The Masonic Structure 
Scottish Rite York Rite 
33° Sovereign Grand Inspector General Order of Knights Templar 

32° Sublime Prince of the Royal Secret ad | m~~ Order of Knights Malta 

31° General Inspector Inquisitor Commander + \, | ——— Order of Red Cross 
30° Grand Elect Knight K-H- AXLA | | ol Arch Mason 
29° Knight of St. Andrew———————, l A X \ | | ES Most Excellent Master 
28* Knight of the Sun, AAAA ¡| Past Master (Virtual) 
27° Commander of the Temple ———, Y MAA \ ARA 
26° Prince of Mercy —————— XA ANAYA 
25° Knight of the Brazca Serpent Bh ey 
24° Prince of the Tabernacle AAN Wh 
23° Child of the Tabernacle —— A MAMA NA 
22° Prince of Libanus — 


21° Patriach Noachite —— 
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Baa Fellow Craft 
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20° Master Ad Vitam ————— 
19° Grand Pontif 
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15° Knight of the East or Sword AAA 
14° Grand Elect Mason Ma 
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13° Master of the Ninth Arch, 5 AAA 
12° Grand Master Architect... 
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11° Sublime Master Ejected. A, NON 


Sie A 

10° Elect of Fife ———— SSSA NA yg DEN YA 

9° Master Elect of Fifteen a hc tai ee, A o p Na +3 P LA 
8° intendent of the Building a Ei H N > 
4° Secret Master 


3° Master Mason ist 
2° Fellow Craft ——___ 


1° Entered Apprentice =e 
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Ground Antenna 
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JND ANTENNA 
GROUND NA 
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Ground Antenna 


FIG. 9 TERMINAL STRIP 
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ferrite toroid core 
/ wrapped with 
transistor 4 two colls of wire 


battery 


1,5 volts 


Emitter | Collector >» LED - needs 1.85 volts 
(Light Emitting Diode} 


3" Axial lead inductor 82uH 1/4W 
1* 10nf ceramic capacitor 103 
2" A090 Germanium signal diode 

1° 2N2222 NPN Transistor bipolar 0.64 40V 
1° RESISTOR 5.6K Ohm 1/4W 


3" 5mm white Emitting led Diode 20 mA 3.2 V i a 


Spy Crystal Radio 


The Little Whippersnapper's 
Little Spy Radio 


D www petervis.com 


"MINDSNAPPER" ATTACK ON SPECIAL 
SHIPS € ENERGETICS WEAPONS SITES 


“We have a new, fantastic weapon ... so powerful that, if 

ey seed, ~ could wipe out on pie on earth.” 
N, Khrus fe 

| speaking to s Presidium, f P 


(e J 1008 T.E BEARDEN 


+ Minds snapped loose from 
- SCALAR NN bodies (every living thing) 


+ Struck areas completely 


sterilized of all life 
a | A a, Ao + LWs emitted; slow decay 
l | of tim e-charge makes 

TARGETED contamination persistent 


AREAS | +. Tested twice in Afghanistan 
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200 Amps 
Semice entrance 


150 Amps 

service entrance and 
feeder wine 
100 Amps 

Service entrance and 
feeder wire 


25 Amps | 

Feeder and large appliance wire 
40 Amps 

Feeder and large appliance wire 


30 Amps 

Dryers, appliances, and 
air conditioning 

20 Amps 

Appliance, laundry and 
pathroorm circuits 

13 Amps 

General lighting and 
receptacle circuits 
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or right foot — 

e tor of the right foot are “ie areas lating to 
the right side of the body, such as the right arm and 

| leg. A point halfway down each foot is known as the 
“waistline” . The upper back and its organs are mapped 

above this point, and the lower back and the internal 

organs it encases are below this guideline. The lymph 

glands and the groin reflex areas wrap around the ankle. 


Head/Brain — 


Meck 
Meck! 
Brain 
stem $ 
Tops of A 
shoulders — Face/Sinus 
Teeth/Gums'jaw 
Thymus 
Lung/Chest/ 
Breast/Upper 
back | : E | 
Spine Outside foot 
Arm The reflex area for the top of the 
shoulders runs across the toes, with 
a the areas corresponding to the arm 
Elbow and elbow at the side of the foot. 
Vaictli The reflex areas for the reproductive 
Waistline 


organs and for the sciatic nerve and 
hip, which curve round the ankle 
Knee/Leg bone, can be clearly seen in this view. 


Lymph glands’ 
p Groin/Fallopian Hip/Sciatic 
e tubes nerve 
Upper 
ack 
Lung'Chest/ ae 
Breast/Upper back 
Teeth/ 
Gums aw 


Tops of 
shoulders. 


Neck 
Ovary! 
Testicle 
Knee/Leg 


Sins | 
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= OCholesterot e 


© Liver Right Shoulder 
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Slide 


. Barrel 

. Recoil spring guide rod 
. Recoil spring assembly 
. Firing pin 

. Spacer sleeve 

. Firing pin spring 

. Spring cups 


Firing pin safety 


. Firing pin safety spring 
. Extractor 

. Extractor depressor plunger 
. Extractor depressor plunger spring 
. Spring-loaded bearing 
. Slide cover plate 

. Sights 

. Frame 

. Magazine catch spring 
. Magazine catch 

. Slide lock spring 

. Slide lock 

fi. Locking block 9] 
. Trigger mechanism housing E 
. Connector 

. Trigger spring 

. Trigger with trigger bar 
. Slide stop lever 

28. 


Trigger pin 


. Trigger housing pin 
. Follower 

. Magazine spring 

. Magazine floorplate 


32a. Magazine insert 


33 
34 


. Magazine tube 
. Locking block pin 
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According to Prof. K. Meyl out of the book "Scalarwaves” 


Explanation of the longitudinal Wave 


and the functional principle of this exhibit 
The special properties of the longitudinal wave [scalar wave] have been discovered over 100 years ago by Nicola Tesla. 
Through the different behaviour compared to the Hertzian wave [radio wove), there resulted in a scientific dispute. 


[Similar to the war of cunments a couple of year before). 
Tesla's experiment, the Wardenchfi-lower, and the ane! TORIR That describe the wireless power transmission. 
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The principle of scalarwavetransmission between two pancake coils 


receiver 


Normally 
ballelectrode, in 
this case 
antennaarea 
(aluminium-foil) 
under the wings 


transmitter 


Course of ficldlines 


on PCB etched 
pancake coil 


function-generator 
(6,8 MHz sinus) 


e = electromotor in 


Thunder jate Mountain 
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528 Hertz is a frequency that is central to 
the “musical mathematical matrix of creation.” 
This is the Love Frequency. 

528 is known as the ‘Miracle’ tone which 
brings remarkable and extraordinary changes. 


The "MI" tone is characterized as 
an extraordinary occurrence that surpasses 
all Known human powers or natural forces 
and is ascribed to a divine or 
Supernatural cause. Every day 
more and more people tune themselves 
to the harmonic vibrations of 528 Hz music. 
In addition, the 528 Hz tone alone 
is scientifically associated with DNA repair. 


X2 capacitor 
called “mains capacitor” 

electrolytic : 
called “can electrolytic” 
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Sonlan | E - 
Tree negative !!! | | 
(gara Ou surface mount electrolytic 


+11 TM 


torsa E E at | ` ¿py Surface mount capacitor draen cap 
+ i black mark negative 


Ea Ppig tail" electro A A a 
double-ended electro 


single-ended electro eee ety 


‘tantalum 
the line is positive !!! 
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air trimmer 


“green cap” | o 
A | monolythic bead' 
high voltage ceramic high voltage ceramic capacitor capacitor 
(ceramic) (ceramic) 
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tantalum capacitors can 
“go up in smoke” 


“head” tantalum 
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50 ohm 1:1 Balun 


John M@UKD 50 ohm 
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El Voltage balun (*Ruthrott") 


-JO-15 tribilar burns on ferrite rod. 
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RECEIVERS FOR BEGINNERS - 


local broadcasting stations in dual-type 
headsets with an impedance of ¿000 ohms, 
or higher. The antenna should be a high, 
well-insulated outdoor type at least 100 
feet long, although antennas as short as 40 
feet will work. The ground should be made 
to a cold-water pipe. 

The practical receiving range of any 
erystal receiver is limited to about 40 miles 
for powerful broadcasting stations. Set No, 
2 is double-tuned for improved selectivity. 
Two coils like the one used in set No, 1 
are emple ved and each coil is tuned by one 
section of i E dual VAr able condensar la oils 
pling between the two tuned circuits is by 
mens of A “Meirmnick" made by twisting 
two pieces of insulated wire together for a 
length af about 4 in. This is bah bhai Or 
The longer this “gimmick” the louder the 
signals, but the poorer the da ne tiy ity, 

Sel No, 3 is an experimental arrange- 
ment using two 1N34 diode crystals in 
push-pull to provide louder signals than 
conventional crystal circuits. The coils are 
hand-weund to provide a split secondary 
winding with a primary winding between, 
Both primary and secondary are tuned, 
The de al-section variable condenser tunes 
the secondary of the coll te the frequency 
of the station, Condenser C2 in primary LS 
tunes the station but it has its greatest 
effect on very long antennas, If the desired 
station operates on 850 ke. or higher, “open” 
the onal awitch on the bracket. Detailed 
student material ligi is R-300, 
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DETECTOR 


9-12 volt 


<< pulsating 
240 Alternating ” secondary DC outpu 


current input , 


, output winding 
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typical schematic for 1/2 wave rectifier 


ELF, GWEN Towers, and 


HAARP Connection 
These things are p mba sinister and all over the US, 


Click 
"see more” 
FS. to read article 
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Gray T1 
rJ ALD110900A J _ 1-125 
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C2 
70 Turns 2000 pF 


Black 
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ol There are d “tabs” (two om each side) 
of the variable Capacitor, 


You can connect to any one of theese 
“tabs”, They are all connected io the 
same place. 
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Seventh/Crown Crown (Chakra - located at the top of the head. [ts funcion is 

0 | ; understanding. Its inner state is: bliss. [ts calar is Wiolet and its 
planet is Uranus. lts stone is Amethyst. Its meditación is: | 
undersiand. Balancina this chakra is said to gwe vitality to ihe 
cerebrium and affects the development ef psychic abilimes. 


Energes: Air, Meditanve, Intuition, Promotes thousht. 


Third Eye Chakra « located im the center of the forehead above 
the eyebrows. [ts Function is seeing, inturing. [rs inner state is: 

| kro. [ts color is indigo and its planet is Jupiter. ls stone is: 
lalite. lts meditation ts: | see. Balancing this chakra helps psychic 
perception and balances the pineal gland, Errergees: Áir, 
Meditate, Intuition, Promotes though. 


sixth/ Third Eye 


Threat Chakra - lecared in the hrant les function ta 
communicatión, creativity, hs inner state is synthens of ideas 
inta sumbals. hs color is bright blue and its planers are 
Mercury and Meprune, ls sones are: Sedalite, Blue Lace 
Agate. Lapis Lazuli. Meditation on: | speak. Balancing this 
chakra is imponant fer the speech and communicatian areas of 
the bram. Energies: Water, Calming, Soeths, Relaxes. 


Fifth/ Throat 


Fourth/Heart 


Heart Chakra - located in the center af the ches. ls funcion is: 
love, n5 Inner sare is compassion, lowe, as color is green, and ms 
planet i Venus. lis stones are: Creen Pink Stones - Peridot, Rese 
Quartz, Malachite. Meditation on: Neve. Balancing this chakra 
is important Far the circulatory system, heart and thymus, lt alsa 
affects spiritual love, compassion and universal oneness, 
Energies: Vater. Calming Seathes, Relawes. 


‘Third/Solar Plexus 


Solar Plexus Chakra - located in the area above the navel area. 
lts function is Wil, power, ts inner state is laughter, joy, anger, 


its color ts yellow, and its planets are Mars and the Sun. lis 
stones are: Amber, Topaz and Citrine. Meditation on: | do. 
Balancing this chakra is associated wath calmima emotions and 
Hustracien, casing tension and helping to beer wilize intutien. 
Energes: Fire, Energizing. Charging, Lends Energy. 
second/Sacral Ody Mawel Sacral Chakra - located in the lower abdomen, genitals, 

w Nes ambos funcien is desire, sexualiry, pleasure, procreation. [ts 
= ` inner state is tears, WS color is orange and its celestial body is the 
Moan, ls spores are: Coral and Carnelian. Meditation an: | feel, 
Balancing this chakra ts associated with sexual witaliny, physical 
power and feriligy. Energies: Fire, Energizing, Charging, 

Fi rst Root Chakra Roovsuppor chakra - located ar the base af the spine. hs hancnon 
is survival and greunding, its inner state is sullness and srability, ns 
calar is red and iis planers are Earth and Saturn. hs stones are: 
Garnet, Ruby. ma, Obsidian, Meduaneo on: lam. Balancing 
his chakra gres energy to the physical body, contrals fear, 
increases overall health and helps in graunding. Emerges: Earth, 
Gréundina Focusing Centering. 
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schematic symbol 


direction of current flow 
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Remember: 


104 = 100n 
105 = Tu 
106 = 10u 
107 -100u 100 100u 
3 tantalum 


tantalum . 


22u 
tantalum 


duf surface mount 
electrolytic 


electrolytic | 


f electrolytic 
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SET FREQUENCY 

12.5-31MHz 

6B8-1BMH 0 

3.7-9MHz © 


2.2-5MHZ © 
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FIG. 3 AMP Power Envelope 
Volts vs. Resistance 
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| "The Ultimate Crystal Radio" 
= Very nice, 2 stage radio. 
Tuning, Wavetrap and 
Inductance controls. 
Fixed and Cat Whisker 
Detectors and S-Meter. 
Vintage 80+ year old 
finger joint box. 


1 s | 

i A y = ` ; : i, T =a | 

P| A LAS " 

” ; i ’ A 4X | 
Tes, | 

k E’ Ñ [ 

mi r .* 


¿E O 
EA 


Headphones Included 
$459.00 plus Shipping 


amethyst crown chakra 


sodalite brow chakra 


blue lace agate | throat chakra 


green aventurine heart chakra 


vellow aventurine solar plexus chakra 


carnelian Sacral chakra 


Fed jasper Y base chakra 


hematite in each hand for grounding (optional; 


a basic crystal 
chakra balancing layou 


How do hang a BALA without damagieg HALUS Antrana terminals, 


Do mot sije BUULUN ley atenas Wire Elements. 
Ls Prada io appn MALES freee fname dinos 
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Common US Spiders 


Toxic with 
Painful Bite 


Grog's Index of Boating Knots 


Alpine Butterfly Bend | | Alpine Butterfly Loop 


Cleat Hitch ` 
Cleat Hitch ~ Halyard 


Clove Hitch 
(Half Hitches) 


Round Turn and 


Rolling Hitch Two Half Hitches Sheet Bend 


Soft Shackle Edwards Trucker's Hitch Zeppelin Bend 


www.animatedknots.com 


Grog's Index of Scouting Knots 


Alpine Butterfly 


Common Whipping Constrictor Knot Double Fisherman's 


ve Round Turn and 
Rolling Hitch Two Half Hitches Sheet Bend 


Trucker’s Hitch 


DANGER! 
| High Voltage RF! 
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Voltage Balun / "Magnetic Balun" 
From GWOVMR's plan 

To Long-wire 

aeria 


aim souendde 
AE ESANS 


Ferrite 


Rod 
15 to 20cm long 


Input SMA Connector Schottky Diodes Stage Capacitors Output SMA Connector 
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Filter Circuit 


Input SMA Connector Schottky Diodes Stage Capacitors Output SMA Connector 
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Filter Circuit 
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Long Wire 


How to hang a BALUN without damaging BALUN Antenna terminals. 


“WRONG” 
Do not support BALUN by Antenna Wire Elements, 


Use Eyebolt to support BALUN from Center Insulator. 


E , 


A= BALUN Support Eyebolt. 

B= Center Insulator Eyebolt Support 

C= Support Link between Center Insulator and BALUN Eyebolt 

D= Antenna Terminals BALUN Connectors 

E= Center Insulator 

F/F=Loop antenna wire element(s) through insulator holes . 

G= Fold back wire element onto itself, secure with Ty-Wrap and cover with tape. 
Visit: www.HamRadioExpress.com 


Joule Thief 


-= IVANA 


FIG. > APM charging a Dattery 
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113,782. Petonhed Doc. 1, 1634, 


node a 


capacitor plate a 


Inductor 


capacitor plate b 


Electrolytic Capacitors 
“ Value shown in 
micro-farads [uF] 
ray » Negative terminal 
- shown by stripe 
or arrow 


ROYO A Mus 


Disc / Ceramic Capacitors 


ESTIMA 


* Value shown in 
- pico-farads [pF] 

(1 pF = 0.000001 uF) 
\ Non-polar 

- (no + / - terminals) 
© 3rd digit is multiplier 

ex: 154 = 150000 pF 

O=x1 4 = x10000 
1 = x10 5 = x100000 


2 = x100 8=x.01 
3=x1000|9=x.1 


Windom balun 
for KW range 
OH7SV 2004-06-22 


Surplus ferrite rod 
from OH 7 XE 
AL=47nHtum 
[=160mm, d=9mm 


2 x 20 turns, 1mm cu 


parallel winding 
(not twisted) 
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RADIO 


Crystal Receiver 


Here's a little crystal receiver which is 
no larger than a package of cigarettes. 


by L. B. Robbins 


FROM CAN 


- MICA 
TUNING 
E CONDENSER 
-2:5MH.CHOKE JN h jz 
USED FOR BIg RoD 
INDUCTANCE — y 


‘BY-PASS 
COND. 


TUNING 
_ COND. 


~.-SMALL ANT. JACK 


KNOB 
_ tt Ey FOUNTAIN | 
EIA PEN CLIP 
= ee SOLDERED 
GROUND TO CAN 
TO CAN 


INSULATED? A, “= 
PHONE JACKS BY-PASS COND (002) 
MAY BE USED 


alll, wi 
PHONE 
TIP-JACKS 


0 


SUGGESTED LAYOUT 


FOR INSERTION IN CAN 


ADJUSTABLE in tuning and carried 
A in the upper breast pocket, this 
tiny receiver is held securely in place 
by an ordinary fountain-pen clip. With 
but two or three feet of antenna wire 
and a pair of head-phones one can 
clearly receive broadcasts within a 
radius of two or three miles, or within 
city limits. The can used to house the 
original set was one constructed to hold 
just one pack of cigarettes, Some dime 
stores sell them or they may be pro- 
cured at cigar stores, 

The circuit used is the simplest 
END and ra shown in the diagram. 
it consists of a tuning coil in series 
with a fixed crystal eri midget phone 
lip-jacks; the circuit being shunted hy 
a suitable tuning condenser of the 
compression type commonly known as 
a padding condenser. Compactnesa is 
obtained mainly by utilizing a 25 milli- 
henry choke, used in short wave work, 
af the tuning coil. The four pies. tuned 
by a condenser of about 250 mmfd 


Pi 


CAN SIZE OF — 


PACK OF CIGARETTES 


Maximum capacity, will cover most of 
the broadcast band quite well, 

Lay out the parts on the bench inla 
compact form as shown in the drawing, 
alsa a according to their de- 
sign so they will fit into the can with 
the condenser tuning shaft in a position 
to enter a suitable hole in the upper 
center of the can. Any parts that may 
come in contact with the can should 


be covered with bits of electricians’ 


tape. Wire and connect the various 
elements together with buss wire. if 
possible, to gain solidity, Fit the two 
phone nbs Jocks in the lower edge as 
shown, and arrange the insulated tip- 


jack for the antenna in the center of 


the bottom (used as the top), The open 
top (bottom) can be closed later if 
desired. Grounded portions can be 
caught to the can with a bit of solder 
when the assembly finally is made. 
When completely assembled in the can. 
a-short piece of brass rod can be filed 
and fitted into [Continued on page 1441 
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THE COAST OF ANTARCTICA, AND THE ANTARCTIC SHELF. 
THIS IS THE ICE WALL, THE CONTAINER OF THE EARTH, 


A GIANT LAND MASS SURROUNDING THE EARTH. 
WATER ALWAYS LEVELS OUT AND ALWAYS TAKES 
THE SHAPE OF ITS CONTAINER. THERE IS NO EDGE. 


IF SOMEONE ASKS FOR A 
PICTURE OF THE ICE WALL 


#MOONHOAX ORR = a 
#5 PACEHOAX a er 
#GRAVITYHOAX 


$ 3 Mi q z De i a: i ' j = cl 
TER ; = 1 s itt R 


#RELATIVITYHOAX 
FIRUSTFLATWATER 
FFLATEARTH 


SHOW THEM THIS PICTURE 


FISH TANKS, TUBS, POOLS & LAKES OF WATER ARE FLAT AND LEVEL. 


THE SAME GOVT THAT PEOPLE 
THINK HAS THEIR BEST INTERESTS 
IN MIND, SPENT MILLIONS OF 
DOLLARS TO DEVELOP A PATENT 
WHICH USES ELECTROMAGNETIC 
FREQUENCIESTO LITERALLY 
MANIPULATE YOUR NERVOUS 
SYSTEM VIA TV MONITORS, 
nical To THE aaa 

THIS PATENT IS NUMBERED  /% NN 

"US 6506148 B2" AND IS FAR 

FROM THEORETICAL. 
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Circuit Diagam (simplified) 


Component list: 

(2) Ceramic Capacitors (104) 

(4) Germanium Diodes (1IN344) 

(2) Electrolytic Capacitors (OQ0uF SOW) 


Copyright 2016. Drew Paul Designs. All rights reserved. 
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Two 50v capacitors (0.22 microfarad). These two 
capacitors do NOT have a positive or negative lead. 


Four germanium 
diodes 


C = negative 
(cathode) side 


microfarad) Each has a positive and 
ME itive lead. * E un Og i "E lead is ma al 
“the side of ihe capacitor with the* ee. i: 1108 
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Shopping List: 


4 - Germanium Diodes (1N34) 


C2 
2-100 pF SOV electrolytic capacitors To. 
Antenna 
2 - 0.2 uF SOV ceramic capacitors 
C1 


Total cost = $2 
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1.5v AA or AAA battery MB 


Transistor shown (T) is 2N3904 (can also use 2N2222). 

Note LED pins - negative is shorter and has flat on bulb edge. 
2 wires round ferrite ring are wound together, then start of one 
joined to end of other. 

Try adding more and more LEDs... 
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Multi-Band HF Vertical Dipole 


On a Spiderbeam 12m HD Telescoping Fiberglass Pole 


for: 80/40/30/20/17/15/12/10m 
Total Height: 12m (40 ft.) > y 


Wire: Spiderbeam CQ-532 
(6m per side = total 12m long) 
(20 ft. per side — total 40 ft. long) 


Note: Spiral the radiator wire down 
the pole about one turn per meter. 


Tip: tie a knot in the wire about 2cm 
(1in.) before each end, then fasten 
the wire to the pole with electrical 
tape ora wire-tie. The knot prevents 
the wire from slipping back through 
the tape or wire-tie. 


Simple lightweight insulator 


4500 Openwire Feedline 

| Although the length is not critical, 
AO there are some lengths which 
SO can cause trouble. See text. 


> 


7 N 
Insulator willbe about .--” | 
6m (20 ft.) above ground. 
Fasten with wire-ties. 


Guy Ropes: / 
2mm Kevlar“ f N 
| \ CAUTION HV! o 
fa oe (HIGH VOLTAGE) ‘i 
| “ Guy Rope 
i uF Good Antenna ji ia 
/ socm(2fe) -E < —— S 
above ground | — E / 
a Ep AAA AAA ETE EEEE E E E TE E E SERB RRR RE RRER SBR ERK RH b = ay pS a 
Guy stakes 5 to 7m away from pole. MEI-974B* — | | 
(16 to 23 Ft.) | 
spaced equal distance around the pole. “isrnativesdaschibed in toa 
Or, use tree or fence to fasten ends. 


Spiraling the wire down the pole distributes its weight evenly around the pole and prevents it 


from flopping in the wind. Since the lower half of the pole is thicker (wider) than the upper 
half, the wire will end about 50cm above the ground. 


ITIS IMPORTANT TO KEEP THE WIRE THIS DISTANCE FROM THE GROUND! 
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Build a Homebrew Radio Telescope 


Explore the basics of radio astronomy with this easy to construct telescope. 


Mark Spencer, WA8SME 


here are many ham radio related activ- 

| ities that provide a rich opportunity to 

explore and learn more about the sci- 

ence of radio. One of those opportunities is 
radio astronomy. 

All matter emits radio frequency (RF) 
energy dependent on the temperature and 
makeup of the matter, including the matter 
in space. The foundation of radio astronomy 
is to study the heavens by collecting and 
analyzing the RF energy that is emitted 
by bodies in space, very much as optical 
astronomers use light energy collected by 
telescopes. It sounds complicated. While 
professionals use very sophisticated and 
expensive equipment, you can, with some 
simple equipment and a little investment, 
build a radio telescope that will allow you to 
learn and explore the fundamentals of radio 
astronomy. 


A Homemade Radio Telescope 


In this article, I will build on an existing 
design of a radio telescope made from one of 
those ubiquitous TV dish antennas that you 
see around your neighborhood. The radio 
telescope (RT) project described here can 
easily be reproduced. Although this is not 
a fully capable RT, it can provide a wonder- 
ful learning opportunity for you, or perhaps 
students in your local school. 

Figure 1 shows the radio telescope set up. 
The major components include a modified 
TV dish antenna mounted on a wooden sup- 
port structure to allow pointing the antenna, a 
commercial satellite signal strength detector 
that displays the signal strength of signals 
collected by the dish on a meter and an inter- 
face that converts the signal strength into a 
amplitude modulated tone. The tone is fed 
into a computer sound card and finally a 
computer and software graphically displays 
the signal strength as a function of time. 

The TV dish modifications are structural, 
and any available TV dish system can be 
used. The signal strength detector costs 
between $40 and $65 and is widely available 
from Web retailers. The interface circuit, 
which will be described shortly, is easily 
duplicated and costs approximately $20. 
Finally, the display software is free. 


& Figure 1 — Radio 


lx = telescope system based 


on TV dish antenna. 
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Figure 2 — Dual 

LNB mount. F 
Note two coax fi 
connectors. j 


What it Can Do 


The following is just a sample of what 
you can do with this simple RT: 

M Use the sun to study and determine the 
beamwidth of the dish and verify the 
mathematic formula that is used to predict 
dish antenna performance. 


Figure 3 — Homemade 
plastic single LNB 
mounting bracket. 


E Measure the radiation intensity of the 
Sun and perhaps detect changes in solar 
activity. 

E Measure the relative changes in the sur- 
face temperature of the moon. 

™Learn about and explore a common radio 
astronomy collection technique called the 
drift scan. 
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Figure 4 — Dual 
coax connector 
configured LNB. 
Terminate one 
connector with a 
dummy load. 


E Explore the fundamental principle of 
energy emission as a function of tempera- 
ture by detecting the relative differences 
between the temperatures of emitting 
bodies. 

E Detect satellites parked along the Clarke 
Belt in geosynchronous orbit and illustrate 
how crowded space has become. 


Decimal values of capacitance 
are in microfarads (uF); others 
are in picofarads (pF); 
Resistances are in ohms; 
k=1,000, M=1,000,000. 


Figure 5 — CM satellite signal strength meter. 


E Detect the Earth’s rotation around the Sun 
and the Earth’s spin on its axis by compar- 
ing daily drift scans of the horizon. 


Antenna Subsystem 


The basic RT system is based on the “Itty- 
Bitty” design that is described in two Web 
pages.!? The TV dish is an offset 18 inch 
dish that has down converter(s) mounted at 
the focal point of the dish. The down con- 
verter is called a low noise block (LNB). The 
LNB is a preamplifier/down converter that 
converts the satellite signals from around 
12 GHz down to around 2.4 GHz. Most 
modern dishes have two or more LNBs to 
access more than one TV satellite at a time 
without changing the pointing of the dish 


‘Notes appear on page 45. 
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Figure 6 — SkyPipe screen showing 
antenna response. 


(Figure 2). The LNBs are mounted to share 
the focal point of the dish. Since only one 
LNB is required for the RT, I made a minor 
adjustment to the published Itty-Bitty design 
to position the single LNB at the dish focal 
point. Mounting the single LNB at the focal 
point really helps in pointing the antenna. 

I used the existing LNB housing and 
mounting bracket as a template to determine 
the distance between the edge of the mount- 
ing arm to the mounting hole of the LNB. 
I then used a piece of plastic to fabricate a 
new mounting bracket for the LNB as shown 


800 Hz oscillator 
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with signal strength 


1k 
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Figure 7 — RT Interface circuit diagram. 
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CM1004 
Meter 
Driver 


QS0906-Spencer08 Voltage Scaler 


Figure 8 — RT Interface block diagram. 


in Figure 3. The dimensions are not super 
critical, but careful placement certainly will 
improve the RT performance. 

Some LNBs have two coax connec- 
tors. Only one will be used in the RT 
(Figure 4). It is a good idea to terminate the 
extra coax connector with a 75 Q dummy 
load plug to balance the load on the LNB. 
The dummy loads for F type TV coax con- 
nectors are readily available from electronic 
parts retailers. 

Note that the dish is mounted upside 
down. Though this orientation is not ideal 
for receiving satellite signals, this arrange- 
ment helps with pointing the dish in its radio 
telescope role. 


Satellite Detector 


The detector used in this project is the 
Channel Master (CM) satellite signal level 
meter model 1004IFD (Figure 5).? The CM 
is connected to the LNB. Power is supplied 
to the LNB through the coax connection 
from the CM. The CM detects the signal 
coming from the LNB and gives a meter 
indication of the signal strength and also 
varies the frequency of an audio tone to 
help technicians point the dish at the desired 
satellite. As you move the dish through the 
beam coming from the satellite, the meter 
indication will increase and then decrease 
coincident with the pitch of the audio tone. 

The Itty-Bitty plans detail how to connect 
power to the CM and in turn connect power 
to the LNB (this power connection is han- 
dled by the interface in this project). Though 
somewhat effective, the CM meter and 
variable frequency tone indications provide 
limited utility in detecting changes in signal 
strengths required for radio astronomy. 


Display 

To really study the signals received by 
the RT, you will need to see them displayed 
graphically on a strip chart. There is an 
excellent software package called Radio- 


Computer Sound Card 
and Radio SkyPipe 


CM1004 


T-800 Hz Osc By 


Meter 


12F675 DS1867 


9-bit ADC 9-bit Digital Pot 


SkyPipe that is posted on radio astronomy 
Web sites.* The free version of this software 
1s a good place to start. SkyPipe uses the 
computer sound card to measure the incom- 
ing signal strength and graphically displays 
the signal strength as a function of time. 
Figure 6 is illustrative of a signals detected 
by the RT. SkyPipe is very easy to use but 
some study of the HELP files will make it 
easier for you to fully tap into the capabili- 
ties of this software. 

SkyPipe requires audio signals to be fed 
into the sound card MICROPHONE jack. The 
output of the CM detector is either an ana- 
log meter reading or a frequency modulated 
(constant amplitude) tone that is not really 
compatible with SkyPipe. An interface is 
required. 


Interface 


What is required to make the CM output 
work with SkyPipe and a sound card is to con- 
vert the signal level into an amplitude varying 
audio tone. The interface designed to do this 
is shown in Figure 7 and as a block diagram 
in Figure 8. Refer to the block diagram during 
the description of the interface function. 

The unity-gain op-amp is used as a buf- 
fer between the CM meter driver circuit 
and the analog meter. The other op-amp is 
used as a voltage multiplier to scale the CM 
meter driver output voltage to match the 
5 V reference voltage of the following analog 


Figure 10 — CM with interface board. 


Figure 9 — Power and ground connection 
to CM board. 


to digital converter (ADC). The variable resis- 
tor in this voltage multiplier circuit is used 
to calibrate the CM to SkyPipe. The voltage 
from the multiplier is fed to a programmable 
interface controller (PIC) that is programmed 
as a 9-bit ADC to covert the analog voltage 
that is a function of received signal strength 
to a 9-bit digital word that is used to control 
a digitally controlled variable resistor. The 
interface includes a simple Twin-T audio 
oscillator circuit that provides a tone of 
approximately 800 Hz that is fed to the com- 
puter sound card. The amplitude of this audio 
oscillator is varied by the digital pot that is 
being controlled by the PIC. The result is the 
audio amplitude being varied in step with the 
signal strength detected by the CM. 

The circuit provides power to the CM and 
the LNB. A 12 V source in the CM is tapped 
through an RF choke and this is connected 
to the LNB coax connector inside the CM 
(Figure 9). The 12 V is also regulated to 5 V to 
provide power to the interface. Though prob- 
ably not required, there are two 5 V sources, 
one for the digital components of the interface, 
and the other for the analog components with 
one common ground point. This arrangement 
is used to isolate potential digital and analog 
noise sources within the circuit. 

The interface is built on a circuit 
board and mounted right 
inside the CM box 
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Figure 11 — Aiming the RT at the Sun, note 
LNB shadow location. 


(Figure 10). Though I made an etched circuit 
board for the circuit, the hand wired pro- 
totype worked equally well for those who 
would rather roll their own. The PIC firm- 
ware is available on the OST Web site. 


RT in Action 


The first thing you need to do is learn 
how to point the RT antenna. The best place 
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RT Interface Calibration 


SkyPipe Amplitude (x1000) 


Figure 12 — Example calibration curves. 
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Figure 14 — Sequential drift scans. Note the time offsets between the peaks. 
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Figure 13 — Drift scan of the Sun 
indicating antenna's azimuth pattern. 


to start 1s to connect the CM to the antenna 
and point the antenna at the Sun. Caution: 
Do not look into the Sun as you do this, or 
at any time. Adjust the pointing angle and 
elevation until you get peak signal strength 
as indicated on the CM meter or hear the 
highest pitch audio tone. With the antenna 
pointed directly at the Sun, take note of the 
position of the shadow of the LNB on the 
surface of the dish (left in Figure 11). If you 
look from behind the dish, along the LNB 


RT Calibration Inverse 


10 15 20 25 
SkyPipe Amplitude (x 1000) 
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supporting arm (between the arm and the 
rim of the dish), you will see the Sun being 
blocked by the LNB. 

Once you have the RT set up, 1t needs 
to be calibrated to match the output of the 
CM to SkyPipe. I have developed an Excel 
spreadsheet template to help with the cali- 
bration and a few of the other activities that 
you can accomplish with the RT (also avail- 
able from the OST Web site). Turn the RT 
to a signal source, the Sun, or the side of a 
building would work. Turn the gain control 
of the CM to set the meter to maximum. 
Run SkyPipe and adjust the variable resistor 
on the interface board until you get a read- 
ing on the SkyPipe graph vertical (y) axis 
of approximately 32,000. With the maxi- 
mum value set, adjust the CM gain control 
through the voltage range (0 to 100 mV) in 
10 mV steps and record the corresponding 
y axis value on SkyPipe. This data is entered 
into the Excel spreadsheet to compute the 
calibration curve between voltage and y axis 
value. Both voltage and y axis values are 
used in analyzing recorded signal strength 
data (Figure 12). 

A good first activity 1s to do a drift scan 
of the Sun. A drift scan means that you set 
the antenna azimuth (AZ) and elevation 
(EL) to some fixed pointing angle and allow 
the Earth to serve as the rotator to drag the 
antenna across the sky. To do a drift scan of 
the Sun, first set the elevation and azimuth to 
point directly at the Sun (maximum signal) 
and then move the azimuth toward the west 
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Figure 15 — Clarke Belt plot — tracking 
down satellites. 


(leave the elevation set) until you are off the 
peak signal. Now start SkyPipe. In about 
15 minutes, the Sun will pass through the 
antenna pattern beam width and the result 
will be as illustrated in Figure 13. You can 
also use this collection technique to explore 
the antenna performance parameters. 

A good second activity is to do two drift 
scans of the night sky on two consecutive 
nights (beginning the scans at the same time 
each night) using the same fixed antenna 
azimuth (AZ) and elevation (EL). Figure 14 
shows two such drift scans. Although at first 
glance they may not seem similar, there are 
some interesting features that are pointed 
to by arrows. If you compare the time that 
these two peaks occurred, the time differ- 
ence is about 4.5 minutes. This shift is the 
result of the distance the Earth had traveled 
during the 24 hours between collections. 


This illustrates that the Earth’s rotation as 
well as its travel in orbit needs to be consid- 
ered when comparing drift scans. Enough to 
make your head spin (pun intended)? 

A final good starting activity is to point 
the antenna toward the Clarke Belt and find 
all the satellites in geosynchronous orbit 
transmitting on 12 GHz. If you record signal 
strength peaks and AZ and EL for each peak, 
you will develop a graph of the Clarke belt as 
illustrated in Figure 15. 

I have only scratched the surface, and the 
sky is the limit of this little project. The RT 
project can certainly broaden your horizons 
and expand your understanding of our uni- 
verse. If you would like more detail than can 
be presented here, please contact the author. 


Notes 
'www.setileague.org/articles/Ibt.pdf. 
“www.aoc.nrao.edu/epo/teachers/ittybitty/ 
procedure.html. 
Swww.pctinternational.com/channelmas- 
ter/0612/satellite.html. 
*radiosky.com/skypipeishere.html. 
sen.wikipedia.org/wiki/Geostationary. 
Swww.arrl.org/files/qst-binaries/. 


Mark Spencer, WASSME, is ARRL Education 
and Technology Program Coordinator. He is 
an ARRL member and holds an Amateur Extra 
class license. You can reach Mark at 

774 Eastside Rd, Coleville, CA 96107 or at 
wa8sme @arrl.org. 
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My DIY radio wave energy harvesting 
circuit 


proteus-h (s1) > (/@proteus-h) in technology (/trending/technology) « 2 
months ago 


Here's a writeup of a simple radio-frequency energy harvester I built 
earlier this year. Now that I'm back at my apartment with my equipment I 
should be able to post more DIY projects. This device is crude, 
unoptimized, and imperfect ... but 1t works. 


This super simple circuit converts radio waves collected into a crude wire 
antenna into electrical energy which is stored onboard two electrolytic 
capacitors. This is not a "free energy" device because it actually works: All 
of the energy brought into the capacitors comes directly from the energy 
of electromagnetic waves. You can build your very own harvester circuit 
with just 9 components and a piece of perfboard. 


The actual amount of energy collected is absolutely tiny if you are only 
using ambient RF, so like most of my projects this is just a proof of 
concept. It's not going to charge a powerbank off of your cell phone 
emissions or anything like that ... 


In case you don't want to get into the details, here's a picture of the 


completed crude harvester: 
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from most electronics. Computers transmit 2.4 GHz microwaves for 
wifi/bluetooth and car FM transmitters transmit around 100 MHz to send 
audio to your car's radio receiver. Light itself is also, of course, 
electromagnetic radiation, but this device only works for much lower 
frequencies. I had the best luck around 100-200 MHz radiation. 
Electromagnetic radiation at these low frequencies (radio and microwave) 
is not ionizing and as such harmlessly passes through or is absorbed by 
your body. 


EM radiation can be collected via antennas. Any radio receiver does this 
but only uses the captured radio wave energy to produce a detectable 
signal so that you can hear the broadcast. But these waves contain energy, 
and we can capture this energy and use it for other purposes, small as it 
may be. 


Crystal radios (https://en.wikipedia.org/wiki/Crystal_radio), common 
starter DIY electronics projects, do just this. A crystal radio is a simple 
receiver that can be built from mostly scrap parts, and lets you listen to 
radio broadcasts without a battery. The crystal radio produces energy out 
of its piezoelectric speaker: Sound energy, that is. This energy has to come 
from somewhere, and in the crystal radio's case, it is harvested directly 
from the incoming electromagnetic radio waves. 
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A crystal radio receiver. 
Image credit (https:/en.wikipedia.org/wiki/Crystal_radio) 


Other devices, such as passive RFID tags, also work by extracting energy 
from electromagnetic fields. 


This device works on the same principle: Extract useful energy from 
electromagnetic waves. Here's the schematic for the circuit (found by me 
online - I didn't design this, although it is pretty simple) 


C1 


Image credit 
(https:/electronics.stackexchange.com/questions/248525/circuit-for-free- 
energy-from-radio-waves) 


wire 1S probably 20 centimeters iong and was not optimized with any 


particular frequency in mind (this was a quick project). The four diodes 
form a full wave rectifier that converts the incoming alternating current 
produced by the inbound radio wave into direct current. Capacitors C3 and 
C4 then serve to store the harvested energy in an electric field - think of 
them as tiny batteries. For C3 and C4, I used 100 microfarad capacitors 
rated to 35 Volts. These are very small capacitors but will store enough 
energy to easily measure on my cheap multimeter. 


Assembly 


It's important to note that you can't just use any diodes for this and expect 
it to work. The diodes used need to be able to handle sufficiently high 
frequency and have a low voltage drop. To handle this task, I used the 
1N34A Germanium diode (I got some on Ebay for a reasonable price). You 
can peruse the datasheet here. 
(http://www.nteinc.com/specs/original/1N34A.pdf) In particular, these 
diodes are used for FM radio detection - this is essentially the same thing 
the energy harvester circuit is doing, since it is rectifying an input signal 
close to the typical FM band in frequency. Note that although the datasheet 
states that the forward voltage drop is 1 volt, this drop is much lower at the 
low currents we are dealing with here. 


1N34A Germanium Diode 
Image credit (https://www.radioshack.com/products/nte-1n34a- 
germanium-diode) 
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the polarity on the electrolytic capacitors correct. For the two capacitors 
connecting the antenna to the circuit, I used ceramic capacitors that don't 
need to be hooked up with a certain polarity. Once again, I used a badly 
optimized piece of wire as an "antenna" just to see if this would work. I 
unfortunately don't have the knowledge of RF theory yet to go much 
further, but the wire ended up working out just fine. 


Here is a close-up shot of the final circuit. Yeah, I know it's ugly. 
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The red and yellow wires are just to make it easy for me to read the voltage 
on the storage capacitors - they are completely unnecessary. 


I originally expected to get tiny (but detectable) energy generation, picked 
up on C3 and C4, just by leaving the circuit out in the room I built it in. 
When this didn't work, I thought 1t was broken. Turns out it wasn't: A ham 
radio transmitter confirmed that. 


Using a Baofeng UV-5R handheld radio transmitter on the VHF band (~140 
MHz) near the harvester causes the storage capacitor voltage to spike - so 
much so that I would be worried about them failing if the transmitter was 
left on for more than a few seconds. In a test I just did a couple minutes 
ago, quickly transmitting around 142 MHz (4W transmit power, nobody 
was using that frequency at the time) from a few inches away from the 
harvester caused the storage capacitors to quickly spike up to over 16 volts 
- not insignificant at all. This voltage was measured across the two 
electrolytic capacitors in series. In fact, this is easily enough to light an 
LED for a brief moment (or even break it, since LEDs are typically not 
rated for 16 volts). 
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dcemit.. 


My UV-5R PP, mm I aad this handheld to test the harvester circuit 


above. If you're looking to get into ham radio, I highly recommend this 
device because it's very cheap (~$25), is somewhat sturdy, and offers UHF 
and VHF transmission/reception. 


The UV-5R transmitter proves conclusively that the harvester is actually 
working ... somewhat. While you can harvest pretty decent amounts of 
energy an inch away from a four watt radio transmitter, this isn't useful 
outside of an experiment since ambient RF is nowhere near that energetic. 
Detecting ambient RF with this thing would be nice ... 


Well, I was able to do that too with this circuit. I just conducted another 
test where I shorted the storage capacitor and measured the storage 
capacitor voltage after 1 minute. The result: 18 millivolts. Here's the 


multimeter screen: 


Various other informal tests returned similar results. For some reason, the 


circuit does actually harvest tiny amounts of energy from radio waves in 
my apartment but not in the room where I originally built the circuit. Not 
sure why there is more RF here, but whatever. The capacitors hooked up to 
the harvester charge themselves without external power source ... other 
than the radio waves transferring energy to the circuit, of course, to 
conserve energy. 


Of course, 18 millivolts (that's 0.018 volts ... you should be laughing here) is 
pretty damn useless. But once again, this isn't exactly intended to be a 
useful product. There really isn't a lot of energy in ambient RF waves 
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Enhanced Mystery Crystal Set Also Pulls in FM 


copyright O 2006 by Larry J Solomon 


The Australian "Mystery Crystal Radio" has been praised since its original publication in 1932, but I 
don't think anyone has ever mentioned its capability for FM reception. To clarify somewhat, it is the 
Mystery Plus set, rather than the original circuit to which I am here referring. The original Mystery set 
had two coils wound in tandem, whereas the Plus set has three coils -- an extra one for antenna tuning. 
The only other substantive change I have made is an additional variable capacitor on the ground circuit, 
an outboard rock detector jack, and an audio output jack for playing through a sound system (optional). 
The capacitors cannot be ganged. Here is the circuit. 


http://solomonsmusic.net/Mystery_FM.html 
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Enhanced (Mystery Crystal Radio 
with ()ptional Audio (Jutput and O¢M “Detection 
D 2006 Larry Solomon 
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Parts List 
Cl 350 pf air variable capacitor 


(2? 350 pf air variable capacitor 
C3 2/50 pf capacitor 


Ll 45 turns 22 gauge magnet wire 


L? [3 turns 22 gauge magnet wire wound on top of LI+L3 and separated from 
them by a layer of duct tape 


L3 25 turns 30 gauge magnet wire wound parallel to Ll after the twelfth turn of LI 
HI high-impedance headphones 

DI Detector: IN34 germanium diode or crystal rock detector 

Coll form 2.75" diameter and 37 long (PYG pipe) 


Foriginal (Mystery circuit: The Sunday Mail - Brisbane, Australia, April 16, 1933 


This set is an amazing performer. It has crystal clear reception, good sensitivity, and excellent selectivity. 
To my surprise, in addition to the expected panoply of AM stations, I heard a faint signal that I could not 
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tune out. At first I could not identify it. To my surprise I heard the announcement "KiiM FM, 99.5"! This 


is a country music station here in Tucson. It was all over the dial, untunable, but the much louder AM 
signals masked it when they were tuned in. 


I set myself the task of trying to improve the FM signal. I tried some simple circuit modifications, which 
did not improve anything. Then I connected a dipole antenna instead of the AM antenna I normally use. 
Suddenly, the FM signal was much clearer, although still weak. By using the audio output and sound 
system amplifier, I was even more amazed that four different FM stations came in loud and clear. I found 
that changing the telescoping antenna length and position I could tune the stations in and out. They were 
KRQ, KLPX, KiiM, and KHYT all local FM stations with transmitters nearby. Their reception was also 
affected by the length and position of the audio output cable. 
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crystal detector 
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The "rock" is a beautiful "twinned" pyrite from Spain. I have found that many metallic rock crystals will 
work as detectors, including galena, molybdenite, various copper ores such as "Peacock" copper, 
hematite, and zincite. Watch for a future webpage on crystal detectors. 


http://solomonsmusic.net/Mystery_FM.html 4/5 


10/27/2017 Enhanced Mystery Crystal Receiver 


layout 


(@) Antenna p m (©) Ground 


Parts List 

C1 350 pf air variable capacitor 

2 350 pf air vanable capacitor 

C3 2750 pl capacitor 

Li 45 turns 22 gauge magnet wire 

L? 13 tures 22 gauge magnet wire wound on top of L1+L3 and separated from 
them by a layer of duct tape 

L3 25 tums 30 gauge magenet wire wound parallel lo Li afer the 121 turn of L1 

D1 Detector crystal (1N34 diode) 

Coll F dia x F long PYG pipe 

$51,582, 53 minature phone jacks (momo) 


Home 
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Building Your Own RF Field Strength Meter 


By Jestine Yong on June 1, 2013 


A simple and easy project for a rainy Sunday! 


Why would you need one? Sometimes we build 
electronic projects for fun only, or just for 
satisfying our technical curiosity; this is what | do 
sometimes. This project, however, started with a 
need. 


The need originated when a friend called for help 
to solve an intermittent problem with the UHF 
transceiver on his boat. The receiving ends 
reported frequent cuts in his transmission. 


| quickly improvised a very simple Field Strength 
Meter composed of a small antenna, a detector 
diode, a resistor, capacitor and a Micro 
Ammeter. Assuming that this simple circuit would 
be sensitive enough to detect the HF field, 
providing we keep it close enough to the 
transmitting antenna. This worked quite well, and the intermittent problem was easily diagnosed and 
fixed; it was caused by a broken antenna cable, making intermittent contacts. With the meter we 
were able to see a clear drop of the field strength when moving the cable. 


From there, the technical curiosity took over; what if we could improve the circuit, making it more 
sensitive and, how high in frequency it would still work? Would it work for much higher frequencies 
such as 2.4 GHz, to check RF fields from Wi-Fi routers and mobile phones? 


| gave up (at least temporarily!) to the idea of building a wide range RF amplifier to amplify the 
antenna signal over that wide range of frequencies. This might be another project for another rainy 
Sunday (or many more rainy Sundays!). Instead, | preferred trying to amplifying the DC signal after 
the RF detection and see how far we can go. 


And here we go; we have a very simple instrument that can detect the activity of your Wi-Fi router, 
your mobile phone and about any RF transmitter through a wide range of frequencies. 
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Servicing Technics RS- 
M85-MK2 Tape Deck 


Fig 2. Inside the box. Plenty of space for further developments! 


The diode and the 1 nF capacitor are soldered directly at the base of the antenna connector. In the 
next version of this circuit | would put the 100 K resistor there as well. 
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Another critical point is the antenna. It should be cut to % wavelengths for the frequency range you 
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Fig 3. The antenna for 2.4 GHz 


This simple RF Field Strength Meter proved to be much more effective than expected. It will react to 
your Wi-Fi router and mobile phone transmitting activities. You can also check the leaks of your 
microwave hoven, but be careful, put the sensitivity button to a very low position as the signal 
proved to be very strong! | guess this is normal... 
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Fig 4. Reacting to the mobile phone transmission. qroubles 
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Note that the sensitivity button is at a quite low position, showing that the device it quite sensitive at pi 5 In Switch Mode 
those frequencies. Tami : j Power Supply Repair 
This project can be built with components we have in our drawers. Who want to go out buying 
components on a rainy Sunday? | used a Vu-Meter from a scrapped amplifier for the indicator. The 
scale is not important as the measurements are comparative anyway. Those Vu-Meters are quite 


sensitive. The OP Amp can be any one of the common type as we amplify DC only. | used one fond 
in a drawer... 


Possible improvements: 


| | | o | ; How To Recondition 
— A power jack so we can power the device with an external power supply when it is convenient, atteries At: Homer 
medet š 
saving the precious battery life. \ pring eur 
228 
— A better antenna with a better gain. This device can be used to compare the performances of É | 
various antennas. i 


— A wide range RF amplifier... maybe later. 


This article was contributed by Gerald Musy from Penang, Malaysia 


Note: If you have any interesting repair article that you want to share to others please do email me 
HERE 


Please give a support by clicking on the social buttons below. Your feedback on the post is 
welcome. Please leave it in the comments-thanks. 


Click Here Now 


Likes “4 (88) _Dislikes Y (0) _ 


http://jestineyong.com/building-your-own-rf-field-strength-meter/ 4/11 


ECE Dept 
Indian Institute of Science 
Bangalore 560012 


ECE Dept, Indian Institute of Science 


e Vision Statement: Excellence in Theoretical and Experimental Research in 
Communications, Signal Processing, Microelectronics and RF/Photonics. 


e Faculty: 24; Fellows of IEEE: 4; Fellows of INAE: 8 


e Active in Publications: Books, Book Chapters, Journal & Conference Papers; 
Patents; Standardization etc 


° Collaborative research 


People 
Masters Students 
[ME, MSc> Mtech, Mtech(Res) ] 


PhD Students 
Project Staff 


NATIONAL COLLADORATICA 


Ss) E 


NTERNA 
i m | 
u- O e | s jr A 
f E (amn r a FF 
| j : 
| + | ro dl ye p 
| eB a 
| gill y 
F i El 4 a 
z a P] 
i 


A 37 fi i 
MARINE 
ar JE 


1 a O 


ECE: Microwave Engineering 


Low-Actuation Voltage Capacitive RF Wideband group delay engineering in RF circuits for radar, 
MEMS Switch (<10V) medical imaging, and spectrum sensing. 


—  Low-complexity fabrication process to — Demonstration uses two stage All — Pass Networks; can be extended 
enhance process yield over multiple stages to obtain a higher bandwidth and/or higher group 


— High reliability: no failure even up to 10 delay slope. 
million cycles of operation tested RF energy ha rvesting circuits 
Meso-scale Electrostatic Phase — Integrated with RF transmitters and sensors for practical loT nodes 


Shifter on microwave Laminate — High efficiency RF-DC converter which can operate at input power of - 
(MEPL) 20dBm (10u4W) at 2.4GHz using UMC 130nm process MOSFETs. 


Utilizes modern printed circuit board FEM based algorithms for Electromagnetic circuits & 


fabrication technology. components (periodic structures such as metamaterials) 


X-band monolithic antenna array system — Fast computation of electromagnetic propagation characteristics 
on the microwave laminate board 


demonstrated. 


— Especially suited for evaluation of processes uncertainties 


SIGNAL 
Cr/Au 


Setting the stage.... 


e Introduction 


— Wireless Power Transfer 
e Energy Harvesting 


— Internet of Things 
e Highlights of Recent Development (Hardware) 
— Powering wireless terminals 


o Ongoing Research Challenges 
— RFID with integrated sensors 


Wireless Power Transfer (WPT) 


Indicates transfer of electric energy remotely 


WPT has a long history!! 


— Tesla demonstrated it in 1899 by wirelessly powering 
fluorescent lamps 40 kms away from the power source. 


— Had multiple patents in early 1900s. 


In 1960s W.C. Brown coined the term Rectenna, 
which he used to directly converts incoming 
microwaves to DC. 


— He demonstrated its ability to power a helicopter solely 
through microwaves for 10 hours continuously. 


These demonstrations involved dedicated sources 
with large power to transmit over long distances. ; 
htto://mainland.cctt.ore/istf2008/brown.aspo 


SSPS 


e Space Solar Power Satellites 


e WPT Is widely investigated for putting solar power generating satellites into space 
and transmitting power to Earth stations. (Mainly in Japan) 


O Microwave 


Pilot Beam 


http://www.jspacesystems.or.jp/en project_ssps/ 6 


Near field Wireless Power Transfer 


e Recent demonstration by MIT to transfer high RF power (Watts) transferred 


across meters. 
e Resonant coils are used 
e Typically at 100 KHz to 10’s of MHz 


e Many new applications emerged 


HA Theory 
a From experimental K 
‘© Experiment | 


A 5 
f \ *s MY K MN Mp YN” 


NY 


Light-bullb LU 


75 100 125 150 175 200 225 
Distance (cm) 

André Kurs et al, Wireless Power Transfer via Strongly Coupled Magnetic Resonances, 

Science, Vol. 317 no. 5834 pp. 83-86. 6 July 2007. 7 


System Schematic Qi 


Typical inductive power system 
MITA a | 


Voltage 


Rectification = 7 
Conditioning 


Receiver 


OES snr 


Source: Texas Instruments Qi Development kit 


Far > Near in WPT 


e Free space loss factor is a major bottleneck for power transfer at large distances 


e Short distance/ Near field options 
— MIT demonstration (2007) 
— Qi Standard 


Phone charging solutions 

— Vehicles running on wireless power 
e Two extremes in WPT 

— mW < > MW 

— mm € > 1000s km 

— 100kHz € > 2.4/5.8GHZ 

— 10cm x 10cm € > km x km 


— Commercial vs bluesky 


Far Field Transfer of RF Energy 


e Focus of this talk 


e Applications: RFID tags, Wireless Sensor Network nodes, biomedical equipment, 
home automation and structural monitoring can benefit from RF energy harvesting. 


e Block diagram and a design example: 


| Rectifying element 
fay Antenna (For example: Schottky diode) 
Matching circuit > Storage capacitor 
(Microstrip (For example: 0805 package 100pF) 
transmission lines) 


Matching | Storage 
circuit element 


A New Paradigm: Internet of Things (loT) 


lol refers to uniquely identifiable objects and their virtual representations in an 
Internet-like structure. 


Connects Anytime, Anyplace for Anyone (ICT) 


AAA + for Anything  (loT) 


loT is a scheme for connecting things: sensors, actuators, and other smart 


technologies, thus enabling person-to-object and object-to-object communications. 


Continuous availability of power is crucial for their 
deployment 
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loT Applications 


Transportation Smart Personal and ae 
ip Heathcare i Futuristic 
and logistics environments social 


Comfortable Social 


homes/offices networking Robot taxi 


Logistics Tracking 


City 
information 
model 


Assisted Identification, Industrial Historical 


driving authentication plants queries 


Mobile P Smart museum Enhanced 
la Data collection e Losses hal 
ticketing and gym game room 


Environment 


AAR sensing Thefts 
monitoring 


Augmented 
maps 


L. Atzori , A. lera, G. Morabito, The Internet of Things: A survey Computer Networks 54 (2010) 2787-2805 
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Comparison of different wireless protocols 


Today, a lot can be done at low power!! 


Characteristics of key 2.4GHz ISM Band Radios studied : 


Zigbee WLAN 


BLE ANT 


Key Aspects : 


BLE is robust and has lowest power consumption but cannot natively form mesh networks, 


Zigbee can support large mesh networks, power consumption is higher than BLE and 
throughput is lower: It is suitable for low data rate, low power, large size networks. 


WLAN is primarily suitable for transferring bulk data at high speeds, Not suitable for low 
power applications. 


Power Requirements in Common WSN 


A Crossbow MICAz Intel IMote2 Jennic JN5139 
Radio standard IEEE802.15.4/ZigBee |IEEE802.15.4 |1EEE802.15.4/ZigBee 


30m (indoor) 
ee EST ISO EOI E 
Sa [amem [aa LI 
sa pn 


Supply voltage (MINIMUM) 27455824 


JM. Gilbert» F. Balouchi, Comparison of Energy Harvesting Systems for Wireless Sensor Networks, 
International Journal of Automation and Computing 05(4), October 2008, 334-347 


Jennic TI- CC430 BLE Zarlink 
JN5148 ZL70250 


Deep sleep current [nA] 00. 005 
IO Y 


ses __18@0 A 2010 


Transmit frequency 


SOO —268 MHZ 


acl i l — 
A E a | a es se — 


Power supply voltage [V] 


In perspective 


e Energy requirements in different 

| ‘Smariphone |W 

devices/systems 

e 6 orders of magnitude variation!!! [Wireless sensor node | 100 pw N] 
[GPS teceweren—— | Tm 

| | 

¢ Energy requirements in WSN 

| 

— Depends on the complexity/ standard/ range] Humidity = | 1mwW | 


— eg 90 uW to power a pulse oxymeter 
sensor, to process data and to transmit 
: : Acar 

them at intervals of 15 s irme] 7 > 


A-D conversion TR ae 


J Yun, S. Patel, M.Reynolds, G. Abowd “A Quantitative Investigation of Inertial Power Harvesting 
for Human-powered Devices,” UbiComp’08, September 21-24, 2008, Seoul, Korea. 


R.J.M. Vullers, et.al, Micropower energy harvesting, Solid-State Electronics 53 (2009) 684-693 15 


Power Density from Various Harvesters 


Ambient RF < 1 uW/cm? 
Ambient light 100 mW/cm? (directed toward bright sun) 


100 uW/crr? (illuminated office) 


Thermoclectric — [60 ¡Wien 


4 uyW/cms (human motion ~Hz) 
800 uW/cm* (machines ~kHz) 
1 mW/cm? 

50 pJ/N 

30 W/kg 

Up tp 7 W for 1 cm deflection 


Power requirements in conventional sensor network nodes may 
not be met by harvesting alone! 


J Yun, S. Patel, M.Reynolds, G. Abowd “A Quantitative Investigation of Inertial Power Harvesting 
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for Human-powered Devices,” UbiComp’08, September 21-24, 2008, Seoul, Korea. 


Electromagnetic: Solar > RF 


e PYV Is a good source of energy. Recall, 


Ambient light 100 mW/cm? (directed toward bright sun) 
© |100 W/cm? (illuminated office) 


e However, it light is not always available. 
— At night 


— Specific scenarios: in a closed chamber, or mine. 


e REF is an alternative 
— Unlike others, RF sources may be ambient or intentional. 
— Ambient sources such as base stations or broadcast stations 


— Special sources: RF ID reader, Phone charger, special beacons 
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Demand and Supply 


e The peak currents needed during transmit and receive operation Is not 
achievable using the harvester alone. 


e Buffering is also needed to ensure continuous operation during times without 
power generation. 


e The combination of an energy harvester with a small-sized storage Is the 
best approach to enable energy autonomy of the network over the entire 
lifetime. 


— Rechargeable battery 


— Thin film batteries 
e can be integrated directly in Integrated Circuit (IC) packages in any shape or size, 
e Flexible when fabricated on thin plastics 
e Thin film batteries have high impedance; 
e Low discharge efficiency compared to Li-ion batteries 
— super capacitor 
e Leakage in super capcitors depends on the voltage. Low at low voltage 


18 


Internet of Things (loT) 


Embedding short-range mobile transceivers into a wide array of gadgets and everyday items, enabling 
new forms of communication between people and things, and between things themselves. 


per sE e pants for 
De 5 ae Aisle 


larrived yes be 
a truck fror Factory ‘SBE 


As. per enters the store, 
scanners identify her = 
boy the = embedded in her 
, mts, shi ard shoes. The store 
wim, knows whano she recent be 
me = ewery thing she is wea 
a 
A » g A microchip embedded 
| A, im her credit card talks 
F IIF * to the checkout reader. 
' e Payment authonzation 
5 bs autbormnati 


a 


As 


Á E A 
Bee MERT ere es egy EE oe ot 
a botte of detergent, coun ter ii ins tallies 
shelf recognizes Mo <hopliftina 1 ih because 
La the need to restock the reader carohars 2er Breil 
= sm and alerts the staff. she is carrying- 


Introduction to RFID 


e The reader converts incident field and returns useful data 


e In passive RFID systems reader transmits EM energy that "wakes up“ the 
tag and provides power for the tag to respond to the reader. 


to host / 


reader 
network 


antenna 


host computer 


radio 
transmissions 


= o e o e e Şo e e = 


circuit 


Backscatter Communication 


e Backscatter is the reflection of signals back towards their 
source. 


— In this scheme, two devices communicate using incident (or ambient) RF 
as the source of power. 


— Backscattering is achieved by changing the impedance of a receiver in 
the presence of an incident signal. 


— When waves encounter a new media that have different impedances, a 
part of the wave Is reflected. 


— The reflection depends on the difference in the impedances. 

e By modulating the impedance at the receiver port, one can 
control the scattered RF energy, hence enabling information 
transmission. 


abc.cs.washington.edu/files/comm153-liu. pdf 22 


RFID > IoT 


e RFID 
— Uses radio waves for identifying or tracking the object. 
— Proven to be a simple and cost effective system 


— Tags are very cheap and is possible to be attached to everyday objects. 
e RFID is considered a prerequisite of Internet of Things. 


e Example: RFID tags can be integrated with sensors 


— When a reader reads a tag, the sensor information will be sent to the reader 
along with the identity of the object. 
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Some Examples 


S-TAG 


RFID 
Antenna 


Generic | 
sensor 


n | RF-Digital 


Digital input Controller 


Discrete Element Based Chips with 12C / SPI 


WISP (Wireless Identification Sensing M u Iti-Ch l p Ba sed S-tag SPARTACUS / RAMSES (Self-Powered Augmented RFID 
Platf ) Tag for Autonomous Computing and Ubiquitous Sensing / 
pio RFID Augmented Module for Smart Environmental Sensing) 


SLSOOA-DK-STGFNI6 


Single IC Based Sensing Tags Printed Chipless RFID Tag 


WISP 


e Wireless Identification Sensor Platform (2009) 


— WISPs are a wireless, battery-free sensing and computation platform, powered by 
harvested energy from off-the-shelf UHF RFID readers. 


— Toa RFID reader, a WISP is a EPC gen1 or gen2 tag; but inside the WISP, the 
harvested energy Is operating a 16-bit general purpose microcontroller. 


— The microcontroller can perform computing tasks, including sampling sensors, and 
communicate to the RFID reader. 


— WISPs have been built with various sensors, WISPs can write to flash and perform 
cryptographic computations. 


A collaboration between Intel Research Seattle and the University of 
Washington. 


http://wisp.wikispaces.com/Wisp+4.1+DL 
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RFID Sensors (Products) 


e ID operation is passive; yet most sensors require power sources 


e Powercast has a wireless sensor that is battery-less. Uses RF energy harvesting. 


e Harvesting schemes works at power as low as -12dBm. (RF-DC conversion efficiency 
above 40% only above -8dBm) 


e Harvested power >0.4mW for RE in of >-1dBirr 
Sensor Tag Development Too! 


e Multiple custom ICs and discretes 


Credit card 
form factor 


mmm — Programming 


e Other suppliers include interface 
— Phase IV Charging — Silicon Labs 
— RFID sensor systems — Wireless MCU 
—— 915MHz 


— etc 


RF Powerharvester Data Antenna 


915MHz 
Power Antenna | 
(PPOWERCAST ceo Coral 17 


http://www.powercastco.com/uhf-rfid-sensing-passive-rfid-wireless-sensor-tags/ “0 


Battery-less Wireless Terminals 


e Most of our work In this direction was towards battery-less terminals 


e Long life terminals without wiring 
e These are useful when 

— Terminals are embedded within structures (or body) 

— Devices to be deployed in hostile environments 

— Use of battery Is not allowed (potential cause for explosion) 
e Other factors 

— Cost, weight, etc. 


e Primary focus: use of radio frequencies (ambient/intentional) 
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Ambient RF Sources 
- WiFi Access points (mw) (2.4/.6GHz] (ja A 
— Cellular Tower (W) [900/1800 MHZ] a a a 


A a a PEER dr A a ii 
a e ai A an ee ee en o pa a e | O o E E a [a ae wt nse Say nT 
A A A AAA 


— FM broadcast (kW) [90-108MHZ]| 


eee eee eee eee) ee ee ed 


i i ta 


eee nnmnnn 
AS is o o es o o o tia 


E NN IN mmp 


e In general O Res BW 1.000 MHZ vow 1.000 me Sw 38.00 ms (401 pts) 
— Lower frequencies help non-line-of sight propagation 


— Power availability from ambient sources is limited and varies from place to place. 


e Note 


— Unlike other sources, most practical RF harvesters (eg in RF ID) depend on intentionally 
generated energy. 


— This is called wireless power transfer (WPT) in the conventional RF/Microwave parlance. 


Wireless Communication System 


e Power transfer scheme Is no different!! 


Transmitter Recelver 


2] 


Antenna Fundamentals: Directivity 


Average radiation intensity, U, = rad 


Directivity, 


p(o, g- TCD 4.9) 


Uo Prad 
> If direction is not specified, it implies the direction of maximum radiation intensity 


D = max D,, =10log D 


Maximum directivity and Maximum effective area 


The radiated power 
density by a transmitter at 
a distance R 
_ ED, 
AR 


Power received 


PDA, 
li E E 


or, D,.A, = TE AR? 


t 


By reversing the transmission 
direction 


P 
D A =—--47R” 
7A, D 


t 


Direction of 


`- D, _ D, 

AA 
this can be generalized by 
D D, , 4r 
AA # 


) > 


propagation 
A 


if, D, = max. directivity 


A,,, = max. effective area 


Friis Transmission Equation 


The radiation intensity for an 
E Pr 
isotropic radiator Is W y= 


4m R+ 


For an antenna of gain G, (or directivity D,) 


_ PtGt(Ot, Pt) 2 PtDt(Ot, Pt) 
4TR2 C AR? 


Wi 


The effective aperture of a receiving antenna is given by 4 -e.D(0,4)% 
i | 4T 


Therefore, 


a AŽ | Ae ee, 
p,= er D, (0,, by) _W, = et rD (8,6) D,(G,, Oy) (470R)2 Pe prl 


r AZ -e 
Fe = erer Di (Ov Pe) D, Or br) E Pe Br? 


t 


F- a a aa 
P. = Ccatecar(1 B RISA p IBAE ADAC Py) (AR)? [Pr Prl 
t 7 


When the antennas are pointing towards each others’ peak radiation 
direction, 


Some numbers on Radiative form of WPT... 


e Practical systems will have 
— Operational frequencies in ISM bands. 
— Most terminals are compact. 
— Antenna efficiency is compromised. 


— Nearly isotropic radiations expected. 


e Main bottleneck Is the physical limits in transmission. 
P, = P*G/*G*(M/4rr)* 
— At 1 GHz (A=30cm) r=1m; Antenna gain @OdBm, free space loss factor is about 
0.06% 


— Even with a moderate gain transmitter antenna (6dBI) power received @1m for 1W 
transmission, Is just 2mW. 
e Drops to 23uW at 10m !! 
e The voltage of the signal is low!! 
e In radiative power transfer, Distance from transmitter Is a major concern. 
33 


Some questions addressed in our work 


Harvesting of ambient radiations or Radiative transfer of energy 
addressed 


— Is it possible to harvest the RF energy from base stations 


— Are there other viable sources of RF energy 


Can low power communication systems be designed to operate entirely 
from harvested energy 


— Integrate sensors, control, etc 


Can we use RF EH/ WPT to Increase the range of backscatter 
communication (RFID scenario) 
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Design of Rectifiers 


Required for converting incoming RF into DC power. 


The challenge lies in maximizing the power conversion efficiency for low input 
power and minimizing the dimensions. 


e RF to DC conversion by rectification of the incident RF signal by a Schottky 
diode 


— Most diodes have a finite cut-in voltage 
— Diode Is a non-linear device (performance depends on current or load) 
— Impedance matching required between antenna and diode 


— In most cases, the input voltage needs to be boosted 


RFin Antenna Impedance Rectifier 


matchmg 


network 


Conceptual diode based Rectenna Voltage doubler 35 


Voltage magnification in Matching circuit 


e Matching circuit is required to provide impedance match between antennas 
(50Q typical) to diode terminated with high impedance load (capacitor and/or 
high R In parallel). 

— LC matching networks provide voltage magnification. 


— This helps the diode conduct a good fraction of half cycle. 


e The higher the voltage across the diodes, the more efficient the rectifier gets. 
— In practice Q Is limited 


— Applications requiring higher voltages, a voltage multiplier configuration is used. 


1 


Vc = Vinx jae 1 
R+ JoL+—— 
JOG 


At resonance, 


Vc = Vin x — : = — JQVin 
JO0CR 
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Tuned Rectifier at RF 


e Atuned rectifier implemented using discrete components 


L=65nH HSMS 
2852 


RF in” 


Freq. 


POS es ee IO 


K. J. Vinoy, T. V. Prabhakar, A Universal Energy Harvesting Scheme for Operating Low-Power Wireless Sensor Nodes 
Using Multiple Energy Resources, pp. 453-466, Micro and Smart Devices and Systems, Springer 2014. 37 


Typical Performance of Rectifier 


-10dBm 
700 
600 
500 
= 
400 ~ 
+ E 
3 300 <- 
> T 
o) 
200 -1 
04 $5 
0 1 2 3 4 5 5 7 8 
Time (us) ’ K 939 940 945 950 90 960 
frequency in MHz 
0.6 


RF-DC Conversion efficiency depends on 


efficiency factor 


various conditions 


0 | 
Gaurav Siftgh* Rahul Ø a | A 700 800 900 1000 1100 
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Rectifier Circuit using 4 diodes 


K. J. Vinoy, T. V. Prabhakar, A Universal Energy Harvesting Scheme for Operating Low-Power Wireless Sensor Nodes 
Using Multiple Energy Resources, pp. 453-466, Micro and Smart Devices and Systems, Springer 2014. 
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1: Scavenging Mobile Tower Radiations 


\I/ Hight ca AMenna oF 
RE ower 


Mierocontoller 
with Wireless 
Radio Converter 
Circuit 


G. Singh, R. Ponnaganti;T. V. Prabhakar, and K.J. Vinoy, “A tuned rectifier for RF energy harvesting from ambient radiations,” 
Int. J. Electronics & Communications, vol. 67, no. 7, pp. 564-569, July 2013 


Gaurav Singh, Rahul P (2010-11) 40 


Characterization in Lab 


e Using various antennas 


0.03 


G. Singh, R. Ponnaganti, T. V. Prabhakar, and K.J. Vinoy, “A tuned rectifier for RF energy harvesting from ambient radiations,” 
Int. J. Electronics & Communications, vol. 67, no. 7, pp. 564-569, July 2013 


Gaurav Singh, Rahul P (2010-11) Incident power above -18dBm required for operation 42 


2. Universal Energy Harvesting Platform 


T storage 
Thermo- 


electric generator 


Dr TV Prabhakar, DESE, IISC 


Switching 


Network 


DC-DC Boost 


Converter 


\V Antenna for 


wireless module 


Only a small thin film battery is used 


UEHP: Performance with different sources 


Duty Cycle of | Temperature | Duty Cycle 
Operation (s) | Differential | of Operation 


An incident RF power of -7dBm (*0.2mW) performs similarly as at low light PV. 


An appropriately oriented 20mW source with a high gain antenna (~10dB) can reach this RF 
power at a low gain rectenna (eg using PIFA) at 1 m distance. 
Power levels within emission guidelines... 


K. J. Vinoy, T. V. Prabhakar, A Universal Energy Harvesting Scheme for Operating Low-Power Wireless Sensor Nodes 
Using Multiple Energy Resources, pp. 453-466, Micro and Smart Devices and Systems, Springer 2014. 
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Other Possibilities using Wireless Power Transfer 


Power transfer by radiation Is not efficient 


Waveguiding systems can ensure better transmission of power 

— Loss in waveguide is a small fraction of a dB/m (~0.2dB/m) 

— Metal ducts may carry higher order modes with higher losses 

— Extended to conducting ducts, Tunnels, mine shafts etc with some compromise 
Other possibilities 

— Surface wave 


— Focusing of fields 


Empty enclosures with metallic walls 
— Containers, tanks, airplane cabin, trains, etc 


— Other objects in the path may reduce the efficiency! 
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3: Antenna for RFID sensors 


e Work involved design of antenna for RF harvesting sensors 
— These fuel level sensors to be deployed in a fuel tank of aircrft. 
— Optimization of design should focus on efficiency 


— High gain or directivity is not required. 


e EH platform to be used with RFID sensors deployed inside fuel tank 


e Requirements/Assumptions: 


— Incident energy is of random polarity and direction. 


Operating frequency is 90O2MHz-928MHz. 


— Antenna must operate in air (relative permittivity = 1) and fluid (relative 
permittivity = 2.1) 

| , ANRC 

— Dimensions of planar antenna board: A 


e Target dimensions: 3 in. x 2 In. 
e Maximum dimensions: 6 In. x 4 in. 
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ca a. ae a A 


Antenna Design dimensions 


85 mm 


Coaxial Feed 


Ground plane 


85 mm 
e Feed 
43 mm 
~ Rohacell 7 -E Ground nem 45mm 
| plane 38 
= min 
61 mm 


Vivekanand M, Harikiran M 


Measurements at Boeing (Nov 2013) 


After Integrating with 
Sensor and RFID board; 


Measured in a room and 
reverberation chamber 


reader 
antenna 
a 


reader 
antenna 


i Copyright © 2013 Boeing. All rights reserved. | 


Resolution of fluid height measurement to within 0.25”. 
1W maximum transmit power. 
Uses a modified reader protocol. 


Oe, e A, a A e, 


A. Robb, J. Bommer, R. Martinez, J. Harrigan, S. Ramamurthy , H. Muniganti, V. Mannangi, and KJ Vinoy, “Wireless Aircraft 
Fuel Quantity Indication System,” 2014 IEEE Sensors Applications Symposium - , Feb 18-20, 2014, Queenstown, Newzealand. 


4. RFID Integrated with Sensor 


Power regulation 


Digital Section 
and supervisory 
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Ma 
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Parts of Fabricated System 
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Sandeep Rana 2014-15 


Sandeep Rana, TV Prabhakar, KJ Vinoy, An Efficient Architecture for Battery-less Terminals for Internet of Things, Applied 
Computational Electromagnetic Conference, Guwahati, Dec 28-21, 2015 


Characterization of Performance 


Sandeep Rana 2014-15 


RFID Reader 30 dbm 
Circularly polarized antenna 8 dbi 
Polarization loss 3 dbi 
Monopole Antenna 5 dbi 
PIFA antenna 1 dbi 
Meander Antenna 0.4 dbi 
Monopole 40 7.5 mtr 7 mtr 
PIFA 36 5 mtr 5.5 mtr 
Meander Line 35.4 4.5 mtr 4.5 mtr 
A= 34.5 cm Prx = EIRP * Gr * (Y 


Efficiency worked out for -10 dbm 
RF-DC efficiency — 20 % and DC-DC efficiency — 80% 
Overall efficiency — 16% 


5. Harvesting at 2.4G Hz 


Output voltage vs Input power 


Output voltage(V) 


-20 -18 -16 -14 +12 -10 -8 -6 -5 


Input power(dbm) 


RICOH 


imagine. change. 52 


Comparison of Efficiencies 


y 
900MHZ 2400MHZ 


-15dbm Efficiency=47% Efficiency =17% 


Output voltage=0.29V Output voltage=0.2V 
Load resistor=6K Load resistor=6K 
-20dbm Efficiency=31% Efficiency=5% 
Output voltage=0.15V Output voltage=0.1V 
Load resistor=6K (0.153V unloaded) 
Load resistor=6K 


po Used HSMS 2852 Used HSMS 2862 


Diode connected MOS with high Q matching 
900MHZ 2400MHZ 


-14dbm Efficiency=6.2% Efficiency=2% 
Output voltage=1.1V Output voltage=0.632V 
Load resistor=500K Load resistor=500K 


-20dbm Efficiency=1.8% Efficiency=0.2% 
Output voltage=0.3V Output voltage=0.118V 
| Load resistor=500K Load resistor=500K 


Zero V- CMOS 
900MHZ 2400MHz 


-15dbm Efficiency=4.6% Efficiency=3.79% 
Output voltage=0.86V Output voltage=0.774V 
Load resistor=500K Load resistor=500K 


Y) 
wv 
T 
2 
O 
E 
< 
© 
| 


< Power 


Load resistor=500K Load resistor=500K 
Frequencies > 53 


-25dbm Efficiency=2.4% Efficiency=1.7% 
Output voltage=0.198V Output voltage=0.165V 


Cross-coupled Rectifiers for Low Power 
e CMOS Integration requires diodes using MOSFETs. 


e Simple diode connected configurations are not effective at low 
power/voltage levels 


e In Cross Coupled Rectifiers 


— Biasing of MOSFETs by charge stored in capacitors. This Is a way of 


threshold compensation. 
Low ON resistance due to high overdrive voltage. 


In both cycles of input, output 
capacitor is charged. Although DCP 
uses both cycles, only alternate 
cycles charges the output capacitor 
and the other cycle charges the 
Input capacitor. 


RF- 
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DC-DC converter 


e Low loss switched capacitor DC-DC converter: 


Vou? V 


SC SC SC SC 
doubler doubler doubler doubler 
A 


overlapping 
clock 


F T Non- T 
Ring oscillator | Driver 


DC-DC block 


9) 


Full system block diagram 


V. 
Matchin : x 
PE 5 Rectifier | 
-20dBm circuit : 
2 4GHz 


J... LT LT oscillator aii Driver 
clock 


RF-DC block | DC-DC block 


1. Output capacitor of RF-DC supplies DC-DC 
2. Enable generator logic constructed using back to back inverters 


3. 5 MOSFETs added to limit supply voltage to ring oscillator RICOH 
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Full system simulations 


Output capacitor of RF-DC loaded heavily when clocks transition, so ripples 
exist in RF-DC output. 


Output voltage=2V across a load of 1.6MQ, which gives Efficiency = 


Below 0.5V at clock transitions, above 0.5V between clock transitions 


Time step Is 8ps for RF-DC simulation and DC-DC has to run for hundreds 
of us or few ms, so simulations times are large. 


2° /1.6x10° 
SA = 25% 


Transient Response 


A veroc 
J fnei0123 
J free? 

J fne10125 
J fOUT PUT 
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Summary with IC Design 
e Low Vth NMOS based DCP gives 42.3% efficiency. 


e FGCCR gives 55% efficiency. 


e The overall system efficiency Is 25%. 


e Higher than efficiency reported in literature for RF-DC converter operating at 
-20dBm, 2.4GHz in 130nm technology. 


Power level -20dBm -25.7dBm -22.6dB -20dBm 
Frequency 2.4GHz 2.45GHz 906MHz 2.4GHz 


Efficiency 55%(simulated) 37%(measured) 10%(measured) 36%(simulated) 


Rectifier FGCCR in UMC DCP in 0.5um DCP with floating | FGCCR in 130nm 
130nm CMOS Silicon on gate transistors in | CMOS 
Sapphire 0.25um CMOS 
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6. ASIC Design for IOT 
e Working on a 3-chip architecture 
— Our chip to enable sensing, and control functions 


— Communication using an external Monza chip 


e Fabricated chip using commercial services!! 
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Battery-less Sensor node for BLE 
2 y 
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e Most low power wireless terminals operate intermittently 
e These require anywhere 50uW to about 10mW for their operation. 
— Batteries limited: cost, size, stored energy 


— Solar: not dependable through 


e WPT and RF EH can enable wide use of loT 
— Main challenges in the design is the low incident energy/power/voltage 


— High Quality factor components may help 


e Several fabricated examples discussed here: All can transmit data to an 
aggregator wirelessly 


— Different standards implemented. 
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Abstract: This work presents the optimization of antenna captured low power radio 
frequency (RF) to direct current (DC) power converters using Schottky diodes for 
powering remote wireless sensors. Linearized models using scattering parameters show 
that an antenna and a matched diode rectifier can be described as a form of coupled 
resonator with different individual resonator properties. The analytical models show that 
the maximum voltage gain of the coupled resonators is mainly related to the antenna, diode 
and load (remote sensor) resistances at matched conditions or resonance. The analytical 
models were verified with experimental results. Different passive wireless RF power 
harvesters offering high selectivity, broadband response and high voltage sensitivity are 
presented. Measured results show that with an optimal resistance of antenna and diode, it 1s 
possible to achieve high RF to DC voltage sensitivity of 0.5 V and efficiency of 20% at 
—30 dBm antenna input power. Additionally, a wireless harvester (rectenna) is built and 
tested for receiving range performance. 


Keywords: RF energy harvesting; wireless power transmission; coupled resonators; 
Schottky diode; RF to DC power converter; impedance matching; Pl-matching; 
L-matching; rectenna 
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1. Introduction 


For autonomous powering of sensor nodes in remote or inaccessible areas, wireless power transfer 
provides the only viable option to power them from an energy source. Due to the low power density of 
ambient RF at far-field from transmitters, there is a need to optimize each aspect of a wireless RF 
energy harvester for possible realistic applications. Today remote autonomous sensors are mostly 
powered by batteries, which have limited lifespan. Renewable powering has the potential to power 
autonomous sensors perpetually. Due to the expansion of telecommunications technology ambient 
electromagnetic (EM) power is among the most common sources of ambient energy. There are power 
transmitters/receivers scattered in practically any society, ranging from television transmission stations 
to cell phone transmitters and even wireless routers in our homes/offices or mobile phones. These 
transmitters in our environment and others which are on special dedicated frequencies produce ambient 
RF power (on the order of microwatts) which can be used as a source for powering remote microwatt 
budget sensors through wireless energy harvesting. This work presents different matching techniques 
based on different application requirements using Schottky diode-based RF to DC power converting 
circuits for wireless remote EM energy harvesting around 434 MHz and 13.6 MHz. Generalized 
analytical models and limitations of the matched RF to DC power converters are discussed. A wireless 
RF energy harvester consisting of an antenna and a matched diode rectifier is then realized and 
its performance tested. Passive wireless energy harvesting also finds applications in near field 
communications (NFC) [1], RFID tags [2-5], implantable electronics [6,7], and environmental 


monitoring [8], among others. 
1.1. State of the Art 


Hertz was the first to demonstrate the propagation of EM waves in free space and to demonstrate 
other properties of EM waves such as reflection using parabolic reflectors [9]. Wireless power 
transmission was then investigated and demonstrated for possible wireless remote powering by Tesla. 
Electromagnetic power beaming for far field wireless power transfer using collimated EM waves was 
proposed in the 1950s [9]. Recent advances in ultralow power sensors means ambient omni-directional 
EM power can be used as a source for powering remote sensors without the need to collimate the EM 
power through the wireless space. Mickle [10] and McSpadden [11] have presented earlier work on 
wireless energy harvesting systems using Schottky diodes and rectennas where the usability of ambient 
RF power into DC power was shown. Sample [12] presented a wireless harvester which can harvest 
EM power from TV and radio base stations transmitting 960 kW of effective radiated power; 60 uW 
was harvested at a range of about 4 km. Umeda [13] and Le [14] have presented more integrated 
wireless energy harvesters based on CMOS RF to DC rectifying circuits. CMOS-based rectifying 
power converters provide full compatibility with standard CMOS technologies and have advantages in 
batch processes for mass production. The drawback of CMOS-based diode connected transistors is the 
need to bias the gate of the transistors for the rectifying circuits to effectively function. This gate bias 
is provided externally, which makes the system not passive. Without the injection of external charges 
or a biasing of the transistor gate, the circuit has low efficiency, especially when the amplitude of the 
input voltage is low [15]. Shameli [2] presented a passive CMOS RF to DC power converter with a 
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voltage sensitivity of 1 V at —14.1 dBm input, but the circuit efficiency was only 5 %. Zbitou [16] 
presented an RF to DC converter based on Schottky diodes and achieved 68 % efficiency at 20 dBm 
RF input power. Ungan [17,18] presented antennas and high quality factor RF to DC power converters 
at 24 MHz and 300 MHz for RF wireless energy harvesting at -30 dBm input power. The power 
converter used high quality factor resonators for impedance matching the EM source and the diodes 
and achieved high open circuit voltage sensitivity of 1 V/uW. Boquete [19] presented a risk 
assessment system for calculating insurance premiums by monitoring mobile phone usage while 
driving. This was done by harvesting EM power from detected mobile phone usage during driving for 
risk assessment. Heikkinen [20] presented rectennas on different substrates at 2.4 GHz using 
transmisson lines to match the antennas output resistance (at resonance) to the rectifying diodes. 
Akkermans [21] presented a rectenna design by complex conjugating impedance provided by a 
microstrip structure to a diode so that resonance may be achieved for a working frequency. This design 
approach may need sophisticated tools to realize and the dominant resonance frequency of the rectenna 
can be unpredictable in practice. Hagerty [22] presented rectenna arrays for broadband ambient EM 
harvesting and characterized the harvesters from 2 GHz to 18 GHz; rectennas combine impedance 
matching the RF rectifying circuit and the antenna into one compact device, but an array of rectennas 
may increase the overall size of an EM harvester. Herb [23] and Vullers [24] have provided a 
comprehensive state of the art for micro energy harvesting and have explored the various techniques 
used for harvesting ambient renewable energy. 


2. RF to DC Power Converter 
2.1. Diode Rectifier 


A junction diode equivalent circuit and simple Schottky diode rectifier are shown in Figure 1. Rps 1s 
the diode resultant series resistance, Cps is the diode resultant series capacitance, Rpp is the diode 
resultant parallel resistance, Cpp is the diode resultant parallel capacitance, Vs is the sinusoidal source 
voltage and Vc is the voltage across the capacitor. 


Figure 1. (a) Diode series equivalent model, (b) Diode parallel equivalent model, 
(c) Simple diode detector. 


Cos Ros 
(a) 


The diode capacitive impedance is mainly due to the junction capacitances provided by the metal, 
its passivation and the semiconductor forming the diode. AC power incident on a forward biased 
diode input is converted to DC power at the output. The current-voltage behavior of a single 
metal/semiconductor diode 1s described by the Richardson equation [25] as in Equation (1): 
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in h E ) A 


where / is the current through the diode, Zs is the saturation current, q is the charge of an electron, Vp 1s 
the voltage across the diode, T is the temperature in degrees Kelvin and K is Boltzmann constant. The 
voltage equation around the loop can be derived from Figure 1(c) and is given in Equation (2): 


Y, =V Vo (2) 


Since the same current flows through the diode and the capacitor, one can find the average current 
through the circuit by integrating Equation (1) over a time period. By substituting Equation (2) into 
Equation (1), Vc can be expressed in terms of Vs by averaging the diode current to zero. This is given 


in Equation (3) [26]: 
_ AL qV; 
F e I A 


where % is the series expansion of the sinusoidal source voltage. Equation (3) can further be 


simplified for very small amplitude Vs as Equation (4): 


q Vs 


V. z 
> ART (4) 


Equation (4) shows that for a small voltage source, the circuit output voltage is proportional to the 
square of the input sinusoidal voltage; hence it’s so-called square law operation. Extensions of this 
model for voltage multipliers and other input signals are presented in [27] and [28]. Equation (4) 
further confirms that for low input voltage (power < 10 dBm), an impedance matching network 
between the source and the diode is necessary to improve the detected output voltage and efficiency. 


2.2. Impedance Matching 


The maximum power transfer theorem states that the highest power is transferred to the load when 
the source resistance is the same as the load resistance. For systems with both resistive and reactive 
impedances from source and load, the source and the load impedance should be adjusted in a way that 
they are the complex conjugate of each other through impedance matching. For the purposes of this 
work, a 50 Q resistive source is chosen as reference for load impedance matching. The antenna which 
captures the ambient RF signals is tuned to provide this source resistance at resonance for the 
rectifying circuit in a complete EM wireless remote harvester. The load is the resistance of the 
Schottky diodes and the actual connected resistance (remote sensor). The specific type of matching 
network which can be used for complex conjugation depends on the nature of load or source 
impedance, the desired RF to DC converter functionality and other factors like circuit size, cost, etc. 
The response of a matched RF to DC power converter depends on the matching network used as well 
as the source or load component quality factors and impedances. 
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2.3. Diode Impedance 


Schottky diodes HSMS-285C and HSMS-286C from Avago [29,30] are used to build the RF to DC 
power converters. The HSMS-285x or 286x series diodes can be operated as zero biased with 
relatively low forward junction potential. This allows for the realization of completely passive RF to 
DC power converters for wireless energy harvesting. The HSMS-285C or 286C is a pair of 
series connected Schottky diodes in a SOT-323 package. The impedance of the HSMS-285C and 
HSMS-286C diodes was first measured so it can be matched to the resistance (50 Q) of the antenna 
source. This is done by connecting the input of the diodes to a network analyzer and measuring the 
scattering parameters. These scattering parameters are then converted to the corresponding 
impedances. The input impedance of a diode depends mainly on the resistive and capacitive impedance 
provided by the junction of the diode and its connected load. For a couple of diodes arranged in a 
package such as the HSMS-285C or 286C, the input impedance is the vector sum of the impedances 
provided by each diode in the package arrangement, the extra impedance associated with the 
packaging and the connected load. The diode measuring board is as shown in Figure 2. The diodes 
were measured at room temperature for an input power of -30 dBm at a diode connected load of 1 MQ 
with a 100 pF filter capacitor. For the sake of this work, the input impedance of the diodes will always 
be referred to at these connected load conditions. 


Figure 2. (left) Reference circuit layout for measuring diodes input impedance, 
(right) measuring printed circuit board (PCB) for diodes input impedance on | mm FR4 
substrate. 


HSMS-285 


Figure 3. Measured input impedance (A resistive, 0 capacitive) of HSMS-285C (left) and 
HSMS-286C (right) diodes at —30 dBm input with 1 MQ load and 100 pF filter. 
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The board is fabricated such that components are soldered directly one into another to prevent 
additional impedances introduced by copper route. The PCB backside had the ground layer. An 
example of measured input impedance for HSMS-285C and HSMS-286C is shown in Figure 3. 

The diodes quality factor is given by X,sR,. , where Xps is the resultant series capacitive 
impedance of the diodes. At an input power of —30 dBm, the measured input impedance of the 
HSMS-285C diodes is 723501 Q at 434 MHz and 587731239 Q at 13.6 MHz. For HSMS-286C 
diodes, it is 1073503 Q at 434 MHz and ~1.5-j8.1 KQ at 13.6 MHz for -30 dBm input. The measured 
impedance of the HSMS-286C diodes at low frequencies (< 60 MHz) shows pronounced fluctuations. 
The low-frequency excess flicker noise and the shot noise observed in the HSMS-286C have been 
studied by several authors [31-33]. The pronounced presence of trap states in the depletion region of 
the semiconductor, mobility fluctuations in carriers, edge effects among other reasons is reported to 
cause deviations from the ideal Schottky diode behavior and hence generation-recombination noise for 
some diodes such as the HSMS-286C [34]. When a diode rectifier is matched at a reference operating 
condition, the matching network may function less effectively at other input power levels, connected 
load and other operating frequencies. This is due to possible changes in the diode input impedance. 
Throughout this work the imperfections of the matching circuit at other operating conditions away 
from the matched reference conditions are accepted without changes to the matching network. 


2.4. Voltage Doubler 


The Delon voltage doubler and Greinacher doubler are both used to realize the RF to DC power 
converters presented in this work. The Delon voltage doubler and Greinacher doubler are shown in 
Figure 4. The diodes output voltage (Vou) 1s doubled what is detected by a simple detector circuit 
shown in Figure 1. Both doublers produce the same output performance, the only difference is that the 
Delon doubler has an instantaneous input ground which is not shared with the output. 


Figure 4. Circuit diagram of voltage doubler, (a) Delon doubler and (b) Greinacher doubler. 
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2.5. Matching Techniques for Antenna Source and RF to DC Power Converter 
2.5.1. L-match RF to DC Power Converter 


An L-match network converts a source series impedance to its equivalent load parallel impedance or 
vice-versa and tunes out by subtracting or adding any surplus reactance from the load or source with 
the counter impedance. Series impedance is converted to its parallel equivalent impedance using 
Equations (5-7): 
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X s 

Os = R. (5) 
Rp 

Qp = cA (6) 


where Xs is the total series reactive impedance, Rs is the total series resistance, Rp is the total parallel 
resistance, Xp is the total parallel reactive impedance, Os and Op are the series and parallel quality 
factors respectively: 

Rp x JXp 


Rs + JX s = R, + jX, (7) 


Equation (7) is the equation of a series sum of impedances and a parallel sum of impedances. It is 
interesting to note that Os and Op from an L-matched network may be different from the individual 
component quality factors as a result of the inherent resistive and reactive impedances in that 
component. By virtue of Equation (7), Os and Op must be equal in an L-matched network. Using 
Equations (5,6) and (7), the ratio of the parallel resistance (or reactance) to the series resistance (or 
reactance) can be derived in terms of the quality factors Op or Os [35]. Since at match conditions, only 
the resistive impedances dissipate power, the loaded quality factor O, of the L-matched network can be 
expressed as in Equation (8): 


R, = (07 + DR, (8) 


Using Equations (5,6) and (8), series impedance can be converted to its parallel equivalent for a fixed 
frequency and power level. As an example; a series impedance 72-501 Q (HSMS-285C at 434 MHz 
for —30 dBm input power) is easily converted to —j/510(3519)/(—j510 + 3519) Q as its parallel 
equivalent with a component quality factor of 6.96. The source resistance is taken as part of the 
parallel matching network in an L-match circuit if the source series equivalent resistance is greater 
than the load series equivalent resistance. On the other hand, the load resistance is taken as part of the 
parallel matching network if the load series equivalent resistance is greater than the source series 
equivalent resistance. For the purpose of this work, inductors were only used for series impedance 
matching and capacitors as shunts. This prevents power seeping through any shunt inductor used for 
impedance matching due the short circuit provided by a shunt inductor to ground and resulting in less 
output efficiency. Resistors were not used for impedance matching. 


2.5.2. L-match RF to DC Converter Generalized Analytical Model 


The classical matching technique using Equations (5,6) and (8) is first used to L-match the 50 Q 
resistance of the antenna to the resistance of the HSMS-286C diodes (and load) at 434 MHz for 
—30 dBm input and then the generalized model is discussed. The antenna source resistance was 
L-matched to the resistance of the diodes (and load). The 50 Q resistance of the antenna is taken as the 
parallel matching component and the diodes 10 Q resistance is the series matching component. The 
loaded O is found as 2 between the 50 Q antenna source resistance and the 10 Q diode series resistance 
using Equation (8). From this loaded Q, a shunt capacitive impedance of 25 Q (14.6 pF at 434 MHz) 
using Equation (6) and a series inductive impedance of 20 Q (7.3 nH at 434 MHz) using Equation (5) 
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will match the 50 Q source to the 10 Q HSMS-286C diodes (and load) series resistance at -30 dBm 
input. Since the HSMS-286C diodes inherently provides 503 (2 series capacitive impedance at 
—30 dBm, a resultant series inductive impedance of 523 Q (192 nH at 434 MHz) is needed to tune the 
50 Q resistive source to the complete HSMS-286C diodes impedance at 434 MHz for —30 dBm input. 
The L-matched HSMS-286C diodes rectifier is as shown in Figure 5(a). 


Figure 5. (a) L-match RF to DC harvester using the HSMS-286C diodes at 434 MHz for 
—30 dBm input. (b) Small signal impedance model of a generalized L-matched RF to DC 
power converter as capacitive coupled series RLC resonator with different resonator elements. 
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Cx is the tuning capacitance, Lz is the tuning inductance, Xzz is the tuning inductive impedance, Cps 
is the diodes series capacitance, Xps 1s the diodes series capacitive impedance, Vs is the antenna 
captured ambient EM voltage, R4 is the resistance of antenna, £ is the inductance of antenna, C4 is the 
capacitance of antenna, Rz is the resultant series resistance from the diodes and the connected load 
resistance, Vz is the resistive load voltage. From Figure 5(a) the power dissipated in the resistance of 
the diodes (and connected load); Py is given by Equation (9), where Rx is the series resistance of the 
diodes and load: 


= R (9) 


The source power; Ps is given by Equation (10), where Vs* is the root mean squared (RMS) 
antenna captured source voltage. Half of the source power 1s transferred to the resistance of the diodes 
(and connected load) at match conditions as described by the maximum power transfer theorem: 

Ve Vo. 
P,=— or P, = 2 1 
°” R, "OR, ~~ 
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Equating Pz and half RMS Ps gives a condition of maximum voltage gain for the matched RF to DC 
power converter shown in Figure 5(a): 


V. 2YR, an 


From Equation (8), substituting the series and parallel resistance ratio into Equation (11) the voltage 
gain can be expressed in terms of the loaded quality factor as in Equations (12) and (13), where O is 
the loaded quality factor of the RF to DC power converter: 


1/1 
Va 211+ (12) 


Equation (12) is the voltage gain in-terms of the loaded O if the resistance of the diodes (and 
connected load) 1s part of the series matching network and the resistance of the antenna source 1s part 
of the parallel matching network as in Figure 5(a). If the resistance of the diodes 1s part of the parallel 
matching network, then Equation (13) may be written as the voltage gain in-terms of the loaded O in 
an L-matched circuit: 


4 l 
A (13) 
Equations (12) and (13) shows that the maximum voltage gain is directly related to the relative 
differences between the diodes (and connected load) resistance and source resistance at matched 
conditions or the circuit loaded quality factor. It is interesting to note that the circuit shown in Figure 5(a) 
has a loaded Q of 2, but an HSMS-286C unloaded quality factor of 50 (at 434 MHz for —30 dBm). 
Figure 5(a) is generally modeled as capacitive coupling of two series RLC resonators with a voltage 
source. This linearized model can be made at any defined frequency and power level. The model 
however neglects the metal/semiconductor physics of the diode’s junction potentials which results 
in a Schottky barrier. The first series RLC resonator is modeled as impedance from the antenna with 
or without some passive matching components. The voltage source Vs, is the antenna captured 
electromagnetic voltage. The second series RLC resonator is the impedance from the diodes (at a 
defined condition), connected resistance and some passive matching components. Ck is modeled as the 
coupling element between the two series RLC resonators. Figure 5(b) gives a more general look 
at the special scenario shown in Figure 5(a). The voltage equations in the two loops are given by 
Equations (14,15) according to Kirchhoff’s voltage loop laws, where w is the angular frequency and 
Iı, L are the currents in the first loop and second loop, respectively: 


V J J J 
V= dR RE OL A 
S | a T JØL] aC, L oC, (14) 
E E a A (15) 
OC y Chs Ck 


Using Cramers rule, / can be expressed as: 
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— IVs 
i = oC, 
a nn E de (rn Sl ni a (16) 
R, + joL, - —— => — | R, + joL, — S| ee 
oC, OC, OCos OC, OC; 
The voltage across Rz is Vz; given by LR;: 
IVs 
oC dl 
dl IT jio j l Si 
R, + joL, — —— - — | R, + joL, - — — | + => 
| de a wo , | Be OC ps a o Ci 
The voltage gain of the coupled resonator can be expressed as in Equation (18): 
B JR, 
V, OC y 
S J J J J l oe 
Ry JO, SS | KR OL, 2 pa 
oC, We, OC ps OC, o Cr 


At resonance, there is no resultant reactance in the RLC resonators or the capacitive and inductive 
impedances become equal; hence Equation (19) can be written: 


A E EA E ee ee = 0 (19) 
OCs Ge o Ese Ck 


Equations in Equation (19) can be used to find the resonant frequencies of the series coupled 
resonator. The voltage gain of the coupled resonator at resonance can then be expressed as in 
Equation (20): 


as JR, 
V, oC y 
V. R = (20) 
S R,R, + 20 


where Vain 18 the voltage gain. Veain at resonance is a function of the resistance of the source and load 
and the coupling element. The maximum of Equation (20) 1s obtained when: 


AV ii 
dy T ei) 
K 
This gives the results as in Equation (22): 
dV 2R R R 
gain J L . L 2 
== = AR E = 0 or R R; = —=— 
iC. o * sd == oC? ane = ya 12a) 
Equation (22) can be simplified to find Ckmax): 
] ] 
Crim = E (23) 
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where Ckmax 18 the value of the coupling element where maximum power transfer from the first 
resonator to the second resonator occurs. Using Equations (19) and (23) the unknown optimal 
matching impedances can be found from the known impedances just like the classical L-matched 
procedure using Equations (5,6) and (8). By substituting Ckímax) into Equation (20) and taking the 


magnitude of Vain, gives the maximum voltage gain of the coupled series resonator at resonance: 


a nl e LA 
ZAR EA EN (24) 


For wireless harvesters consisting of an antenna and a diode rectifying circuit, the diode resistive 


impedance at any condition is dependent on the diode realized parameters, signal frequency, connected 
load and the input power level. The source impedance is determined by the impedance of the antenna. 
For maximum efficiency, the ratio of the source resistance to the load resistance must tend to zero at 


matched conditions. The efficiency 7 of the circuit is given by Equation (25): 


A 


P R 
=) IM N (25) 


S L 
2.5.3. L-Match RF to DC Converter Experimental Results and Discussion 


The presented circuit was L-matched between the 50 Q resistance of the antenna source and the 
resistance of the HSMS-285C diodes (and load) at 434 MHz for —30 dBm input as shown in Figure 6. 
Since the series equivalent resistance of the HSMS-285C diodes and load (72 Q) is greater than the 
50 Q series resistive antenna source, the diode is taken as parallel matching network with a parallel 
equivalent impedance of —j510(3519)/(—j510 + 3519) Q. The analysis follows the same procedure as in 
Section 2.5.2 after this step. Figure 6(b) shows the resultant L-matched RF to DC power converter. 
Cpp* is the resultant shunt matching capacitance. 


Figure 6. (a) L-matched impedance circuit for matching the HSMS-285C diodes at 
434 MHz for —30 dBm input. (b) Resultant network, (c) PCB layout of the L-matched 
Delon doubler with adjusted values on FR4 substrate (d) Fabricated PCB of the L-network 
matched Delon voltage doubler. 
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Figure 6. Cont. 


PCB side 100 pF 
view 


(c) (d) 


Figure 6(a,b) assume perfect characteristic impedance between the various components in the 
matched circuit. When a copper route is introduced between components and on a material substrate, it 
must be accounted for in the total impedance as seen by the source or load. This PCB impedance 
compensation is carried out in Advance Design Systems (ADS) from Agilent [36]. ADS has extensive 
models for microstrip substrates to account for its impedances. The optimized layout using ADS 
microstrip models and its compensated values in the passive tuning components for a Delon doubler is 
shown in Figure 6(c). 

The circuit reflection coefficient (S11) and input impedance at open circuit are shown in Figure 7. 
There is high return loss and resonance around 434 MHz. The circuit input impedance at open circuit 
conditions is ~38 Q at resonance for —40 dBm and ~17 Q at —10 dBm input. 

The measured L-matched circuit efficiency and voltage sensitivity is shown in Figure 8. The 
maximum measured L-matched efficiency at -30 dBm is 22% at ~20 kQ load and an open circuit 
voltage of 124 mV. At —10 dBm, the maximum efficiency and open circuit voltage is 47% and 2 V 
respectively. At the optimal load of ~20 kQ, the detected voltage is 58 mV and 1 V at -30 dBm and 
—10 dBm respectively. 


Figure 7. Measured open circuit Sı; of the L-matched Delon circuit at different input 
power levels from a 50 Q source (left), measured open circuit input impedance at —10 dBm 
and —40 dBm of the L-matched circuit (right). 
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The open circuit voltage gain is 25 at —30 dBm and 40 at —10 dBm. The maximum measured 
efficiency at —35 dBm is 27%. This is higher than that of -30 dBm due to the better matched circuit 
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impedance at -35 dBm (35 Q) than at -30 dBm (27 Q) input. The L-matched RF to DC power 
converter has a loaded O, sensitivity and efficiency determined mainly by the diodes resistance, diodes 


junction potential, connected resistance and antenna source resistance at matched conditions. 


Figure 8. Measured L-matched circuit efficiency versus resistive load at various input 
power levels at 434 MHz (left), measured open circuit voltage and at 17 kQ load versus 
input power at 434 MHz (right). 
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2.5.4. Pl-match RF to DC Power Converter 


A highly selective or small frequency bandwidth RF power converter is realized with a PI-network 
in-between the source impedance from the antenna and the diode rectifier. A PI-network is a ‘back to 
back’ L-network that are both configured to match the load and source impedance to an invisible 
resistance located at the junction between the two L-networks [37]. The quality factor of the L-network 


with the parallel resistance is given by Equation (26): 


O, = o l, (26) 


where Rp is the parallel resistance, R* is a virtual resistance and Op* is the quality factor of the 
L-network with the parallel resistance. The quality factor of the L-network with the series resistance 1s 


given by Equation (27): 


Os = =l, (27) 


where Os* is the quality factor of the L-network with the series resistance. The unloaded quality factor; 
Os* or Op* 1s set higher than what is normally achieved with a single L-network [37] to realize the small 
frequency bandwidth circuit. The resistance of the load is assigned the parallel network in a PI-matched 
circuit if its series equivalent resistance is higher than the source series equivalent resistance; the 
opposite is true if the source is higher than the load. Equation (26) and Equation (27) are synonymous 
to Equation (8), except the lowest resistive impedance in Equation (8) is substituted with the virtual 
resistance which is dependent on the newly desired circuit selectivity. From Equations (26) and (27) the 
loaded quality factor of the PI-matched circuit can be written as Equation (34) in terms of Os* and Op*: 
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Q = ESO] 28) 


where O is the loaded quality factor of the PI-network. Os* or Op* are the unloaded quality factors of 
the PI-matched network. The larger value among the unloaded quality factors result in small frequency 
bandwidth response which 1s desired when matching a source and load impedance with a PI-network. 
Some authors approximate the highest value of Os* or Op* or their algebraic sum as the loaded quality 
factor of the PI-network as in [35] and [37], but Equation (28) gives the exact loaded O of the 
PI-matched circuit in terms Os* and Op*. This allows for the correct estimation of the maximum 
voltage gain from the loaded quality factor. 


2.5.5. Selectivity RF to DC Converter Generalized Analytical Model 


An example of a PI-matched RF to DC converter using the HSMS-285C diodes operating at 
434 MHz for —30 dBm input is presented first and then the generalized model is discussed. The circuit 
is matched for Op* of 60 between the antenna and the resistance of the diodes as shown in Figure 9. 


Figure 9. Impedance diagram of PI-matched RF power converter; (a) Impedance diagram 
of 50 Q source and the HSMS-285C diodes at 434 MHz, (b) Resultant PI matched network 


between the antenna source and load resistance. 
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Figure 9(b) can also be modeled as an inductive coupling of two parallel RC circuits. A more 
general look at such a circuit is shown in Figure 10, as an inductive coupling of two parallel RLC 
resonators with a current source. 


Figure 10. Inductive coupled parallel RLC small signal model of a generalized PI-matched 
antenna and diode rectifier. 
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The first parallel RLC resonator 1s modeled as impedance from the antenna and some passive 
matching components. The second parallel RLC resonator is modeled as impedance from the 
linearized diodes, its connected load and some passive matching components. / is the antenna 
induced current, Vs this time is the voltage across the parallel R4 and K; is the coupling element 
between the two parallel resonators. Using Kirchoff’s current laws, the node equations can be 
expressed as Equations (29) and (30): 


SV NS JOC pS eS 
Jz ql OL 4 ra OK, (29) 
IVs l J J 
0 = Va OC m E e 
OK, E a OL 1 a (70) 


Load voltage (Vz) and the source voltage (Vs) at resonance are given by the equations in 
Equation (31). The resonance frequencies are given by Equation (32): 


=l ES 
oK R 

V= l and V, = ———*—_ 

i ] : l ] (31) 
R,R, OK R,R, OK 
1 | 1 l 1 (1 l 
oC, — — 4 — + — > = O and @C,, ==s—= +F—>=0 
o iz ral 2 o it, H (32) 


From Vz and Vs in Equation (31), the voltage gain at resonance can be expressed as: 


Y, = R; 
E JOK, 63) 
The maximum of Equation (33) 1s obtained when: 


Since jæK; is restricted by the conditions in Equation (32) to attain resonance, one cannot 
manipulate ¡wK; alone without changing the resonance conditions. What can drive the voltage gain 1s 
if Rz is very large at resonance conditions. If the input impedance (VsI) of the coupled resonator is 


maximum at resonance, conditions in Equation (35) hold: 


Vs j 7 0 
ES —> Maximum wnen oK? —> (35) 


1 


Equation (36) may be assumed when Ses — 0: 


=k, (36) 


Under these conditions and an optimal coupling coefficient Kimax, the maximum voltage gain of the 
parallel coupled resonator can be written as in Equation (37), where K ¡max 18 given by Equation (38): 
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The analysis of Section 2.5.2 and parallel coupled RLC resonators show that any antenna and 
matched rectifying diode can be described as an equivalent circuit of a coupled resonator at a defined 
operating point. This general model can be applied to optimize other harvesters with complex output 
impedance such as piezo-harvesters or vibration harvesters for maximum transfer of power or voltage 
to its connected load. The model can also be applied to near field magnetically coupled antennas/coils 


for optimization. 
2.5.6. Broadband RF to DC power converter 


A broadband network is preferred when an RF to DC power converter is to be operated for a wide 
range of frequencies. A broadband converter is realized by connecting successive L-networks together 
in a multi-network between the antenna source and the rectifying diodes. The result 1s broadband or 
multiband RF power converter around certain frequencies. This can be deduced from the general 
model of a coupled resonators that by choosing certain passive components between a source and the 
load, it is possible to have more frequencies (œ) fulfilling Equation (32) and hence a result of multiple 
resonant frequencies or broader bandwidth at match conditions. For a two stage L-connected match, 
the quality factor of the L-network with the parallel resistance is given by Equation (39): 


QO, = Aa. (39) 


Os = =l (40) 


From Equations (39) and (40) the loaded quality factor of the two stage L-connected broadband 
network may be written as Equation (41) in terms of the unloaded quality factors; Os* and Op*: 


Q = (OQ, +D05 +1) -1 (41) 


R* in this case may be chosen if it is larger than Rs and lower than the Rp. The highest possible 
bandwidth between a resistive source and resistive load is found for a virtual resistance (R*) given in 
Equation (42) [37]: 


R Sal RR; (42) 
For complex loads such as rectifying diodes or transistors, the largest achievable bandwidth 


prescribed by Equation (42) is limited by the load or source component quality factor, since Equation (42) 
does not take into account reactive impedance associated with the source or load. 
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2.5.7. Broadband-Match RF to DC Converter Results and Discussion 


The antenna source resistance was broadband matched to the HSMS-285C diodes (and load) 
resistance at —30 dBm input around 434 MHz. For a desired Op* and Os* of 2.7 there is ~0.4 pF 
inherent diode capacitance which is un-tuned using a two stage L-matching network [Figure 11(b)]. 
This is because the HSMS-285C diodes provides an inherent component quality factor of 6.96 at 
434 MHz for —30 dBm input, hence a broadband circuit with Op* lower than this inherent component 
quality factor of the diodes (and load) 1s difficult to achieve without trade-offs. However, connected 
L-networks with Op* as high as the diode component quality factor may perform worse than a single 
L-matched network with similar loaded quality factor. This is due to redundant components of the 


connected L-networks which have inherent losses. 


Figure 11. Impedance diagram of broadband RF power converter; (a) Broadband match 
around 434 MHz with loaded Q of 2.7, (b) Resultant impedance matching network with 


un-turned capacitance of 0.4 pF. 
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Figure 12. Measured open circuit S;; of the broadband circuit around 434 MHz at different 
input power levels from a 50 Q source (left), measured open circuit input impedance at 
—10 dBm and —40 dBm of the broadband circuit (right). 
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Therefore the broadband circuit is matched for Op* of 2.7, notwithstanding the un-tuned shunt 
capacitance as can be seen in Figure 11(b). Figure 12 shows the circuit S¡¡ at various input power 
levels and input impedance at open circuit conditions. From Figure 12 (left) there is ~—5 dB return loss 
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from 200 MHz to 500 MHz providing an operating band of ~300 MHz. The impedance of the circuit 
shows resonances at ~290 MHz and -450 MHz as shown in Figure 12(right). A third resonance occurs 
around 356 MHz at —10 dBm as the frequency of highest harvester input resistance (~350 Q) and 
where the reactive impedances approach their extremes. Figure 12 show that a wireless EM harvester 
can exhibit different resonance scenarios depending on the dominant instantaneous conditions. The 
efficiency and voltage sensitivity of the broadband matched wireless EM harvester are shown in 
Figure 13. The average open circuit voltage is 47 mV and 1.1 V at -30 dBm and —10 dBm, 
respectively, when operating from 200 MHz to 500 MHz. 


Figure 13. Measured open circuit voltage versus frequency sweep from 200 MHz to 
500 MHz for -10 dBm and —30 dBm (left), measured efficiency at 17 KQ load versus 
frequency sweep for —10 dBm and —30 dBm (right). 
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The broadband circuit achieves average efficiency of 5% at 17 kQ load for —30 dBm and 30% at 
17 kQ load for —10 dBm input power from 200 MHz to 500 MHz. Figure 13 further confirm a direct 
link between frequency response and the unloaded quality factors. For Qs* and Qp* of ~2.7, the circuit 
response is broadband around 434 MHz. 


2.6. High Voltage Sensitive RF to DC Converter 


The current state of the art low power remote sensors would require a DC voltage supply of about 
1 V and DC current of about 30 uA for operation. Therefore, the issue is not only how efficient a 
wireless EM harvester is in converting RF to DC power, but also what the output DC voltage and 
current of the EM harvester are at the RF input power level [38]. Equations (11,24) and (33) show that 
the maximum voltage sensitivity of a coupled resonator system or an RF to DC power converter is 
mostly related to the load and the source resistances at resonance. Therefore high voltage sensitive 
wireless EM harvester can be achieved with a diode voltage doubler with a very high input resistance 
relative to the antenna source without the need to cascade the diodes as in voltage multipliers. If the 
diodes been used for the RF to DC power conversion cannot provide high resistive impedance at the 
working frequency relative to the antenna source, then a DC-DC converter can be applied after the EM 
harvester as presented in [39] or the diodes may be cascaded by way of multipliers as presented in our 
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earlier work [40] and by several other authors [3,5,14]. In case of multipliers, the input voltage ought 
to be high enough to overcome the junction potential of the several diodes in the multiplier network. If 
frequency is not a constraint, then a frequency sweep versus impedance for the diodes can be made and 
the frequency where the diodes exhibits high resistive impedance can be used to realize high voltage 
sensitive wireless RF harvester. For Schottky diodes, high resistive impedance occurs mostly at lower 
frequencies (see Figure 3). The measured voltage gain of a high resistive diode pair (voltage doubler) 
is presented in the next results. 


2.6.1. High Voltage Sensitive RF to DC Converter Results and Discussion 


The presented result was L-matched using 50 Q resistance of the antenna source and the resistance 
of the HSMS-286C diodes (and load). The HSMS-286C diodes do provide high resistive impedance at 
low frequencies; notwithstanding the flicker noise which causes its resistive (and reactive) impedance 
to fluctuate. The HSMS-286C has low forward junction potential (~350 mV at 1 mA) per diode and 
series impedance of -1.538.1 kQ or parallel impedance of ~—/8.3(46.3)/(-j8.3 + 46.3) kQ at 
13.6 MHz for -30 dBm input. Even though the HSMS-286C diodes unloaded component quality 
factor at 13.6 MHz is similar to that of the HSMS-285C diodes at 434 MHz, the elevated resistive 
impedance at 13.6 MHz fulfills the condition for high voltage sensitivity relative to a 50 Q antenna 


source at resonance conditions. 


Figure 14. (a) L-matched impedance diagram for matching the HSMS-286C diodes at 
13.6 MHz at -30 dBm input. (b) Resultant network, (c) PCB layout of the L-matched 
Greinacher doubler with adjusted values due to impedances provided by copper route on 
FR4 substrate with thickness of 1 mm. (d) Fabricated PCB of the L-matched RF to DC 
power converter. 
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The high voltage sensitive EM harvester operating at 13.6 MHz is as shown in Figure 14. On the 
realized PCB 1s a Greinacher doubler. An inductance of 15 uH and a shunt capacitance of 5.6 pF were 
the adjusted values after the microstrip contributions. 
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The measured S;; and input impedance at open circuit are shown in Figure 15. There is high return 
loss and resonance around 13.6 MHz. The circuit input impedance at open circuit conditions is 58 Q at 
resonance for both —40 dBm and —10 dBm. 


Figure 15. Measured open circuit S;; of the L-matched HSMS-286C diodes at 13.6 MHz 
for different input power levels from a 50 Q source (left), measured open circuit input 
impedance at —10 dBm and —40 dBm of the L-matched HSMS-286C diode at 13.6 MHz 
(right). 
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The efficiency and voltage sensitivity of the high voltage sensitive wireless EM harvester are shown 
in Figure 16. 


Figure 16. Measured circuit efficiency versus load at various input power levels at 
13.6 MHz (left), measured open circuit voltage and at 200 kQ load versus input power at 
13.6 MHz (right). 
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The maximum measured efficiency at —30 dBm is 20% for ~200 kQ load and an open circuit 
voltage of 0.5 V. At —10 dBm, the maximum efficiency and open circuit voltage are 54% and 5.4 V 
respectively. At the optimal load of ~200 KQ, the detected voltage is 0.2 V and 2.9 V at —30 dBm and 
—10 dBm respectively. The open circuit voltage gain is 100 at —30 dBm and 108 at —10 dBm. 
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Even though the RF to DC converter presented in Section 2.5.3 1s the same as the L-match circuit 
realized with the HMSM-286C diodes at 13.6 MHz, the voltage gain is increased by a factor of 4 due 
to the large difference between the diodes (and load) resistance and source resistance so that at 
matched conditions high voltage gain occurs. The loaded O of the L-matched circuit is 30 which 
results in small frequency bandwidth just like a Pl-matched diode rectifier presented in our earlier 
work [40]. From this result and the results from our earlier presented PI-matched EM harvester, it can 
be inferred that all high loaded O RF to DC circuits have high selectivity but not all highly selective 
RF to DC circuits have high loaded O. The voltage sensitivity of the matched HSMS-286C diode at 
13.6 MHz can be improved if its resistive impedance is not lowered by the flicker noise. 


3. Wireless EM Power Harvester 


A wireless EM harvester, consisting of a rectifying antenna (rectenna) was designed to find a 


compromise between size and performance of its antenna. The rectenna 1s shown in Figure 17. 


Figure 17. Rectenna realized on a Duroid 5880, 1.57 mm substrate. (a) Backside of the 
rectenna, (b) cross-section of antenna output coplanar stripline dimensions (c) frontside of 
the rectenna. 
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The antenna (planar) part of the rectenna is based on our earlier work [41]. In contrast to the earlier 
presented antenna, this rectenna is realized on a Duroid [42] substrate of thickness 1.57 mm. Duroid 
5880 has lower loss tangent of 0.0004 at 1 MHz compared to 0.025 at 1 MHz for FR4. This means 
there is less loss in the transmission of signals on a Duroid PCB at this frequency range. The antenna 
part is fabricated to resonate around 434 MHz; hence its dimensions of 5 x 5.2 cm make it electrically 
small. The antenna is tuned with a chip inductor and a capacitor to achieve the resonance frequency 
around 434 MHz [Figure 17(c)]. This is done at a cost of reduced antenna radiation efficiency. An 
antenna is one of the few components the size of which is related to the operating frequency. Thus, if 
the size of an antenna is fixed, resonance frequency reduction of the antenna can only be achieved with 
penalty factors [10]. The antenna’s output impedance is tuned with the dimensions of the coplanar 
stripline as shown in Figure 17(b). 
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HFSS [43] was used to simulate the presented antenna and to find the correct capacitive and 
inductive components for frequency tuning before the optimized design was fabricated. The simulated 
antenna resonances occur at 438 MHz and 445 MHz. At these frequencies, the radiation efficiency 1s 
20% and a peak gain of —6 dBi. The rectifying part of the rectenna consists of L-matched HSMS-285C 
diodes (Figure 17(c)). The L-matched HSMS-285C part of the rectenna can be engineered to be as 
small as possible if required. The separate parts of the rectenna were characterized by terminating their 
ends and measuring the individual reflection coefficients just like the power converters presented in 
Section 2. Figure 18 shows the measured antenna and matched rectifier individual Sı; and impedance. 
Figure 18 (left) also show the HFSS simulated S¡¡ results. From Figure 18 (right), the measured 
antenna resonance where the input impedance is at maximum is ~434 MHz. At ~434 MHz, 
the antenna input resistance is 376 Q and the reactive impedances approach their extreme (so called 
anti-resonance). The other resonance occurs when the input resistance is ‘finite’ and the reactive 
impedance is zero; at -441 MHz. The input resistance 1s 57 Q at ~441 MHz. The rectifier circuit 1s 


matched for the antenna’s resistance at ~441 MHz. 


Figure 18. Antenna HFSS simulated, antenna measured, and measured L-matched diode 
rectifier S;; on a Duroid 5880 PCB for —30 dBm input (left), Measured open circuit input 
impedance of antenna and rectifier at -30 dBm input (right). 
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3.1. EM Range Results and Discussion 


At far field between wireless EM transmitting and receiving antenna, the coupling mechanism 
between the transmitting and receiving antenna is neither capacitive nor inductive as is the case for the 
RF to DC converters. The coupling is radiative which can be described by the Friis equation of 
transmission on the assumption that the transmitting and receiving antenna are in free space [44]. 
A modified Friis equation for a transmitting and receiving antenna at far-field (R >> A and 
R >> transmitting antenna largest dimension) to each other at a specified direction is given by 
Equation (43) [45]. Equation (43) assumes real world open space conditions: 


P, A Y 
Pp = FG Ga > (43) 
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where Pr is the power at the receiving antenna port, Pt is the power supplied at the transmitting 
antenna port, Pen, 18 a factor accounting for environmental effects as such ground reflections among 
others, Gt and Gr are the transmitting and receiving antenna gain (at specified direction) respectively. 
R is the distance between the transmitting and receiving antenna and / is the wavelength of the 
transmitting EM wave. The rectenna receiving range measurements were carried out in an open space 
(hall) with the antennas 2 m above ground level. The transmitting and receiving antennas were 
arranged in the direction of their peak gain. The rectenna range performance is shown in Figure 19. 
According to Equation (43), the efficiency of RF power transferred between a sending and receiving 
antenna depends on controllable factors like the gain of the antennas in the arranged direction and the 
radiation efficiency of the antennas. Since the receiving/transmitting antenna’s incorporated in remote 
harvesters for sensor powering are normally small in relation to their operating frequencies, they tend 
to be less efficient. 


Figure 19. Rectenna receiving range performance by sending 17 dBm (50 mW) at a gain 
of —6 dBi at 437 MHz. Output DC voltage versus receiving distance for different loads 
(left), loads output power versus receiving distance (right). 
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The efficiency of the rectenna’s antenna is ~20% at resonance. A ‘perfectly? matched RF to DC 
power converter operating in its square law region has efficiencies in the region of 20% as depicted in 
Section 2. The transmitting antenna was the same as the antenna incorporated in the rectenna. By 
transmitting the EM power with a small antenna (5 cm x 5.2 cm) at 437 MHz with efficiency of ~20% 
and at a gain of —6 dBi, the power delivered by the rectenna is generally low at far-field from the 
transmitter as can be seen in Figure 19. A mediocre transmitting antenna was used to transmit the EM 
waves due to limitations in the European Union about transmitting EM power at certain frequencies; so 
the goal in the rectenna range experiment is to show the lowest limit functionality of such a harvester. 
At 4.2 m from the electrically small transmitting antenna transmitting at 17 dBm, the rectenna 
harvested DC voltage and power are 9 mV and 5 nW respectively for 10 kQ load. It can be seen from 
Figure 19 that the harvested voltage/power generally degrades as an inverse square of distance from 
transmitter as described by Friis equation. The measured received power however alternate along this 
R” fit as shown in Figure 19. This anomaly is accounted for by Feny [Equation (43)] as influence of 
ground reflections and polarization in real world open field measurements [45]. For any particular 
distance R, the signals reflected from ground can be constructive with the direct signal to the rectenna, 
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in which case the measured power may be higher than that predicted by the original Friss equation as 
in [44]. The ground effect can also be destructive, in which case the measured power will be lower 
than what 1s predicted by the original Friis equation. 


4. Conclusions 


Optimization of Schottky diode-based RF to DC power converters using different matching 
techniques for wireless EM energy harvesting applications is presented. Using scattering parameters 
for small signal modeling, it 1s shown that wireless EM harvesters can be generally described as 
coupled resonators with efficiencies and maximum voltage sensitivity depending mostly on the source 
and load resistances under matched conditions. The analytical models allow systematic control in the 
design of passive wireless EM harvesters. Based on these analyses, a rectenna is built and tested for 
lower limit functionality from harvesting ambient EM waves. The analysis presented in this work may 
also be applied to optimize derivatives of wireless EM harvesters like RFID tags, NFC, wireless 
chargers etc., for efficient powering of their sensors or integrated circuits. Generally, most energy 
harvesters and their matched loads can be described as coupled resonators and thus may be optimized 
with the methods presented in this work. 
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Appendix A: Measuring Setup for RF Rectifier Efficiency and Voltage Sensitivity 


The measuring setup is as shown in Figure Al. 


Figure Al. RF to DC Power converter characterization setup. 
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RF to DC circuit 


The RF to DC circuit efficiency and voltage sensitivity measurements were made with a Keithley 
2400 source meter and Keithley 6514 system electrometer with an Agilent E4432B signal generator 
providing 50 Q RF signal into the circuit board. 

The closed circuit current drawn by the RF to DC power converter (without load) from the 
generator is first determined by the Keithley 2400 source meter; then starting from this current, the 
value of the current is decreased at set intervals to creates virtual load resistances to the circuit for up 
to a lowest current of 0.1 uA. The 6514 system electrometer is used to measure the output voltage. The 
number of data point is set through LabView [46] as well as the measurements. Additionally open 
circuit voltage or at specific loads and frequency sweep can be made through the LabView program. 
At —40 dBm input power and below, the detected voltages and currents were difficult to measure 
accurately with the measuring setup; hence measurements were made up to a minimum of -35 dBm 
input power. The circuit layout for the efficiency and voltage sensitivity measurements is 
schematically shown in Figure A2. 
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Figure A2. RF to DC power converter characterization circuit. 
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Recovering the position in the cycle of the sinusoidal wave 
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SAYING GOODBYE TO BATTERIES 


Of conventional batteries we only have kept the shapes 


An electromagnetic field uses the photon as an elementary particle to transmit force. It combines: 


- A magnetic field force resulting from the movement of loads uT. 
- An electric field force created by the attraction of repulsion loads, measured in volts per meter - V/m. 


With an energy determined according to the speed of light, the RF are by far the best medium to transmit any 
kind of information. 


The multiplication of wireless communications systems in our environment ensures sufficient microwave 
leakages to harvest from the ambiant and enough energy to convert into DC electricity. Electromagnetic fields are 
everywhere and since they carry energy, they became the best candidate to deliver an endless source of 
renewable energy. 


B is the magnetic induction expressed in T refered to Nikola Tesla, "Father of Free Energy", which is at the 
origin of the electromagnetism. 


Using meta-materials combined with nanotechnology has deeply increased the performance and 


miniaturization of rectennas embedded in K3OPS system. Our products operate autonomously, offering 
an endless supply of green energy in a respectful and environment-friendly approach. 
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principles and beautiful sentences. At that point in time | would have simply been Xin, a child like any other... 


But one day | dreamed. | woke up far away, somewhere else, in another past. | decided to change my destiny and even if | 
was supposed to become a mathematician, | eventually decided to create, because already as a child my heart was 
chasing the stars. 


Of the hundreds of directions shown to me after graduating, only one captured my attention: a single goal... Build the 
impossible for a safer world. So, over the past 3 years, our real challenge to overcome for all RF Energy Harvesting 
technics was to optimize electricity conversion. The massive proliferation of wireless telecommunication systems since the 
past two decades brought a saturation of the electromagnetic fields with a constant growth of 15% every year in our 
environments. As a result, this situation reversed the base problem that makes today Harvesting RF Energy a game 
changer. The key was the Power Management System. 


We are far beyond the conversion constraint and performance by controlling "RF-interferences", by harvesting different 
frequencies , by using Metamaterials combined with nanotechnologies. We dramatically have improved 


power conversion efficiency and reduced the size of our Energy Harvesting systems embedded in all K3OPS’ products. 


Thanks to Nikola Tesla, my inspiring mentor, K30PS' products have reached by far their objectives in terms of converting 


and performance, offering an endless efficient source of green energy, reliable in an environmentally friendly approach. 


Xin WEI Co-Founder of K3OPS technology with Alexandre Despallieres 
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Low Pass Filter g Matchingnetwork gy Rectifier > DC Output 


The Rectenna was invented in 1964 by William C. Brown, patented in 1969. It is a rectifying antenna used to 
convert microwave energy into DC. A simple Rectenna consists of a dipole antenna with an RF diode connected 
across the dipole elements. The diode rectifies the AC current induced in the antenna to produce DC power. 


K3OPS Copyright © 2018 Alexandre Despallieres and Xin Wei - All rights reserved. 
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Crystal Detectors to Point Contact and Layered Signal Diodes in Electronics 
OddMix.com - Technical Note - Crystal Radio - TN080417 - Karl Nagy 


Many of the younger generation never had the pleasure to have, or to even see a real 
beautiful crystal detector as shown on Picture 1. A detector like that was the product of the 
early 1920's, and 1t was an expensive, quality, well made product. They were usually hands 
assembled with machine made components. 


2 RE torres ‘ = z = 7 This particular "Ernest Roger" detector device is built on an insulated base, either wood or 
; E ROGER “ee - > most likely of Bakelite, the most widely used and only available plastic material at the times. 
OddMix.com Many of the younger generation never had the pleasure to have, or to even see a real beautiful 
crystal detector as shown on Picture 1. The new generations are much too involved with 
technology and playing on their computers or going to an online University. This excellent 
detector holder used copper, brass and bronze generously for the crystal holder and for all of 


Picture 1. "Ernest Roger" Crystal 
detector from 1920 


the electrodes. 


The most often used crystal in this and similar detectors - then and now - was pyrite or galena as shown in the 1925 listing in a table in the 
"American Mineralogist" publication, that has a listing of thirty three minerals catalogued with rectifying detector properties. 


Among the very first commercially produced diodes is the 1N21B shown on Picture 
2. It is more than curious, that this "diode" is enclosed in a case on which there is a 
slotted screw-head is just visible on the wide side (lower right). That screw is 
connected to a fine "cats whisker" steel wire, a few turns of a spring-like device, 
terminating in a point that is in touch of the germanium semiconductor material 
connected to the top left diode terminal. 


The arrangement is much smaller, and more diode like, then the detector on Picture 1., 
but it made in a very similar arrangement, which has became known as the point 
contact diode. From these and similar germanium diodes, evolutionary progress leads 
us to current PN junction Silicon, Gallium Arsenide or other more exotic 
semiconductor materials which are the achievement of the latest scientific age and 
many years of steady experimentation, research and development. 


OddMix.com 


Picture 2. Early point contact diode with 
adjustable srew 


DOPED RE GID 


Picture 3 shows the cross section of a 
hermetically glass enclosed, point contact diode. If the left side, point contact terminal would 
be attached to a screw and a short spring, and the glass envelope would have a threaded metal 
part in it, the Picture 2 and Picture 3 devices would be nearly identical. 


CONTACT WIRE 


These point contact "cat's whisker" devices, are still made occasionally because of their very 

i small capacitance. As it was discovered early on, they are highly useful in high frequency 
OddMix.com| electronics. All the way up to microwave frequencies they useable. The simplest radar 
detectors usually made with a simple horn antenna, a diode similar to Picture 2 and Picture 
3 and a transistor amplifier. If the designer keeps it simple, and don't use a local oscillator, 
such radar detectors are not even detectable by the police. 


Picture 3. Point contact diode 
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MULTIPLE ANTENNA ENERGY HARVESTING 


CROSS-REFERENCE TO RELATED 
APPLICATION 


[0001] This application claims the benefit of U.S. Provi- 
sional Application No. 60/756,309, entitled “Multiple 
Antenna Energy Harvesting,” which was filed on Jan. 5, 
2006, the disclosure of which is incorporated herein by 
reference. 


FIELD OF THE INVENTION 


[0002] The present invention relates to energy harvesting 
circuits for harvesting RF energy transmitted through the air 
and converting it to DC energy for powering electronic 
devices such as an RFID tag or transponder. 


BACKGROUND OF THE INVENTION 


[0003] The harvesting of RF energy transmitted through 
the air for use in powering electronic devices is extremely 
important in a number of fields, such as radio frequency 
identification (RFID) systems, security monitoring and 
remote sensing, among others. For example, RFID systems 
consist of a number of radio frequency tags or transponders 
(RFID tags) and one or more radio frequency readers or 
interrogators (RFID readers). The RFID tags typically 
include an integrated circuit (IC) chip, such as a comple- 
mentary metal oxide semiconductor (CMOS) chip, and an 
antenna connected thereto for allowing the RFID tag to 
communicate with an RFID reader over an air interface by 
way of RF signals. In a typical RFID system, one or more 
RFID readers query the RFID tags for information stored on 
them, which can be, for example, identification numbers, 
user written data, or sensed data. 


[0004] RFID tags can generally be categorized as either 
passive tags or active tags. Passive RFID tags do not have 
an internal power supply. Instead, the electrical current 
induced in the antenna of a passive RFID tag by the 
incoming RF signal from the RFID reader provides enough 
power for the IC chip or chips in the tag to power up and 
transmit a response. One passive tag technology, known as 
backscatter technology, generates signals by backscattering 
the carrier signal sent from the RFID reader. In another 
technology, described in U.S. Pat. Nos. 6,289,237 and 
6,615,074, RF energy from the RFID reader is converted to 
a DC voltage by an antenna/matching circuit/charge pump 
combination. The DC voltage is then used to power a 
processor/transmitter/antenna combination that transmits 
information to the RFID reader at, for example, a different 
frequency. In either case, the area of the tag or silicon die is 
valuable, and therefore it is advantageous to make the most 
efficient use of the space thereon. In addition, it is known 
that multiple antennas can be used to generate a DC voltage 
from an RF signal. For example, U.S. Pat. No. 6,734,797 
describes a tag that uses two dipole antennas where the 
greater of the energies produced from the two antennas is the 
one that is selected and used. This, however, is not the most 
efficient use of tag space since the energy for the “loser” 
antenna is not used. Thus, there is a need for an energy 
harvesting circuit that is able to employ multiple antennas to 
optimize the amount of energy that is harvested while at the 
same time making efficient use of tag space. 


SUMMARY OF THE INVENTION 


[0005] In one embodiment, an energy harvesting circuit, 
and associated method, is provided that includes a plurality 
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of antennas, wherein each of the antennas is tuned to the 
same particular RF frequency range. Each of the antennas is 
structured to receive an RF signal having the same particular 
RF frequency and output a respective AC signal. The circuit 
also includes a plurality of matching networks, wherein each 
of the matching networks is operatively coupled to a respec- 
tive one of the antennas and is structured to receive the AC 
signal output by the respective one of the antennas. The 
circuit further includes a plurality of voltage boosting and 
rectifying circuits, wherein each of the voltage boosting and 
rectifying circuits is operatively coupled to a respective one 
of the matching networks and is structured to receive the AC 
signal received by the respective one of the matching 
networks and output a DC voltage signal by converting the 
received AC signal into the DC voltage signal. In addition, 
the DC voltage signals output by the voltage boosting and 
rectifying circuits are summed together to create a combined 
DC voltage signal, and the impedance of each of the 
matching networks is chosen in a manner so as to maximize 
the voltage level of the DC voltage signal that is output by 
the associated voltage boosting and rectifying circuit. 


[0006] In another embodiment, an energy harvesting cir- 
cuit, and associated method, is provided that includes a 
plurality of antennas provided in an antenna plane, wherein 
each of the antennas is tuned the same particular RF fre- 
quency range. Each of the antennas is structured to receive 
an RF signal having the same particular RF frequency range 
and output a respective AC signal. The circuit also includes 
a plurality of matching networks, wherein each of the 
matching networks is operatively coupled to a respective 
one of the antennas and is structured to receive the AC signal 
output by the respective one of the antennas. The circuit 
further includes a plurality of voltage boosting and rectify- 
ing circuits, wherein each of the voltage boosting and 
rectifying circuits is operatively coupled to a respective one 
of the matching networks and is structured to receive the AC 
signal received by the respective one of the matching 
networks and output a DC voltage signal by converting the 
received AC signal into the DC voltage signal. In addition, 
the DC voltage signals output by the voltage boosting and 
rectifying circuits are summed together to create a combined 
DC voltage signal, and the impedance of each of the 
matching networks is chosen so as to cause a voltage level 
of the combined DC voltage signal to have a minimum 
deviation as a function of angle of rotation as the antenna 
plane is rotated about a first axis. Alternatively, the imped- 
ance of each of the matching networks may be chosen so as 
to cause a voltage level of the combined DC voltage signal 
to have at least a predetermined minimum value as the 
antenna plane is rotated about a first axis. As still a further 
alternative, the impedance of each of the matching networks 
may be chosen by: (1) incrementally rotating the antenna 
plane through a plurality of angle increments about a first 
axis, (11) trying a plurality of different inductance and 
capacitance value combinations for each LC tank circuit of 
each of the matching networks at each of the angle incre- 
ments, (111) measuring the combined DC voltage signal for 
each of the inductance and capacitance value combinations 
at each of the angle increments, (iv) determining which one 
of the inductance and capacitance value combinations pro- 
duces a maximum voltage level for the measured combined 
DC voltage signals at any one of the angle increments; (v) 
choosing for each the LC tank circuit the one of the 
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inductance and capacitance value combinations that pro- 
duces the maximum voltage level. 


[0007] In yet another embodiment, an energy harvesting 
circuit, and associated method, is provided that includes a 
plurality of antennas, wherein each of the antennas is tuned 
to the same particular RF frequency range, and wherein each 
of the antennas is structured to receive an RF signal having 
the particular RF frequency range and output a respective 
AC signal. The circuit further includes phase shifting and 
rectifying circuitry operatively coupled to the antennas. The 
phase shifting and rectifying circuitry is structured to: (1) 
receive each respective AC signal, (11) create a plurality of 
out of phase AC signals by causing each respective AC 
signal to be out of phase with one another, and (111) convert 
each of the out of phase AC signals into a respective DC 
voltage signal. The DC voltage signals are then summed 
together to create a combined DC voltage signal. 


[0008] Therefore, it should now be apparent that the 
invention substantially achieves all the above aspects and 
advantages. Additional aspects and advantages of the inven- 
tion will be set forth in the description that follows, and in 
part will be obvious from the description, or may be learned 
by practice of the invention. Moreover, the aspects and 
advantages of the invention may be realized and obtained by 
means of the instrumentalities and combinations particularly 
pointed out in the appended claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0009] The accompanying drawings illustrate presently 
preferred embodiments of the invention, and together with 
the general description given above and the detailed descrip- 
tion given below, serve to explain the principles of the 
invention. As shown throughout the drawings, like reference 
numerals designate like or corresponding parts. 


[0010] FIG. 1 is a block diagram of one embodiment of an 
energy harvesting circuit according to the present invention; 


[0011] FIG. 2 is a schematic illustration of an embodiment 
of a square spiral antenna that may be used in the energy 
harvesting circuits described herein; 


[0012] FIG. 3 is a schematic illustration of an embodiment 
of an antenna layout that may be used in the energy 
harvesting circuits described herein; 


[0013] FIG. 4 is a Smith chart that may be employed to 
choose the matching networks as described herein; 


[0014] FIG. 5 is a schematic illustration of an energy 
harvesting circuit as described herein positioned within the 
range of a suitable RF source; 


[0015] FIG. 6 is a block diagram of an energy harvesting 
circuit according to alternative embodiment of the invention 
in which a phase shift is introduced into each of the received 
RF signals; and 


[0016] FIGS. 7, 8 and 9 are schematic illustrations of three 
particular embodiments of the energy harvesting circuit 
shown in FIG. 6. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENTS 


[0017] FIG. 1 is a block diagram of one embodiment of an 
energy harvesting circuit 5 according to the present inven- 
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tion. The energy harvesting circuit 5 may, for example, form 
part of an RF transponder, such as an RFID tag, for provid- 
ing power thereto or form part of some other type of remote 
station for energizing a power storage device thereof or 
some other object of interest. The energy harvesting circuit 
5 includes a plurality of antennas 10A-10D, each of which 
is tuned to the same particular RF frequency range. As used 
herein, the term “RF frequency range” shall refer to a single 
RF frequency or a band of RF frequencies. As is known, 
each antenna 10A-10D may have a tank circuit (not shown) 
that includes an inductor and a capacitor, wherein the 
inductance and capacitance values are chosen to tune the 
antenna 10A-10D to the desired RF frequency range, 1.e., the 
same particular RF frequency or band of RF frequencies. In 
this embodiment, each tank circuit is fixed (1.e., fixed 
inductor and capacitor) so that the antenna 10A, 10B, 10C, 
10D is fixedly tuned to the RF frequency range of interest. 


[0018] While four antennas 10A-10D are shown in FIG. 1, 
it should be understood that that is meant to be exemplary 
only, and that the plurality of antennas may include less than 
or more than four antennas (with each such antenna being 
operatively coupled to respective accompanying circuitry as 
described below). Furthermore, each antenna 10A, 10B, 
10C, 10D may be, for example, a square spiral antenna 35 
having the form shown in FIG. 2, with the innermost end 40 
being open and the outermost end 45 being connected to a 
matching network (matching network 15A, 15B, 15C, 15D 
shown in FIG. 1) as described below. In this manner, the 
square spiral antenna 35 may be viewed as an asymmetric 
dipole, and thus the square spiral antenna 35 does not need 
a ground plane. Preferably, the length of the outermost 
segment 50 of the square spiral antenna 35 is about equal to 
a quarter of the wavelength of the particular RF frequency 
or center frequency of the band of RF frequencies to which 
it is tuned as described herein, and the total length of the 
square spiral antenna 35 (three segments) is about equal to 
one half of that wavelength. 


[0019] FIG. 3 is a schematic illustration of one particular 
antenna layout that may be used in the energy harvesting 
circuit 5 shown in FIG. 1 that includes four antennas 35 
positioned and spaced in the manner shown with the outer- 
most end 45 of each antenna 35 being connected to the 
respective matching network 15A, 15B, 15C, 15D as 
described below. It has been observed that the conductor 
width and spacing of the antennas 35 in FIG. 3 can be varied 
without seriously degrading the performance measured as 
the DC output of the respective charge pumps 20A, 20B, 
20C, 20D described below. Therefore, in the layout shown 
in FIG. 3, it is possible to put four antennas 35 in an area that 
is slightly more than two times the area occupied by single 
antenna 35. 


[0020] Referring again to FIG. 1, each antenna 10A, 10B, 
10C, 10D is operatively coupled to a respective matching 
network 15A, 15B, 15C, 15D and charge pump 20A, 20B, 
20C, 20D as shown in FIG. 1. In particular, each antenna 
10A, 10B, 10C, 10D is electrically connected to a respective 
matching network 15A, 15B, 15C, 15D, which in turn is 
electrically connected to a respective voltage boosting and 
rectifying circuit preferably in the form of a one or more 
stage charge pump 20A, 20B, 20C, 20D. Charge pumps are 
well known in the art. Basically, one stage of a charge pump 
essentially doubles the effective amplitude of an AC input 
voltage and stores the resulting increased DC voltage on an 
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output capacitor. The voltage could also be stored using a 
rechargeable battery. Successive stages of a charge pump, if 
present, will essentially increase the voltage from the pre- 
vious stage resulting in an increased output voltage. In 
operation, each antenna 10A, 10B, 10C, 10D receives 
energy, such as RF energy, that is transmitted in space by a 
far-field source, such as an RF source. The RF source may 
be, for example, an RF interrogator unit which transmits an 
RF interrogation signal, or a local radio station, in which 
case the RF energy comprises ambient RF energy in the 
vicinity of the energy harvesting circuit 5. The RF energy 
received by each antenna 10A, 10B, 10C, 10D is provided, 
in the form of an AC signal, to the associated charge pump 
20A, 20B, 20C, 20D through the associated matching net- 
work 15A, 15B, 15C, 15D. Each charge pump 20A, 20B, 
20C, 20D rectifies the received AC signal to produce a 
respective DC signal 25A, 25B, 25C, 25D, wherein each DC 
signal 25A, 25B, 25C, 25D is amplified as compared to what 
it would have been had a simple rectifier been used. The 
individual DC signals 25A, 25B, 25C, 25D are then summed 
to produce a combined DC signal 30, which may be used to 
power a circuit or charge a power storage device as 
described elsewhere herein. The individual DC signals 25A, 
25B, 25C, 25D may be summed in any suitable manner, such 
as, without limitation, connecting them in parallel or con- 
necting them in series to produce the combined DC signal 
30. 


[0021] In one particular embodiment, each matching net- 
work 15A, 15B, 15C, 15D is chosen (.e., its impedance is 
chosen) so as to maximize the output of the respective 
charge pump 20A, 20B, 20C, 20D in the form of the 
respective DC signal 25A, 25B, 25C, 25D (1.e., to maximize 
the DC signal 25A, 25B, 25C, 25D). In other words, each 
matching network 15A, 15B, 15C, 15D is matching the 
impedance of the respective antenna 10A, 10B, 10C, 10D to 
the respective charge pump 20A, 20B, 20C, 20D solely on 
the basis of maximizing the DC output of the respective 
charge pump 20A, 20B, 20C, 20D. In the preferred embodi- 
ment, each matching network 15A, 15B, 15C, 15D is an LC 
circuit of either an L topology (which includes one inductor 
and one capacitor) or a x topology (which includes one 
inductor and two capacitors) wherein the inductance of the 
LC circuit and the capacitance of the LC circuit are chosen 
so as to maximize the DC output of the respective charge 
pump 20A, 20B, 20C, 20D. In one embodiment, an LC tank 
circuit may be formed by the inherent distributed inductance 
and inherent distributed capacitance of the conducing ele- 
ments of each antenna 10A, 10B, 10C, 10D, in which case 
the antenna is designed and laid out in a manner that results 
in the appropriate chosen L and C values. 


[0022] In the preferred embodiment, each matching net- 
work 15A, 15B, 15C, 15D is chosen so as to maximize the 
output of the respective charge pump 20A, 20B, 20C, 20D 
using a trial and error (“annealing”) empirical approach. In 
particular, various sets of inductor and capacitor values are 
used as matching elements in each matching network 15A, 
15B, 15C, 15D, and the resulting output of the respective 
charge pump 20A, 20B, 20C, 20D is measured for each 
combination, and the combination that produces the maxi- 
mum output is chosen. In this process, the input impedance 
of the charge pump (20A, 20B, 20C, 20D) with each 
matching network (15A, 15B, 15C, 15D) may be plotted as 
a point on a Smith chart with a color coding for the amount 
of energy harvested as shown in FIG. 4. After a number of 
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tries, it is easy to see a clustering of the color coded points 
to selectively choose other points in or around the cluster to 
achieve a near optimum value. FIG. 4 illustrates a number of 
points showing the results on a Smith chart. It is important 
to note that the matching achieved in this manner tends to 
optimize the asymmetric dipole configuration described 
elsewhere herein. The matching component values are indi- 
cated in FIG. 4 as circles on the Smith chart with grayscale 
indications of voltage at the charge pump (20A, 20B, 20C, 
20D) output as compared to the 0 to 5 volt grayscale on the 
right of FIG. 4. 


[0023] In this embodiment, the matching network (15A, 
15B, 15C, 15D) is chosen individually for each antenna 
(10A, 10B, 10C, 10D) in the energy harvesting circuit 5 in 
the manner just described. Other embodiments are also 
possible and are described below. 


[0024] As will be appreciated by those of skill in the art, 
each antenna 10A, 10B, 10C, 10D that is included in the 
energy harvesting circuit 5, for example as laid out in FIG. 
3, will have a different polarization with respect to the 
transmitting antenna of the RF source that is determined by 
the relative angle of the antenna 10A, 10B, 10C, 10D in 
question to the polarization of the transmitting antenna of 
the RF source. Another embodiment of the invention, 
described below, chooses each matching network (15A, 
15B, 15C, 15D) in a manner whereby the relative polariza- 
tion efficiency of each antenna 10A, 10B, 10C, 10D will be 
more efficiently utilized. In particular, in this embodiment, 
the energy harvesting circuit 5 is set up as shown in FIG. 1 
with the antennas 10A, 10B, 10C, 10D being laid out as 
desired, for example in the manner shown in FIG. 3. Then, 
as shown in FIG. 5, the energy harvesting circuit 5 1s 
positioned within the range of a suitable RF source 60, 
preferably of a type identical or similar to the one with 
which the energy harvesting circuit 5 will ultimately be 
used, with the plane 70 in which the antennas are laid out 
10A, 10B, 10C, 10D being substantially perpendicular to a 
line 65 that is taken through the center of the transmitting 
antenna of the RF source 60. While the RF source 60 is 
transmitting, the antenna is incrementally rotated about the 
line 65, preferably through 360 degrees (the rotation will be 
into and out of the paper in FIG. 5). At each increment (each 
angle of rotation 0), the matching elements (the inductance 
and capacitance values) in each matching network 15A, 
15B, 15C, 15D are varied over a set of different values 
(preferably predetermined), and with each such variation, 
the voltage level of the combined DC signal 30 is measured 
and recorded. The same set of inductance and capacitance 
values is used at each angle 0. In addition, at each angle 0, 
the set of values may and preferably will include instances 
where the values are different for one or more of the 
matching networks, 1.e., each matching network will not 
have the same values. Once the rotation is complete, the 
measured and recorded levels of the combined DC signal 30 
(as a function of the angle @) are analyzed and the set of 
inductance and capacitance values yielding the minimum 
deviation in the combined DC signal 30 as a function of the 
angle O is chosen. The matching networks 15A, 15B, 15C, 
15D are then structured accordingly (1.e., to have the chosen 
inductance and capacitance values) in the final energy har- 
vesting circuit 5. As will be appreciated, this will result in 
the combined DC signal 30 having the minimum deviation 
in all orientations of the energy harvesting circuit 5 in the 
plane in which the antennas are laid out. As a result, at least 


US 2007/0153561 Al 


some minimum amount of DC voltage will be able to be 
harvested in all orientations of the energy harvesting circuit 
5. This may be important 1f, for example, the circuit or object 
(or some component thereof) to be powered requires some 
minimum voltage level to operate. The matching networks 
15A, 15B, 15C, 15D can be chosen as described above to 
ensure that at least that minimum voltage level is produced 
in all orientations (1.e., all angles of rotation 0) of the energy 
harvesting circuit 5. In addition, once the matching networks 
15A, 15B, 15C, 15D (1.e., the inductance and capacitance 
values therefor) are chosen in this manner (which may be 
time consuming) for one energy harvesting circuit 5, mul- 
tiple energy harvesting circuits 5 that meet the same param- 
eters can be mass produced without having to go through the 
same trial and error steps. 


[0025] In another embodiment, once the rotation is com- 
plete, the measured and recorded levels of the combined DC 
signal 30 are analyzed and the set of inductance and capaci- 
tance values yielding a maximum level for the combined DC 
signal 30 at any one orientation is chosen. The matching 
networks are then structured accordingly (1.e., to have the 
chosen inductance and capacitance values) in the final 
energy harvesting circuit 5. 


[0026] Inthe energy harvesting circuit 5 shown in FIG. 1, 
it will be appreciated that each of the AC signals provided 
to the matching networks 15A, 15B, 15C, 15D will be in 
phase with one another. As a result, the individual antenna, 
matching, charge pump, etc. circuits have an RF supply in 
which the individual RF sinusoidal signals are in phase. This 
is analogous to the single phase rectifier design which is well 
known in DC rectifier circuitry. The removal of the mini- 
mum values of DC output is strictly on the basis of the 
angular variation of the antenna circuitry through matching 
the angles of orientation, and not the angles of the individual 
sinusoidal sources. Thus, in the energy harvesting circuit 5 
shown in FIG. 1 the signals are not combined in the most 
efficient manner, and a more efficient manner is described 
below in connection with FIG. 6. 


[0027] FIG. 6 is a block diagram of an energy harvesting 
circuit 75 according to alternative embodiment of the inven- 
tion in which a phase shift is introduced into each of the 
received RF signals. In particular, the energy harvesting 
circuit 75 includes a plurality of antennas 80A-80C (similar 
to the antennas 10A-10D), each of which is fixedly tuned to 
the same particular RF range. While three antennas 80A- 
80C are shown in FIG. 6, it should be understood that that 
is meant to be exemplary only, and that the plurality of 
antennas may include less than or more than three antennas 
(with each such antenna being operatively coupled to 
respective accompanying circuitry as described below). Fur- 
thermore, each antenna 80A, 80B, 80C may be, for example, 
a square spiral antenna 35 having the form shown in FIG. 2. 
In the case of four antennas, the layout may be as shown in 
FIG. 3. 


[0028] As shown in FIG. 6, each antenna 80A, 80B, 80C 
is electrically connected to respective phase shifting cir- 
cuitry 85A, 85B, 85C, which in turn is electrically connected 
to a respective voltage boosting and rectifying circuit pref- 
erably in the form of a one or more stage charge pump 95A, 
95B, 95C. In operation, each antenna 80A, 80B, 80C 
receives energy, such as RF energy, that is transmitted in 
space by a far-field source, such as an RF source. The RF 
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source may be, for example, an RF interrogator unit which 
transmits an RF interrogation signal, or a local radio station, 
in which case the RF energy comprises ambient RF energy 
in the vicinity of the energy harvesting circuit 75. The RF 
energy received by each antenna 80A, 80B, 80C is provided, 
in the form of an AC signal, to the associated phase shifting 
circuitry 85A, 85B, 85C. Each phase shifting circuitry 85A, 
85B, 85C shifts the phase of the received AC signal in a 
manner such that the AC signals 90A, 90B, 90C output by 
the phase shifting circuitry 85A, 85B, 85C are all out of 
phase with one another. Thus, each phase shifting circuitry 
85A, 85B, 85C introduces a different degree of phase shift 
(which may actually be zero, in which case that particular 
phase shifting circuitry may be omitted, or, alternatively, be 
arranged to simply not shift phase or shift phase by 360 
degrees). In one embodiment, the phase shift introduced by 
each phase shifting circuitry 85A, 85B, 85C results in each 
AC signal 90A, 90B, 90C being out of phase from the 
immediately adjacent signal AC signal 90A, 90B, 90C by an 
equal amount. For example, for three AC signals 90A, 90B, 
90C, there would be 120 degrees separating immediately 
adjacent signals (e.g., one with O degrees phase shift, one 
with 120 degrees phase shift and one with 240 degrees phase 
shift, or, alternatively, one with 20 degrees phase shift, one 
with 140 degrees phase shift and one with 260 degrees phase 
shift). 

[0029] The AC signal AC signal 90A, 90B, 90C output by 
each phase shifting circuitry 85A, 85B, 85C is provided to 
the associated charge pump 95A, 95B, 95C. In an alternative 
embodiment, the AC signal AC signal 90A, 90B, 90C output 
by each phase shifting circuitry 85A, 85B, 85C may be 
provided to the associated charge pump 95A, 95B, 95C 
through an associated matching network chosen and con- 
figured in the manners described elsewhere herein in order 
to optimize DC output. In either embodiment, each charge 
pump 95A, 95B, 95C amplifies and rectifies the received AC 
signal to produce a respective DC signal 100A, 100B, 100C. 
The individual DC signals 100A, 100B, 100C are then 
summed (as described elsewhere herein) to produce a com- 
bined DC signal 105, which may be used to power a circuit 
or charge a power storage device as described elsewhere 
herein. Because the AC signal 90A, 90B, 90C received by 
the charge pumps 95A, 95B, 95C are all out of phase with 
one another, they are able to be converted to DC and 
summed to produce the combined DC signal 105 in a more 
efficient manner, thereby leading to an increase on the 
voltage of the combined DC signal 105 over what would 
have been the case had the phase shifts described herein not 
been introduced. This is the case because the phase shifts 
cause the peaks and valleys of the AC signals 90A, 90B, 90C 
be offset form one another rather then lined up with one 
another. It will also be appreciated that the multiphase 
embodiment provides a second degree of freedom in design 
for rotational purposes. 


[0030] FIG. 7 is schematic illustration of one particular 
embodiment of the energy harvesting circuit 75, labeled as 
75'. The energy harvesting circuit 75' includes antennas 80A, 
80B, 80C as described above, each of which is fixedly tuned 
to the same particular RF frequency range and outputs an AC 
signal. Each antenna 80A, 80B, 80C is connected to phase 
shifting and rectifying circuitry 110 that performs the func- 
tionality of the phase shifting circuitry 85A, 85B, 85C and 
the charge pumps 95A, 95B, 95C to produce the respective 
DC signals 100A, 100B, 100C As described elsewhere 
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herein, the DC signals 100A, 100B, 100C are then summed 
(as described elsewhere herein) to produce a combined DC 
signal 105. The phase shifting and rectifying circuitry 110 
includes a well known Cockroft-Walton multiplier and con- 
sists of inductors 112, 114, and 116, capacitors 118, 120, 
122, 124, 126, and 128, and diodes 130, 132, 134, 1365, 138, 
140, 142, 144 and 146 connected as shown in FIG. 7. The 
phase shifting and rectifying circuitry 110 receives each AC 
signal from the antennas 80A, 80B, 80C, shifts the phases 
thereof such that each AC signal is out of phase with one 
another, and boosts and rectifies the resulting signals to 
produce the DC signals 100A, 100B, 100C. The values of 
the inductors 112, 114, and 116 and the capacitors 118, 120, 
and 122 determines the degree of phase shift applies to each 
respective AC signal received from the antennas 80A, 80B, 
80C. FIG. 8 shows a similar embodiment of an energy 
harvesting circuit 75" where two antennas are used with 
similar phase shifting and rectifying circuitry 110". It will be 
appreciated that four or more antennas may be used in a 
similar manner. FIG. 9 shows yet another similar embodi- 
ment of an energy harvesting circuit 75" where two anten- 
nas are used with similar phase shifting and rectifying 
circuitry 110". 


[0031] While preferred embodiments of the invention 
have been described and illustrated above, it should be 
understood that these are exemplary of the invention and are 
not to be considered as limiting. Additions, deletions, sub- 
stitutions, and other modifications can be made without 
departing from the spirit or scope of the present invention. 
Accordingly, the invention is not to be considered as limited 
by the foregoing description but is only limited by the scope 
of the appended claims. 


What is claimed is: 


1. An energy harvesting circuit, comprising: 


a plurality of antennas, each of said antennas being tuned 
to the same particular RF frequency range, each of said 
antennas being structured to receive an RF signal 
having said particular RF frequency range and output a 
respective AC signal; 


a plurality of matching networks, each of said matching 
networks being operatively coupled to a respective one 
of said antennas and being structured to receive the AC 
signal output by said respective one of said antennas; 
and 


a plurality of voltage boosting and rectifying circuits, 
each of said voltage boosting and rectifying circuits 
being operatively coupled to a respective one of said 
matching networks and being structured to receive the 
AC signal received by the respective one of said 
matching networks and output a DC voltage signal by 
converting the received AC signal into the DC voltage 
signal; 


wherein the DC voltage signals output by the voltage 
boosting and rectifying circuits are summed together to 
create a combined DC voltage signal, and wherein an 
impedance of each of the matching networks is chosen 
in manner so as to maximize a voltage level of the DC 
voltage signal that is output by the associated one of the 
voltage boosting and rectifying circuits. 
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2. The energy harvesting circuit according to claim 1, 
wherein each of said voltage boosting and rectifying circuits 
is a charge pump. 

3. The energy harvesting circuit according to claim 1, 
wherein each of said matching networks is an LC tank 
circuit. 

4. The energy harvesting circuit according to claim 3, 
wherein an impedance of each of the matching networks 1s 
chosen in manner so as to maximize a voltage level of the 
DC voltage signal that is output by the associated one of the 
voltage boosting and rectifying circuits by, for each LC tank 
circuit of each of the matching networks: (1) trying a 
plurality of different inductance and capacitance value com- 
binations for the LC tank circuit, (41) measuring the voltage 
level of the DC voltage signal that 1s output by the associated 
one of the voltage boosting and rectifying circuits for each 
of the inductance and capacitance value combinations, and 
(11) choosing one of the inductance and capacitance value 
combinations that produces a maximum voltage level of the 
DC voltage signal that is output by the associated one of the 
voltage boosting and rectifying circuits. 

5. The energy harvesting circuit according to claim 1, 
wherein each of said antennas is a square spiral antenna 
having an outermost segment, a middle segment and an 
innermost segment, wherein a length of each outermost 
segment of is equal to about a quarter of the wavelength of 
the particular RF frequency or center frequency of the band 
of RF frequencies included in said particular RF frequency 
range, wherein a total length of each square spiral antenna 
is equal to about one half of said wavelength, and wherein 
the outermost segment of each of said antennas is opera- 
tively coupled to the associated one of said matching net- 
works. 

6. The energy harvesting circuit according to claim 5, 
wherein each square spiral antenna alone occupies a first 
spatial area, and wherein said antennas are provided in an 
antenna layout that occupies a second spatial area that is less 
than two times said first spatial area. 

7. An energy harvesting method, comprising: 


providing a plurality of antennas, each of said antennas 
being tuned to the same particular RF frequency range; 


receiving a plurality of RF signals using said antennas, 
each of said RF signals having said particular RF 
frequency range; 


outputting from said antennas a plurality of AC signals in 
response to receiving said RF signals; 


converting each of the AC signals into a respective DC 
voltage signal after first passing each of the AC signals 
through a respective matching network having an 
impedance chosen in manner so as to maximize a 
voltage level of the respective DC voltage signal; and 


summing each of the respective DC voltage signals 
together to create a combined DC voltage signal. 
8. An energy harvesting circuit, comprising: 


a plurality of antennas provided in an antenna plane, each 
of said antennas being tuned to the same particular RF 
frequency range, each of said antennas being structured 
to receive an RF signal having said particular RF 
frequency range and output a respective AC signal; 


a plurality of matching networks, each of said matching 
networks being operatively coupled to a respective one 
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of said antennas and being structured to receive the AC 
signal output by said respective one of said antennas; 
and 


a plurality of voltage boosting and rectifying circuits, 
each of said voltage boosting and rectifying circuits 
being operatively coupled to a respective one of said 
matching networks and being structured to receive the 
AC signal received by the respective one of said 
matching networks and output a DC voltage signal by 
converting the received AC signal into the DC voltage 
signal; 


wherein the DC voltage signals output by the voltage 
boosting and rectifying circuits are summed together to 
create a combined DC voltage signal, and wherein an 
impedance of each of the matching networks 1s chosen 
so as to cause a voltage level of the combined DC 
voltage signal to have a minimum deviation as a 
function of angle of rotation as said antenna plane is 
rotated about a first axis. 


9. The energy harvesting circuit according to claim 8, 
wherein said first axis is a line taken through a center of a 
transmitting antenna of a source of said RF signal having 
said particular RF frequency range. 


10. The energy harvesting circuit according to claim 8, 
wherein each of said voltage boosting and rectifying circuits 
is a charge pump. 

11. The energy harvesting circuit according to claim 8, 
wherein each of said matching networks is an LC tank 
circuit. 


12. The energy harvesting circuit according to claim 11, 
wherein an impedance of each of the matching networks is 
chosen so as to cause a voltage level of the combined DC 
voltage signal to have a minimum deviation as a function of 
angle of rotation as said antenna plane is rotated about a first 
axis by: (1) incrementally rotating said antenna plane 
through a plurality of angle increments, (11) trying a plurality 
of different inductance and capacitance value combinations 
for each LC tank circuit of each of the matching networks at 
each of said angle increments, (i11) measuring the combined 
DC voltage signal for each of the inductance and capaci- 
tance value combinations at each of said angle increments, 
(iv) determining which one of the inductance and capaci- 
tance value combinations produces a minimum deviation in 
said measured combined DC voltage signals as a function of 
each of said angle increments; (v) choosing for each said LC 
tank circuit the one of the inductance and capacitance value 
combinations that produces the minimum deviation. 


13. The energy harvesting circuit according to claim 8, 
wherein each of said antennas is a square spiral antenna 
having an outermost segment, a middle segment and an 
innermost segment, wherein a length of each outermost 
segment of is equal to about a quarter of the wavelength of 
the particular RF frequency or center frequency of the band 
of RF frequencies included in said particular RF frequency 
range, wherein a total length of each square spiral antenna 
is equal to about one half of said wavelength, and wherein 
the outermost segment of each of said antennas is opera- 
tively coupled to the associated one of said matching net- 
works. 

14. The energy harvesting circuit according to claim 13, 
wherein each square spiral antenna alone occupies a first 
spatial area, and wherein said antennas are provided in an 
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antenna layout that occupies a second spatial area that is less 
than two times said first spatial area. 


15. An energy harvesting method, comprising: 


providing a plurality of antennas in an antenna plane, each 
of said antennas being tuned to the same particular RF 
frequency range; 


receiving a plurality of RF signals using said antennas, 
each of said RF signals having said particular RF 
frequency range; 


outputting from said antennas a plurality of AC signals in 
response to receiving said RF signals; 


converting each of the AC signals into a respective DC 
voltage signal; and 


summing each of the respective DC voltage signals 
together to create a combined DC voltage signal; 


wherein said converting step is performed after first 
passing each of the AC signals through a respective 
matching network having an impedance chosen so as to 
cause a voltage level of the combined DC voltage 
signal to have a minimum deviation as a function of 
angle of rotation as said antenna plane is rotated about 
a first axis. 


16. The energy harvesting method according to claim 15, 
wherein said first axis is a line taken through a center of a 
transmitting antenna of a source of each said RF signal 
having said particular RF frequency range. 


17. An energy harvesting circuit, comprising: 


a plurality of antennas provided in an antenna plane, each 
of said antennas being tuned to the same particular RF 
frequency range, each of said antennas being structured 
to receive an RF signal having said particular RF 
frequency range and output a respective AC signal; 


a plurality of matching networks, each of said matching 
networks being operatively coupled to a respective one 
of said antennas and being structured to receive the AC 
signal output by said respective one of said antennas; 
and 


a plurality of voltage boosting and rectifying circuits, 
each of said voltage boosting and rectifying circuits 
being operatively coupled to a respective one of said 
matching networks and being structured to receive the 
AC signal received by the respective one of said 
matching networks and output a DC voltage signal by 
converting the received AC signal into the DC voltage 


signal; 


wherein the DC voltage signals output by the voltage 
boosting and rectifying circuits are summed together to 
create a combined DC voltage signal, and wherein an 
impedance of each of the matching networks is chosen 
so as to cause a voltage level of the combined DC 
voltage signal to have at least a predetermined mini- 
mum value as said antenna plane is rotated about a first 
axis. 


18. The energy harvesting circuit according to claim 17, 
wherein said first axis is a line taken through a center of a 
transmitting antenna of a source of said RF signal having 
said particular RF frequency range. 
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19. The energy harvesting circuit according to claim 17, 
wherein each of said voltage boosting and rectifying circuits 
is a charge pump. 

20. The energy harvesting circuit according to claim 17, 
wherein each of said matching networks is an LC tank 
circuit. 


21. The energy harvesting circuit according to claim 20, 
wherein an impedance of each of the matching networks 1s 
chosen so as to cause a voltage level of the combined DC 
voltage signal to have at least a predetermined minimum 
value as said antenna plane is rotated about a first axis by: 
(1) incrementally rotating said antenna plane through a 
plurality of angle increments, (11) trying a plurality of 
different inductance and capacitance value combinations for 
each LC tank circuit of each of the matching networks at 
each of said angle increments, (111) measuring the combined 
DC voltage signal for each of the inductance and capaci- 
tance value combinations at each of said angle increments, 
(iv) determining which one of the inductance and capaci- 
tance value combinations produces at least said predeter- 
mined minimum value at each of said angle increments; (v) 
choosing for each said LC tank circuit the one of the 
inductance and capacitance value combinations that pro- 
duces the at least said predetermined minimum value. 


22. The energy harvesting circuit according to claim 17, 
wherein each of said antennas is a square spiral antenna 
having an outermost segment, a middle segment and an 
innermost segment, wherein a length of each outermost 
segment of is equal to about a quarter of the wavelength of 
the particular RF frequency or center frequency of the band 
of RF frequencies included in said particular RF frequency 
range, wherein a total length of each square spiral antenna 
is equal to about one half of said wavelength, and wherein 
the outermost segment of each of said antennas is opera- 
tively coupled to the associated one of said matching net- 
works. 

23. The energy harvesting circuit according to claim 22, 
wherein each square spiral antenna alone occupies a first 
spatial area, and wherein said antennas are provided in an 
antenna layout that occupies a second spatial area that is less 
than two times said first spatial area. 


24. An energy harvesting method, comprising: 


providing a plurality of antennas in an antenna plane, each 
of said antennas being tuned to the same particular RF 
frequency range; 


receiving a plurality of RF signals using said antennas, 
each of said RF signals having said particular RF 
frequency range; 


outputting from said antennas a plurality of AC signals in 
response to receiving said RF signals; 


converting each of the AC signals into a respective DC 
voltage signal; and 


summing each of the respective DC voltage signals 
together to create a combined DC voltage signal; 


wherein said converting step is performed after first 
passing each of the AC signals through a respective 
matching network having an impedance chosen so as to 
cause a voltage level of the combined DC voltage 
signal to have at least a predetermined minimum value 
as said antenna plane is rotated about a first axis. 
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25. The energy harvesting method according to claim 24, 
wherein said first axis is a line taken through a center of a 
transmitting antenna of a source of each said RF signal 
having said particular RF frequency range. 

26. An energy harvesting circuit, comprising: 


a plurality of antennas provided in an antenna plane, each 
of said antennas being tuned to the same particular RF 
frequency range, each of said antennas being structured 
to receive an RF signal having said particular RF 
frequency range and output a respective AC signal; 


a plurality of matching networks, each of said matching 
networks being operatively coupled to a respective one 
of said antennas and being structured to receive the AC 
signal output by said respective one of said antennas; 
and 


a plurality of voltage boosting and rectifying circuits, 
each of said voltage boosting and rectifying circuits 
being operatively coupled to a respective one of said 
matching networks and being structured to receive the 
AC signal received by the respective one of said 
matching networks and output a DC voltage signal by 
converting the received AC signal into the DC voltage 
signal; 

wherein the DC voltage signals output by the voltage 
boosting and rectifying circuits are summed together to 
create a combined DC voltage signal, and wherein an 
impedance of each of the matching networks is chosen 
by: (1) incrementally rotating said antenna plane 
through a plurality of angle increments about a first 
axis, (11) trying a plurality of different inductance and 
capacitance value combinations for each LC tank cir- 
cuit of each of the matching networks at each of said 
angle increments, (111) measuring the combined DC 
voltage signal for each of the inductance and capaci- 
tance value combinations at each of said angle incre- 
ments, (iv) determining which one of the inductance 
and capacitance value combinations produces a maxi- 
mum voltage level for said measured combined DC 
voltage signals at any one of said angle increments; (v) 
choosing for each said LC tank circuit the one of the 
inductance and capacitance value combinations that 
produces the maximum voltage level. 

27. An energy harvesting circuit, comprising: 


a plurality of antennas, each of said antennas being tuned 
to the same particular RF frequency range, each of said 
antennas being structured to receive an RF signal 
having said particular RF frequency range and output a 
respective AC signal; and 


phase shifting and rectifying circuitry operatively coupled 
to said antennas, said phase shifting and rectifying 
circuitry being structured to: (1) receive each said 
respective AC signal, (11) create a plurality of out of 
phase AC signals by causing each said respective AC 
signal to be out of phase with one another, and (111) 
convert each of said out of phase AC signals into a 
respective DC voltage signal; 


wherein the DC voltage signals are summed together to 
create a combined DC voltage signal. 

28. The energy harvesting circuit according to claim 27, 

wherein said phase shifting and rectifying circuitry com- 

prises: (1) a plurality of phase shifting circuits, each of said 
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phase shifting circuits being operatively coupled to a respec- 
tive one of said antennas and creating a respective one of 
said out of phase AC signals, and (11) a plurality of voltage 
boosting and rectifying circuits, each of said voltage boost- 
ing and rectifying circuits being operatively coupled to a 
respective one of said phase shifting circuits and converting 
a respective one of said of said out of phase AC signals into 
the respective DC voltage signal. 

29. The energy harvesting circuit according to claim 28, 
wherein each of said voltage boosting and rectifying circuits 
is a charge pump. 

30. The energy harvesting circuit according to claim 27, 
wherein a phase shift between each of said out of phase AC 
signals and each one of said out of phase AC signals that is 
adjacent in phase thereto is equal to 360 degrees divided by 
a total number of said antennas. 

31. The energy harvesting circuit according to claim 27, 
wherein said phase shifting and rectifying circuitry includes 
a Cockroft-Walton multiplier. 
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32. An energy harvesting method, comprising: 


providing a plurality of antennas, each of said antennas 
being tuned to the same particular RF frequency range; 


receiving a plurality of RF signals using said antennas, 
each of said RF signals having said particular RF 
frequency range; 


outputting from said antennas a plurality of AC signals in 
response to receiving said RF signals; 


creating a plurality of out of phase AC signals by causing 
each of said AC signals to be out of phase with one 
another; 


converting each of said out of phase AC signals into a 
respective DC voltage signal; and 


summing each of the respective DC voltage signals 
together to create a combined DC voltage signal. 


* * * * * 
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RF Energy Harvesting System from Cell Towers in 


9O0MHZz Band : 


Available RF energy in the ambient or areas close to 
transmission towers provides an opportunity to harvest that 
energy. Some of the most prominent sources are FM radio 
systems ((88-108 MHz, transmitted power few tens of KW), 
TV Transmission (180-220 MHz, transmitted power few tens 
of KW), Cell Tower Transmission (10 to 20 W per carrier), 
Wi-Fi (2.45GHz, 5.8GHz), AM Transmission (540-1600 KHz, 
transmitted power few hundred KW) and mobile phones 
(transmitted power 1W to 2W), etc. 


Cell towers can be used as a continuous source of renewable 
energy as they transmit 24 hours. In India cell towers transmit 
in the frequency range of 869- 890 MHz in CDMA, 935-960 
MHz in GSM 900 and 1810-1880MHz in GSM 1800 bands. 

It transmits 10 to 20W per carrier; there maybe 3 to 4 carriers 
and 3 to 4 operators on a single tower or spread over the roof 
top of buildings. Gain of the cell tower transmitter antenna 

is typically 17dB. The half power beam width (HPBW) of 

the antenna in horizontal direction maybe between 600 to 900 
and in vertical direction varies between 5oto 100. Maximum 
power is received when the receiver is in the main beam. For 
cell site consisting of transmitting towers of GSM900 band, 
signal strengths are calculated in Table | at various distances 
according to Friis transmission equation. 


Pr = PtGtGr[ =(4 R)]*2 
Where, 
Pr = Received Power 
Pt= Transmitted Power 
Gt= Gain of the transmitted Antenna 
Gr= Gain of the receiver Antenna 
R= Distance between the transmitter and receiver antennas 


TABLE 1 
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PowER RECEIVED FROM CELL TOWERS (GSM 900 BAND) 


ME | 3 | 


Number of Carriers | 1 | 1 | 1 | 1 | 1i | 
Number of opan ae O: A A E 


7013030603] 3028 | 201.17 
my | 9.01 | 299] 781 | 170 


The gain of the cell tower transmitter antenna is 17dB. 
Receiver antenna gain is taken as 9dB according to the 
fabricated microstrip antenna gain. Transmitted power is 20W 
from the cell towers. Frequency is taken as 950MHz which is 
approximately middle value of GSM 900 band. 

For full signal strength, a cell phone requires only -69dBm 
power. In a radius within 50m from a cell tower, power level 
is very high. Such high power levels cause various health 
hazards, such as, headache, memory loss, nausea, dizziness, 


tingling, altered reflexes, muscle and joint pain, and ultimately 


leading to cancer [1]. 

There are more than 4 lakhs cell towers in India, therefore 
harvesting ambient RF energy would provide an alternate 
energy source for various applications and reduce radiation 
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health hazards. Fig.1 shows the basic block diagram of RF 
Energy harvesting system. 

However, harvesting energy from them poses several 
challenges. 

1. Available power varies with distance, direction and gain 
of the receiver antenna; therefore high gain antenna for 


all frequency bands would be required. 


2. Due to non-linear dependence of the rectifier impedance 
on the frequency and power, broadband impedance matching 
network is essential for maximum power transfer. 

3. High efficiency of RF-DC conversion and low power DCDC 
converter is required. 

Minimum numbers of components are used in the design of 
the RF Energy harvesting system to reduce power dissipation 


in the circuit itself. 

Il. MICROSTRIP ANTENNA DESIGN 
Antenna is one of the most crucial components in RF 
energy harvesting system to extract maximum power. Various 
antenna topologies have been reported in [2-4] for RF energy 
harvesting but high gain and bandwidth have not been achieved 
simultaneously. 
In this paper, broadband electromagnetically coupled Square 
microstrip antenna (SMSA) [6] is used for the proposed 
RF energy harvesting system. It uses stacked multi-resonator 
configuration for broadband operation. Only the bottom patch 
is fed and top patch is coupled electromagnetically. 
Antenna has a stacked configuration. Two 2mm thick 
aluminum radiating patches are electromagnetically coupled 
through an air gap of 1.3cm. First and second square patch 
are of length 15.2cm and 12.8cm respectively. The ground 
plane size is 24 cm X 24 cm. The total height of the antenna 
is 2.6cm. Fig. 2 shows fabricated electromagnetically coupled 
SMSA designed for GSM 900 band using IE3D software from 
Zeland. 
Simulated VSWR and input impedance plots of electromagnetically 
coupled SMSA are shown Fig. 3(a) and (b). 
Bandwidth for VSWR less than 2 is from 877 to 998 MHz 
Fig.4 shows the gain plot of the antenna. The gain of antenna 
is 9.1 dB. Fig.5 shows measured VSWR plot and input 
impedance plot of SMSA. The antenna is designed for the 
935-960 MHz (GSM 900) band but it can also covers part 
of CDMA transmission band (869-890MHz).To enhance the 
gain, array of SMSA can be used. 


Ill. RF TO DC CONVERSION USING SCHOTTKY DIODES 
A voltage doubler is designed using Dickson Multiplier 


topology. Silicon based Schottky diode having threshold voltage 
of 230 mV and diode capacitance of 0.26 pF is chosen. 
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Fig. 3. Simulated (a) VSWR and (b) Input impedance of Electromagnetically 
Coupled SMSA 

At microwave frequency, the non-linear capacitance of the 

diode governs the maximum power transfer to the load and 
amplitude of the rectified output as input impedance of the 
rectifier changes with frequency. Fig. 6 (a) and (b) shows a 
single stage voltage doubler and 6 stage voltage doubler. 

Both single stage and 6 stage voltage doubler circuits are 
fabricated. Fig.7 (a) and (b) show fabricated single stage 

voltage doubler and 6-stage voltage doubler circuits respectively. 
Six-stage voltage doubler is implemented to measure 

the power dependence of the rectifier for lower power level as 
the voltage measured at single stage is very low. Single stage 
voltage doubler is used for rectenna measurements inside the 
lab and near the cell towers as the power level are higher at 


these places. 
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Fig d. Samulated gain plot of eleciromagnetically compiled SMSA 
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Input impedance of the diode changes with the input poweras the dc operating point of the I-V curve moves in a 
nonlinear 

fashion [5]. The impedance variation of a six stage 

rectifier at 900 MHz with change in power level is shown 

in Fig.8. Impedance variation is taken at 900MHz as it is the 
approximate middle value of the CDMA and GSM 900 bands. 
Large variation of input impedance with input power and 
frequency makes designing a broadband conjugate matching 
network complex. Therefore, a resistive impedance matching 
network, as shown in Fig.9, is used to allow maximum power 
transfer. 

The value of Rmatch depends on the input impedance of the 
antenna. This approach provides an approximate and simple 
matching between the antenna and rectifier. 

The 6- stage rectifier is tested for its performance by feeding 
it directly from a RF source. Table II shows output voltage 
variation of six stage voltage doubler with 2.2 Kohm load at 
900 MHz using a RF source at various power levels. Table II 
shows the output voltage variation of six stage voltage doubler 
for no load condition. 

Rectenna is a combination of rectifier and antenna. Fig.10. 
shows the experimental setup of rectenna. It consists of an RF 
source transmitting 900 MHz (approximately middle value of 
CDMA and GSM 900 band) with output power of 17dBm 
(50mW). A horn antenna with a gain of 11dB is connected to 
the RF source to simulate cell towers inside the lab, and voltages 
at output of rectenna at various distances are measured. 

Table IV summarizes the measured results at 900MHz using 

a single stage voltage doubler with 100K ohm and 10uF load. 


http://wirelessadvancementtech.blogspot.com/ 


4/6 


3/9/2018 wireless communication technology 


"DA Tae ae ste 


(a) Measured VSWR of Elocimeagrelica Coupled! SMSA 
3 dy H Ide 
ras ui ates ds teem ma re 


es E 


4 


SS 


lag) PARA PB te CU | PERAE Gr MH 


bi Menard Input Impedams: of Feeney Coupled 
TMSA 


Fig. S Mres dal VSR and iÈ) Inpol impeodance of Elodtromapgrrcall y 
Coepled SMSA 


mA Y + 
a mee it 


dal Single sage voltage doubler Ibi hstage vollage doubler 


- 


Fig, & {aingie stage vollage deublker and ih} §-stap: voltage doubler 


(a) Fabrikak] Single stage voltage (6) Fabrialml) (siege voltage doe- 
doubler bier 


Fiz T. Fabricaled (al Singk mage and {b} 6 sage vote doubier cnet 


IV. MEASUREMENT AT ACTUAL SITE 


Voltage levels are measured at actual site consisting of 
transmission cell towers at Indian Institute of Technology 

Bombay (IIT-B) using the fabricated electromagnetically coupled 
microstrip antenna and single stage voltage doubler. 

Figs.11 and 12 show the experimental setup for rectenna 
measurement at 50 m and 10 m from cell towers respectively. 

The voltage obtained at 50 m was 0.87V.This voltage can 

be stepped up using a boost converter. A stand alone boost 
converter from Texas Instrument TPS61220 has been designed 

to work from an input voltage of 0.7V. Voltage at 50m after 
stepping up can be used to charge a battery using a charging circuit. 
At a distance of 10m voltage of 2.78V is obtained. This 

large voltage can be used to charge a battery using a charging circuit. 
The power level observed using a hand-held radiation monitor 

was 4dBm and 5dBm at 50m and 10m respectively. 

Lower power levels are observed as the rectenna is not in 

the main beam of the cell towers antenna. 


V. CONCLUSION 
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In this article, a RF energy harvesting system from cell 


towers is presented. A high gain electromagnetically coupled 


antenna is developed. A silicon based schottky diode single 


stage and 6 stage rectifier are also designed. A voltage of 


2.78V is measured at a distance of 10m from the cell tower. 


Due to the increase in the population density, many people live 


within 10m from the cell tower. RF energy harvesting from 


cell towers would therefore provide two fold benefits: provide 


an alternative source of energy and protect people living in 


close vicinity of the tower from radiation health hazards. 
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Abstract 

Energy harvesting or energy scavenging is basically a conversion process of the ambient energy 
into the electrical energy. The ambient energy exists around us in many different forms including 
thermal, chemical, electrical and radio frequency (RF). This technique significantly reduces the costs 
of replacing batteries periodically. Hence, energy harvesting offers various environmental friendly 
alternative energy sources, which include the vibration, electromagnetic wave, wind energy and solar 
power. This study will focus on RF energy harvesting that involves the generating of a small amount of 
the electrical power to drive circuits in wireless communication electronics devices. Recently, wireless 
sensor network (WSN) has been a crucial part of our daily life. The importance of WSN can be 
described by the use of sensors in many devices for home security including light sensors, room 
thermostat and alarm systems. This paper presents an overview and the progress achieved in RF 
energy harvesting, which involves the integration of antenna with rectifying circuit. Different 
combinations of antenna and rectifier topologies yield diverse results. Therefore, this study is expected 
to give an indication on the appropriate techniques to develop an efficient RF energy harvesting system. 


Keywords: Antenna, Rectifier, Energy Harvesting, Wireless Sensor Network 


1. Introduction 


In few years back, many new technologies have been applied in order to enhance our life quality. 
One of these technologies is the cost-saving system in a house which uses self-powered devices. For 
instance, Figure 1 shows a domestic lighting application which uses a sensor system to operate. The 
light is automatically turned on once the sensor detects a specific level of darkness in the room. The 
smart system not only offers a more comfortable living, but also a large scale of energy saving and a 
lower cost solution. 

An energy scavenging method has been applied in small devices based on wireless sensor 
technology. For instance, battery-less remote control and mobile phone charger which operates using 
harvested energy is currently having a great demand from users since they contribute to reduce cost and 
saving time. 
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Figure 1. Energy harvesting wireless system in a smart house [1] 
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In recent years, there has been a growing usage of sensor-based wireless networks and applications 
which directly leads to the increased battery usage [2]. Until today, the limitation of energy supplies 
has become a crucial issue for the lifetime of these sensors since they operate on conventional batteries 
with a limited lifespan and fixed energy rate [3]. Furthermore, the deployment of a large number of 
sensor nodes results in periodic battery replacements which is impractical and cost-consumed [4]. 

One of the solutions proposed to overcome these issues is to opt for energy harvesting [3]. Energy 
harvesting is mostly applied to enhance the efficiency of a system and to enable new technology. 
Harvesters utilize different radiating sources such as solar, motion and vibration, temperature scale and 
radio frequency, depending on their type. These different radiating sources are described as in Figure 2 


[2]. 


Figure 2. Examples of different radiating sources [2] 


Similarly, the ambient energy can be extracted and converted into electrical energy that can be used 
to power up the sensors. Figure 3 shows the basic block diagram of RF-DC conversion system. 


Figure 3. Basic block diagram of RF energy harvesting system 


Despite the challenges possessed in RF energy harvesting [5], this system is still preferred due to 
the increasing availability of free RF energy from the advent of wireless broadcasting and 
communication systems. 

The antenna is the key element of an RF energy harvesting system to capture the radiated RF 
energy and extract maximum power. The aim is to design antenna which can produce large DC output 
voltage. Until today, various antenna topologies have been recorded [3][4][6] for RF energy 
harvesting; nevertheless, only a few achieves a good performance in both gain and bandwidth. 

Antennas can be designed in many forms, for instance patch antennas, dipole antennas, planar 
antennas, microstrip antennas and uniplanar antennas. Several types of patch antennas have been 
designed in various frequency regions focusing on bandwidth improvement [7]. Patch antenna with 
spiral structure [8] are also introduced where 3 types of spiral were compared to find the optimal 
structure. 

Printed dipole antennas possess numerous advantages including low cost and large bandwidth. 
Therefore a dipole antenna was designed for optimum usage in GSM band applications [9]. Another 
antenna was designed for voltage boosting purposes in order to enhance DC output of RF energy 
harvesting system, specifically in a weak signal reception environment [10]. A study on improving 
antenna to exhibit dualband response for the energy harvesting application has been done in [11]. The 
other researchers are focused mainly on single band applications. 

This paper reviews several techniques in obtaining RF energy from the ambient sources to be 
converted into the DC signal. In particular, the study focuses on the topology of the antennas and 
rectifying circuits to obtain optimum efficiency of the RF-DC conversion. 
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2. Energy harvesting system 


An energy harvesting system consists of two main subsystems. The first one 1s the receiving 
antenna, which functions to capture ambient RF energy to power up the integrated embedded system. 
The second subsystem is the rectification circuitry, which converts the input RF power into DC output 
power efficiently. 

The antenna captures the RF signals, and subsequently the rectifier circuit extracts the power of 
those signals and converts them into DC voltage. Therefore, an antenna with high efficiency 1s needed 
to transfer wireless power effectively. 


2.1. Antenna Design 


Recently, several efforts have been given to enhance the efficiency of the antenna in power 
scavenging [12][13]. Rectifying antenna, or literally called a rectenna, is one of the most important 
components in the wireless power transmission. It comprises a receiving antenna and a circuit which 
converts radio frequency to direct current (RF-DC) [14][15][16]. An efficient wireless power 
transmission system requires a rectenna with high RF-DC conversion efficiency. Several antenna 
topologies have been reported [5] for RF energy harvesting. 

Most early research on radio frequency (RF) energy harvester designs focus on harvesting RF 
energy in a single RF band [17][18]. However, recently, there have been designs and implementations 
of a dual band [11] and triple band [19][6] antenna design for RF energy harvesting applications. The 
design of compact multiple band microstrip antennas for wireless applications also gains a highlight 
and received much attention in [20][21]. 

The planar monopole antenna is used to provide required impedance matching at two bands with 
easier integration [11]. The antenna consists of a ground plane on the back of the PCB, and three 
connected microstrip lines on the top of the PCB. All the microstrip lines shared the same feeding point 
with the RF input pin. The antenna was optimized by altering the length of the microstrip lines which 
also managed to provide required impedance. The same antenna structure with different antenna 
parameters was also designed. The purpose is to use the antenna for different implementations where 
Antenna A is for 9000MHz & 1900MHz band application while Antenna B is for 900MHz & 2000MHz 
band application. Antenna B obtained better return loss with -35dB in comparison to Antenna A with - 
25dB of return loss. However, both antennas are still suitable to be adapted to general dual band 
applications which require a matching to different impedances at two frequencies. 

Another study on dual band antenna has been done, but this time a microstrip patch was used [22]. 
The structure consists of a square-shaped ring patch and it is connected to a microstrip feedline. This 
antenna potentially work well with RF energy harvesting system due to its promising gain and 
bandwidth values. Furthermore, miniaturized microstrip antennas are able to improve their 
performance and reduce the overall size of wireless devices [27]. 

The study about ring patches proves that various ring shapes managed to obtain better bandwidth 
and higher radiation resistance when the higher order modes are excited [23][24][25]. Another different 
study found that the ring antenna is excited with a capacitive strip in another layer in a stacked 
configuration [26]. Paper [25] describes the impedance properties of a dual frequency concentric 
annular ring microstrip patch antenna. Meanwhile, a parametric study of a microstrip square ring 
antenna has been done in [22]. From the investigation, the bandwidth and gain of the microstrip square 
ring antenna increased with the increment the ring’s width even though the resonance frequency is 
slightly shifted to a lower frequency. 

Printed dipole was also a type of antenna that was used for energy harvesting due to its 
advantageous features such as low cost and provide large bandwidth. In [9], printed dipole antenna is 
designed and optimized specifically for GSM band application at 915 MHz. This antenna yields a very 
omnidirectional radiation pattern which is very suitable for RF energy harvesting to capture signals in 
all directions. A mini reflector was used to triple up the gain of this antenna from 2.49 dB to 6.28 dB. 

In [8], several spiral antennas for RF energy harvesting in 0.2 GHz to 2.4 GHz frequency range 1s 
compared. The spiral was known as one kind of antenna structure that possess radiation pattern over a 
wide range of frequency. However, it has less packing conformity when built in printed circuit board, 
which caused a drawback of many excessive areas on the board. 3 types of spiral antennas have been 
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compared which are Archimedean spiral antenna, square spiral antenna and hexagonal spiral antenna as 
shown in Figure 4. 


(a) 
Figure 4. Array for (a) Hexagonal spiral antenna (b) Archimedean spiral antenna 


(c) Square spiral antenna [8] 


Archimedean and square spiral antenna obtained better gain value than hexagonal spiral antenna 
with 5dB and 4.8dB, both at 2.4GHz frequency. However hexagonal spiral tends to approach the 
circular shape which optimizes the PCB cover area by accommodating a number of spirals. It also 
generates better broadband while maintaining packing conformality. 

Patch antenna most likely has been chosen to be designed and implemented with RF energy 
harvesting. Various structures in the form of patch antennas have been designed such as L-shape, U- 
shape, star shape, E-shape, circular patch and square shaped to be used in the 900MHz, 2.4GHz, 4GHz, 
5GHz, and 6GHz frequency [28][29][30][31]. Despite of its advantages of being low profile and 
inexpensive to fabricate, patch antennas has a drawback of narrow bandwidth, low efficiency, and low 
gain [7][4][19]. In order to overcome the problem, some methods have been investigated and proposed. 
These include embedding slots on the patch antenna and using various impedance matching and 
feeding techniques [32][33][34]. 

Antenna array design has also been investigated for RF energy harvesting with expectations to 
scavenge power effectively in [12][13]. Author of paper [4] proposed a microstrip stacked patch 
antenna array with lower power consumption. It shows better VSWR, return loss and efficiency 
compared to common inset fed patch antenna at 2.45 GHz frequency with improvement of return loss 
of about 30dB. Apart from that, the high gain value of 11.98 dB also was a factor that contributes to the 
antenna’s ability to achieve better voltage levels. However this antenna has a drawback of larger 
antenna size even though the use of antenna arrays can increase the RF and DC power [2]. A single 
patch itself has a dimension of 40.49mm x 40.49mm. 


2.2. Rectifier Design 


Rectifier, which is also called as pump device, has the function of converting an input RF signal 
received by the antenna into suitable DC supply voltage. Rectifier converts a part of the incoming 
power supply to DC for power supply. It takes advantage of the diode’s behavior to rectify a signal; 
depending on the signal level, the diode allows or does not allow the current to pass. 

The basic or simplest rectifier consists of two different positions of the capacitor; parallel or series. 
Figure 5 (a) shows a rectifier using a series diode where the capacitor is connected in series followed 
by a parallel connected diode. 


“ 


(a) (b) 


Figure 5. Type of rectifier: (a) Basic rectifier (b) Voltage doubler (c) Voltage multiplier 
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From the basic rectifier, a voltage doubler circuit can be designed by using two diodes and two 
capacitors as shown in Figure 5 (b). The voltage doubler configuration is chosen to be used as the 
rectifier circuit in [35] and [36]. Paper [37] has used conventional voltage doubler rectifier together 
with floating-gate voltage doubler rectifier. The function of voltage doubler rectifier is to rectify the 
full-wave peak-to-peak voltage of the incoming RF signal. It can be arranged in cascade to increase the 
output voltage. 

Additional sections of diodes and capacitors may be cascaded in order to obtain voltage multiplier 
circuits of higher order. Voltage multiplier consists of N-stage which indicates the number of stages of 
particular voltage multiplier. Figure 5 (c) shows the design of a voltage multiplier. 

The design of voltage multiplier circuit has been described in various literatures [38][39][40], for 
instance Cockroft Walton, Villard Cascade and Dickson voltage multiplier. Cockroft Walton voltage 
multiplier is capable to produce DC output voltage potential tens of times that of the peak AC input 
voltage. However, the drawback of this kind of rectifier is the limitation in current capacity and 
regulation. Table 1 shows the comparison of the rectifiers. 


Table 1. Comparison of rectifiers 


Type of Structure Rectifier Topology 
rectifier 


Basic rectifier | A diode connected in series with a load. A | Half-wave rectifier, full-wave 
capacitor acted as a filter to smoothen the | rectifier 
ripple in the output. Commonly called as 
single-stage rectifier. 


Voltage doubler | Uses two stages to approximately double up | Villard circuit, Greinacher circuit, 
the DC voltage. bridge circuit, Dickson charge 
pump voltage-doubler 
Voltage Converts RF energy into DC voltage using a | Villard cascade voltage multiplier, 
multiplier network of capacitors and diodes. Dickson multiplier, Cockroft 
Walton voltage multiplier 


3. Discussion 


The integration of the antenna and the rectifier is also known as rectenna. The rectenna is a passive 
element with a diode than can receive and rectify microwave power to direct current, which results in 
its ability to operate without any power source. Many research works on rectenna elements have been 
published. For example, the finding of various antenna types to be used in rectenna system such as 
dipole, Yagi-Uda antenna, microstrip antenna, monopole, coplanar patch, spiral antenna, and even 
parabolic antenna. The antennas can also be integrated with any type of rectify circuit (rectifier) such 
as single shunt full-wave rectifier, full-wave bridge rectifier, voltage multiplier and hybrid rectifiers. 
The circuit, especially the diode, determines the RF-DC conversion efficiency. Common diode used in 
most rectennas is silicon Schottky barrier diodes. 

RF energy harvesting basically has several different types of system. In [2], two systems have been 
studied to recover the RF energy which is a broadband system and a narrowband system. For both 
systems, a broadband antenna is needed and therefore a spiral antenna is used. Unlike any spiral 
antenna structure in [8], an equiangular spiral antenna in [2] 1s used due to its advantageous features 
including possible dual polarization and its ability to operate under a broad frequency band. 

In broadband system, it consists of rectifier without matching circuit and broadband antenna. 
Therefore the antenna used must be able to maximize the DC power harvested and recover all signals 
available. For that purpose, an omni-directional broadband antenna is needed. Return loss of the 
proposed antenna is lower than -10dB which means the efficiency of this antenna will be more than 
90% overall. The antenna also managed to obtain a quasi omni-directional radiation pattern at a 
frequency of around | GHz. 

While for the narrowband system, the same antenna structure was used together with matching 
circuit which resulted an increment to DC power. However, the drawback of this system is the low 
efficiency of conversion RF/DC that occurred (0.6%). 


332 


Current Developments of RF Energy Harvesting System for Wireless Sensor Networks 
Zahriladha Zakaria, Nur Aishah Zainuddin, Mohd Nor Husain, Mohamad Zoinol Abidin 
Abd Aziz, Mohamad Ariffin Mutalib, Abdul Rani Othman 


Another paper that is interested in spiral antenna as a receiver medium is stated in [37][38]. It 
presents a constant gain and input impedance in the interest band with circular polarization. The input 
recoverable power increases increasing the antenna gain. Antenna gain plays an important role on the 
RF to DC conversion efficiency. In addition, the antenna with directional radiation pattern contributes 
higher gain achievement, which eventually will increase the antenna’s receiving power. Therefore, 
most researchers use array and stacked patch antenna technique to increase the antenna gain, 
approximately until 10dB and above. 

Several designs of antenna that are operate under a broad frequency band haven been identified from 
selected sources. These antennas have been redesigned and optimized using Computer Simulation Tool 
(CST). Some modifications have been made to the antenna structure to investigate the new outcome. 
Most of the antenna uses a FR-4 board material with different type such as microstrip, monopole, dipole 
and planar and embedded with various antenna structure as summarized in Table 2. 


Table 2. Comparison of antenna structure 


Antenna Antenna Remarks 
Type Structure 


Monopole Microstrip e Well suited to be adapted to general dual band applications. 
line e Has a flexible design where required impedance can be 
achieved by altering length and geometries of the 

microstrip lines. Return loss achieved is -25dB. 


Helps provide the ability to operate at more RF bands and 
harvest energy for remote power applications. 


Microstrip | Square ring This antenna has a drawback of a very narrow bandwidth. 
Bandwidth increased by increasing the width of the ring, 
however, another drawback is resonant frequency is also 
slightly shifted to lower frequency when the width of ring 


increases. Therefore only the width of two sides away from 
the feedline 1s increased with return loss achieved until - 
44.8dB and a gain of 6.12dB. 


Dipole Similar to The structure of suggested GSM printed dipole antenna is 
golf clubs geometrically optimized to reduce antenna size, increase 
shape impedance adaptation, to center the resonant frequency and 
to increase gain. 
Have an omnidirectional radiation pattern which is very 
good for energy harvesting antenna. 


Antenna gain is improved by 252% by using a mini 
reflector behind the antenna at a distance of A/4 ~ 75mm. 


Planar Spiral The rectangular patch antenna has a drawback of narrow 
bandwidth. However, instead of that, it has good radiation 
pattern over a wide range of frequency. 3 types of spiral 
antenna is compared — Archimedean spiral, square spiral, 
and hexagonal spiral. 

Among all 3 designs, hexagonal spiral generates better 
broadband and gain. More number of spirals also can be 
used by using hexagonal spiral. 


Microstrip | Rectangular Patch antenna has the advantages of low profile and 
suitable for high-frequency application despite of their 
narrow bandwidth. 

Antenna structure has a patch, pi matching network, and 
partial ground plane on the other side. The edge fiddling 
technique is used. 

Wide bandwidth can be achieved by adjusting antenna’s 
parameter. 


Planar Stacked e Antenna consists of two stacked rectangular patches and a | [3] 
patch with ground plane where the upper four patches have four slots 
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on the edges. 

The antenna has a drawback in terms of size. It is bigger 
than other conventional antenna for RF energy harvesting. 
However, it has a very high gain value of 11.98dB. 


Microstrip | Equiangular For maximal power transfer, the antenna impedance must 
spiral be matched to the optimal diode impedance for all 
frequencies. 
Equiangular antenna has a possible dual polarization, 
broadband antenna and omni-directional radiation pattern. 


There are a few requirements need to be considered when designing a rectifier circuit [41]. For 
instance, several criteria of rectifying circuit are evaluated in [42] including the choice of diodes, 
number of stages, effect of load impedance as well as the efficiency of RF-DC conversion. 

We need to bear in mind that the most crucial requirement for a harvesting energy circuit is to be 
able to operate with weak input RF power. Therefore, a diode with a very fast switching time need to 
be used for the energy harvesting circuit is operating at high frequencies. Schottky diode 1s one of the 
popular diodes used in rectifier circuit. It uses a metal-semiconductor junction which allows the 
junction to operate much faster and gives forward voltage drop. Saturation current 1s another critical 
parameter that impacts the efficiency of diodes. 

The number of rectifier stages has a major influence on the output voltage of the energy harvesting 
circuit where the output voltage is directly proportional to the number of stages used in the energy 
harvesting circuit. A rectifier with too few rectifier stages would yield an insufficient output voltage 
while too many rectifier stages may damp out the effect of the high Q-resonator. Figure 6 and Figure 7 
shows the relation of number of rectifier stages on the energy harvesting efficiency and output voltage. 
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Figure 7. Effect of number of stages on the output voltage of energy harvesting circuit [42] 


As mentioned previously, there have been several types of system in RF energy harvesting. 
Researchers in [2] came out with two types of systems. The first one is a broadband system without 
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using any matching circuit while the second one 1s a narrowband system which includes a matching 
circuit. 

The DC power scavenged using the narrowband system [2] can be attended until 400pW. The 
RF/DC converter used is a voltage doubler which uses the harmonic balance method. It was then 
optimized by using a commercial zero biased Schottky diode. Figure 8 shows the variations of the 
output DC power versus the input RF power at 1.5GHz which resulting the RF power more than 
-32dBm for both simulation and measurement. 
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Figure 8. Effect of load impedance on the efficiency of energy harvesting circuit [42] 


Based on the review gained in this study, it is believed that there is still a room for further 
researches and developments before the technique become mature. Thus, it is recommended to further 
investigate and discover the optimum antenna and rectifier topology at GSM850, GSM900, GSM1800 
and ISM frequency band particularly in Malaysia. It also involves designing several types of antennas 
to cover the above-mentioned frequency range in order to match the criteria for the overall system. 

For the RF energy harvesting, the antenna with directional radiation pattern is most suitable to 
integrate with rectifying circuit because it radiates or receives more power in particular directions. 
However, antennas with an omnidirectional radiation pattern can still be considered since it provides 
and receives equal signals in all directions even though the signal strength might be weaker. Another 
factor to consider is to design an antenna with higher gain since the gain relates to the antenna’s ability 
to capture ambient signals significantly. Besides, the antenna itself must have a return loss better than - 
10 dB which contributes to 90% of antenna efficiency. Larger return loss indicates higher power being 
radiated by the antenna which eventually increases the antenna’s gain. Therefore, printed circuit board 
or PCB-based antenna will be used in this project since it is easy to fabricate, low cost and able to 
achieve high gain. 

While the optimum rectifying circuit topologies must be comprehended to fulfill the requirement of 
supplying sufficient energy harvested and thus, it has been recognized that voltage multiplier is capable 
to realize a maximum conversion of RF signal into DC electrical signal. 

Figure 9 shows the measurement setup for an energy harvesting system. The propagation model as 
studied in [43] can also be used to determine the path loss between the transmitter and receiver. Then, 
the intelligent technique developed by [44] is suggested to be applied in this work to improve the 
energy-efficiency for wireless sensor networks. 
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Transmitting Antenna Antenna Under Test 


Figure 9. Antenna and rectifier measurement setup 


4. Conclusion 


A study on energy harvesting based on microwave signals has been reviewed. There are some 
design issues occurred in RF energy harvesting that need to be considered including low conversion 


efficiency and low rectified power. Improvements in efficiency of the RF signal harvesting is important. 


In general, many published papers on RF power to DC conversion - have presented circuits that are 
capable of converting input or incident power as low as -20dBm. This means that, if an RF survey or 
scan finds signals in space, with power spectrum levels around -20dBm, then it is potentially viable to 
harvest such signal power. The verification process of the proposed antenna and rectifier design that 
operates particularly in GSM and ISM band will be further explored and implemented through an 
experiment in laboratory and field works. It is believed that these discoveries will motivate further 
researches towards the usage of RF energy harvesting particularly in wireless sensor networks and their 
applications. 
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Abstract 


A low profile design which could be used in order to analyze RF energy in near home premises is presented in this 
paper. The system design is intended to practice in the real world in an easy, economical and DIY way. The idea was to 
detect the possible source of RF energy that could be harvested even for a short span. A monitoring unit which is 
microcontroller with two patch antennas, each with a two stage schottky diode voltage multiplier acting as its sensors 
look for a potential RF energy (Bi-directional only) as soon unit powered up, then unit compare and record the strength 
of nearby RF energy which is provided as feedback to a servo motor. A rectenna, which is mounted on the top of the 
servo motor, is made responsible to measure and harvest RF energy. The DC power from the harvesting rectenna is 
used to power digital thermometer with an LCD module. A low profile prototype is implemented, tested locally and 
found with acceptable performance. 


Keywords: Energy harvesting, Measurement, Rectennas, Schottky diode, Sensor System. 


1. Introduction 


Emerging self powered systems challenge and dictate the direction of research in energy harvesting (EH). State of 
the art in energy harvesting is being applied in various fields using different single energy sources or a combination of 
two or more sources. This kind of environmental friendly energy sources include energy harvesting from rectennas, 
passive human power, wind energy and solar power. Power we can extract from those techniques is limited by 
regulations and free-space path loss. As a general idea, small dimensions are a basic feature of portable devices, so the 
rectenna should be the same way. [17] Smaller the size results in the received power to be lower. This made wireless 
power transfer suitable for the low-power applications, e.g., a low-power wireless sensor. 

The way technology advance every year allow the decrease of certain characteristics in digital systems, like size 
and power consumption, that will lead to the gain of new ways of computing and use of electronics, as an example we 
have wearable devices and wireless sensor networks. Currently, these devices are more powered by batteries, however, 
they present many disadvantages such as: the need to either replace them or recharge them periodically and their big 
size and weight compared to high technology electronics. A solution proposed to this problem was stated before: to 
extract (harvest) energy from the environment to either recharge a battery, or even to directly power the electronic 
device. [3][20] 

Targeted RF energy is in the ambient or areas close to transmission towers provides an opportunity to harvest that 
energy. Some of the most prominent sources are FM radio systems ((88-108 MHz, transmitted power few tens of KW), 
TV Transmission (180-220 MHz, transmitted power few tens of KW), Cell Tower Transmission (10 to 20 W per 
carrier), Wi-Fi (2.45GHz, 5.8GHz), AM Transmission (540-1600 KHz, transmitted power few hundred KW) and 
mobile phones (transmitted power 1W to 2W), etc. [15] Cell towers can be used as a continuous source of renewable 
energy as they transmit 24 hours. 
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Fig. 1: a) Detailed Block Diagram for proposed system. (V-voltmeter) 


Fig 1 presents the basic functionality of the system: 

1. First, an antenna is in charge to capture the RF signals from the possible source of interest (CDMA-GSM 
Band). 

2. Then a zero bias diode detector circuit (voltage multiplier) will convert RF-DC (carrier power) which will be 
input to the monitoring unit. 

3. The Arduino Uno (open source hardware as monitoring unit) is used to read real time analog data from the 
voltage multiplier and will send it to PC via an interface. 

4. Matlab R2012a software is used to read digital data values available at pc port and to plot it in terms of 
voltage, compare the signal and put command to control servo motor of the measuring Rectenna. 

5. Servo motor will get a command from Matlab R2012a via microcontroller unit and also sent back feedback 
voltage for current position. 

6. Finally the measuring rectenna will be on target RF source to measure electric field strength and display it in 
terms of voltage on the voltmeter. 


Several operating frequencies for the rectenna have been investigated in the literature. Traditionally the GSM900 
band has been utilized due to the presence of 2G networks; additionally the 1800 MHz band has also been considered 
which implies a smaller antenna aperture area than that of 9OOMHz. Both frequency bands present similar advantages 
because they have comparably low atmospheric loss, cheap components availability, and high conversion 
efficiency.[4][8] Hence the frequency bands corresponding to mobile telephone systems such as 800 MHz, 900 MHz 
and 1800MHz present good alternatives for electromagnetic energy harvesting systems, although they require a larger 
antenna size. 


2. Design 


In order to be able to utilize wireless power efficiently rectenna is needed. This paper presents a rectenna system 
with numerical and test observations. This provides a good insight of low profile system for the wireless power 
assessment and utilization. The incident RF power is converted into dc power by the voltage multiplier. The matching 
network, composed of inductive and capacitive elements, ensures the maximum power delivery from antenna to voltage 
multiplier. The energy storage (output capacitor) ensures smooth power delivery to the load and as a reserve for 
durations when external energy is unavailable. Such a design needs to be carefully crafted: increasing the number of 
multiplier stages gives higher voltage at the load, and yet reduces the current through the final load branch. [17] 


This work has three major goals: 


1. Measurement of stray radiation in term of Electric field intensity (V/ m). 
2. RF energy harvesting/recycling. 
3. Powering of low-power applications. 


2.1. Voltage multiplier and diode selection 


The forward voltage drop (Vf), reverse-recovery time (Trr), and junction capacitance (Cj) of Schottky diodes are 
closer to ideal than the average “rectifying” diode. This makes them well suited for high-frequency applications. 
Unfortunately, though, Schottky diodes typically have lower forward current (If) and reverse voltage (Vrrm and Vdc) 
ratings than rectifying diodes and are thus unsuitable for applications involving substantial amounts of power, Though 
they are used in low voltage switching regulator power supplies. [23] 

The Schottky diodes used are characterized by a low parasitic capacitance Cjo (0.14 pF) and a low serial resistor 
Rs (20 Q). At microwave frequencies, rectifiers are highly nonlinear and difficult to design based upon purely analytic 
equations. Commercially available harmonic-balance simulators are useful at low power levels. 

When looking for a rectifying diode in the context of RF recycling, a diode with high conversion efficiency, even 
for very small incident power levels is required. One of the crucial requirements for the energy harvesting circuit is to 
be able to operate with weak input RF power. For a typical 50-ohm antenna, the -20 dBm received RF signal power 
means amplitude of 32 mW. As the peak voltage of the ac signal obtained at the antenna is generally much smaller than 
the diode threshold [12], diodes with lowest possible turn on voltage are preferable. Moreover, since the energy 
harvesting circuit is operating in high frequencies, diodes with a very fast switching time need to be used. [17] Schottky 
diodes use a metal—semiconductor junction instead of a semiconductor—semiconductor junction. This allows the 
junction to operate much faster, and gives a forward voltage drop of as low as 0.15 V. 

Earlier the choice was using Fairchild’s 1N4148 small signal diodes and 1N5819 Schottky rectifiers. But the 
study presented in [22] gave a broad view of there operation under various condition determine that the previous diodes 
having higher forward voltage requirement as compared to Hsms 282c and the capacitance of the diode’s is higher as 
well .The final rectifier circuit is designed using Hsms 282c Schottky Diode. Avago’s Hsms-282x family of zero bias 
Schottky detector diodes are already designed and optimized by manufacturer for use in small signal (Pin >-20 dBm). 
They are ideal for RFID and RF Tag applications where primary (DC bias) power is not available. [13][14] 
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Fig. 2: a) Single stage diode detector. b) Two stage diode detector with output capacitor. 


The fig. 2 above presents the two types of diode detectors on of which (b) is full wave rectifier (known also as a 
two stage diode voltage doubler). Such a circuit offers several advantages. First the voltage outputs of two diodes are 
added in series, increasing the overall value of voltage sensitivity for the network (compared to a single diode detector). 
Second, the RF impedances of the two diodes are added in parallel, making the job of reactive matching a bit easier. 
[14] 

The number of rectifier stages has a major influence on the output voltage of the energy harvesting circuit. [17] 
Each stage here is a modified voltage multiplier, arranged in series. The output voltage is directly proportional to the 
number of stages used in the energy harvesting circuit. However, practical constraints force a limit on the number of 
permissible stages, and in turn, the output voltage. Here, the voltage gain decreases as number of stages increases due to 
parasitic effect of the constituent capacitors of each stage, and finally it becomes negligible.[13] 


Diode 
——H SM S-282c 


sl YN ‘ 
’ 


A 
P JE a A 2 
> \ 7 | | h 


a) b) 


Fig. 3: a) PCB layout for voltage multiplier b) Fabricated two stage voltage multiplier with HSMS-282c. 


2.2. Rectenna 


The word rectenna is composed of rectifying circuit and antenna. The rectenna and its word were invented by W. 
C. Brown in 1960's. [2] The rectenna can receive and rectify a microwave power to DC, is passive element with a 
rectifying diode, operated without any power source. The antenna of rectenna can be any type such as dipole, Yagi-Uda 
antenna, microstrip antenna, monopole, coplanar patch, spiral antenna, or even parabolic antenna. The rectenna can also 
take any type of rectifying circuit such as single shunt full-wave rectifier, full-wave bridge rectifier, or other hybrid 
rectifiers. The circuit, especially diode, mainly determines the RF-DC conversion efficiency; rectennas with FET or 
HEMT appear in recent years. (The rectenna using the active devices is not passive element). [2] 


a) 


Fig. 4: Modified Inset-feed Patch Antenna with Dimensions a) CAD design with dimension b) Fabricated patch on FR4 


A circular polarized microstrip patch antenna in fig 4 a) and b) above (86 mm x 75 mm) has been associated with 
the rectifier to obtain the complete rectenna design. The antenna simulation was carried out using the electromagnetic 
simulator Ansoft HFSS v.11 [9]. The closest to desired resonant frequency has been achieved and matched in a single 
simulation. It showed a good input matching level at 886 MHz. 
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Figure 5: Return Loss (S11) of Microstrip antenna. 


Radiation Pattern 


Curve Info 
—— dBi GainTotal) 
Setup: LastAdaptve 
Theta=Odeq 

—— dBi GainTotal) 
setup : LastAdaptive 
Theta=B0deg 

—— dBi GainTotal) 
Setupl : LastAdaptve 
Theta="180deg 


-180 


Figure 6: Radiation Gain plot of Microstrip antenna. 


After simulating the structure figure 5 above showing return loss (S41) of the patch antenna structure .The plot gives 
return loss of ~21.9 dB at 886 MHz. Figure 6 is the radiation gain plot of the microstrip antenna at 886 MHz from three 
major angles of 0, 90 and 180 degree which is showing the maximum gain as -3.91dB.Here point t ponder is although 
the bandwidth of antenna is ~25 MHz still it could be used to beyond that band. The problem that will occur using this 
antenna beyond its resonant band is mismatched impedance and it will not produce maximum/efficient output. 


The purpose of the inset cut in the patch is to match the impedance of the feed line to the patch without the need 
for any additional matching element. This is achieved by properly controlling the inset position. Hence this is an easy 
feeding scheme, since it provides ease of fabrication and simplicity in modeling as well as impedance matching. 
However as the thickness of the dielectric substrate being used, increases, surface waves and spurious feed radiation 
also increases. The feed radiation also leads to undesired cross polarized radiation. [17][11] 


The three essential parameters for the design of a rectangular Microstrip Patch Antenna are: 


e Frequency of operation ( fo ) 886 MHz 

e Dielectric constant of the substrate ( er ) 4.4 

e Height of dielectric substrate ( h ) 1.6 mm. 
The parameters obtained using the formulas for inset feed [11] are: 

e Total width of the antenna (W) 86 mm 

e Total length of the antenna (L) 75 mm 

e Effective Dielectric Constant (ereff ) 3.9262 


At higher frequencies such as 800 or 1900MHz the low values of inductors are difficult to construct especially at 
board level circuit design. But using the inductor along with capacitor at integrated circuit level design greatly improves 
the performance. Resonant frequency is also influenced by diode capacitance as it is related with reverse diode voltage 
and input voltage. [6][23] 

In order to test single and double stage voltage multiplier output both are fabricated on a Copper clad sheet 
(FR4).the single stage detector is embedded with the patch antenna as in fig.7 a) while the two stage diode detector is 
attached with patch antenna on it back side can be seen in inset of fig.7 b). 


Figure 7: Fabricated patch antenna with a) single stage diode (HSMS-282c) detector b) two stage diode (BAT-16) detector (voltage multiplier). 


Some effects were previously observed by many researchers is that the circuit yields the optimal efficiency at a 
particular load value, that is, the circuit’s efficiency decreases dramatically if the load value is too low or too high. 
Since the energy harvesting circuit consists of diodes, which are nonlinear devices, the circuit itself exhibits 
nonlinearity. This implies that the impedance of the energy harvesting circuit varies with the amount of power received 
from the antenna. Since the maximum power transfer occurs when the circuit is matched with the antenna, the 
impedance matching is usually performed at the particular input power. [17] 


The RF signals can be captured using Multiband antenna such as quad band are easily available in market and 
usually work at 900MHz/1800MHz/1900MHz/2.4GHz. These are of usually whip type, but small size such as printed, 
patch, spiral antennas are also testable. A tuning capacitor (Ctune) is used to capture the maximum power at required 
frequency range. Using only Clamp capacitor in antenna matching circuit we can tune the antenna at its resonant 
frequency. The tuning Capacitor (Ctune) can be verified by using the following formula to resonate with antenna 
inductance (Lantenna), where f is the frequency of operation. 


1 
2m f = 
Í V Daria x Cine l. 


f = Reasonant Frequency 
Ctune = Tuning Capacitor 
Lantenna = Antenna Inductance 


3. Test and Observation discussion 


As per the block diagram representation the system required a (CDMA-GSM) RF source with known power level 
that is served by BTS tower near the lab. It is well known that in India the mobile tower have major band of operation in 
877MHz-915MHz. For measurement it needs to determine the power at specified distance that is measured by Spectrum 
Analyzer and my four stages diode detector using 1N4148 is used earlier. Antenna for transmitting is assumed omni- 
directional whip antenna. While the antenna used in case of measurement of standard emission by RF source is 
measured using helical wire (unmatched) antenna on spectrum analyzer port and a copper patch for IN4148 diode 
detector. 

Since the test receiver/detector used was a very low profile diode detector using 1N4148 (Semiconductor- 
semiconductor junction) which is having forward voltage drop ~620mV at 1mA and 1V at 15mA which is not an 
efficient value for the required application. For the final tests 1N4148 design is neglected and Schottkey Diodes (zero 
bias) like HSMS-282C AND BAT-16 that is designed for having very low forward voltage drop (approx. 340mV & 
580mV respectively) and high switching speed is used. 


3.1. Testing at external site 


Setup shown in fig. 8 is a copper patch attached with two stage diode voltage multiplier to test electric field 
strength in vicinity of mobile phone tower. In order to make comparison of the electric field strength (V/m) near mobile 
phone tower antenna one needed to calculate ideal value of power that should be received and then the practical value 
measurement. 
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Fig 8: Rectenna 
a) using two stage schottkey diode detector b) Testing at external site (cell tower) 


For calculation of ideal radiation figures/component certain parameters are assumed (on the basis of previous 
presented reports and data from Indian ministry of telecommunication site). These considerations could have deviation 
from standard one which may be the possible cause of difference reflected in practical measurement. Below present 
equation 2 to 7 are standard equations that are used with FRISS Model to calculate ideal values and to convert measured 
value. [17] 


Parameters: 

Frequency of interest (f) = 900 MHz (Between CDMA and GSM band) 

Largest radiator dimension (D) = approx. 1 meter 

Wavelength in meters ( A ) = 0.33 meters 

Typical Base station power (single carrier per operator) (Pt) = 10 watts/2 watt (amended Indian limit for radiation). 
Typical Transmitter Antenna gain (Gt) = 17 dB 


Receiver Antenna gain assumed to be (Gr) = -3.9 dB = -1.75 dBi (calculated with simulation model) 
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P: = Power received (W) 

Ae = Antenna aperture (m) 

E = Electric field strength (V/m) 
H = Magnetic field strength (A/m) 
A = Wavelength (m) 

g = Antenna gain 

Zo = Impedance (Ohm) 

S = Power density (W/m2) 


The Fraunhofer distance (d): 
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During measurement practice its is to be ensure that measurement is taken by maintaining minimum distance from cell 
tower because the Friss model of calculation that is to be used to estimate power received valid over far field only. The 
observations are presented in the table 1.Some quick conclusion that could be made is the test site reading are closer to 
ideal value one with the 2W/carrier standard. 


Distance 


from Source (Ideal) 


Power & Electric Field density | Power & Electric Field density 
strength Received 
(Test site) 


ple 8.16 Vim] 18.94dBm | |, 
15 meter mW/m? 2.44 V/mi -10.31 dBm 
3.63 V/m| 11.90 dBm 
mW/m? 5.53 Vim 


aad 4.07 V/m| 12.89 dBm 67 
30 meter "911.62 V/m| -13.97 dBm 
8.8 1.82 5.90 dBm mW/m 
mW/m? V/m 
15.9 
W/m? 2.35 V/m| 8.22 dBm 
50 meter 31 W/m? 1.1 V/m| -17.23 dBm 
ie fc vind 137480 


Table 1: Test results comparison with ideal calculated values while mobile tower as RF source and two stage diode detector as receiver. 
Ideal transmitted power values correspond to RED = 10W/carrier & BLUE = 2W/carrier 


3.2. Testing with the combined system 


3.2 


The combined system is presented in fig 9 a) which includes a glass container used to house two patch antennas 
connected with separate voltage multiplier which can be seen in fig 9 b) are connected to arduino uno (open source 
hardware platform with atmega-328) to its analog input pins. The measuring rectenna is mounted over a servo motor, 
which is controlled by the monitoring unit (microcontroller atmega-328).The voltmeter which is designed to measure 
electric field strength (V/m) is connected to the output of measuring antenna. The data to the analog pin of arduino uno 
is converted to equivalent digital bits and fed to laptop. The Matlab 2012a program on the laptop will collect data from 


arduino uno. 
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When an RF source (CDMA-GSM band) like an 
operating cell phone with call initiated is brought near 
the measuring rectenna will result into an output 
voltage on voltmeter (field strength) as shown in fig 9. 
A program file written in the Matlab 2012a software 
which is for comparing output from the monitoring unit 
if executed, 


will start the arduino uno (monitoring unit); patch 
antenna on both the side of glass structure will start 
working to provide the strength of nearby field which 
will be input to the analog pins of arduino uno. Further 
the monitoring data will be fed to Matlab 2012a 
program executing on its way. The program will start 
plotting a real time graph of two voltages (for both the 
side of glass structure); on the basis of the relative 
strength of both antennas the program will command 
servo via arduino uno to move/target measuring 
rectenna toward the major RF source. In Fig. 9 c) the 
cell phone with a call initiated brought near the 
measuring rectenna, which result into an output of 
~4.9V as pulsating DC is displayed on voltmeter LCD. 
Once the program is manually started in Matlab 2012a 
its activate both the patch antenna attached with 
monitoring unit as a result we can see the fig. 10 .The 
patch antennas are marked as right and left are 
assigned with color marker in Matlab 2012a graph plot. 
In Fig. 10 we can see that initially voltage plot is high 
due to the cell phone setting up communication with 
nearest tower. Another point we can notice is that the 
cell phone and the rectenna facing to the left side of the 
glass structure result into the left patch receiving most 
of the RF radiation. 


Once we move RF source (cell phone) away from left side result into decreasing strength of RF radiation recorded by 
the blue line (left patch antenna) on the plot Eventually moving toward the right of the glass structure rise the RF 
strength recorded by right Patch antenna which will result into high red line strength on the plot. When the red line 
(right patch) record higher strength than a blue line (left patch), 
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Figure 9: Combined system testing a) complete prototype operation, b) circuit inside glass structure, c) measuring rectenna output on 
voltmeter. 


The program will command servo to move measuring rectenna position (facing) from left to Right side .In this way, 
system will keep on comparing the strength and will automatically move measuring antenna toward more RF strength. 
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Figure 10: Plot for patch antenna on left (blue) and right (red) side of monitoring unit. 
3.3. Powering LCD thermometer module 


In fig 11 above presented a practice to power up an LCD thermometer module using the rectenna and a cell 
phone. As in fig 11 b) we can see that the battery from the thermometer module is replaced by rectenna output. Here in 
this case the wire connected to the battery section of the thermometer module is nothing but the output of single stage 
zero biased diode detector using (HSMS-282c), which will convert RF current to DC. When we brought a cell phone 
with an initiated call result in rectenna to provide dc voltage to the thermometer module as could be seen in fig. 11 a) 
the LCD on thermometer module start operating. Once the call terminated the rectenna stopped providing dc output 
result in the power to Thermometer module get down in very short span. Although the thermometer is able to operate 
for the very short span during an operating cell phone call still 1t is verified that power is enough to operate module but 
a consistent source of RF energy or a capacitor with low leakage and possibly with high discharge time. 
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Figure 11: LCD thermometer module a) powered by rectenna using cell phone as RF source, b) Battery is replaced by rectenna output. 
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4. Conclusion 


A low profile RF (CDMA-GSM) energy measuring and harvesting system has been analyzed, designed and 
tested. The novel idea is to track/target the RF energy in real time to measure and harvest it. Voltage multiplier 
configurations, has been verified and optimized by means of test series conducted in lab and external site. Although no 
input low pass filter is used for rejection of harmonics at the input power of the rectifier still results gives good 
agreement to theoretical calculations. 

A low profile inset-feed modified patch antenna is developed and used. A silicon based schottky diode single 
stage and 2 stage rectifiers are designed and fabricated on copper clad sheet (FR4). Comparison of ideal and RF energy 
measured with rectenna at test site with cell towers is presented. 

Low series resistance Schottky diode in single stage detector is used to implement rectenna which could 
successfully power up the LCD thermometer. Although the power is not consistent for long use but system could be 
improved using super capacitor as output load of rectenna to operate low power devices. 

Finally such system could be developed to be prove effective in charging of mobile handset (primary device) by 
placing to be charged mobile handset (secondary device) very close to fully charged mobile handset and draining 
primary device energy for charging the secondary device. Higher performance can be achieved by implemented the 
circuit in low sub micron manufacturing processes. Output voltage level can be increased using multiple stages of the 
multiplier circuit. 
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Introduction: 
Welcome to RF communications 


As a trusted advisor for communications networks around the world, CommScope invests in 
people as much as our products and our industry. Our comprehensive training and education 
programs, participation in working groups on specs and standards, educational conferences, 


and extensive research are long-standing traditions that benefit everyone in our industry. 


That's why we're pleased to present this book on the fundamentals of radio frequency (RF) 
communications for the wireless industry. We hope this valuable information will help foster 
a greater understanding of, and appreciation for, the technology, science and business behind 


modern RF communications. 


The technologies and theories explored here are technical in nature, so we have made every 
effort to make the science of radio systems more accessible for a wider audience—whether you 
are an engineer or simply someone who works in this industry and wants to learn more about 
the basics of how RF communication works, including the issues involved in the planning, 


deployment and maintenance of communication networks. 


Let’s start by taking a look at the storied history behind the technologies that have shaped our 


on-the-go, wireless world. 


a 
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RF systems, then and now 


Wireless communications systems have been in commercial use since 
the 1940s. Some of the earliest implementations included community 
repeaters, paging systems, point-to-point links and specialized mobile 
radio (trunked) systems. More recent innovations and uses of the RF 
spectrum include cellular radio networks, which originated in the 1980s 
and now drive the cell phone and mobile device industry. Even more 
recent evolutions have given us familiar names like WiFi and WiMax, 


which let you connect to a network anywhere in your house, or virtually 
anywhere you go. 


The shared link 


This storied list of applications is incredibly diverse in purpose and design, 


yet every item shares at least one unique characteristic: they all utilize 
radio frequencies between 30 MHz and 2.6 GHz to move information 
between base locations and remote users. 


The chain of components required to make this movement of information 
possible is a complex and varied one. As a proud supplier to the world’s 
communications networks, CommScope is uniquely able to explore and 
explain these components, how they work, and more importantly, how 
they work together. 


Doing our part 


CommScope goes to great lengths to provide the best possible solution 
for every application. For simple or complex RF communications systems, 
each part chosen by an engineer must fulfill a specific role, determined by 
the expectations and limits placed on the installation itself. This book will 
explore several common components and how they interact, including: 

e Antennas 

e Coaxial cables 

e Filters 

e Duplexers and diplexers 

e Amplifiers 

e Remote radio heads 

e Enclosures 

e Power backups 


.. and many others 


1: Introduction 


RF communications: the early years The business case for technical expertise 

While the full story of RF communications is far from complete, the Cell providers monitor key performance indicators within their territories 
capabilities of modern RF technologies exceed the wildest dreams of the to identify coverage problems and assure customer satisfaction. These 
field's earliest pioneers. While we are all familiar with—and indeed, take indicators include quality of service (QOS), dropped calls, failed access 

for granted—living in a globally connected world, the early systems that attempts, and other criteria. Their engineers are on the front lines of this 
laid the foundation for our networked existence were much less powerful. battle for quality and constantly optimizing network performance as traffic 


grows. There are sophisticated parameters and advanced settings that 
help the RF engineer optimize a wireless network. However, successful 
wireless network optimization requires a solid foundation of physical 
components across the RF path (figure 1.1). 


The first RF systems featured a base radio using an omnidirectional 
antenna to communicate with one or more mobile users. Then, as now, 
the effective coverage radius of that base radio was limited by certain 
characteristics, such as RF power, antenna height, and the sensitivity 
of mobile receivers that were vulnerable to thermal noise and other 
interference sources. These systems were also limited by the fact that 
certain frequencies could only be used once in a particular geographical 


i can 7 Self 
area. Once a mobile user left that area, no communication was possible. pamine ity experience 
l l o networks while on the network 
The engineers of AT&T Bell Laboratories envisioned a future that would vanes 
require much higher RF capacities to service thousands or millions of fine tuning 
users at once. To deliver this future, they developed the cellular concept: 
a wireless network that uses lower antenna heights and transmission Hand off parameters Stay on the network 
power levels to create limited-radius coverage areas that used and reused 
the same frequencies within its coverage area. Voice and data calls could Access parameters 
be seamlessly handed off to neighboring cells as the user moved from eee network 
one coverage area or cell to the next. The close-proximity reuse of radio Physical layer - RF path 


channels is the fundamental concept of cellular telephones, and this is 
how today’s wireless networks carry enormous traffic loads in spite of 
limited spectrum. The data riding these RF frequencies could be voice, 
data, or a combination of both; by intelligently managing and reusing the 


limited available bandwidth, the amount of available service increased by 
many orders of magnitude. 1.1: The interconnection of technology, design and optimization 


SD 


Coverage design 
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The tuning and optimization of parameters can never be maximized without a high-performance RF path implemented with top-quality RF components. 
Conversely, wireless systems with weak RF paths perform poorly, resulting in expensive problems on both the operational and customer service fronts. 
Once a network is active, taking down a part of a cell network for maintenance is a costly and disruptive interruption; and, in most cases, one that could 
have been prevented by a better understanding of the site's requirements and the component choices available. 


The path begins 


Now that we understand the importance of foresight in planning, and insight in selection, we can begin this brief exploration of the many ways a 
modern RF communications network can come together. Thank you for joining CommScope on this journey. 
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Where RF theory meets best practices: 
Cell site development and construction 


Building a new cell site raises some of the same questions as building a new house, such as 
deciding what materials to use, who to entrust with the construction, and how to get the best 


results for your money. 


Of course, these problems are magnified when applied to cell site construction because there 
are so many different people, companies, municipalities and regulatory agencies involved. It 
takes a lot of experience to plan for every obstacle. That's why CommScope offers the following 


proven recommendations. 


These general guidelines are the result of decades of successful, practical field work. While 
no guide can cover every aspect of cell site development, we'll cover the most commonly 


experienced technical issues here. 
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Service company You will work with several different companies and agencies in the process of developing your new cell site. You 
A A site AN must be able to count on their competence and expertise. For each stage of development, you should become 
partner responsible for a , , . 

actual cons familiar with the challenges and requirements each partner will face. Knowing these factors will help you judge 
the site, including antenna how well your partners are doing their work and the impact those factors will have on your network when the 


towers, concrete footers and 
pads, security fencing, and 
equipment shelters. 


project is done. 


Step one: choosing a service company 


A service company will help you build the actual structure of your cell site. This includes the tower, shelters, 
cabinets, and other physical infrastructure to support the site's operation (figure 2.1). This can involve heavy, 
demanding construction work and the precision required by modern cell networks means a lot can go wrong 
at this stage. 


2.1: A services company building a cell site tower 


As with building any structure, it pays to research your construction 
company in advance. Here are some of the key facts you should learn 


before selecting your services company: 


e How long has the company been in business, and in the wireless field? 
This is one of the first questions to ask. Experience matters as much as, 
if not more than, expertise. 


e How many employees do they have? How many of them work in the 
field and how many in their home offices? Their staffing levels can 
directly affect how they handle your project. 


e How financially sound is the company? For legal and logistical reasons, 
it's critical that they don't disappear in the middle of construction. 
Plus, they will need to maintain a certain minimum cash flow and credit 
to procure materials. 


e What are their expected payment terms? Some require payment 
within 30 days. Others may allow as many as 90 days. Make sure their 
terms work with your cash flow, too. 


e What is their recent bond history? For everyone's protection, all 
craftsmen in the fleld should be bonded. Looking at their bond history 
can give you a good picture of how well they perform. 


e What kind of insurance do they carry? The company should offer to 
share their certificates of insurance. It’s also smart to request a report 
on their recent claims history. 
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e How does their safety plan hold up? Unfortunately, some companies 
keep a generic plan on file simply as a token compliance effort. 
Speaking with the company’s safety manager will tell you if they really 
understand the written plan. 


e What's in their OSHA logs? The Occupational Safety and Health 
Administration (OSHA) monitors workplace safety; your potential services 
company should have a log of recent incidents, claims and actions. 

As a minimum, the previous three years should be reviewed for 
diligence and completeness. 


e Are their field employees properly certified? All field employees 
should carry current certifications for first aid, CPR, the OSHA 10-hour 
training course, Competent Climber and Tower Rescue operations. 


e Is their gear properly certified for safety? You should request copies of 
current climbing gear inspection certificates. 


e How is their workplace recordkeeping? To see what you could expect 
for your project, ask to see their job site analysis worksheets. 


e What kind of vehicles will they be using? If they use vehicles regulated 
by the Department of Transportation (DOT), request a copy of the DOT 
Carrier Safety Measurement System (CSMS) rating. Prior to 2011, this 
rating was called SafeStat, and some companies may still refer to it by 
that name. 


In general, finding the answers to these questions is simply a matter 
of thorough due diligence. With so many certifications and other 
qualifications in play, you can see how important it is to know your 
services Company partner as well as possible. 


Sa 
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Coaxial cable Step two: choosing coaxial cable and connectors 

A type of cable featuring an l l , , , e ae a sie 

inner o Efficient cell site operation relies on the precise pairing of components. As we will discuss in detail in chapter 3, 
outer conductive layer, and certain cable types are designed to work with certain antennas. As we will explore in chapter 7, those cables 


a dielectric, or insulating, 
space between them. Coaxial 
cable connects antennas to 
their base stations. 


must interface with their systems via connectors built for certain frequencies and power levels (figure 2.2). 


An out-of-specification component or an improper installation of the correct component can cripple an entire 
system. For this reason, it’s wise to contract with skilled engineers for the installation. 


| | 


2.2: Coaxial cable examples; different types are available for different applications 


Handling the cable and connectors during these installations is a delicate 


business. In general, observing these tips can help assure a trouble-free 
installation and dependable, long-term operation: 


e Use the right tool for the job. Using the appropriate cable prep tool, 


2: Cell site development and construction 


Lift smart. Getting cables up an antenna tower Is difficult. Fortunately, 
using the correct hoisting grip will let you put that cable where it needs 
to be without damaging it. Hoisting grips come in several types and 
sizes, so make sure yours matches your cable's specifications. 


usually available from the cable's manufacturer, is the only way to cut 
and prep cable ends for use in connections. Never use a saw; they 
leave metal filings behind, which cause poor electrical performance and 
problems with passive intermodulation (PIM). 


Watch those tricky curves. Different cable types have different 
degrees of allowable bend radii, or flexibility, so you must observe 

the manufacturer's prescribed bend radius for your particular cable. 
Bending too tightly can lead to poor electrical performance and failure 
in the RF path. 


Keep your cables consistent. If at all possible, use RF jumper 

cables from the same manufacturer to make those tight connections. 
Doing so provides consistent electrical performance and 

guarantees PIM performance. 


Ensure proper cable support. Manufacturers publish specifications 
describing how to support lengths of cable, both vertically and 
horizontally. Your specific guidelines will depend on your cable's 
construction, size and weight. If possible, use support clamps from 
the same manufacturer to avoid damage to the cable and loss of 
performance. Using third-party clamps may also invalidate your warranty. 


Go to ground. Grounding the cable is very important to prevent 
damage from lightning strikes. Best practices dictate at least three 
erounding points: at the top of the tower, at the bottom of the tower 
and just outside the entrance to the outbuilding, shelter or cabinet. 


e Puton the pressure. Air dielectric cables use an air-filled gap to insulate 
the inner and outer conductors of a coaxial cable (chapter 7). This gap 
must be pressurized, like a bicycle tire, for the cable to hold its shape and 
prevent damage to the conductors inside. When installing air dielectric 
cable, it must be pressurized immediately. Leaving it overnight can lead 
to moisture condensation in the cable, which will degrade performance 
and is almost impossible to remove once Introduced. 


e Finish with the seal of approval. Connectors are particularly vulnerable 
to infiltration by weather and moisture. As soon as the connections 
are made, you should weatherproof them. Buty! tape is the preferred 
method, but in tight connection spaces, like those atop the antenna 
tower, you can opt for heat-shrink tubing applied with a heat gun. 


By following these recommendations, you can help ensure that your cell 
site will operate at peak efficiency with minimal maintenance. 
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Electrical tilt antenna 

An antenna fitted with actuators 
that can adjust its tilt relative 

to the ground. Changing tilt 
affects gain, or performance, 

of the antenna within defined 
geographical areas. 


Step three: setting and troubleshooting remote 
electrical tilt antennas 


Of the many ways you can improve performance from 
a cell site’s antennas, a particularly effective method 

is beamtlt. It involves physically tilting the orientation 
of the antennas below the horizon, placing its greatest 
gain—its operational power—where it’s needed most 
(chapter 3). 


Efficiently changing the orientation of an antenna to 
realize this benefit is a matter of using electrical tilting 
mechanisms, or actuators, which can be operated from 
a remote location (figures 2.3, 2.4, and 2.5). 


These mechanisms are controlled by an Antenna 
Interface Standards Group (AISG) Remote Electrical Tilt 
(RET) controller, which connects via AISG cables at the 
cell site for adjustment (figure 2.5). 


2.3: An electrical tilt mechanism, or actuator, for a cell 
site antenna 


2.4: A base station antenna (BSA) with integrated RET actuators 


2.5: An example of an AISG RET controller module 


As precision equipment, these tilting antennas can be a challenge to install 


and adjust properly. Getting the best result is a matter of understanding 


the software just as much as the hardware, but there are several ways to 


avoid common pitfalls: 


Install the software first. Before your crew goes to the cell site, install 
the manufacturer's software and become familiar with the controller's 
operation. This early training will help your team hit the ground running 
when they arrive. 


Check for program updates. Driver software for your electronic tilt 
actuator system is constantly updated to work with an ever-growing 
number of different antennas. Make sure your software is current by 
checking for updates on the manufacturer's website. 


Understand the naming conventions. To prevent onsite confusion, 
use conventions for the configuration of actuators that everyone 
will understand. 


Test before installing. For new installations, a little upfront effort 

can prevent big headaches later. Test the actuators, cables and other 
components before installing them on the tower. It's much easier to 
address problems when the components, and you, are on the ground. 


Match antennas and tilts. Not every antenna has the same tilt range, 
so be sure you select the correct one from the database before 
adjusting it. Each antenna's address is based on its product serial 
number, so be sure to keep a written record. You should double-check 
your tilts through tab reports generated by the controller. 


Keep a spare cable on hand. Bring a spare cable to the site In case you 
need to troubleshoot a non-reporting actuator. It’s the fastest, surest 
way to tell if the problem is a faulty actuator or just a bad cable. 


Check before tilting. Before making any new tilt adjustments, pre-scan 
the other antennas to determine their tilt values. 
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e Double-check your work. After making the adjustment, you should perform 
a post-scan to confirm the new settings have been correctly applied. 


e Don't weatherproof cables and connectors. Using electrical tape won't 
keep moisture out, in fact, it gives water a place to accumulate in the 
connector, where it can cause shorts. 


e Protect against lightning. Lightning protection units should be installed 
at the base of the tower, or just before the cable enters the shelter or 
cabinet. Also, as stated above, it should be grounded in at least three 
locations: at the top of the tower, at the bottom of the tower, and just 
before entering the shelter or cabinet. 


e Don't splice in a ground lead. Cutting into the jacket to attach a ground 
to the thin foil tape inside will cause water migration, damaging the 
conductors below the foil. 


e Go right to the source for cable. It’s considered good practice to 
purchase your cable directly from the manufacturer rather than 
obtaining it from a third party. Each manufacturer's system requires 
specific electrical conductors, and using a mismatched cable may lead 
to actuator failure, voiding your warranty. 


e Make the right connections. The home run cable’s male connector— 
the end with the pins—is the end that connects to the controller. 
Also, be careful not to cross-thread actuator cables at the controller 
or on the actuator itself. They should be hand-tightened only. Never 
use a wrench. 


e Cycle the actuators when you're done. After addressing each actuator, 
cycle it fully to confirm there are no hidden problems. 


e Check for cable stress. All cables should be free of stress and secured 
in intervals of 18 to 24 inches. 


Thorough planning and clear procedures like these will ensure that your 
cell site reaches and maintains its maximum potential while also allowing 
you to make the proper adjustments as your network evolves. 


7c —g8 


CommScope: understanding the RF path 


Best practices always yield the best results 


Like building a house, there are countless ways for things to go wrong when building a cell site—which makes it 


all the more important to work with a partner who has the expertise and experience you need to do the job right. 
CommScope’s long history of expertise can turn your next project into your next success. 


Chapter 2 summary 
Cell site development 
and construction: 


e Research and choose a 
reliable services company 


e Know your cables and 
connectors 


e Maximize gain with electrical 
tilt antennas 


Chapter 3 


Getting the signal across: 
Base station antennas 


Today, the quest for a stronger signal strength—or for some, any signal strength at al—has become a 
routine part of our daily lives. We're always searching for a way to get more “bars” on our cell phones 
or faster Wi-Fi connections on our computers. Whether you're at home, at work or on the go, you 


need good reception to communicate and good reception depends on antennas. 


The antenna is one of the most critical parts of both transmitters and receivers, and often, it’s 
the most visible. You can see big antennas mounted on tall towers, and small ones attached to 
Wi-Fi adapters or cell phones. Antennas come in all shapes and sizes because each one is built 
for a specific purpose. However, all antennas share a common link: they are the key to how well 


and how far communications can be shared. 


CommScope invests significant research and resources in the development of reliable, 
high-performance antennas, technology and innovation to better support evolving networks 


around the world. 
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Antenna What is an antenna? 

The portion of an RF l , , , . 

system that radiates radio At its most basic level, an antenna is the portion of a radio system that can: 

energy into space and o o , 

collects it from space. 1. Take radio energy from a transmission line and radiate it into space in a predictable pattern, and 


2. Receive radio energy from open space and feed it back down the transmission line. 


a vcs load Antennas are surprisingly efficient in this line-to-space and space-to-line energy conversion process. In fact, 
applied to an electrical when properly configured with the right components, antennas can yield 80 percent efficiency or greater—a 
system for testing purposes. remarkably high figure in engineering terms. By way of comparison, consider the common incandescent light 


bulb, which yields only 20 percent efficiency. This means that, of the amount of energy put into a bulb as 
electricity, only 20 percent of that energy Is put out as light. An important consideration to maintain an 
antenna's extraordinary efficiency lies in the transmission cable that connects it to the transmitter. 


Matching the line 


To get maximum efficiency from a radio transmission's power, the antenna and cable must share certain 
characteristics to avoid wasted energy. For example, if a radio system uses an Industry standard coaxial cable 
fixed at 50 ohms to connect the antenna and its transmitter, the antenna itself must rate reasonably close to 
50 ohms as well. 


Testing this configuration is a simple task. We connect the coaxial cable to the transmitter and place a 50-ohm 
‘dummy load” on the other end to simulate an antenna. Using a watt meter will reveal two important factors that 
measure the efficiency of the system: 


1. The amount of power entering the cable from the transmitter, and 


2. The amount of power reaching the dummy load. 


The difference between these two measurements represents the power lost in the line itself. The better matched 
the cable, the smaller the difference, and the more power reaches our simulated antenna. 


3: Base station antennas 


If we reduce the simulated antenna's load from 50 ohms to just 25 ohms, 11 percent of the energy sent through 


the coaxial cable would be uselessly returned to the transmitter. That would yield very low efficiency unless 
Voltage standing wave 


we were to replace the 50-ohm coaxial cable with one rated at near 25 ohms, thereby restoring the balance. ratio (VSWR) 

However, the 25 ohm cable would move mismatch to the source end where it connects to the transmitter. A measurement of the 
power reflected between 

Like water pouring through a funnel, the amount of throughput is dictated by the tightest portion of the route. In transmitter and antenna 


in a transmission line that 
connects the two. This 
figure yields the system's 
the voltage standing wave ratio (VSWR). transmission efficiency. 


a radio system, the excess energy bounces between the transmitter and the antenna, which must reject all power 
above its capacity. This endlessly reflected power creates a measurable wave pattern in the cable, an effect called 


VSWR is the measurement of how well-matched a transmission line is to its antenna. Expressed as a ratio, a 
VSWR of 1.0:1 Indicates a perfect match. Likewise, a VSWR of 1.5:1 indicates a 4 percent power reflection, which 
is another way of describing 96 percent efficiency, where 96 percent of the power output from the transmitter 
actually makes it to the antenna (table 3.1). 


Calculating voltage standing wave ratio (VSWR) 


VSWR Return loss (dB) Reflected power (%) Through power (%) 
1.10 26.5 0.2 99.8 
1.25 19.1 1.2 98.8 
1.50 14.1 4.0 96.0 
1.75 11.6 74 92.6 
2.00 10.0 11.0 89.0 


VSWR = [1 + 1 O(CReturn Loss)/20)] /[1 - 10 ((-Return Loss)/20)] 


3.1: Calculating VSWR, and some sample efficiencies 
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Velocity, frequency and wavelength Antennas are two-way streets 

Like all forms of radiation, including visible light, radio waves travel about In theory, antennas transmit and receive in precisely the same way; the 
186,000 miles, or nearly a billlon feet, per second. Like other forms of same processes occur both ways. Only the direction is reversed. In actual 
radiation, radio waves oscillate, or flip back and forth, between plus practice, however, a number of complicating factors, particularly on the 
and minus at a predictable rate. Each complete flip is called a cycle, and receiving end, can impact the efficiency with which the antenna operates. 


cycles are expressed in hertz (figure 3.2). Measuring how many cycles, or 
hertz, a signal oscillates per second gives us its frequency—literally, how 
“frequently” the signal oscillates in one second. 


To demonstrate, it is perhaps easiest to explore the most basic of 


antennas: the half-wave dipole. 


Knowing a signal's speed and its frequency, we can divide the first by the 
second to determine its wavelength—the distance the signal travels while 
completing one full cycle. Wavelengths are usually measured in feet or 
inches, and are useful in understanding what it means to be “in phase’ or 
“out of phase,” which we'll explore later in this chapter. 
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A cycle completes itself traveling The number of cycles in The speed divided by the frequency 
from plus to minus back to plus. one second gives the frequency. gives the distance the wave 


travels in one cycle. 
This is called the wavelength. 


3.2: Relationship of time, frequency, and wavelength 


B 


3: Base station antennas 


Half-wave dipole Frequency 1/2 Wavelength Frequency 1/2 Wavelength 


(MHz) (inches) (MHz) (inches) 
; l “dipole” is th 

The half mae yoke reel aoc antenna, N just a ES a ane e, IS j e 20 196.8 800 74 
most basic one used in two-way base station applications. It is essentially 
nothing more than a straight conductor made of wire, rod or tubing that 20 118.1 700 6.6 
measures exactly half of its assigned frequency’s wavelength. A rule of 74 79.8 1700 25 
thumb for determining the correct length is: 150 29.4 1900 34 

Length (in inches) = 492 divided by the desired frequency in MHz 220 26.8 2100 28 
As a result, dipole antenna length can be highly variable. It could be just 450 13.1 2500 2.4 
2.4 inches in length for a frequency of 2500 MHz, or 20 feet long for a 750 79 3500 1.7 
frequency of 25 MHz. The table below provides more examples 
(table 3.3). 3.3: Half wavelengths of two-way frequencies 


Generally, the feeder line is connected at the midpoint, so the antenna 


radiates at maximum intensity in the middle of the dipole. (figure 3.4). Dipole 


antenna 


1/4 Wavelength 


Antenna 


fader cable 


1/2 Wavelength 


1/4 Wavelength 


Dipole antenna radiation pattern 
e Strongest at center (near feeder) 


3.4: Dipole antenna construction and radiation pattern 
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Vertical and horizontal antenna radiation patterns 


All antennas, regardless of polarization, have three-dimensional radiation 
patterns. If the pattern is extended in all directions equally, the resulting 
shape would be a sphere, with the antenna at its center. The polarization 
of the antenna determines which portion of that sohere represents an 


antenna’s actual pattern. Slicing the sphere vertically yields a vertical circle 
while a horizontal slice would reveal a horizontal circle. 


These theoretical descriptions of the two polarization patterns appear 

to be omnidirectional within their planes, but that’s not quite the case. 

In practice, there are no truly omnidirectional antennas. Our example, 
half-wave dipole antenna, for instance, reveals the truth (figure 3.5). The 
pattern appears circular, like a doughnut, on a horizontal plane, but forms 
a figure-8 in the vertical plane. 


As we will see later in this section, most real-world antennas consist of 
a vertical array of radiating elements and elevation pattern shaping has 
become quite important for interference minimization (figure 3.18). 


Dipole in center of 
doughnut-shaped pattern 


Y 


a) 3-dimensional view b) Horizontal pattern 
looks like a fat doughnut looks like a circle with 
the dipole at the center 


3.5: Radiation patterns for a dipole antenna 


c) Vertical pattern looks 
like a fat figure-eight 
lying on its side. 


3: Base station antennas 


Antenna gain Boosting gain 


Using our half-wave dipole as our reference, we measure gain in decibels Theoretically, there are two ways to increase antenna gain. 
(dB). Decibels are used to compare one quantity of power to another. So, 
taking our dipole as our starting point, we say it has a gain of one, or that 
it has a value of O dB, as it has “zero difference’ from itself. If we have an 


1. We can increase the power or current density in the antenna so it 
will radiate its pattern with greater intensity. But as we discovered 
earlier, we cannot raise the power without fundamentally altering 
the mechanics of the antenna, cable and transmitter. 


antenna with double the power of our reference dipole, we find that its 


power ratio of 2.00 yields 3 dB in gain (table 3.6). 
2. Alternately, we can change the radiation pattern, tightening its 


focus, so more of the existing power is directed where it will be 


Dar ao dB DO dB used. This can be done without changing out hardware. 
0.10 -10 1.00 0 Consider again the circular, doughnut-shape pattern of our dipole 
antenna (figure 3.7). By “squashing” the doughnut vertically, we produce 
0.13 -9 1.26 1 . 
a denser, flatter, rounder pattern. As a consequence, the circle also grows 
0.16 -8 1.58 2 larger as vertical space is traded for horizontal space. Since verticality is 
0.20 _7 2.00 3 rarely of importance, this is a very profitable exchange. 
0.25 26 2.50 4 Aperture of dipoles Vertical pattern Horizontal pattern 
0.32 -5 3.16 5 
0.40 -4 4.00 6 Q Ge ð 
Single dipole 
0.50 -3 5.00 7 
0.63 25) 6.30 8 | 
9 


0.79 = ll 8.00 | 
1.00 = 16, 10.00 10 @ «ia 


— aoe Four dipoles vertically stacked 
3.6: Deriving gain in dB from power ratios | 


3.7: This figure illustrates how stacking four dipoles vertically in line changes the pattern 
shape (squashes the doughnut and increases the gain over a single dipole). The area of 
the horizontal pattern measures the gain. The small lobes in the lower center section are 
secondary minor lobes. 
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In phase 

Multiple antennas radiating 
together at precisely the same 
time and rate. 


Omnidirectional pattern gain antennas 


To achieve greater gain in this circular (or omnidirectional) pattern, we can stack multiple vertical dipole antennas 
above each other, as shown in figure 3.7. This increases the vertical size of the antenna. Then, we feed power to 
the dipoles in such a way that they add together at a distant point—again, with transmission lines matching their 

radiation power limits for greatest efficiency. By feeding equal amounts of power that arrive at each dipole at the 
same instant, the dipoles radiate “in phase,” or in synchronicity, for improved gain by virtue of its pattern. 


This type of antenna is called a vertical collinear phased array, and it is the most commonly used type of base 
station antenna. 
Aperture 


Aperture, or beam width, determines the gain of an antenna. Like an adjustable nozzle on a garden hose, 
aperture describes the degree to which the signal is focused: the tighter the focus, the greater the gain within 


that area of focus. 


Spacing of dipole elements 


In a vertical collinear array, each dipole or sub-array of dipoles is connected in parallel to the common feed point 
by a separate transmission line. This means it's possible to locate the dipoles so that their vertical separation 
tightens overall aperture to boost gain. This separation Is usually something less than a single wavelength of the 
assigned frequency being transmitted. Anything less tends to reduce the improvements in gain. 


3: Base station antennas 


Feeding the array Dipole and reflector 
In a vertical collinear array of two or more dipoles, the most common As we've shown, a vertical dipole antenna has a circular horizontal pattern. 
means of feeding power via the coaxial transmission lines are: However, if we position it in front of a metal screen or wire mesh, we see 


that radiation going to the rear will be blocked (figure 3.8). If this blocked 
radiation is reflected off this screen, the horizontal pattern will no longer 
be circular, but directional. 


Parallel (shunt) feed. Power is fed along individual lines to each 
dipole or sub-array of dipoles. Using matching transformers and 
junctions, the cables connect to the line running down the tower. 


This allows the array to be fed from the center, equalizing the If a dipole is positioned exactly one-quarter wavelength from this 
effectiveness of each array element and preventing the beam tilt reflection screen, the radiation that would ordinarily go to the rear is 
that affects series-fed installations. redirected to the front to form what is called a directional lobe. It's the 


same effect as that of the reflective mirror behind a flashlight's light bulb, 
which redirects the circular light pattern into a single direction. The larger 
the screen, the greater the reflection and the narrower the directional 
Directional gain antennas lobe becomes—and just as the omnidirectional antenna increases gain 

by compressing vertically, this directional antenna increases gain by 
compressing horizontally and directing all its power in a single direction. 


In either application, the physical length of the aperture directly 
determines the amount of gain. 


While omnidirectional gain antennas like the vertical collinear array 
achieve greater gain by compressing its vertical pattern into a flatter 


circular shape, there are other types of antenna that modify their 
horizontal patterns to accomplish the same gain improvements. 


3.8: The omnidirectional pattern of a dipole can be made directional 


En E 


CommScope: understanding the RF path 


Corner reflector and parabolic reflector 


Corner reflectors are right-angled V shapes, with 
their vertices spaced a certain distance from the 
dipole (figure 3.9). The resulting reduced beam 
width and the corresponding increased gain is 
determined by the size, shape and distance of 
the screen from the dipole. 


Modifying this corner reflector into a rounded 
bowl shape creates a parabolic reflector, 

with the dipole placed at its focal point. In 
either application, the reflector may be built 
of closely spaced rods instead of wire mesh, 
increasing the strength and reducing the wind 
drag of the reflector. 


1 


Flat screen 
Radiation to the rear is blocked 


/4 Wavelength 


Parabolic screen 
The parabolic screen focuses on the beam 


3.9: Dipole antenna reflector shapes 


Corner screen 
The screen behind the dipole cuts off radiation to 
the back and reflects it forward to form a beam 


Corner reflector 


Vertical rods replace the scree of the corner screen 
to make a reflector of stronger mechanical design 


The Yagi antenna 


Perhaps the most commonly used directional antenna is 


the Yagi antenna. The Yagi offers many variations and forms, 


but it generally consists of three elements (figure 3.10): 


1. Radiator 
2. Reflector 
3. Director 


These components are arranged such that the director 
is in the front, the radiator behind that, and the reflector 
behind both. Generally, the director is the shortest 
component, and the reflector the longest. The spatial 
relationships between the three elements determine 
the power that goes into the Yagi’s directional lobe, and 


therefore also determine the Yagl's gain. It is an efficient 
and flexible design, offering high gain, low welght, 
minimal wind drag and modest cost, resulting in its 
popularity for two-way radio communications. 


The bandwidth factor 


Another consideration in antenna construction is that of bandwidth. As we discussed in our description of the 
dipole, antennas must be built to lengths that are determined by their operating frequency wavelengths. As you 
may recall, the dipole antenna must be half the length of its assigned wavelength. However, it is possible to build 


Reflector Radiator 


—_ > 


Direction of beam 


Reflector Radiator Director 


——>S 


Direction of beam 


3.10: Two-element and three-element Yagi directional antenna 


an antenna that covers a range of frequency bands or bandwidth centered around a particular frequency. 


Indeed, nearly every antenna in use today affords a fairly wide percentage of bandwidth. In fact, certain antenna 
designs in the 1900 MHz frequency range can offer over 45 percent bandwidth (1710-2690 MHz). These are 


known as ultra-wideband antennas. 


3: Base station antennas 


Yagi antenna 

Also known as an Yagi-Uda 
antenna, this is a common 
type of directional antenna, 
first created in Japan in 
1926 by Hidetsugu Yagi and 
Shintaro Uda. 


—_ 
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The bottom line of antenna design 


We've just covered the basics of antenna design, but it’s important to 
keep in mind that there are no magic formulas or one “ideal” antenna 
configuration. Improving one aspect of operation always comes at the 
expense of another aspect. The best design is always one that is driven by 
the specific operational objectives of the antenna. 


Cellular antenna concepts 


Now that you have a basic working knowledge of antennas and how 
specific configurations can help them perform even better—that is, by 
improving gain. Let's look at a much more specialized and sophisticated 
category: the cellular antenna. 


Cellular antennas are a familiar feature in nearly every corner of the world. 
In many cases, these are cellular networks that bring new connectivity 
where it had never before been possible, and these connections depend 
on cellular base station antennas. 


In cellular base stations, there are two basic antenna types currently in 
use (figure 3.11): 


1. Omnidirectional antennas, which we defined previously as 
antennas that exhibit a circular radiation pattern and operate in 
virtually all directions, and 


2. Directional (or sector) antennas, which operate in a specific 
direction, most commonly covering an arc of 120 degrees or less, 
depending on capacity requirements. 


Figure 3.11 shows older legacy sites using vertically polarized antennas. 
Rural sites typically used 90° horizontal beamwidth models, suburban 
sites used 65° models and urban sites used models ranging from 33° to 


65°. In these cases, two Rx antennas were required per sector to support 
Rx diversity. For modern sites, a single Dual-pol (+45° polarization) model 
with the appropriate horizontal beamwidth supports Rx diversity. 


| Tx | Tx 
| Tx 
Rx Tx Rx 
R TRX 
A Rx” 
Rx 
Rx 
Rx 


| 
| | 
| | 
Omnidirectional antennas Directional antennas 


3.11: The two types of commonly-used cellular base station antennas 


Cell reuse 


What makes cellular networks different from other types of 
communications is the principle of cell reuse. Cell reuse Is a way of 
increasing network capacity by “reusing, or reassigning, individual 
frequencies on the fly within a particular cell. 


To see this process in action, consider the shape of cells and how they fit 
together. Typically, cells are represented as interlocking hexagons, as seen 
below (figure 3.12). Depending on the density of the area served, these 
hexagons can be miles across or cover just a few hundred feet. 


As a result of this incredible flexibility, channel sensitivity is limited 

by external interference rather than noise issues, as older radio 
communications have traditionally been. The specialized pattern shaping 
available with directional antennas, both in azimuth (horizontal direction) 
and elevation (vertical space), allows incredibly precise coverage that 
doesn't interfere with neighboring cells. 


3: Base station antennas 


Antenna characteristics 


A cellular base station’s antenna is the most critical consideration in an 
efficient cellular network, and it all depends on choosing the antenna with 
exactly the right physical characteristics for a specific application. These 
characteristics relate to radiation pattern, antenna gain, front-to-back ratio 
and a number of other critical factors. 


In the real world, defining, choosing and testing these characteristics 
requires a great deal of technical expertise and mathematical skill, so for 
the purposes of this discussion, we will cover the basics with a far more 
generalized approach than an engineer would use in an actual evaluation. 


3.12: Cell reuse in a sample map. The entire map can be covered with just 7 unique cells and still provide adequate channel isolation between cells. 
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Radiation pattern 

The three-dimensional shape 
of an antenna’s strongest 
signal transmission. 


Spherical coordinate system 

A geometric polar 

coordinate system used to 
mathematically map the 
radiation pattern of antennas. 


Azimuth coordinate system 
The polar coordinate system 
used in the field by RF 
engineers and surveyors 

to map the radiation pattern 
of antennas. 


Radiation pattern 


Perhaps the most obvious and important characteristic 
to understand is an antenna’s radiation pattern. If a 
particular application calls for coverage in all directions, 
you would choose an antenna with a circular or 
omnidirectional radiation pattern. If your installation 
requires a more focused signal, a directional antenna’s 
radiation pattern would satisfy your needs. 


Mapping an antenna's radiation pattern is a fairly 
simple task. Connecting a probe antenna to a 

receiver and moving it around your tested antenna 

at a fixed distance allows you see the variations in 
sienal strength. Mapping these readings with polar 
coordinates yields a three-dimensional map showing in 
which directions the antenna transmits most strongly 
(figure 3.13). 


Antenna under test 


Probe antenna 


3.13: Moving a probe antenna around the tested antenna at a fixed 
distance yields a three-dimensional map of its radiation pattern 


3: Base station antennas 


At the same time, a pattern can also be expressed as a conventional rectangular plot with angular position on 

the X-axis and signal strength on the Y-axis. Examples of both are shown below. Depending on the design of the 
antenna, the radiation pattern can display any number of shapes. The isotropic dBi reference is a theoretical “point 
source’ and thus generates a pattern covering all directions of a sphere. As seen previously, the % wave dipole dBd 
reference pattern has nulls above and below the dipole and thus from a conservation of energy standpoint must 
have more gain on the horizon than the dBi reference. The absolute difference of these two standards is 2.14 dB 
and today most manufacturers rate their products in both dBi and dBd. Since an antenna’s gain is determined by 
comparing it to one of these standards, the dBi rating will always be 2.14 dB greater than the dBd rating. 
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3.14: A system controller interface displaying voltage, amperage and alerts 
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Antenna gain 


As discussed earlier, an antenna's radiation pattern is directly connected 
to its gain, or performance power. While we cannot improve gain by 
increasing transmitter power without rebuilding the system entirely, we 
can use radiation patterns to achieve the same objective. 


Gain is measured in decibels (dB) and rises as a function of increasing 
aperture size, which in most cases means increasing the physical size 

of the antenna. As a general rule, a doubling of aperture results in a 
doubling of gain. Though, as a practical matter, larger antennas introduce 
efficiency-reducing power losses that can diminish these improvements. 


Front-to-back ratio 


The ratio of a directional antenna’s maximum directivity to “front” (where 
its main lobe appears) to its “back” where its reflector is located is called, 
appropriately, the antenna’s front-to-back ratio (figure 3.17). 
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Half power 
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Horizontal pattern Polar plot center = -40dB 


5 dB/radial division 


a 10°/angular division 
-3dB level 


3.17: A polar representation of a directional antenna’s front-to-back ratio 
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Side lobes and nulls Polarization 

Apart from a radiation pattern's main lobe, there can also exist side lobes Polarization is a property of the wave produced by an antenna that 

and nulls. Side lobes are extraneous areas of strong signal, and nulls are describes the way that wave varies in space over time. In simpler terms, 
the low-energy spaces between them (figure 3.18). Nulls may exhibit it describes the orientation of that wave, such as vertical or horizontal or 
30 dB or more of attenuation, meaning signals found there can be as slant 45 degrees (Dual-pol). 


weak as one one-thousandth of the power of the main lobe. o 
Cross-polarization ratio 


There are ways of redirecting side lobe power back into the main lobe. 
This process, called null fill, can result in the widening of the main lobe 
and reduce gain accordingly. 


This characteristic measures the performance of a dual-polarized array 
in distinguishing between orthogonal waves (two signals broadcast 
perpendicular to one another, such as horizontally and vertically). This 
figure is calculated as the ratio of co-polarization to cross-polarization 


110 70 Side lobes occurring in the antenna's main lobe (figure 3.19). 
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3.18: A polar representation of a vertical pattern including side lobes and nulls 3.19: Typical and directed dipole cross-polarization ratios 
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Sector power ratio Cellular antennas on a practical level 

Basically, sector power ratio is a comparison of signal power registered When we move beyond the drawing board of theoretical antenna 
outside and inside a desired receiving area as a consequence of an design to the real world, we soon discover that the laws of physics 
antenna’s radiation pattern (figure 3.20). The higher the ratio, the better are not the only limiting factors affecting an actual installation. 

the antenna's interference performance. These issues include everything from tower weight and wind limits 


to local zoning board approvals for antenna size, shape, helght and 
appearance. In most installations, compromises are necessary to 
satisfy all the competing interests. 


As a practical matter, particularly in cellular network applications, lower 
sector power ratios indicate a higher amount of interference between 
antennas in adjacent coverage areas. When competing signals overlap, 
interference can Increase and reduce performance, such as dropping a 120° 
cell phone call while moving from one cell to another. Cellular networks 
require precise sectorized planning to prevent this kind of problem. 


Beamtilt 


As capacity requirements increase, one solution Is to split the hexagons 
shown in figure 3.12 allowing the addition of more sites and reducing the 
coverage radius of the original site. To accomplish this, elevation beam 
downtilt is commonly used to reduce the gain on the horizon (and thus 
the coverage radius) as shown in figure 3.21. Mechanical downtilt results 
in undesirable pattern distortion on the horizon while electrical downtilt 
maintains the desired pattern shape. 


SINS. 
Early antennas incorporated fixed electrical downtilt, but this required PALIN 
multiple different models. 


3.20: Graphic and mathematical representations of an antenna’s sector 
power ratio 


3: Base station antennas 


Most cellular antennas are produced in a variety of physical sizes to offer the 
best performance while conforming to other requirements. Chances are that 
you've seen cellular antennas mounted in a number of ways, featuring diverse 
sizes and designs, such as the commonly used lengths of 4, 6 and 8 feet. 


Mechanical tilt Electrical tilt 


Materials and environment 


Cellular base station antennas are only as reliable as the materials that go into 
their construction, and the construction of their arrays. When it comes to working 
with the physical limitations of an antenna's location, matching the right materials 
to the environment is a critical consideration. Here are just a few examples. 


In the antenna array itself: 


e Aluminum alloys offer lightweight strength, but can be vulnerable to the 
elements 


e Pressure cast aluminum is well suited to bases, sockets, mounts and 
clamps, where its hardness and resistance to corrosion are critical 


e In circumstances where weight is not a serious factor, copper and brass are 
used for their easy plating and conductivity properties 


Antenna radomes: 


e High-strength, low-RF loss materials such as fiberglass offer protection 
from the elements 


e Materials must offer UV protection to prevent deterioration due to 
sunlight exposure 


Tower appearance: 


e For purposes of appearance and zone compliance, non-metallic paint can 
be applied to the entire structure 


e For better wear, smooth surfaces should be roughed prior to painting 


These are just a few of the more obvious physical considerations. Other 
matters in cable selection, connector choice and termination options demand 


close attention as well. a 


3.21: Tilting the antenna changes the shape of the lobe at ground level, reducing gain 
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More capacity with fewer antennas 


As mentioned earlier, cellular antennas are directional, often covering 
120 degrees, or one-third of a complete circle. Mounted together on a 
triangular tower, three sets of these antennas can cover all directions. 
But in densely urban areas that require more capacity, narrower focus- 
antennas (called a six-sector scheme) can handle additional traffic along 
with the cost of adding more antennas. Having so many antennas in a 
single location makes it more likely to run afoul of local zoning codes. 


TwinBeam 


One recent solution to this problem involves the TwinBeam antenna 
from CommScope, which produces two separate 35-degree beams with 
centers separated by 60 degrees. As the illustration below shows, this 
dual-lobe approach provides excellent coverage and, unlike the six-sector 
solution, only requires three antennas instead of six (figure 3.22). 


‘Six-Sector’ sites 65° Antenna vs. Twin Beam antenna 


Twin beam advantages 
e Back-to-back broadcast channel (BCCH) re-use capability 
e Enhanced RF footprint (higher gain) 


e Better interference containment (better roll-off) 
e Easier zoning and faster site deployment 


(E 


Better roll-off 


3.22: Same number of antennas, double the coverage—a six-sector pattern compared to TwinBeam installation 
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SmartBeam® 


Another type of antenna addresses growing capacity needs by intelligently steering themselves for 
maximum efficiency. 

The CommScope solution is called SmartBeam. In addition to electronic downtilt, these multiple- 
degree-of-freedom antennas incorporate azimuth beam steering plus or minus 30 degrees and 
azimuth beam adjustment from 35 to 105 degrees (figure 3.23). 


SmartBeam technology video 


1-Way SmartBeam (1D) 
Remote electrical tilt (e.g. O-109) 


2-Way SmartBeam (2D) 
Remote electrical tilt (e.g. O- 10°) 
Remote AZ steering (+ / - 30°) 


MW 


3-Way SmartBeam (3D) 

Remote electrical tilt (e.g. 02-109) 
Remote AZ steering (+ / - 30°) 
Remote AZ beamwidth (35° to 105°) 
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Shannon's Law 

Created by Claude Shannon 
and Ralph Hartley, this law 
establishes a theoretical limit 
to how much data can be 
reliably pushed through a 
given amount of bandwidth. 


Adaptive array 


A third capacity-boosting option incorporates several 
vertical elements that steer a beam toward each user on 
a tightly managed time-division basis. In this application, 
each user owns a particular time slot to move his or 

her traffic. Of course, managing this system for a large 
number of users requires powerful and sophisticated 
digital processing, but it also holds the potential to 
effectively “null out” nearby interference for better high- 
speed throughput (figure 3.24). 


The next evolution 


New technologies are being developed and deployed 
at a dizzying rate. The current field of cutting-edge 
networks is collectively known as long-term evolution 
networks (LTE). LTE has the potential to completely 
reshape how networks can perform, because it 
incorporates a concept called multiple input, multiple 
output (MIMO), which splits data transmission into 
multiple streams and sends them at the same time on 
the same frequency using multiple de-correlated RF 
ports. The expression 2x4 MIMO means that there 
are 2 de-correlated paths in the downlink and 4 de- 
correlated paths in the uplink. 


What makes this development so exciting is that MIMO 
offers a way around a classic limiting factor of RF 
communications known as Shannon's Law, which 


dictates how much throughput can be delivered down 
a glven amount of bandwidth. As figure 3.24 shows you 
can only expect to get to within 3 dB of a bandwidth's 
theoretical maximum in a practical application. 
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3.24: A traditional plot of Shannon's limiting law 


MIMO circumvents this limit through digital signal processing (DSP), which can distinguish between the two split 
signal paths and reassemble them into the original data on the receiving end. This workaround literally doubles the 
theoretical limits defined by Shannon's Law when applied in a 2x2 MIMO configuration with two transmit and two 
receive antennas (figure 3.25). It is quadrupled in a 4x4 MIMO configuration with 4 transmit and 4 receive antennas. 
Actual throughput improvements do not quite achieve this degree of volume, but that differential is to be expected in 


any practical application of theoretical performance. 


MIMO systems 
2 x 2 SU-MIMO: Spatial multiplexing 2X 


X —> 
P< BY 


«q 


Same time and frequency resource 
e Multiple input multiple output 


e Capacity gains due to multiple antennas at both ends of 
the link 


e Multipath provides additional channel using DSP 
e LTE supports 1x2, 2x2, 4x2, 4x4 


e Spatial multiplexing requires a multi-path environment 


Different data streams 
e Space Time Block Coding is a transmit diversity mode 
used S/N cannot support Spatial multiplexing 


e Decorrelation between antennas and propagation 
paths required for Spatial multiplexing 


e A dual polarized BSZ for 2x2 MIMO; two separated 
for 4x2 or 4x4 MIMO 


e Alternatively vertically polarized antennas can be used 
with spatial separation 


3.25: This 2x2 MIMO system uses digital signal processing to circumvent theoretical throughput limits 


3: Base station antennas 
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The basics of base station antennas 


Incredibly diverse and remarkably efficient, antennas are the most critical link in any communications network. 
Radiating radio energy into space and collecting it from space, they can connect a single network backbone or 
thousands of individual users. 


By virtue of their design, antennas can cover virtually any desired area of any shape. But it takes a lot of insight, 
knowledge and planning to get the most out of every watt. It all comes down to understanding your application's 
needs and its limitations. 


With your new understanding of how antennas work, and how their performance is measured and compared, you 
may think twice the next time you are searching for more “bars” on your cell phone or a faster Wi-Fi connection 
for your computer. Then look up at the next TV aerial or cell phone tower you see and remember the complexity 
of the invisible processes that make modern communications possible at home, at work and on the go around the 
world everyday. 


Chapter 3 summary 
Antennas: 


Structures that radiate and 
receive radio energy 


Can achieve 80 percent 
efficiency or greater 


Directional (sectorized) or 
omnidirectional 


Performance characteristics: 

e Radiation pattern 

e Polarization 

e Gain 

e Aperture 

Enhancements through design: 
e Vertical stacking 

e Element spacing 

e Horizontal pattern shaping 

e Downtilt 

Cellular base station antennas: 


e Sectorized, grouped antennas 
commonly covering 120 
degrees or less 


e MIMO and LTE technology 
represent next step in speed 
and reliability 


Cnapter 4 


Working within the limits: 
Co-siting solutions 


If you've ever tried to get more use out of the space in your 
home by combining a home office with a guest bedroom, you 
may not have been entirely satisfied with the results. Sure, 
you've saved space by making one room do the job of two, but 
you probably found that it can't do either job quite as well as a 


dedicated space would have allowed. 


This tradeoff of space for utility is also the guiding principle behind 
co-siting a cellular installation. With space at a premium, there are 
real incentives to reducing your equipment footprint but every 
square foot saved places new constraints on the way that base 


station operates. Since every site has unique limitations, it can be a 
a , Co-siting solutions 
challenge to identify and implement the best co-siting solutions. EE nology and 
techniques that allow 

; ; i ; cellular base stations and 
Whatever the specifics of a given cellular installation may ne to share 
architecture and operate 
within limiting factors of 
their locations. 


be, CommScope offers a wide range of solutions that meet 
virtually any installation requirement. It takes a combination of 


technology and insight to make the best of every situation. 
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Dealing with the realities 


Just as it would be ideal to have an unlimited 
number of rooms in your home for every 
possible purpose, it would be ideal for cellular 
base stations to be equipped with their own 
dedicated antennas and feeders at every 

cell site (igure 4.1). 
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4.1: Multiband sector with separate feeders 
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If such an arrangement were possible in every 
installation, the benefits could include: 


e Individually optimized antenna pattern, 
azimuth direction and downtilt angle 


e Minimal RF path loss and signal mismatch 


e Reduced interference and intermodulation 
between systems 


e The ability to perform maintenance on one 
system without impacting the others 


Sadly, this arrangement isn't a practical option 
for most real-world designs. When a cellular 
base station makes the move from the drawing 
board to the tower installation, its design 
becomes subject to an incredible number of 
variables and limiting factors. Some of the more 
common limits are: 


e Local zoning ordinances that restrict quantity, 


size and location of antennas 


e The tower's structural weight limits and wind 
load restrictions 


e Budget constraints that limit both the initial 
and ongoing costs 


e Scheduling demands that require accelerated 
service rollouts 


Making the most of every watt 


To address these limits and wring greater 
performance from every watt of power, co- 
siting solutions can help different technologies 
operate on a single architecture. Even networks 
operated by competing companies can realize 
mutual benefits by sharing site equipment, much 
as competing airlines will honor each other’s 
tickets in the event of flight cancellations. In 
fact, such sharing agreements are now the norm 
with consumers benefiting from the providers’ 
reduced operational costs in the form of better 
transmission speeds and reduced cell phone and 
data bills. 


Co-siting solutions are usually based on specific 
equipment and configurations designed to 
improve performance within a defined set of 
circumstances under a defined set of limitations. 
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Multi-band combining Multi-band combining 

. . ; na , , A configuration that 
One frequently used technique is called multi-band combining, a method of frequency multiplexing. It takes connects multiple base 
advantage of the fact that feeder cables are naturally well suited to being shared by multiple frequency bands. In station services that 
other words, multiple base station services can be funneled into a single feeder cable that runs up the tower to the operate in separate bands 


to multiple antennas via a 
single feeder cable and its 
associated couplers. 


antennas. Those services can then be split away from that one cable directly beneath the antennas. 


To visualize this concept, think of how you bundle your home or office computer's wires into a single plastic cable 
wrap; at one end, the cables separate into various ports on the back of your computer. On the other end, the cables 
separate into your keyboard, mouse, network and printer connections. 


To achieve the benefits of frequency multiplexing, the feeder cable must be equipped with the correct combining 
devices. Two or more frequency bands can be combined using multi-band combiners. Multi-band combiners are often 
added to a system as separate components, but they can also be built directly into other components such as antennas. 


Widely known as crossband couplers, these combiners may be referred to as diplexers (two frequencies), triplexers 
(three frequencies), and so forth according to the number of frequency paths involved (figures 4.2 and 4.3). 
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The kind of crossband couplers required in a 
particular application is largely determined by 


COM 


the frequencies the system uses, and, more 
specifically, how far apart from each other those 
frequencies are. In systems with wide frequency 
separation such as 700-1000 MHz, 1700- 
2200 MHz and 2400-2700 MHz the needed 
crossband couplers are likely to be low-cost, 
compact devices that introduce virtually no loss 
or mismatch. 


However, when dealing with frequencies that ae pins 
are relatively close to one another, such as 7/00 
MHz and 850 MHz, the appropriate crossband 
coupler grows more complex, bulky and 
expensive (figure 4.4). 
COM 


On the antenna side of the connection, 
additional efficiencies can be gained among 
broadband antennas that can accept more than 
one frequency through a single port. This allows 
it to operate over a range of bands through one 
feeder cable, as shown in figure 4.3. 


Like the other circumstances involved in planning 
an efficient and compliant base station site, 
antenna selection and the base stations’ assigned 
frequencies can play a large part in howa 
particular co-siting solution comes together. 


| 
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4.4: Compact diplex and triplex crossband couplers, with example frequency differentiation 
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Same-band combining 


In some instances, multiple services require the use of the same 
frequency band. When this happens, regular crossband couplers, 
which are designed to suit specific frequency separation, don't 
provide the solution we need. Instead, we can use a variety of 
same-band combining (SBC) options, which can allow different 


services to share the same space on the electromagnetic spectrum. 


In some applications, same-band combining is even used for 
single-service systems—not to allow other services, but to 
increase the channels available to the one operating service. In 


all cases, the idea is to combine transmit signals (TX) and divide 
receive signals (RX). The best way to achieve this depends on 
the specifics of the application. 


Now let's look at some of the more commonly used techniques. 


Hybrid combining 


Hybrid combiners offer a low-cost means of combining TX signals 
and dividing RX signals (figure 4.5), but this advantage comes at 
the cost of other operational restrictions inherent in its design. 


The main disadvantage of this technique is the high rate of loss 


experienced in both directions. This loss increases with the 
number of ports involved, so hybrid combiners are generally 
used only in two-port applications. 


Another consideration is the significant heat it generates which 
must be dissipated, adding costs and creating even more design 
limitations. These drawbacks limit the practicality of hybrid 
combining to in-building coverage and similar uses. It is rarely 
used in cellular sites. 
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4.5: A hybrid combiner, using cable load to lower 


passive intermodulation 
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Same-band combining (SBC) 
A base station configuration 
that allows multiple services 
to share the same bands. 
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Guard bands 

Narrow gaps inserted into 
the bandwidths managed 
by the LLC to distinguish 

different signals riding on 
the same bands. 


Low loss combiner-multiplexer 


The low loss combiner (LLC) offers a different way to combine base station transmitters. Commonly employed for 
combining TX signals, integrating a duplexer allows for distribution of RX signals as well (figure 4.6). 


Like crossband couplers discussed earlier, the LLC is a filter multiplexer. However, unlike a crossband coupler that 
requires spaces between bands—you'll recall that the bigger the spaces, the better the coupler operates—the LLC 
handles frequencies inside the same bandwidth. 


This is possible due to the addition of guard bands, which act as very small gaps within the band. They create 
boundary spaces between the frequencies, allowing them to be distinguished from one another. 


Including these tiny guard bands often requires those narrow frequencies to be left unused, which adds up to 
slight bandwidth loss. In LLC design, smaller guard bands incur greater cost, size and complexity, so an economical 
alternative is to re-use the “lost” guard band space with a second feeder and antenna. 


LLC design significantly reduces insertion loss over that of a hybrid combiner, but its reliance on filter multiplexing 
places significant restrictions on Its scalability. As technology develops, networks require constant upgrading, 
adjusting and scaling which often means the adjustment or replacement of the LLC component. Recent 
developments in remotely tuned LLC hardware have helped reduce this limitation, but it remains a significant 
drawback for many applications. 


Several examples of LLC realizations are shown in figures 4.7 and 4.8. 
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4.6: An LLC with integrated duplexer; 
RX distribution from GSM BTS 


ANT 


TXB/RX RXin TXN/RX 


4.7: An LLC combines a narrow portion of TX band into 
broadband path; includes duplexer for RX re-injection 
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4.8: Filter multiplexer for downlink and 
uplink—a quadruplexer 
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Amplification 


Another technology that makes co-siting possible is amplification. There 
are several ways amplification can be used in support of the devices listed 
above, expanding their utility, power and range. 


Single carrier power amplifier. You will recall that one of the hybrid 
combiner’s drawbacks was its high rate of insertion loss for both TX and 
RX signals. One way to compensate for this is to add a single carrier 
power amplifier (SCPA) (figure 4.9). 


The SCPA is highly efficient in regard to power consumption, but 

is only suited to certain engineering standards, such as the Global 
System for Mobile Communications (GSM) established by the European 
Telecommunications Standards Institute (ETSI). Still, in those applications 
where the SCPA is appropriate, the SCPA offers a low-cost means of 
improving hybrid combiner performance (figure 4.10). 


Multi-carrier power amplifier. Like the SCPA, the multi-carrier power 
amplifier (MCPA) is a high-power amplifier for carrier signals. Unlike the 
SCPA, however, the MCPA can also combine multiple RF signals into a 
single output. Its input circuits can be expanded to accommodate from 
two to eight ports, and sometimes even more (figure 4.11). 
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4.10: An SCPA installed between radios 
and BTS duplexer 


4.9: An SCPA module amplifies and combines two transmitters into one path 
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4.11: An MCPA with integrated 
RX distribution 
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The MCPASs strong suit is boosting transmit power to increase the TARAI ia 
coverage or capacity of a particular base station. It also offers complete 
frequency agility, allowing free use of all frequencies within a license band. 
This makes it a very easy system to interface to other technologies. Its 
design generally incorporates one or more amplifier “bricks” working in 
parallel to provide the necessary power (figures 4.12 and 4.13). 


An MCPAS demanding power consumption is its most notable drawback, 
which leads to elevated implementation and operational costs. 


Receiver multicoupler. As its name implies, the receiver multicoupler 
(RXMC) distributes RX signals from shared antennas to multiple receivers. 
By splitting the signal this way, a natural side effect is some loss of power. 
To compensate, the RX input first crosses a low-noise amplifier (LNA) 
which preserves signal strength, preceded by a preselector filter. Inclusion 
of an LNA is recommended for most applications with more than two 


TX/RX]1 TX3 TX4 TX/RX2 


receivers. 4.12: An MCPA for one sector with two duplexed inputs and two simplex inputs; three 
amplifier bricks are working in parallel 


As a rule, the RXMC distributes the full RX frequency band to all 
outputs with the same degree of gain across the board. To individualize 
distributions, the RXMC may allocate specific signal strength to each 
receiver by unequally dividing the gain. This is a useful option when 
dealing with different locations, or with a receiver that will further divide 
its signal to other receivers down the line. 


4.13: An MCPA for three sectors, two duplexed inputs and six simplex inputs per sector, one 


amplifier brick per sector, plus one hot standby brick a 
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Other integrated configurations. The following 
figures illustrate other same-band combining 
technologies (figures 4.14 through 4.18). 
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4,14: Antenna sharing accomplished with a 
TX/RX quadruplexer 
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4.15: RX distribution to simplex BTS using duplexers 
and RXMC 
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4.16: Antenna sharing accomplished with integrated 
Duplex/RX SBC 
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4.17: Dual RXMC with eight outputs per channel 
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4.18: Integrated SBC 
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Tower-mounted amplifiers. Working with these other co-siting solutions, 
a tower-mounted amplifier (TMA) improves the base station's sensitivity 
the same way a hearing aid can improve diminished hearing. It works to 
offset the losses experienced by RX signals as they travel to the receiver. 
This improvement in signal clarity is seen in the carrier-to-noise ratio 
(C/N), measured in decibels (dB). Adding a TMA to the RX circuit on a 
cellular base station can yield a typical improvement of 5-6 dB. 


TMAs are a key part of RF path technology. Properly implemented and 
configured, they improve: 


Coverage. They boost the effective service radius of a cell base 
station while improving signals in weak spots, such as indoors. 


Accessibility. They significantly reduce failed access attempts. 


Retainability. They improve a site's retainability, or its ability to 
maintain connections within and across cells for fewer dropped calls. 


Co-channel interference. They improve call capacity in spread 
spectrum systems. 


Data throughput. They enable higher order modulations for increased 
traffic capacity. 


Handset battery life. Because less power is required from the cell 
phone's transmitter, TMAs prevent unnecessary battery drain. 


With the right adjustments, TMAs offer all these advantages that help 
operators enhance their network capacity and coverage. 


iH 
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TMA benefits 


To gain the maximum advantage, it is important to boost the RX signal 
level before it becomes degraded by feeder loss between the tower and 
the base station receiver. This is the reason the TMA should be mounted 
at the tower top, as close to the RX antenna as possible. 


An LNA may also be installed at the ground level and is then called a 
ground-mounted amplifier (GMA). When it reaches the GMA, the RX 
signal will already be weaker and noisier than it originally was at the 
antenna. Therefore, the sensitivity improvement a GMA can provide is 
limited at it’s improving an already weakened signal. On the other hand, 
its main advantage is that it is easier to install than a TMA, and does not 
occupy precious tower space. Because it doesn't introduce the size and 
weight concerns of a tower-mounted TMA, the GMA design can focus 
on performance. Superconductors and cryogenic cooling can be used 
to maximize performance and partially offset the disadvantage of its 
eround-level location. 


Many factors contribute to feeder loss. Smaller cable diameter, longer 
feeder runs, and higher operating frequency all influence performance, 
and the TMA offers a single method of offsetting all these factors with 
one remedial measure. You can see how TMA and GMA implementations 
affect the noise levels in a system in figure 4.19. 


10.00 


NF (dB) 


O 10 20 30 40 50 60 70 80 90 100 110 120 130 140 150 160 170 180 190 200 


Feeder length (ft) 


No LNA GMA TMA 


4.19: Noise figure in a system with no LNA, with a GMA and with a TMA; the superior 
performance of the TMA is evident in its lowest noise figure 


TMA configurations 


As explained in our earlier look at the receiver multicoupler (RXMC), a tower-mounted amplifier employs an LNA 
(with a preselector filter) to boost signal strength to compensate for division loss. Since modern TMAs often 
employ a dual duplex configuration, which allows the use of duplexed feeders, two additional filters are needed 
to pass the signals between the BTS and antenna. 


Dual-band TMAs are essentially a pair of single-band TMAs integrated into one device. Some types feature separate 
RF paths for each band, while others diplex the bands into a single path at the BTS port or at the ANT port. 
Interestingly, diplexers can also be integrated into single-band TMAs to offer an additional, non-amplified path. 
These devices are called bypass or pass-through configurations. 


As a result of growing demand for reliable cellular network service, coupled with frequent restrictions on the 
amount of equipment permitted on a particular cell site, dual-band TMAs are becoming more and more popular 
as a co-siting solution. You can see examples of some different TMA architectures in figures 4.20 through 4.26 
beginning on this page and continuing on page 14. 
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4.20: Single-band TMA 4.21: Twin single-band TMA with 4.22: TMA with integrated diplexer, 
AISG support bypass path 
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Bypass or pass-through 
configuration 

A single-band tower- 
mounted antenna with an 
integrated diplexer that adds 
a secondary, non-amplified RF 
path to the system. 
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4.23: Dual-band TMA with AISG support 
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4.25: Dual diplexed dual-band TMA with AISG 
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4.24: Diplexed dual-band TMA with AISG support 
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4.26: Diplexed dual-band TMA with pass-through and AISG 
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Enhanced features: AISG 


Antenna Interface Standards 


The Antenna Interface Standards Group (AISG) is comprised of representatives from the world's leading wireless Group (AISG) 

equipment manufacturers and service providers, including CommScope. AISG's standards have led to LOL tne AISG 
represents more than 40 top 
improvements in remote control and monitoring of antenna downtilt, TMA alarms, and other important advances. sre snd service 
Adoption of these protocols has advanced performance and assured interoperability between various systems—a providers from all over 


the world. AISG publishes 
universally accepted industry 
Contemporary co-siting components must accommodate AISG communication, whether they process the signals protocols for communications 

| h | era The AISG | yu” d f ee 4 between base stations and 
or simply pass them along to other devices. Ihe protocol! currently includes procedures for monitoring an ea lioment, such 
controlling TMAs, such as setting gain and reporting alarms. Additional procedures may be defined in the future to as antennas and TMAs. 
support a wider range of “smart” co-siting devices that will help optimize performance, enable remote supervision 


of the RF path, and reduce cost of ownership. 


major boon for co-siting solutions like the ones discussed above. 
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Making the most of available space and power 


The design of a cellular communications system reflects many choices and compromises. The result is that 
no two are exactly alike. Certain preferred characteristics come at the expense of other characteristics; those 
choices are always made with an eye toward conserving space, reducing costs and operating within constraints. 


By employing the kind of innovative solutions discussed in this chapter, wireless operators are able to improve 


service and reduce costs by working together to share infrastructure wherever possible. We see the benefits in 
the form of lower cell phone bills, clearer and more reliable calls, and faster data downloads and Web surfing 
on our mobile devices. 


Chapter 4 summary 
Co-siting solutions: 


e The technology and techniques 
that allow more performance in 
less space 


e Driven by limits on amount, 
weight and cost of base and 
antenna-mounted equipment 


Multi-band combining: 


e Leverages feeder cable's 
capacity for multiple frequencies 


e Requires frequencies in 
separated bands 


e Uses crossband couplers in 
diplex, triplex or more complex 
configurations 


Same-band combining: 


e Hybrid combining: inexpensive 
but lossy 


e Low loss combiner: efficient 
but constrained frequency 
applicability 


Amplification: 


e Single carrier power amplifier: 
low cost, high efficiency, limited 
applications 


e Multi-carrier power amplifier: 
scalable, flexible but expensive 
to install and operate 


e Tower-mounted amplifiers: 
broad-based receiver 
performance boost 
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Talking and listening at the same time: 
Transmission and receiving isolation systems 


Right now, millions of people around the world are downloading music, surfing the web, 
texting, talking and listening on their mobile devices. It's probably safe to say that they are 
not thinking about the science or technology that enables every download, text or conversation. 


Mobile devices are simply a way of life. 


Here at CommScope, we're continually fascinated by the technical innovation and principles 
behind wireless communication. Take transmission and receiving isolation systems, for example. 
Unlike conventional landline phones, cell phones are actually radio receivers and transmitters, 
so maintaining simultaneous two-way communication—talking and listening during a call—is 


more complex than it appears. 
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Duplex communications An RF communications system that employs this simultaneous, two-way flow of voice, data or other information 
Atras is called a duplex system. Duplex communications systems combine multiple transmit and receive channels on a 


that work at the same time on ar . 
the same RAI shared antenna, with information flowing both ways at the same time. 


Imagine the simultaneous flow of traffic on a busy two-way street. You immediately see the importance of keeping 
Isolation the two different directions of traffic separated. Just as vehicles on a busy, two-way street require clear lane markings 
The amount of separation to avoid collisions with oncoming vehicles, duplex RF channels also must be “isolated” from each other to avoid 
achieved between the 
transmitter and receiver in 
a duplex communication 
system. In general, more 


interference. 


In RF terms, isolation is measured as the loss between two channel ports, either transmitter-to-transmitter or 


isolation translates to less transmitter-to-receiver ports. The higher the loss, or isolation, between the two ports, the cleaner the signal. 
interference and clearer 
communications. To illustrate this concept, think about making a cell phone call from your car. This simplest of duplex systems— 


one transmitter and receiver pair communicating with another transmitter and receiver pair—requires that both 
the phone and receiving station be able to receive and transmit at the same time, allowing a normal telephone 
conversation to take place (figure 5.1). 


Telephone 
line 


5.1: Duplex operation between two pairs of transmitters and receivers 


5: Transmission and receiving isolation systems 


To allow this communication to flow on a single antenna, a duplexer must be used with adequate isolation Duplexer 

measures (figure 5.2). Measured in dB, isolation is a critical consideration in the design of any duplex system. ESE ated between 
a duplexed antenna and its 

Without proper isolation, a transmitter will adversely affect the performance of its associated receiver, even 


associated transmitter and 
though they may operate on different frequencies. receiver. A duplexer’s 


function is to provide 
isolation between the signals. 


T niii 
Rx 


5.2: Two solutions: Use two antennas, or a single antenna with a duplexer 


The specifications covering a particular receiver, for instance, may indicate that any RF signal outside the receiver's 
passband (which can be as narrow as 15 kHz) will be attenuated, or weakened, by as much as 100 dB. That 

means that the transmission's power will be reduced to 1/10,000,000,000th of its original strength, making the 
communication unintelligible and useless in most cases. 


You might think that such a selective receiver would prevent interference from a transmitter operating on a 
frequency far outside the receiver's passband. After all, if the interfering signal is 5 MHz away, how could it create 
complications when just being 5 kHz off the mark reduces the transmitter's signal to virtually nothing? The answer 
lies In the characteristics of modern receivers, and the way they can step high-frequency signals downward to 
achieve such precise frequency selectivity. 


CommScope: understanding the RF path 


Receiver desensitization 
Interference caused by 
unwanted frequencies 
entering a receiver's upper- 
stage passbands. These 
errant signals create electrical 
variances that impede the 
receiver's operation. 


The first challenge: receiver desensitization 


Receiver desensitization is an inherent side effect of modern receiver design, which receives relatively high- 
frequency signals (often between 700 MHz and 3500 MHz). These signals pass through frequency-lowering 
stages in the receivers, which allow the receivers to feature such narrow, selective passbands (figure 5.3). Once 
the signal has been lowered enough, only a small band remains and the circuitry can reject other bands within a 
margin measured in dB. A receiver's specification sheet will include this measurement of overall selectivity. 
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5.3: In a receiver, high-frequency signals are reduced in stages 


The vulnerability is not at the end of this reducing process, but at its beginning. Remember that the initial signal 
was of higher frequency, and only after multiple stages of reduction was it lowered to the point where the receiver 


could use it. The receiver's earlier, broader stages cannot completely reject errant signals, even those several MHz 
away from the receiver's operating frequency. 


For optimum performance, critical voltage and current levels exist at certain points throughout the front-end 
stages of a receiver. If these levels change significantly, the performance of the receiver suffers. This happens 


when a nearby transmitter's off-frequency signal enters the front-end stage. 


Such signals can be several MHz away from a receiving frequency, and radiate from sources several thousand 
feet away, and still cause significant interference (figure 5.4). 
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5.4: Unwanted frequencies (shown here as reflected arrows) can alter critical receiver voltage and current levels 
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Transmitter noise 

Interference experienced 

by a receiver as a result of 
transmission power “leaking” 
into other nearby frequencies. 


The second challenge: transmitter noise 


Transmitter noise is interference caused by carrier signals just outside of a transmitter’s assigned frequency. In an 
ideal world, a transmitter would channel 100 percent of its signal power into the narrow band of frequencies 
assigned to Its transmission channel. In the real world, however, this level of precision is simply not possible, and 
the result is called transmitter broadband noise radiation, or more commonly, transmitter noise. While the vast 
majority of transmission power remains within the assigned channel, there remains a small fraction that “leaks” 
into channels above and below the intended carrier frequency. 


Modern transmitters are equipped with filter circuits that eliminate a large portion of these errant signals, but even 
with these measures in place, enough transmitter noise escapes to degrade the performance of a receiver. As 

the chart below illustrates, this interference effect is most pronounced at frequencies closest to the transmitter’s 
carrier frequency (figure 5.5), but can also impact receivers operating several MHz away. 
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We hear transmitter noise in a receiver as “on-channel” noise interference. Because it falls within the receiver's 
operating frequency, it competes with the desired signal and cannot be filtered out. 


To illustrate this kind of interference, imagine having a conversation with someone in a crowded room. If everyone else is 
talking, you'll notice how hard it is to understand the other person, even if the overall noise level in the room is relatively 
low. That's because other voices, like unwanted transmitter noise, are similar to the voice you re trying to hear. 


This is a key distinction between transmitter noise and receiver desensitization, which you'll recall comes from 
signals far from the operating frequency of the receiver. Consider again the illustration of having a conversation. 
Receiver desensitization is more like loud, disruptive sounds coming from a construction site next door. The 
interference is not similar to the voice you're trying to hear, but it still distracts you from the other person's voice. 


How isolation helps duplex communications overcome both challenges 


In duplex RF systems, transmitting and receiving frequencies are close to 
each other. In addition, the antennas will also be physically close, or even 
share a single antenna. Now that we understand the source and nature 
of the two interfering elements—recelver desensitization and transmitter 
noise—how can we overcome these interfering influences and assure 
reliable operation of our paired transmitters and receivers? 


The answer, as you may have guessed, is proper isolation. 


Earlier in this chapter, we explored how a duplex RF system required 
isolation between transmitter and receiver using the example of a call on 
a mobile device. But when applying that theory to practical application, 
adding isolation to the system requires some planning and a bit of math. 
Remember that we have not one but two sources of interference to 
overcome—receiver desensitization and transmitter noise—and each 
requires its own solution. 


It boils down to two simple questions: 


1. How much isolation is required to prevent receiver desensitization 
from the transmitter’s carrier, and; 


2. How much isolation is required to reduce transmitter noise to a lower, 
even negligible level? 


While these are simple questions, each one has many more questions 
built into it, such as, but not limited to: 


e How close together are the transmitter and receiver frequencies? 
e What frequency band are we using? 
e What is the transmitter's power output? 


e What are the unique product specifications for the particular 
transmitter and receiver were using? 
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While each application will have very different answers for these and 
other considerations, you can usually find the answers in the equipment 
manufacturer's data. For the purposes of this discussion, we'll focus 
instead on the broader use of isolation in duplex systems. 


Determining the amount of required isolation is a matter of examining 
both sources of interference and identifying the optimal isolation level. 
As shown below (figure 5.6), we see the effect of frequency on 

both interfering influences, receiver desensitization (dotted line) and 
transmitter noise (solid line). 


-Rx Desensitization ~ 


Hx Noise 


Isolation required - dB 


o 1 2 3 4 5 
Frequency separation in MHz 


5.6: The effect of frequency separation on receiver desensitization 
and transmitter noise 


In short, the closer the frequencies are to one another, the greater the 
need for isolation. For instance, the chart shows that reducing the 
frequency separation from 5 MHz to 1 MHz requires double the isolation 
to assure that the receiver will not be sensitized and that transmitter noise 
will be reduced to negligible levels. 
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Horizontal separation 
The practice of placing a 
transmitter's antenna a 
certain distance from the 
same device's receiving 
antenna to achieve the 
necessary isolation. 


Achieving sufficient isolation 


Once we have determined the requisite amount of isolation by answering our specification questions and applying 
what we learned from figure 5.6, we can implement the correct degree of isolation by one of two methods: 


1. Use two antennas, physically separated by a given distance, or; 
2. Use the appropriate duplexer with a single-antenna system. 


Let's examine the first option of two physically separated antennas. Within this option, there are two ways of 
achieving the desired result: horizontal and vertical separation. 


Method 1: Two antennas—horizontal separation 


If you've ever driven cross-country with the car radio on and heard a favorite song fade to static in mid-chorus, 
you've experienced an effect called propagation loss. Propagation loss describes the way an RF signal loses 
intensity and weakens (or attenuates) as it travels across distance. This effect means that placing the two antennas 
apart—creating horizontal separation—yields a certain amount of isolation, simply by virtue of signal attenuation in 


the space between them (figure 5.7). 


With enough distance, we can achieve virtually perfect isolation and total protection from both receiver 
desensitization and transmitter noise. However, even the most isolated RF system is vulnerable to interference 
from outside sources located nearby. 


r A. 


Horizontal spacing, inches 


5.7: Horizontal antenna spacing and isolation 
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Method 1 alternative: Two antennas—vertical separation Vertical separation 

l . l . . . l The practice of placing a 
Alternately, one may achieve the same isolating effect by separating the transmitter and receiver vertically, a Ree snd receiver in 
practice called vertical separation. In real-world applications, this option is more convenient and efficient as it separate locations on a single 


antenna, allowing the height 
difference to achieve the 
necessary isolation. 


allows both transmitter and receiver to be mounted on a single tower, one above the other, separated by the 
requisite distance to achieve sufficient isolation. 


A secondary benefit of vertical separation is that this arrangement takes advantage of what is known as the 
“cone of silence” that exists between vertically stacked antennas (figures 5.8A and 5.8B). 


The cone of silence is a dead zone (technically known as a null or lack of gain) that extends above and below 
communications antennas, allowing each to operate in the other's shadow, so to speak. 


Centerline 


Cone of silence 
for antennas 
mounted vertically 


800 MHz above one another 
Cell antenna 


Vertical spacing, inches 


1900 MHz 
PCS antenna 


5.8A: Vertical antenna separation and isolation 5.8B: The “cone of silence” isolates antennas directly above and 


below each other a 
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Comparing the characteristics of each quickly reveals 
the superiority of vertical separation in practical 
applications (figure 5.8C). 


It should also be noted, however, that the effects 

of horizontal and vertical separation are not directly 
additive. In other words, using both methods on the 
same system will not yield the full, combined isolation 
of each. Antenna manufacturers can supply specific 
figures on what you can expect from combining 
methods in any particular application. 


=p 
Vertical spacing O deg d/t 


— Â 
Horizontal spacing O deg d/t 


5.8C: Graphs at right describing attenuation (in dB) against 
separation (in feet) for both horizontally and vertically separated 
antenna pairs 
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Broad azimuth beamwidth, 
| low gain isolation test 
800 Mhz (2 x FV90-09-00DA2) 
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Broad azimuth beamwidth, 


high gain isolation test 


6 12 18 24 30 36 
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Narrow azimuth beamwidth, 
low gain isolation test 
800 Mhz (2 x FV65-11-00DA2) 


6 12 18 24 30 36 
Separation distance, inches 
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Method 2: One antenna with a duplexer oe 
‘ X qe Ant 
The other method of achieving the required isolation between transmitter x x al 
and receiver is the use of a duplexer in a single-antenna system. A E E E 
duplexer replaces one of the two antennas and two lengths of coaxial «——— Coaxial cable carrying 
i . . combined AE and FG signals 
cable by allowing both transmitter and receiver to operate at the same 
time, on the same antenna (figure 5.9). hay TE m T 
LLCD LLCD LLCD LLCD <«— Duplexer 

ion] AE FG AE FG AE FG AE FG (4 Places) 

The cost benefits from this option can be significant, as a duplexer cuts E ieee A Ee ace 


Coaxial cable carrying 
AE block signal 


the needed infrastructure in half. But the cost benefits are secondary to 


the other advantages, including: 
<— Coaxial cable carrying 


a | a | FG block signal 
T/R1 T/R2 T/R3 T/R4 T/R1 T/R2 T/R3 T/R4 


Isolation. A duplexer reliably isolates transmitter and receiver, 


regardless of external circumstances or terrain. 
RRH-1900AE BLOCK RRH-1900AE BLOCK 


Antenna pattern. VVithout a duplexer, two separated antennas are 
required. Whether arranged in a horizontally or vertically separated 
configuration, they cannot occupy the same space. This separation 
means that the coverage area of either the transmitter or receiver may 
be larger or smaller than the other, a variable that a duplexer eliminates. 


SPM 


Tower space. Leasing tower space is expensive and space on the tower 
is at a premium. By building or leasing only one tower instead of two, 
operators can realize lower total cost of ownership. 


These are all good reasons to opt for a single antenna with a duplexer, 

but, as with every advantage in engineering, there are drawbacks as well. E 
We'll explore these considerations a bit further on, but, for now, let's BBU 
examine how a duplexer actually works and how to choose the right one 


for a particular application. 
5.9: A typical cell site duplexer configuration 


_——______—_—_—+H2 
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Considerations in choosing a duplexer Losses through the duplexer 

There are two distinct families of duplexers used in two-way RF As a matter of course, the signal strength of both the transmitter and 

communications: the bandpass duplexer and the band-reject duplexer. the receiver are reduced slightly in the process of passing through the 

To choose the right option, it's important to consider the requirements duplexer. These losses are called insertion loss: transmitter to antenna 

of the system and what the correct duplexer must do. For the best results, and insertion loss: receiver to antenna. Like losses caused by other forms 

a duplexer must: of attenuation, these duplexer losses are measured in dB and tend to 
1. Be designed to operate in the system’s frequency band increase as frequency separation between transmitter and receiver 


decreases (figure 5.10). 


2. Be able to handle the transmitter's power output 
3. Operate at or below the system's frequency separation Insertion loss: 
a transmitter to antenna 
4. Create minimal power loss to transmit and receive signals 
5. Provide at least a minimum level of transmitter noise rejection Sena! DOS 
loss (watts) 

6. Deliver sufficient isolation to prevent receiver desensitization 0.5 dB 11% 
These last two factors relate specifically to isolation and prevention of 1.0 dB 20% 
interference. In both cases, protection must meet a minimum threshold, 20 dB 37% 


but there is no hard upper limit, and no harm in exceeding specified 


isolation levels. 
Insertion loss: 
receiver to antenna 


Insertion Reduced strength 
Loss (microvolts) 
0.5 dB 5% 
1.0 dB 11% 
2.0 dB 20% 


5.10: Equivalent signal power loss at discrete duplexer insertion loss levels 


The bandpass cavity 


The distinguishing feature of the bandpass duplexer's design is the bandpass cavity. The bandpass cavity works 
as a filter of RF frequencies, allowing a narrow band of desired frequencies to reach the receiver and attenuating 
frequencies outside this band. Energy is fed into the cavity by means of a coupling loop. This energizes the 
resonant circuit formed by the inner and outer conductors. A second loop couples energy from the resonant 
circuit to the output (figure 5.11). The loops determine the selectivity of the bandpass cavity. 


YIG sphere 


RF in | Coupling loops 


YIG coupling 


5.11: The operation of a coupling loop 


The narrow band of desired frequencies that pass through the cavity experience only slight loss and are all within 
a few thousand cycles of the cavity's resonant frequency. The effect of multiple frequencies, transmitted at equal 


power, on a bandpass cavity is illustrated below (figure 5.12). 


Power level 
Power level 


E] 


Frequency Frequency 


5.12: Attenuation of undesired frequencies passing through a bandpass duplexer 
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Bandpass cavity 

A “frequency filter” that limits the 
channels that pass through the 
filter to a select set of frequencies. 
Other frequencies are prevented 
from passing. Most devices have 
multi-stage bandpass cavities that 
filter out different frequencies at 
each stage. 


Resonant frequency 

The natural tendency of 

a system to oscillate with 

lareer amplitude at particular 
frequencies. At these 
frequencies, even small periodic 
driving forces can produce large 
amplitude oscillations. 


SN ea 
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The selectivity of a bandpass cavity is usually illustrated in a frequency 
response curve. This curve describes the degree of attenuation provided 
by the cavity at discrete frequencies above and below the cavity's 
resonant frequency. The curve also shows the Insertion loss to the desired 
signal at the cavity's resonant frequency (figure 5.13). 


In cases where a single bandpass cavity cannot provide enough rejection 
to undesired frequencies, the addition of more cavities in sequence can 
further refine selectivity. While this results in additional insertion loss, 
selectivity can be increased substantially. 


AMPL (dBr) vs. FREQ (Hz) 


5.13: The effect of bandpass filter on multiple frequencies 


The bandpass duplexer 


It is the combination of two or more of these bandpass 
cavities—interconnected in a duplex configuration—that 
makes a bandpass duplexer work. One or more of the 
cavities are placed in the transmitter part of the duplexer, 
tuned to allow only the narrow band of transmitting 
frequencies to pass freely. Similarly, those cavities in the 
receiving part of the duplexer are tuned to the narrow 
band of receiving frequencies (figure 5.14). 


The transmitter’s output signal is filtered through 
the transmitter bandpass cavities of the duplexer on 
its way to the antenna, with the desired frequencies 
experiencing very little loss. At the same time, 
undesired frequencies are attenuated significantly, 
reducing the transmitter noise that could otherwise 
interfere with the signal. 


As an added bonus, this reduced transmitter noise 
not only improves the signal to our own receivers, but 
those operating on different frequencies as well. By 
limiting errant frequencies, we reduce the likelihood 
of receiver desensitization for other users on entirely 
different channels. 
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5.14: The effect of bandpass filter on multiple frequencies 


Similarly, the bandpass cavities on the receiver part of the duplexer (again, usually two or more cavities in a duplex 


configuration) are resonant to receive only assigned frequencies. As with the transmitter's bandpass cavities, there 
is a modest loss of power in the process of receiving, but unwanted frequencies are attenuated to negligible levels. 


The net effect is that off-frequency signals are virtually invisible to the receiver, protecting it from desensitization— 
not only from its own corresponding transmitter, but from others operating on completely different frequencies. 


— ``, yy ea 


Bandpass duplexer 

A duplexer that uses 
multiple bandpass cavities 
to separate transmitter 
and receiver signals, 
allowing for simultaneous 
two-way communications. 
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Isolating the best solution 


Modern two-way communications networks must contend with the interfering effects of both receiver desensitization 
and transmitter noise. While a two-antenna solution is one way to address these factors, most practical applications 
must contend with space, cost and antenna availability limits. In most cases, a bandpass duplexer provides the requisite 
isolation between transmitter and receiver, even when operating on the same antenna. 


With the isolating properties afforded by a bandpass duplexer, both transmitter and receiver can operate 
efficiently while reducing transmitter noise and receiver desensitization. The result is a compact, efficient and 
reliable communications network that easily accommodates two-way communication of voice and data. 


Behind every simple call or text on millions of mobile devices at any given moment is a world of complex science 
and technology at work—and now you have a better understanding of the important role that transmission and 
receiving isolation systems play in RF communications. 


Chapter 5 summary 
Duplex RF communications: 


e Allow simultaneous two-way 
signal traffic 


e Inherently vulnerable to 
interference and require 
isolation to work efficiently 


Sources of interference: 

e Receiver desensitization 
e Transmitter noise 
Isolation: 


e Techniques that prevent both 
kinds of interference 


e Measured in dB; the higher 
the dB loss, or attenuation, 
the clearer the signal 


Antenna solutions: 

e Polarization separation 
e Horizontal separation 
e Vertical separation 

e Addition of duplexer 
Duplexer choices: 

e Bandpass duplexer 


e Band-reject duplexer 


Cnapter 6 


The many ways to connect: 
RF transmission lines 


Look around your home and office and you'll see wires, cords and cables everywhere. 

In your office, network cables connect your computer to the outside world. In your living room, 
coaxial cables bring in premium programming and high-definition video cables feed it to your 
flat-screen TV. In any room of the house, you may have a reliable land-line telephone that can 


reach out to virtually any person on the planet, all through a slender phone line of twisted copper. 


Indoors and out, these connections manage the flow of information that drives our daily lives. 
CommScope is dedicated to the continuous improvement of cable technologies that have an 


impact on every life, every day. 


Different cables are made for an amazing variety of uses, but they all have one thing in common: 
they transmit power and patterns from a transmitting source to a receiving destination. In RF 
applications, these cables are the hard links that connect antennas to base stations. 


They are collectively known as transmission lines. 


a 
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Transmission line 

In RF applications, the 
physical medium that 
conducts RF power from 
one point to another, usually 
between a base station and 
an antenna. 


Long ago, transmission lines were primarily used for the movement of electrical energy. Multi-conductor 
transmission lines could efficiently connect a power source, like a generator or battery, to a device that would 
consume that energy. This kind of configuration is common even today. You create a small-scale version of it 
every time you use an extension cord to connect an outlet to an appliance. 


As telephone technology emerged, the limitations of this technique soon became apparent. When passing 
multiple circuits along a single transmission line, the signals proved highly vulnerable to external interference. To 
address this problem, Bell Telephone Laboratories developed a new type of cable in the 1930s. lt was a shielded 
cable consisting of an inner wire surrounded by non-conductive material called a dielectric. This nonconductive 
material was then surrounded by an outer, sleeve-shaped conductor, and the whole assembly was finally encased 
in an insulating cover. If this design sounds familiar, it’s because you've seen it before. This was the first coaxial 
cable, essentially the same design used today for data transmission (figure 6.1). 


Outer conductor 


Nonconductive 
dielectric layer 
o ~ Inner 
| Y — 


Pan 


Outer insulating jacket 


6.1: The basic construction of a coaxial cable 


In RF applications, coaxial cable is used as a transmission line for radio frequencies that only penetrate the outer 
layer of a solid conductor, a transfer known as the “skin effect.” The benefit of this arrangement is that it allows the 
outer surface of the outer conductor to be grounded. 


Signals pass along a coaxial cable by riding the outer surface of the interior conductor and the inner surface of the 
outer conductor with a nonconductive dielectric layer between them. As a result, the only escape points for the 


energy carried on the line are at either end—exactly where they're needed for clear transmission. 


Coaxial cable types 
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Coaxial cable 

A transmission line built to 
prevent interference while 
carrying multiple signals. 

It Consists of an inner core 
conductor and an outer sleeve 


conductor, separated by a 


nonconductive dielectric layer. 


Modern coaxial cables used in RF transmission can be grouped into three main categories: solid dielectric, air 
dielectric and foam dielectric. The construction of each category makes each of them suited to particular uses. 


Advantages: 


Flexible 
Easy to Install 
Inexpensive 


No pressurization required 


Low signal loss 


High power and 
frequency capacity 


Long operational life 


Reduced power loss 
No pressurization required 
Moderately priced 
Long operational life 


Enhanced crush resistance 


Disadvantages: 
High signal loss 
Prone to deterioration 


RF signal leakage 
through outer conductor 


High initial costs 
Pressurization logistics 


Vulnerability to moisture 


Slightly more loss 
than air dielectric 


More expensive than 
solid dielectric 


Solid dielectric cables employ a flexible inner conductor 
(stranded or woven, as opposed to a solid wire), covered by 
solid extruded polyethylene insulation. The outer conductor is 
braided, and multiple layers can be stacked with shielding foil 
between them. The outer insulation is a polyethylene jacket. 


Air dielectric cables are similar to the solid variety except that 
they employ open space as the inner nonconductive layer. This 
cavity is supported with small insulating spacers that maintain 
the open channel and are pressurized to keep out moisture. 


Foam dielectric cables employ a solid, as opposed to stranded, 
copper wire core. [he outer conductor is generally smooth 
aluminum, corrugated aluminum or corrugated copper. The 
inner nonconductive layer is made of polymer foam, which 
combines several key advantages from both solid and air 
dielectric cable varieties. Its power loss and cost characteristics 
lay between the two other options, but foam also offers 
practical advantages that make it the preferred choice in many 
modern two-way RF applications. 
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Braided copper is the most commonly used outer conductor on solid 
dielectric cables. Copper is again chosen for its exceptional conductivity, 
and it is used in a braided form to improve its flexibility. Solid copper or 
aluminum material, either corrugated or smooth-walled, is most often 
used for foam or air dielectric cables. The choice between aluminum and 
copper often comes down to cost. While aluminum is less expensive than 


The mechanical elements of coaxial cable 


Several material choices are available for both the conductive and 
nonconductive elements of coaxial cable. The specific needs of a particular 
use determine which combination is most efficient and affordable. Below, 
you can see two examples of the many varieties available (figure 6.2). Note 
how they feature different conductive components, but both have the same 
solid dielectric insulator and outer jacket. 


copper, it also has lower conductivity. 


In RF transmission lines, the preferred dielectric material is polyethylene 
due to its low loss characteristics and long life span. This material can be 
used in either solid or foam dielectric constructions, or as the spacers in an 
air dielectric design. For high-power applications, Teflon is substituted for 
its high melting temperature due to the higher operational temperatures. 
Teflon is more expensive, so there are various other materials with costs 


Signal energy is carried along the inner and outer conductor. You will 
notice that, in both cases, the surface area of the outer conductor is 
much greater than that of the inner conductor. Therefore, the conductive 
properties of the inner conductor must be as efficient as possible. That's 
why highly conductive copper is almost universally preferred. 


and temperature resistances between those of polyethylene and Teflon. 


6.2: Corrugated copper (left) and smooth-wall aluminum (right) coaxial cables 
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Electrical properties of coaxial cable Attenuation 

Measured in decibels (dB), 
this is the loss of power 
experienced by an RF signal 
as it moves from one point 


Signal loss, or attenuation, is a significant consideration in the design of a cable. The loss occurs in three ways: 


1. Conductor loss is direct function of the conductive properties of the cable’s materials. 


2. RF leakage is a measure of the effectiveness of a cable's shielding. to another. Transmission line 
attenuation is expressed in 
3. Insulation loss is a fixed degree of attenuation inherent in the material of the cable's dielectric layer. either decibels per 100 feet 
(dB/100 feet) of cable length, 
Attenuation is measured in decibels; in the specific case of transmission lines, attenuation Is expressed in either or decibels per 100 meters 
decibels per 100 feet of cable length or decibels per 100 meters of cable length. (dB/100m) of cable length. 


How well these losses are managed depends on such factors as the size and length of the cable, the 
conductivity of the materials used in the cable, the frequencies traveling along the cable and the effectiveness 
of its shielding. There are general physical rules governing how these factors impact attenuation, such as: 


Cable size. As a rule, a cable’s conductor loss will decrease as its size increases. This is due to a larger cable's 
broader cross-section and its corresponding increase in conductive area. 


Cable design. Solid outer conductors allow less RF leakage than braided ones, though at the expense of flexibility. 


Dielectric material choice. By choosing any particular dielectric material, you can anticipate a predictable level 
of insulation loss. As explained earlier, air dielectric offers the lowest insulation loss, while solid dielectric 
comes with the highest loss. 


Assigned frequency. All three types of attenuation directly increase as a function of the frequency of the cable's 
signal. The higher the frequency and the shorter the wavelength, the greater the loss in any given cable. 


This complex balancing act of performance, ease-of-handling and cost means no single transmission line design 
is ideal for all, or even most, circumstances. Each design is an exercise in compromise between these factors. 
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Ohm 

The unit of electrical 
resistance. In terms of RF 
transmission lines, ohms 
refer to the inherent, or 
characteristic, loss over a 
length of cable. 


Characteristic impedance 


Characteristic impedance, commonly called cable impedance, is a measurement of the electrical resistance of an 
RF transmission line as measured in ohms. The figure is derived by a complex formula involving the ratio between 
the cable's two conductors. As a general rule the industry standard impedance for RF cable is usually 50 ohms 
(though some applications require 75 ohms). 


This expected degree of impedance can be affected by imperfections or damage in the cable itself. A deep dent 
in the outer wall of a coaxial cable can cause its impedance to vary from its standard level. This disruption is 
called a discontinuity, or a change in the distance between the inner and outer conductors, as you might see from 
a squashed cable. The signal refelects within the cable, creating the same loss of performance as a mismatch 
between cable and antenna (chapter 3). 


This is one reason that a cable's flexibility and crush resistance are such crucial factors. Damage during 
installation is a frequent source of discontinuity and can be expensive and time-consuming to remedy. 


Velocity of propagation 


Simply stated, the velocity of propagation within a coaxial cable is the speed at which a signal can travel along 
that cable. Velocity is governed by the amount and type of dielectric used, and is expressed as a percentage 

of the speed of light. It can range from 67 percent for solid dielectric cables up to 92 percent for air dielectric 
cables. However, since the speed of light is more than 670 million miles per hour, velocity is rarely a concern in 
itself, though there are exceptions. For example, velocity becomes significant in cases where phasing is required 
(chapter 3). 


Power handling capability 


The amount of power that a particular transmission line can handle is 
dictated by two measurements of temperature: the ambient temperature 
(the temperature of the air surrounding the cable) and the temperature of 
the cable itself under ordinary operation. 


As we've seen, power loss is inherent in any cable design, and is 
dependent upon the kind of dielectric used in the line. This lost RF power 
translates to heat, so the greater the attenuation within a cable, the 

more heat it will generate from that lost energy. Likewise, the greater the 
frequency passing along any given cable, the more heat it will generate as 


a function of loss. 


Heat resistance is a critical factor in cable design. For instance, foam 
dielectrics begin to soften near 180 degrees Fahrenhelt, so an engineer 
choosing the right transmission line will need to be certain that the 
combined internal and ambient temperatures won't exceed 180 degrees. 
If the cable exceeds its limit, the softened dielectric will allow the inner 
conductor to shift, creating a discontinuity. If it should contact the outer 
conductor, the result would be a shorted cable. To help engineers make 
the right choice and prevent such failures, cable manufacturers like 
CommScope rate each type of cable for certain power levels at certain 
ambient temperatures. 
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RF leakage 


As its name suggests, RF leakage is a function of the physical ways an 

RF signal can “leak” out of a transmission line. In the case of a cable with 
a braided outer conductor, there are countless tiny openings in the cable. 
As with a leaky garden hose, the more power or pressure you apply, 

the more significantly those leaks affect performance. 


In addition to attenuation, RF leakage causes another challenge when 
several high-power braided coaxial cables are arrayed in close proximity 
to one another. The leakage can cause interference between the cables 
at their endpoints, such as when they connect to antennas, 
multi-couplers, duplexers and so forth. Faulty connections can make 
this problem worse. 


As with power handling, RF leakage is included in a cable's specifications 
to help engineers choose the best option for any particular configuration, 
especially in circumstances where many cables terminate close together. 
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Environmental factors 

The climate and setting of 

a cable installation dictates 
what kind of cable should be 
used. Considerations include: 
e Sunlight UV exposure 

e Humidity and moisture 

e Temperature extremes 


Cable life expectancy 


The expected useful life span of a coaxial transmission line depends largely upon environmental factors. Since 
engineers have little control over these factors, they must compensate by choosing the right design with the right 
materials to assure the longest possible life span. 


The composition of the cable’s outer jacket is one of the more obvious considerations. Most flexible and semi- 
flexible coaxial line jackets use polyethylene, polypropylene, or polyvinyl chloride (PVC). All three options are 
vulnerable to long-term sun exposure, so manufacturers incorporate carbon black into the resin to improve the 
jacket's resistance to aging under ultraviolet light, which can extend their operational lives up to 20 years of 
service. This improvement is why so much coaxial cable you see in household use is black. 


Moisture and humidity are important factors as well. While water can infiltrate through tiny nicks, cuts or age 
cracks in the cable, the single most common form of moisture infiltration is through improperly sealed connectors 
on the ends of the cable. Even humid air present inside the connector can condense as temperatures fall, 
resulting in liquid water that wicks deeper into the cable along the outer conductor's braid. This can potentially 
corrupt the entire cable and short the inner and outer conductors, particularly in the connectors themselves. The 
result is increased signal reflections within the cable and degraded passive modulation performance. 
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Connectors 


As the number of modern RF applications has grown, the technology used to 
connect a cable to its terminus has evolved. The simple designs created in the 
1940s for military uses have diversified and improved into a variety of types such 
as these (figures 6.3 through 6.8). 


UHF connectors are the oldest and most popular type still in use for two-way 
communications. They are rugged, reliable and easy to install, which is why they 
are the preferred choice for applications with frequencies up to 300 MHz. 


BNC connectors are small, quick-disconnect versions with a bayonet-style Aa DIN coatconmector 4: BNC coax connector 
locking coupling. These are often used on narrow cables connecting equipment. 


TNC connectors are similar to BNC connectors, but include threaded connections 
that keep them secure in environments where vibration is a concern. 


Type-N connectors are an industry favorite for RF communications with E 
frequencies above 300 MHz, where UHF connectors are not suitable. Type-N AS s P 
connectors may be rated to perform at 10 GHz or even higher. ii 


EIA flanges are used primarily on pressurized air dielectric cables operating o A. 
above 450 MHz. These connectors offer the standard 50 ohms of impedance 


and typically offer higher voltage characteristics than Type-N connectors. 


DIN (Deutsche Industrie Normenausschuss) connectors are available in several 6.5: TNC coax connector 6.6: Type N connector 
sizes and have come to dominate the RF communication industry as a whole. 
They have a larger cross-section than Type-N connectors, and better withstand 
the rigors of field installation. 


For exceptionally congested installations with multiple service carriers operating 
in the 700, 800, 900 and 1900 MHz bands, silver-plated Type-N or DIN 
connectors are required. 


6.7: EIA flange coax connector 6.8: UHF coax connector 
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Voltage standing wave 

ratio (VSWR) 

A key measurement of cable 
performance and signal 
quality. It quantifies the 
amount of signal reflected 
backward along a cable to 
its source. Theoretically, 
perfect operation yields a 
VSWR value of 1.0, or “unity,” 
meaning zero reflections. 


Installation step 1: cable choice 


As discussed above, choosing an appropriate cable 
depends on knowing: 


e Which frequencies it will carry 
e How much loss is tolerable 

e Where it will be installed 

e What kind of budget limits exist 


In most cases, there will be more than one acceptable 
cable solution for any one of these four criteria, but 
the key Is to get the greatest possible benefit against 
all four. For instance, if we look at cost as the primary 
driver, we see that smaller-diameter cables cost less to 
purchase and install, but will need more upkeep and 
eventual replacement. We may also consider a less 
expensive option with a higher rate of loss, intending 
to compensate for that loss through greater RF power 
generation on one end of the cable or increased 
antenna gain on the other. 


Installation step 2: field testing 


Once you have selected and installed the cable that 

best performs to your application's priorities, the process 
of fine-tuning that performance can begin. There are 
three tests you would likely perform: inner and outer 
conductor continuity, shorts between conductors, and a 
voltage standing wave ratio (VSWR) test. 


The first two tests are simple and direct 
measurements of impedance in the cable, performed 
with an ohmmeter. Any physical disruption of the 
cable's integrity would be revealed in a non-standard 


level of impedance, and you could begin inspecting 
the cable for the source of the problem. 


The third option, the VSWR test, Is an indirect but 
ultimately more revealing measurement of overall line 
performance. Basically, the VSWR test measures the 
amount of signal reflection taking place within the 
cable. Measuring both forward and reflected power 
with a wattmeter, you can compare the values against 
the cable manufacturer's conversion chart for that 
particular type of cable. If everything is functioning 
correctly, the observed amount of reflected energy 
should fall within expected limits. Poorly made 
connections or connections with mismatched 


impedance will quickly become obvious. This process 
is explained in more detail early in chapter three. 


Installation step 3: 
troubleshooting 


Reduced RF communication 
performance can be rooted in any 
number of problems, occurring in 


any component in the system. When 


the antenna and transmitter have 
been ruled out as potential trouble 
spots, it's time to examine the 
transmission lines because a lot of 
things can go wrong with cables. 


Here are just a few things that 
can cause system performance to 
drop suddenly: 


Weather. A good place to start is 
to visit the site itself and speak to 
those familiar with recent weather 
trends. A bad storm, lightning, hail 
or high winds can damage cables 
and loosen connectors. 


Local phenomena. In addition to 
weather, other local events can 
impact performance. Explosions 
from nearby mining operations, 
small earthquakes, even a stray 
bullet from a hunter's gun have 
been identified as culprits. 


Water infiltration. As discussed 
earlier, water is perhaps a cable's 
greatest enemy. Checking 
connectors for signs of moisture, 
double-checking their seals, and 
examining the cable itself for any 
new damage will helo confirm or 
rule out water as a cause. 


In any event, once the damage has 
been identified, that section of 
cable cannot be taped or otherwise 
repaired. It must be replaced. 
Long-term system performance 
degradation can be just as serious, 
and is often caused by cable aging. 
While metal-sheath cables are 
almost impervious to aging when 
properly installed, inferior cables 
can age and crack with extended 
exposure to the sun’s UV rays and 
extreme temperatures. 


Localizing the problem 


If your VSWR measurements reveal 
a high level of reflection—say, 20 
percent above the level indicated 


by the manufacturer's table—then, 
most likely, your cable is experiencing 
an open, a short or a partial short 
somewhere along its length or in a 
connector. lo confirm this, you could 
perform the following tests: 


1. 


3: 


Open the top of the cable 

and short the inner and outer 
conductors (the cable ground 
should be removed for this). 
Measure impedance between the 
conductors with an ohmmeter. 

An intact cable will show low 
impedance between the two, while 
high impedance will reveal damage 
to the outer conductor. This kind 
of damage is hard to locate. If 
economically feasible, replacement 
may be the best option. 


. Remove the short between the 


conductors and test impedance 
again. In this instance, an intact 
cable will show high impedance, 
while low impedance may indicate 
damage to the inner conductor that 
creates a short somewhere within 
the cable. The damage required to 
cause this kind of fault often leaves 
more obvious traces on the outer 
jacket and is easier to identify. 


Examine the connectors 
themselves. Type-N connectors 
are particularly vulnerable to 
misalignment and pin breakage, 
which can result in a short. Also, 
as the primary source for any 
potential water infiltration, it’s 
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a good idea to examine any 
type of connector for signs of 
moisture. For best results, check 
connectors during cool weather 
or at night, where any trapped 
vapor will have condensed into 
more visible droplets. 


4. Practice good preventative 
maintenance. Proper 
installations reduce the need 
for ongoing maintenance, but 
vigilance is always to your 
benefit. Any time an installation 
is realigned or painted, it’s 
smart to inspect the cables and 
connectors. Identifying small 
problems before they become 
big problems can save a great 
deal of time and money and 
minimize lost performance. 


In summary, a solid understanding 
of the construction of cables 
helps you understand their best 
applications, where they may be 
vulnerable, and where to look 
when a fault is suspected. 
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Transmission lines connect the world 


While so much of modern RF communication is comprised of radio energy radiated through the air, the critical 
links on either end depend on the right kind of transmission line cable and the right connectors between base 
station and antenna. 


As a physical link, these cables must be able to flex where they're needed, withstand the punishing elements, and 
faithfully carry the frequencies that eventually reach you as your internet connection, land-line call, or mobile 
phone call virtually anywhere in the world. 


You live among small-scale examples of the same technology at home. From the USB cord on your computer 
mouse to the century-old design of your telephone's wall cord, each cable is designed to carry specific 
frequencies over specific lengths, each one for a unique purpose. As a leading provider of coaxial and other 
transmission line products for networks all over the world, CommScope is at the forefront of the race to develop 
innovative solutions that will address the future of technology tomorrow. 


Chapter 6 summary 
RF transmission lines: 


e The bridge between base 
station and antenna 


e Adapted from designs once 
used to carry simple electricity 


Coaxial cable: 


e Characterized by insulated inner 
and outer conductors 


e Solid dielectric 

e Air dielectric 

e Foam dielectric 

Mechanics and materials: 

e Copper used for inner conductor 


e Copper or aluminum used for 
outer conductor 


e Polyethylene used for 
dielectric insulation 


e Various connectors for 
different applications 


Design considerations: 

e Cable impedance 

e Velocity of propagation 

e Power-handling capability 
e Heat and frequency limits 
Measuring performance: 

e Conductor loss 

e RF leakage 

e Insulation loss 


e VSWR testing and fault detection 


Chapter / 


Making every connection count: 
Passive intermodulation (PIM) fundamentals 


It's a fact of life for electronic devices: when something isn't 
working correctly, we check the connections. From the most 
complex cellular transmission system to the simplest toaster, 
junctions between cables and components are the most likely 


place for problems to occur. 


But beyond the obvious culprits like poor connections, water 
infiltration or mechanical issues, a communications system's 
connections can also play host to other problems. One example 
is passive intermodulation (PIM), an inherent product of the 
system's frequencies and their associated harmonics. PIM can 
create undesirable sideband frequencies that interfere with the 
system's assigned frequencies. lt takes a knowledgeable partner 
like CommScope to choose the right components and assist in 


the design and installation of a communications system. 


Passive intermodulation (PIM) 
A potential side effect of 
having more than one 
high-powered signal 
operating on a passive device 
such as a cable or antenna. 
PIM occurs at non-linear 
points in a system such as 
junctions, connections or 
interfaces between dissimilar 
metal conductors, creating 
interfering frequencies that 
can decrease efficiency. The 
higher the signal amplitude, or 
power, the greater the effect. 
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Intermodulation explained 


The growing demand for wireless services has 
increased the complexity of system design 

and the resources to support that demand. 

As a result, there are more RF components, 
configurations and spectrums utilized in the RF 
path. Included in these additional components are 
passive devices that can contribute to PIM. With 
a good understanding of these PIM contributors, 
we can proactively address PIM and its impact on 
the system noise floor. 


Because PIM will act as a component of the overall 
noise floor, we will first discuss the components 

of system noise and how noise impacts network 
performance. The system uplink noise floor is 
dynamic and affected by PIM and other factors. It 
is also driven by the number of active users. For 
every new user added to the site, additional noise 
is added to the network, causing a “noise rise’. As 
new users raise the noise floor, each user must 
deliver a higher power transmit signal to overcome 
the increased noise. This means the user must be 
closer to the receiving cell tower. Consequently, 
the cell coverage area is reduced. 


There is a theoretical limit to “noise rise” and a 
consequent corresponding limit to the number 
of users that can be added. This theoretical 
maximum number of users is referred to as the 
“pole capacity” of the network. 
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Uplink pole capacity is proportional to the 
system signal-to-interference/noise ratio (SIR) 
and several other variables and, for WCDMA 
networks, can be estimated using the following 
widely accepted formula: 


Np =(W / R)/((1+ f)*AF *104(EbNo/10)) 


where 

Np = Pole capacity 

W = Spreading bandwidth 

R = Users’ radio bit-rate 

f = Ratio of other-cell interference to 
in-cell interference 

AF = Activity factor 

Eb/No = Ratio of energy per information 
bit to power spectral density of 
noise + interference 

Notes: 


1) Basically, Eb/No represents the amount 
of gain that must be provided above noise 
and interference for acceptable system 
performance 


2) Eb/No can be expressed as Eb/No = 
Processing Gain + SIR, where SIR is the 
Signal-to-Interference/Noise ratio 


3) For 3G voice at a CS12.2K data rate, the Eb/ 
No requirement is typically 5 dB 


An example pole capacity calculation estimating 
the uplink capacity for a WCDMA cell site is 
shown as follows: 


Np = Pole capacity 

W = 3.84 Mhz (value for 3G UMTS) 

R = 12,200 bits/second (value for 
ES12.2K for 3G UMTS Voice) 

f = 65% (typical network value) 

AF = 50% (typical network value) 

Eb/No = 5 dB (typical value for 3G UMTS) 

Np = (3840000 Mhz / 12200 bit/s) / 


(Ge Cron) O50 WO. SO) 
Np = 20.6 users maximum 


We can see from the above pole capacity 
equations that increases in the system noise 
floor can degrade system performance, increase 
system power consumption and reduce 

cell coverage area. Because PIM, when not 
mitigated, can be a significant contributor to 
noise, it is clear now the serious impact it can 
have on wireless network performance. 


Now that we have developed an understanding 
of the system level impact of PIM, we will 
describe specifically how PIM is generated and 
how it can be mitigated. 
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Generally speaking, intermodulation is the result of two or more frequencies (often, a duplexed system's receiving and Calculating potential PIM 
transmitting frequencies) interacting with one another according to certain mathematical relationships related to their ISE transmission 
, , , , ; ; frequency A (869 MHz) and 
specific frequencies. The effect creates errant signals that contribute to noise and interfere with the system's operation. transmission frequency B 
(894 MHz) create potential 


Passive intermodulation is a particular kind of intermodulation that takes place in the passive parts of a system—such PIM problems at 2A-B (844 

as cables and antennas—often at connections that create nonlinearity in the system. MHz) and at 2B-A (919 MHz). 
This means we must expect 

As the complexity of communications systems has increased, so has the potential for PIM, making it a top priority troublesome interference if 


our reception frequencies 


for service providers to manage Its effects. In a cellular base station, for example, a transmitting frequency can create 
include 844 MHz or 919 Mhz. 


PIM interference in its own receiving frequency, or vice versa. Where PIM occurs depends on the separation of the 


two main frequencies, as shown in the chart below (figure 7.1). Nonlinearity 
A location within an electrical 
circuit where voltage does 
Agilent 18:47:36 Nov 27, ¿006 A not remain consistently 
¿li proportional to power. This 
effect is caused by imperfect 
connections between 
components and cables. 


Understanding 2A-B 
TX (F1) or A = 869 MHz 


TX (F2) or B = 894 MHz 


2A-B RX PIM = 844 MHz 
3rd Order 


2A-B RX PIM RX PIM 


7.1: Calculating where PIM will occur, based on two example frequencies, A and B; in this example, PIM occurs at 2A-B (a common 3rd order 
product) and again at 2B-A 
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Managing PIM 


Since we don't always have the freedom to select 
frequencies that avoid PIM issues, we need to look 
at other methods of reducing its influence in our 
communications system. Reducing PIM levels starts 


with reducing nonlinearity in the circuit. 


Nonlinearity in a passive RF circuit typically results 
from current rectification at the conductor joints and 
mechanical junctions. Resolving nonlinearity generally 
means improving connections throughout the RF path 


of the system. This means addressing problems such as: 


e Improper connector attachment 


e Poorly torqued connections with incorrect 
contact pressure 


e Contamination or corrosion of 
conducting surfaces 


e |nadequate plating on rust-prone 
ferromagnetic components 


e Poor connections due to cold solder joints 


The most common and visible contributors to high 
PIM levels in the system are associated with the 
mechanical and physical integrity of the connections 
in the RF path. Therefore, those who deal directly 


with the RF components in the field, such as installers, 


service technicians and test engineers are integral 

in the battle against PIM. They will require training 

in proper field installation, proper use of PIM test 
equipment and a fundamental understanding of PIM. 
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In order to manage PIM, we also need to understand 
the environment in which we are performing the 
PIM testing. For a manufacturer, it is now common 
for PIM to be tested in a controlled RF environment 
such as an anechoic chamber. This is done to ensure 
the device under test has an isolated and “quiet” RF 
environment to confirm the PIM performance as it 
relates to the published manufacturer specification. 


Field testing presents an entirely different set of 
challenges if PIM performance testing is required. 
This is not an isolated or “quiet” RF environment. 
This noisy RF environment can negatively impact 
PIM or provide false PIM levels that are a direct 
result of the environment. In other words, you may 
obtain PIM levels in your testing that are not 
reflective of the actual device under test, but rather 
the RF environment in which it is tested. Shown on 
the next page are some examples of base station 
antenna testing where the environment impacted 
the PIM measured in the field. 


Although conditions such as external RF signals or the 


test environment may not be controlled, the selected 
components, installation practices and testing are 
within our control. Education and awareness are the 
first steps in managing the difficulties associated with 
field PIM testing. 


System PIM calculators 


Reducing PIM in the RF path 
is important and challenging. 
CommScope provides several 
PIM system calculators to support 
your RF path analysis. 


Download the latest tools below. 


PIM and VSWR 
System Calculator (Global) 


Learn more 


C, 


Band and Block Second and 
Third Order PIM Calculator 
(North America) 


Learn more 


Band and Block Second and 


Third Order PIM Calculator 
(EMEA) 


Learn more 
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7.2: PIM measurements—field observations 
On-site antenna measurements with iQA200 portable PIM 
Clear sky RF field-of-view required to avoid any secondary PIM sources which could cause false PIM failure 
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Researching, testing and installing 


The severity of PIM ¡s directly related to signal amplitude, or power. That's why PIM performance of different 
RF components specify power levels along with their other properties. Typically, this figure is calculated by 
applying two signals of close frequencies at 20 watts (+43 dBm), the industry standard for PIM testing. This 
standard helps assure that comparisons between different products yield meaningful answers. 


Understanding the PIM properties of components like cables, connectors, combiners, filters, tower-mounted 
amplifiers and antennas allows you to design a system with minimal exposure to potential PIM issues. It’s a 
meticulous process, but it’s essential to preventing potentially crippling PIM problems later on: 


e Choose a knowledgeable provider that has demonstrated experience in the PIM specification of their 
products—one who can help you make the right component choices. CommScope makes this expertise freely 
available to our customers. 


e Test your component performance against PIM specifications to assure trouble-free operation later on. 


e Use trained installers certified in preparation and installation techniques. Since they will be managing 
connections, and connections are the source of PIM, their skill is your best guarantee against problems. 


By following these recommendations, you can count on an RF system that will operate efficiently, virtually 
free of troublesome PIM effects. 


PIM: best addressed at the planning stage 


In engineering, connections are perennial trouble spots. Each connection, junction and interface is an opportunity 


for something to go wrong, including passive intermodulation (PIM), 


The only way to design the system to mitigate PIM is to study and test the PIM specifications of the components 


comprising that system, which is why partnership with CommScope is so vital. We provide the experience and 
insight to spot potential trouble early in the process. Visit the PIM-dedicated portal of our website, to learn how 
we can assist you with awareness, prevention, identification, resolution and support. 
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Chapter 7 summary 
Passive intermodulation (PIM): 


Caused by interactions 
between multiple frequencies 
and their harmonics 


Can cause transmission or 
receiver frequencies to interfere 
with each other 


Occurs as a byproduct of 
nonlinearity in a circuit, such 
as at a connection 


A critical consideration in the 
selection of components and 
installation of those components 
in an RF system 


Chapter 8 


The infrastructure behind the connection: 
Microwave backhaul 


Imagine two kids, each standing in their own backyards, talking Backhaul 
The process of connecting two 
to each other on soup cans connected by a string. This is the ends of a transmission through 


a central routing point. 
simplest of connections, nothing more than two users on a 


direct, point-to-point, dedicated line. This same simplicity applies 
if we replace the cans with walkie-talkies—the communications 


system is still reliant on just two points of contact. 


Once the system becomes more complex, like modern 
distributed communications networks with millions of users, 
these simple connections are no longer practical or possible. 
A centralized processing point is needed to route many 
conversations simultaneously just to make the correct phone 


ring when you dial its number. 


This centralized processing is called backhaul and it's the 
infrastructure behind the connection where you'll find many 


CommScope solutions. 
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To imagine backhaul in action, consider the classic image of an early 20th- 
century telephone operator, manually connecting calls at a switchboard. 
As more and more people call at the same time, the task soon grows very 
complex—eventually, too complex for humans to perform. 


Today's modern cell phone networks require much more complex 
connectivity—collectively called backhaul—than even the fastest human 
operator could provide. The process of routing network traffic for a cell 
phone call requires many steps to complete, and looks something like this: 
Mary makes a call to John on her cell phone from her office 
Mary's outbound call is picked up by the nearest cell tower 

The tower routes Mary's call to the area's regional network 

The regional network sends Mary’s call to the national network 


The national network routes Mary's call to Bill's regional network 
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The regional network broadcasts Mary's call from the nearest 
cell tower 


7. Bill's cell phone rings, he answers and the call connects 


Backhaul is the process of routing Mary's cell call—and all network traffic— 
up to, then down from the core processing backbone between the cell 


tower nearest to Mary and the one nearest to Bill. While backhaul can be 
achieved over a number of different materials, such as twisted-pair copper 
cable, fiber optics or coaxial cable, microwave backhaul offers a time- and 
cost-efficient backhaul link, ideally suited to cell phone networks that 
move calls and data across the country and across the world millions of 
times every day. 
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Microwaves and the electromagnetic spectrum 


The electromagnetic spectrum includes an incredible variety of radiation 
types, all expressed in Hertz (Hz), a measurement of a particular radiation’s 
frequency. Most frequencies used in electronics are expressed in thousands 
of Hertz, or kilohertz (KHz); millions of Hertz, or megahertz (MHz); billions 
of Hertz, gigahertz (GHz) or even trillions of Hertz, terahertz (THz). Some of 
the more familiar types are listed below (table 8.1). 


Frequency Wavelength sodas 


transmission 
communication 


Long-wave radio 


180-1600kHz 1.7km-188m AM radio broadcast 


88-108MHz 3.4-2.7m FM broadcast 


700- © 700-2700MHZ | O 043-011m 43-0.11m > Mobile base station base station 


0.3-300GHz 1-0.001m Microwave/Millimeter 
Backhaul 
352, 230, 193THz 1550, 1300, 850nm Fiber-optic links 
420-750THz 714-400nm Visible light 


8.1: Applications associated with different radiation wavelengths within the 
electromagnetic spectrum 
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Microwave backhaul frequencies Ea ue es band FreauenciesiGHe) Lappin M a a 
The International Telecommunications Union (ITU) 

l l 0.9 aaia 0.902-0.928 
regulates the microwave spectrum available for 


backhaul applications. Each band is best suited to 
particular situations of topography, climate, bandwidth a 


requirements and cost, determined in large part by 


their typical hop lengths, or the distance each band can 5.3.5.4&5.8 

travel in open air between points (table 8.2). 5925-6425 
You may notice that the table includes several 6.425-7.125 
“unlicensed” frequency bands. While most microwave Li 775 


frequencies are regulated to prevent interference during 


hops, unlicensed frequencies are unregulated, requiring 
cooperation between operators to prevent interference. 


The highest bands, 60 GHz and 80 GHz, possess 
unique propagation characteristics, as shown in their 
very small maximum hop length. They serve a special 
purpose which we will discuss later in this chapter. 


8.2: Typical hop lengths for microwave frequency bands 
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Duplex communications 

A transmitter and receiver 
that work in different time 
slots or frequency slots on 
the same device. 


Microwave advantages 


The microwave band possesses characteristics ideal for 
radio transmissions, including those from cell phones: 


e They help directional antennas make hops from 
point to point in narrow beams that don't interfere 
with each other 


e The low end of the band (below 11 GHz) 
propagates over long distances, ideal for long-haul 
connections to users in remote locations 


e The higher end of the band (above 11 GHz) 
propagates over shorter distances, ideal for short- 
haul connectivity required in urban locations 


In addition to their technical characteristics, 
microwave links also offer practical and financial 
advantages over cable solutions, which have 
made them the preferred choice for modern 


communications networks: 


e Less expensive to establish and operate 
e Faster deployment 


e Greater bandwidth than twisted-pair copper, 
critical to high-traffic applications like modern cell 
phone networks 


e Readily scalable to handle more traffic as required 


e Very reliable to operate 


Microwave backhaul in action 


Let's revisit the process of making a cell phone call. 
The user dials the call and the cell phone connects 
with the nearest cell tower, operating on the network's 
radio frequencies (within the 700-2700 MHz part of 
the spectrum). The cell tower hands off the call to a 
microwave transmitter (typically into one of the bands 
between 6-40 GHz) which directs it via a directional 
beam—a hop—to a collection or aggregation center 
which, in turn, makes the connection to the mobile 
network's core network. The traffic is then routed 
across the network to the region closest to the 
receiver's location, where it will be transmitted 

again by microwave to the nearest cell tower. 


The receiving cell tower station down-converts 
the microwave signal back to the network's radio 
frequencies for its final journey to the target cell 
phone. The process is reversed for trafic moving 
in the opposite direction. 


This two-way microwave backhaul generally uses a 
frequency-division duplex (FDD) system that allocates 
frequency channel pairs for simultaneous two-way, or 
duplex communication (figure 8.3). 


Another way to achieve duplex communication is via a 
time-division duplex (TDD), which achieves the same 
goal by switching the required direction of transmission 
in a very fast, precise manner (figure 8.4). While a more 
efficient option, TDD requires very careful timing control 
and is not the preferred system for microwave use. 


Typical microwave deployments 


f1 
T Hop connections between microwave transmitters and 
¡Po (O receivers usually require line-of-sight (LOS) clearance. LOS 
f2 means both ends can literally “see” one another without any 
obstructions in between—including the curvature of the 
a Earth’s surface. For this reason, microwave antennas are often 


mounted on towers or at the top of high buildings for best 
LOS clearance. 


To maximize the value of these choice locations and to 
i reduce the costs for leasing these locations, microwave 
a backhaul antennas are often mounted adjacent to base 


8.3: Frequency-division duplex (FDD) system with 
separate go/return frequencies 


station antennas, which also rely on altitude for efficient 
operation (figure 8.5). 


8.4: Time-division duplex (TDD) system using just one 
go/return frequency 


Base station antenna 


Microwave backhaul 
antenna and 
outdoor unit (ODU) 


8.5: Typical microwave backhaul antenna integrated into a base station antenna location 
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Line of sight (LOS) 

The unobstructed space 
between transmitter and 
receiver. Longer hops must 
even account for the curve of 
the Earth as an obstruction. 
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Split-mount radio system 

A two-stage connection 

that lets microwave radios 
located in an indoor unit (IDU) 
recelve and transmit through 
an antenna fitted with an 
outdoor unit (ODU). 


Many short-haul installations, typically operating above 11 GHz, use a split-mount radio system, which divides the 
radio into an outdoor unit (ODU) and an indoor unit (IDU). The ODU houses the microwave circuitry, including 
the go/return microwave signal separating diplexer and the up/down frequency converters. It is mounted in an 
enclosure adjacent to the antenna, or more frequently integrated into the antenna assembly itself (figure 8.6). 


The IDU contains the modulator/demodulator, more commonly known as a modem, and the control circuitry 
necessary for translating the cell phone traffic into a form suitable for microwave transmission. 


For high-density traffic and long-haul hops, multiple radios are typically housed in a remote radio room adjacent to 
the base of the tower. Generally, these hops use larger antennas operating at frequencies under 11 GHz (figure 8.7). 


Connections between the antenna and the radios are made by coaxial cable, elliptical waveguide or circular 
waveguide transmission lines, depending on the frequencies involved (figure 8.8). Chapter 6 provides detailed 
information on transmission lines. 


Flex twist or elliptical W/G Antenna 


Y 


Outdoor unit Antenna 


Y 


I.F. cable Elliptical W/G 


: Radio room 
Indoor unit 


8.7: A typical lower frequency 
aggregation point 


8.6: Typical split-mount microwave radio system 8.8: Connections between remote microwave radios 
showing IDU and ODU and a microwave antenna 


Planning a microwave link 


When considering a new microwave backhaul path, it is important to 
consider potential interference issues during the design process. The 
planned link must not interfere with adjacent links or other operators in 
the area. lo prevent conflicts and other problems, you must consider: 


e Frequency coordination with other links in the vicinity 
e Radio and radiation characteristics of the antenna 


e Transmission power levels 
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8.9: A typical radiation pattern envelope (RPE) document 


8: Microwave backhaul 


To avoid these issues, industry standard software tools such as ¡Q-link*XG 
from CommScope can smooth the planning process and assist in regional 
overview. Antenna manufacturers offer assistance as well, providing 
planners with the radiation pattern envelope (RPE). An RPE document 
includes a performance summary and the key specifications related to 
antenna gain, beam width, cross-polar performance and radiation patterns 
(figure 8.9). 


The chart describes the directional properties of the antenna by mapping 
it directionality (in dB) against its azimuth angle. As this chart shows, the 
envelope has a main beam area at zero degrees, corresponding to the 
electrical axis of the antenna. This is the line-of-sight direction, where the 
directionality is at its maximum. 


Away from the main beam, the directionality quickly decreases. This 
corresponds to a drop-off in antenna sensitivity, whereby signals 
transmitted or received away from the on-axis direction reduce rapidly. 
The link planner uses this information to determine how much of their 
new proposed link signal will deviate from the intended direction and 
assess whether this is likely to present problems (e.g., interference, 
threshold degradation, etc. 


Because of their importance in the planning process, RPE documents are 
strictly regulated. In Europe, the European Telecommunications Standards 
Institute (ETSI) publishes several classes of envelope standards that all 
antennas must satisfy. A Class 2 antenna may be permissible in locations 
where interference is not an issue, but cannot be used where a Class 

3 antenna's stricter standards are required. The importance of using 
Compliant Class 3 or better specification antennas is discussed in further 
detail in a later section. 


Most regions across the globe have adopted ETSI standards with the 
notable exceptions of Canada, Australia and the United States, which have 
their own regulatory envelope minimum standards. 


Ss i 
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Signal polarization 

The orientation of a signal's 
electric field relative to the 
ground. It may be horizontal 
or vertical. 


Protecting microwave systems from the elements 


Like every stage in the chain of communication, 
backhaul must be reliable and avallable at all times. 
Downtime means lost revenues, irritated customers 
and expensive repairs. In practical terms, downtime is 


measured as a percentage, or in minutes per year (table 
8.10). A detailed explanation of reliability predictions 
and measurement can be found in chapter 10. 


Downtime, minutes per year | Availability 


525.6 99.9000% 


52.56 99.9900% 
26.28 99.9950% 
5.256 99.9990% 


8.10: Downtime in minutes per year and corresponding 
availability percentages 


This growing need for reliable communications within 
realistic budget constraints is partly what drives 
demand for microwave backhaul. However, due to 

its open exposure to the elements, certain reliability- 
limiting factors are unavoidable: 

e Precipitation and moisture 

e High winds 

e Temperature variances 

e Lightning strikes 

e Atmospheric refraction 


Fortunately, each challenge to reliability has an 
available mitigating measure. 


Rain and snow 


As mentioned earlier, lower-frequency microwave 
bands propagate very well across long distances, 
allowing hops of 50 km or more. In fact, the most 
significant limiting factor is not distance itself, but 
atmospheric conditions. Rain falling through the 
signal path reduces signal strength, an attenuating 
phenomenon known as “fade. 


In frequencies above 11 GHz, rain-induced attenuation 
becomes more pronounced, reducing hop distances 
accordingly. Rain, and to a lesser extent, snow, can 
scatter signals in these frequencies. The impact 
depends on the rate of precipitation, the frequency 
involved and the signal polarization (the orientation of 
the signal wave, which may be horizontal or vertical). 


Horizontal signals are more adversely affected by 
rainfall due to the shape of raindrops as they fall, 

so vertical polarization is the preferred choice for any 
link-planning. 


Fortunately, it is possible to mitigate these effects based 
on the calculations of rain outage models, building a 
safety margin into the transmission’s power levels to 
compensate for expected loss and assure a reliable 

hop between stations. Modern microwave radios will 
even adjust power on the fly when needed, using an 
automatic transmit power control (ATPC) system. 
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Precipitation also interferes with polarized transmissions through an effect called polarization rotation, which Automatic transmission power 
essentially turns a signal's polarity enough to interfere with other signals. To counter this effect, a cross-polar e Eo an 

; ; . a system that dynamically 
interference canceller (XPIC) samples signals in both polarities in order to produce a wave that cancels out the raises transmission power 


interfering, “rotated” part of the signal. to overcome the effects of 
fee Erence. 


Adaptive modulation 


Another technique gaining widespread acceptance in microwave backhaul applications is called adaptive 
modulation. In addition to compressing, or modulating, network traffic into smaller bandwidths at higher signal 
levels, adaptive modulation adjusts the amount of modulation in response to any link impediments. The result 
is that adaptive modulation can dynamically reduce traffic to compensate for the impaired signal level while still 
maintaining the link, albeit with lower capacity. 


Mitigation methods can also be built into link designs themselves. In multiple-hop situations, mesh and ring 
topologies provide alternative signal paths that bypass problematic hops by rerouting around them. Path selection 
is dynamic and adapts on the fly to changing conditions (figure 8.11). 


Microwave antennas with specialized 
adaptive modulation schemes 


8.11: Network topology with dynamic routing paths 
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Radome 

A wind- and water-proofed 
fabric or plastic cover that 
protects an antenna from 
the elements. 


Fog 


Fog only presents a challenge to the highest microwave bands above 60 GHz. Unlike rain, snow and other 
precipitation, it presents no real obstacle to lower, more commonly used microwave frequencies. 


Temperature 


By itself, temperature has little effect on microwave signals. However, if water vapor Is present in transmission 
lines, it can condense there and impede performance when the temperature drops. The effect is similar to the 


attenuation caused by rain. 


The hardware effect 


In addition to climate effects on transmission, weather also affects a microwave installation’s physical integrity. 


Snow or ice accumulation on an antenna introduces critical weight considerations for the antenna's design, as 


well as for the components Installed there. 


Long-haul antennas generally employ a fabric enclosure, or radome, that protects sensitive components from 
wind or moisture infiltration. Ice shields offer additional protection from falling ice, either from the antenna itself 


or from positions above it (figure 8.12). 


8.12: Ice accumulation on a radome-protected installation 


Wind 

The force of wind on an antenna structure is called 
wind load, and it can present a serious threat to 
tower-mounted equipment. Wind speeds rise with 
altitude, so a breeze at ground level can become a 
gale a few hundred feet up. This is why antennas are 
designed to ensure mechanical integrity under all 
anticipated environmental conditions, typically able to 
withstand 180 km/h (112 mph) winds without moving 
on their mounts. Above this speed, some flexibility 
may be permitted, with a topmost survival rating 
approaching 250 km/h (155 mph) wind speeds. 


Far below these extreme limits, an antenna will 

flex and move slightly, even in moderate winds, 
within Its engineering standards. While this helps 
maintain the integrity of the structure, it introduces 
an obvious challenge to LOS transmissions that 
depend on precise targeting between links. To 
ensure that this slight movement doesn't interfere 
with a successful hop between stations, these 
temporary misalignments must be factored into the 
antenna’s power budget. 


Lightning strikes 


Installed in open, unobstructed locations, 
microwave antenna towers are natural targets 

for lightning strikes. If a strike passed through 

the antenna itself, serious damage to sensitive 
components would result. To avoid this danger, 
low-resistance earth-paths—in effect, lightning 
rods—are installed to direct lightning strikes away 
from critical components. For a full exploration of 
how to guard against lightning, see chapter 11. 


Atmospheric effects 


Atmospheric effects can disrupt reception, 
particularly for lower-frequency signals. Under some 
circumstances, a signal may essentially be received 
twice, first by its intended LOS connection, and then 
again as a slightly delayed echo of itself as a result of 
atmospheric refraction or ground reflection. The tiny 
timing difference can mean the signal arrives out of 
phase, in effect interfering with itself. This effect is 
known as multipath fading or dispersive fading, as 
illustrated at the right (figure 8.13) 
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8.13: Dispersive fading creating out-of-phase signal 
echoes—delayed signals bounce off the ground and vertical 


obstacles, and also refract in the atmosphere 


Option 1: space diversity 


To counter the effects of 
dispersive fading, we can add 
a second, uncorrelated parallel 
microwave transmission path, 
separated vertically (figure 
8.14) or horizontally. 


Because the two paths don't 
share exactly the same space, 
their signals don't encounter 
exactly the same fading 
effects. The practical result 

is that the receiver has the 
option of accepting its signal 
from the path that happens to 
be less disrupted at the time. 


Option 2: angle diversity 


Another countermeasure 
is angle diversity, which 
requires only one antenna 


instead of the two. However, 


that antenna requires two 
vertically separated feed 
systems. While a less 
expensive option, angle 
diversity is also less effective 
than space diversity and is 
used only where a second 
antenna cannot be added to 
the installation. 
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8.14: A typical vertical space 
diversity arrangement 


Option 3: frequency diversity 


Frequency diversity is 
another means of combating 
atmospheric or dispersive 
signal loss. A secondary, 
standby channel operates at a 
different frequency from the 
main channel. Since different 
frequencies propagate 
differently, two signals 

of different frequencies 
don't experience the same 
attenuation, doubling the 
chances of clear reception. 
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Flat fading 

Total signal loss caused by 
atmospheric refraction. It is 
the result of a signal being 
bent completely out of its LOS 
connection with its receiver. 


Flat fading 


Flat fading is another atmospheric hazard for low-frequency signals. Unlike dispersive fading, the entire channel is 
attenuated because refraction has disrupted the LOS connection over the hop, so it misses the receiver entirely. 
A second, uncorrelated microwave path or increased power via ATPC can counter this effect. 


Improving network reliability 


Some of the reliability-limiting factors can be avoided by using compliant spec antennas from a reputable 
manufacturer. With the pressure to minimize total cost of ownership, it is tempting to purchase the lowest price 
antenna option, but you must also consider ongoing operations expenses in budget calculations. An inexpensive 
install may end up costing far more than a more expensive antenna with better characteristics for your application. 


Noncompliant antennas are not simply identified by cheaper prices. They also include design problems that can 
spell trouble from day one (figure 8.15). Generally, they are: 


e Not tested and feature non-repeatable designs 
e Prone to deteriorate too quickly, resulting in RF leakage, moisture ingress and degrading metallic components 


e Used with third-party add-ons for normal operation, which introduce new opportunities for corrosion, vibration 
and other loss of integrity. 


8.15: Example of RF leakage in a noncompliant microwave antenna 


8: Microwave backhaul 


The hidden costs of noncompliance 1. Take advantage of your supplier's resources to demonstrate structural 


CommScope recently conducted a study to measure the cost and benefits integrity under all anticipated environmental conditions. 


of using lower-quality, noncompliant antennas. In this study, we examined 2. Review the supplier's antenna interface design data and test range 
three types in the 15, 18 and 23 GHz bands. In actual operation, the true facilities for each integration type. 

costs began to emerge: 3. Avoid third-party add-ons that don’t qualify at the integration level: 

e 19% of the backhaul network failed in the 15 GHz band the third-party supplier won't have this information, but your antenna 
e 29% of the backhaul network failed in the 18 GHz band supplier should. 

e 21% of the backhaul network failed in the 23 GHz band This basic due diligence will pay off in reliability, soeed and total cost 


Obviously, these failure rates are unacceptable to most modern of ownership. 


applications. Choosing a compliant antenna, even a more expensive one, 
offers benefits that can save money and hassles once the antennas are in 
operation, such as: 


e Less potential external noise 

e Less RX threshold degradation 

e Longer hops 

e More link availability 

e More capacity 

e More efficient use of the spectrum 


In addition, there are other initial cost savings that aren't necessarily 
reflected in the antenna price itself, such as: 


e Smaller antennas with lower shipping costs 
e Lower landed cost 
e Lower tower leasing cost 


It all adds up to lower total cost of ownership, which makes good sense 
and means good business. There are a few common-sense steps you 

can take to avoid noncompliant antennas and assure your network’s 
availability and reliability. They all start with choosing a reputable supplier. 
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Co-channel dual-polar 
(CCDP) operation 

Using both horizontal and 
vertical polarity of a single 
frequency to double 
avallable bandwidth. 


Network capacity and managing demand 


Simply put, capacity is a network's ability to 

handle transmission traffic. In the case of cell 
communications, this trafic means voice and 
data—often, a great deal of data. As capacity 
demands continue to rise with the spread of long- 
term evolution (LTE) and 4G mobile devices, smart 
planning becomes even more important to assure 
headroom for tomorrow's data-hungry applications. 


Modulation. One way to boost capacity along a 
microwave link is called modulation. By employing 
different modulation schemes, more traffic 

can be squeezed into the limited bandwidth 
available when needed. The tradeoff is that higher 
modulation schemes require higher signal-to-noise 
performance to maintain the integrity of the data, 
boosting operating costs. Plus, any disruptive 
effects like those described above create bigger 
problems than they do for un-modulated traffic. 


Adaptive modulation. Recently, adaptive 
modulation has become a universally adopted 
technique to help operators balance traffic and 
reliability needs. Adaptive modulation scales 
the amount of signal modulation employed as 
a function of the link’s condition. So, if rain or 
other factors are present, modulation is dialed 
down to maintain error-free, if somewhat slower, 
traffic rates. When the link condition improves, 
modulation is automatically increased to take 
advantage of prevailing conditions. 


Co-channel dual-polar operation. Another 
capacity-boosting technique leverages the 
polarization characteristics of microwaves 
themselves, which allow two streams of traffic to 
travel the same bandwidth at the same time—one 
vertically, one horizontally. This technique is called 
co-channel dual-polar (CCDP) operation. 


CCDP is often used in short-haul antenna systems 
where an integrated dual-polarized antenna Is 
created using an Ortho-mode transducer (OMT) 
to attach two ODU radios to a single antenna. 
This arrangement maintains a high level of 
isolation between the two signals for maximum 
clarity (figure 8.16). 


8.16: An example of an integrated dual- 
polarized antenna 


Microwave capacity 


With all these capacity-boosting tools at our disposal, modern microwave 
backhaul data rates typically range between 32 and 155 Mbps (megabits 
of data per second). 


However, as technology and techniques continue to improve, much higher 
data rates are becoming possible and economical. In the near term, 1 Gbps 
(gigabits of data per second) single-channel systems are coming online now. 


The future of microwave backhaul 


Explosive demand for mobile communications drives the need for cost- 
effective microwave backhaul, which, in turn drives new innovations. Old 
technologies are replaced by new, more efficient ways of moving data 
faster, more reliably and at less cost. Microwaves form the backbone of 
these new technologies. 


For instance, legacy networks built on circuit-based transmission protocols 
maintain their connection regardless of how much, if any, traffic is actually 
being transmitted at any given time. This was once necessary to carry 
voice communications, but the world has moved on and this technology 
isn't efficient in our on-demand data world. Packet-based microwave 
radios encode traffic from multiple sources and routes it through IP over 
Ethernet, so it only utilizes bandwidth as it’s needed, reducing wasted 
energy and capacity. 


Capacity and coverage 


Improved network coverage is another critical requirement for emerging 
mobile technologies, such as long-term evolution (LTE) and 4G mobile 
networks. Customer-level access is required in all regions if high-speed 
connectivity is to be available as a constant resource, and the ongoing 
rollout of base stations (known as macro-cells) offers more and more 
coverage to broad geographical areas. 
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At the same time, the capacity available from these macro-cells diminishes 
with distance from the base stations, requiring the addition of smaller 
coverage micro-cells to sustain capacity. Pico-cells represent a further 
layer of coverage for built-up urban areas. Both micro- and pico-cells 
require backhaul connectivity, and that means microwave links. 


The techniques of tomorrow 


There are currently a number of studies researching which type of 
backhaul medium will be most suitable for these new scenarios, and it 
seems likely that a mix of the various technologies will form the networks 
of tomorrow. Non-line-of-sight (NLOS) schemes using unlicensed bands 
offer one method of small-cell backhaul, allowing signals to turn corners 
and avoid obstacles in urban environments where LOS systems aren't as 
effective as they are in the open. 


In other exciting developments, there seems to be great promise in the 
recently opened 60 GHz unlicensed band. At these high frequencies, the 
oxygen in the air itself can absorb signal power, making it suitable for 
short hops, often less than a single kilometer. While this may seem like a 
limitation rather than an advantage, an urban environment benefits from 
this short-hop option because they offer high data traffic rates and have 
such limited ability to interfere with one another from one pico- or micro- 
cell to another. 


Lastly, the recent opening of the E-band spectrum (71-76 GHz, 81-86 GHz 
and 92-95 GHz) promises to open new avenues for high-capacity 
microwave backhaul. Operating under a light-licensing regime, very wide 
channel assignments (n x 250 MHz) are available to operators, making 

1 Gbps data rates a real possibility without the restrictions of high-level 
modulation schemes. 


With so many advances in recent years, and so many still to come, this is 
truly an exciting time in communications. 
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Backhaul makes modern communications possible 


The ever-increasing complexity of modern communications networks demands more efficient and innovative 
ways of managing backhaul. In our wireless age, microwave backhaul moves the information that moves the 
world forward. 


Though an efficient and cost-effective means of moving data through central processing, microwaves face 


challenges and limitations from weather, topography and interference from other nearby links. Smart planning 
and the right equipment can overcome these obstacles, allowing microwaves to connect us to one another 
wherever we may be. 


As children, we first experienced the idea of backhaul as a length of string between two soup cans or the 
scratchy sound of a walkie-talkie. As adults, backhaul has become a key part of daily life as we depend on our 
cell phones, computers and other devices to connect with friends, family, colleagues and the world at large. 


From strings to radio waves to microwaves, backhaul is the technology that keeps us all connected. 


Chapter 8 summary 
Microwave backhaul 


e Communications moving through a 


centralized routing center 


e Accomplished via links or “hops” 
from station to station 


Microwave deployments 


e Rely on line-of-sight between 
hop points 


e Can connect multiple radios to 
antenna via paired ODUs 


Issues affecting reliability 

e Rain, snow and hail 

e Wind loads 

e Ice buildup on antennas 

e Lightning strikes 

e Dispersive fading 

Avoiding external interference 

e Coordinate with other links 
in vicinity 

e Use manufacturer RPE to 
choose specifications 

Avoiding trouble 

e Choose a reputable supplier 


e Look at entire cost, not just the 
purchase price 


Maximizing capacity 
e Adaptive modulation 


e Co-channel dual-polar operation 


Cnapter 9 


The energy that connects the world: 
Powering wireless networks 


Every year, our reliance on always-on technology grows. We expect to be able to place a call 
or surf the Internet with our cell phones at any time, under any circumstances. However, the 
electrical infrastructure that powers our networks has not kept pace with the explosive growth 


of cellular access—and certainly hasn't kept pace with our expectations of 24/7 availability. 


In previous chapters, we have explored some of the intricate and complex ways different 
components in a cellular base station come together to work efficiently and reliably. So far, 
the idea of powering these stations has been taken for granted. In real life, however, we don't 
have this luxury. Power supply connection Is a very real challenge, and planning for the 
inevitable outages and interruptions is critical to keeping the network operating, no matter 


what complications may arise. 
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Direct current (DC) 

An electrical current that 
runs continuously in a single 
direction, making it well 
suited for use in motors and 
electronic components such 
as semiconductors. Batteries 
also produce DC current. 


Alternating current (AC) 

An electrical current that 
changes polarity (direction) 
50 to 60 times per second. 

It offers significant 
efficiencies when transmitted 
across power lines, making 

it the standard current for 
household use. 


DC vs. AC power 


The core technology that drives modern communications 
runs on direct current (DC) electricity. DC is different than 


the alternating current (AC) we use in our homes and offices. 


Since electrical power sent across transmission lines from 
power plants is AC, a device called a rectifier is needed to 
convert the AC current to DC before it can be used by the 
communications equipment. 


The rectifiers’ output is connected to both the radio and 
its transmission equipment—the “load” for the current—as 
well as the backup battery equipment (figure 9.1). 


9.1: Basic power system diagram—arrows indicate the DC 
current’s direction 


Why go to the extra trouble of converting AC to DC? There are several reasons. First, most communications 
equipment includes semiconductors and other integrated circuitry that are specifically designed to operate with 


DC, such as: 


e Telephone switches 
e Microwave transmitters 
e Fiber-optic transmitters 


e Mobile radio and cellular systems 


Another reason DC power is preferred for communications systems is its reliability advantage. Even the most 
advanced electrical grid can fail from time to time, and no one Is immune to the possibility of power interruptions 
that may last for hours or days. When the outage occurs at a cell station, shutting down is not an option. So 
battery or fuel-cell backups are installed to allow continuous operation and these power sources produce DC 
power. This system is used for both cellular and conventional land-line telephone service, which is why you still 


get a dial tone even when your home’s AC power is out. 


DC power by the numbers 


Communication equipment requires specific voltages 
of DC current. Most commonly, the requirements are 


positive 24 volts (+24V) and negative 48 volts (-48V). 


These high voltage values reduce their associated 
current and lighter current requirements allow for 
smaller and less expensive fuses, circuit breakers 
and cables. 


The +24V value evolved from the early mobile radio 
industry, back when equipment was designed to draw 
power from a +12V automobile battery or +24V truck 
battery, the same kinds of batteries used today. 


Going beyond the basics 


As mentioned above, the basic core components of 

a communication system's power connection are the 
rectifier, which converts AC current to usable DC 
current, and the batteries which assume the load 
when external power is interrupted. Once DC is 
online, however, we must consider the specific power 
needs, or loads, of different equipment. We need a 
means to distribute the correct voltages to each piece 
of equipment. 
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Volt (V) 

A measurement of electric 
potential difference between 
two points in a path. Voltage 
is sometimes referred to as 
“pressure because it shares 
many characteristics with 
pressure in a water pipe. 


To make these adjustments, devices called DC-DC 
converters can modify the primary DC voltage to suit 
the needs of a piece of equipment that demands a 
different voltage. In the event that some equipment 
requires AC current, we can also include a device 
called an inverter, which changes DC back into AC. 
Because this all takes place behind the station's main 
rectifier, this reconverted AC power isn't subject to 
interruptions from the external power supply. A sample 
diagram showing all these components appears below 
(figure 9.2). 


You may also notice an important new element 
appearing in this diagram: the generator. Generators 
supply AC power for the station's rectifiers if external 
power is interrupted. This keeps all systems operating 
and the batteries fully charged. There are several kinds 
of batteries and generators in common use. Selecting 
the right generator often depends on space, budget 
and operational expectations. 
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9.2: Block diagram of a basic telecommunications 
power system 
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The chemistry of batteries 


At its most basic, a battery is an electro-chemical method of storing and 
releasing electrical energy. A battery contains chemicals that react with 
one another, producing DC electrical current as a byproduct. The specific 
chemicals and processes may vary—we will examine some common 
varieties below—but, on a fundamental level, all batteries operate on this 
core principle. 


While the battery is receiving a charge from a fully operational system, it 
does not discharge any current. Rather, it consumes a small amount of DC 
from the power relayed by the rectifier. When this current is interrupted, 
natural processes kick in and the batteries discharge their stored DC 


power in accordance with the load placed on the circuit. Most importantly, 


this shift occurs seamlessly and leaves no interruption in current. 


Reliable backup times usually range from two to eight hours, depending 

on the load. Since telecommunications providers must be able to specify 
expected operational times, choosing the best type and configuration of 
batteries is critical. 


Lead-acid batteries 


These are commonly used as backups for telecom power systems. They 
are highly compact relative to their output, and are the same kind you 
would find under the hood of your car. They are available in vented and 
valve-regulated forms (figure 9.3). 


VRLA battery 


Flooded battery 


9.3: Vented (flooded) and valve-regulated (VRLA) batteries 


Vented (also known as wet or flooded) batteries are a mainstay of telecom 
central offices and switching centers. They maintain a charge for up to 20 
years or longer. However, they demand a great deal of costly maintenance 
such as water treatment, spill containment and forced-air ventilation. These 
drawbacks make them less suited to remote cell base stations. 


Valve-regulated lead acid batteries (VRLAs) are recombinant batteries, 
which means oxygen and hydrogen can recombine to prevent water loss. 
Because they don't need added water and can therefore be built in 
spill-proof containers with pressure relief valves, these are often called 
sealed lead-acid batteries. They are easier to ship, maintain and install, 
and cannot freeze like a flooded battery, making them the preferred 
choice for cell base station use. 
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i Voltage polarity: positive (+) 
Battery cell configurations ge polarity: p 


+24V -48V and negative (-) voltage 
Each battery is comprised of cells arrayed in electrical The + and - designations 
; of +24V and -48V refer to 
series. The number of cells used in a particular battery Meee anit, of the battery 


is determined by the overall required operating 12V 12V 12V 12V circuit is measured: in terms 
voltage and the voltage of each cell. For VRLA +24V Battery String —48V Battery String of actual power produced, the 
batteries, a standard voltage of 2V per cell is the ewes meaningless. 
norm so, to power a +24V system, 12 such cells must 9.4: VRLA batteries configured in series for +24V and 

be connected in a series. Likewise, a -48V system -48V applications 

requires 24 cells. Often, VRLA batteries are available 

in 12V blocks, like those seen in figure 9.4. -48V @ 240 Ah 

The arrangement of these batteries in series C1 CT 

determines the voltage polarity. If each of the 12V 

batteries shown above is rated for 100 amp-hours, 

then each series string of batteries could be expected 

to produce 100 amps of current for one hour. 

Capacity is directly related to the size of the battery, 


but rather than spending more on larger batteries, 
we can achieve the same boost to capacity by adding 925A fault E A E E 
more strings of batteries to the system in parallel additional redundancy 

as opposed to adding them in series. This option 

also provides safeguards against the failure of an 
individual battery, which would remove its string from 
the system altogether. By connecting in parallel, the 
spare capacity is already online and ready to maintain 
the current for its rated length of time. A diagram 

of sample parallel battery strings rated at 240 amp- 
hours, appears below. Note that if a battery failed 

in any of the three series strings, the remaining two 
strings would continue to supply steady power at 
160 amp-hours (figure 9.5). 


E TT 


This configuration also provides a convenient means of 
maintaining the batteries. Often, these strings will be 
installed with separate disconnection breakers, which 


make it easier to locate failures and isolate problems 
that could otherwise cripple the entire system. 


CommScope: understanding the RF path 


Generators: the first line of defense 


If batteries are the last line of defense against service interruption, 
generators are the first. Since batteries alone can only maintain operations 
for a few hours, longer AC service interruptions require a longer-term 
solution and that means generating our own power. 


Unlike batteries, generators provide power by burning fuel. Like batteries, 
there are different types and configurations avallable. Which one you 
install depends on factors like space, cost and service expectations. 


Since they operate outside the cell station's internal DC system, 
generators aren't considered part of that system. Because they supply the 
DC system’s rectifiers with the AC they need, however, they're a vital link 
in assuring reliable operation. In the event the station must switch from 
external to generator-supplied AC power, an electrical device called a 
transfer switch shunts the load to the generator. 


For stations with permanently installed standby generators, an automatic 
transfer switch (ATS) monitors external power levels and performs the 
changeover to generator power if the voltage drops below acceptable 
levels. View an example of AC generator. (Figure 9.6) 


9.6: AC permanent generator 


AC permanent genset 


Generator fuel sources 


You may have an emergency generator at home, or use one for electrical 
service in a remote location. Chances are that your generator runs on 
ordinary gasoline. Larger generators may also use compressed natural gas 
or diesel fuel, but the optimal generator for a DC system like a cellular 
base station is hydrogen fuel cell technology, for several good reasons. 


Hydrogen fuel cells use proton electrolyte membrane (PEM) technology 
to generate DC power. We'll explore this later, but from a practical 
standpoint, hydrogen fuel cells offer several key advantages over their 
petroluem-fueled cousins. 


Hydrogen fuel cells: 


e Run on inexpensive, readily available hydrogen 

e Produce very little heat, preventing damage to other components 
e Offer higher efficiency than typical diesel generators 

e Operate in ambient temperatures from -40°F to 122°F 

e Are more compact than other fuel cell types 

e Are guiet and non-polluting 

e Have no moving parts, extending their operational life spans 

e Require very short warm-up periods so they come online quickly 


Generators in general, and hydrogen fuel cells in particular, can provide 
large amounts of steady, predictable power for extended periods of time. 


9: Powering wireless networks 


The science of fuel cells 


Ina PEM fuel cell, hydrogen atoms are stripped of their negatively 
charged electrons at the anode end of the battery. This lonizes the 


hydrogen atoms, giving them a positive charge. The liberated electrons 
provide the actual DC to the connected equipment. Meanwhile, at the 
cathode end of the battery, oxygen combines with the hydrogen and 
electrons returning from the circuit, creating water (figure 9.7). 


As long as the system is supplied with hydrogen and oxygen, the fuel 
cell will produce a predictable amount of current. 


9.7: Basic operation of a hydrogen fuel cell 


i 
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Hydrogen fuel cell installation 


Hyrdogen fuel cell installations include three main components: hydrogen 
storage, a fuel cell stack and power module, and an integrated bridge 


battery. A typical layout is shown in figure 9.8, along with a view of an 
actual installation in figure 9.9. 


Hydrogen storage 


Like many liquid or gaseous fuels, hydrogen is stored in tanks. For a fuel 
cell deployment at a cellular base station, this storage would usually 
comprise 8 to 16 cylinders of compressed hydrogen. 


Fuel stack and power module 


Because of the power demands of base station equipment, a single 
fuel cell cannot provide enough power by itself, so multiple cells, called 
a stack, are linked together in a fuel cell power module (figure 9.10). 
This linked arrangement is similar to the multiple battery configurations 
discussed earlier. 


9.9: An actual fuel cell and hydrogen storage cabinet installation 
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9.8: A typical layout for a base station's fuel cell power plant 
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9.10: The connection between fuel cell, fuel cell stack and fuel cell power module 


Bridge batteries 


While hydrogen fuel cell generators warm up quickly and are ready for 
service shortly after an AC power interruption, there is a brief bridging 
period when batteries must carry the load alone. These integrated battery 
backups provide the necessary power to cover the brief time needed for a 


fuel cell to come online. 


Fuel supply and maintenance 


Hydrogen fuel cells are efficient, quiet, reliable and long lasting. But, 

like any generator, they require a supply of fuel to operate. When the 
hydrogen supply dwindles, an automatic alarm alerts the system's 
operator that fresh supplies are needed. To preserve hydrogen, fuel cells 
are designed to shut down once external AC power has been restored. 
They are then ready to engage the next time an interruption occurs. 


With no moving internal parts to wear out and very little heat radiation, 
fuel cells require very infrequent maintenance, often amounting only to an 
annual inspection of their oxygen intake filters and radiator fluid levels. 
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9.11: External AC power on (float mode) and off (discharge mode) 
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Rectifiers: the AC-DC interface 


Once beyond the external source of power, whether it’s commercial 
AC electrical service or an AC generator, the rectifier is the core of the 
system's DC power distribution needs. 


The rectifier is designed to provide an output DC voltage level that 
maintains the battery charge. This level is called float voltage, and it 
supplies the equipment load as well as a trickle charge to the battery. In 
the event of an AC power interruption, the rectifiers go offline and the 
batteries automatically kick in, providing the same level of power to the 
rest of the system. When external AC power is restored, the rectifiers re- 
engage and the batteries return to their trickle-charging state (figure 9.11). 


In practical deployments, multiple rectifier modules are usually required 
to supply power for the station’s load. Rectifier modules are connected in 
parallel, letting each one share an equal part of the load, a practice known 
as load sharing. With load sharing, operators can design in a degree of 
redundancy to guard against individual rectifier module failures. 
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How redundancy Choosing the right rectifier 
adds up to reliability l a o l l l l 
For a -48V application The first consideration in deciding which rectifier will best suit a given 
with 200 amps of load, an installation is the kind of AC power it will receive. Switchmode rectifiers are A 
operator may choose to the preferred choice for cell and microwave sites since they can support 
install five 50-amp rectifiers. , i , . 
multiple AC inputs and have a broader operating range—from single-phase 
Why add a fifth, when four . P . . 
l a to three-phase inputs. This flexibility means fewer rectifiers are required, 
would provide the requisite . 
200 amps? To ensure N+1 saving money, space and maintenance. 
redundancy. Arranging 
multiple rectifiers in parallel Another consideration is the required output voltage. As we've seen, eee 
allows load sharing to even the rectifier must be able to output the voltage required by the station’s 6.3H x 3.4W x 11.8D 
out and IS equipment, that is, +24V or -48V. The amount of current must also be 
sufficient to power all the loads, such as the radio, transmission equipment 
and battery backup. 9.12: Example of a typical rectifier 


Distributing the power 


The rectifier is merely the first stage in the DC power 
system. Once converted, the power must be distributed 

to the many component loads within the system. As 
mentioned above, these loads include core elements like 
the radio, transmitter and battery backup, but they can also 
include secondary systems like lighting, security networks 
and HVAC systems (figure 9.13). 


In the most complex installations there may be so many 
components that up to 80 circuit breakers are required to 
manage them. 


The most visible parts of the distribution system are the 
fuses or circuit breakers, which safely distribute DC power 
from the rectifier to each individual load. Fuses and breakers 
are connected in series between the power system and 
their loads, protecting them from short circuits and damage 
from overload conditions. They also provide a safe, simple 
way to manually shut down individual components or 
batteries for service, maintenance or replacement. 
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9.13: A diagram of a typical +24V power distribution system 


Images and illustration courtesy of GE. 
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Fuses vs. circuit breakers 


While both fuses and breakers provide overcurrent protection, they do 

it in different ways. Fuses are designed to melt under unsafe currents, 
physically breaking the connection between the power source and the 
load. Circuit breakers have internal switches that pop to the “off” position 
under unsafe conditions, again providing a physical break in the circuit. 


Sensitive wireless equipment requires “fast blow” fuses or short delay- 
curve breakers to provide the needed protection. Fuses are generally used 
for lower loads and offer the advantages of lower cost, greater flexibility 
and fast action. Circuit breakers are preferred for larger loads and do not 
require replacement every time they are tripped. Some typical examples 


are shown to the right (figure 9.14). 


Because complex cell sites can require from 24 to 80 breakers of varying 
capacities, wireless carriers have adopted modular distribution structures 
that can accept a wide range of breaker sizes. 


9.14: Common types of telecom fuses and circuit breakers 


Surge protection 


Typical variations in AC power are not the only threat to a cell site. 
Electrical events like lightning can also produce excessive voltages and 
currents, events known as electrical surges. Surge protection devices 
(SPDs) are incorporated to reduce the effects of these surges on sensitive 


electronics (figure 9.15). 


An SPD features a non-linear voltage-current characteristic that reduces 
unsafe voltages by increasing the conducted current. In this case, a cell 
site's SPD operates on the same principle as a surge protector does in your 
home, safeguarding expensive electronics from lightning-induced surges. 


9.15: Typical surge protector devices (SPDs); image courtesy of Raycap Corporation 


© 
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Bus bar conductors Battery disconnects 

The cell site's distribution system is supported by the bus bar conductors, Battery disconnects are switches installed on a battery string that allow 

which physically connect the rectifiers to the batteries and DC loads. easy disconnection for maintenance or replacement. Some disconnects 

There are two bus bar connectors: the charge bus and battery return bus. incorporate safety measures such as overcurrent fusing or breakers. 
The charge bus is a current-carrying conductor that connects the Load disconnects 


rectifer’s output to the battery string. For instance, in a -48V system 
the negative rectifier lead would terminate on the charge bus along 
with the corresponding negative lead of the battery. 


Low-voltage disconnects (LVDs) are designed to respond to low voltage 
conditions in the circuit. Low-voltage load disconnects (LVLDs) can 
disconnect individual loads, while low-voltage battery disconnects (LVBDs) 


The battery return bus provides a common return point for the loads can disconnect a fully discharged battery. 


connected to the power system. This common point is grounded to LVDs serve three main protective functions: 
provide a low-impedance path for transients and noise, and offers a 
eround reference to all connected equipment. 1. They prevent damage to sensitive electronics caused by low-voltage 


(and hence, high-current) conditions 


The shunt 2. They prevent permanent damage to the battery from over-discharging 


In a distribution system, a shunt is a low-resistance resistor designed 3 
to provide a specific voltage drop at a particular level of current. As the 
current passes through the shunt, it develops a small voltage proportional 


. They prioritize which components are disconnected, and in which 
order, preserving limited function when necessary 


to the amount of that current. This voltage drop allows an operator to 
calculate the current flow in the system. 
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With a modern controller, there is very little you cant learn about your cell site's power 
system performance. 


Supervision, monitoring and control 


Modern telecommunication power plants are 
equipped with electronic monitoring and control This controller centralizes several key functions in a single, simplified interface, including: 
systems, generally called controllers. They keep 


track of system voltages, currents, temperatures 


and other key indicators. They also allow 


operators to make adjustments from a central 
monitoring point, usually on the power plant 
itself, on the distribution cabinet or in a rectifier 


slot (figure 9.16). 


9.16: A system controller interface displaying voltage, 
amperage and alerts 


9 


Plant control. Control functions are 
extended from the supervisory panel to 
control other power system components. 
These panels communicate directly with 
the rectifiers, and in some cases can 
coordinate the sequenced restart of all 
rectifiers to prevent power surges during 
switchovers from external AC to a backup 
power source. 


Manual equalizing. This allows a user to 
engage all rectifiers in equalize mode at 
once. This is useful for maintenance on 
VRLA batteries, equalizing cell voltage 
within a battery string. 


High-voltage shutdown/overvoltage 
protection (HSVD/OVP). Controllers can 
automatically shut down rectifiers when DC 
output overvoltage conditions are detected, 
avoiding costly damage to load components. 


Low-voltage disconnect (LVD). If a low 
voltage condition is detected in the backup 
batteries, the controller can open additional 
contacts to equalize voltage and close them 
again when levels equalize. 


Battery temperature compensation. 

The controller can adjust rectifier output to 
meet the temperature-driven voltage needs 
of the batteries. 


Charge current control. This feature limits 
the current flow to a battery when it begins 
recharging after a power interruption. 

By keeping the battery from recharging 

too quickly, it prevents overheating and 
prolongs life. 


Battery diagnostics. The controller can 
estimate the “health” of the battery and 
predict how long it will provide power 
based on its charge status. 


Alarm monitoring. The controller monitors 
critical functions like distribution and 
battery fuse alarms, rectifier failures, 
converter failures and so forth. It reports 
these alarms by way of network backhaul 
interfaces and LED indicators. Some units 
include audible alarms as well. 


Status monitoring. The controller can 
measure and compare the battery charge 
to the system load via an external shunt. 


Plant history. Controllers can log power 
system details over a span of time, 
including such statistics as thermal 
performance of outdoor enclosures, battery 
cell states, or variations in AC 

input experienced by the rectifiers. 


DC-DC power conversion 


Some wireless sites require multiple DC voltage outputs, such as +24 
VDC and -48 VDC. One solution is to install a second rectifier plant, but 
doing so comes with the burden of including a second battery backup 
array as well, which consumes considerable space and adds cost. 


Another solution is to use a DC-DC converter system, an electronic 
power conversion device that changes a DC input voltage to a different 
DC output voltage. Below, you can see where a DC-DC converter system 
is connected in series between the main DC power system and the site's 
load (figure 9.17). 


A DC-DC converter system actually consists of multiple DC-DC converters 
arranged in parallel. It may also incorporate many of the same functions as 
the primary DC power system, such as distribution. lt also has dedicated 
fuses or circuit breakers, isolating it from the rest of the system. 
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9.17: ADC-DC converter system connected in series to a cell site’s power system 
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Since a DC-DC converter system does not have an associated battery 
connected to its output, it isn’t bound by a battery system's requirement 
for precise output voltage. However, since it is necessarily energized by 
the primary DC power system, that demand must be figured into the 
power system's initial design. 


Dual-voltage power plant using DC-DC converters 


Ordinarily, a DC power plant's rectifiers and batteries supply consistent 
power for a single voltage requirement. If two requirements exist at the 
site and the demand Is heavily skewed toward one voltage or the other— 
either predominantly +24V or -48V—the secondary voltage may be 
supplied through the addition of a DC-DC converter system. 


Because the conversion takes place between the rectifiers/batteries and 
the load, the secondary voltage will still receive all the backup support of 
the primary voltage in the event of external AC service interruption—and 
only one set of backup batteries is required (figure 9.18). 
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9.18: Supporting two voltages at a single site using one power plant and converters 
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Integrated power systems 
Space-saving combinations 
of related components, 
built into a single device 
for easy installation. 


Advantages of converting voltage 


Modern DC-DC converters are essentially “plug and 
play” devices that are designed to fit in the racks 
alongside rectifiers and other converters (figure 9.19). 


This approach offers communications providers 

the greatest flexibility in adopting next-generation 
technology, offering new services while maintaining 
older standards. As the deployment of the newer 
technology grows, additional converters can be 
added to the system to increase the secondary 
voltage’s share of the power supply. It should be 
noted, however, that doing so may require upgrading 
the rectifier capacity as well, while making sure to 
maintain the usual redundancy margin. 


Disadvantages of converting voltage 


On the downside, converting to a given voltage Is 
inherently less efficient than drawing that voltage 
directly from the rectifiers, so losses increase as more 
and more DC power is converted away from the 
primary voltage. 


Also, many traditional power plants cannot support 
the direct addition of converters to their systems. 
To draw two voltages in these instances, a separate 
converter plant must be installed. The converters 
draw power from the existing DC power plant via 
fuse or breaker positions in the distribution system, 
just like any other load device. This reduces the 
number of available distributions for the primary 
voltage equipment at the site. 
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9.19: Converters and rectifiers occupying adjacent power 
shelf slots 


Mapping the positions 


Since a single power plant can generate varying 
amounts of both primary and secondary voltages, 
the need arises to assign numbers to the distribution 
positions of each voltage. A selectable voltage 
distribution panel makes this organization possible 
(figure 9.20). 
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9.20: A selectable voltage distribution panel, showing both +24V 
and -48V applications 
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Integrated power systems 


So far, we have focused on the individual 
components that comprise a cell site's power 
system. With so many components, you can 
imagine how quickly the space limitations of a 
site's shelter or cabinet become an obstacle. 


To address these space limits, CommScope 
produces integrated power systems with several 
components built into a single device, and suited 
for installation in a single rack. This approach is 
increasingly common in modern cell sites. 


A typical integrated cell site power system includes 
one or more shelves of rectifiers along with 

one or more shelves of DC-DC converters. This 
integrates power conversion and power distribution 
functions, connecting them with bus conductors. 
The distribution system contains an integrated DC 
bus, fuses or breakers and cabling tie-downs to 
distribute power to the load (figure 9.21). 


Cell site power requirements range from 100 amps 
to several hundred amps of primary DC power. In 
+24V applications, these systems are configured 
to deliver 1,000 to 1,200 amps of primary power; 
-48V applications, about 600 amps. This may 
seem like a great deal of capacity, but the actual 
power consumption is typically far less than the 
system's theoretical capacity. 


Since integrated power systems feature modular 
design, additional power can be added simply by 
plugging an additional rectifier into a vacant rack 
slot. Likewise, if there are secondary loads that 
use different voltages such as adding a +24V 
radio to a -48V system then DC-DC converters 
can be added to open slots to accommodate 
those needs. This is particularly useful in an age 
where radio technologies evolve at a rapid pace. 


DC-AC inverter 


Some of the equipment operating at a cell site 
may require AC current from battery backup 
supplies. Since the entire system is built around 
DC power, a DC-AC inverter is needed to 
provide the necessary AC voltage (figure 9.22). 


There are two basic types of inverters: 


Offline inverters feature an AC input and an 
AC output with a standby DC line connection 
available. This is the type generally used in 
cell site applications. 
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9.21: An integrated rectifier, DC distribution and controller 
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Online inverters feature a DC input and 
an AC output with an optional AC standby 
line available. 


Like DC-DC converters, the input for a DC-AC 
inverter is supplied by the primary power plant. 
Like converters and rectifiers, inverters are often 
installed and configured for redundancy. A static 
switch maintains equalized voltage to the load 
by switching automatically between external 

AC power and the inverter’s AC power. This 
switching is done instantaneously, assuring no 
interruption in operation. 


Along with the static switch, many systems also 
include a maintenance bypass switching panel 

in an inverter installation, which allows an 
operator to power down an Inverter for servicing 
or replacement without disturbing the system's 
load. During this power-down time, however, the 
system load Is entirely dependent upon external 
AC power. 
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9.22: ADC-DC converter system connected in series to a 


power system cell site’s power system a 


CommScope: understanding the RF path 


Remote radio head (RRH) 

A recent design advance in 
base station architecture 
that separates a cell site 
base station's RF and 
baseband functions for 
improved efficiency. 


AC power sourcing flexibility 


With ever-increasing utility costs, the ability to combine power from renewable sources with utility power Is 
another aspect of power flexibility. To address this, some rectifiers can accept AC power from attached solar 
panels or wind turbines just as easily as they can draw it from the utility's transmission lines. An illustration of this 


flexibility is shown below (figure 9.23). 
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9.23: Power source flexibility lets rectifiers draw from conventional or renewable sources 


Utility grid 


Architectural improvements to power management 


Significant power losses occur as a signal moves from the radio 
transmission equipment in a cell site's base station shelter to the antenna 
up on the tower. These losses are a natural consequence of traversing 
long stretches of coaxial cable. However, the simple architectural change 
of moving the transmitter and amplifier—known collectively as the radio 
head—from the shelter to the tower eliminates these losses and reduces 
power requirements. This design is called the remote radio head (RRH). 


The baseband equipment remains on the ground and external AC power 
still enters at the cabinet or shelter. But with the transmitter amplifier 
mounted adjacent to the antenna on the tower, more space is freed up 
and less heat management is required. 
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9.24: DC powering options for remote radio heads (RRHs) 
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Because of its exposed location, the tower top is not suitable for the 
battery backups, but other RRH equipment can be easily sealed against 
the elements. Instead of coaxial cable running up the tower, now only 
power transmission lines are needed. Below are two possible methods of 
providing power to the RRH (figure 9.24). 


As useful as this design is, it also introduces new challenges. For instance, 
since the battery backup is now located far away from the critical 
components in the RRH, a heavier gauge of power transmission line Is 
needed unless the power is converted to a higher voltage down at ground 
level and then converted back to the needed voltage (+24V or -48V) at 
the RRH itself. 


This arrangement sometimes uses “line power’ equipment, which is now 
available for these applications. With line power, the ground-level voltage 
is increased to +/-190 V DC, reducing the current and thereby reducing 
transmission loss (figure 9.25). 
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9.25: Line power voltage conversion used for an RRH application 
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Cell site power system configurations 


Different cell sites store their power equipment in different ways. 
Some sites have equipment shelters at the base of the cell tower. 
Inside these climate-controlled enclosures, equipment is mounted in 
equipment racks, with an integrated power system in one rack and 
battery strings in another, and radio equipment in still another. 


Other sites place integrated compact equipment in outside 

plant (OSP) cabinets. This approach offers less space and fewer 
opportunities for environmental management, so only components 
specifically designed for OSP cabinet environments can be installed. 
It is common practice to keep power and radio systems in separate 
cabinets. Because of their size, often batteries will have a dedicated 
cabinet as well. A few examples of OSP cabinets are shown in figure 
9.26 and 9.27. 


Keeping the power and communication flowing 


A lot of thought, planning and effort is required to deliver and 


support our always-on, 24/7 world of communications. When power 


outages occur, as they inevitably do, it falls to forward-thinking 
engineers and companies like CommScope to put effective, reliable 
contingencies in place. 


Many of the same systems that keep your home electronics in good 
working order like battery backups, circuit breakers, DC converters 
and surge protectors also keep our national cellular backbone in a 
state of constant readiness. 


Interruptions in power shouldn't mean interruptions in our lives, and 
with the technology and expertise of CommScope and our partners 
in the communications industry, they don't have to. 
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9.26: Integrated cell site battery 
only cabinet 


9.27: Integrated cell site power and 


battery cabinet 


Chapter 9 summary 
Powering wireless networks 


e DC vs. AC power 


e Cell site equipment requires 
DC power 


e Rectifiers convert AC to DC 
Batteries 


e Lead-acid batteries are 
available in flooded and 
valve-regulated versions 


e Backup systems built of 
batteries stringed in series 
and in parallel 


Generators 

e On-site power generation 

e Hydrogen fuel cells 
Distribution 

e Fuses, circuit breakers 

e Surge protectors 

e Shunts 

e Battery and load disconnects 
Integrated power systems 


e Combine multiple elements in 
one device 


New efficiencies 
e Dual-voltage power plants 


e Remote radio heads 


e “Line power’ voltage conversion 
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Successfully planning against failure: 
Reliability in wireless systems 


It's simply a fact of life that items left out in the elements will become more susceptible to 
problems as a result of such exposure. Outdoor furniture ages more quickly than indoor 
furniture, the car parked at the curb shows more wear than the car kept in the garage. As a 
matter of necessity, a home's exterior paint will need refreshing more often than its interior. 


The elements, as a rule, are harsh. 


Planning for environmental punishment is also a key concern for cell site operators, as new 
efficiencies that wring more work from every watt often mean placing components farther out 
into the network, and that means placing them outdoors, high on antenna towers. The same 
degrading effects that peel a house's paint work relentlessly against the sensitive electronics 


that drive modern cellular communications. 


The precise balancing act of increased component failure rates against operational efficiencies 


has led to a revolution in how cell towers and cell systems are developed and built. 


CommScope is at the forefront of this new network architecture and its impact on reliability. 
We offer the tools and expertise to help operators maximize redundancy, improve weatherizing 


and plan for system component failure and systems all over the world. 


Se 
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Reliability Reliability, objectively defined 

The probability of a device be aes . . ; i 

working correctly over a defined In everyday conversation, reliability usually refers to your experience with a device or service. Its somewhat 
length of time, operating under subjective in that no two people have exactly the same experience, and they don't react in the same way when 


specified conditions. a problem does occur. 


For instance, your home Internet service may occasionally go down for a few minutes in the middle of the night, 
but since you're not using the Internet when it happens, you would refer to your service as highly reliable even 
though it occasionally fails. Another person might need a stable connection during a particular time of day and 
experience an Internet outage during that critical moment. Even though the interruption may last only seconds, 


that person would describe his connection as unreliable. 


In engineering terms, however, reliability takes on an entirely new meaning. It has an objective, empirical value 
based on study, analytics and calculation. In this sense, reliability is defined as the probability that a product or 
service will perform as it should at any given time, under specific conditions. In engineering, “failure” is something 
to be anticipated, controlled and compensated for via system redundancy. 


Generally, reliability rates can be defined with a classic bathtub curve, so named for its bowl-like shape (figure 
10.1). As you can see, it predicts higher failure rates at the beginning and ending of a device's life cycle. For any 
given device, this graph provides a general guide as to Its rate of failure—decreasing initially, and increasing 
during end of life. 
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10.1: The reliability “bathtub curve,” showing the failure rate over the operational life of a device 


The three stages of component life introduce three common causes of failure: 


1. Early-life initial failure may be due to manufacturing problems, 
incorrect installation or damage during shipping. 


2. Steady-state constant failure indicates random failure as a normal 
function of operation. This is the stage we are most concerned with 
in this chapter. 


3. End-of-life wear-out failure occurs when fatigue, corrosion or other 
factors accumulate to the point where failure becomes more and 
more likely. 


Determining when a device's end-of-life stage occurs depends on 
complex computations. For example, one must take into account known 
life expectancy of the device's main components, such as motors and fans 


with moving parts that are eventually subject to mechanical wear. 


Similarly, electronic components also have life expectancies. For 
example, electrolytic capacitors used in wireless electronics are subject 
to degradation from high temperatures and AC ripple currents. 


Quantitative reliability predictions 


As you might expect from a complex wireless communications system, 
predicting likelihood of failure is a complicated process, but a necessary 
one. There are several methods: 


1. Collection of empirical field data from customers 
2. Accelerated life testing data 
3. Prediction models based on “parts count” method 


4. System availability models for large systems with internal redundancy 
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Each method offers different advantages. The “parts count” method, for 
instance, is particularly useful for new product designs, even before the 
product moves beyond its design stages. This method applies established 
life cycle information for the components used in the design—the steady- 
state failure rates indicated in figure 10.2—to create an aggregated model 
of potential failures. 


This computation relies on industry software reliability prediction tools 
such as Telcordia SR-332 Reliability Procedure for Electronic Equipment. 
It adds up individual component failure rates and applies designer- 
specified multipliers accounting for specific temperature, electrical stress, 
production quality and environmental conditions to yield a final, steady- 
state failure rate for the component. The various stress parameters are: 


e Stress factor for operation is de-rated from specified limits 


e Temperature factor (often adjusted up or down from a reference 
point of 40°C) 


e Quality factor accounting for supplier and process controls 
e Environmental factor accounting for indoor vs. outdoor conditions 


From such prediction tools, a designer can compute a predicted failure 
rate with a 90 percent or greater confidence limit, which means at least 
a 9-out-of-10 chance that the actual failure rate will be no higher than 
predicted. These estimates usually reflect conservative numbers, making 
them highly reliable predictors. 


SED 
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Stress factors 


Of th veral str rameter rhaps the most critical factors Part pan At de 
: a a an be ame ies pene ies See Category FR | Quantity | Failure 
in predicting reliability in the wireless communications industry are (FITs) rate (FITs) 
temperature and environmental stress. 
7094037 Capacitor 0.21 
Temperature factor, more specifically operating temperature, is the R3, R44, R6, 
sum of the ambient temperature and the temperature of the heat 7131706 me [o] oa R20 
produced by the component itself. In practice, a 10°C increase in l R150, R151, 
l l l E . 7131748 Resistor 
operating temperature can double the likely failure rate. Likewise, R152 
reducing the temperature by a similar amount can reduce predicted 7131797 EIE EJ R1022, R243 
failure rates by up to 50 percent. 
f o. . ae 7144735 C it C152, C162 
Environmental factor is just as important as a predictive element. For 7144735 | Capacitor | 021 | 10 NOS 
example, an outdoor environment introduces a multiplier of 1.5 to 7144739 Capacitar 0212 MS C58, C740 
2.0, depending on the outdoor application. This factor accounts for 
variations in temperature, vibration and other environmental variables 7164258 | Miscellaneous | 3.80 | $ 25.82 AT1, AT2 
in an uncontrolled outdoor deployment versus the same equipment in 
a climate-controlled enclosure. Recent data suggest that a 1.5 factor 7165048 CAE 0.8 
is typical for outdoor wireless equipment such as tower-mounted 
antennas and remote radio head (RRH) equipment. Much of this data LIA Ol 
was collected by monitored RRHs. 7501483 CE 
Water ingress protection starts with the careful analysis of points of 
. . l l -_ l 7512949 Capacitor 
ingress, design considerations for protection of critical RF connection 
points, formulation of condensation and management of condensation. 7541771 AE 
Addressing each element often means tradeoffs between cost and circuit 
efficiency in the design. 7563383 | tegrated | gon | 4 
circuit 


The final product of the reliability prediction tool includes detailed, part- 
by-part information such as that shown on the right (table 10.2). 


10.2: Example of a component reliability table 
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Measuring reliability 


As mentioned above, reliability is the 
probability that a device will perform correctly 
under defined operational conditions over 

a specific span of time. But supporting this 


general definition are several practical ways of 
measuring reliability in real-world applications. 


Mean time between failure (MTBF) is the time 
between two consecutive failures. This is the 
most common definition for reliability. MTBF is 
expressed as the inverse of the failure rate. 


MTBF = 1 / Failure rate = 109 / FITs. 


Mean time to repair (MTTR), sometimes called 
mean time to restore, is the time needed to 
repair or replace a falled component and restore 
Its function. This includes procurement and travel 
time, so the figure is comprehensive in its scope. 


Availability (A) is the percentage of time the 
system as a whole operates normally. When 
someone refers to “4 nines of reliability,’ they 
mean “99.99% uptime” (table 10.3). Availability is a 
function not only of how often a component falls, 
but also how long it takes to restore service when 
it does fail, so it figures in both MTBF and MI TR. 


A = MTBF / [MTBF + MTTR] 


When describing the reliability of an entire 
system, availability is a more useful measurement. 
That's because redundancies built into the design 
may tolerate some individual failures without 
seriously compromising the function of the 
system as a whole. 


Unavailability (U) is the flipside of availability, in 
that it expresses the percentage of time a system 
is not working properly. Also, like availability, it can 
be calculated as a function of MTBF and MTTR. 


U = MTTR / [MTBF + MTTR] 
As you may expect, A + U always equals 100%. 


Downtime (DT) is derived from unavailability and 
expressed as the average amount of time per year 
the system will be in an unavailable state. Since it 
measures failures that often last only minutes, and 


expresses them as a percentage of a full year, we 
simply multiply the unavailability percentage by the 
number of minutes in a year, or 525,600. 


DT = U x 525,600 


To illustrate, consider a system with 99.99% 
availability, or “4 nines.” That means its 
mathematical value is .9999, resulting in a 

U value of .0001. Multiplying .0001 by 525,600 
yields an expected annual downtime of 52.5 


minutes per year, or less than a full hour. This is a 
key indicator in overall service quality (table 10.3). 
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Downtime Service 


Hoe (minutes/ ualit 
availability Ds 
year) level 


Number 
of nines 


a th 


10.3: Service quality measured by uptime; more nines mean 
more availability 


managed 


Failures in time (FITs) 
The number of expected 
component failures per 
billion operating hours. 


— o, vw a 
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Availability on a systemwide scale 


Because of the vast number of components that make up a wireless 
communications system—each with their own failure rates, redundancies 
and importance to overall operation of that system—predicting long-term 
performance of the system as a whole can be quite a challenge. 


From a design standpoint, cost constraints make it impossible to build 
components that are not subject to some degree of failure. Therefore, the 
design must incorporate redundant subsystems to avoid complete system 
unavailability due to any single component's failure. Properly implemented, 
these subsystems will allow the system to continue functioning at full 
performance, even in its degraded state, until repairs can be economically 
performed on the failed component. 


Budgeting for failure 


Dividing a system's functionality into subsystems allows a “reliability 
budget” to emerge. By breaking down the complex whole into manageable 
segments, subsystem reliability can be more easily modeled based on its 
parts count or by another appropriate method. Then, the likelihood of 
failure of the entire subsystem can be modeled to learn its effect on the 
overall function of the system itself. 


In a practical example, consider the mass of electronic components 
mounted atop a cell site tower. The system can be broken down into 
subsystems Involved in the transmit path, the receive path, the power 
system and other related functions. Each of these will have a maximum 
allowable failure rate assigned based on its importance to the operation 
of the system. So the site's designers can plan accordingly, the overall 
reliability budget is split up and allocated where it is needed most. 


In practical applications, these models are more concerned with the 
functioning state of a system or subsystem, rather than with the actual 
hardware or software itself. At this level of planning, MTBF and MTTR 
become more meaningful descriptors of reliability than failure rate alone. 


Failure mode, effects and analysis (FMEA) 


Given enough time, component failure is a certainty. Where and when it 
occurs, however, is a variable that must be modeled to be predicted. 

That means a lot of what-if scenarios, not only of component failure but 
the effect of that failure on its subsystem and the effect of that subsystem 
on the system as a whole. For this kind of analysis, failure mode, effects 
and analysis (FMEA) is a simple, table-based method of measuring these 
variables together. 


The FMEA for a particular system lists each failure mode and its effect on 
overall system performance. Failures that result in total loss of service are 
combined to calculate the system’s total availability, while failures that 
cause only minor effects on service are combined to calculate the 
system's partial availability. 


Fault-tolerant design 


Redundancy is the key to boosting availability within a system without 
requiring the subsystems to be more reliable themselves. Redundancy 
schemes vary by application, but they all have one thing in common: 

on-demand access to a device or service that can assume the function 


of a failed device until it can be repaired or replaced. Sometimes this 
includes a spare component; other times it means shifting load to other 
systems. Common redundancy schemes include: 


e Active/hot standby, a spare component built into the system that 
operates all the time and can assume more load when needed 
due to primary component failure 


e Active/cold standby, a spare component built into the system, 
which only comes online in the event of failure, with a possible 
interruption in service 


e 1 + 1 load sharing, providing two active routes for communications 
so one will be available in the event that component failure causes an 
outage in the other 


e N+1 load sharing, providing a standby alternate route for 
communications to assume the load in the event that component 
failure causes an outage in any of the other routes 


The downside of adding redundancy is increased cost. Therefore, 
redundancy should be added in circumstances where benefits 
outweigh costs. 


S$ HHH 
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The reliability block diagrams 


Another widely used approach to measuring system reliability is the 
reliability block diagram (RBD). Unlike the lists of the FMEA table, it 
graphically shows the interconnections between subsystems on a 
conceptual level and how redundancy measures are integrated. Also, 
unlike the FMEA table, these element “blocks” are described purely by 
function, not by individual component; the system’s reliability depends 
on how these blocks are connected. Arrows represent the direction of 
information flow, but may not necessarily correspond to the physical 
direction of current in the system. 


How the RBD shapes up depends on the kind of system architecture 
under consideration. A typical architecture may include both redundant 
and non-redundant subsystems, as shown in figure 10.4. 


An RBD is extremely useful in predicting system reliability, but it does 
have disadvantages. The main limitation is its static nature: it can only 
predict individual failures without accounting for cascading effects 

throughout the system as it continues to operate in a degraded state. 


Main power 
— EP Remote radio unit —> 
Backup power 


10.4: A simple RBD showing redundant power and non-redundant radio unit 
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State transition diagram (Markov Model) 


In non-redundant systems, there are two states of being: working and not 
working. Transitions between these two states are defined by failure rates 
(1/MTBF) and repair rates (L/MTTR). Between these two measurements, 
availability can be easily determined. 


However, more complex and more fault-tolerant systems have many 
levels of operational efficiency. We have referred to systems operating in 
degraded states, or a state of partial failure. To measure the reliability of 
these complex systems, the Markov Model defines all possible degrees of 
a system's operation and maps every state transition involved in making 
those states occur. 


To illustrate, consider a simple system with two subsystems, A and B, 
each with the same failure rate (figure 10.5). As you can see, there are 
three possible operating states: fully operational, partially degraded and 
complete unavailability. 


2xD 


a A ll 


10.5: A basic Markov Model describing the three 

possible states for a two-subsystem design 

The arrows indicate potential failure and repair transitions between states 
with the failure and repair rates for each. Different failure rates among 
subsystems naturally introduce additional variables, but the computations 
remain the same. 
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Markov Models can account for multiple combinations of failure 
conditions and the effect each has on system performance. This offers a 
better view of the comparative severity of different subsystem failures and 


what kind of degraded performance can be expected. 


Markov Models are very useful in calculating the cost/benefit analysis of 
steps designed to reduce failure rates at various places within a system— 
essentially putting a “time and trouble” cost on any possible subsystem failure, 
which is particularly valuable when considering how difficult it is to service 
tower-mounted wireless communications equipment. It can also inform 
design decisions at the planning stage, taking into account accessibility factors 
early in the process. The downside to the Markov Model, however, is that it 
cannot assign a single MTBF value or failure rate to the system as a whole. 


Reliability factors 


Now that we are able to determine system reliability by multiple methods, 
we can examine what can be done to improve that reliability. These 
measures start in the design phase and carry through to Installation and 
maintenance practices. 


Product complexity is a primary factor to consider. 
Simply put, adding more components means 
adding more opportunites for failure. Take the 
integrated remote radio head (RRH) (figure 10.6). 


du 


With thousands of electronic parts built into a single yy 
device mounted in an outdoor environment, the 
predicted failure rate may be as high as 5 percent 
per year. This rate takes into account the ambient 
temperature, internal temperature and the RRH's 
heat dissipation features, as defined by Telcordia SR- 
322 software. Reducing the number of components 
in this or any device will directly increase its reliability. 


10.6: A compact, 
tower-mounted 
remote radio head 


Redundant hardware improves reliability 

by increasing the number of states in which 
the system may operate, adding flexibility to 
address service levels and repair schedules. 
However, redundant hardware will not reduce 
maintenance costs and it requires a greater up- 
front investment. 


Heat dissipation is vital to the long-term reliability 
of any electronic system or subsystem, whether 
mounted atop a tower or located in a ground 
enclosure. For instance, a 60-watt amplifier may 
generate an internal temperature rise of 25°C 

to 30°C, which, when added to an ambient 
temperature of 25°C, yields up to 55°C of heat, 
exceeding the default operating temperature of 
40°C found in the Telcordia SR-322. Recall that 
reducing operating temperature by just LO°C may 
reduce failure rates by 50 percent. 


Thermal limitations relate to how heat 
dissipation is handled in a device. In the example 
of the RRH, front- and rear-mounted heat sinks 
arrayed in fins dissipate internal temperature 
rise into the air. The larger the fins, the more 
heat can be transmitted away. Limitations 
appear in the form of mounting orientation, 
available space on the mount and the physical 
size of the RRH itself. 


Environmental issues are a key factor when 
dealing with electronics mounted outdoors atop 
a cell tower. Temperature variations, moisture, 
lightning strikes and other local conditions 

all play a part in how reliability is measured 

and improved. Each consideration should be 
thoroughly qualification tested and take into 
account prevailing industry standards. 


Thermal design considerations 
e Robust margins for thermal tolerance 
e Design to conform to outdoor 
cabinet specifications 
e Integrated thermal protection 
against over-thermal conditions 
Mechanical considerations 
e Resistance to high winds and 
vibrations on rigid mounting 
e Accommodation of expansion 
and contraction 
e Mechanical change-induced 
drift compensation 
Atmospheric considerations 
e Resistance to water infiltration 
e Resistance to corrosion, 
fading and peeling 
e Connectors, seals and gasket design 
e Proper lightning mitigation 
(shielding and grounding) 
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Installation practices are just as important 

as design factors when it comes to ensuring 
reliability. As discussed in chapter two, it’s 
vitally important to work with a competent and 
experienced cell site services company with 
well-documented safety records and tower 
climb-certified technicians to handle both 
mechanical and electrical services. 


Qualified technicians will reduce the chances 
of improper lightning protection, poor 
connections, mishandled feeder cable and 
weatherproofing problems. In the long run, 
maintenance and troubleshooting are much 
easier and less disruptive to your network 
when trained professionals handle your work. 
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Reliability testing 


A number of reliability test programs are designed to improve product reliability from early design prototype to deplopment. Such tests include the following. 


Design verification testing (DVT) 


Products are tested to electrical and mechanical specifications contained in their product specifications. Testing includes, but is not limited to: 


Temperature and humidity exposure 


Antennas/RF components | Outdoor cabinets 


AS Test per IEC 60068-2-1 at Test to -40°C per 
E -40°C for 24 hr. GR-487-CORE. 

Heat exposure | [EC 60068-2-2 at +70°C Test to +46°C per 
È for 24 hr. GR-487-CORE. 


IEC 600068-2-14 cycling 
between -40°C and 70°C for 
96 hrs.; dwell times at limits 

shall be 1 hr. past chamber 
equilibrium and transition 
times between limits shall be 
less than 2 hrs. 


Test per IEC 600068-2-30, 
Test Db; one 24-hr. cycle; 9 
hr. at 25°C / 95% RH and 9 
hr. at 40°C / 90% RH 
with 3-hr. ramp transitions. 


Test from -40°C to +50°C 
per GR-487-CORE. 


Temperature 
cycling 


Perform 7-day 
temperature/humidity 
cycling per GR-487-CORE 
for outdoor cabinets. 


Damp heat 
(humidity) 


Corrosion (salt mist) 
Outdoor cabinets 


Antennas/RF components | 


IEC 60068-2-11 Test Ka 
(ASTM B117) for a minimum of 
720 hrs at 35°C with a salt mist 

concentration of 5 wt% NaCl 


720 hrs. per ASTM B117 
and GR-487-CORE 


Continuous 
exposure 


IEC 60068-2-52 Test Kb 
(Severity Level 4 - 2 cycles) 
at 35°C with a salt mist 
concentration of 5 wt% NaCl 


Cyclic exposure 


Water 
ingress 


Sand and 
dust 
ingress 


Wind- 
driven 
rain 


Ingress protection 


Antennas/RF components 


IEC 529; for IP67 mated 
connectors: 0.5-hr. immersion 
under 1 meter of water (9.78 
kPa at 25°C). (Unless sand & 
dust tests are required, physical 
ingress rating is inferred from 
design and water ingress rating). 


IEC 60068-2-68, or per Telcordia 
GR-487-CORE section 3.28.4. 
Enclosure door(s) opened and 

closed 50 times before exposure 
and dust collectors (consisting 

of 1.3 cm thick, 2.5 cm X 2.5 cm 
black conductive, high-density 
polyurethane foam pads) placed 
inside. 0.9kg (2 lbs) of simulated 
dust (consisting of 325 mesh 
white hydrated alumina silicate, 
or equivalent) is blown into the 
enclosure at minimum velocity 
of 27 m/sec (60 mph) for 1 hr. 
The foam collectors are then 
removed and visually inspected 
for dust accumulation. 


IEC 60068-2-18 Test Ra, 
Method 1, using a four-quadrant 
spray chamber simulating 
40-mph, 70-in/hr rain for a 
minimum of 4 hrs. 


Outdoor cabinets 


Telcordia GR-487-CORE section 
3.28.4. Enclosure door(s) opened 
and closed 50 times before 
exposure and dust collectors 
(consisting of 1.3 cm thick, 2.5 
cm X 2.5 cm black conductive, 
high-density polyurethane foam 
pads) placed inside. 0.9kg (2 Ibs) 
of simulated dust (consisting of 
325 mesh white hydrated alumina 
silicate, or equivalent) is blown 
into the enclosure at minimum 
velocity of 27 m/sec (60 mph) for 
1 hr. The foam collectors are then 
removed and visually inspected 
for dust accumulation. 


70-mph wind and 
5.8-in/hr rain per 
GR-487-CORE 


Other tests include UV weathering effects from sun exposure: 


e UV-A exposure with fluorescent lamps per IEC 60068-2-5, procedure 
B at 55°C for a minimum 240 hours 


Full spectrum UV-A/B exposure with xenon arc lamps per ASTM G155 


Other multi-year outdoor weathering tests in urban environments 
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Lightning protection: 


e Test per IEC 61000-4-5, 1.2/50us Voltage 8/20us Current 
Combination Waveform, 10 repetitions @ +6kV, +3kA. 


Some examples of testing and analysis in action are shown below 
(figures 10.7 through 10.10). 


Group 1 Group 1, 1000 hours of corrosion 


10.7: Weathering and corrosion test of silver-plated steel products 


10.9: Outdoor wireless cabinet thermal testing 


Group 2, 1000 hours of corrosion 


10.10: Remote radio head 
subassembly thermal simulation 


10.8: UV and weathering test of base station antenna assemblies a 
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Robustness and life testing 
Accelerated life testing (ALT) 


ALT is performed to demonstrate the long-term reliability of a product. 
During ALT, a sample of units is subjected to more severe thermal 
conditions than would normally be experienced in the field. This is 
implemented with a greater temperature excursion and an increased 
frequency of thermal cycles. Though product variable, a typical ALT 
includes high temperature dwells and thermal cycling to stress the unit's 
electrical components as well as their mechanical attachments. The 
duration of the testing is again product variable, but typical testing can 
last 60-100 days to evaluate the product's long-term reliability. 


Highly accelerated life testing (HALT) 

HALT reveals latent defects in design components and manufacturing 
that would not otherwise be found by conventional test methods. HALT 
stresses the products to failure in order to assess design robustness and 
marginality. Our regime includes: 

e Step temperature stress 

e Voltage stress 

e Thermal dwell stress 

e Rapid thermal cycling stress 

e Random vibration stress 

e Combined thermal cycling-vibration stress 


e Other stress tests that may be product applicable 


uz 


Recent developments in reliability 


While it’s easy to establish areas of attack when it comes to improving 
reliability turning those insights into real-life design advances requires 

a great deal of experimentation and testing. For every theoretical 
opportunity, there is a practical obstacle, but CommScope is dedicated to 
leading the charge for improved reliability on every available front. 


Thermal design 

In the arena of thermal design, CommScope is always working to 
develop new designs and alternative materials to make heat sinks 
that more effectively transfer heat from components to the air. This 
approach means less reliance on costly and failure-prone cooling fans. 
As mentioned earlier, every 10°C reduction in operating temperature 
doubles reliability. 


Internal redundancy 

CommScope is focused on load-sharing redundancy to improve 
system availability. While not every single subsystem can be built to 
ideal fault tolerances, we're making every effort to cover as many 
subsystems as possible. 


Field data analysis 

CommScope continuously monitors field returns and performs root- 
cause analyses on those returns. These analyses inform our design 
and manufacturing processes, so we can prevent potential problems 
at the source rather than on the tower—and field results prove that 
the process works, showing continuous improvement over time. We're 
building a whole new layer of reliability right into each product. 


Industry forums 

In 2008, the International Wireless Packaging Consortium convened the 
Tower Top Reliability Working Group to address carrier concerns over 
the reliability of tower-mounted equipment. 
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The best minds from carrier companies, equipment suppliers and other industry experts split into subgroups In 
order to draft a comprehensive best practices document. Results will be published at future IWPC proceedings 
and early results suggest that the study will become an ongoing fixture in the development of industry standards. 


CommScope is proud to share our expertise, as we are well-represented in several key subgroups and lead the 
team dealing with reliability prediction. 


Ensuring a reliable network 


In wireless communications, every design choice involves a tradeoff. In exchange for more efficient use of power 
and space in cell site deployments, there exists a greater risk of component failure. Such failures are a part of life, 
but, they have to be part of the plan. 


Predicting and measuring reliability can be a complex process with many competing aspects. Determining the 
reliability of a Component, a subsystem or an entire cell site depends heavily on what matters most: maintenance 
time, upkeep costs, fault tolerance and a host of other considerations. There are ways to improve reliability, but 
the tradeoff in cost may not always be worth it. 


In modern communications, there are no “one-size-fits-all solutions.’ Every step to improve reliability represents a 


careful balancing act between performance expectations, installation, and maintenance budgets and risk tolerance. 


CommScope helps make those decisions easier with the technology and insight that lets you choose the right 
solution from the best available options. 


Chapter 10 summary 
Reliability in wireless systems 


e More tower-mounted equipment 
improves efficiency but poses 
challenges to reliability and 
maintenance. 


e Reliability over life span defined by 
bathtub curve 


Reliability stress factors 


e Temperature extremes 

e Environmental stress 

e Heat and heat dissipation 
Measurements of reliability 

e Failure rate 

e MTBF 

e MTTR 

e Availability 

e Unavailability 

e Downtime 

Reliability prediction tools 

e FMEA 

e RBD 

e Markov Model 

Testing regimens 

e Design verifications testing (DVT) 

e Accelerated life testing (ALT) 

e Highly accelerated life testing (HALT) 
Reliability improvement opportunities 


e Product simplification 
Redundant hardware 


Better heat dissipation 
e Installation best practices 
e Improved prediction tools 


e Field data analysis and integration of 
findings into production processes 


Industry forum leadership 


OOOO 
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Cnapter 11 


Covering all the bases: 
Distributed antenna systems 


A population map of the United States illustrates what you 
already know: people are not evenly distributed across the 


country, or even across a particular state (figure 11.1). 


Since cell network service is driven in large part by the 

11.1: A map of the United States 
population it serves, it makes sense that coverage must be showing relative population density 
denser in those places where population is denser. While this 


map shows how population density changes from state to 


l , l Distributed antenna 
state and from county to county, it doesnt show how density system (DAS) 
, A network of nodes 
changes from one neighborhood to another, or even from serving a specific place 
P , , or building. They connect 
one building to another. These localized differences matter ME la central base 


station for backhaul out 


in cell network planning, defining cell size, shape and power Ele network 


requirements. A key part of that plan is the distributed antenna 
system (DAS), which serves geographical areas and buildings 


with the highest demands. 


eee 
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A DAS is a network of spatially separated antenna nodes—called microcells—arranged to support cell network 
service in a particular place, often a single building or a campus of buildings (figure 11.2). 


Remote unit 
and antennas 


(|--;A---- 


Remote unit 
and antennas 


Remote unit 
and antennas 


A 


Optical fiber 


DAS head end 


11.2: An overview of a typical DAS deployment 


These nodes are compact, so they can be placed 
almost anywhere. DAS nodes typically have 
smaller footprints than macrocells. You can see a 
diagram of DAS architecture in figure 11.3. 


DAS systems can be used to support an amazing 
variety of different communication and data 
network services, from analog to cutting-edge 
LTE and WiMAX (table 11.4). 


This flexibility, combined with their small size 
and ability to cover small, specific areas, makes 
DAS an ideal means to extend or improve cellular 


service into locations that lack adequate coverage. 


Sometimes this need is a result of problematic 
location or geography, and; other times by limited 
network capacity. In either event, a DAS system 


can be a direct connection to the public network 
for locations unserviceable by macrocells. 
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MASTER RACK Remote Jy 
unit Y 
Remote 
unit Y 
Remote 
unit Y 
Remote 


unit 


Remote 
unit Y 
Remote 
unit y 
Remote 
unit y 
Remote 


unit 


> Point of 
interface 


Point of 
interface 
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11.3: A summary of DAS-supported frequencies and network services 


Frequency range Service types 


800 - 850 MHz Analog, GSM, iDEN, CDMA 


900 MHz Analog, ¡DEN 


1700 MHz CDMA, W-CDMA, LTE 
1900 MHz Analog, CDMA, W-CDMA 
2600 MHz WiMAX 


11.4: Asummary of DAS-supported frequencies and 
network services 
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DAS can be deployed indoors, outdoors and even in places that are a 
combination of the two, such as: 

Indoor 

e High-rise apartment or condo buildings 

e Large corporate offices 

e Exhibition halls and shopping centers 

e Hotels, hospitals and restaurants 


In these installations, nodes are arranged to provide even coverage across 
each area or each floor. An example of an indoor DAS layout appears 
below (figure 11.5). 


Outdoor 


e Open metropolitan areas 
11.5: An indoor DAS layout for a building—remote nodes connect to the base station 

e Railways 

Outdoor deployments create service areas in the open, but the 

architecture remains basically the same as an indoor DAS (figure 11.6). 

Combination 


e Corporate campuses 


Industrial parks 

e Airports 

e Stadiums 

e Subways, tunnels and trains 


Combination DAS layouts include elements of both indoor and 
outdoor designs. 


B 


11.6: Outdoor DAS layout—nodes create service areas outside 
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DAS components DAS in practice 


A DAS network layout is based on three core components: Perhaps the best way to understand how a DAS can bring 
enhanced network service to a specific area is to look at a few 


1. Master unit. This is the DAS interface to the outside world, connected 
real-world examples. 


to a nearby macrocell base station that provides access to the larger 


network. Indoor DAS deployment: Rome Telecom Italia Mobile 

2. DAS remotes. [hese distributed devices receive traffic from the A corporate office building provides all the networking challenges 
master unit via optical cable and relay RF transmission to and from the DAS was designed for. In general, these environments are 
antenna via coaxial cable. characterized by: 

3. DAS antennas. [hese are the entry and exit points between the DAS » Large, dense populations of users. The DAS must meet and 
and individual network users. They relay traffic to and from the remote. maintain reliable service in high-traffic situations, whatever 


Seen together, you'll notice that the entire system starts to resemble the the circumstances. 


topology of an ordinary computer Ethernet network, in which a central e Scaling needs for service. The DAS must be able to offer 
server connects to individual workstations as well as to any outside seamless coverage from one node to the next and scale itself 
networks, such as the Internet (figure 11.7). to meet the changing capacity requirements of users as they 


move through the building. 
DAS remotes 


SEE DAS master unit 8 | indoor or outdoor e Ever-evolving service needs. As technology changes and 


Takes feed from base station future-readying becomes a necessity, the DAS must be able to 
add or remove services without disrupting access or degrading 


performance, including those shown above in table 11.4. 
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11.7: Typical DAS components—the antennas connect via coax to remotes 
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A good example of a DAS that meets all these needs is the lON-B 
system offered by CommScope. The lON-B series can manage multiple 
technologies over several bands simultaneously. Depending on the 
situation, a designer may choose single-band, dual-band or triple-band 
versions with wireless LAN (WLAN) on an auxiliary channel. 


Rome Telecom Italiaia Mobile (TIM) needed a reliable DAS solution that 
would link users at their headquarters. 


CommScope delivered a DAS network that met all these requirements, 
with a slim public profile. 


The layout of the DAS reveals the structure of data flow throughout the 
two bulldines, including in hard-to-serve places like the two underground 
parking levels and stairwells (figure 11.8). The system was installed and 
optimized in just four weeks and featured four IP-based base transceiver 
stations to support the high traffic requirements between the DAS and 
the outside network. 


Floor 6 
Floor 5 
Floor 4 
Floor 3 
Floor 2 
Floor 1 
Floor O 
Floor -1 
Floor -2 


11.8: Layout of the TIM HQ system, connecting two buildings through a single DAS 


Combination indoor/outdoor deployment: 
Dallas/Fort Worth International Airport 


Airports are high-traffic areas in more ways than one. In the dynamic world of air travel, expansion and evolution are 
inevitable. DAS serving an airport’s personnel and its travelers must be able to expand and evolve as well. Like most 
indoor/outdoor installations, an airport DAS must offer: 


e Flexible service support. With so many different technologies on the airwaves, an indoor/outdoor DAS must 
support the standards of today and tomorrow. 


e Broader coverage areas. By definition, indoor/outdoor deployments tend to cover wider spaces and more diverse 
terrain. Expanding the DAS range cannot come at the cost of reliability or speed. 


e Steeper demands for on-the-fly scalability. Wider coverage areas have greater potential traffic needs. For efficient 
operation, the DAS must be able to dynamically allocate capacity where and when it is needed. 


Again, the ION-B® series from CommScope proved an effective solution for these challenges, as well as other 
specific circumstances related to our DAS installation at the Dallas/Fort Worth International Airport. 
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Dallas/Fort Worth 
International Airport: 
e A busy cargo and passenger 


hub for multiple carriers 


e 5 large terminals dispersed 


over an area of 18,000 acres 


e More than 28,000 parking 


Spaces in ramps and lots 


e Over 56 million passengers 


and 630,000 flights annually 


The DAS solution would need to: 
e Cover vast spaces between 


terminals and parking areas 


e Include capacity for public 


safety traffic 


e Scale with airport growth 
e Allow flexible leasing by airport 


management to multiple 
participating partners 


e Be designed and installed 


quickly with minimal 
environmental impact 


e Not interfere with other RF 


traffic in the area 
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The CommScope solution: 
e Phase 1 


e 128 remote units 

e 218 antennas 

e 150,000 meters of 
fiber-optic cable 

e 30,000 meters of 
coaxial cable 


e Phase 2 
e 58 remote units 
e 182 antennas 


e 5,500 meters of 
fiber-optic cable 


e 10,000 meters of 
coaxial cable 


e 10,000 meters of 
composite cable 


Andrew integrated management 
and operating system (A.I.M.O.S.) 
The network management 
solution for all CommScope 
distributed antenna systems. 
Part of our Andrew Solutions 
portfolio, it performs 
configuration fault and inventory 
via SNMP for alarm forwarding. 


CommScope provided the right solution in a ION-B system with all the power and flexibility needed to meet the 
airport's present and anticipated future challenges. 


To address the long distances between components, the optical links between remotes and master units were 
rated for signal integrity up to 20 kilometers. This meant remote units could be placed literally anywhere on the 
property and still communicate effectively with the master unit. 


The ION-B system is also transparent over its full operating bandwidth (from 800 MHz to 2500 MHz) so each 
licensed user within the airport's hierarchy could count on top performance without interfering with other RF 
traffic in the area. 


Cellular and other wireless signals from passengers, personnel and safety officials are distributed down hallways, into 
alcoves and through corridors. Intelligent network management also permits priority service for emergency responders. 


To control maintenance and monitoring costs, the ION-B also allows remote, Web-based supervision by such 
common protocols as TCP/IP, SNMPv2, FTP or Telnet with its integrated Andrew integrated management and 
operating system (A.I.M.O.S.). To date, four wireless providers have leased access to the network. 


Combination indoor/outdoor deployment: 
Allianz Arena Munich 


While the installation at Dallas-Ft. Worth International 
Airport (DFW) presented unique challenges in regard 

to area of coverage, stadiums and other indoor/outdoor 
applications require special attention to matters of 
variable capacity. While meeting all the requirements of 
the DFW example, a stadium installation must also deal 
with the additional task of assuring QoS in hard-to-serve 
indoor spaces as well as open-air spaces above. This 

is not only for the fans in the seats, but the enormous 
media presence required to broadcast the biggest events 
to a global audience. 


For the Allianz Arena in Munich, CommScope deployed the |ON-M series precisely because It could address 
these specific requirements. 


Because the CommScope |ION-M series can transmit on several bands simultaneously - with no restriction on 
the number of carriers - it was the natural choice for this application. 


The combination of high-powered remotes and a flexible master unit allowed easy customization to penetrate 
even the hardest-to-serve locations. To scale along with the significance of the events taking place, ION-M also 
supports multiple configurations, like point-to-point, star and daisy-chain. 


If fiber-optic cable access is limited, both coarse wavelength division multiplexing (CWDM) and dense wavelength 
division multiplexing (DWDM) can be used to establish multi-sectored sites with a single fiber connection. With 
all the maintenance and monitoring capabilities of A.I.M.O.S., the system offers cost-effective upkeep. 


To date, four operators have signed contracts to use the system, which has proven equal to the task of keeping 
fans and the media connected - even for the most important tournaments. 


11: Distributed antenna systems 


Allianz Area: 

e Home field for two German 
soccer teams 

e Sitting and standing capacity 
of nearly 70,000 fans 

e Hosted the globally broadcast 
FIFA World Cup in 2006 

e Will play host to UEFA 
Championship Finals in 2012 


The DAS solution would need to: 

e Accommodate a full house 
of users without overloading 
the network 

e Support multiple services 
such as GSM900, GSM 1800 
and UMTS 


The CommScope solution: 

e 28 remote units 

e 350 antennas 

e 150 meters of radiating cable 


Coarse/Dense Wavelength 
Division Multiplexing 
(CWDM/ DWDM) 

Methods of duplexing signals 
in an optical cable by using 
different colors of laser light 
for Increased capacity. 
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Swiss high-speed rail project: 

e Route between Heltersberg 
and Dániken covers 20 km 

e High-speed trains may travel 
up to 300 km/hr 


The DAS solution would need to: 

e Accommodate seamless 
handoffs between cells 

e Manage calls through 
multiple operators 

e Support GSM900, GSM1800 
and UMTS services 

e Cost significantly less than 
a macrocell solution 


The CommScope solution: 
e 24 remote units 
e 48 antennas 


Outdoor DAS deployment: 
Swiss Rail Corridor from Heitersberg to Daniken 


Full outdoor deployments place unique demands on the 
design of a DAS. It becomes even more challenging when 
the average network user is passing through your service 
area at more than 300 kilometers an hour, as they do on 
European bullet trains. For passengers to connect while they 
ride the rails, they need a DAS that offers: 


e Seamless coverage and capacity. Handoffs between cells is tricky when the user is moving through at bullet 
train speeds, yet dropped calls are not an option. 


e Closed coverage. Clean connections to the macro network keep the signal clear no matter what kind of 
interference sources the train is passing at the moment. 


e Remote administration and maintenance. When the DAS is miles long, remote management capabilities are critical. 


e Multiple carrier support. To keep development costs reasonable, the DAS must offer shared infrastructure to 
Support multiple carriers simultaneously. 


When the Swiss rail lines requested that CommScope build a DAS that would keep their passengers as connected 
as they were comfortable, even at the highest speeds, these stringent criteria put us to the test. 


The ION-M system proved the best solution. By creating several radiation points along the length of the track, the 
cells comprising the DAS elongate and stretch in just the right direction to perform reliable handoffs, even at top 
speed. The coverage is dedicated and localized, keeping outside interference at bay and assuring enough capacity 
for the most crowded passenger trains. 


All master unit equipment is concentrated in the BTS interface located in the middle of the track, while remote 
units are spaced along the length of the track. By elongating the cells, CommScope was able to achieve distances 
between remotes of up to 2 km, and with the integrated A.I.M.O.S. capability, system monitoring and adjustment 
can be performed remotely. 


Outdoor DAS deployment: 
The Moscow Metro underground 


When the same technology is applied to subterranean 
settings with limited access, distances between remotes 
and master units become even more important. Both 

the ION-B and ION-M series guarantee signal quality for 
distances up to 3 km. By applying the optical link option, 
theoretical distances of up to 20 km are possible, helping 
future-ready the system against growing capacity needs. 


As users and their associated network traffic move from one part of the DAS to another, the remotes must be powerful 
enough to manage dynamic changes in capacity while remaining small enough for safe installation in tight spaces found 
underground. In the case of the Moscow Underground, we find that reliable communications are much more than a 
matter of passenger convenience. They can make the difference in the event of an emergency situation as well. 


11.9: The ION-M deployment in the Moscow Metro underground 


The Russian government ordered a DAS system that 

would provide seamless communication through the vast 
underground network, both for passenger convenience and 

for emergency responders, due to the threat of terrorist 
attacks. This capability was also needed for more commonplace 
emergencies such as fires, accidents and other injuries. As a 
government directive, installation time was of the essence. 


CommScope designed and installed a dedicated ION-M DAS 
using remote units that could be installed without damage to 
the legendary décor of the Metros elegant stations, which are 
often called “underground palaces’ (figure 11.9). 


Indoors, outdoors or both—the right solution makes the connection work 


All these examples bring dedicated cellular services to locations that were not otherwise accessible, or at least not 
reliably accessible. A DAS network can achieve this primary objective by several methods, but the result is always 
the same: better, more reliable coverage, indoors and out. 
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Moscow Metro underground: 


12 lines with 182 stations and 
a total rail length of 301 km 
11 million riders daily 

A historically high-profile 
target for terror attacks 


The DAS solution would need to: 


Increase security efficiency 
Provide highest reliability 
Offer fast access for 
emergency responders 
Present little or no visibility 
Be delivered on a very 
aggressive schedule 


The CommScope solution: 


260 remote units 
10 master units 


e 400 km of radiating cable 
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Capacity on demand, wherever it's needed 


If the world's population were evenly distributed, designing the perfect cellular network would be as simple as 
drawing circles on a map. When the Swiss rail lines requested that CommScope build a DAS that would keep 
their passengers as connected as they were comfortable, even at the highest speeds, these stringent criteria put 
us to the test. Since the real world is full of high-density and low-density population centers, as well as variations 
in geography, government oversight and terrain, we need to adjust our methods. It's the only way people can 
connect...no matter where they are. 


As more and more places are connected to accommodate our on-demand world, companies like CommScope 
continue to innovate new ways to improve service while reducing visibility, bringing access without eyesores. 


Distributed antenna systems help service operators reach their customers in crowded buildings, deep 
underground and even as they cross the countryside at hundreds of miles an hour. They can connect a stadium 
of die-hard fans to their loved ones at home and let the whole world watch what’s happening on the field below 
in real ime—one of the many benefits of putting the right communication infrastructure to work. 


Chapter 11 summary 
Distributed antenna systems (DAS) 


e Microcell solutions 

e Compact, flexible and scalable 

e Support for multiple services 
Best circumstances for DAS 

e Poor existing coverage 

e Variable capacity requirements 

e Exceptionally dense traffic areas 
e No cost-effective macrocell solution 
Indoor deployments 


e Ideal for office buildings, 
shopping centers, apartments, 
expo halls, hotels and hospitals 


Outdoor deployments 


e Ideal for railways, metro areas 
and other outdoor spaces 


Combo in/outdoor deployment 


e Ideal for office campuses, 
airports, stadiums, subways 
and moving trains 


DAS components 
e Master units 
e DAS remotes 


e DAS antennas 


Chapter 12 


Going to ground: 
Lightning protection 


Even in the 21st century, the source of atmospheric lightning is the subject of scientific debate. 
Different theories assign different mechanisms to the creation of lightning: wind and friction, 


ice formation inside clouds—even the accumulation of charged particles from solar winds. 


Far better understood is the behavior and power of lightning. We've all been cautioned not 
to stand out in the open during a lightning storm—and for good reason. A lightning bolt can 
reach temperatures of 54,000° Fahrenheit, five times the temperature of the sun’s surface and 
hot enough to fuse loose sand into hard glass in an instant. Superheated air around the bolt 


expands violently as it passes, creating the familiar deep rumble of thunder. 


Like any electrical discharge, lightning always seeks the path of least resistance to the ground. 
Often, this is through the tallest or most electrically conductive object available, which is why 
you dont want to stand in an open field during a storm. The human body presents the shortest 
path into the earth, boosting conductivity by shaving five or six feet off the distance a bolt must 


travel through the air. 
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Lightning by the numbers 

In the 30 microseconds it 
exists, an average lightning 
bolt (at its peak discharge 
level) can carry: 

e 30,000 amperes of current 


e 1 trillion watts of electricity 


e 500 megajoules of energy 


But how do we deal with sensitive electronics that cant take shelter from the storm? One look at a cell antenna tower 
will tell you that, by virtue of its metallic composition as well as its height, it’s a prime target for lightning strikes. 
A number of components are particularly attractive to lightning, including: 


e Antennas and their support structures 


e Coaxial lines and waveguides 


Steel buildings, cabinets and other equipment housing 
e Connected communication and power lines 


This exposure opens up the installation to expensive damage, maintenance and downtime, so it’s vitally important 
that we take protective measures to minimize the risk of lightning damage. 


Understanding the risks 


Unfortunately for planners, most of the risk factors for lightning strikes are the same characteristics that make 
for a good cell site: open land and high elevation. Since there is little that can be done about location, lightning 
mitigation efforts must be directed elsewhere. Let's look first at the two types of meteorological events that 
present the greatest risks: 


e Convection storms are caused by the heating of air near the ground and its interaction with cooler air above. 
These create the localized, short-lived storms we see most often in the summer months. 


e Frontal storms are created by warm and cool fronts meeting. These storms can extend hundreds of miles and 
regenerate their strength over and over again, allowing them to persist for days and affect enormous areas. 
Frontal storms present the greater lightning risk. 


The overall pattern of these storm types can be 
anticipated by season and location. Historical 

trends are accurate predictors of future activity. 

While government statistics don't include specific 
numbers regarding the number or severity of lightning 
strikes, they do provide overall counts of thunderstorm 
days in a given area (figure 12.1). 


The nature of lightning 
Liehtning occurs in two common forms: 
Cloud-to-cloud lightning discharges itself by 


equalizing its charge with another cloud, remaining 
high above the ground in the process. 


Cloud-to-ground lightning seeks discharge through 
the earth. This is the kind that creates problems for 
objects on the ground, including cell sites. 


E over 70 

E 50 to 70 

30 to 50 

10 to 30 

under 10 (includes Alaska and Hawaii) 


12.1: A meteorological map showing the annual number of 
thunderstorm days 


In both cases, the lightning occurs when a difference in electrical charge—the electrical potential—exists. When 


this difference grows to a magnitude that overcomes the natural insulating properties of the air, the electrical 


difference seeks equilibrium by discharging itself along the path of least electrical resistance. For cloud-to-ground 


lightning, the less distance traveled in the air, the easier it is to discharge. That’s why it seeks a more conductive 


object on the ground as its preferred path. 


In most cases, this discharge represents a negative charge seeking a positive charge and may represent an 


electrical potential of as much as 100 million volts. 
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Electrical potential 

Measured in volts, this is the 
difference in electrical charge 
between two points in space. 
The greater the difference, 
the higher the potential, 

and therefore, the greater 
the voltage. 
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Coaxial cable 
A type of cable featuring an 
Inner con a a As we can see in the three-step illustration below, cloud-to-ground lightning begins as a faint or invisible “pilot 
outer conductive layer and a TR e l : o. 

de leader” high in the cloud. As it progresses downward, it establishes the first phase of the strike path. This pilot 
dielectric, or insulating, space 
between them. Coaxial cable leader is followed by the “step leader” a surge in current following the new path. The step leader jumps in roughly 


connects antennas to their 100-foot increments, or steps, until it approaches the positively charged point on the ground. 
base stations. 


The birth of a bolt 


At this point, something incredible happens: a secondary discharge extends upwards from the ground, meeting 
the bolt in midair and completing the circuit. lt happens so fast that the human eye only sees the bolt descending 
from the sky, not the one reaching up from the ground (figure 12.2). 


12.2: The origination and path of a cloud-to-ground strike 
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The intense light of a lightning bolt is created by molecules of air energized by the current passing through them. leo wai COR 
The shape of the visible lightning can help you identify its type: and facilitate the path of an 
electrical discharge from its 
Streak lightning is the most commonly seen type, characterized by a single line running from cloud to cloud source to the ground, avoiding 


potential damage to sensitive 


or cloud to ground. 
equipment along the way. 


Forked lightning reveals the full conductive channel as smaller tributaries branching off the main line. 
Sheet lightning is a shapeless, wide-area Illumination commonly seen in cloud-to-cloud discharges. 


Ribbon lightning is a streak that seems to repeat itself in a parallel path. This is due to high winds moving the 
air in the midst of the strike. 


Beaded lightning, also called chain lightning, appears to break up into separate branches and persist longer 
than the main strike. 


Heat lightning is not truly a lightning type, but the red-tinted appearance of other lightning types visible on 
a distant horizon. The coloration is due to atmospheric reflections and light scattering between the lightning 
and the observer. 


Dealing with lightning 


Now that we know a little about the challenges we face, let's look at some of the ways we can guard against the 
damaging effects of lightning. 


The science of grounding 


All electrical facilites are inherently connected to the ground, either by design or by circumstance. The earth itself 
represents the common electrical potential, or voltage, that other electrical sources naturally seek for equilibrium. 
By improving the way these discharges reach the earth, we can control the path and divert its damaging power 
away from equipment and structures that would otherwise be harmed. 


When you imagine an electrical grounding system, you may have an image of a simple lightning rod with a 
wired connection to the ground. In the case of cell site installations, a grounding system is much more complex 
and serves purposes other than simply diverting lightning strikes; it also minimizes the chance of shock from 
the equipment itself, reduces noisy voltages that interfere with signals and protects sensitive electronics from 
damaging overvoltage conditions from all sources. 
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Grounding limits 


As important as effective grounding is, it’s often not enough by itself. Any 
path you install to ground a discharge has a certain physical limit to the 
voltage it can handle. Even the most substantial methods, like water pipes 
and specially designed grounding rods, are restricted as to how much 
voltage they can pass to the ground. To address these limits, it’s wise to 
design in multiple paths so the grounding system can dissipate the most 
voltage possible. 


Protecting the tower 


The antenna tower presents the most obvious electrical target, as well as 
the best opportunity to protect the rest of the installation. That's because 
drawing lightning to the tower for safe discharge also gains us valuable 
insurance for the harder-to-protect components down on the ground and 
those connected by transmission lines. 


By its very nature, a tall metallic tower can conduct lightning current into 
the ground. The danger arises when the voltage exceeds the structure's 
ability to dissipate it and electrical arcing occurs. This current can damage 
microwave antennas and, in particularly powerful strikes, fuse the dipole 
elements of two-way radio antennas. 


To protect these and other components mounted on metallic towers, 
lightning rods should be affixed directly to the tower above the components 
to assure safe interception of the strike. It’s also important to ensure that 
the tower's base, footings and any guy wires are also properly grounded. 


Additional protective measures include insulating gaps built into the 
design and devices called shorting stubs that can be added to allow a 
short circuit at lightning’s natural frequencies. We'll dig deeper into these 


measures on the following pages. 


B 


Wooden tower structures 


In wooden structures, conductive paths must be added to give strikes 
a direct route to the ground. If wooden support poles provide a 
nonconductive obstacle from a metal tower, additional lightning rods should 
be affixed atop these poles to prevent them from splitting under the force 
of a strike and potentially collapsing the tower they support. 


Rods for this kind of application are typically #6 AWG bare copper stapled 
to the pole on the side opposite the antenna’s transmission line. This 
ground line should be connected to all equipment on top of the pole as well 
as any lines leading away to a connected shed or cabinet (figure 12.3). 


Top cap ——> 


Metallic coaxial line shield 


Grounding down-lead 


Wooden So 


Copper ground wire 


“U” guard 


Bare copper 


Electric 
service 
ground 


8' ground rods 


12.3: Grounding details for a wooden pole-mounted antenna 
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Two-way radio antennas Quarter-wave shorting stub 
A device inserted into the 
Conventional coaxial dipole antennas are often fitted with a serrated washer that forms a physical gap between connection between transmission 


line and antenna that does 


E ‘3 ei ee . , not affect normal frequencies, 
current to arc across the open space, creating a short circuit and dissipating the discharge. PM immediately short and 


the dipole whip and its support. Should lightning strike this point, the gaps in the serrated washer force the 


. l E l . l À a dissipate energy when lightning 
Another protective measure is the insertion of a quarter-wave shorting stub in the coaxial transmission line at the frequencies cross. 


base of the antenna. They’re called quarter-wave shorting stubs because their place in the circuit does not impact 
normal operating frequencies of the site, and their length (a quarter of one wavelength), will cause an immediate 
short circuit for electrical frequencies associated with lightning. In this, they act as a sort of electrical “release 


valve” that will only divert a certain kind of dangerous current away from the system. 


Other types of antennas tend to be self-protecting, such as folded dipoles, ground plane and Yagi antennas 
(chapter three for more information on different antenna configurations). These types are generally constructed 
of materials capable of handling most strikes, and their transmission lines are adequately shielded to direct any 
lightning current to the ground by other, easier paths. 


Microwave antennas 


Common types of microwave antennas, such as the paraboloid (dish-shaped) and horn reflector varieties are 
generally rugged enough to sustain normal lightning strikes without damage. However, the warning lights visible 
atop these installations are not so durable. To protect these regulatory-mandated devices, lightning rods are used 
to divert lightning discharges away from their more delicate wiring. 


These protective systems may seem like a lot of expense to protect what are essentially blinking red lights, but 
the labor involved in replacing them after a lightning storm quickly becomes a costly maintenance situation. 


Two-way radio antenna support structures 


The buried end of a ground line can take several forms. Ideally, you would want the buried end to extend deep 
into the earth, providing a more reliable interface for dissipating the voltage. In some locations, such as rocky 

mountaintops, these depths aren't available. In these cases, the support structure can be protected by laying in 
multiple ground lines in a radial pattern to achieve horizontally what a single deep line would achieve vertically. 
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For antenna structures installed atop buildings—as is 
more frequently the case these days—all equipment, 


transmission lines and other conductive objects within 

a six-foot radius of the base should be commonly 
connected. The entire array should attach to a separate 
conductor with a minimum of two conductor systems 
integrated into the building itself. These conductors may 
be water pipes, steel framing or other electrically sturdy 
materials having direct contact with the ground below. 


For those antenna structures mounted on metallic 
towers, grounding is a much simpler matter, since the 
tower structure itself provides a clear path to ground 
in the event of a lightning strike. Of course, this all 
depends on properly grounded base supports. Four 
methods of assuring this effect are shown to the right 
(figures 12.4 through 12.7). 


For ground lines terminating through concrete bases 
and guy wire anchors, good conductive continuity 
inside the concrete itself should be virtually immune to 
any negative effects from lightning strikes. This is true 
for towers built on the ground as well as structures 
installed on top of buildings. 


However, inadequate welds within the concrete 
may lead to electrical discontinuity, which can cause 
electrical arcing within the support...with potentially 
explosive results. For maximum safety, a secondary 
ground line is highly recommended. 
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12.4: Support grounding installed in a tower pier 
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12.6: Support grounding installed in a tower's guy 
wire anchors 


Welded connection 


12.5: Support grounding achieved via guy wires 
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12.7: Support grounding for a freestanding 
tower structure 


Coaxial transmission lines 

Coaxial cables are subject to two potential hazards from surge currents reaching the outer conductor layer: 

1. Damage to the insulating dielectric layer between the inner and outer conductors, which may destroy the cable 
and damage any equipment connected to it. 


2. Mechanical crush forces that are associated with surge currents. While solid dielectric and larger cables (7/8" 
and up) are resistant to this effect, air dielectric and smaller-diameter cables have been known to be physically 
crushed by the magnetic effects of lightning-induced surges. 


Providing a shunt path from the antenna to the ground line will usually prevent both kinds of damage. This 
danger highlights the rationale for securing the cables at such frequent intervals to prevent arcing between 
cable and tower. 


Protecting the DC power system 


As discussed in chapter 9, cell sites generally operate on DC power provided by the site's rectifiers. This 
energized part of the system presents an attractive target for lightning. The devices used to prevent overvoltage 
conditions are surge protectors. They work much like the consumer-grade version you may have installed in your 


home to protect sensitive electronics like computers or televisions. 


Surge protector devices (SPDs) are in-line devices that feature a non-linear voltage-current characteristic which 
mitigates high voltages by increasing the associated current (figure 12.8). 


12.8: Typical surge protection devices (SPDs) 


12: Lightning protection 


Dielectric layer 

The insulated, tube-shaped 
layer separating a coaxial 
cable's inner and outer 
conductors. Dielectrics may 
be made of solid material, 
flexible foam or open air 
channels supported by 
nonconductive spacers. If the 
dielectric becomes damaged, 
the cable will short. 
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SPDs are used to safeguard all cell site components connected to the DC power system, but any devices connected to an external metallic conductor will 
require separate protection. 


The most vulnerable components connected to the DC power system are remote radio heads (RRHs), which we discussed in chapter nine. Mounted as 
they are atop the cell site's tower and adjacent to the antenna, the RRH and its copper power cable are natural targets for lightning, much like the power 


distribution equipment at the tower's base. Insertion of SPDs as close as possible to these locations protects the RRH units from overvoltage damage 
(figures 12.9 and 12.10). 


ia Cell site tower top 


e Antennas 
e RRH units 
e RRH DC surge protection 
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e RF and DC surge protection Base station antennas 
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12.9: Vulnerable components at the top and base of a cell tower 12.10: A surge protector mounted alongside the RRH 


12: Lightning protection 


An SPD capable of withstanding not just one, but multiple lightning 
strikes must possess a robust resiliency to avoid costly maintenance ana 
downtime for replacement. A detailed look at the inner layout of a sample 
RRH surge protection module appears below (figure 12.11). 


Equipment at the base of the tower requires protection as well. Key 
components like the radio, the transmitter and backup battery systems, 
visible at the bottom of figure 12.9, are all vulnerable to damage from 
lightning-induced overvoltage. To prevent this, rack-mounted SPD units 
safeguard the power distribution system’s connections between the RRH 
power cables and the rest of the equipment installed at the base (figures 
12.12 and 12.13). 


Rack-mounted SPD unit 


12.11: Inside an RRH surge protector module, cover removed 


12.12: An SPD assembly mounted in a DC power and battery enclosure 12.13: The interior detail of an SPD unit designed to protect an RRH 


iH 
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Other forms of overvoltage protection: fuses and breakers 


SPDs serve functions other than simply protecting 
components from lightning strike-induced overvoltage 
situations. As we learned in chapter 9, SPDs also offer 
protection in the form of fuses and circuit breakers that 
keep more common forms of overvoltage from damaging 
components and batteries. 


In a cell site's DC power distribution system, as many as 80 
circuit breakers may regulate DC power from the rectifier 
to all the connected loads, both in the enclosure and on the 
tower (figure 12.14). 


Both fuses and circuit breakers perform the same basic 
function, which is to interrupt power to the load when levels 
grow unsafe. Examples of each are shown below (figure 
Tey 


e Fuses incorporate conductors designed to melt under the 
stress of overcurrent conditions, breaking the circuit and 
protecting the load on the other end 


e Circuit breakers incorporate short-delay curve or “fast- 
blow” fuses to break the circuit and protect the load 


Because of the large number of circuit breakers required— 
often from 24 to 80 per cell site—wireless carriers have 
adopted modular distribution structures that accept a wide 
variety of circuit breaker sizes. You can learn more about 
these features in chapter 9. 


DC/DC converters 
DC in —_— 
= = breaker 
DC out panel 


spl 
breaker 
panel 
Breaker LOADS 


alarm 


Temperature comp 
sense probe [electrically 
isolated from battery) 


Modular rectifier shelves 
N+1 parallel modules 


Ground bar 


Charge/discharge panel 
(Terminal panel) 


12.14: Block diagram of +24V power and distribution system, typical of a cell site installation 


Images and illustration courtesy of GE. 


GTM fuse 


TPL fuse/holder 


Plug-in circuit breakers 


12.15: Commonly used telecom fuses and circuit breakers 
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12: Lightning protection 


Taming lightning by controlling the current Chapter 12 summary 
Lightning protection 
No matter how many times we witness it, the incredible power of a lightning bolt can instill fear and awe. When 


lightning strikes exposed cellular installations, only careful planning can divert its devastating power away from a 
a e Providing safe paths around 
the sensitive components that keep modern networks operating. equipment protects cell sites 


e Lightning seeks a ground 


Lightning types 


With the right components, design and experience, a cell site can become virtually immune to the damaging 

effects of lightning as well as other electrically dangerous situations. CommScope supplies networks with the 
equipment and expertise required to harness lightning and direct it harmlessly away, keeping the world’s key 

communications systems operating safely. 


e Cloud-to-cloud 
e Cloud-to-ground 
Grounding an installation 


Metal towers can be 
self-grounding 


Wooden structures 
require paths 


Ground wire can travel deep 
or radiate horizontally 


Tower and base station protection 
e Remote radio heads (RRHSs) 
e Power distribution 


e Radio, transmitter, 
battery backups 


DC power system 
e Surge protection devices 


e Fuses and circuit breakers 


CommScope: understanding the RF path 


Appendix A: Spectrum configurations around the world 


Countries Frequency bands GSM | CDMA | UMTS 
A IO Argentina, Belarus, Czech Republic, Denmark, Georgia, Ireland, Latvia, 
Madagascar, Moldova, Norway, Peru, Portugal, Romania, Russia, Sweden, 450 MHZ 


South Ameri i“ age Geni 
a MS Tajikistan, Tanzania, Ukraine, Uzbekistan, Vietnam 


Czech Republic, Hungary, Latvia, Mongolia, Romania, Russia 450 MHZ 
Cameroon, Kazakhstan, Moldova 450/800 MHz 


Afghanistan, Angola, Australia, Bahamas, Bangladesh, Bermuda, Brazil, 
Cambodia, Cayman Islands, China, Colombia, Cote d'lvoire, Ecuador, Fiji, Ghana, 
Guam, Hong Kong, India, Indonesia, Israel, Jamaica, Japan, Macau, Mongolia, 
Nepal, New Zealand, Nicaragua, Panama, Peru, South Africa, 

South Korea, Sudan, Taiwan, Thailand, Ukraine, Uzbekistan, Venezuela, Vietnam 


France, Germany, United Kingdom SOO Mindz S 2.6 Ela 


Anguilla, Antigua and Barbuda, Argentina, Bolivia, Canada, Colombia, Ecuador, 
Guam, Honduras, Nicaragua, Northern Mariana Islands, Paraguay, Peru, Puerto 
Rico, USA, Virgin Islands (USA) 


North America, Argentina, Canada, Colombia, El Salvador, Mexico, Nicaragua, Panama, Puerto 850 MHz/1900 
South America Rico, Uruguay, Venezuela 
Asia, North America, l ET 
Ce en ante Brazil, New Zealand, Pelephone, Philippines, Uruguay 850 MHz/2100 MHz 
Caribbean, Central America, | Aruba, Belarus, British Virgin Islands, El Salvador, Honduras, Trinidad/Tobago, 
l l S SONZ 
Europe, South America Ukraine, Venezuela 


Amed ASh Canlbmeainy 
Central America, 


Middle East, Oceania, 800 MHz 


South America 


Caribbean, North America, 850 MHz/1900 


Oceania, South America 


So ee 0 425 
Oo oe: bas: 
09884008 4 42 
Oo EE E: Es 
Se AE E 
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Andoni Búurkina Faso Burundi Cameroon, China, Comoros Cook Fand- 
' , Cuba, Djibouti, East Timor, East Timor, Ethiopia, Falkland Islands, Faroe Islands, 
Africa, Asia-Pacific, e . : 
o ee Fiji, French Polynesia, Ghana, Gibraltar, Greenland, Guyana, Iraq, Kazakhstan, 
Ñ | Libya, Mali, Micronesia, Morocco, Myanmar, Niger, Norfolk Island, North 900 MHz w 

Europe, Middle East, . l . l 
A eee Korea, Papua New Guinea, Rwanda, Saint Pierre and Miquelon, Samoa, Sao 

i Tome and Principal, Saudi Arabia, Senegal, Solomon Islands, Swaziland, Togo, 


Tonga, Vanuatu, West Bank/Gaza Strip, Yemen, Zambia, Zimbabwe 


Afghanistan, Albania, Algeria, Angola, Armenia, Aruba, Australia, Austria, 
Azerbaijan, Bahrain, Bangladesh, Belarus, Belgium, Benin, Bhutan, Bosnia 
and Herzegovina, Bulgaria, Cameroon, Cape Verde, Central African Republic, 
Congo, Cote d'Ivoire, Croatia, Cyprus, Czech Republic, Denmark, Egypt, 
Eritrea, Estonia, Finland, France, French Guiana, French Westside, Gabon, 
Gambia, Gaza Strip/West Bank, Georgia, Germany, Greece, Guinea-Bissau, 
Guinea, Holy See, Hong Kong, Hungary, Iceland, India, Indonesia, Iran, Ireland, 
Africa, Asia-Pacific, Isle of Man, Israel, Italy, Jamaica, Jersey, Jordan, Kenya, Kuwait, Kyrgyzstan, 
Caribbean, Europe, Laos, Latvia, Liberia, Liechtenstein, Lithuania, Luxembourg, Macau, Macau, 900 MHz/1800 MHz 
Middle East, Oceania Macedonia, Madagascar, Malawi, Malaysia, Maldives, Malta, Mayotte, 
Mongolia, Montenegro, Mozambique, Namibia, Nepal, Netherlands Antilles, 
Netherlands, New Zealand, Nigeria, Norway, Pakistan, Palau, Philippines, 
Poland, Portugal, Qatar, Reunion, Romania, Russia, San Marino, Serbia, 
Seychelles, Sierra Leone, Singapore, Slovakia, Slovenia, Somalia, South Africa, 
Spain, Sri Lanka, Sudan, Suriname, Sweden, Switzerland, Syria, Taiwan, 
Tajikistan, Tanzania, Tunisia, Turkey, Turkmenistan, Uganda, Ukraine, United 
Arab Emirates, United Kingdom, Uzbekistan, Vietnam 


900 MHz/ 
Asia, Caribbean Aruba, Barbados, Dominican Republic, Thailand 1800 MHz/ 
1900 MHz 


900 MHz/850 MHz/ 
Brazil, British Virgin Islands, Cayman Islands, Dominican Republic, Jamaica, A Sl 


IS Saint Kitts and Nevis Saint Lucia, Turks and Caicos Islands TO 
1800 MHZ 


7 ICO MAZ SO MAZ 
Island - British Channel Guernsey 1800 MHz 
a Armenia, Croatia, Denmark, Estonia, Finland, France, Hong Kong, Poland, 900 MHz/2100 MHz 
New Zealand, Romania, Slovenia, Sweden, Australia 


Appendix A: Spectrum configurations around the world 


Asia Japan 1500 MHz 


Caribbean, North America, American Samoa, Bahamas, Belize, Bermuda, Brazil, Chile, El Salvador, 
Oceania, South America Guatemala, Mexico 


Algeria, Argentina, Aruba, Barbados, Bermuda, Brazil, Cayman Islands, Chile, 
Africa, Asia, Caribbean Dominican Republic, Ecuador, El Salvador, Guam, Guatemala, Jamaica, 
Philippines, Puerto Rico, Uruguay 
Asia, Caribbean, 
North America, Barbados, Canada, Indonesia, Mexico, Trinidad/Tobago, USA 
South America 


Albania, Andorra, Angola, Armenia, Aruba, Australia, Austria, Azerbaijan, 
Bahrain, Bangladesh, Belarus, Belgium, Bosnia, Brazil, Brunei, Bulgaria, 
Cambodia, China, Croatia, Cyprus, Czech Republic, Denmark, Egypt, Estonia, 
Finland, Georgia, Germany, Ghana, Gibraltar, Greece, Guernsey, Hong Kong, 
Hungary, Iceland, India, Indonesia, Iraq, Ireland, Isle of Man, Israel, Italy, Japan, 

Africa, Caribbean, Eurasia, Jersey, Kenya, Kuwait, Laos, Latvia, Lauritius, Libya, Liechtenstein, Lithuania, 

Middle East, Oceania, Luxembourg, Macau, Macedonia, Malaysia, Malta, Moldova, Monaco, 2100 MHz 

South America Montenegro, Morocco, Namibia, Nepal, Netherlands, Nigeria, Norway, 
Pakistan, Philippines, Poland, Portugal, Qatar, Romania, Russia, Saudi Arabia, 
Serbia, Seychelles, Singapore, Slovak Republic, Slovenia, South Africa, South 
Korea, Spain, Sri Lanka, Sudan, Sweden, Switzerland, Syria, Taiwan, Tajikistan, 
Tanzania, Thailand, Turkey, Uganda, Ukraine, United Arab Emirates, United 
Kingdom, Zimbabwe 


2 Girlz) SOC. MAZ y 
Europe Germany 2.6 GHz/1800 MHz 
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Region 
Oceania 
Asia 
Eurasia 
Eurasia 
Asia 
Europe 


Amica aulas, 
North America 


Africa, Central America, 
Eurasia, South America 


alone 
Europe 
Asia 

Europe 


AMES, LUISE, 
North America, Oceania 


EUS 


Oceania 


Asia, Caribbean, 
Middle East 


Attica, Caribbean, Eurasia, 
North America 


Countries 


Angola, Canada, Russia, USA 


South Africa, Argentina, Chile, Colombia, Hong Kong, Malaysia, Lithuania, 


Uzbekistan, Austria, Finland, Germany, Jersey, Netherlands, Sweden 


Italy, Bulgaria, Canada, Colombia, Croatia, Dominican Republic, Ethiopia, 
Macedonia, Malta, The Netherlands, New Zealand, Nigeria, Russia, Sri Lanka 


Cayman Islands, Indonesia, Jamaica, Saudi Arabia 


Cayman Islands, Bangladesh, Canada, Indonesia, Libya, Russia 


Frequency bands 


2 le 74) T00 MEZ 


2 az 
AS Ok 
LS 
ASS a 5G pira 


25 GHz 


2o GHAZ 


De (nz 


20 ORZ GHz 
RE plz 2 MG AV 
So) O 


3.4 GHz-3.6 GHz 
35 GHZ 


3 Ghz 6,6 OHZ 


5 Gaz 


802.16d 


SO LoS 


Applicable technologies 


GSM | CDMA | UMTS 


LTE 


WIMAX 


Biographies 


Robert Cameron 
Applications engineer 


Robert is an invaluable resource to CommScope 
customers, providing insight and training on the latest 
solutions and how best to implement them. He Is 
also responsible for providing background technical 
information and troubleshooting. He has spent the 
past 17 years in the RF industry, working in amplifier, 
antenna and RF system design. Robert's career began as part of an ambitious 
startup company, where he designed cellular network repeaters before moving 
into system design and project management to round out his expertise. He has 
managed several high-profile projects, including the two stadiums where the 
Kansas City’s Chiefs and Royals play football and baseball, respectively, as well as 
in-building systems for the Library of Congress and the World Bank. He has also 
managed installations for the US military and several key airports and large banks. 
Robert holds a B.S. in Electrical and Computer Engineering from Ohio State 
University, with a focus on RF. 


Fred Hawley 

Principal reliability engineer 

Fred has spent more than 35 years in 
telecommunications and military reliability 
engineering. Currently, he focuses on reliability 
prediction and modeling for CommScope products. 
His expertise helps direct the development of such 
diverse solutions as power amplifiers, remote radio 
heads and other base station- and tower-mounted wireless communication 
equipment. His work helps ensure superior performance from every solution 
CommScope builds. Fred holds a MSEE from Columbia University in New York, 
and is an active member of IEEE. 


Mark Hendrix, P.E. 
Engineering manager, new product development 


Mark is responsible for directing innovation efforts 
in wireless communications systems and modular 
data centers for CommScope, with particular 

focus on thermal design, power systems and other 
efficiency drivers. He brings 27 years of expertise 
in electronic packaging, with strong backgrounds in both defense electronics 
and telecommunications for such names as Texas Instruments, Fujitsu and Xtera 
Communications. Mark holds eight U.S. patents and is a registered Professional 
Engineer in the State of Texas. He holds a B.S. in Mechanical Engineering from 
Clemson University, and an M.S. in Mechanical Engineering from Southern 
Methodist University. 


A E, 


CommScope: Understanding the RF Path 


Chris Hills 
Technical director, microwave systems 


Chris is an important part of CommScope’s Andrew 
Solutions team, offering leadership in the field of 
microwave antennas and array antennas and aligning 
new technology to marketplace conditions. In an 
earlier role as RF Engineering Manager for Andrew, 


Ltd., Chris devoted nearly 20 years to advancing 
antenna design, resulting in the development of the highly successful ValuLine 
family of antennas used the world over for point-to-point communications, as 
well as other significant intellectual property. Chris earned his B.S. degree with 
Honors in Electronic and Electrical Engineering from the University of Surrey in 
the United Kingdom. He holds multiple patents and serves as an active member 
of IEEE and IET. 


Erik Lilieholm 

Applications engineering manager, 

wireless network solutions 

Erik’s diverse background in North America’s wireless 
communications industry dates back to the launch of 
the first cellular communications networks. He has 


built his expertise with Allen Telecom, LGP Telecom 
and Ericsson. With more than 25 years in RF design, product management and 
technical marketing, Erik provides critical leadership to CommScope’s families of 
wireless solutions, helping each product fulfill its specific role and customer need. 
He holds several patents in the field of RF filter technology. Erik earned a Master 
of Science degree in Electrical Engineering from the Royal Institute of Technology 
in Stockholm, Sweden, and an MBA from the University of Nevada, Reno. 


D 


Louis Meyer, P.E. 

Director of technical marketing—RF path 

Louis has spent a lifetime advancing RF technology, 
taking it from the drawing board to practical use. 
Over the years in various roles with Allen Telecom, 
Andrew Ltd. and CommScope, Louis was responsible 
for supporting the sales teams for such solutions as 
remote antenna control systems, transmission lines, 
diplexers and other important components. Prior to joining Allen Telecom, Louis 
worked with Decibel Products as V.P. Antenna Design and V.P. International OEM 
Relations. Earlier, Louis worked with Harris Corporation in RF communications 
and Bendix Corporation in their missile systems division. Louis holds five patents 
and has been active as a chair and vice-chair of the TIA’s TR-8.11 Antenna 
Standards sub-committee. He earned his B.S. in Electrical Engineering from 
Marquette University in Milwaukee, Wisconsin and is currently a registered 
Professional Engineer in the state of Texas. 


Larry Seper 

Director of construction services 

Larry provides telecommunications installation 
solutions for CommScope’s customers, supporting 
products and systems such as antennas and 
transmission lines, power amplifiers, remote radio 
heads and PIM/Sweep testing procedures. He also 
focuses on civil site work, helping establish the 
physical foundations of wireless communication as well as its technological 
foundations. Larry brings more than 36 years of financial and operations 
management experience to bear for CommScope’s customers, and is a key player 
in making certain that every CommScope solution is the right solution. Larry 
holds a B.S. in Accounting from Marquette University in Milwaukee, Wisconsin 
and is an active member of AICPA. 


Tom Sullivan 

Director, global new product introductions 

Tom currently oversees new product introductions 
for CommScope, and he's served in many roles 

since joining Andrew, Ltd. in 1982 as an antenna 
design engineer. In that position, Tom developed the 
antennas and supporting devices customers needed 


to build point-to-point communications networks. 
He has also served as a Global Sales Manager for OEMs including Ericsson, 
Nokia, Lucent and Motorola. He also worked in quality control and product line 
management in support of CommScope's successful HELIAX cable and connector 
solutions. Tom is an active member of IEEE, and holds a B.S. in Electronic 
Engineering Technology from DeVry Institute of Technology, and an MBA in 
International Business from St. Xavier University in Chicago, Illinois. 


Dr. Junaid Syed 
Electrical engineering manager, microwave systems 


Junaid directs new product development for 
CommsScope in the areas of microwave and 
millimeter wave antenna systems, flexi waveguides 
and waveguide components that support mobile 
backhaul systems. He brings 26 years of international 


experience in the telecommunication and defense 
industries. He holds seven patents and is a current member of SE Scotland 
IET and Technical committees. He also represents CommScope as a technical 
committee member with ETSI. Junaid earned his B.S. in Aero Sciences from 
Punjab University with Silver Medal honors, and a Bachelor of Engineering degree 
in Electronics/Avionics from NED University of Engineering and Technology with 
Gold Medal honors, both in Pakistan. He earned his Ph.D. in Microwave and 
Millimeter Wave from the University of London and conducted his post-doctoral 
research on reflect array antenna design at Queen’s University Belfast, both in 
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Dr. Keith Tappin—In Memoriam 

Director of engineering, microwave systems 

It is with heavy hearts that we share the news of 

Dr. Keith Tappin's sudden passing. His significant 
influence on this book is one of many positive 
contributions Keith made as a part of the CommScope 
family. He was a first-rate engineer, manager and 
leader—a warm man with a great sense of humor and 

a genuine passion for his profession. Please join us as we offer our condolences to 
Keith's family, friends and colleagues—and our gratitude for the life he shared with us. 


Keith was responsible for developing new products and processes related to 
advanced passive microwave applications for CommScope’s Microwave Systems 
group. Keith built his expertise in microwave components and antenna design for 
15 years, focusing heavily on defense and commercial communications systems. 
Prior to joining CommScope, Keith conducted research at the University of Illinois 
(U.S.) and The University of Birmingham (UK), where he investigated metallic 
radiation interactions and developed high-temperature alloys for aerospace 
applications. Keith published more than 20 technical papers and held two patents. 
He earned his degree in Metallurgy and Materials Science from the University of 
Liverpool in the UK, where he later completed his Ph.D. 


the United Kingdom. a 
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Glossary 


alternating current (AC) 

An electrical current that changes 
polarity (i.e., direction) 50 to 60 
times per second. It offers significant 
efficiencies when transmitted across 
power lines, making it the standard 
current for household use. See also: 
direct current. 


Andrew integrated management and 
operating system (A.I.M.O.S.) 

The network management software 
solution for all CommScope-distributed 
antenna systems. Part of the Andrew 
Solutions portfolio, A.I.M.O.S. performs 
configuration fault and inventory via 
SNMP for alarm forwarding. 


antenna 

The portion of an RF system that 
radiates radio energy into space and 
collects it from space. 


Antenna Interface Standards 

Group (AISG) 

An industry group comprised of 
more than 40 top manufacturers and 
service providers from all over the 
world. AISG was founded in 2001 
and publishes universally accepted 
industry protocols for communications 
between base stations and tower- 
based equipment, such as antennas 
and tower-mounted amplifiers. 


attenuation 

Measured in decibels (dB), attenuation 
is the loss of power experienced by 
an RF signal as it moves from one 
point to another. Transmission line 
attenuation is expressed in either 
decibels per 100 feet (dB/100 feet) or 
decibels per 100 meters (dB/100m) of 
cable length. 


automatic transmission power 
control (ATPC) 

A system that dynamically raises 
transmission power to overcome the 
effects of interference. 


azimuth coordinate system 

The polar coordinate system used 

in the field by RF engineers and 
surveyors to map the radiation pattern 
of antennas. See also: radiation pattern, 
spherical coordinate system. 


backhaul 

The process of connecting two ends 
of a transmission through a central 
routing point. 


bandpass cavity 

A “frequency filter” that limits the 
channels that pass through the filter 
to a radio receiver's select set of 
frequencies. Other frequencies are 
prevented from passing. Most devices 
have multi-stage bandpass cavities 
that filter out different frequencies at 
each stage. 


bandpass duplexer 

A duplexer that uses multiple 
bandpass cavities to separate 
transmitter and receiver signals, 
allowing for simultaneous two-way 
communications. See also: Duplexer, 
Duplex Communications, Bandpass Cavity. 


bypass (pass-through) configuration 
A single-band tower-mounted antenna 
with an integrated diplexer that adds 

a secondary, non-amplified RF path to 
the system. 


co-channel dual-polar 

(CCDP) operation 

Using both horizontal and vertical 
polarity of a single frequency to 
double available bandwidth. 


co-siting solutions 

The technology and techniques that 
allow cellular base stations and air 
interfaces to share architecture and 
operate within limiting factors of 
their locations. 


coaxial cable 

A transmission line built to prevent 
interference while carrying multiple 
signals. Coaxial cable consists of an 
inner core conductor and an outer 
sleeve conductor, separated by a 
nonconductive dielectric layer. 
Coaxial cable is often used to 
connect antennas to base stations. 
See also: dielectric layer. 


dielectric layer 

The insulated, tube-shaped layer 
separating a coaxial cable’s inner and 
outer conductors. Dielectrics may 
be made of solid material, flexible 
foam or open air channels supported 
by nonconductive spacers. See also: 
coaxial cable. 


direct current (DC) 

An electrical current that runs 
continuously in a single direction, 
making it well suited for use In 
motors and electronic components 
such as semiconductors. Batteries 
also produce DC current. See also: 
alternating current. 


distributed antenna system (DAS) 

A network of nodes serving a specific 
place, area or building. They connect 
through a central base station for 
backhaul out to the public network. 


dummy load 

A simulated power load applied 

to an electrical system for testing 
purposes. See also: voltage standing 
wave ratio (VSWR). 


duplex communications 

A transmitter and receiver that work at 
the same time on the same RF device, 
allowing two-way communications. 
See also: duplexer. 
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duplexer 

A device situated between a duplexed 
antenna and its associated transmitter 
and receiver that provides isolation 
between the two signals. See also: 
Duplex Communications. 


electrical potential 

The difference in electrical charge 
between two points in space, 
measured in volts. The greater the 
difference, the higher the potential — 
and therefore, the greater the voltage. 
See also: volt. 


electrical tilt antenna 

An antenna fitted with actuators 

that can adjust its tilt relative to the 
ground. These adjustments affect gain, 
or performance, of the antenna within 
defined geographical areas. 


environmental factors 

Circumstances of temperature, 
sunlight exposure, humidity and 

other specific characteristics of an 
installation. Environmental factors play 
a large role in determining what kind 
of antenna, transmission line, power 
and other components are ideal for 
use in a particular location. 


failures in time (FITs) 

The number of expected component 
failures per billion operating hours. 
See also: reliability. 


D 


flat fading 

Total signal loss caused by 
atmospheric refraction. It is the result 
of a signal being bent completely out 
of its LOS connection with its receiver. 


frequency multiplexing 

A configuration that connects multiple 
base station services that operate in 
separate bands to multiple antennas 
via a single feeder cable and its 
associated couplers. 


grounding 

Measures taken to control and 
facilitate the path of an electrical 
discharge from its source to the 
ground, avoiding potential damage 

to sensitive equipment along the 

way. Grounding is a key element in 
protecting an installation from damage 
by lightning strike or other hazards. 


guard bands 

Narrow gaps inserted into the 
bandwidths managed by the low loss 
combiner (LLC) to distinguish between 
different signals riding on the same 
bands. See also: isolation, low loss 
combiner, transmitter noise. 


horizontal separation 

The practice of placing a transmitter's 
antenna a certain distance from the 
same device's receiving antenna to 
achieve the necessary Isolation. 

See also: duplex communications, 
isolation, vertical separation. 


in phase 

A state of operation referring to 
multiple antennas radiating together at 
precisely the same time and rate. 


integrated power systems 
Space-saving combinations of related 
components, built into a single device 
for easy installation. 


interoperability testing (IOT) 

The practice of testing for operational 
problems in a cell site that employs 
equipment from multiple manufacturers. 


isolation 

The amount of separation achieved 
between the transmitter and receiver 
in a duplex communication system. 

In general, more isolation translates 

to less interference between the two 
functions, and correspondingly clearer 
communications. See also: duplex 
communications, horizontal separation, 
vertical separation. 


line of sight (LOS) 

The unobstructed space between 
transmitter and receiver. Longer hops 
must even account for the curve of 
the Earth as an obstruction. 


low loss combiner (LLC) 

A device in the RF path that permits 
the simultaneous operation of multiple 
transmitters on a single antenna. It 
applies guard bands and bandpass 
cavities to provide the necessary 
isolation between signals. See also: 
bandpass cavity, guard bands, isolation. 


nonlinearity 

A location within an electrical circuit 
where voltage does not remain 
consistently proportional to power, 
generally caused by imperfect 
connections between components and 
cables or damage to a cable’s structure. 


ohm 

The unit of measurement of a 
materials electrical resistance. 
When applied to discussions of RF 
transmission lines, ohms refer to 
the inherent, or characteristic, loss 
of strength a signal encounters as it 
passes along a length of cable. 


pass-through (bypass) configuration 
A single-band tower-mounted antenna 
with an integrated diplexer that adds 

a secondary, non-amplified RF path to 
the system. 


passive intermodulation (PIM) 

A potential side effect of having 

more than one high-powered signal 
operating on a passive device such 

as a cable or antenna. PIM occurs at 
non-linear points in a system such as 
junctions, connections or interfaces 
between dissimilar metal conductors, 
creating interfering frequencies that 
can decrease efficiency. The higher the 
signal amplitude, or power, the greater 
the effect. See also: nonlinearity. 


quarter-wave shorting stub 

A device inserted into the connection 
between transmission line and antenna 
that does not affect normal frequencies, 
but will immediately short—and safely 
dissipate energy—when lightning 
frequencies attempt to cross. 

See also: grounding. 


radiation pattern 
The three-dimensional shape of an 
antenna’s strongest signal transmission. 


radome 

A wind- and water-proofed fabric or 
plastic cover that protects an antenna 
from the elements. 


receiver desensitization 

Interference caused by unwanted 
frequencies entering a receiver's upper 
stage passbands. These errant signals 
create electrical variances that impede 
the receiver's operation. See also: 
bandpass cavity. 


reliability 

The probability of a device working 
correctly over a defined length of time, 
operating under specified conditions. 
See also: failures in time (FITs). 


remote radio head (RRH) 

A recent advance in base station 
architecture that separates a cell site 

base station’s RF and baseband functions 
for improved efficiency. RRH advantages 
include no active cooling requirement, 
lower overall power loss, less weight on 
the tower and compact size. 


resonant frequency 

The natural tendency of a system 
to oscillate with larger amplitude 
at particular frequencies. At these 
frequencies, even small periodic 
driving forces can produce large 
amplitude oscillations. 


same-band combining (SBC) 

A base station configuration that 
allows multiple services to share the 
same bands. 


service company 

A cell site development partner 
responsible for actual construction 
on the site, including antenna towers, 
concrete footers and pads, security 
fencing, and equipment shelters. 


Shannon's Law 

Created by Claude Shannon and 

Ralph Hartley, this law establishes a 
theoretical limit to how much data can 
be reliably pushed through a given 
amount of bandwidth. 


signal polarization 

The orientation of a signal’s electric 
field relative to the ground. It may be 
horizontal or vertical. 


spherical coordinate system 

A geometric polar coordinate system 
used to mathematically map the 
radiation pattern of antennas. 

See also: azimuth coordinate system, 
radiation pattern. 


split-mount radio system 

A two-stage connection that lets 
microwave radios located in an 
indoor unit (IDU) receive and transmit 
through an antenna fitted with an 
outdoor unit (ODU). 


transmission lines 

In RF applications, the physical 
medium that conducts RF power from 
one point to another, usually between 
a base station and an antenna. 


transmitter noise 

Interference experienced by a receiver 
as a result of transmission power 
“leaking” into other nearby frequencies. 


vertical separation 

The practice of placing a transmitter and 
receiver in separate locations on a single 
antenna, allowing the height difference 
to achieve the necessary isolation. See 
also: duplex communications, horizontal 
separation, isolation. 


volt 

A measurement of electric potential 
difference between two points in a 
path. Voltage is sometimes referred 
to as “pressure, because it shares 
many characteristics with pressure in 
a water pipe. 


voltage polarity (+ and -) 

The positive (+) and negative (-) 
designations of voltage refer to which 
polarity of a circuit is measured; in 
terms of actual power produced, the 
distinction is meaningless. 


Glossary 


voltage standing wave ratio (VSWR) 
A key measurement of cable 
performance and signal quality. 

It quantifies the amount of signal 
reflected backward along a cable 

to its source. Theoretically, perfect 
operation yields a VSWR value of 1.0, 
or “unity? meaning zero reflections. 


Yagi antenna 

Also known as a Yagi-Uda antenna, 
this is a common type of directional 
antenna, first created in Japan in 1926 
by Hidetsugu Yagi and Shintaro Uda. 


SS i 


COMMSCÓPE 


INFRASTRUCTURE ACADEMY 


lake your learning to the next level with the 
CommsScope Infrastructure Academy. 


The CommsScope Infrastructure Academy SP6000 is your next step in understanding the 
RF Path. This affordable, online resource is available now—so you can learn even more about 
the science, the technology and the business of RF communications on your own schedule. 


SP6000 covers such important topics as: 


Cell site development e Transmission lines To learn more about the 


O e Passive intermodulation (PIM) CommScope Infrastructure 


Base station antennas fundamentals E 
Academy or to register for 


Co-siting solutions Microwave backhaul E 
a class, please visit 


Remote radio heads Powering wireless networks "En 
www.commscopetraining.com. 


Transmission and Distributed antenna systems 


receiving isolation systems Lightning protection 


COMMSCSPE 


COMMIMSCORE.COoMm 


Visit our website or contact your local CommScope representative for more information. 


© 2017 CommScope, Inc. All rights reserved. 


All trademarks identified by ® or ™ are registered trademarks or trademarks, respectively, of CommScope, Inc. This document is for planning purposes only and is not intended to modify or supplement any specifications or warranties relating to CommScope products or 
services. CommScope is committed to the highest standards of business integrity and environmental sustainability, with a number of CommScope’s facilities across the globe certified in accordance with international standards, including ISO 9001, TL 9000, and ISO 14001. 
Further information regarding CommScope’s commitment can be found at www.commscope.com/About-Us/Corporate-Responsibility-and-Sustainability. 


BR-105870.3-EN (06/17) 


instructables (/) Let's Make ... Login (/account/login/) | Sign Up (/account/register/) 


A AUTODESK. Make anything. (http://www.autodesk.com) 


Alibaba.com 


Global trade starts here” 


advertisement 


Microwave Energy Detector & Wireless Energy Harvesting 


By tbudka (/member/tbudka/) in Technology (/technology/) > Electronics (/technology/electronics/) 20,966 282 19 Featured 


Download Favorite 


(/member/tbudka/) 

By tbudka 

/member/tbudka/ 

sl Di tics, LLC i a 
COMO the author: 


(http://www.rfdiagnostics.com) 


About: Microwave Engineer, Consultant, Design Contractor, Electronics Enthusiast, Power Amplifier Designer, Filter Design, 
Electromagnetic Simulations, Orcad PCB Editor Design More About tbudka » (/member/tbudka/) 


Description 


This article describes how to build a wireless harvesting device that will capture stray 
2.5GHz energy from a microwave oven and convert it into a useable voltage that will light 
up a red light emitting diode (LED). Hobbyists can modify the antenna with longer wires 
and try to pick up other signals such as AM/FM radio, mobile phone signals and other 


wireless energy. The LED's light will be visible when the module picks up 1 milliwatt-10 
milliwatts of microwave power. Usually the most power leaks out of the door seam of a 


microwave oven. 

What you need: 

1 RFD102A (RF-DC Converter) module available at 

http: //www.rfdiagnostics.com/product/rfd102a/ 

1 Y% watt leaded resistor (any value) or two wires that are 1 1/8 inches long (28.6mm) 


1 Kingbright Surface mount red LED (part number: APT16Q08EC) available at 
Digikey/Mouser/Newark 


Fine tipped soldering iron 


Solder paste or Fine Solder 


Add Tip Ask Question Comment Download 


LA TOTALMENTE NUEVA 
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Step 1: Assembly Instructions 


Cut the resistor wires off next to the resistor. These are just the right size at 1 1/8” long for 


a 2.5GHz dipole. Throw away the resistor and keep the wires. 


Put solder paste on the module at pins 1 & 8 and at pins 4 and 5.Place the wires on pins 4 
and 5 and solder carefully using tweezers to hold the wires (it will burn you otherwise). 
Solder at the lowest soldering temperature possible to avoid damaging the module. If the 
iron is too hot then you may damage the internal connections inside the module. Use a 
minimum of time for soldering (<10secs). The wires work as a dipole antenna to collect the 


2.5GHz energy into the RF (Radio Frequency) Input of the module. 


Place the LED with the anode (positive side) onto pin 1 and the cathode (negative side) on 
pin 8 and solder carefully. For those not familiar with LEDs, the triangle symbol of the diode 
should point to the ground pin of the module (pin 8). Your final microwave harvester should 


look like figure 2 


‘> Add Tip (Ð Ask Question ` Comment Download 


Step 2: Test on Your Microwave Oven 


Now put some water in a mug and put it in the microwave oven and cook on high for 2 
minutes. While the microwave is running, hold the module and move the module antenna 
around to find a hot spot on the microwave. lape the module on the ground wire to the 
microwave to keep it in place. If all is well then you will see the LED light up and dim as the 
electric fields change while the mug rotates in the microwave oven. The above figures 
show the microwave energy harvester in action. Experiment with antenna shapes and 


sizes. If you go too big or too small with the antenna then less energy will be collected. You 


can also put the assembled module near an 802.1 1b/g/n wireless LAN router and watch it 


flicker as the router transmits and receives 2.4-2.5GHz energy. Enjoy! 
Other Project Ideas: 

- Harvest AM/FM Radio Signals 

FAQ 


- What is the maximum current this module can provide? Ans: Typical current is ~0.5-5mA. 


Max current is 18mA. 


- What is the efficiency of converting RF energy to a DC voltage? Ans: If the input power to 
the module is around 10-bOmW then the RFD102A can achieve >50% efficiency if the 
resistance seen by the DC output is -10kOhm. 


- | don't have a soldering iron and am all thumbs. Where can | get a detector like this 
already built up? Ans. The RFD102A-DET is available 


http: //www.rfdiagnostics.com/product/microwave-oven-window-energy-harvesting-kit/ 


- What is the maximum output voltage this module can produce? Ans: With 0.5W input 
power the module can produce up to 37V at 915MHz. 


- Can | charge my mobile phone with this? Ans: It is possible with 4 RFED102A modules 
and antennas to produce enough current to charge a mobile phone. The hard part is the 
wireless source would need to be so powerful that you wouldn't want to be in the same 


room during charging. You may hurt your eyes by cooking them. 
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Share 


Did you make this project? Share it with us! 
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RF Energy Harvesting System And Rectennas 
Riboy Cheriyan, Amsu Thejus. M, Jagadish Chandran G, Dr. K P Zacharia 


Abstract —Recent advances in ultra-low power wireless communications and energy-harvesting technologies have made self-sustainable 
devices feasible. Typically, the major concern for these devices is battery life and replacement. Applying energy harvesting techniques to 
these devices can significantly extend battery life and sometimes even eliminate the need for a battery. This technique is widely applicable in 
low power circuits such as wireless sensors. One emerging wireless sensor networks (WSN) application is in agriculture sector, where sensor 
nodes are deployed in fields to monitor humidity, temperature and soil moisture. Energy supply to such sensors is an issue as they are 
typically powered by conventional batteries which have a limited lifespan. Cost is often prohibitive when replacing exhausted batteries since 
the sensor devices need to be unearthed. An attractive solution is to use radio frequency (RF) energy harvesting, in which the radiated RF 
energy from ambient is extracted and converted into usable energy to power up the sensors. 


Index Terms — Harvesting energy, Patch antenna, Wireless sensors, Ambient energy , Schottky diode, Resonant circuit. 


1. INTRODUCTION 


Radio frequency energy is emitted by sources that 
generate high electromagnetic fields such as TV signals, 
wireless radio networks and cell phone towers, but 
through using a power generating circuit linked to a 
receiving antenna; this free flowing energy can be 
captured and converted into usable DC voltage. Most 
commonly used as an application for radio frequency 
identification tags in which the sensing device wirelessly 
sends a radio frequency to a harvesting device which 
supplies just enough power to send back identification 
information specific to the item of interest. The circuit 
systems which receive the detected radio frequency from 
the antenna are made on a fraction of a micrometer 
scale but can convert the propagated electromagnetic 
waves to low voltage DC power at distances up to 100 
meters. Depending on concentration levels which can 
differ through the day, the power conversion circuit may 
be attached to a capacitor which can disperse a constant 
required voltage for the sensor and circuit when there 
isn't a sufficient supply of incoming energy. 


We are being bombarded with energy waves every 
second of the day. Radio and television towers, satellites 
orbiting earth, and even the cellular phone antennas are 
constantly transmitting energy. What if there was a way 
we could harvest the energy that is being transmitted 
and use it as a source of power? If it could be possible to 
gather the energy and store it, we could potentially use it 
to power other circuits. In the case of the cellular phone, 
this power could be used to recharge a battery that is 
constantly being depleted. The potential exists for 
cellular phones, and even more complicated devices - 
i.e. pocket organizers, person digital assistants (PDAs), 
and even notebook computers - to become completely 
wireless. 


Of course, right now this is all theoretical. There are 
many complications to be dealt with. The first major 
obstacle is that it is not a trivial problem to capture 
energy from the air. We will use a concept called energy 
harvesting. Energy harvesting is the idea of gathering 


transmitted energy and either using it to power a circuit 
or storing it for later use. The concept needs an efficient 
antenna along with a circuit capable of converting 
alternating-current (AC) voltage to direct-current (DC) 
voltage. The efficiency of an antenna, as being 
discussed here, is related to the shape and impedance 
of the antenna and the impedance of the circuit. If the 
two impedances aren’t matched then there is reflection 
of the power back into the antenna meaning that the 
circuit was unable to receive all the available power. 
Matching of the impedances means that the impedance 
of the antenna is the complex conjugate of the 
impedance of the circuit. 


This paper is considered to be one of the first steps 
towards what could become a standard circuit included 
in every wireless sensors, and quite possibly every 
electronic device made. A way to charge the battery of 
an electric circuit without plugging it into the wall would 
change the way people use wireless systems. However, 
this technology needs to be proven first. It was decided 
to begin the project with a cellular phone because of the 
relative simplicity of the battery system. Also, after we 
prove that the technology will work in the manner 
suggested, cellular phones would most likely be the first 
devices to have such circuitry implemented on a wide 
scale. This advancement coupled with a better overall 
wireless service can be expected to lead to the 
mainstream use of cell phones as people’s only phones. 
This paper is an empirical study of whether or not this 
idea is feasible. This first step is to get an external 
wireless circuit to work with an existing phone by 
transmitting energy to the phone (battery) through the 
air. 


2. POWER SOURCES 

The main technological advancement that has 
allowed these harvesting devices to generate sufficient 
power is through the development of receivers which can 
sense broad ranges of frequencies, not just limited to 
television UHF signals, while capturing the highest 
concentration of generated waves. Since the 


propagation of wave energy dissipates with distance 
from source, sensors located at far distances must 
extract energy at low power density which is related to 
the distance through 1/d?"!. A typical television antenna 
linked to the correct conversion circuit if located 
approximately 4 meters from the source of radio 
frequency generation of 677 mega Hertz and 960 
kilowatts of effective radiation power is able to produce a 
detected voltage of 0.7 across an 8 kilo ohm load which 
is approximately 60 microwatts of harvested power and 


enough to power an LCD E thermometer 


The output power of is limited by regulations, such 
as Federal Communication Commission (FCC), USA due 
to safety and health concern offered by EM radiations. 
The maximum theoretical power available for RF energy 
harvesting is 7.0 uW and 1.0 uW for 900 MHz and 2.4 
GHz frequencies respectively for a free space distance 
of 40 meters. 


A 1V/m electric field can yield power density of about 
0.26uW/cm2. RF emissions from 800MHz range mobile 
equipments are significantly stronger signal than others, 
such as 2.4GHz range, which is mostly used by wireless 
LAN. A preferable range for RF energy harvesting is 
between 500 megahertz and 10 gigahertz, in which 
many different radio communication signals lies“! 


3. BASIC BLOCK DIAGRAM 


Figure 2 shows the basic block diagram of RF 
energy harvesting system. 
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Fig. 2. Basic block diagram 


Here we harvest energy from different sources such 
as mobile base stations, Wi-Fi, Radio waves etc. An 
antenna is used to capture signals, it may be a 
broadband antenna or separate antennas for different 
frequencies! .At high frequency we can use small 
antennas like patch antenna, but at lower frequencies we 
need a large antenna such as telescopic antenna in our 
FM radios. Matching circuit consists of a variable 
capacitor for giving good impedance matching at the 
output of antenna at different frequencies. Rectifier is 
used to convert the ac at the output of antenna into DC. 
Here we prefer Schottky diodes because of its high 
frequency capability. Voltage multiplier consists of 
capacitor diode network which is used to increase the 
voltage level for charging the battery. 


4. A SIMPLE GERMANIUM DIODE BASED 
ENERGY HARVESTING SYSTEM 


Here a germanium diode based simple RF energy 
harvesting is shown in figure 3. Antenna used here is a 
stick antenna that is used in FM radios. The Gang 
capacitor and MW coil act as a matching circuit, 
resonating at a particular frequency. 


Aerel antenna 


0A79 diode 


500pf GANG 


== | 


Fig. 3 OA79 Germanium diode based energy harvesting circuit. 


GROUND 


OA79 Diode is used as rectifier because of its low 
turn on voltage. The gang capacitor tuned in such a way 
that the matching circuit resonates with the strong 
frequency that the antenna can capture. If the RF signal 
is strong, the circuit can drive a LED. 


5. RF ENERGY HARVESTING SYSTEM 


BASED ON SCHOTTKY DIODE 


Schottky diode offer low forward voltage and high 
switching speed, and consider as an ideal component for 
RF energy harvesting. 


This circuit uses HSMS2820 schottky diode. RF 
signals can be captured using multiband antenna as 


shown in figure. It is capable of receiving 
900Mhz/1800MHz/1900MHz/2.4GHz. Small patch 
antennas can be used at higher frequencies. 


Antenna 


Fig. 4. Schottky diode based RF energy harvesting circuit with 
voltage multiplier. 


Here combination of variable capacitor Ctune and 
inductor L forms the matching circuit for antenna at 
different frequencies. Using the Ctune in antenna 
matching circuit we can tune the antenna at its resonant 
frequency. The capacitor Ctune in tuning circuit can be 
varied using following formula to resonate with the 
antenna inductance L , were f is the frequency of 
operation. 

1 
anf = === 
a Lantenna x Ctune 


At higher frequencies such as 800 or 1900MHz the 
low values of inductors are difficult to construct 
especially at board level circuit design. But using the 
inductor along with capacitor at integrated circuit level 
design greatly improves the performance. Resonant 
frequency is also influenced by diode capacitance as it is 
related with reverse diode voltage and input voltage”. 


For converting Radio frequency to DC, a rectifier 
circuit is used .A charge pump circuit such as a voltage 
multiplier circuit can be used as rectifier. In figure there 
is a two stage voltage multiplier consists of two diodes 
and two capacitors in each stage. Here the diode used is 
a schottky diode (HSMS2820) because of its low forward 
voltage and high switching speed. 


The voltage output of multiplier is twice input peak 
voltage minus the diode twice the diode threshold 
voltage." The charge drained (Delta q) by the load 
current ( | load) per period, where f is input signal 
frequency is 


Aq = Load i f 


The circuit can be extended to n stages, producing 
the required output level. For a n stage multiplier the 
output capacitance can be calculated as 


| n—l 
Yo =n Viz — I load 


FL 


From this, there should be a diode with very low turn 
on voltage and high operating frequency. Schottky diode 
has all this parameters so here a schottky diode is used. 


SINE(O .7 50) 


Fig. 5. Simulation result of two stage voltage multiplier. 


Figure 5 shows the simulation result of a two stage 
multiplier with 0.7V input using LT Spice. 


6. RECTENNAS 

The rectenna termed as rectifying antenna, is 
combination of an antenna and a nonlinear rectifying 
element (Schottky diode, IMPATT diode...etc.) where the 
two elements are integrated into a single circuit. Since 
the rectenna is a receiving module collecting power from 
a radiation field, its sensitivity is defined by 


output voltage 


$. = MlM 
power density at the antenna 


Division of this value with the effective antenna aperture 
leads to the normally used quantity for detectors. 


output voltage 


úl input power 


This characterizes the nonlinear element with its 
matching. 


A rectenna is useful as the receiving terminal of a 
power transmission system where dc power needs to be 
delivered to a load, through free space, for which 
physical transmission lines are not feasible. It is also 
Suitable in applications where dc power needs to be 
distributed to more numbers of load elements that are 
Spatially distributed. Such power distribution is achieved 
by the dispersive nature of microwave energy in space, 
eliminating the need for physical interconnects to 
individual load elements. 


Figure 6 shows a rectenna for 899 Mhz. Here 
antenna consists of ainset fed rectangular patch with 
ground plane. lt uses HSMS 2820 schottky diode as 
rectifying element 


Fig. 6. Rectenna For 899 Mhz. 
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Fig. 7. Frequency Response of a 899 MHz Rectenna . 


Figure 7 shows the frequency response of a 899Mhz 
rectenna. Here the peak is at 895 MHz. At this frequency 
we obtained an output dc voltage of 3.2V. In general it is 
difficult to predict how the rectenna system is optimized 
for the maximum conversion efficiency. However, there 
are several theoretical methods to overcome this 
problem. 


The main objective with the design of rectenna is to 
obtain high conversion efficiency, and there are two 
approaches to achieve this goal. In first maximum power 
is collected and delivered to the rectifying diode, while in 
the second one harmonics generated by the diode are 
suppressed, which re-radiate from the antenna as power 
lost. In order to increase conversion efficiency by the first 
method, several broadband antennas, large antenna 
arrays and circularly polarized antennas have been 


designed and experimented. The broadband antenna 
enables relatively high RF power to be received from 
various sources while the antenna array can increase 
incident power delivered to the diode by enlarging 
antenna aperture and antenna gain. Antenna array is an 
effective means to increase the receiving power for 
rectification. However, a trade-off arises between the 
antenna size and the radiation gain. The circularly 
polarized antenna offers power reception with less 
polarization mismatch. However in second method, the 
rectenna consist of an LPF between the antenna and the 
diode, as well as an additional LPF on the dc output side 
of the diode. The main reason for the rise in the 
efficiency was the improvement in the diode and circuit 
construction for high input power levels. 


7. CONCLUSION 


In this paper, a study of various methods used for 
RFenergy harvesting has been made. It is found that we 
can harvest energy in micro watt range from ambient RF 
sources. Here the harvested power highly depends on 
the distance between the transmitter and RF harvesting 
system. By using an array of harvesting antennas we 
can harvest considerable amount of power. 
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Seguendo l'invito di Leonardo ho realizzato questo semplice ricevitore a cristallo per FM (fare clic sullo 
schema qua sotto per vederlo ingrandito). 


http://www.leradiodisophie.it/FM-Xtal-Cavuoti.html 1/3 


5/18/2018 Ricevitore a cristallo per FM - FM Crystal set with loop full wave antenna 
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Il ricevitore € “alimentato” da una antenna a loop ad onda intera costituita da una sola spira circolare 
realizzata con 3 metri di tubo di rame per impianti idraulici (induttanza misurata pari a circa 3 uH). Il 
supporto e un semplice listello in legno di abete lungo 2 metri, largo 3 cm e spesso 1 cm, a cui il cerchio di 
rame è stato fissato con nastro isolante. Un’altra soluzione per realizzare |’antenna a loop in modo semplice 
ed istantaneo è utilizzare una piattina di alluminio di 2 mm di spessore e 2 cm di larghezza. I rivelatori sono 
due diodi Schottky tipo 1N5711, particolarmente adatti per VHF grazie alla bassa capacita (circa 2pF). Sono 
attualmente in produzione e quindi facili da trovare. Il ricevitore è stato collaudato in una situazione “stiff” 
con l'antenna esposta in un balcone incassato (3 x 1.6 metri) al quarto piano di un palazzo in cemento armato 
di 6 piani circondato da altri edifici realizzati con pareti intere in cemento armato. Come si può vedere e 
sentire dai due filmati che ho caricato su Youtube: 


http://www.youtube.com/watch?v=Y NiuRoIp36E 


http://www.youtube.com/watch?v=SJwx8 _3mCfI 


la ricezione è buona come anche la selettività, grazie all’accoppiamento appropriato, ma molto facile da 
trovare, tra la bobina di antenna L1 e quella di sintonia L2. L’amplificazione audio è stata affidata a due 
piccole casse amplificate da PC. Le foto seguenti mostrano il primo prototipo funzionante montato "in aria" 
(fare clic sulle immagini per vederle meglio). La foto sotto il titolo mostra invece una realizzazione 
esteticamente più accurata. 


http://www.leradiodisophie.it/FM-Xtal-Cavuoti.html 2/3 


5/18/2018 Ricevitore a cristallo per FM - FM Crystal set with loop full wave antenna 


Per ogni chiarimento non esitate a contattarmi. Giacomo Cavuoti 


Progetti dei lettori - Radio a cristallo 
Torna alla Pagina Principale 


http://www.leradiodisophie.it/FM-Xtal-Cavuoti.html 3/3 


RF Diagnostics, LLC [== 


HOME PRODUCTSY ENERGY HARVESTING DEMOS MICROWAVE ENGINEERING DESIGN SERVICES 
BLOG CONTACT ABOUT - MICROWAVE ENGINEERING DESIGN 


WELCOME TO RF DIAGNOSTICS 


Energy Harvesting Modules 


WIRELESS ENERGY HARVESTING PRODUCTS RF Diagnostics, LLC designs and 
sells surface mount RF to DC converters and other building block modules for energy 
harvesting systems. With our products you can harvest ambient AC/AM/FM/Wireless 
Energy to power your loT battery free system. We also provide custom designs for 
RF/microwave and general electrical engineering products and design contracting 
services to clients in the commercial wireless and defense electronics businesses. We 
strive to be a high quality and cost effective design resource for your design team. 


OUR PRODUCTS 


i e Energy Detector | 

This detector receives wireless energy at 
2.5GHz and converts the signal to a DC 
voltage which powers a light emitting diode 
(LED). Place the detector on your microwave 

window or near your wireless LAN router 
and the LED will brighten and fade as the 
wireless field changes. No batteries needed! 


RFD102A-DET: Microwave Energy RFD102A-TB: 60Hz...6GHz Energy RFD102A: Wireless Energy 


Detector Harvesting Test Board Harvesting Module 
$18.00 $33.00 $12.00 
OUR DESIGN SERVICES 


Energy Harvesting Module & System Design 


Any of our standard products can be customized for your application. We can support your application with matching, 
testing, antenna design, assembly and many other tasks. Have a new idea for a product? We can help you realize it. 
We are developing new products and are always interested in your feedback to guide our product development. 


MMIC Design 


We use Agilent's Advanced Design System for MMIC design and PCB design. Previous designs completed are quad- 
band GSM power amplifier modules, 2.4-2.5GHz/5-6GHz wireless LAN power amplifiers, broadband power amplifiers, 
switch-filter designs, RFID detectors, RF/DC converters and filter designs. 


Front End Module Design 


We use Agilent’s Advanced Design System and Orcad PCB Editor for Front-End Module designs. Previous design 
examples are high-volume switch filter modules, dual-band 802.11a/b/g Front end modules, 76GHz car radar module, 
RFID card design. 


RFID Detector System 


On an NSF Phase | & II grant to one of our clients, operating as a subcontractor, the RF Diagnostics design team 
created a complete RFID MEMS resonator detection system. Both hardware and software were developed under this 
contract. The work was published at an SPIE conference in July 2010. 
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[57] ABSTRACT 


Apparatus for and methods of converting radio fre- 
quency energy into direct current for generating elec- 
tric power includes a dipolar antenna for receiving 
radio frequency energy and a circuit connected thereto 
for converting the radio frequency energy to direct 
current. The circuit has a positive output line connected 
to one pole of the antenna and a negative output line 
connected to the other pole of the antenna. A positive 
transmitting diode is in the positive output line and a 
negative transmitting diode is in the negative output 
line. First and second bus lines and a pair of tuned cir- 
cuits of opposite polarity couple the positive output line 
and negative line to the bus line with one of the bus lines 
being connected to ground. Each tuned circuit includes 
a first bridging line connecting the positive output line 
to the first and second ground lines and a second bridg- 
ing line connecting the negative output line to the first 
and second ground lines. Each bridging line has a diode 
therein oriented at a polarity which is reverse with 
respect to the input diode. The bridging lines of each 
tuned circuit are connected to one another by an induc- 
tance and have capacitors disposed between the diode 


and the bus lines. A direct current device is connected 


to the positive line of the circuit. 


11 Claims, 1 Drawing Figure 
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APPARATUS FOR CONVERTING RADIO 
FREQUENCY ENERGY TO DIRECT CURRENT 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

The instant invention relates to methods of an appara- 
tus for converting radio frequency energy to direct 
current; more particularly, the instant invention relates 
to methods and apparatus for converting radio fre- 
quency energy to direct current wherein the direct 
current is of sufficient magnitude to power devices such 
as battery charges and electric motors without the use 
of amplification. 

2. Technical Considerations in Prior Art 

There has long been interest in technology directed 
to transmitting electrical energy over a distance with- 
out utilizing conductors, such as wire conductors. De- 
velopment of such a technology has enormous poten- 
tial. This was first recognized by Nikola Tesla who in 
1899 constructed a 200 foot Tesla coil rated at 300 kilo- 
watts and 150 kilocycles. Tesla hoped to set up standing 
waves of electrical energy around the whole surface of 
the earth, so that receiving antennas set at optimum 
points could tap the power when needed. Tesla was 
able to light hundreds of lamps at a distance of about 40 
kilometers with his device without utilizing electrical 
conductors. The scheme has generally remained a scien- 
tific curiosity but has provided the initial groundwork 
for current developments wherein attempts are being 
made to transmit power by microwaves. However, 
power transmitted by microwaves is envisioned in the 
form of a beam of very high intensity which is focused 
from a microwave generator to a receiving antenna. 
This technology is envisioned as being used for many 
types of purposes such as transmitting microwave en- 
ergy collected from gigantic solar power satellites and 
“star wars”-type weapons systems. However, the fo- 
cused microwave beam is not suitable for many applica- 
tions in that the beam must be directed toward a receiv- 
ing antenna and cannot be transmitted through most 
objects, including living objects, without destroying the 
objects. 

The instant invention relies on converting energy 
from standing waves which are emitted from radio 
frequency antennas in the RF range rather than the 
microwave range. Of particular interest are very low 
frequencies which are not used in communications and 
are available for transmitting power. Also of interest 
with respect to the instant invention are the low fre- 
quency waves emitted by the earth due to pulsation 
thereof caused by its magnetic field. These low fre- 
quency standing “earth” waves can be picked up by 
receivers tuned thereto. 


SUMMARY OF THE INVENTION 


It is an object of the invention to provide new and 
improved methods of an apparatus for converting radio 
frequency currents to direct current for practical uses 
other than communications, wherein the direct current 
energy converted from the radio frequency input en- 
ergy does not require amplification. 

Upon further study of the specification and appended 
claims, further objects and advantages of this invention 
will become apparent to those skilled in the art. 

The instant invention contemplates an RF antenna 
for receiving radio waves. The RF antenna connected 
to a circuit configured in accordance with the principles 
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of the instant invention to convert the RF signals to 
direct current. The radio frequency signals received by 
the antenna are transmitted to first and second leads, 
with one lead being rectified to transmit positive volt- 
age and the other lead being rectified to transmit nega- 
tive voltage. The positive voltage lead being connected 
directly to a positive output line and the negative volt- 
age lead being connected directly to a negative output 
line. The positive output line is connected to a pair of 
bus lines through a first pair of capacitors, while the 
negative output line is connected to the pair of bus lines 
by a second pair of capacitors. Disposed between the 
first bus line and the positive output line is a reverse 
diode of negative polarity, while disposed between the 
negative output line and first bus line is a reverse diode 
of positive polarity. The positive and negative output 
lines are connected to one another through an induc- 
tance which is in parallel with the capacitors of the first 
and second pair connected between the second bus line 
and the positive and negative output lines. 

In accordance with one embodiment of the invention 
the afore-described circuit is duplicated for each posi- 
tive and negative output line. In accordance with an- 
other embodiment of the invention, the afore-described 
circuitry is coupled to additional circuits identically 
configured in order to increase the direct current output 
of the arrangement. 

In accordance with a further configuration of the 
invention, the antenna utilized is a dipolar antenna of 
aluminum wire arranged in a “butterfly” configuration. 

The instant invention further contemplates the 
method of utilizing the afore-described elements so as to 
generate direct current having sufficient power to per- 
form tasks such as charging batteries, lighting lamps and 
powering direct current electric motors without the use 
of amplifiers. 


BRIEF DESCRIPTION OF THE DRAWING 


Various other objects, features and attendant advan- 
tages of the present invention will be more fully appre- 
ciated as the same becomes better understood when 
considered in connection with the accompanying draw- 
ing, in which like reference characters designate the 
same or similar parts throughout the several views, and 
wherein: 

There is shown a diagram of a circuit in accordance 
with the instant invention in combination with a driven 
device and a dipolar antenna which receives radio fre- 
quency waves which are converted to DC current for 
powering the driven device. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


Referring now to the drawing, there is shown a dipo- 
lar antenna, designated generally by the numeral 10, 
which receives radio frequency waves from an RF 
transmitter 11. The radio frequency waves are transmit- 
ted to a radio frequency to direct current converting 
circuit, designated generally by the numeral 12, through 
a coaxial cable 13 and DC current from the circuit 12 is 
used to power an output device, designated generally 
by the numeral 15, which may for example by a battery 
charger DC motor or lighting device. The circuit 12 has 
no other power inputs other than the radio frequency 
energy transmitted thereto by the antenna 10 and there- 
fore includes no amplifiers for amplifying the RF en- 


ergy. 
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The source of radio frequencies convertible to direct 
current by the circuit shown may include sources of 
high frequency, low frequency (LF), very low fre- 
quency (VLF) and extremely low frequency (ELF) 
radio waves as well as seismic vibration of the earth’s 
magnetic fields. 

Preferably, the dipolar antenna 10 is formed of two 
triangular loops of aluminum wire 16 and 17, one of 
which is connected to the annular conductor 18 of the 
coaxial cable 13 and the other of which is connected to 
the center conductor 19 of the coaxial cable. The size of 
the bipolar antenna 10 is dependent on the particular 
application to which it is put. In accordance with one 
embodiment of the invention, the antenna 10 is approxi- 
mately 12 inches in width and 18 inches in length. Such 
an antenna is used to receive five watt energy, such as 
that generated by a walkie-talkie or citizen-band radio. 

The annular conductor 18 of the coaxial cable 13 is 
connected to a positive lead 21 of the circuit 12, while 
the center conductor 19 of the coaxial cable is con- 
nected to a negative lead 22 of the circuit. A positive 
transmitting diode D1 is disposed between the lead 21 
and the remainder of the circuit 12 while a negative 
transmitting diode D2 is disposed between the lead 21 
to a positive output line 25 while the negative diode D2 
is connected to a negative output line 26. Accordingly, 
the positive voltages with respect to ground are pro- 
duced on output line 25 and negative voltages with 
respect to ground are produced on output line 26. 

In order to provide a DC output of sufficient power, 
a plurality of inductance-capacitance, RF, tuned cir- 
cuits 30, each forming a positive cell, or a negative cell, 
are utilized for connecting the positive output line 25 
and negative output line 26 to first and second bus lines 
31 and 32, respectively. Bus line 32 is connected to 
ground while bus line 32 can be connected to circuits 
similar to circuit 12. The positive output line 25 is con- 
nected by a first bridging line 33 to the first and second 
bus lines 31 and 32 while the negative output line 26 is 
connected by a second bridging line 34 to the first and 
second bus lines. The bridging line 33 has capacitors C1 
and C2 disposed between the positive output line 25 and 
the first and second bus lines 31 and 32, while the bridg- 
ing line 34 also has capacitors C1 and C2 dispensed 
between the negative output line 26 and the first and 
second bus lines 31 and 32. Connected between the 
bridging lines 33 and 34, is an inductor 35 which serves 
as an RF choke, while disposed between the positive 
output line 25 and the capacitor C1 there is a negative 
polarity diode D4 referred to herein as a bridging diode 
and disposed between the negative output line 26 and 
capacitor C1 in line 34 there is a positive polarity diode 
D3 referred to herein as a bringing diode. As is seen of 
the drawing, the RF tuned circuit cell 30 is repeated a 
plurality of times. In the specific example shown, the 
circuit 12 has separate cells 30, 37, 38 and 39. The cells 
30 and 38 are of opposite polarity and balance one an- 
other while the cells 37 and 39 of opposite polarity and 
also balance one another. In order for the system to 
function, a pair of opposite polarized cells must be uti- 
lized. The particular number of cells 30 and the value of 
the components thereof are determined by the configu- 
ration of the dipolar antenna 10 and the power and 
frequency of the RF transmitter 11. 

The radio frequency to direct current conversion 
circuit 12 may itself be connected to a duplicate circuit 
via pins 41 so as to provide additional direct current 
output on lines similar to positive output line 25 and 
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negative output line 26 the output lines may be con- 
nected together in order to boost the total output of the 
system. 

An operative embodiment of the invention utilizes 
the following elements: 

Diodes D1, D2, D3 and D4—Germanium Diodes, Ar- 

cher 1 N34A,Catalog #1123. 

Inductor 35-47 Milli henry R. F. Choke 

Capacitors Cl and C2-0.47 Pico Farads at 200 volts 

Coaxial Cable 13—50 ohms 

Dipolar Antenna 10—aluminum wire triangular loops 
approximately 12 inches by 18 inches. 

From the foregoing description, one skilled in the art 
can easily ascertain the essential characteristics of this 
invention, and without departing from the spirit and 
scope thereof, can make various changes and modifica- 
tions of the invention to adapt it to various usages and 
conditions. 

What is claimed is: 

1. Apparatus for converting radio frequency energy 
into direct current for generating electric power, the 
apparatus comprising: 

a dipolar input for receiving radio frequency energy; 

a positive output line connected to one pole of the 
dipolar input and a negative output line connected 
to the other pole of the dipolar input; 

a positive transmitting input diode means in the posi- 
tive output line and a negative transmitting input 
diode means in the negative output line; 

first and second bus lines and a pair of tuned circuits 
of opposite polarity coupling the positive output 
line and negative output line to the bus lines, one of 
the bus lines being connected to ground; 

each tuned circuit including a first bridging line con- 
necting the positive output line to the first and 
second bus lines and a second bridging line con- 
necting the negative output line to the first and 
second bus lines, each bridging line having a bridg- 
ing diode means therein oriented at a polarity 
which is reverse with respect to the transmitting 
input diode means of the respective output line; the 
bridging lines of each tuned circuit being con- 
nected to one another by an inductance and having 
capacitors disposed between the bridging diode 
means thereon and the bus lines, and 

a direct current device connected to the bridging 
lines of the tuned circuit. 

2. The apparatus of claim 1, wherein there are a plu- 
rality of similarly configured tuned circuits connected 
between the output lines and the bus lines. 

3. The apparatus of claim 2, wherein there are a plu- 
rality of radio frequency-to-direct current conversion 
circuits connected to one another to provide a direct 
current power array tuned to a specific radio frequency 
such as a high frequency source, low frequency source, 
very low frequency source, extremely low frequency 
source, or source created by seismic vibrations of the 
earth’s magnetic field. 

4. The apparatus of claim 3 wherein the dipolar input 
is a dipolar antenna. 

5. The apparatus of claim 1, wherein the device con- 
nected to the output lines is a direct current motor. 

6. The apparatus of claim 1, wherein the device con- 
nected to the output line is an illuminating device. 

7. The apparatus of claim 1, wherein the device con- 
nected to the output lines is a battery charger. 

8. The apparatus of claim 1, wherein the device con- 
nected to the output lines is a DC-to-AC inverter. 
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10. The apparatus of claim 1 wherein the dipolar 
input is a dipolar antenna. 
rality of radio frequency to direct current converter 11. The apparatus of claim 10, wherein the dipolar 

antenna utilizes aluminum wire arranged in pair of tri- 
5 angular loops. 
circuits tuned to a particular radio frequency. MES Ere, 


9. The apparatus of claim 1, wherein there are a plu- 


circuits connected to one another to form an array of 


10 


15 


20 


29 


30 


35 


40 


45 


50 


55 


60 


65 


ilar- 


1m1 


2012 

343/909 
343/769 
343/753 
king of 


10ns are 
igh “Q” 


d so that 
frequency range, and 


9 


loa 
as structures, do 


lly and at least some of the resonators 


ive spacing 


5639 B2 
28 
11 & Emery 


figurat 


Wi 


lude resonators 


253 
3 
ine 
185 arrange 


9 


Aug 
c con 


eee eee eee eee eee) 
eee eee eee eee eee) 


di 


hich can be used for electromagnet 


1 


10 


ific 


that arrangement within that specific grouping of akin ele- 


eee eee ee eee eee ee 


ted 


US $ 


Barkeshl 


2/1998 Kot et al 


d/or geometr 


rm — McDermott 
in an aper 


hael C Wimer 


Fi 
hin a spec 


t 


1C 


ABSTRACT 


M 


References C 
t, or 


1zes an 


ca 
ry corresponds to a moderate or h 


the overall structure. The relat 


and arrangement of groupings can be defined by self s 


US008253639B2 
ity and origin symmetry. 


The arrangements can 


di 
are spaced such that their phase centers are separated by more 


S. PATENT DOCUMENTS 


rio 


A * 11/1995 


714,961 A * 
icin 


U 
iner — 
Agen 


048 B1* 10/2002 D 
ifferent s 


ted by examiner 
Ww 


The overall assembly of resonators 


4 
3 


473 
Exam 


4 
4 


ize or geomet 


bed 


5,471,224 
ts. 


5 
6 


1 


(45) Date of Patent 


(10) Patent No. 


1 


imary 
response that resonates wi 


Arrangement of resonators 
not all repeat pe 

than a wavelength 

of several d 

ments 1s period 


(74) Attorney, 


(56) 
Tg 
LLP 
(57) 
descr 
objec 
each s 


Pr 


S 


333/135 


See application file for complete search history. 


> 


ted under 35 
filed on Aug 


3 


MA (US) 


the term of t 
djus 
2010 
966 


> 


Data 


61/189 


laimer, 
patent is extended or a 
Data 
24 


ion 
343/909, 910 


tion 
t 


, Belmont 


ica 
Jun. 
ica 


No 


(2006.01) 
(82) US. Cl cececccscecscssesseesesseeees 343/753; 343/909 


(2006.01) 
(58) Field of Classification Search .................. 343/753, 


2009 
Publ 
Appl 


10n 


3 


154(b) by 498 days 


104 
t 


S 


9 


ect to any disc 
ior 
ica 


bj 
S.C 
Pr 
US 2010/0156556 Al 


Nathan Cohen 


12/547 
Aug. 25 


Su 
U 
l appl 


Related U 


ted States Patent 


Cohen 


e 
No 
iona 


l 


WIDEBAND ELECTROMAGNETIC 
Cl 


CLOAKING SYSTEMS 


25, 2008 
H0IO 15/02 
HOIQ 19/06 


Inventor 


(12) Un 
(*) Notice 
(21) Appl 
(22) Filed 
(60) Provis 


(54) 
(51) Int. 


(76) 
(65) 


a 


asaran 


ODO 


OIER 


PP 
RR 


OGOOGO 
ONENEN ARANAN 
x 
n 
CRIA 


Y, 


AA IIT MAEM ILO AEA TEN AE MT 


OON 


14 Claims, 4 Drawing Sheets 


af 


US 8,253,639 B2 


Sheet 1 of 4 


Aug. 28, 2012 


U.S. Patent 


a 
y) i 
CIAT ATENAS: MS I peg rT epg 


4 
En 
ps 


$ 


U.S. Patent Aug. 28, 2012 Sheet 2 of 4 US 8,253,639 B2 


U.S. Patent Aug. 28, 2012 Sheet 3 of 4 US 8,253,639 B2 


US 8,253,639 B2 


Sheet 4 of 4 


Aug. 28, 2012 


U.S. Patent 


q 
x 


a 


a 


at, 


5 
y 


y 


y 


tata atada 
m AAAA AATAS KAASA TASAA A 


at 


EA 


a) 


HX 


x 


a 


AMA 


x 
aar 


aa 
e 


ranana, 
EAS 


x 
5 


ox 
iS 


y 


o 


ODO 
af 


SR II 
anata a ata ta ata tata ta tata tata tan 


a! 
a 


US 8,253,639 B2 


1 
WIDEBAND ELECTROMAGNETIC 
CLOAKING SYSTEMS 


RELATED APPLICATION 


This application claims priority to U.S. Provisional Patent 
Application No. 61/189,966, filed 25 Aug. 2008 and entitled 
“Method and Apparatus for Wideband Electromagnetic 
Cloaking, Negative Refractive Index Lensing and Metamate- 
rial Applications,” the entire contents of which are incorpo- 
rated herein by reference. 


BACKGROUND 


Much time and effort has been devoted to the quest for 
so-called invisibility machines. Beyond science fiction, how- 
ever, there has been little if any real progress toward this goal. 

Materials with negative permittivity and permeability lead- 
ing to negative index of refraction were theorized by Russian 
noted physicist Victor Veselago in his seminal paper in Soviet 
Physics USPEKHI, 10, 509 (1968). Since that time, metama- 
terials have been developed that produce negative index of 
refraction, subject to various constraints. Such materials are 
artificially engineered micro/nanostructures that, at given fre- 
quencies, show negative permeability and permittivity. 
Metamaterials have been shown to produce narrow band, e.g., 
typically less than 5%, response such as bent-back lensing. 
Such metamaterials produce such a negative-index effect by 
utilizing a closely-spaced periodic lattice of resonators, such 
as split-ring resonators, that all resonate. Previous metama- 
terials provide a negative index of refraction when a sub- 
wavelength spacing is used for the resonators. 

In the microwave regime, certain techniques have been 
developed to utilize radiation-absorbing materials or coatings 
to reduce the radar cross section of airborne missiles and 
vehicles. While such absorbing materials can provide an 
effective reduction in radar cross section, these results are 
largely limited to small ranges of electromagnetic radiation. 


SUMMARY 


Embodiments of the present disclosure can provide tech- 
niques, including systems and/or methods, for cloaking 
objects at certain wavelengths/frequencies or over certain 
wavelength/frequency ranges (bands). Such techniques can 
provide an effective electromagnetic lens and/or lensing 
effect for certain wavelengths/frequencies or over certain 
wavelength/frequency ranges (bands). 

The effects produced by such techniques can include 
cloaking or so-called invisibility of the object(s) at the noted 
wavelengths or bands. Representative frequencies of opera- 
tion can include, but are not limited to, those over a range of 
500 MHz to 1.3 GHz, though others may of course be real- 
ized. Operation at other frequencies, including for example 
those of visible light, infrared, ultraviolet, and as well as 
microwave EM radiation, e.g., K, Ka, X-bands, etc. may be 
realized, e.g., by appropriate scaling of dimensions and selec- 
tion of shape of the resonator elements. 

Exemplary embodiments of the present disclosure can 
include a novel arrangement of resonators 1n an aperiodic 
configuration or lattice. The overall assembly of resonators, 
as structures, do not all repeat periodically and at least some 
of the resonators are spaced such that their phase centers are 
separated by more than a wavelength. The arrangements can 
include resonators of several different sizes and/or geom- 
etries arranged so that each size or geometry (“grouping”) 
corresponds to a moderate or high “Q” (that is moderate or 
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low bandwidth) response that resonates within a specific fre- 
quency range, and that arrangement within that specific 
grouping of akin elements is periodic in the overall struc- 
ture—even though the structure as a whole is not an entirely 
periodic arrangement of resonators. The relative spacing and 
arrangement of groupings (at least one for each specific fre- 
quency range) can be defined by self similarity and origin 
symmetry, where the “origin” arises at the center of a struc- 
ture (or part ofthe structure) individually designed to have the 
wideband metamaterial property. 

For exemplary embodiments, fractal resonators can be 
used for the resonators in such structures because of their 
control of passbands, and smaller sizes compared to non- 
fractal based resonators. Their benefit arises from a size 
standpoint because they can be used to shrink the resonator 
(s), while control of passbands can reduce or eliminates issues 
ofharmonic passbands that would resonate at frequencies not 
desired. 

It should be understood that other embodiments of wide- 
band electromagnetic resonator or cloaking systems and 
methods according to the present disclosure will become 
readily apparent to those skilled in the art from the following 
detailed description, wherein exemplary embodiments are 
shown and described by way of illustration. The systems and 
methods of the present disclosure are capable of other and 
different embodiments, and details of such are capable of 
modification in various other respects. Accordingly, the draw- 
ings and detailed description are to be regarded as illustrative 
in nature and not as restrictive. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Aspects of the disclosure may be more fully understood 
from the following description when read together with the 
accompanying drawings, which are to be regarded as illustra- 
tive in nature, and not as limiting. The drawings are not 
necessarily to scale, emphasis instead being placed on the 
principles of the disclosure. In the drawings: 

FIG. 1 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of cylindrical shells, in 
accordance with exemplary embodiments of the present dis- 
closure; 

FIG. 2 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of shells having an ellip- 
tical cross-section, in accordance with an alternate embodi- 
ment of the present disclosure; 

FIG. 3 depicts an exemplary embodiment of a portion of 
shell that includes repeated conductive traces that are config- 
ured in a fractal-like shape; and 

FIG. 4 depicts a perspective view (photograph) of an exem- 
plary embodiment of the present disclosure. 

While certain embodiments depicted in the drawings, one 
skilled in the art will appreciate that the embodiments 
depicted are illustrative and that variations of those shown, as 
well as other embodiments described herein, may be envi- 
sioned and practiced within the scope of the present disclo- 
sure. 


DETAILED DESCRIPTION 


The present disclosure is directed to novel arrangements of 
resonators useful for obscuring or hiding objects at given 
bands of electromagnetic radiation. Embodiments of the 
present disclosure can provide techniques, including systems 
and/or methods, for hiding or obscuring objects at certain 
wavelengths/frequencies or over certain wavelength/fre- 
quency ranges or bands. Such techniques can provide an 
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effective electromagnetic lens and/or lensing effect for cer- 
tain wavelengths/frequencies or over certain wavelength/fre- 
quency ranges or bands. The effects produced by such tech- 
niques can include cloaking or so-called invisibility of the 
object(s) at the noted wavelengths or bands. 

Representative frequencies of operation can include, but 
are not limited to, those over a range of about 500 MHz to 
about 1.3 GHz, though others may of course be realized. 
Operation at other frequencies, including for example those 
of visible light, infrared, ultraviolet, and as well as microwave 
EM radiation, e.g., K, Ka, X-bands, etc. may be realized, e.g., 
by appropriate scaling of dimensions and selection of shape 
of the resonator elements. 

Embodiments of the present disclosure include arrange- 
ment of resonators or resonant structures in aperiodic con- 
figurations or lattices. The overall assembly of resonator 
structures can include nested or concentric shells, that each 
include repeated patterns of resonant structures. The resonant 
structures can be configured as a close-packed arrangement 
of electrically conductive material. The resonant structures 
can be located on the surface of a circuit board. 

The overall assemblies, as structures, do not all repeat 
periodically and at least some of the resonators are spaced 
such that their phase centers are separated by more than a 
wavelength. The arrangements can include resonators of sev- 
eral different sizes and/or geometries arranged so that each 
size or geometry (“grouping”) corresponds to a moderate or 
high quality-factor “Q” response (that is, one allowing for a 
moderate or low bandwidth) that resonates within a specific 
frequency range, and that arrangement within that specific 
grouping of like elements is periodic in the overall struc- 
ture—even though the structure as a whole is not an entirely 
periodic arrangement of resonators. The relative spacing and 
arrangement of groupings (at least one for each specific fre- 
quency range) can be defined by self similarity and origin 
symmetry, where the “origin” arises at the center of a struc- 
ture (or part of the structure) individually designed to have the 
wideband metamaterial property. 

For exemplary embodiments, fractal resonators can be 
used for the resonators because of their control of passbands, 
and smaller sizes. A main benefit of such resonators arises 
from a size standpoint because they can be used to shrink the 
resonator(s), while control of passbands can reduce/mitigate 
or eliminate issues of harmonic passbands that would reso- 
nate at frequencies not desired. 

Exemplary embodiments of a resonator system for use at 
microwave (or nearby) frequencies can be built from belts of 
circuit boards festooned with resonators. These belts can 
function to slip the microwaves around an object located 
within the belts, so the object is effectively invisible and “see 
thru” at the microwave frequencies. Belts, or shells, having 
similar closed-packed arrangements for operation at a first 
passband can be positioned within a wavelength of one 
another, e.g., Yor, YsA, VAA, YA, etc. 

An observer can observe an original image or signal, with- 
out it being blocked by the cloaked object. Using no power, 
the fractal cloak can replicates the original signal (that is, the 
signal before blocking) with great fidelity. Exemplary 
embodiments can function over a bandwidth from about 500 
MHz to approximately 1500 MHz (1.5 GHz), providing 3:1 
bandwidth; operation within or near such can frequencies can 
provide other bandwidths as well, such as 1:1 up to 2:1 and up 
to about 3:1. 

FIG. 1 depicts a diagrammatic plan view of a cloaking 
system 100 and RF testing set up in accordance with exem- 
plary embodiments of the present disclosure. As shown in 
FIG. 1, a number of concentric shells (or bands) 102 are 
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placed on a platform (parallel to the plane of the drawing). 
The shells include a flexible substrate (e.g., polyimide with or 
without composite reinforcement) with conductive traces 
(e.g., copper, silver, etc.) in fractal shapes or outlines. The 
shells 102 surround an object to be cloaked (shown as 104 in 
FIG. 1). A transmitting antenna 1 and a receiving antenna 2 
are configured at different sides of the system 100, for veri- 
fying efficacy of the cloaking system 100 and recording 
results. The shells 102 can be held in place by radial supports 
106 (while only four are shown, 12 were used in the exem- 
plary embodiment indicated). 

The shells indicated in FIG. 1 are of two types, one set 
(A1-A4) configured for optimal operation over a first wave- 
length/frequency range, and another set (B1-B3) configured 
for optimal operation over a second wavelength/frequency 
range. (The numbering ofthe shells is of course arbitrary and 
can be reordered, e.g., reversed.) 

For an exemplary embodiment of system 100, the outer set 
of shells (A1-A4, with A1 being the innermost and A4 the 
outmost) had a height of about 3 to 4 inches (e.g., 3.5 inches) 
and the inner set of shells had a height of about 1 inch less 
(e.g., about 2.5 to 3 inches). The spacing between the shells 
with a larger fractal shape (A1-A4) was about 2.4 cm while 
the spacing between shells of smaller fractal generator shapes 
(B1-B3) was about 2.15 cm (along a radial direction). In a 
preferred embodiment, shell A4 was placed between shell B2 
and B3 as shown. The resonators formed on each shell by the 
fractal shapes can be configured so as to be closely coupled 
(e.g., by capacitive coupling) and can serve to propagate a 
plasmonic wave. 

It will be appreciated that while, two types of shells and a 
given number of shells per set are indicated in FIG. 1, the 
number of shell types and number of shells for each set can be 
selected as desired, and may be optimized for different appli- 
cations, e.g., wavelength/frequency bands. 

FIG. 2 depicts a diagrammatic plan view of a cloaking 
system (or electrical resonator system) according to an alter- 
nate embodiment in which the individual shells have an ellip- 
tical cross section. As shown in FIG. 2, a system 200 for 
cloaking can include a number of concentric shells (or bands) 
202. These shells can be held in place with respect to one 
another by suitable fixing means, e.g., they can be placed on 
a platform (parallel to the plane of the drawing) and/or held 
with a frame. The shells 202 can include a flexible substrate 
(e.g., polyimide with or without composite reinforcement) 
with a close-packed arrangement of electrically conductive 
material formed on the first surface. As stated previously for 
FIG. 1, the closed-packed arrangement can include a number 
of self-similar electrical resonator shapes. The resonator 
shapes can be made from conductive traces (e.g., copper, 
silver, gold, silver-based ink, etc.) having a desired shape, 
e.g., fractal shape, split-ring shape, and the like. The shells 
202 can surround an object to be cloaked, as indicated in FIG. 
2: 

As indicated in FIG. 2 (by dashed lines 1 and 2 and arrows), 
the various shells themselves do not have to form closed 
surfaces. Rather, one or more shells can form open surfaces. 
This can allow for preferential cloaking of the object in one 
direction or over a given angle (solid angle). Moreover, while 
dashed lines 1 and 2 are shown intersecting shells B1-B3 and 
A1-A3 of system 200, one or more shells of each group of 
shells (B1-B3 and A1-A3) can be closed while others are 
open. 

With further regard to FIGS. 1-2, it should be appreciated 
that the cross-sections shown for each shell can represent 
closed geometric shapes, e.g., spherical and ellipsoidal shells. 
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As indicated previously, each shell of a cloaking system 
can include multiple resonators. The resonators can be 
repeated patterns of conductive traces. These conductive 
traces can be closed geometric shapes, e.g., rings, loops, 
closed fractals, etc. The resonator(s) can being self similar to 
at least second iteration. The resonators can include split-ring 
shapes, for some embodiments. The resonant structures are 
not required to be closed shapes, however, and open shapes 
can be used for such. 

In exemplary embodiments, the closed loops can be con- 
figured as a fractals or fractal-based shapes, e.g., as depicted 
by 302 in FIG. 3 for an exemplary embodiment of a shell 300, 
or 402 in FIG. 4. The dimensions and type of fractal shape can 
be the same for each shell type but can vary between shell 
types. This variation (e.g., scaling of the same fractal shape) 
can afford increased bandwidth for the cloaking characteris- 
tics of the system (e.g., system 100 of FIG. 1) This can lead to 
periodicity of the fractal shapes of common shell types but 
aperiodicity between the fractal shapes of different shell 
types. 

Examples of suitable fractal shapes (for use for shells and/ 
ora scatting object) can include, but are not limited to, fractal 
shapes described in one or more of the following patents, 
owned by the assignee of the present disclosure, the entire 
contents of all of which are incorporated herein by reference: 
USS. Pat. Nos. 6,452,553; 6,104,349; 6,140,975; 7,145,513; 
7,256,751; 6,127,977; 6,476,766; 7,019,695; 7,215,290; 
6,445,352; 7,126,537; 7,190,318; 6,985,122; 7,345,642; and, 
USS. Pat. No. 7,456,799. 

Other suitable fractal shape for the resonant structures can 
include any of the following: a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, a 
Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal, a contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, an 
Iypanov fractal, and a Kleinian group fractal. 

FIG. 3 depicts an exemplary embodiment of a shell 300 
(only a portion is shown) that includes repeated conductive 
traces that are configured in a fractal shape 302 (the individual 
closed traces). For the exemplary embodiment shown, each 
resonator shape 302 is about 1 cm on a side. Such resonator 
could, e.g., be used for the fractal shapes of shells B1-B3 of 
FIG. 1, in which case similar fractal shapes of larger size (e.g., 
about 1.5 cm on a side) could be used for shells A1-A4. The 
conductive trace is preferably made of copper. While exem- 
plary fractal shapes are shown in FIG. 3, the present disclo- 
sure is not limited to such and any other suitable fractal shapes 
(including generator motifs) may be used in accordance with 
the present disclosure. 

It will be appreciated that the resonant structures of the 
shells may be formed or made by any suitable techniques and 
with any suitable materials. For example, semiconductors 
with desired doping levels and dopants may be used as con- 
ductive materials. Suitable metals or metal containing com- 
pounds may be used. Suitable techniques may be used to 
place conductors on/in a shell, including, but no limited to, 
printing techniques, photolithography techniques, etching 
techniques, and the like. 

It will also be appreciated that the shells may be made of 
any suitable material(s). Printed circuit board materials may 
be used. Flexible circuit board materials are preferred. Other 
material may, however, be used for the shells and the shells 
themselves can be made of non-continuous elements, e.g., a 
frame or framework. For example, various plastics may be 
used. 
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FIG. 4 depicts a perspective view (photograph) ofan exem- 
plary embodiment of a cloak system 400 according to the 
present disclosure. As shown, the system includes a number 
of resonator shells 402 each having a close-packed arrange- 
ment of electrically conductive material (self-similar resona- 
tors 404) formed on one surface. Two different shell configu- 
rations are shown, four larger shells and two smaller shells. 
The smaller shells included close-packed arrangements of 
resonator structures in which each resonator shape (as shown 
by 302 in FIG. 3) was about 1 cm on a side. Similar fractal 
shapes of larger size (e.g., about 1.5 cm on a side) were used 
for the larger shells. 

In FIG. 4, a transmitting (source) antenna and a receiving 
antenna are shown as triangular shapes on the left and right, 
respectively (though functionally of each could of course be 
interchanged for the other). Twelve radially arrayed spacers 
are shown in FIG. 4. The system 400 is shown supported on a 
Nalgene tank and Delrin platform and Delrin supports (radial 
supports) RF absorbers were placed in the immediate vicinity 
of the set up; further RF tripods (e.g., available from ETS) 
were used; all such materials were substantially transparent at 
the RF frequencies investigated/used. The cloak system 400 
consists of six belts of fractal metamaterial (1.e., fractal-reso- 
nant structures shown in FIG. 3) on flexible Taconic EF35 
(low loss) circuit board. The belts are shown surround a 
scattering ring (object). The arrangement is supported by RF 
transparent plastics in a comb support. The entire system 400 
was shown to be easily built up and broken down within a 
minute or two. The scale in FIG. 4 is about 0.7 meters across. 
The height of each shell can of course be selected as desired 
depending on the situation/application. 

While embodiments are shown and described herein as 
having shells in the shape of concentric rings (circular cylin- 
ders), shells can take other shapes in other embodiments. For 
example, one or more shells could have a generally spherical 
shape (with minor deviations for structural support). In an 
exemplary embodiment, the shells could form a nested 
arrangement of such spherical shapes, around an object to be 
shielded (at the targeted/selected frequencies/wavelengths). 
Shell cross-sections of angular shapes, e.g., triangular, hex- 
agonal, while not preferred, may be used. 

One skilled in the art will appreciate that embodiments 
and/or portions of embodiments of the present disclosure can 
be implemented in/with computer-readable storage media 
(e.g., hardware, software, firmware, or any combinations of 
such), and can be distributed and/or practiced over one or 
more networks. Steps or operations (or portions of such) as 
described herein, including processing functions to derive, 
learn, or calculate formula and/or mathematical models uti- 
lized and/or produced by the embodiments of the present 
disclosure, can be processed by one or more suitable proces- 
sors, e.g., central processing units (“CPUs”) implementing 
suitable code/instructions in any suitable language (machine 
dependent on machine independent). 

While certain embodiments and/or aspects have been 
described herein, it will be understood by one skilled in the art 
that the methods, systems, and apparatus of the present dis- 
closure may be embodied in other specific forms without 
departing from the spirit thereof. 

For example, while certain wavelengths/frequencies of 
operation have been described, these are merely representa- 
tive and other wavelength/frequencies may be utilized or 
achieved within the scope of the present disclosure. 

Furthermore, while certain preferred fractal generator 
shapes have been described others may be used within the 
scope of the present disclosure. Accordingly, the embodi- 
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ments described herein are to be considered in all respects as 
illustrative of the present disclosure and not restrictive. 


What is claimed is: 

1. An electrical resonator system, comprising: 

a plurality of concentric electrical resonator shells, each 
shell including a substrate having first and second sur- 
faces and a close-packed arrangement of electrically 
conductive material formed on the first surface, wherein 
the closed-packed arrangement comprises a plurality of 
self-similar electrical resonator shapes and is configured 
to operate at a desired passband of electromagnetic 
radiation; 

wherein the close-packed arrangements of at least two of 
the electrical resonator shells are different in size and/or 
shape; and 

wherein a resonator in the close-packed arrangement com- 
prises a second order or higher fractal. 

2. The system of claim 1, wherein said passband is about 

2:1. 

3. The system of claim 2, wherein said passband is about 
3:1. 

4. The system of claim 1, wherein the electrical system is 
configured and arranged so that radiation incident on the 
system from a given direction has an intensity on a point-by- 
point basis such at each respective antipodal point, relative to 
an object placed at the center of the system, the radiation has 
the same or similar intensity. 

5. The system of claim 1, wherein the system is configured 
and arranged so that radiation incident on the system from a 
direction in cylindrical coordinates has the same or similar 
intensity at the antipodal point after having traversed the 
system. 
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6. The system of claim 1, wherein the plurality of shells 
comprises a first pair of shells having similar closed-packed 
arrangements for operation at a first passband, wherein the 
two shells are positioned within 4A of one another. 

7. The system of claim 6, wherein the plurality of shells 
comprises a second pair of shells having similar closed- 
packed arrangements for operation at a second frequency 
band, wherein the two shells are positioned within YsA of one 
another. 

8. The system of claim 1, wherein the plurality of shells are 
hemispherical. 

9. The system of claim 1, wherein the plurality of shells are 
cylindrical. 

10. The system of claim 1, wherein the plurality of shells 
are spherical. 

11. The system of claim 1, wherein said fractal 1s selected 
from the group consisting of a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, a 
Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal. 

12. The system of claim 1, wherein the fractal is selected 
from the group consisting of a contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, a 
Lypanov fractal, and a Kleinian group fractal. 

13. The system of claim 1, wherein the plurality of con- 
centric electrical resonator shells are configured and arranged 
for operation at K band, Ka band, or X-band. 

14. The system of claim 1, wherein the system is opera- 
tional over a bandwidth from about 500 MHz to about 1500 
MHz. 
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SYSTEM FOR CONVERTING 
ELECTROMAGNETIC RADIATION ENERGY 
TO ELECTRICAL ENERGY 


BACKGROUND OF THE INVENTION 


The invention relates generally to conversion of electro- 
magnetic radiation energy to electrical energy, and, more 
particularly, to conversion of high frequency bandwidths of 
the spectrum of a type of radiation known as zero point 
electromagnetic radiation to electrical energy. 


The existence of zero point electromagnetic radiation was 
discovered in 1958 by the Dutch physicist M. J. Sparnaay. 
Mr. Sparnaay continued the experiments carried out by 
Hendrik B. G. Casimir in 1948 which showed the existence 
of a force between two uncharged parallel plates which arose 
from electromagnetic radiation surrounding the plates in a 
vacuum. Mr. Sparnaay discovered that the forces acting on 
the plates arose from not only thermal radiation but also 
from another type of radiation now known as classical 
electromagnetic zero point radiation. Mr. Sparnaay deter- 
mined that not only did the zero point electromagnetic 
radiation exist in a vacuum but also that it persisted even at 
a temperature of absolute zero. Because it exists in a 
vacuum, zero point radiation is homogeneous and isotropic 
as well as ubiquitous. In addition, since zero point radiation 
is also invariant with respect to Lorentz transformation, the 
zero point radiation spectrum has the characteristic that the 
intensity of the radiation at any frequency is proportional to 
the cube of that frequency. Consequently, the intensity of the 
radiation increases without limit as the frequency increases 
resulting in an infinite energy density for the radiation 
spectrum. With the introduction of the zero point radiation 
into the classical electron theory, a vacuum at a temperature 
of absolute zero is no longer considered empty of all 
electromagnetic fields. Instead, the vacuum is now consid- 
ered as filled with randomly fluctuating fields having the 
zero point radiation spectrum. The special characteristics of 
the zero point radiation which are that it has a virtually 
infinite energy density and that it is ubiquitous (even present 
in outer space) make it very desirable as an energy source. 
However, because high energy densities exist at very high 
radiation frequencies and because conventional methods are 
only able to convert or extract energy effectively or eff- 
ciently only at lower frequencies at which zero point radia- 
tion has relatively low energy densities, effectively tapping 
this energy source has been believed to be unavailable using 
conventional techniques for converting electromagnetic 
energy to electrical or other forms of easily useable energy. 
Consequently, zero point electromagnetic radiation energy 
which may potentially be used to power interplanetary craft 
as well as provide for society’s other needs has remained 
unharnessed. | l 


There are many types of prior art systems which use a 
plurality of antennas to receive electromagnetic radiation 
and provide an electrical output therefrom. An example of 
such a prior art system is disclosed in U.S. Pat. No. 3,882, 
503 to Gamara. The Gamara system has two antenna struc- 
tures which work in tandem and which oscillate by means of 
a motor operatively attached thereto in order to modulate the 
radiation reflected from the antenna surfaces. The reflecting 
surfaces of the antennas are also separated by a distance 
equal to a quarter wavelength of the incident radiation. 
However, the Gamara system does not convert the incident 
radiation to electrical current for the purpose of converting 
the incident electromagnetic radiation to another form of 
readily useable energy. In addition, the relatively large size 
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of the Gamara system components make it unable to reso- 
nate at and modulate very high frequency radiation. 


What is therefore needed is a system which is capable of 
converting high frequency electromagnetic radiation energy 
into another form of energy which can be more readily used 
to provide power for transportation, heating, cooling as well 
as various other needs of society. What is also needed is such 
a system which may be used to provide energy from any 
location on earth or in space. 


SUMMARY OF THE INVENTION 


It is a principle object of the present invention to provide 
a system for converting electromagnetic radiation energy to 
electrical energy. 


It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy hav- 
ing a high frequency to electrical energy. | 


It is another object of the present invention to provide a 
system for converting zero point electromagnetic radiation 
energy to electrical energy. 


It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy to 
electrical energy which may used to provide such energy 
from any desired location on earth or in space. 


It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy to 
electrical energy having a desired waveform and voltage. 


It is an object of the present invention to provide a 
miniaturized system for converting electromagnetic radia- 
tion energy to electrical energy in order to enhance effective 
utilization of high energy densities of the electromagnetic 
radiation. 


It is an object of the present invention to provide a system 
for converting electromagnetic radiation energy to electrical 
energy which is simple in construction for cost effectiveness 
and reliability of operation. 


Essentially, the system of the present invention utilizes a 
pair of structures for receiving incident electromagnetic 
radiation which may be propagating through a vacuum or 
any other medium in which the receiving structures may be 
suitably located. The system of the present invention is 
specifically designed to convert the energy of zero point 
electromagnetic radiation; however, it may also be used to 
convert the energy of other types of electromagnetic radia- 
tion. The receiving structures are preferably composed of 
dielectric material in order to diffract and scatter the incident 
electromagnetic radiation. In addition, the receiving struc- 
tures are of a volumetric size selected to enable the struc- 
tures to resonate at a high frequency of the incident elec- 
tromagnetic radiation based on the parameters of frequency 
of the incident radiation and propagation characteristics of 
the medium and of the receiving structures. Since zero point 
radiation has the characteristic that its energy density 
increases as its frequency increases, greater amounts of 
electromagnetic energy are available at higher frequencies. 
Consequently, the size of the structures are preferably min- 
laturized in order to produce greater amounts of energy from 
a system located within a space or area of a given size. In this 
regard, the smaller the size of the receiving structures, the 
greater the amount of energy that can be produced by the 
system of the present invention. 


At resonance, electromagnetically induced material defor- 
mations of the receiving structures produce secondary fields 
of electromagnetic energy therefrom which may have eva- 


5,590,031 


3 


nescent energy densities several times that of the incident 
radiation. The structures are of different sizes so that the 
secondary fields arising therefrom are of different frequen- 
cies. The difference in volumetric size is very small so that 
interference between the two emitted radiation fields, and 
the receiving structures at the two different frequencies 
produces a beat frequency radiation which has a much lower 
frequency than the incident radiation. The beat frequency 
radiation preferably is at a frequency which is sufficiently 
low that it may be relatively easily converted to useable 
electrical energy. In contrast, the incident zero point radia- 
tion has its desirable high energy densities at frequencies 
which are so high that conventional systems for converting 
the radiation to electrical energy either cannot effectively or 
efficiently so convert the radiation energy or simply cannot 
be used to convert the radiation energy for other reasons. 


The system of the present invention also includes an 
antenna which receives the beat frequency radiation. The 
antenna may be a conventional metallic antenna such as a 
loop or dipole type of antenna or a rf cavity structure which 
partially encloses the receiving structures. The antenna feeds 
the radiation energy to an electrical conductor (in the case of 
a conventional dipole or comparable type of antenna) or to 
a waveguide (in the case of a rf cavity structure). The 
conductor or waveguide feeds the electrical current (in the 
case of the electrical conductor) or the electromagnetic 
radiation (in the case of the waveguide) to a converter which 
converts the received energy to useful electrical energy. The 
converter preferably includes a tuning circuit or comparable 
device so that it can effectively receive the beat frequency 
radiation. The converter may include a transformer to con- 
vert the energy to electrical current having a desired voltage. 
In addition, the converter may also include a rectifier to 
convert the energy to electrical current having a desired 
waveform. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a plan view of the receiving structures and 
antenna of a first embodiment of the system of the present 
invention with a schematic view of the conductor and 
converter thereof and also showing the incident primary and 
emitted secondary electromagnetic radiation. 


FIG. 2 is a front view of the receiving structures, antenna 
and waveguide of a second embodiment of the system of the 
present invention with a schematic view of the converter 
thereof and also showing the incident primary and emitted 
secondary electromagnetic radiation. 


FIG. 3 is a perspective view of the receiving structures, 
antenna and waveguide of the second embodiment shown in 
FIG. 2 with a schematic view of the converter thereof and 
also showing the incident primary and emitted secondary 
electromagnetic radiation. 


FIG. 4 is a front view of the substrate and a plurality of 
pairs of the receiving structures and a plurality of antennas 
of a third embodiment of the system of the present invention 
with a schematic view of the conductor and converter 
thereof and also showing the incident primary and emitted 
secondary electromagnetic radiation. 


FIG. 5 is a top view of some of the components of the 
third embodiment of the system of the present invention 
showing two of the plurality of pairs of receiving structures 
and two of the plurality of antennas mounted on the sub- 
strate. 


FIG. 6 is a diagram of a receiving structure of the system 
of the present invention showing an incident electromag- 
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netic plane wave impinging on the receiving structure and 
illustrating the directions of the electric and magnetic field 
vectors thereof. 


FIG. 7 is a diagram of a spherical coordinate system as 
used in the formulas utilized in the system of the present 
invention. 

FIG. 8 is a graph showing an imaginary p parameter 
plotted against a real p parameter illustrating the values 
thereof at resonance as well as values thereof at other than 
resonance. 


FIG. 9 is a graph showing a portion of the graphical 
representation shown in FIG. 8 illustrating the real and 
imaginary p values at or near a single resonance. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


Referring to the drawings, a first embodiment of the 
present invention is generally designated by the numeral 10. 
The system 10 includes a first and second means for receiv- 
ing 12 and 14 incident electromagnetic radiation 16. The 
means for receiving 12 and 14 are preferably a pair of 
spherical structures 12 and 14 which are preferably com- 
posed of a dielectric material. Alternatively, the spheres 12 
and 14 may be cubical structures or any other suitable shape. 
The spheres 12 and 14 may be mounted on a suitable 
foundation by any suitable mounting means (not shown), or 
spheres 12 and 14 may be suspended from a suitable 
foundation by any suitable suspension means (not shown). 
The spheres 12 and 14 are preferably composed of a 
dielectric material. The dielectric spheres 12 and 14 scatter 
and concentrate electromagnetic waves. At very sharpely 
defined frequencies, the spheres 12 and 14 will have reso- 
nances wherein the internal energy densities can be five 
orders of mangitude larger than the energy density of the 
incident electromagnetic field driving the spheres 12 and 14. 
At resonance, the electromagnetic stresses, equivalent to 
pressures proportional to the energy density, can cause 
material deformation of the spheres 12 and 14 which pro- 
duce a secondary electromagnetic field. The spheres 12 and 
14 are preferably positioned proximal to each other, as 


shown in FIG. 1. Although the proximity of the spheres to 


each other will adversely affect the resonances, the very high 
“Q”s of the isolated-sphere resonances results in such 
adverse affect being relatively small. However, the proxim- 
ity of the spheres 12 and 14 allows the spheres to interact 
electromechanically which increases the magnitude of the 
secondary radiation emitted therefrom. 


The electromagnetic radiation incident upon the spheres 
12 and 14 which drives the spheres to resonance is prefer- 
ably zero point radiation 16. However, other types of elec- 
tromagnetic radiation may also be used to drive the spheres 
12 and 14, if desired. 


The effect of a dielectric sphere such as 12 or 14 on an 
incident electromagnetic radiation such as a plane wave 
thereof is shown in FIG. 6. The plane wave propagates in the 
z axis direction and is diffracted by the sphere 12 resulting 
in scattering thereof. This scattering is commonly known as 
Mie scattering. The incident radiation wave has an electric 
vector component which is linearly polarized in the x axis 
direction and a magnetic vector component which is linearly 
polarized in the y axis direction. 


An electromagnetic wave incident upon a structure pro- 
duces a forced oscillation of free and bound charges in synch 
with the primary electromagnetic field of the incident elec- 
tromagnetic wave. The movements of the charges produce a 
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secondary electromagnetic field both inside and outside the 
structure. The secondary electromagnetic radiation compris- 
ing this secondary electromagnetic field is shown in FIG. 1 
and designated by the numerals 18 and 20. An antenna 
which is shown simply as a loop antenna but may also be a 
dipole or any other suitable type of antenna is also shown in 
FIG. 1 and designated by the numeral 22. The nonlinear 
mutual interactions of the spheres produces interference 
between the secondary electromagnetic radiation 18 and 20 
_ produces a beat frequency radiation 24 which is preferably 
at a much lower frequency than the primary radiation 16. It 
is this beat frequency radiation 24 which is desired for 
conversion into electrical energy because it preferably is 
within the frequency range of rf radiation which may be 
converted into electrical energy by generally conventional 
systems. Thus, the radiation 24 received by the antenna 22 
is fed via an electrical conductor 26 to a means for convert- 
ing the beat frequency radiation 24 to electrical energy. This 
means for converting is designated by the numeral 28 and 
preferably includes a tuning capacitor 30 and a transformer 
32 and a rectifier (preferably a diode) 34. Instead of includ- 
ing the capacitor 30, transformer 32 and rectifier 34, the 
converter 28 may alternatively include an rf receiver of any 
suitable type. 

The resultant field at any point is the vector sum of the 
primary and secondary fields. For the equations that follow, 
the structure receiving the incident plane wave is a sphere of 
radius a having a propagation constant k, positioned in an 
infinite, homogeneous medium having a propagation con- 
stant k,. The incident plane wave propagates in the z axis 
direction and is as shown in FIG. 6. The spherical coordinate 
system used for the vector spherical wave functions is 
shown in FIG. 7. Expansion of the incident field provides: 


E 2n+1 
E¡= E itt 3 Pa (m — in’) 
ka 2n+1 
a wt pt ¢ m? + inf 
= COU: Ene” E £ nín + 1) Meta inin ) 


where E is the electric field and H is the magnetic field; 
and 


(1) sin 


pp! 
0 


My), =+ -iy Inka RP a (cose) - blo oR) A cos di 
eln 
Mon =R intaR)P l(cos0) © 1 oh +R [kaRjn(K2R)]' x 


eln 


OP," sin 


: I : D1 cos ,. 
“G8 cos 92> Ra Re (cos0) ip is 


The electric and magnetic fields of the incident wave 
transmitted into the sphere i.e., R<a, can be similarly 
expanded: 


E, = Egea A A 


n=} n(n+1) * Oln 2 eln 


2n +1 G D in ia) 


Ej ym 
n=1 


H,= 2n +1 G (1) -ias dy, ) 


ko 
ou n(n + 1) "eln ~"Oln 

If j, (Kk,R) is replaced by h,“(k,R) in the previous equa- 
tions, the functions m® and n“ become m™ and n. The 
outgoing fields i.e., R>a, are represented by: 
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where H, represents the resultant wave in the medium 
surrounding the sphere. At resonance, the values of p at 
resonance require that the a,’ and b,' coefficients be infinite. 
In order to determine these values of a,’ and b,’, the 
boundary conditions at the sphere radius are needed. Since 
there must be continuity of the E and H values at the surface, 
the following equations are used: 


i,x(E+E,)=i,xE, and 
i,x(H,+H,)=i,xH, 

which lead to two pairs of inhomogeneous equations: 
an jnNP)=0 7 hn PP) 
124, [NP (NP)'-H1an [Phn (P) =u [pj (p))' and 
NB j NP)-tibn hy P= 5, (P) 
bn IN pj (NPY—Nb, Phn APNI pj 


where k,=Nk,, p=k,a, k,a=Np. Spherical Bessel functions 
of the first kind are denoted by j,, while those of the third 
kind are denoted by h„®. The resulting equations are: 


PP (OT — batty RIO) 
eyn(Np PAY py — woh (p)LNpin(NP)I 


and 


AI A 
p2Njn(Np) [PhD O) — whl (p)Npjn(Np)I 


At a resonance, the denominator of either a,‘ or b,' will be 
zero. Thus, p values are found using the above equations that 
correspond to a resonant combination of angular frequency 
(œ) and radius (a) for a given sphere material and given 
surrounding medium. In determining such values of p, the 
following equations are also specifically used: 
and 


Pp = ak, =a0 \ ezm 


Pı = (k,/k2)p 


where p, corresponds to the sphere material. An iterative 
method is preferably used to find the desired values of p at 
resonance. In calculating p utilizing the above equations for 
purposes of example, it was assumed that 1, =1=u4 =4xeXx 
107 and €,=€,=8.85419x107!2. 

One major root of p which was found has a value of: 


Real (p)=+66.39752607619131 
Imaginary (p)=-0.6347867071968998. 


These particular values are not shown in FIG. 8. However, 
other values of p found using the equations set forth herein 
are shown in FIG. 8. The peaks in FIG. 8 are the resonances. 
One of these resonances shown in FIG. 8 is shown in detail 
in FIG. 9. These resonance values are shown for purposes of 
example. Other resonances also exist which have not been 
determined; thus, not all possible resonance values are 
shown in FIGS. 8 and 9. 
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Calculation of these values also allows the determination 
of a possible am combination which would have these root 
values. For p, e (epsilon)=e, and u=up, and 


p=aw \ couo =amic. 


Expressed in SI units, the speed of light c=2.99792458x10'* 
m/s. If an a value of 10% m is assumed for the examples 
shown herein, then: 


w=pc/a=1.9919x10*%-1.9044x10** radians/s. 


This is an example of the angular frequency required within 
the impingent EM radiation in order to create a resonant 
situation. Examples of other resonances were indicated, and 
these are shown in FIG. 8. No complex-frequency plane 
waves exist. Therefore, the calculations were made by 
considering only the real portion of the above root and 
setting the imaginary portion equal to zero. However, upon 
doing this, the iterative calculation procedure becomes 
insensitive to any root in the vicinity of the root’s real 
portion. In the iterative calculation procedure, initially a 
range of p values is input into the equations. These p values 
are in the neighborhood of the prospective root. A range of 
p values is subsequently studied to find any imaginary p 1.e., 
fp (a function of p), peaks in that range. Next, once a peak 
has been chosen, the function order n giving the dominant fp 
1s determined. This also gives a clue as to whether the peak 
is due to a magnetic resonance (a,, approaches infinity) or an 
electrical resonance (b,, approaches infinity). A large number 
of Newton-Raphson iterations is preferably performed in 
order to converge upon a root p value. 

FIGS. 2 and 3 show a second embodiment of the present 
invention generally designated by the numeral 110. Embodi- 
ment 110 is essentially the same as embodiment 10 except 
that the antenna is a rf cavity structure 122 which feeds the 
received beat frequency radiation 124 to a waveguide 126. 
Embodiment 110 also preferably includes two spheres 112 
and 114 which receive the primary incident electromagnetic 
radiation 116 and emit the secondary electromagnetic radia- 
tion 118 and 120. As with the spheres 18 and 20 of 
embodiment 10, spheres 118 and 120 are preferably com- 
posed of a dielectric material. Embodiment 110 also 
includes converter 128, capacitor 130, transformer 132 and 
rectifier 134 which are essentially identical to the corre- 
spondingly numbered elements of embodiment 10. There- 
fore, a description of these components of embodiment 110 
will not be repeated in order to promote brevity. In addition, 
the same equations and method of calculation set forth 
above with regard to embodiment 10 also apply to embodi- 
ment. Therefore, their description will not be repeated in 
order to promote brevity. 

FIGS. 4 and 5 show a third embodiment of the present 
invention generally designated by numeral 210. Embodi- 
ment 210 is essentially identical to the first embodiment 10 
except that the embodiment 210 includes a plurality of pairs 
215 of receiving means (spheres) 212 and 214 mounted on 
a substrate 236. The spheres 212 and 214 are thus in the form 
of an array 238. The pairs 215 of the array 238 are preferably 
positioned proximal to each other in order to maximize the 
amount of energy extracted from a particular area or space 
of a given size. Since, as set forth hereinabove, the energy 
density of the zero point radiation increases as the frequency 
of the radiation increases, it is desirable that the spheres 
resonate at as high a bandwidth of frequencies as possible. 
Because the spheres 212 and 214 must be small in direct 
proportion to the wavelength of the high frequencies of the 
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incident electromagnetic radiation 216 at which resonance is 
desirably obtained, the spheres 212 and 214 are preferably 
microscopic in size. Current lithographic techniques are 
capable of manufacturing such microscopically small 
spheres mounted on a suitable substrate thereby providing a 
suitably miniaturized system 210. A miniaturized system 
enhances the energy output capability of the system by 
enabling it to resonate at higher frequencies at which there 
are correspondingly higher energy densities. Consequently, 
utilization of array 238 in the system 210 enhances the 
maximum amount of electrical energy provided by the 
system 210. 

Lithographic techniques may be more amenable to manu- 
facturing microscopically small receiving structures 212 and 
214 which may be disc shaped, semispherical or have 
another shape other than as shown in FIGS. 4 and 5. 
Consequently, the receiving means 212 and 214 may accord- 
ingly have such alternative shapes rather than the spherical 
shape shown in FIGS. 4 and 5. In addition, a large number 
of small spheres may be manufactured by bulk chemical 
reactions. Packing a volume with such spheres in close 
proximity could enhance the output of energy. 

Embodiment 210 also includes a plurality of antennas 222 
positioned preferably between the spheres 212 and 214 
which receive the beat frequency radiation 224 produced by 
the interference between the secondary radiation 218 and 
220. The antennas 222 are shown as loop antennas 222 but 
may be any other suitable type of antennas as well. 

Embodiment 210 has a plurality of electrical conductors 
226 which preferably include traces mounted on the sub- 
strate 236 which occupies a finite volume. The electrical 
conductors 226 feed the electrical output from the antennas 
222 to a suitable converter 228 which preferably includes 
tuning capacitor 230, transformer 232 and rectifier 234, as 
with embodiments 10 and 110. Except as set forth above, the 
components of embodiment 210 are identical to embodiment 
10 so the detailed description of these components will not 
be repeated in order to promote brevity. In addition, the same 
equations and method of calculation set forth above for 
embodiment 10 also apply to embodiment 210. Therefore, 
the description of these equations and method of calculation 
will not be repeated in order to promote brevity. 

Accordingly, there has been provided, in accordance with 
the invention, a system which converts high frequency zero 
point electromagnetic radiation into electrical energy effec- 
tively and efficiently and thus fully satisfies the objectives 
set forth above. It is to be understood that all terms used 
herein are descriptive rather than limiting. Although the 
invention has been specifically described with regard to the 
specific embodiments set forth herein, many alternative 
embodiments, modifications and variations will be apparent 
to those skilled in the art in light of the disclosure set forth 
herein. Accordingly, it is intended to include all such alter- 
natives, embodiments, modifications and variations that fall 
within the spirit and scope of the invention as set forth in the 
claims hereinbelow. 

What is claimed is: 

1. Asystem for converting incident electromagnetic radia- 
tion energy to electrical energy, comprising: 


a first means for receiving incident primary electromag- 
netic radiation, said means for receiving producing 
emitted secondary electromagnetic radiation at a first 
frequency, said first means for receiving having a first 
volumetric size selected to resonate at a frequency 
within the frequency spectrum of the incident primary 
electromagnetic radiation in order to produce the sec- 
ondary electromagnetic radiation at the first frequency 
at an enhanced energy density; 
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a second means for receiving the incident primary elec- 
tromagnetic radiation, said means for receiving pro- 
ducing emitted secondary electromagnetic radiation at 
a second frequency, the secondary radiation at the first 
frequency and the secondary radiation at the second 
frequency interfering to produce secondary radiation at 
a lower frequency than that of the incident primary 
radiation, said second means for receiving having a 
second volumetric size selected to resonate at a fre- 
quency within the frequency spectrum of the incident 
primary electromagnetic radiation in order to produce 
the emitted secondary electromagnetic radiation at the 
second frequency at an enhanced energy density; 


an antenna for receiving the emitted secondary electro- 
magnetic radiation at the lower frequency, said antenna 
providing an electrical output responsive to the sec- 
ondary electromagnetic radiation received; 


a converter electrically connected to said antenna for 
receiving electrical current output from said antenna 
and converting the electrical current output to electrical 
current having a desired voltage and waveform. 

2. The system of claim 1 wherein: 


said first means for receiving is composed of a dielectric 
material; and 


said second means for receiving is composed of a dielec- 
tric material. 
3. The system of claim 1 wherein: 


said first means for receiving is spherical; and 


said second means for receiving is spherical. 

4. A system for for converting incident zero point elec- 
tromagnetic radiation energy to electrical energy, compris- 
ing: 

a first means for receiving incident primary zero point 
electromagnetic radiation, said means for receiving 
producing emitted secondary electromagnetic radiation 
at a first frequency; 


a second means for receiving the incident primary zero 
point electromagnetic radiation, said means for receiv- 
ing producing emitted secondary electromagnetic 
radiation at a second frequency, the secondary radiation 
at the first frequency and the secondary radiation at the 
second frequency interfering to produce secondary 
radiation at a beat frequency which is lower than that of 
the incident primary radiation; 

an antenna for receiving the emitted secondary electro- 
magnetic radiation at the lower frequency, said antenna 
providing an electrical output responsive to the sec- 
ondary electromagnetic radiation received; 


means for transmitting the emitted secondary electromag- 
netic radiation at the beat frequency from said antenna, 
said means for transmitting connected to said antenna; 


a converter connected to said means for transmitting for 
receiving the emitted secondary electromagnetic radia- 
tion at the beat frequency from said antenna and 
converting the same to electrical current having a 
desired voltage and waveform. 

5. The system of claim 4 wherein: 


said first means for receiving has a first volumetric 
spherical size selected to resonate in response to the 
incident primary electromagnetic radiation in order to 
produce the secondary electromagnetic radiation at the 
first frequency at an enhanced energy density; and 

said second means for receiving has a second volumetric 
spherical size selected to resonate in response to the 
incident primary electromagnetic radiation in order to 
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produce the emitted secondary electromagnetic radia- 
tion at the second frequency at an enhanced energy 
density, said first and second volumetric sizes selected 
based on parameters of propagation constant of said 
first and second means for receiving, propagation con- 
stant of medium in which said first and second means 
for receiving are located and frequency of the incident 
primary electromagnetic radiation. 

6. The system of claim 5 wherein the first and second 

volumetric sizes are selected by utilizing the formulas: 


tp A CP) — a PIPP) 
ar =  _———__Q—_—_ 
e (NpMpRPO)Y — DON (NP) 


A NAO) 
NSNAP] — wh (P)LNpja(NP)|' 


p=ao eqn 


wherein at a resonance, the denominator of either equation 
for a,‘ or b,' will be approximately zero and wherein 
k,=propagation constant of the means for receiving, 
k,=propagation constant of medium through which the 
incident electromagnetic radiation propagates, a is the radius 
of either means for receiving, N=k,/k,, p=k,a, k,a=Np, 
a, =magnitude of oscillations of the electric field of the nth 
order, b, =magnitude of oscillations of the magnetic field of 
the nth order, @=angular frequency of the incident electro- 
magnetic radiation, € is the permittivity of the material or 
medium and pis the permeability of the material or medium. 

7. The system of claim 6 wherein the radius of the first 
means for receiving is different from the radius of the second 
means for receiving, difference between the radius of said 
first means for receiving and the radius of said second means 
for receiving selected so that the beat frequency resulting 
from the difference is a frequency which facilitates conver- 
sion of the beat frequency electromagnetic radiation to 
electrical energy. 

8. The system of claim 4 wherein: 


said first means for receiving is composed of a dielectric 
material; and 


said second means for receiving is composed of a dielec- 
tric material. 
9. The system of claim 4 wherein: 


said first means for receiving is spherical; and 


said second means for receiving is spherical. 

10. The system of claim 4 wherein said antenna is 
positioned generally between said first and second means for 
receiving. 

11. The system of claim 4 wherein said antenna is a loop 
antenna. 

12. The system of claim 4 wherein said antenna is a 
generally concave shell partially enclosing said first and 
second means for receiving. 

13. The system of claim 4 wherein said means for 
transmitting is a waveguide. 

14. A system for for converting incident zero point 
electromagnetic radiation energy to electrical energy, com- 
prising: 

a substrate; 

a plurality of pairs of first means for receiving incident 
primary zero point electromagnetic radiation and sec- 
ond means for receiving incident primary zero point 
electromagnetic radiation, said plurality of pairs of 
means for receiving mounted on said substrate, said 
first means for receiving producing emitted secondary 


5,590,031 


11 


electromagnetic radiation at a first frequency, said 
second means for receiving the incident primary zero 
point electromagnetic radiation producing emitted sec- 
ondary electromagnetic radiation at a second fre- 
quency, the secondary radiation at the first frequency 
and the secondary radiation at the second frequency 
interfering to produce secondary radiation at a beat 
frequency which is lower than that of the incident 
primary radiation, said first means for receiving having 
a first volumetric size selected to resonate in response 
to the incident primary electromagnetic radiation in 
order to produce the secondary electromagnetic radia- 
tion at the first frequency at an enhanced energy den- 
sity, and said second means for receiving having a 
second volumetric size selected to resonate in response 
to the incident primary electromagnetic radiation in 
order to produce the emitted secondary electromagnetic 
radiation at the second frequency at an enhanced 
energy density, said first and second volumetric sizes 
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selected based on parameters of propagation constant 20 


of said first and second means for receiving, propaga- 
tion constant of medium in which said first and second 
means for receiving are located and frequency of the 


12 


incident primary electromagnetic radiation, said first 
and second volumetric sizes being different from each 
other; 


a plurality of antennas for receiving the emitted secondary 


electromagnetic radiation at the lower frequency, said 
antenna providing an output responsive to the second- 
ary electromagnetic radiation received, said plurality of 
antennas mounted on said substrate, each of said plu- 
rality of antennas receiving the emitted secondary 
electromagnetic radiation of one of said pairs of first 


and second means for receiving; 
means for transmitting the emitted secondary electromag- 


netic radiation at the beat frequency from said antenna, 
said means for transmitting connected to said plurality 
of antennas; 


a converter connected to said means for transmitting for 


receiving the emitted secondary electromagnetic radia- 
tion at the beat frequency from said antenna and 
converting the same to electrical current having a 
desired voltage and waveform. 
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ANTENNA ON A WIRELESS UNTETHERED 
DEVICE SUCH AS A CHIP OR PRINTED 
CIRCUIT BOARD FOR HARVESTING 
ENERGY FROM SPACE 


CROSS-REFERENCE 


This application claims the benefit of U.S. Provisional 
Application Ser. No. 60/475,151 entitled “ANTENNAON A 
WIRELESS UNTETHERED DEVICE SUCH AS A CHIP 
OR PRINTED CIRCUIT BOARD FOR HARVESTING 
ENERGY FROM SPACE” filed Jun. 2, 2003. 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

A device is disclosed comprising a semiconductor inte- 
grated circuit (IC) chip having disposed on it antenna and the 
circuitry for the IC chip, wherein antenna and the circuitry 
of the IC chip are integrated so as to provide the IC chip with 
an improved antenna effective area. The design of the 
antenna placement on the chip is independent of the location 
of the antenna on the chip. As a result, antenna-on-a-chips of 
this invention are simpler to design and manufacture than 
the designs disclosed in the prior art. With increasing 
dependence on local and wide area wireless networks, 
particularly those with low power (range) requirements and 
local sensing or object identification, there is a need to have 
an antenna structure integrated onto single semiconductor 
devices. One important lack has been an on-chip antenna 
structure that overcomes simple deficiencies of size. 

The length and material of antennas normally determine 
the frequency and intensity of signals that may be received 
or sent from the antenna. However with smaller and smaller 
local area wireless networks being contemplated, the con- 
cept of a room sized network area or building area with 
antennas mounted in walls and ceilings (whether indepen- 
dent separate antennas or multi-use antennas, such as using 
electrical wiring or telephone wiring as an antenna struc- 
ture), the feasibility of using very low power antenna 
structures to transfer information from a local network to a 
wireless IC device or system containing such wireless IC 
device becomes practicable. 

2. Description of the Prior Art 

It has been known to provide antennae and circuitry at 
specific locations on chips. U.S. Pat. Nos. 4,857,893 and 
4,724,427 disclose the use of planar antennas that are 
included in circuitry of a transponder on a chip. As disclosed 
therein, the antenna coil is etched around the periphery of 
the chip substrate. In the center of the antenna coil are found 
a custom logic circuit, a programmable memory array, and 
memory control logic. The planar antenna of the transponder 
was said to employ a magnetic film inductor on the chip in 
order to allow for a reduction in the number of turns and 
thereby simplify fabrication of the inductors. It disclosed an 
antenna having a multi-turned spiral coil and having a 1 
cmx] cm outer diameter. When a high frequency current 
was passed in the coil, the magnetic films were said to be 
driven in a hard direction, and the two magnetic films around 
each conductor served as a magnetic core enclosing a one 
turn coil. The magnetic films were said to increase the 
inductance of the coil, in addition to its free-space induc- 
tance. 

One of the problems with the approach as taught in U.S. 
Pat. Nos. 4,857,893 and 4,724,427 is the need to fabricate 
small, air core inductors of sufficiently high inductance and 
Q for integrated circuit applications. The small air core 
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inductors were said to be made by depositing a permalloy 
magnetic film or other suitable material having a large 
magnetic permeability and electric insulating properties in 
order to increase the inductance L of the coil. Such an 
approach increases the complexity and cost of the antenna 
on a chip and also limits the ability to reduce the size of the 
antenna because of the need for the magnetic film layers 
between the antenna coils. 

Another problem with the approach as taught in U.S. Pat. 
Nos. 4,857,893 and 4,724,427 is the attendant integrating of 
an antenna on an integrated circuit (IC) chip. In the case of 
an antenna disposed about the periphery of the chip, as 
described by the patents discussed hereinabove, the location 
of the antenna interferes with conventional bond pad layout 
about the periphery of the chip. Also, the electromagnetic 
fields within the central area of an antenna laid out about the 
periphery of a chip can interfere with the operation of 
circuits located within the antenna. 

U.S. Pat. Nos. 6,373,447 discloses the use of one or more 
antennas that are formed on an integrated circuit chip 
connected to other circuitry on the chip. The antenna con- 
figurations include loop, multi-turned loop, square spiral, 
long wired and dipole. The antenna could have two or more 
segments which could selectively be connected to one 
another to alter effective length of the antenna. Also, the two 
antennas are said to be capable of being formed in two 
different metallization layers separated by an insulating 
layer. 

U.S. Pat. No. 6,373,447 attempts to overcome the prob- 
lems of U.S. Pat. Nos. 4,857,893 and 4,724,427 by having 
the antenna formed on other than a peripheral area of an 
integrated circuit (IC) chip. U.S. Pat. No. 6,373,447 
describes devices comprising an integrated circuit (IC) chip 
having a surface wherein the surface is divided into a 
peripheral area and a central area. The central area com- 
prises a first portion and a second portion wherein the 
circuitry of the IC chip is disposed within the first portion of 
the central area; and an antenna disposed within the second 
portion of the central area. This patent teaches that one or 
more antennas can be formed on an integrated circuit chip 
connected to other circuitry on the chip. The antenna con- 
figurations include loop, multi-turned loop, square spiral, 
long wired and dipole. The antenna could have two or more 
segments which could selectively be connected to one 
another to alter the effective length of the antenna. 

U.S. Pat. No. 6,373,447 attempts to avoid the problems of 
the antenna interfering with the conventional bond pad 
layout about the periphery of the chip by placing the antenna 
in the central area of the chip. However, in all cases 
disclosed by the inventor the antenna is located in one 
portion of the central area, and IC circuitry 1s disposed on the 
other portion of the central area. The inventors do state in the 
body of the patent that the antennas can also be located on 
“one or two or three (but not four) edges of the chip, so long 
as there are no bond pads in that area”. 

A problem with the prior art as discussed above is that 
disposition of the antenna on the chip is limited to specific 
different parts of the chip. In the case of U.S. Pat. Nos. 
4,857,893 and 4,724,427 the antenna is on the periphery of 
the chip and in the case of U.S. Pat. No. 6,373,447 the 
antenna is in the central area of the chip. 

A further problem with the antenna on chip designs as 
disclosed by prior art is that the antenna and IC circuitry are 
disposed as discrete components in separate portions of the 
chip to minimize the interaction of the antenna and the 
circuitry of the IC chip. In the case of U S. Pat. No. 
6,373,447, the antenna is one portion of the central area and 
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the IC circuitry 1s the other portion of the central area. This 
again limits the design of placing an antenna on a IC chip. 
Furthermore, it makes for devices that are not truly inte- 
grated. 


SUMMARY OF THE INVENTION 


The present invention provides an integrated circuit chip 
which has at least one integrated and preferably integrally 
formed antenna with circuitry operatively associated with 
the antenna for receipt of energy harvested by the antenna 
from space. In another embodiment, a printed circuit board 
or other wireless untethered device is employed. The 
antenna has an effective area greater than its physical area. 
A system which receives power from the circuitry generally 
at DC power resulting from rectification by the circuitry of 
the energy harvested may also be provided on the chip. 

The antenna and circuitry may be positioned at any 
location on the chip without adversely effecting perfor- 
mance. 

The antenna may be a spiral antenna such as a square 
spiral antenna, with the thickness and width of the conduc- 
tive portion being adjusted to maximize performance. 
Impedance may be adjusted to provide for an enhanced 
effective antenna area. 

It is an object of the present invention to provide an 
integrated antenna on a chip or printed circuit board with 
associating circuitry to facilitate efficient receipt of energy 
from space by the antenna and conversion of the same by the 
circuitry to DC power. 

It is a further object of the invention to provide such a 
semiconductor integrated chip or printed circuit board which 
will deliver DC power from the circuitry to an electronic 
system. 

It is another object of the present invention to provide 
such a system which does not require the use of a power 
storage element or hard wiring. 

These and other objects of the invention will be made 
fully understood from the following description on reference 
to the appended drawings. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 illustrates a circuit which is an operational device 
but has no battery or wires for powering. 

FIG. 2 illustrates a circuit of the type shown in FIG. 1 with 
an associated display to measure the energy harvested. 

FIG. 3a shows a chip having an on-chip antenna for 
harvesting data and an on-chip on chip antenna for trans- 
mitting data. 

FIG. 36 is a photograph of the chip represented in FIG. 3a. 

FIGS. 4a and 4b show, respectively, (1) a plot of experi- 
mental results and (11) a circuit and related power measuring 
device along with a plot of variations in result due to use of 
a conductive ground plane. 

FIGS. 5a and 5b show, respectively, a plot and measure- 
ment in a representation of the circuit and power represen- 
tation of ground plane influence. 

FIGS. 6a—6d show 4 square antenna profiles on a printed 
circuit board. 

FIG. 7 is a plot of distance versus voltage for the four 
antennas shown in FIG. 6. 

FIG. 8 is a plot of voltage harvested at load for a 
harvesting distance of 50 cm. 

FIGS. 9a—9e show five antennas with four being spiral 
and one being a square patch. 
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FIG. 10 is a plot of voltage versus distance for the 
antennae of FIGS. 9a—9e. 

FIG. 11 is a representation of impedances for various 
parameters. 

FIGS. 12a-12c illustrate three variations in trace width 
for an antenna with plots of voltage versus distance. 

FIGS. 13a—136 illustrate data for antennas of two differ- 
ent materials and three different thicknesses. 

FIGS. 14a-14b show plots of voltage versus distance for 
the antennas of FIGS. 13a—13b. 

FIGS. 15a-15b show plots of voltage versus distance for 
different lengths. 

FIGS. 16a—166 illustrate two different feed arrangements 
for antennas. 

FIG. 17 is a plot of voltage versus distance for the two 
feed lines of FIGS. 16a—16b. 

FIGS. 18a-180 illustrate several antennas with respect to 
ground plane variations. 

FIG. 19 illustrates a plot of distance versus voltage for 
some of the antennas of FIGS. 18a-186. 

FIG. 20 illustrates a circuit in terms of impedance match- 
ing elements. 

FIG. 21 illustrates the circuit of FIG. 20 with impedance 
related markings. 

FIGS. 22 and 23 illustrate, respectively, experimental and 
simulated impedance matching plots. 

FIGS. 24a-24b illustrate, respectively, plots of PCB data 
points and a projection of the same to about 25 mm. 

FIG. 25 shows plots of voltage versus distance for PCB 
and CMOS traces. 

FIGS. 26a—26b show, respectively, plots of original data 
for copper and extrapolation of the same in respect of 
thickness. 

FIG. 27 illustrates six antenna orientations. 

FIG. 28 is a plot of voltage versus distance for the 
orientations of FIG. 27. 

FIG. 29 shows trend lines for the six plots of voltage 
versus distance as related to FIG. 27. 

FIG. 30 shows the negative slope and y intercept of the 
trend lines. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENTS 


As employed herein, the tern “in space” means that 
energy or signals are being transmitted through the air or 
similar medium regardless of whether the transmission is 
within or partially within an enclosure, as contrasted with 
transmission of electrical energy by a hard wired or printed 
circuit boards. 

As employed herein the term “wireless untethered device” 
means a device which is remotely powered by RF energy 
and shall include, but not be limited to, IC chips, printed 
circuit boards and other suitable substrates having discrete 
or integrated circuit components. 

What 1s further needed is an antenna on a chip wherein the 
antenna is not a discrete component to the IC circuit. In that 
respect there are two issues; (1) the interference of the 
received RF energy on the proximate IC circuitry, and (2) the 
interference of the proximate IC circuitry on the RF energy. 
While the first issue is important to any functional IC, the 
separation of the energy harvesting function from the pay- 
load IC electronic circuitry, U.S. Pat. No. 6,289,237, dis- 
closes isolating the negative effect of the RF from the 
payload electronics with respect to RF signals as opposed to 
RF energy. Our experiments have shown that while the 
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payload electronics are in the proximate area of the energy 
harvesting antenna and associated circuitry, the payload will 
still function satisfactorily. 

The second issue is in fact a benefit to the energy 
harvesting antenna and adds to the effective area of such an 
antenna(s). The functional devices for the experiments of the 
previous paragraph are pictured in FIGS. 1 and 2. In both 
cases, the proximate circuitry has been demonstrated to 
operate satisfactorily in an applied RF energy field while 
simultaneously enhancing the harvested energy through 
providing additional area to the effective area to the antenna. 
The ability to obtain a tractable closed form mathematical 
formula to describe the indicated situation is extremely 
difficult at best due to the multitude of effects and interac- 
tions by the interconnection circuitry and the proximate 
components themselves. 

FIG. 1 illustrates an operational device with all discrete 
components and conducting traces in place with no battery 
or wires for powering. The energy is supplied by beaming 
radio frequency (RF) energy to the device, rectifying the RF 
and converting it to direct current (DC), and powering 
electronics to read a temperature sensor and transmit the 
result to a receiver. The device requires five milliwatts of 
power to function. This device is functional as illustrated. 

FIG. 2 is a device to measure power where the energy 
harvesting circuitry is the same as the device in FIG. 1, but 
with five sets of light emitting diodes (LED’s) connected in 
parallel to measure voltage without the need to connect 
wires to the device energy harvesting circuitry. Relative 
power can also be estimated by observing the brightness of 
the LED’s. The conductors to interconnect the payload 
components of FIG. 1 are included in FIG. 2 while the 
proximate electronic components themselves have been 
removed. 

FIG. 3 shows a single chip RFID design using an on-chip 
antenna for energy harvesting and an on-chip antenna for 
transmitting data. FIG. 3.a. 1s the “flatten” picture of the 
layout from the Computer Aided Design (CAD) tool, and 
FIG. 3.6. is a photograph of the actual fabricated chip (die). 

There is an uncertainty in any in situ energy or power 
measurements due to the measuring circuitry interfering 
with the device under test. FIGS. 4a—4b include the power 
measuring device of FIG. 2 along with a graph showing the 
number of LED’s lighted when the space between the energy 
source and the device is interrupted by a conducting plane 
inserted perpendicular to a line drawn between the source 
patch antenna and the device, both of which are parallel. The 
top of the device was 19.0 cm above the laboratory table top. 
Conducting planes of 11 cm, 14.7 cm, 16.0 cm, 17.25 cm 
and 19.0 cm were placed between the antenna and the 
device. This resulted in lighted LED’s numbering 5 (no 
conducting plane), 4, 4, 3, 2, and O respectively for the 
conducting planes. FIG. 5 is the same set-up as FIG. 4, 
where the conducting planes were inserted in the order 17.25 
to 19.0 cm, 16.0 to 19.0 em, 14.7 to 10.0 cm, 11.0 to 19.0 
cm, and 0.0 to 19 cm. In FIGS. 5a-5b, the LED”s that were 
lighted were 5, 5, 5, 5, 4, and 0. 

In the first embodiment of this invention, a device is 
disclosed comprising an integrated circuit (IC) chip having 
disposed on it antenna and the circuitry for the IC chip. The 
antenna or antennas and the circuitry of the IC chip are 
integrated so as to provide the IC chip with an improved 
antenna effective area. 

In other embodiments, a wireless untethered device such 
as a printed circuit board may be provided with the desired 
antenna and circuitry. 


20 


25 


35 


40 


45 


50 


55 


60 


65 


6 


“Effective area” of the antenna refers to the functional 
area of an antenna as compared with the physical area. A 
tuned antenna may have an effective area that is larger than 
its geometric area. The phenomenon was disclosed by 
Reinhold Rudenberg in 1908 [Rudenberg, Reinhold, “Der 
Empfang Elektrischer Wellen in der Drahtlosen Telegra- 
phie” (“The Receipt of Electric Waves in the Wireless 
Telegraphy”) Annalen der Physik IV, 25, 1908, p. 446-466. ] 
and the description of the phenomena has been expanded 
upon over the years by many other writers. 

U.S. Pat. No. 5,296,866 states that “Rudenberg teaches 
that the antenna interacts with the incoming field, which may 
be approximately a plane wave, causing a current to flow in 
the antenna by induction. The [antenna] current, in turn, 
produces a field in the vicinity of the antenna, which field, 
in turn, interacts with the incoming field in such a way that 
the incoming field lines are bent. The field lines are bent in 
such a way that the energy is caused to flow from a relatively 
large portion of the incoming wave front, having the effect 
of absorbing energy from the wave front into the antenna 
from a wave front which is much larger than the geometrical 
area of the antenna.” 

While the concept of effective area may be known, 
implementing it in antenna design and construction is not 
easy or obvious. U.S. Pat. No. 5,296,866 teaches making 
active antennas that had effective areas greater than the 
geometric areas through use of special circuitry. The anten- 
nas detailed in this disclosure were non-planar coil antennas. 

Co-pending U.S. patent application Ser. No. 09/951,031, 
the disclosure of which is expressly incorporated herein by 
reference, discloses an antenna on a chip having an effective 
area 300-400 times greater than its physical area. The 
effective area is enlarged through the use of an LC tank 
circuit formed through the distributed inductance and 
capacitance of a spiral conductor. This is accomplished 
through the use on the antenna of inter-electrode capacitance 
and inductance to form the LC tank circuit. This, without 
requiring the addition of discrete circuitry, provides the 
antenna with an effective area greater than its physical area. 
It also eliminates the need to employ magnetic film. As a 
result, the production of the antenna on an integrated circuit 
chip is facilitated, as is the design of ultra-small antennas on 
such chips. See also U.S. Pat. No. 6,289,237, the disclosure 
of which is expressly incorporated herein by reference. 

The invention of this disclosure integrates the antenna and 
the circuitry of a wireless untethered device such as an 
integrated circuit (IC) chip or printed circuit board (PCB) to 
achieve an effective area that is greater than what would be 
expected from the antenna disposed on the chip alone. By 
“integrate” or “integration” it is meant that the antenna is 
disposed on the chip using the circuitry of the IC chip or 
PCB as part of the antenna function specifically the energy 
harvesting effective area. Integrating the antenna and proxi- 
mate circuitry of the IC chip or PCB simplifies the design of 
the chip because placing the discrete antenna and proximate 
IC chip or PCB circuit components in discrete areas of the 
chip is no longer necessary. 

In general, a preferred approach is to have the antenna 
designed as an integral element which is connected to the 
circuitry with proper impedance matching. If desired, the 
circuitry can be designed and then the antenna can be 
designed for maximum performance efficiency in the pres- 
ence of the circuitry with particular emphasis of use in small, 
wireless untethered devices. 

One advantage of integrating the antenna and the proxi- 
mate circuitry of the IC chip or PCB is that the physical size 
of the antenna component is no longer the sole driving force 
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in obtaining greater effective area. Using the embodiment of 
this invention, the effective area of the antenna is a combi- 
nation of the physical size of the antenna and proximate IC 
circuitry on the IC chip or PCB. In essence, the antenna on 
the IC chip or PCB for all practical purposes is the whole IC 
chip or PCB and not a specific portion of IC chip or PCB that 
has the physical antenna disposed on it. It will be appreci- 
ated that in the IC chip, PCB or other embodiments the 
effective area of an antenna may be greater than the physical 
area of the IC chip, the PCB or other substrate. In fact, 
isolating the physical antenna into separate portions of the 
IC chip or PCB (.e., peripheral or a distinct area of the 
central portion) can be detrimental to making IC chips or 
PCBs with effective areas greater than the effective area 
from the isolated physical antenna. 

The design of an antenna on chip or PCB involves a 
number of sets of information; (1) frequency of operation 
(center frequency), (2) bandwidth at the half power points, 
(3) Q—ratio of peak performance to that of the half power 
points, (4) the electrical and magnetic properties along with 
thickness of each process layer—typically termed the tech- 
nology files. 

Given the appropriate design information, an architecture, 
e.g., whip, dipole, square spiral, round spiral, etc. is selected. 
Next, a range of parameters such as conductor length equal 
to wavelength (center frequency) divided by 4, resonance of 
the antenna at the center frequency, etc. 

Using the resonance strategy, the antenna parameters and 
configuration are then adjusted to achieve resonance using 
the parasitic and inter-electrode inductance and capacitance 
including the electronic and magnetic properties as given in 
the technology files. 

The resonance is normally checked through computer 
aided design software including simulation. 

FIGS. 4a and 46 illustrate the test apparatus including; 
(A) two spiral energy harvesting antennas with circuitry for 
rectification and voltage “doubling” (charge pumps), (B) 
interconnection circuitry, and (C) the power, voltage mea- 
surement circuitry (power meter). 

The measurement of power and/or voltage on a remote 
autonomous device is complicated by the inability to con- 
nect non-interfering wires to the device, and the fact that as 
the size of the device decreases, there is an inherent uncer- 
tainty concerning the effect/contribution of the measurement 
circuitry itself on the measurement. The effective area 
measurements in the Co-pending U.S. patent application 
Ser. No. 09/951,031, involved connecting wires in order to 
effect the power measurements. 

A series of experiments were run with the device of FIG. 
4b in the field of an RF source antenna at 915 MHz. In these 
experiments, a flat conducting surface (plane) was placed 
between the source antenna providing the RF energy and the 
device under test at an approximate distance of 0.25 inches 
from the device. Five conducting planes were used where 
the planes shielded areas of the device at the 5 heights shown 
in FIGS. 4a and 46. 

The height of 19.0 cm represents the height of the top of 
the device above the laboratory bench. The 5 heights of the 
conducting plane in the 5 experimental positions were 19.0 
cm, 17.25 cm, 16.0 cm, 14.7 cm and 11.0 cm respectively. 
The points on the graph above the device in FIG. 4a, 
represents the number of LEDs lighted on the power meter 
section (C) of the device. The number of LEDs lighted is 
proportional to the voltage across the LEDs and represents 
a lower bound on the voltage dropped across the 1 K ohm 
resistor that can be seen in area (B2) of FIG. 46. 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


8 


As can be noted from the FIG. 4a graph, while exposing 
the strict antenna area (A1) to the RF field does in fact 
harvest sufficient energy to light 2 LEDs, exposing addi- 
tional device area facilitates additional energy harvesting, 
including the power meter area (C). 

It is noted that for the proximate electronics in (B2) and 
(C), the function of the circuitry is strictly DC including the 
DC bus noted in area (B1). 

A functioning power meter (C) when totally removed 
from the device parts identified as (A) and (B) shows no 
lighted LEDs. Thus, as an energy harvesting device, the 
power meter by itself will not harvest sufficient energy to 
light a single LED. However, when connected to the device, 
the area and circuitry contribute to the energy harvesting by 
an amount of 74.9 milliwatts in terms of measured power 
and sufficient voltage to light an LED. 

In FIGS. 4a and 4b, the conducting planes were intro- 
duced in the sequence 19.0 cm, 17.25 cm, 16.0 cm 14.7 cm 
and 11.0 cm. The results of a similar experiment with the 
sequence of conducting planes were introduced in the 
sequence 17.25 to 19.0 cm, 16.0 to 19.0 cm, 14.7 to 19.0 cm 
11.0 to 19.0 cm and 0 to 19.0 cm, respectively. 

While no mathematical model is proposed for the results 
of FIGS. 4 and 5, it is obvious that the proximate intercon- 
nections (B) and circuitry (A2) contribute to the total 
amount of energy harvested by increasing the effective area 
of the harvesting antennas. 

It is clear that more than one factor contributes to the 
effectiveness of the antenna/device combination in harvest- 
ing energy. We have chosen to note the effective area do to 
the results of Rudenberg as Rudenberg effective area, and 
the remainder of the effective area due to components and 
interconnections as proximate effective area. 

The present invention is concerned with the design and 
analysis of small antennas for the purpose of harvesting 
energy on a printed circuit board (PCB) or a complementary 
metal oxide semiconductor (CMOS) die in order to provide 
power to on board circuitry without the need for batteries or 
external connections as a source of power. 

Earlier design of such devices has led to the desire to use 
a square spiral coil as the profile for the antenna. Thus, this 
disclosure will be mostly concerned with the square spiral 
antenna although a patch design will be included from time 
to time. 

Given the square spiral profile, there are still many 
parameters of the design that must be considered and 
chosen. This disclosure is concerned with a series of experi- 
ments that were run in an effort to evaluate these alternatives 
using PCB implementations. However, the ultimate goal is 
to implement the square spiral on a CMOS die thus opening 
up the question of what differences in performance can be 
expected with the CMOS implementation. 

The approach to the analysis 1s strictly empirical although 
a few references may be made to classical approaches either 
to antennas or electronic circuits. The sole purpose is given 
a square spiral implementation, what are the parameters 
values that provide the greatest amount of power or energy 
at the payload circuitry in this case a 10 K ohm resistor. 

Printed circuit test boards each containing a target antenna 
have been constructed where the voltage across the target 
load is measured by an analog to digital converter, frames 
and transmitted by an infra red transmitter to a receiver 
connected to a data gathering personal computer. The test/ 
measurement circuitry is powered by a small battery. All 
test/measurement circuitry and the battery are located 
behind a ground plane for the circuitry so as to shield the 
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circuitry from an energizing radio frequency (RF) source 

whereby a contribution to the power/energy can be attrib- 

uted to this circuitry. 

Other research has demonstrated that the proximate cir- 
cuitry can be used to advantage in harvesting energy. 

Previous attempts to measure the energy harvested by 
small antennas have been complicated due to the measure- 
ment equipment that is connected to the device under test 
(DUT). Thus, the attempt here is to include the test circuitry 
directly on the DUT. As indicated previously, the circuitry 
included with the DUT can have an effect on the results thus 
leading to the shielding of the test circuitry behind a con- 
ducting plane as shown in FIGS. 6a—6d. 

Over many decades it has been difficult if not impossible 
to prove that the test circuitry does not have an effect on the 
results of the experiment, the results reported in this paper 
suggest that the effect is minimal through some of the 
profiles of the DUT, e.g., antenna area as shown in FIGS. 
6a—6d for antennas A through D. 

The design of antennas in a limited space such as on a 
printed circuit board or a Complementary Metal Oxide 
Semiconductor (CMOS) chip or die requires the consider- 
ation of a number of physical factors of the antenna to obtain 
an optimum performance. These factors include: 

(1) The area allocated to the antenna including the actual 
metallic conductor forming the antenna and any space 
required to form or shape the metallic conductor. The 
metallic conductor has certain characteristics, e.g., shape 
(profile), conductor width, conductor thickness, and con- 
ductor length. 

(2) One of the profiles considered in this research is a square 
spiral. The topological nature of the square spiral is that 
connection can be made in the plane of the antenna from 
the last outside trace of the spiral. Such a connection will 
be noted as a micro-strip line feed. The inner end of the 
spiral must be connect through a via to another layer of 
the PCB or CMOS die. Such a connection will be noted 
as a probe feed. Two general profiles are considered in the 
research reported herein, a square spiral and a square 
patch. 

(3) The antenna environment includes any form of conduc- 
tor, insulator, etc., that exist between the source of the 
radio frequency (RF) energy and the antenna or behind the 
antenna. One form of element can be a ground plane 
formed as a part of the PCB or CMOS die. 

(4) The antenna is connected to a circuit (energy harvesting 
in this case) where both the antenna and the circuit (load) 
have an impedance. For optimum performance, it has long 
been held that the two impedances should be matched as 
complex conjugates, 1.e., impedance matching, with equal 
real (resistance) components. 

(5) There are two areas involved in the antenna design. The 
first is the physical area required to implement the 
antenna. The second is the effective area resulting from 
dividing the power received at the load by the power 
density in the field in which the antenna is place, 1.e., 
Power Harvested=Power density*Effective Area. 

In summary, the factors involved in the design of an 
antenna in a limited space, e.g., a PCB or a CMOS die are: 

(A) Physical Area 

(B) Profile 

(C) Antenna Conductor Width 

(D) Antenna Conductor Thickness 

(E) Antenna Conductor Length 

(F) Feed Type 

(G) Ground Plane Existence 

(H) Impedance Matching 
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(A) Physical Area 

Four antennas of a square profile with four different areas 
as illustrated in FIGS. 6a—6d, have been constructed. The 
voltage response measured at the load of the four antennas 
in shown in FIG. 2. The antennas are compared at a 
harvesting distance of 50 centimeters by plotting the voltage 
harvested at the load as shown in FIG. 7. Based on the results 
of FIG. 8, it is clear, as expected, that the amount of energy 
harvested increases with increased area. This area is termed 
the physical area. 


(B) Profile 

Two profiles are considered in this study, a square spiral 
and a square patch. FIGS. 9a—9e illustrate five antennas, four 
of which are square spirals and one is a square patch 
(Antenna D, Board H1). 

The voltage results for the profile test cases are illustrated 
in FIG. 10. It can be argued from FIG. 10 that the best results 
are obtained with the square patch. The differences are not 
great, but there are differences. However, the square patch 
has a disadvantage in that the impedance for impedance 
matching requires an inductor as the patch has a capacitive 
impedance. In addition, the impedance of the antenna 1s 
fixed by the physical area. In the case of the square spiral 
antennas, the impedance of the antenna may be varied while 
maintaining a fixed physical area. In the case of the square 
patch, the matching requires an inductor that is difficult to 
fabricate on a CMOS die and not easy to precisely match 
with an on die inductor or a discrete inductor for the PCB 
implementation. The inductor is required to form the com- 
plex conjugate as the square patch is capacitive. 

The square spiral can be modified by trace width, thick- 
ness and relative spacing to have essentially a continuum of 
impedances many of which are illustrated in FIG. 11. This 
variation is particularly useful in coordinating the matching 
impedance between the load and the antenna. Thus, from a 
design standpoint, the square spiral is the profile of choice. 

Antenna E in FIG. 9e, while a square spiral, has length 
greater that the Y4x length of Antennas A, B, and C. The 
length of antenna E is greater than 34x. Thus, the length of 
the antenna conductor is a factor in designing the most 
efficient PCB or die (chip) antenna. While the 14x length is 
better for design purposes as the added length does not gain 
any appreciable advantage, this does not constitute a proof 
for the optimum length. The major contribution here is that 
the antenna conductor length is a factor that must be 
considered in the antenna design. 


(C) Antenna Conductor Width 

The antennas A, B and C of FIGS. 9a—9c vary in trace 
width. Based on the results of FIG. 10, the trend lines are 
shown in FIG. 12. 

From FIG. 12, the slope, 1.e., rate of voltage decrease is 
the least for antenna B. In addition, the trend line for antenna 
B has the largest y intercept. Both of these results support 
antenna B with the narrowest trace width as being the 
optimum for this set of experiments. 


(D) Antenna Conductor Thickness 


Two independent experiments were run for antenna thick- 
ness. The first began with one of the type A antennas to 
which additional conducting solder was first added and then 
some of the added solder was removed. This gave an original 
thickness, a much thicker trace and thirdly a trace of 
intermediate thickness. These steps produced three different 
thicknesses of the antenna conductor thicknesses indicated 
in FIG. 13a. 
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Using another set of independent boards and steps, all 
solder was removed from the antenna exposing the bare 
copper giving the thinnest trace thickness. The copper was 
then electroplated onto the antenna to give different thick- 
nesses of copper and thus three different values of antenna 
conductor thicknesses as indicated in FIG. 135. The mea- 
sured results for both lead and copper additions are illus- 
trated in FIGS. 134-136. 

Based on the results shown in FIGS. 14a—146, it is quite 
clear that the best energy harvesting, highest voltage levels, 
is accomplished antenna conductor thickness is the thinnest. 
The results of the two thicker traces in FIG. 14a are very 
close and no conclusion should be drawn solely with respect 
to these two antennas. The removal of the solder from the 
thickest trace caused a minor amount of melting of the solder 
having a minimal effect on the antenna profile. However, 
these two thicknesses relative to the thinnest trace thickness 
can be considered significant. 


(E) Antenna Conductor Length 

The antenna conductor length results can be observed 
considering FIGS. 9a—9e and 10. While there does appear to 
be some equivalence in the results of antenna B and antenna 
E in FIG. 19, the results at the 50 centimeter distance was 
chosen as the point of comparison show that nothing sig- 
nificant is gained by the additional length. In fact, the length 
is definitely less useful when compared to antennas A and C. 
Thus it is an initial conclusion that the primary criterion for 
the antenna to minimize area and maximize the amount of 
energy harvested that the length by held at or near 4 
wavelength. 

FIG. 15a. is the trend line for Antenna B, and FIG. 154 is 
the trend line for Antenna E. In comparing B and E, the rate 
of drop off for E 1s greater and E also has a lower y intercept 

There is perhaps another significant point in comparing 
the two antennas B and E. From a -traditional antenna design 
standpoint, it could be argued that the two antennas should 
have performances with more significant differences than 
are shown in these results. 

The explanation offered here is that the most significant 
feature of the small antennas is the fact that there exists a 
resonant tank disturbing the field which modified the effec- 
tive area of the antenna. Thus, these two antennas of 
significantly different lengths produce similar results sup- 
porting the notion that the resonant tank circuit is the most 
significant aspect of the small antenna. 


(F) Feed Type 

FIGS. 16a—166 provide an illustration of the two type of 
feed from the antenna, 1.e., (a) the micro-strip line feed and 
(b) the probe feed. 

The voltage results of the two type of line feeds are shown 
in FIG. 17 where it is quite clear that the preferred type of 
connection to the antenna is the micro-strip line feed. 


(G) Ground Plane Existence 

In many applications of different antenna profiles such as 
a patch, it is desirable to provide a ground plane that is 
separated from the antenna by a distance that can be calcu- 
lated based on the dielectric constant of the medium between 
the ground plane and the antenna. However, it the case of a 
PCB or CMOS die implementation, the distance between the 
antenna and the potential location of the ground plane and 
the dielectric constant of the intervening medium are both 
fixed by the process independent of the antenna design. 
Thus, as a rule, the resulting ground plane is not located at 
the proper position for the fixed dielectric, or the dielectric 
is incorrect for the position of the ground plane. 
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The current PCB experiments included provisions for 
testing the ground plane existence and the net effect of some 
form of a ground plane in the proximity of the antenna. Two 
types of ground plane experiments are illustrated in FIGS. 
189-185. The first is a conventional ground plane directly 
behind the antenna, and the second is a ground plane in the 
proximity of the antenna on the opposite side of the PCB. 
The corresponding voltage measurements for the case of 
FIG. 18a are shown in FIG. 19. The results for the three 
cases illustrated in FIG. 186 were indistinguishable. 

Based on FIGS. 18a—188, it is clear that the ground plane 
is not a desirable feature for the PCB implementation. As a 
curious note, it would be possible to find an antenna/ 
frequency combination for which the ground plane could 
lead to an advantage. However, such a result would not be 
practical in view of the restrictions on frequency both from 
regulatory and power/energy considerations. 

As noted previously, the results for the three different 
sized ground planes illustrated in FIG. 185 were indistin- 
guishable. However, the optimum voltage present in all three 
cases was the result of different physical impedance match- 
ing of the three antennas. Thus, while the proximate ground 
planes of FIG. 184 do not affect antenna performance, they 
do provide an affect on the antenna and feed line imped- 
ances. 

The conclusion here is that in general, it is not desirable 
to include a ground plane for a PCB or CMOS die type of 
antenna. In additional a physical ground effect object in the 
proximate area may be useful in achieving a certain imped- 
ance or impedance match. 


(H) Impedance Matching 

As indicated previously, it is in general desirable to match 
the impedance of the antenna to the impedance of the load 
as complex conjugates. However, in the case of the use of an 
antenna for the sole purpose of energy harvesting, there is 
reason to believe that another form of matching or designed 
mismatching may not be of an advantage. Consider the 
model of an energy harvesting antenna as shown in FIG. 20. 
As reported by Rudenberg, the antenna forms a non-ideal 
tank that has a nonzero resistance. This resistance results in 
a retransmission of some of the incoming energy that in turn 
interferes with the transmitted field resulting in an increased 
effective area of the antenna. 

As a result of this research, it is conjectured that an 
additional amount of retransmitted energy may be of an 
advantage in disturbing the field to provide an even larger 
effective area. It is recognized that this increased effective 
area is not without limit. 

The Rudenberg retransmitted energy is a function of the 
resistance R shown in the tank circuit of FIG. 20. We 
conjecture that in addition, the intentional mismatch of the 
impedance Z of FIG. 20 can result in increased effective 
area. 

The effective area increase by the resistor, R, of the tank 
in FIG. 20, will be referred to as the Rudenberg effective 
area. The increased effective area caused by the mismatch of 
Z and the resulting reflected energy from the load is termed 
the proximate effective area. 

The net effect of these two effective area contributions 1s 
modeled as two voltage sources just below the ideal antenna 
symbol of FIG. 20. 

These two features contributing to the effective area are 
highlighted in FIG. 21. 

The basis of the conjecture on the mismatch of the 
impedance Z resulting in reflected energy from the load is 
arrived at from the repeated attempts to correlate the simu- 
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lated results for impedance matching with the experimental 
results found when actually choosing an impedance to 
increase the harvested energy/voltage experimentally. The 
results of the simulation and experimental impedance 
matching are shown in FIGS. 22 and 23. 

FIG. 22 represents the compiled voltage results with 
many different values of impedance used to obtain the most 
effective match through an organized searching procedure. 
The N/S/E/W cross of FIG. 22 represents the centroid of the 
four best matches that could be achieved by physical match- 
ing using electronic elements. 

FIG. 23 represents the compiled values of matched 
impedance along with color coding for strength. The cross of 
FIG. 23 represents the centroid of the four best matches for 
the simulations. It is important to note that the simulation 
may obviously in general not represent the actual circuit due 
to minute differences that are extremely hard to model. 
However, numerous attempts were made to calibrate the 
simulation based on the model and the corresponding test 
results. However, none of these was successful. 

Thus, at this time, the difference in the simulated match- 
ing of FIG. 23 based on the complex conjugate impedances 
and the actual best match in the physical tests is attributed 
to the mismatching of the impedance z in FIG. 21. There 
would be a limit on the effectiveness of this mismatch. 

As pointed out previously, the two voltage sources shown 
in FIGS. 22 and 23 immediately below the ideal antenna 
symbol are attributed to the retransmission of the energy as 
a result of the R in the non-ideal tank and the reflected 
energy from the load due to the mismatch of the impedance 
Z. 


CONCLUSIONS 


One of the important aspects of this research is the ability 
to empirically evaluate the feasibility of certain results that 
require much additional research other than the antenna. For 
example, consider a system on a chip (SOC) implementation 
that requires other circuitry to be designed that will in turn 
be powered by the energy harvesting technology being 
discussed here. A considerable amount of work may be 
required to develop the payload circuitry, and it is desired to 
have some idea of what level of power can be achieved. 

FIG. 8 gives the trend line for the harvested voltage across 
a 10K ohm load. Therefore, with an antenna that is 1.58 mm 
on a side, the power that can be expected to be harvested 
with the thickness of antenna A is: 


Power={[O.5918*(1.582)J0~~85]2}/104=80 j.t watts 


However, based on the narrower and thinner trace, the 
voltage can be expected to be at least doubled. This would 
result in: 


Power={ [2*0.591 8*(1 .582)]04485]2}/104=178 ji 
watts 


The results appear to show that the highest voltage is 
achieved with a narrower and thinner conductor trace. This 
is not unexpected from the energy harvesting scenario. At 
the frequencies involved, the current tends to flow on the 
outside surface with possible eddy current flowing in the 
interior that will contribute losses. 

Consider reducing only the width of the traces. The PCB 
traces are on the order of 700 to 1300 microns. A plot of the 
data for the slope in the linear fall off(y=-Mx+ b, M is the 
linear fall off or slope of the trend line) as shown in FIG. 7 
for antennas A, B and C is shown in FIG. 24a. 
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The point of this discussion is solely to see the fall off rate 
for the harvested energy as the antenna trace pattern is 
reduced in width. The trend lines of FIG. 10, for example, 
have both a slope and a y intercept, M and b in the above 
equation for y. The discussion here concerns solely the 
slope, M, of the trend line. The y intercept appears to be 
primarily a function of the antenna area and is outside this 
current discussion. 


Based on the projection shown in FIG. 24b, the fall off 
rate in energy is, -0.0328, compare with, -0.0421, for 
Antenna B as the antenna trace width is reduced to 25 
microns. 


Thus, based solely on the projection in FIG. 24b, the rate 
improvement of the fall off in going to a CMOS die from a 
PCB implementation is about 22%. Therefore, in general, it 
can be expected that the deterioration in performance for a 
CMOS die will be much better (less per unit distance) than 
a PCB implementation as the distance between the source 
and device increases. 


An example of the effect of this difference can be seen in 
FIG. 25, assuming the intercept point that would make the 
harvested voltages at 50 centimeters to be the same. 


Another interesting look at the projections in going from 
PCB antennas to those of a CMOS die can be obtained by 
considering the thickness results from FIG. 13. The results 
of the decrease in thickness are shown below in FIG. 26a. 
Based on the trend line fitted to these data points, an 
extrapolation to approximately 1 micron is shown in FIG. 
26b. f it can be assumed that both the PCB and the CMOS 
die have the same value at say 50 centimeters, it can be 
conjectured that the break point as shown in FIG. 146, can 
be extended to 13,600 centimeters or 446 feet. 


Obviously the simple extension to 446 feet from 70 
centimeters is difficult to defend. The point here is that there 
are certain of the parameters in the design of the antenna that 
must be taken into account that provide direction into the 
experimental development that will eventually produce a 
working result although the theory as to why may be delayed 
by a considerable time. 


There is no suggestion, other than the extrapolation, that 
the 446 feet can be achieved. This result is for copper, and 
most current fabrications are done with aluminum. 


One major conclusion of these results is that the transition 
from a PCB implementation to a CMOS die need not be 
considered to be an unfavorable transition. 


The primary reduction in the PCB to CMOS die transition 
is the attendant desire to reduce area because of the relative 
cost of a PCB compared to a CMOS die per unit (equivalent) 
area. 


All of the previous results were obtained with the anten- 
nas in the same orientation with respect to the source 
antenna. In order to evaluate the orientation issue, FIG. 27 
shows six orientations that were tested. 


The voltage as a function of distance curves for the six 
configurations are shown in FIG. 28. Obviously, the most 
favorable positions are positions 1 and 2. Position 1 is the 
position that was used for all of the previous results. The two 
orientations, 5 and 6, are included for the sake of complete- 
ness. However, these two are not at all favorable. One reason 
for their inclusion was that these two were quite favorable in 
the early tests on the Delta 1 CMOS antenna. At this time 
there has been no attempt to discover why the PCB and 
CMOS results for the horizontal antenna appear to be 
different. 
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The trend lines for the curves of FIG. 28 are given in FIG. 
29. From the trend lines, position 1 is the best in terms of the 
y intercept. However, the fall-off rate for position 2 is the 
best for the two positions. If we consider the longest distance 
for a typical PIC microcontroller to function based on 2.5 
volts, Position 2 yields 90.8 centimeters and Position 1 
yields 89.1 centimeters. These two results are extremely 
close based on the trend lines. 

The negative slope and the y intercept of the trend lines 
is shown below in FIG. 30. The angle shown along the 
abscissa is the feed line of the micro-strip type feed where 
the angle is from the feed line in the direction of the load 
circuitry. In FIG. 27, P4 is 0 degrees, P2 is 90 degrees, P4 
is 180 degrees, and P1 is 270 degrees. 

Based on the results reported here, the conclusions are 
summarized as follows: 

1. Impedance matching is essential but does not guarantee 
optimum performance for a fixed area of a small antenna 

2. A 14 wavelength antenna appears to be the optimum 
antenna for a fixed area 

3. The area appears to be the most important factor—given 
1 and 2 
4. The spiral antenna profile is preferred because it is much 
easier to match impedances 
5. The narrowest trace (width) appears to be optimum 
6. The thinnest trace (height) appears to be optimum 
7. Increased conductor length does not appear to offer any 
benefit for energy harvesting 

8. The micro-strip line feed is superior to the probe feed 

9. There should be no ground plane under the antenna 

10. The square spiral is preferred to the square patch based 
on impedance matching considerations 

11. Both tank resistance and reflected load power due to 
mismatched impedances appear to increase the effective 
area of the small antenna 

While for convenience of disclosure primary attention has 
been directed toward use of the preferred embodiments of 
the invention which employ IC chips or printed circuit 
boards, the invention may also be employed advantageously 
in connection with other substrates in wireless untethered 
devices. 

Whereas particular embodiments of the invention have 
been disclosed herein for purposes of illustration, it will be 
evident to those skilled in the art that numerous variations of 
the details may be made without departing from the inven- 
tion as set forth in the appended claims. 


20 


25 


30 


35 


40 


45 


16 


The invention claimed is: 

1. A wireless untethered device comprising: 

at least one antenna; 

circuitry operatively associated with said antenna for 
receipt of energy harvested by said antenna from space, 
said circuitry being structured to convert said energy to 
direct current; and 

a system structured to be energized by the direct current 
from said circuitry, said system and said circuitry 
having an impedance mismatch with respect to said 
antenna wherein said antenna, said circuitry and said 
system together form an integrated antenna and 
wherein said antenna has an effective area greater than 
its physical area. 

2. The wireless untethered device of claim 1 including 

said wireless untethered device being selected from the 
group consisting of an integrated circuit chip and a 
printed circuit board. 

3. The wireless untethered device of claim 1 including 

said wireless untethered device being an integrated circuit 
chip. 

4. The integrated circuit chip of claim 3 including 

said antenna being integrally formed on said chip. 

5. The integrated circuit chip of claim 4 including 

said antenna structured to receive RF energy and deliver 
it to said circuitry. 

6. The integrated circuit chip of claim 4 including 

a second integral antenna for transmitting data. 

7. The integrated circuit chip of claim 4 including 

said antenna being a spiral antenna. 

8. The integrated circuit chip of claim 7 including 

said spiral antenna being a square spiral. 

9. The integrated circuit chip of claim 3 including 

said circuitry having a tank circuit for increasing the 
effective area of said antenna. 

10. The integrated circuit chip of claim 5 including 

said antenna having a length of about 1⁄4 wavelength of 
said RF energy. 

11. The integrated circuit chip of claim 3 including 

a micro-strip feed line connected to said antenna. 

12. The integrated circuit chip of claim 3 including 

said circuitry having a non zero resistance which results 
in retransmission of some of said energy to thereby 
interfere with transmitted energy and increase the 
effective area of said antenna. 
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1 
HIGH FREQUENCY RECTENNA 


BACKGROUND OF THE INVENTION 


The United States Government has rights in this 
invention pursuant to Contract No. W-7405-ENG-48 
between the U.S. Department of Energy and the Uni- 
versity of California, for the operation of Lawrence 
Livermore National Laboratory. 

A rectenna, or rectifying antenna, comprises an an- 
tenna and a diode rectifier. In operation, the antenna 
gathers electromagnetic energy at a frequency consis- 
tent with its size and shape, and the diode rectifies that 
energy into D.C. current. 

Presently, rectennas utilize a O diode or 
large vacuum diode to rectify electromagnetic waves, 
with frequencies ranging up to the radio frequency 
spectrum, to direct current. Rectennas utilizing a semi- 
conductor diode have an upper frequency limit and an 


10 


15 


upper intensity limit due to the inherent limitations of 20 


semiconductor diodes. These limitations include the 
device capacitance and the fragility of high speed semi- 
conductor devices. Rectennas using large vacuum tubes 
also have upper frequency limits and are expensive to 
build. Large arrays of rectennas using conventional 
vacuum tubes would be prohibitively expensive to 
build, and could not be produced in a compact form. 

William C. Brown in “The History of Power Trans- 
mission of the Rectenna,” in the IEEE Transactions on 
Microwave Theory and Techniques, Vol. MTT-32, No. 
9, September 1984, describes the development of rec- 
tennas for rectifying electromagnetic signals with a 
frequency of 2.45 Giga Hertz (GHz). The article de- 
scribes research into an apparatus that would be able to 
allow power to be sent from the earth to a device above 
the earth or to allow power to be sent from above the 
earth to the earth via a 2.45 GHz radio signal. The 
author states that the best diodes that he found for the 
rectennas are either silicon or gallium arsenide (GaAs) 
Schottky-barrier diodes. 

William C. Brown in “Rectenna Technology Pro- 
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gram: Ultra Light 2.45 GHz Rectenna and 20 GHz 


Rectenna,” published by NASA as PT-6902, CR 
179558, Mar. 11, 1987 describes the development of a 
2.45 GHz rectenna and proposes a 20 GHz rectenna. 
The article first describes the development of a 2.45 
GHz rectenna. The GaAs Schottky barrier diodes for 
the 2.45 GHz rectenna have specifications including a 
zero bias capacitance of 3 pf and a reverse breakdown 
voltage of 60-70 volts. These specifications and other 
qualities of the Schottky barrier diodes limit the effi- 
ciency and the maximum power capabilities of these 
rectennas. The article goes on to propose a 20 GHz and 
higher frequency rectenna. The article-states that the 
losses in the diode will be considerably greater at these 
higher frequencies and the losses in the scaled circuit 
structure will become greater by the square root of the 
frequency scaling factor because of skin losses. Because 
semiconductor diodes break down at high tempera- 
tures, semiconductor diodes must be cooled. In the 
design proposed in the article for a 20 GHz rectenna, 
reasonable cooling is provided if the rectenna is limited 
to a DC power output of 0.4 watts per diode element 
with an output voltage of 8.9 volts and a reverse voltage 
breakdown of 20 volts. At higher intensities, the resis- 
tance in the rectenna will create more heat elevating the 
semiconductor temperature and causing the semicon- 
ductor to breakdown. These parameters help illustrate 
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the inefficiency and fragileness of semiconductor diodes 
in a rectenna. 

Because of the inherent limitations of semiconductor 
rectennas and large vacuum tube rectennas, there is a 
need for rectennas that can rectify high frequency and 
high intensity electromagnetic waves. 

The invention provides an array of rectennas, which 
are able to rectify high frequency microwave or high 
frequency and high intensity electromagnetic radiation. 
These arrays may be useful in transportation of power 
through electromagnetic waves and conversion of in- 


tense high frequency electromagnetic radiation into 


direct current. Applications of the invention include 
sending power to satellites or high altitude devices from 


the earth by electromagnetic waves, transmission of 


power from satellites which collect solar power and 
convert it to electromagnetic waves which are transmit- 
ted to the earth, and direct conversion of microwaves 
generated by fusion reactions into a direct current. 


SUMMARY OF THE INVENTION 


It is an object of the invention to provide a rectenna 
which can rectify electromagnetic radiation with wave- 
lengths equal to or shorter than the wavelengths of 
microwaves. 

It is another object of the invention to provide a 
rectenna which can rectify electromagnetic waves at 
high intensities. 

It is another object of the invention to provide a 
rectenna which can rectify electromagnetic radiation 
with wavelengths equal to or shorter than the wave- 
lengths of microwaves and with high intensities, and 
with an efficiency greater than 40%. 

It is another object of the invention to provide a 
rectenna which is resilient to high energy radiation and 
high temperatures. 

It is another object of the invention to provide an 
array of rectennas which can be manufactured in large 


- numbers at a low cost. 


It is another object of the invention to provide a 
compact array of tectennas. | 

Additional objectives, advantages and novel features 
of the invention will be set forth in part in the descrip- 
tion which follows, and in part will become apparent to 
those skilled in the art upon examination of the follow- 
ing or may be learned by practice of the invention. The 
objects and advantages of the invention may be realized 


and attained by means of the instrumentalities and com- 


binations particularly pointed out in the appended 
claims. 

The invention comprises an antenna, comprising a 
first half and a second half, and at least one field emis- 
sion vacuum diode electrically connected between the 
first half and the second half of the antenna to provide 
a rectenna. The diode is made an integral part of the 
antenna so that arrays of rectennas can be used for 
rectifying electromagnetic radiation with a frequency 
higher than or equal to microwave frequencies. If the 
diode was not integral to the antenna, and if an array of 
antennas was connected together, then phase differ- 
ences from one side of the array to the other would 
cause the combined outputs to cancel, significantly 
decreasing the output. By making the diode an integral 
part of the antenna, the current is rectified at the source, 
and phase differences will have little effect on the com- 
bined currents. 


3,043,739 


3 
BRIEF DESCRIPTION OF THE DRAWINGS 


The accompanying drawings, which are incorpo- 
rated and form a part of the specification, illustrate 
several embodiments of the invention and, together 
with the description, serve to explain the principles of 
the invention. 

FIG. 1 is a top view of a preferred embodiment of the 
invention. It illustrates a half wave rectenna using a 
dipole antenna and a single lateral field emission diode. 

FIG. 2 is a cross-sectional view of a half wave rec- 
tenna illustrated in FIG. 1 along lines 2. 

FIG. 3isa top view of another embodiment, a half 
wave rectenna using a folded dipole antenna and a sin- 
gle lateral field emission diode. 

FIG. 4 is a cross-sectional view of a half wave rec- 
tenna illustrated in FIG. 3 along lines 4. 

FIG. 5 is a top view of another embodiment, a full 
wave rectenna using a dipole antenna and a full wave 
bridge rectifier using four lateral field emission diodes. 

FIG. 6 is a top view of an anay of half wave recten- 
nas in parallel. 

FIG. 7 isa top view of an array of full wave rectennas 
in series. 

FIG. 8 is a top view of another embodiment, a half 
wave rectenna using a dipole antenna and a single verti- 
cal field emission diode rectifier. 

FIG. 9 is a cross-sectional view of a half wave rec- 
tenna illustrated in FIG. 8 along lines 9. 


DESCRIPTIONS OF THE PREFERRED 
EMBODIMENTS 


FIGS. 1 and 2 show a top and side view ofa preferred 
embodiment of the invention. The invention receives 
and rectifies an electromagnetic wave with wavelength 
L. It includes a dipole antenna (1 and 3), coupled with 
an integral lateral field emission diode 2 at the center, 
and an external capacitor 6. In the preferred embodi- 
ment the total length 10 of the dipole antenna is approxi- 
mately L/2. 

The embodiment may be constructed using conven- 
tional semiconductor manufacturing techniques on an 
insulating substrate 4 attached to a conducting ground 
plane 5 (FIG. 2). The ground plane makes the antenna 
directional, with the vertical direction being the pre- 
ferred direction. The separation 155 between the an- 
tenna and the ground plane is preferably approximately 
L/4 to provide a maximum reflection of electromag- 


netic radiation which passes through the antenna 1 and 


3 to the ground plane. The actual distance would de- 
pend on the material used as the insulating substrate. 

Using conventional semiconductor techniques, a 
layer of conductive material (tungsten, or doped 
polysilicon for example) is deposited on the insulator 
and then shaped by photolithography and wet or dry 
etching. The insulator under the layer of conductive 
material is then etched, undercutting the conductor. 
This undercutting frees the edge of the conductor to 
prevent surface leakage currents and surface break- 
down along the insulator between the two sides of the 
antenna. 

The method of making a field emission vacuum triode 
is disclosed in U.S. Pat. No. 4,855,636 by Busta et al, 
which is incorporated by reference. Using the method 
described in Busta et al. a field emission diode in a vac- 
uum could be created. By using a differently shaped 
mask the field emission diode can be integrated into a 
dipole antenna. Even though Busta discloses the cre- 
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ation of a triode, the field emission diode could be cre- 
ated in a similar manner by either sealing the etching 
holes described in Busta with an insulating material or 
by not applying a charge to the gate of the triode. For 
cases where the mean free path of an electron in a gas at 
some pressure is comparable to the separation of the 
anode and cathode, the diode will operate in that gas at 
that pressure as if it were in a vacuum. In addition, a low 
pressure or near vacuum can also be established around | 
the field emission diode by sealing the entire rectenna in 
a near vacuum container. 

Electromagnetic radiation of wavelength L is ab- 
sorbed by the dipole antenna 1 and 3. According to well 
known principles of antenna design, the electromag- 
netic radiation will set up an oscillating potential differ- 
ence between the first half 1, and the second half 3 of 
the dipole antenna. The potential difference will oscil- 
late with the same frequency as the absorbed electro- 
magnetic radiation. This oscillating potential difference 
will manifest itself across the lateral field emission diode 
2 whose cathode, manifested by cathode tip 15 which is | 
a pointed edge of the first half 1 of the antenna, is inte- 
gral with the first half 1 of the antenna, and whose 
anode, manifested by anode surface 16 which is a non- 
pointed edge of the second half 3 of the antenna, is 
integral with the second half 3 of the antenna. The 
pointed edge making the cathode tip 15 is located on a 
part of the first half 1 of the antenna that is located 
closest to the second half 3 of the antenna as shown. 
The nonpointed edge making the anode surface 16 is 
located on a part of the second half 3 of the antenna that: 
is located closest to the first half 1 of the antenna. 

During the positive half cycle of the electromagnetic 
radiation, the second half 3 of the antenna is positive 
with respect to the first half 1 of the antenna, and field 
emission of electrons occurs off of the tip of the cathode 
15. The field emitted electrons will be absorbed at the 
anode surface 16, causing a surplus of electrons in the 
second half 3 of the antenna. During the negative half 
cycle, the second half 3 of the antenna is negative with 
respect to the first half 1 of the antenna. Since the anode 
surface 16 is flat, it does not emit an appreciable amount 
of electrons and thus no field emission current flows in 
the negative half of the cycle. Thus, a voltage is applied 
to the capacitor 6, and any load 9 attached to terminals 
7 and 8. This allows the surplus of electrons in the sec- 
ond half 3 of the antenna to flow through the attached 
load 9 back to the first half 1 of the antenna. The capaci- 
tor 6 smooths the voltage available at the terminals by 
charging from the antenna during the negative half 
cycle and discharging through the load 9 during the 
positive half cycle. This illustrates how the cathode tip 
15 forming the cathode is integrally and electrically 
connected to the first half 1 of the antenna and how the 
anode is integrally and electrically connected to the 
second half 3 of the antenna and how a field emission 
diode 2 comprising the anode 16 and cathode 15 are 
electrically connected between the first half 1 and the 
second half 3 of the antenna. 

In the preferred embodiment shown in FIG. 1, the 
rectenna is designed to rectify an electromagnetic wave 
having a predetermined frequency between 1,000 GHz 
and 10 GHz. This would require that the separation 17 
between the anode and cathode be less than 10 microns, 
and preferably less than 3 microns. 

The rectenna is not limited to a dipole antenna design, 
nor to the half wave rectifier described above. FIG. 3 
shows a similar structure, but using a folded dipole 
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antenna 26 instead of the simple dipole antenna. The 
folded dipole antenna 26 typically has a higher impe- 
dance than the simple dipole, which may make a better 
coupling between the antenna and the diode. The 
folded dipole antenna 26 could be manufactured in the 
same way as the embodiment shown in FIG. 1, having 
the same cross-sectional view. For illustrative purposes, 
the folded dipole antenna shown in FIG. 3 is made using 
the method described in U.S. Pat. No. 4,855,636 by 
Busta et al. FIG. 4 is a cross-sectional view of FIG. 3 
along lines 4. In this embodiment a silicon wafer 21 is 
attached to a conducting layer 22. Preferably the silicon 
wafer 21 has a thickness equal to approximately j the 
wavelength of the electromagnetic radiation to be recti- 
fied. As described in U.S. Pat. No. 4,855,636 approxi- 
mately 1 micron of thermal silicon dioxide is grown on 
the silicon wafer 21 forming a first insulating layer 25. A 
conducting layer is deposited on the first insulating 
layer 25 to form the folded dipole antenna 26 with a first 
half 28 and second half 30 of the antenna and an inte- 
grated anode 25 and cathode 27. In the preferred em- 
bodiment the length 12 of the folded dipole antenna 26 
is approximately equal to L/2, where L is the wave- 
length of the electromagnetic radiation to be rectified. 
The entire structure is then covered by a layer of un- 
doped, highly resistive polycrystalline silicon 23. The 
upper surface of the polycrystalline silicon 23 is ther- 
mally oxidized to form a top insulating layer 20. Win- 
dows are made through the top insulating layer 20 to 
allow the etching of a chamber 24 and holes for contacts 
32 and 36. A metallic layer is then applied over the top 
insulating layer 20 and then etched back to create 
contacts 32 and 36 and for creating a window plug 34. 

The folded dipole rectenna shown in FIGS. 3 and 4 
rectifies electromagnetic waves in the same manner as 
the dipole rectenna described above. Using the de- 
scribed method of building the folded dipole rectenna, 
the integrated diode can be made so that the separation 
between the cathode tip 27 and the anode surface 25 
would be in the above described range for rectifying 
signals with frequencies higher than 10 GHz. At an 
operating voltage of 500 volts it is estimated that the 
leakage current due to parasitic current through the 
undoped polycrystalline silicon layer 23 would be 500 
pico Amps. This leakage could be further reduced by 
replacing the polycrystalline silicon side walls with 
silicon dioxide side walls. The integration of field emis- 
sion diodes with an antenna in this embodiment pro- 
vides a very efficient rectenna that can rectify signals 
with frequencies equal to or greater than microwaves. 
In addition, the provided diodes can easily handle 500 
volts, wherein the Schottky barrier diodes used in the 
prior art had a reverse breakdown voltage of 60-70 
volts. | 

FIG. 5 shows a rectenna with a dipole antenna, com- 
prising a first strip of conductive material on a substrate 
13 with a length along a first direction 11 less than L/2, 
where L is the wavelength of the electromagnetic radia- 
tion to be rectified, forming a first half 42 of the antenna 
and a second conductive strip on a substrate 13 with a 
length along the first direction 11 less than L/2 forming 
a second half 44 of the antenna, and a full wave bridge 
rectifier. The second conductive strip 44 is located 
along the first direction 11 with respect to the first 
conductive strip 42. The rectifier utilizes four field emis- 
sion diodes 46, 48, 50 and 52 arranged in a full wave 
bridge configuration. The configuration illustrated in 
FIG. 5 is manufactured in the same manner as the em- 
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bodiment illustrated in FIG. 1. It would also be possible 
for this embodiment to be manufactured in the same 
manner as the embodiment illustrated in FIG. 3. 

Electromagnetic radiation of wavelength L is ab- 
sorbed by the dipole antenna 42 and 44. According to 
well known principles of antenna design, incident elec- 
tromagnetic radiation will set up an oscillating potential 
difference between the first half 42, and the second half 
44 of the dipole antenna. The potential difference will 
oscillate at the same frequency as the absorbed electro- 
magnetic radiation. This oscillating potential difference 
will manifest itself across the lateral field emission di- 
odes. 

During the positive half cycle of the electromagnetic 
radiation, the second half 44 of the antenna is positive 
with respect to the first half 42 of the antenna, and field 
emission of electrons occurs off of the tip of a cathode 
tip 54 of a first diode 48, wherein the cathode tip 54 is an 
integral part of the first half 42 of the antenna formed by 
a pointed edge of the first strip of conductive material 
which forms the first half 42 of the antenna. The field 
emitted electrons will be absorbed at the anode surface 
56 of the first diode 48, which is formed by a nonpointed 
edge of a third strip of conductive material forming an 
anode terminal 70, causing a surplus of electrons in the 
anode terminal 70. Also during the positive half cycle of 
the electromagnetic radiation, field emission of elec- 
trons occurs off of the tip of cathode 58 of a second 
diode 46, wherein the cathode tip 58 is formed by a 
pointed edge of a fourth strip of conductive material on 
the substrate 13, wherein the fourth strip of conductive 
material forms a cathode terminal 72. The field emitted 
electrons will be absorbed at the anode surface 60 of the 
second diode 46, wherein the anode surface 60 is an 
integral] part of the second half 44 of the antenna, caus- 
ing a surplus of electrons in the second half 44 of the 
antenna. During the negative half cycle, the second half 
44 of the antenna is negative with respect to the first 
half 42 of the antenna, and field emission of electrons 
occurs off of the tip of the cathode tip 62 of a third 
diode 50, wherein the cathode tip 62 is an integral part 
of the second half 44 of the antenna. The field emitted 
electrons will be absorbed at the anode surface 64 of the 
second diode 50, which ts part of the anode terminal 70, 
causing a surplus of electrons in the anode terminal 70. 
Also during the negative half cycle of the electromag- 
netic radiation, field emission of 5 electrons occurs off 
of the tip of cathode 66 of a fourth diode 52, wherein the 
cathode tip 66 is part of the cathode terminal 72. The 
field emitted electrons will be absorbed at the anode 
surface 68 of the fourth diode 52, wherein the anode 
surface 68 is an integral part of the first half 42 of the 
antenna, Causing a surplus of electrons in the first half 42 
of the antenna. 

Thus, during the full wavelength electrons flow from 
the cathode terminal 72 to either the first 42 or second 
44 half of the antenna and then to the anode terminal 70. 
The surplus of electrons gathered at the anode terminal 
70 can flow through the negative load terminal 74 elec- 
trically connected to the anode terminal and then 
through a load to a positive load terminal 76 electrically 
connected to the cathode terminal 72. The anode termi- 
nal 70 acts as an anode for both the first part 42 of the 
antenna and the second part 44 of the antenna, and the 
cathode terminal 72 acts as a cathode for both the first 
part 42 of the antenna and the second part 44 of the 


‘antenna. Although a capacitor is not needed, it may be 


used to smooth the current flow between terminals 74, 
76. 

In the preferred embodiment of the invention, the 
total length 140 of the first half 42 and the second half 
44 of the antenna along the first direction 11 is approxi- 


mately equal to L/2. As shown in FIG. 5, the four. 


rectifying field emission diodes are electrically con- 
nected between the first half 42 and the second half 44 
of the antenna making two parallel sets of two diodes in 
series. 

An advantage of the invention is that a large number 
of rectennas could be inexpensively combined in an 
array using conventional semiconductor manufacturing 
techniques. FIGS. 6 and 7 illustrate different arrays of 
rectennas. FIG. 6 shows a parallel array of the half 
wave rectennas shown in FIG. 1. For clearer illustra- 
tion of the embodiment, only the pattern of conductive 
strips is shown. Each half wave rectenna in the array 
has a first half 80 and a second half 82 of an antenna. 
Each first half 80 of an antenna has an integrally con- 
nected cathode tip 84. Each second half 82 of an an- 
tenna has an integrally connected anode surface 86. 
Each first half 80 of an antenna is electrically connected 
to a first load terminal 85 and a first half of a capacitor 
87. Each second half 82 of an antenna is electrically 
connected to a second load terminal 86 and a second 
half of the capacitor 87. Each individual rectenna 
would function like the rectenna embodiment illus- 
trated in FIG. 1. Attaching them in a parallel configura- 
tion as illustrated would increase the current available 
at the terminals. 

FIG. 7 shows a series array of the full wave rectennas 
shown in FIG. 5. For clear illustration only the pattern 
of conductive strips is shown. The array comprises a 
first terminal 92 electrically connected to a first load 
terminal 94. The electromagnetic signal to be rectified 
will cause electrons to flow from the first terminal 92 to 
the first half 96 of a first antenna and the second half 98 
of the first antenna. The electromagnetic signal will also 
cause electrons to flow from the first half 96 of the first 
antenna and the second half 98 of the first antenna to a 
second terminal 100. The second terminal 100 acts as an 
anode terminal to the first antenna. The electromagnetic 
signal will cause electrons to flow from the second 
terminal 100 to the first half 102 of a second antenna and 
the second half 104 of the second antenna. The electro- 
magnetic signal will also cause electrons to flow from 
the first half 102 of the second antenna and the second 
half 104 of the second antenna to a third terminal 106. 
The second terminal 100 acts as a cathode terminal to 
the second antenna, and the third terminal 106 acts as an 
anode terminal to the second antenna. The electrons 
continue to flow through the subsequent antenna ele- 
ments and terminals until they reach a final terminal 
108, which is electrically connected to a second load 
terminal 110. This series configuration will increase the 
voltage across the first 94 and second 110 load termi- 
nals. 

In either the parallel or the series configurations, an 
external capacitor could be connected to the load termi- 
nals. 

In addition to the lateral diode shown so far, a verti- 
cal field emission diode can also be used as the rectifier 
in a rectenna. FIGS. 8 and 9 show a half wave rectenna 
using a half wave vertical field emission diode 116 and 
a dipole antenna with a first half 112 and a second half 
114. The vertical field emission diode comprises an 
insulator 118 placed on the first half 112 of the antenna. 
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In a hole 113, formed in the insulator, a conductive cone 
or pyramid 120 is formed in electrical contact with the 
first 112 half of the antenna. A conducting cap 122 is 
placed over the hole 113, that also makes electrical 
contact with the second half 114 of the antenna. The 
hole 113 can be evacuated and sealed, forming an inte- 
gral vacuum diode. In operation this embodiment 
works in the same manner as the embodiment illustrated 
in FIGS. 1 and 2, except that the vertical diode causes - 
the electrons to be emitted vertically off of the tip of the 
cone or pyramid 120 instead of horizontally off of the 
point. The manufacturing of vertical field emission di- 
odes is described in U.S. Pat. No. 4,721,885 by Brodie, 
and U.S. Pat. Nos. 3,755,704 and 3,789,471 by Spindt 
incorporated by reference. 

The foregoing description of preferred embodiments 
of the invention have been presented for purposes of 
illustration and description. It is not intended to be 
exhaustive or to limit the invention to the precise form 
disclosed, and obviously many modifications and varia- > 
tions are possible in light of the above teaching. The 
embodiments were chosen and described in order to 
best explain the principles of the invention and its prac- 
tical application to thereby enable others skilled in the 
art to best utilize the invention in various embodiments 
and with various modifications as are suited to the par- 
ticular use contemplated. It is intended that the scope of 
the invention be defined by the claims appended hereto. 

We claim: 

1. A rectifying antenna for rectifying electromagnetic. 
radiation with a wavelength shorter than 3.0 centime- 
ters, comprising: 

an antenna having a first half and a second half; and 

a first field emission diode for rectifying a current 

flow, wherein the first field emission diode has a 
first anode and first cathode electrically connected 
between the first half of the antenna and the second 
half of the antenna, and wherein the first cathode is 
separated from the first anode by a distance of less 
than 10 microns and wherein the antenna has a 
length which is approximately equal to half of the 
wavelength of the electromagnetic radiation to be 
rectified. 

2. A rectifying antenna as claimed in claim 1, further 
comprising: 

a first load terminal electrically connected to the first 

half of the antenna; and 

a second load terminal electrically connected to the 

second half of the antenna, and wherein the first 
cathode is electrically connected to the first half of 
the antenna, and the first anode is electrically con- 
nected to the second half of the antenna. 

3. A rectifying antenna as claimed in claim 2, wherein 
the first cathode is integral with the first part of the first 
antenna, and wherein said first cathode comprises a 
pointed edge of the first part of the antenna, and 
wherein the first anode is integral with the second part 
of the antenna, and wherein the first anode comprises a 
nonpointed edge of the second part of the antenna. 

4. A rectifying antenna as claimed in claim 2, wherein 
the first field emission diode is a linear field emission 
diode. | 

5. A rectifying antenna as claimed in claim 2, wherein 
the first field emission diode is a vertical field emission 
diode. 

6. A rectifying antenna as claimed in claim 1, further 
comprising: 
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a first terminal, wherein the first field emission diode 
is electrically connected between the first terminal 
and the second half of the antenna with the first 


anode being electrically connected to the first ter- - 


minal and the first cathode being electrically con- 
nected to the second half of the antenna; 
a second terminal; 


a second field emission diode with a second cathode . 


and second anode electrically connected between 
the first terminal and the first half of the antenna 
with the second anode being electrically connected 
to the first terminal and the second cathode being 
electrically connected to the first half of the an- 
tenna; 

a third field emission diode with a third cathode and 

a third anode electrically connected between the 
second terminal and the first half of the antenna 
with the third anode being electrically connected 
to the first half of the antenna and the third cathode 
being electrically connected to the second termi- 
nal; and 

a fourth field emission diode with a fourth cathode 

and a fourth anode electrically connected between 
the second terminal and the second half of the 
antenna with the fourth anode being electrically 
connected to the second half of the antenna and the 
fourth cathode being electrically connected to the 
second terminal. 

7. A rectifying antenna as claimed in claim 6, wherein 
the first cathode is formed by a pointed edge of the 
second half of the antenna, and wherein the second 
cathode is formed by a pointed edge of the first half of 
the antenna, and wherein the first and second anodes 
are formed by nonpointed edges of the first terminal, 
and wherein the third anode is formed by a nonpointed 
edge of the first half of the antenna, and wherein the 
fourth anode is formed by a nonpointed edge of the 
second half of the antenna, and wherein the third and 


fourth cathodes are formed by pointed edges of the 


second terminal. 

8. A rectifying antenna as claimed in claim 6, wherein 

the field emission diode is a lateral field emission diode. 

9. A rectifying antenna for rectifying electromagnetic 

radiation with a wavelength shorter than 3.0 centime- 
ters, comprising: 

a substrate comprising a layer of insulating material; 

a first cathode; 

a first anode; 
a first conductive strip on the substrate, with a length 
in a first direction, wherein the first conductive 
strip is integrally and electrically connected to the 
first cathode; 

a second conductive strip on the substrate, with a 
length in the first direction, wherein the second 
conductive strip is integrally and electrically con- 
nected to the first anode, and wherein the second 
conductive strip is located along the first direction 
with respect to the first conductive strip, and 
wherein the length of the first conductive strip in 
the first direction is less than half of the wavelength 
and wherein the length of the second conductive 
strip in the first direction is less than half of the 
wavelength, and wherein the length of the first 
conductive strip in the first direction summed with 
the length of the second conductive strip in the first 
direction make a sum which is approximately equal 
to half of the wavelength; 
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a first load terminal electrically connected to the first 
conducting strip; and 

a second load termina! electrically connected to the 
second conducting strip, wherein the first cathode 
is located on the part of the first conductive strip 
closest to the second conductive strip, and wherein 
the first anode is located on the part of the second 
conductive strip closest to the first cathode, and 
wherein the first anode and the first cathode are 
separated by a distance less than 10 microns form- 
ing a first field emission diode. 

10. A rectifying antenna as claimed in claim 9, 
wherein the cathode is formed by a pointed edge of the 
first conductive strip, and wherein the anode is formed 
by a nonpointed edge of the second conductive strip. 

11. A rectifying antenna as claimed in claim 9, 
wherein the first field emission diode is a vertical field 
emission diode. 

12. A rectifying antenna for rectifying electromag- 
netic radiation with a wavelength shorter than 3.0 centi- 
meters, comprising: 

a substrate comprising a layer of insulating material 

with a first surface; 

a first conductive strip on a first surface of the sub- 
strate with a length in a first direction wherein a 
pointed edge of the first conductive strip forms a 
cathode of a linear field emission diode; and 

a second conductive strip on the first surface of the 
substrate with a length in the first direction 
wherein the second conductive strip forms an 
anode of a linear field emission diode, and wherein 
the second conductive strip is located along the 
first direction with respect to the first conductive 
strip, and wherein the length of the first conductive 
strip in the first direction is less than half the wave- 
length, and wherein the length of the second con- 
ductive strip in the first direction is less than half 
the wavelength and wherein the length of the first 
conductive strip in the first direction summed with 
the length of the second conductive strip in the first 
direction make a total length which is approxi- 
mately equal to half of the wavelength. 

13. A rectifying antenna as claimed in claim 12, fur- 
ther comprising a conductive layer on a second surface 
of the substrate, wherein the conductive layer is sepa- 
rated from the first conductive strip by a distance which 
is approximately equal to one fourth of the wavelength. 

14. A rectifying antenna as claimed i in claim 13, fur- 


ther comprising: 


a first load terminal elecirically connected to the first 
conductive strip; and 

a second load terminal electrically connected to the 
second conducting strip, wherein the cathode is 
located on the part of the first conductive strip 
closest to the second conductive strip, and wherein 
the anode is located on the part of the second con- 
ductive strip closest to the cathode, and wherein 
the first anode and the first cathode are separated 
by a distance less than 10 microns forming a field 
emission diode. 

15. A rectifying antenna as claimed in claim 13, fur- 

ther comprising: 

a third conductive strip on the first surface of the 

-substrate with first and second nonpointed edges 
that form first and second anodes, wherein a 
pointed edge of the second conductive strip forms 
a cathode, and the first anode of the third conduc- 
tive strip is located less than 10 microns away from 
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the cathode on the first conductive strip forming a pointed edge of the first conductive strip forms an 
first field emission diode and the second anode of anode, and the first cathode of the fourth conduc- 
the third conductive strip is located less than 10 tive strip is located less than 10 microns away from 
microns away from the cathode on the second the anode on the first conductive strip forming a 
conductive strip forming a second field emission 5 third field emission diode and the second cathode 
diode; and of the fourth conductive strip is located less than 10 
a fourth conductive strip on the first surface of the microns away from the anode on the second con- 
‘substrate with first and second pointed edges that ductive strip forming a fourth field emission diode. 
form first and second cathodes, wherein a non- ETE. E RR 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


This application is a continuation application of U.S. 
patent application Ser. No. 12/255,130, filed on Oct. 21, 
2008 (now U.S. Pat. No. 8,686,575, issued on Apr. 1, 2014), 
which is a continuation application of U.S. patent applica- 
tion Ser. No. 11/358,264, filed on Feb. 21, 2006 (now U.S. 
Pat. No. 7,439,712, issued on Oct. 21, 2008), which are 
incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for 
collecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the 
electric field and the electric current in the atmosphere 
propagated by the conductivity of the air. Clear, calm air 
carries an electrical current, which is the return path for 
thousands of lightening storms simultaneously occurring at 
any given moment around the earth. For simplicity, this 
energy may be referred to as static electricity or static 
energy. FIG. 1 illustrates a weather circuit for returning the 
current from lightning, for example, back to ground 10. 
Weather currents 20, 30 return the cloud to ground current 
40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the 
lightening flash. As one of ordinary skill in the art under- 
stands, the complete circuit requires a return path for the 
lightening flash. The atmosphere is the return path for the 
circuit. The electric field due to the atmospheric return path 
is relatively weak at any given point because the energy of 
thousands of electrical storms across the planet are diffused 
over the atmosphere of the entire Earth during both fair and 
stormy weather. Other contributing factors to electric current 
being present in the atmosphere may include cosmic rays 
penetrating and interacting with the earth’s atmosphere, and 
also the migration of ions, as well as other effects yet to be 
fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs 
per cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil 
(or building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available 
in the atmosphere, a method or apparatus for efficiently 
collecting that energy has not been forthcoming. Therefore, 
a heretofore unaddressed need exists in the industry to 
address the aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described in 
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architecture, one embodiment of the system, among others, 
can be implemented by a support structure wire elevated 
above a ground level, at least one collection fiber electrically 
connected to the support structure wire; a load electrically 
connected to the support structure wire; and a diode elec- 
trically connected between the load and at least one collec- 
tion fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, 
one embodiment of such a method, among others, can be 
broadly summarized by the following steps: suspending at 
least one collection fiber from a support structure wire 
elevated above ground level, the fiber electrically connected 
to the support structure wire; providing a load with an 
electrical connection to the support structure wire to draw 
current; and providing a diode electrically connected 
between the collection fiber and the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such addi- 
tional systems, methods, features, and advantages be 
included within this description, be within the scope of the 
present disclosure, and be protected by the accompanying 
claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components 
in the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a 
structure. 

FIG. 2A is a side view of an energy collection fiber 
suspended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment 
of a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment 
of a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment 
of an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment 
of a circuit for collecting energy and using it for the 
production of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment 
of a circuit for collecting energy, and using it for driving a 
fuel cell. 
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FIG. 8 is a circuit diagram of an exemplary embodiment 
of a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the 
external surface of the conductors, and tend to concentrate 
more around sharp points and edges than on flat surfaces. 
Therefore, an electric field received by a sharp conductive 
point may be much stronger than a field received by the 
same charge residing on a large smooth conductive shell. An 
exemplary embodiment of this disclosure takes advantage of 
this property, among others, to collect and use the energy 
generated by an electric field in the atmosphere. Referring to 
collection system 100 presented in FIG. 2, at least one 
collection device 130 may be suspended from a support wire 
system 120 supported by poles 110. Collection device 130 
may comprise a diode or a collection fiber individually, or 
the combination of a diode and a collection fiber. Support 
wire system 120 may be electrically connected to load 150 
by connecting wire 140. Supporting wire system 120 may be 
any shape or pattern. Also, conducting wire 140 may be one 
wire or multiple wires. The collection device 130 in the form 
of a fiber may comprise any conducting or non-conducting 
material, including carbon, graphite, Teflon, and metal. An 
exemplary embodiment utilizes carbon or graphite fibers for 
static electricity collection. Support wire system 120 and 
connecting wire 140 can be made of any conducting mate- 
rial, including aluminum or steel, but most notably, copper. 
Teflon may be added to said conductor as well, such as 
non-limiting examples of a Teflon impregnated wire, a wire 
with a Teflon coating, or Teflon strips hanging from a wire. 
Conducting wire 120, 140, and 200 may be bare wire, or 
coated with insulation as a non-limiting example. Wires 120 
and 140 are a means of transporting the energy collected by 
collection device 130. 

An exemplary embodiment of the collection fibers as 
collection device 130 includes graphite or carbon fibers. 
Graphite and carbon fibers, at a microscopic level, can have 
hundreds of thousands of points. Atmospheric electricity 
may be attracted to these points. If atmospheric electricity 
can follow two paths where one is a flat surface and the other 
is a pointy, conductive surface, the electrical charge will be 
attracted to the pointy, conductive surface. Generally, the 
more points that are present, the higher energy that can be 
gathered. Therefore, carbon, or graphite fibers are examples 
that demonstrate exemplary collection ability. 

In at least one exemplary embodiment, the height of 
support wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is 
suspended in the air at a particular altitude, wire 120 will 
itself collect a very small charge from ambient voltage. 
When collection device 130 is connected to support wire 
120, collection device 130 becomes energized and transfers 
the energy to support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but 
essentially blocks it in the opposite direction. A diode can be 
thought of as the electrical version of a check valve. The 
diode may be used to prevent the collected energy from 


25 


30 


40 


45 


55 


60 


4 


discharging into the atmosphere through the collection fiber 
embodiment of collection device 130. An exemplary 
embodiment of the collection device comprises the diode 
with no collection fiber. A preferred embodiment, however, 
includes a diode at the connection point of a collection fiber 
to support system 120 such that the diode is elevated above 
ground. Multiple diodes may be used between collection 
device 130 and load 150. Additionally, in an embodiment 
with multiple fibers, the diodes restricts energy that may be 
collected through one fiber from escaping through another 
fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using 
a collection fiber embodiment. FIG. 2A presents support 
wire 200 with connecting member 210 for collection device 
130. Connection member 210 may be any conducting mate- 
rial allowing for the flow of electricity from connection 
device 130 to support wire 200. Then, as shown in FIG. 2, 
the support wire 200 of support system 120 may be electri- 
cally connected through conducting wire 140 to load 150. A 
plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at an elevated position at the connection point between 
a collection fiber embodiment of collection device 130 and 
connection member 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 
holds the fiber steady on both ends instead of letting it move 
freely. Support member 230 may be conducting or non- 
conducting. A plurality of diodes may be placed at any 
position on the support structure wire. A preferred embodi- 
ment places a diode at elevated position at the connection 
point between collection fiber 130 and support wire 200 or 
between fiber 130, support member 230, and support wire 
200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 
260 and a bottom 270 and each of the multiple collection 
fibers 130 are connected on one end to top 260 and on the 
other end to bottom 270. A plurality of diodes may be placed 
at any position on support structure 250. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
structure wire 200. 

FIG. 2D presents another exemplary embodiment of a 
support structure with support members 275 in an x-shape 
connected to support structure wire 200 at intersection 278 
with collection fibers 130 connected between ends of sup- 
port members 275. A plurality of diodes may be placed at 
any position on the support structure. A preferred embodi- 
ment places a diode at an elevated position at the connection 
point between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for 
supporting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may 
be connected to support structure wire 200 in a first location 
and on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
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embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a 
support for a collection fiber. Two support members 290 
may support either side of a collection fiber and are con- 
nected to support wire 200 in a single point. A plurality of 
diodes may be placed at any position on the support struc- 
ture. A preferred embodiment places a diode at an elevated 
position at the connection point between collection fiber 130 
and support wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F 
such that at least two support members 292, 294 may be 
connected to support structure wire 200 in multiple locations 
and collection fibers 130 may be connected between each 
end of the support structures. Collection fibers 130 may be 
connected between each end of a single support structure 
and between multiple support structures. A plurality of 
diodes may be placed at any position on the support struc- 
ture. A preferred embodiment places one or more diodes at 
elevated positions at the connection point(s) between col- 
lection fiber 130 and support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection 
devices (130 from FIG. 2). Load 150 induces current flow. 
Diode 310 may be electrically connected in series between 
one or more collection devices (130 from FIG. 2) and load 
150. A plurality of diodes may be placed at any position in 
the circuit. Switch 330 may be electrically connected 
between load 150 and at least one collection device (130 
from FIG. 2) to connect and disconnect the load. Capacitor 
320 maybe connected in parallel to the switch 330 and load 
150 to store energy when switch 330 is open for delivery to 
load 150 when switch 330 is closed. Rectifier 340 may be 
electrically connected in parallel to load 150, between the 
receiving end of switch 330 and ground. Rectifier 340 may 
be a full-wave or a half-wave rectifier. Rectifier 340 may 
include a diode electrically connected in parallel to load 150, 
between the receiving end of switch 330 and ground. The 
direction of the diode of rectifier 340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection 
devices (130 from FIG. 2) by charging capacitor 410. If 
charging capacitor 410 is not used, then the connection to 
ground shown at capacitor 410 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. Diode 
310 may be electrically connected in series between one or 
more collection devices (130 from FIG. 2) and load 150. 
Diode 440 may be placed in series with load 150. The 
voltage from capacitor 410 can be used to charge spark gap 
420 when it reaches sufficient voltage. Spark gap 420 may 
comprise one or more spark gaps in parallel. Non-limiting 
examples of spark gap 420 include mercury-reed switches 
and mercury-wetted reed switches. When spark gap 420 
arcs, energy will arc from one end of the spark gap 420 to 
the receiving end of the spark gap 420. The output of spark 
gap 420 may be electrically connected in series to rectifier 
450. Rectifier 450 may be a full-wave or a half-wave 
rectifier. Rectifier 450 may include a diode electrically 
connected in parallel to transformer 430 and load 150, 
between the receiving end of spark gap 420 and ground. The 
direction of the diode of rectifier 450 is optional. The output 
of rectifier 450 is connected to transformer 430 to drive load 
150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers gen- 
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erator 520 to drive load 150. A plurality of diodes may be 
placed at any position in the circuit. Motor 510 may also be 
directly connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes maybe placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary 
spark gap 640 may be immersed in water 630 within 
container 620. When secondary spark gap 640 immersed in 
water 630 is energized, spark gap 640 may produce bubbles 
of hydrogen and oxygen, which may be collected to be used 
as fuel. 

FIG. 7 presents circuit 700 for driving a fuel cell. A 
plurality of diodes may be placed at any position in the 
circuit. Collection devices (130 from FIG. 2) provide energy 
to fuel cell 720 which drives load 150. Fuel cell 720 may 
produce hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. If charging capacitor 810 is not used, then the connec- 
tion to ground shown at capacitor 810 is eliminated. A 
plurality of diodes may be placed at any position in the 
circuit. The voltage from capacitor 810 can be used to charge 
spark gap 820 when it reaches sufficient voltage. Spark gap 
820 may comprise one or more spark gaps in parallel or in 
series. Non-limiting examples of spark gap 820 include 
mercury-reed switches and mercury-wetted reed switches. 
When spark gap 820 arcs, energy will arc from one end of 
spark gap 820 to the receiving end of spark gap 820. The 
output of spark gap 820 may be electrically connected in 
series to rectifier 825. Rectifier 825 may be a full-wave or a 
half-wave rectifier. Rectifier 825 may include a diode elec- 
trically connected in parallel to inductor 830 and load 150, 
between the receiving end of spark gap 820 and ground. The 
direction of the diode of rectifier 825 is optional. The output 
of rectifier 825 is connected to inductor 830. Inductor 830 
may be a fixed value inductor or a variable inductor. 
Capacitor 870 may be placed in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a 
load may be electrically connected to the support structure 
wire to draw current. In block 930 a diode may be electri- 
cally connected between the support structure wire and the 
electrical connection to the load. In block 940, energy 
provided to the load may be stored or otherwise utilized. 

Any process descriptions or blocks in flow charts should 
be understood as representing modules, segments, or por- 
tions of code which include one or more executable instruc- 
tions for implementing specific logical functions or steps in 
the process, and alternate implementations are included 
within the scope of the preferred embodiment of the present 
disclosure in which functions may be executed out of order 
from that shown or discussed, including substantially con- 
currently or in reverse order, depending on the functionality 
involved, as would be understood by those reasonably 
skilled in the art of the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implemen- 
tations, merely set forth for a clear understanding of the 
principles of the disclosure. Many variations and modifica- 
tions may be made to the above-described embodiment(s) of 
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the disclosure without departing substantially from the spirit 
and principles of the disclosure. All such modifications and 
variations are intended to be included herein within the 
scope of this disclosure and the present disclosure and 
protected by the following claims. 

Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one ion collection device with, in 

operation, microscopic points of a cross section of the 
collection device exposed to the environment from a 
support structure; and 

providing a load with an electrical connection to the at 

least one collection device to draw current. 

2. The method of claim 1, wherein the ion collection 
device comprises a diode. 

3. The method of claim 1, wherein the ion collection 
device comprises a collection fiber. 

4. The method of claim 3, wherein the collection fiber 
comprises carbon fiber and/or graphite fiber. 

5. The method of claim 1, wherein the ion collection 
device comprises a diode and a collection fiber and the diode 
is electrically connected between the collection fiber and the 
load. 

6. The method of claim 1, further comprising storing 
energy provided to the load in an energy storage device. 

7. The method of claim 6, wherein storing energy pro- 
vided to the load comprises storing energy in a capacitor or 
an inductor. 

8. A system of energy collection comprising: 

a support structure; 

at least one ion collection device with, in operation, 

microscopic points of a cross section of the collection 
device exposed to the environment, the ion collection 
device electrically connected to and suspended from 
the support structure; and 

a load electrically connected to the at least one ion 

collection device. 

9. The system of claim 8, wherein the ion collection 
device comprises a diode. 

10. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

11. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 


10 


15 


20 


25 


30 


35 


40 


8 


12. The system of claim 8, wherein the ion collection 
device comprises a collection fiber. 

13. The system of claim 8, wherein the ion collection 
device comprises a collection fiber and a diode electrically 
connected between the load and the collection fiber. 

14. The system of claim 8, further comprising a diode 
electrically connected between the at least one ion collection 
device and the support structure. 

15. The system of claim 8, further comprising: 

a switch connected in series between the at least one ion 

collection device and the load; and 

a capacitor connected in parallel with the switch and the 

load. 
16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the at least one ion col- 
lection device and the load, the interrupter comprising at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 
17. The system of claim 16, further comprising a trans- 
former connected between the interrupter and the load. 
18. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one ion collection device and the load; and a generator 
powered by the motor. 
19. The system of claim 8, further comprising a fuel cell 
electrically connected between the ion collection device and 
the load. 
20. The system of claim 19, wherein the fuel cell produces 
hydrogen and oxygen. 
21. A system of collecting energy comprising: 
means for suspending at least one ion collection device 
with, in operation, microscopic points of a cross section 
of the collection device exposed to the environment; 

means for inducing current flow, the means for inducing 
current flow electrically connected to at least one ion 
collection device; and 

means for restricting the backflow of charge carriers, the 

means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
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1 
ENERGY COLLECTION 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure, the support structure 
comprising at least one of an airplane, drone, blimp, balloon, 
kite, satellite, train, motorcycle, bike, skateboard, scooter, 
hovercraft, electronic device, electronic device case, bill- 
board, cell tower, radio tower, camera tower, flag pole, tele- 
scopic pole, light pole, utility pole, water tower, building, sky 
scraper, coliseum, roof top, solar panel and a fixed or mobile 
structure exceeding 1 inch in height above ground or sea 
level; at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


2 


exposed to the environment electrically connected to the sup- 
port structure; and a load electrically connected to the at least 
one collection device. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection device with, in operation, microscopic points of a 
cross-section of the collection device exposed to the environ- 
ment from a support structure, the at least one collection 
device electrically connected to the support structure, the 
support structure comprising at least one of an airplane, 
drone, blimp, balloon, kite, satellite, train, motorcycle, bike, 
skateboard, scooter, hovercraft, electronic device, electronic 
device case, billboard, cell tower, radio tower, camera tower, 
flag pole, telescopic pole, light pole, utility pole, water tower, 
building, sky scraper, coliseum, roof top, solar panel and a 
fixed or mobile structure exceeding 1 inch in height above 
ground or sea level; and providing a load with an electrical 
connection to the at least one collection device to draw cur- 
rent. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an example embodiment of 
many energy collectors elevated above ground by a structure. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an example embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an example embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an example embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an example embodiment of a 
circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an example embodiment of a 
circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an example embodiment of an 
energy collection circuit for powering a generator and motor. 

FIG. 6 is a circuit diagram of an example embodiment of a 
circuit for collecting energy and using it for the production of 
hydrogen and oxygen. 
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FIG. 7 is a circuit diagram of an example embodiment of a 
circuit for collecting energy, and using 1t for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an example embodiment of a 
circuit for collecting energy. 

FIG. 9 is a flow diagram of an example embodiment of 
collecting energy with a collection fiber. 

FIG. 10 is a circuit diagram of an example embodiment of 
a circuit for collecting energy from a dual polarity source. 

FIG. 11 is a system diagram of an example embodiment of 
an energy collection system connected to an automobile 
vehicle. 

FIG. 12 is a system diagram of an example embodiment of 
an energy collection system connected to a lunar rover 
vehicle. 

FIG. 13 is asystem diagram of an example embodiment of 
an energy collection system comprising collection devices 
with a diode. 

FIG. 14 is a system diagram of an example embodiment of 
an energy collection system comprising multiple legs of the 
system of FIG. 13. 

FIG. 15 is a system diagram of an example embodiment of 
a windmill with energy collectors. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An 
example embodiment of this disclosure takes advantage of 
this property, among others, to collect and use the energy 
generated by an electric field in the atmosphere. Referring to 
collection system 100 presented in FIG. 2, at least one col- 
lection device 130 may be suspended from a support wire 
system 120 supported by poles 110. Collection device 130 
may comprise a diode or a collection fiber individually, or the 
combination of a diode and a collection fiber. Support wire 
system 120 may be electrically connected to load 150 by 
connecting wire 140. Supporting wire system 120 may be any 
shape or pattern. Also, conducting wire 140 may be one wire 
or multiple wires. The collection device 130 in the form of a 
fiber may comprise any conducting or non-conducting mate- 
rial, including carbon, graphite, Teflon, and metal. An 
example embodiment utilizes carbon or graphite fibers for 
static electricity collection. Support wire system 120 and 
connecting wire 140 can be made of any conducting material, 
including aluminum or steel, but most notably, copper. Teflon 
may be added to said conductor as well, such as non-limiting 
examples of a Teflon impregnated wire, a wire with a Teflon 
coating, or Teflon strips hanging from a wire. Conducting 
wire 120, 140, and 200 may be bare wire, or coated with 
insulation as a non-limiting example. Wires 120 and 140 are 
a means of transporting the energy collected by collection 
device 130. 

An example embodiment of the collection fibers as collec- 
tion device 130 includes graphite or carbon fibers. Graphite 
and carbon fibers, at a microscopic level, can have hundreds 
of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
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are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate col- 
lection ability. 

In at least one example embodiment, the height of support 
wire 120 may be an important factor. The higher that collec- 
tion device 130 is from ground, the larger the voltage poten- 
tial between collection device 130 and electrical ground. The 
electric field may be more than 100 volts per meter under 
some conditions. When support wire 120 is suspended in the 
air at a particular altitude, wire 120 will itself collect a very 
small charge from ambient voltage. When collection device 
130 is connected to support wire 120, collection device 130 
becomes energized and transfers the energy to support wire 
120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought of as the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An example embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 
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FIG. 2D presents another example embodiment of a sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another example embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another example embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 maybe connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an example embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
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410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes maybe placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 

FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents example circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. If charging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 


US 9,331,603 B2 


7 


FIG. 10 presents circuit 1000 as an example embodiment 
for the collection of energy from a dual polarity source. This 
may be used, for example, to collect atmospheric energy that 
reverses in polarity compared with the ground. Such polarity 
reversal has been discovered as occurring occasionally on 
Earth during, for example, thunderstorms and bad weather, 
but has also been observed during good weather. Such polar- 
ity reversal may occur on other planetary bodies, including 
Mars and Venus, as well. Energy polarity on other planets, in 
deep space, or on other heavenly bodies, may be predomi- 
nantly negative or predominantly positive. Collector fibers 
(130 from FIG. 2), which may comprise graphene, silicene, 
and/or other like materials, are capable of collecting positive 
energy and/or negative energy, and circuit 1000 is capable of 
processing positive and/or negative energy, providing an out- 
put which is always positive. Circuit 1000 may collect energy 
from one or more collection devices (130 from FIG. 2). 
Charging capacitor 1010 may be used to store a charge until 
the voltage at spark gap 1020 achieves the spark voltage. 
Capacitor 1010 is optional. 

A plurality of diodes may be placed in a plurality of posi- 
tions in circuit 1000. The voltage from capacitor 1010 may be 
used to charge spark gap 1020 to a sufficient voltage. Spark 
gap 1020 may comprise one or more spark gaps in parallel or 
in series. Non-limiting examples of spark gap 1020 include 
mercury-reed switches, mercury-wetted reed switches, open- 
gap spark gaps, and electronic switches. When spark gap 
1020 arcs, energy will arc from an emitting end of spark gap 
1020 to areceiving end of spark gap 1020. The output of spark 
gap 1020 is electrically connected to the anode of diode 1022 
and the cathode of diode 1024. The cathode of diode 1022 is 
electrically connected to the cathode of diode 1026 and 
inductor 1030. Inductor 1030 may be a fixed value inductor or 
a variable inductor. The anode of diode 1026 is electrically 
connected to ground. Capacitor 1028 is electrically con- 
nected between ground and the junction of the cathodes of 
diode 1022 and diode 1026. Inductor 1035 is electrically 
connected between ground and the anode of diode 1024. 
Inductor 1035 may be a fixed value inductor or a variable 
inductor. Capacitor 1070, the anode of diode 1026, inductor 
1035, and load 1050 are electrically connected to ground. 
Capacitor 1070 may be placed in parallel with load 150. 

FIGS. 11 and 12 provide example embodiments of vehicle 
1110, which utilizes electricity, the vehicle employing sys- 
tems of energy collection provided herein. Vehicle 1100 in 
FIG. 11 is shown as an automobile vehicle, but could be any 
means of locomotion that utilizes electricity, including a car, 
a train, a motorcycle, a boat, an airplane, robotic rovers, space 
craft, etc. Vehicle 1200 in FIG. 12 is shown as a lunar rover 
vehicle. In FIGS. 11 and 12, support rod 1110, 1210 is elec- 
trically connected to an electrical system in vehicle 1100, 
1200. Energy collectors 130, which may comprise graphene, 
silicene, and/or other like materials, are electrically con- 
nected to support rod 1110, 1210 and may be used to supply 
energy to electrical circuits within the vehicle. A non-limiting 
use includes a top-off charge for a battery system, on-board 
hydrogen production, and/or assisting in the same. Energy 
collectors 130 may be used to augment the efficiency of the 
locomotion that utilizes electrical energy as well. 

FIG. 13 provides an example embodiment of energy col- 
lection system 1200 in which diode 310 is used to isolate 
collection devices 130 from spark gap 1020 and load 150. 
Collection devices 130 may comprise graphite, carbon fibers, 
carbon/carbon fibers, graphene, silicene, and/or other like 
materials, or a mixture thereof. 

FIG. 14 provides an example embodiment of energy col- 
lection system 1400 in which a plurality of energy collection 
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systems, such as that provided in FIG. 13, are combined. Each 
leg consisting of collection devices 130, which may comprise 
graphene, silicene, and/or other like materials, and diode 310 
are connected in parallel with other legs, each leg electrically 
connected to trunk wire 1410. The legs could also be con- 
nected serially. Trunk wire 1410 is electrically connected to a 
collection circuit, which may comprise load 150 and spark 
gap 1020 in any configuration that has been previously dis- 
cussed. Each leg may comprise one or more collection 
devices 130 and at least one diode electrically connected 
between the collection devices and the collection circuit. 
Although three collection devices 130 are shown on each leg, 
any number of collection devices may be used. Although four 
legs are shown, any number of legs may be used. 

FIG. 15 presents a system diagram of an example embodi- 
ment of a windmill with energy collectors, which may com- 
prise graphene, silicene, and/or other like materials in an 
example embodiment. A windmill is an engine powered by 
the energy of wind to produce alternative forms of energy. 
They may, for example, be implemented as small tower 
mounted wind engines used to pump water on farms. The 
modern wind power machines used for generating electricity 
are more properly called wind turbines. Common applica- 
tions of windmills are grain milling, water pumping, thresh- 
ing, and saw mills. Over the ages, windmills have evolved 
into more sophisticated and efficient wind-powered water 
pumps and electric power generators. In an example embodi- 
ment, as provided in FIG. 10, windmill tower 1500 of suitable 
height and/or propeller 1520 of windmill tower 1500 may be 
equipped with energy collecting fibers 1530, 1540, which 
may comprise graphene, silicene, and/or other like materials 
in an example embodiment. Collecting fibers 1530, 1540 may 
turn windmill 1500 into a power producing asset even when 
there is not enough wind to turn propellers 1520. During 
periods when there is enough wind to turn propellers 1520, 
collecting fibers 1530, 1540 may supplement/boost the 
amount of energy the windmill produces. 

A windmill is an engine powered by the energy of wind to 
produce alternative forms of energy. They may, for example, 
be implemented as small tower mounted wind engines used to 
pump water on farms. The modern wind power machines 
used for generating electricity are more properly called wind 
turbines. Common applications of windmills are grain mill- 
ing, water pumping, threshing, and saw mills. Over the ages, 
windmills have evolved into more sophisticated and efficient 
wind-powered water pumps and electric power generators. In 
an example embodiment, as provided in FIG. 10, windmill 
tower 1000 of suitable height and/or propeller 1020 of wind- 
mill tower 1000 may be equipped with energy collecting 
fibers 1030, 1040. Collecting fibers 1030, 1040 may turn 
windmill 1000 into a power producing asset even when there 
is not enough wind to turn propellers 1020. During periods 
when there is enough wind to turn propellers 1020, collecting 
fibers 1030, 1040 may supplement/boost the amount of 
energy the windmill produces. 

Windmill 1500, properly equipped with ion collectors 
1530, 1540, such as a non-limiting example of fibers with 
graphene, silicene, and/or other like materials, can produce 
electricity: 1) by virtue of providing altitude to the fiber to 
harvest ions, and 2) while the propeller is turning, by virtue of 
wind blowing over the fiber producing electricity, among 
other reasons, via the triboelectric effect (however, it is also 
possible for the triboelectric effect to occur, producing elec- 
tricity, in winds too weak to turn the propeller). 

There are at least two ways that energy collectors may be 
employed on or in a windmill propeller to harvest energy. 
Propellers 1520 may be equipped with energy collectors 
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1530, 1540 attached to, or supported by, propeller 1520 with 
wires (or metal embedded in, or on propeller 1520) electri- 
cally connecting energy collectors 1530, 1540, which may 
comprise graphene, silicene, and/or other like materials, to a 
load or power conversion circuit. There may be a requirement 
to electrically isolate energy collectors 1530, 1540, which are 
added to propeller 1520, from electrical ground, so that the 
energy collected does not short to ground through propeller 
1520 itself or through support tower 1510, but rather is con- 
veyed to the load or power conversion circuit. Energy collec- 
tors may be connected to the end of propellers 1520 such as 
collectors 1530. Alternatively, energy collectors may be con- 
nected to the sides of propellers 1520 such as collectors 1540. 

Alternatively, propeller 1520 may be constructed of carbon 
fiber or other suitable material, with wires (or the structural 
metal supporting propeller 1520 may be used) electrically 
connecting to a load or power conversion circuit. In the case 
of propeller 1520 itself being constructed of carbon fiber, for 
example, the fiber may be ‘rough finished’ in selected areas so 
that the fiber is “fuzzy.” For example, small portions of it may 
protrude into the air as a means of enhancing collection effi- 
ciency. The fuzzy parts of collectors 1530, 1540 may do much 
of the collecting. There may be a requirement to electrically 
isolate carbon fiber propeller 1520 from electrical ground, so 
that the energy it collects does not short to ground through 
metal support tower 1510, but rather is conveyed to the load or 
power conversion circuit. Diodes may be implemented within 
the circuit to prevent the backflow of energy, although diodes 
may not be necessary in some applications. 

In an alternative embodiment, windmill 1500 may be used 
as a base on which to secure an even higher extension tower to 
support the energy collectors and/or horizontal supports 
extending out from tower 1510 to support the energy collec- 
tors. Electrical energy may be generated via ion collection 
due to altitude and also when a breeze or wind blows over the 
collectors supported by tower 1510. 

In alternative embodiments to windmill 1500, other non- 
limiting example support structures include airplanes, 
drones, blimps, balloons, kites, satellites, cars, boats, trucks, 
(including automobile and other transportation conveyance 
tires), trains, motorcycles, bikes, skateboards, scooters, hov- 
ercraft (automobiles and conveyance of any kind), billboards, 
cell towers, radio towers, camera towers, flag poles, towers of 
any kind including telescopic, light poles, utility poles, water 
towers, buildings, sky scrapers, coliseums, roof tops, solar 
panel and all fixed or mobile structures exceeding 1 inch in 
height above ground or sea level. 

An example embodiment of a support structure may also 
include cell phones and other electronic devices and their 
cases, including cases containing rechargeable batteries. For 
example, someone may set her cell phone or other electronic 
device or battery pack on the window ledge ofa tall apartment 
building to help charge it. Other example support structures 
may include space stations, moon and Mars structures, rock- 
ets, planetary rovers and drones including robots and artificial 
intelligence entities. 

Under some conditions, ambient voltage may be found to 
be 180-400 volts at around 6 ft, with low current. With the new 
generation of low current devices being developed, a hat 
containing ion harvesting material may provide enough 
charge, or supplemental charge, collected over time to help 
power low current devices such as future cell phones, tracking 
devices, GPS, audio devices, smart glasses, etc. Clothes may 
also be included as examples of support structures. Friction of 
the ion collection material (such as non-limiting examples of 
carbon, graphite, silicene and graphene) against unlike mate- 
rials, such as wool, polyester, cotton, etc (used in clothes) may 
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cause a voltage to be generated when rubbed together. Addi- 
tionally, wind passing over the ion collection material has 
been demonstrated to generate voltage, even at low altitude. 
In an additional example embodiment, embedding collection 
devices into automobile tires (for example, in a particular 
pattern) could generate collectible voltage. 

Any process descriptions or blocks in flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 

Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 
tion, microscopic points of a cross-section of the collec- 
tion device exposed to the environment from a support 
structure, the at least one collection device electrically 
connected to the support structure, the support structure 
comprising at least one of an airplane, drone, blimp, 
balloon, kite, satellite, train, motorcycle, bike, skate- 
board, scooter, hovercraft, electronic device, electronic 
device case, billboard, cell tower, radio tower, camera 
tower, flag pole, telescopic pole, light pole, utility pole, 
water tower, building, sky scraper, coliseum, roof top, 
solar panel and a fixed or mobile structure exceeding 1 
inch in height above ground or sea level; and 

providing a load with an electrical connection to the at least 
one collection device to draw current. 

2. The method of claim 1, wherein the collection device 

collects energy by triboelectric effect. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises at least one of carbon, graphite, silicene and 
graphene. 

8. A system of energy collection comprising: 

a support structure, the support structure comprising at 
least one of an airplane, drone, blimp, balloon, kite, 
satellite, train, motorcycle, bike, skateboard, scooter, 
hovercraft, electronic device, electronic device case, 
billboard, cell tower, radio tower, camera tower, flag 
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pole, telescopic pole, light pole, utility pole, water tower, 
building, sky scraper, coliseum, roof top, solar panel and 
a fixed or mobile structure exceeding 1 inch in height 
above ground or sea level; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment electrically connected to the 
support structure; and 

a load electrically connected to the at least one collection 

device. 

9. The system of claim 8, wherein the collection device 
collects energy by triboelectric effect. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 11, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises at least one of carbon, graphite, silicene, or 
graphene. 

14. The system of claim 8, further comprising a diode 
electrically connected between the at least one collection 
device and the support structure. 

15. The system of claim 8, further comprising: a switch 
connected in series between the at least one collection device 
and the load; and a capacitor connected in parallel with the 
switch and the load. 

16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the load and at least one 
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collection device, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

17. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one collection device and the load; and a generator powered 
by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 

19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 

20. A system of collecting energy comprising: 

means for suspending at least one collection device with, in 

operation, microscopic points of a cross-section of the 
collection device exposed to the environment, the at 
least one collection device electrically connected to the 
means for suspending, the means for suspending com- 
prising at least one ofan airplane, drone, blimp, balloon, 
kite, satellite, train, motorcycle, bike, skateboard, 
scooter, hovercraft, electronic device, electronic device 
case, billboard, cell tower, radio tower, camera tower, 
flag pole, telescopic pole, light pole, utility pole, water 
tower, building, sky scraper, coliseum, roof top, solar 
panel and a fixed or mobile structure exceeding 1 inch in 
height above ground or sea level; 

means for inducing current flow, the means for inducing 

current flow electrically connected to the means for sus- 
pending; and 

means for restricting the backflow of charge carriers, the 

means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


This application is a continuation application of U.S. 
patent application Ser. No. 12/255,130, filed on Oct. 21, 
2008 (now U.S. Pat. No. 8,686,575, issued on Apr. 1, 2014), 
which is a continuation application of U.S. patent applica- 
tion Ser. No. 11/358,264, filed on Feb. 21, 2006 (now U.S. 
Pat. No. 7,439,712, issued on Oct. 21, 2008), which are 
incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for 
collecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the 
electric field and the electric current in the atmosphere 
propagated by the conductivity of the air. Clear, calm air 
carries an electrical current, which is the return path for 
thousands of lightening storms simultaneously occurring at 
any given moment around the earth. For simplicity, this 
energy may be referred to as static electricity or static 
energy. FIG. 1 illustrates a weather circuit for returning the 
current from lightning, for example, back to ground 10. 
Weather currents 20, 30 return the cloud to ground current 
40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the 
lightening flash. As one of ordinary skill in the art under- 
stands, the complete circuit requires a return path for the 
lightening flash. The atmosphere is the return path for the 
circuit. The electric field due to the atmospheric return path 
is relatively weak at any given point because the energy of 
thousands of electrical storms across the planet are diffused 
over the atmosphere of the entire Earth during both fair and 
stormy weather. Other contributing factors to electric current 
being present in the atmosphere may include cosmic rays 
penetrating and interacting with the earth’s atmosphere, and 
also the migration of ions, as well as other effects yet to be 
fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs 
per cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil 
(or building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available 
in the atmosphere, a method or apparatus for efficiently 
collecting that energy has not been forthcoming. Therefore, 
a heretofore unaddressed need exists in the industry to 
address the aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described in 
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architecture, one embodiment of the system, among others, 
can be implemented by a support structure wire elevated 
above a ground level, at least one collection fiber electrically 
connected to the support structure wire; a load electrically 
connected to the support structure wire; and a diode elec- 
trically connected between the load and at least one collec- 
tion fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, 
one embodiment of such a method, among others, can be 
broadly summarized by the following steps: suspending at 
least one collection fiber from a support structure wire 
elevated above ground level, the fiber electrically connected 
to the support structure wire; providing a load with an 
electrical connection to the support structure wire to draw 
current; and providing a diode electrically connected 
between the collection fiber and the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such addi- 
tional systems, methods, features, and advantages be 
included within this description, be within the scope of the 
present disclosure, and be protected by the accompanying 
claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components 
in the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a 
structure. 

FIG. 2A is a side view of an energy collection fiber 
suspended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment 
of a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment 
of a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment 
of an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment 
of a circuit for collecting energy and using it for the 
production of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment 
of a circuit for collecting energy, and using it for driving a 
fuel cell. 
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FIG. 8 is a circuit diagram of an exemplary embodiment 
of a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the 
external surface of the conductors, and tend to concentrate 
more around sharp points and edges than on flat surfaces. 
Therefore, an electric field received by a sharp conductive 
point may be much stronger than a field received by the 
same charge residing on a large smooth conductive shell. An 
exemplary embodiment of this disclosure takes advantage of 
this property, among others, to collect and use the energy 
generated by an electric field in the atmosphere. Referring to 
collection system 100 presented in FIG. 2, at least one 
collection device 130 may be suspended from a support wire 
system 120 supported by poles 110. Collection device 130 
may comprise a diode or a collection fiber individually, or 
the combination of a diode and a collection fiber. Support 
wire system 120 may be electrically connected to load 150 
by connecting wire 140. Supporting wire system 120 may be 
any shape or pattern. Also, conducting wire 140 may be one 
wire or multiple wires. The collection device 130 in the form 
of a fiber may comprise any conducting or non-conducting 
material, including carbon, graphite, Teflon, and metal. An 
exemplary embodiment utilizes carbon or graphite fibers for 
static electricity collection. Support wire system 120 and 
connecting wire 140 can be made of any conducting mate- 
rial, including aluminum or steel, but most notably, copper. 
Teflon may be added to said conductor as well, such as 
non-limiting examples of a Teflon impregnated wire, a wire 
with a Teflon coating, or Teflon strips hanging from a wire. 
Conducting wire 120, 140, and 200 may be bare wire, or 
coated with insulation as a non-limiting example. Wires 120 
and 140 are a means of transporting the energy collected by 
collection device 130. 

An exemplary embodiment of the collection fibers as 
collection device 130 includes graphite or carbon fibers. 
Graphite and carbon fibers, at a microscopic level, can have 
hundreds of thousands of points. Atmospheric electricity 
may be attracted to these points. If atmospheric electricity 
can follow two paths where one is a flat surface and the other 
is a pointy, conductive surface, the electrical charge will be 
attracted to the pointy, conductive surface. Generally, the 
more points that are present, the higher energy that can be 
gathered. Therefore, carbon, or graphite fibers are examples 
that demonstrate exemplary collection ability. 

In at least one exemplary embodiment, the height of 
support wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is 
suspended in the air at a particular altitude, wire 120 will 
itself collect a very small charge from ambient voltage. 
When collection device 130 is connected to support wire 
120, collection device 130 becomes energized and transfers 
the energy to support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but 
essentially blocks it in the opposite direction. A diode can be 
thought of as the electrical version of a check valve. The 
diode may be used to prevent the collected energy from 
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discharging into the atmosphere through the collection fiber 
embodiment of collection device 130. An exemplary 
embodiment of the collection device comprises the diode 
with no collection fiber. A preferred embodiment, however, 
includes a diode at the connection point of a collection fiber 
to support system 120 such that the diode is elevated above 
ground. Multiple diodes may be used between collection 
device 130 and load 150. Additionally, in an embodiment 
with multiple fibers, the diodes restricts energy that may be 
collected through one fiber from escaping through another 
fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using 
a collection fiber embodiment. FIG. 2A presents support 
wire 200 with connecting member 210 for collection device 
130. Connection member 210 may be any conducting mate- 
rial allowing for the flow of electricity from connection 
device 130 to support wire 200. Then, as shown in FIG. 2, 
the support wire 200 of support system 120 may be electri- 
cally connected through conducting wire 140 to load 150. A 
plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at an elevated position at the connection point between 
a collection fiber embodiment of collection device 130 and 
connection member 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 
holds the fiber steady on both ends instead of letting it move 
freely. Support member 230 may be conducting or non- 
conducting. A plurality of diodes may be placed at any 
position on the support structure wire. A preferred embodi- 
ment places a diode at elevated position at the connection 
point between collection fiber 130 and support wire 200 or 
between fiber 130, support member 230, and support wire 
200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 
260 and a bottom 270 and each of the multiple collection 
fibers 130 are connected on one end to top 260 and on the 
other end to bottom 270. A plurality of diodes may be placed 
at any position on support structure 250. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
structure wire 200. 

FIG. 2D presents another exemplary embodiment of a 
support structure with support members 275 in an x-shape 
connected to support structure wire 200 at intersection 278 
with collection fibers 130 connected between ends of sup- 
port members 275. A plurality of diodes may be placed at 
any position on the support structure. A preferred embodi- 
ment places a diode at an elevated position at the connection 
point between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for 
supporting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may 
be connected to support structure wire 200 in a first location 
and on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
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embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a 
support for a collection fiber. Two support members 290 
may support either side of a collection fiber and are con- 
nected to support wire 200 in a single point. A plurality of 
diodes may be placed at any position on the support struc- 
ture. A preferred embodiment places a diode at an elevated 
position at the connection point between collection fiber 130 
and support wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F 
such that at least two support members 292, 294 may be 
connected to support structure wire 200 in multiple locations 
and collection fibers 130 may be connected between each 
end of the support structures. Collection fibers 130 may be 
connected between each end of a single support structure 
and between multiple support structures. A plurality of 
diodes may be placed at any position on the support struc- 
ture. A preferred embodiment places one or more diodes at 
elevated positions at the connection point(s) between col- 
lection fiber 130 and support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection 
devices (130 from FIG. 2). Load 150 induces current flow. 
Diode 310 may be electrically connected in series between 
one or more collection devices (130 from FIG. 2) and load 
150. A plurality of diodes may be placed at any position in 
the circuit. Switch 330 may be electrically connected 
between load 150 and at least one collection device (130 
from FIG. 2) to connect and disconnect the load. Capacitor 
320 maybe connected in parallel to the switch 330 and load 
150 to store energy when switch 330 is open for delivery to 
load 150 when switch 330 is closed. Rectifier 340 may be 
electrically connected in parallel to load 150, between the 
receiving end of switch 330 and ground. Rectifier 340 may 
be a full-wave or a half-wave rectifier. Rectifier 340 may 
include a diode electrically connected in parallel to load 150, 
between the receiving end of switch 330 and ground. The 
direction of the diode of rectifier 340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection 
devices (130 from FIG. 2) by charging capacitor 410. If 
charging capacitor 410 is not used, then the connection to 
ground shown at capacitor 410 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. Diode 
310 may be electrically connected in series between one or 
more collection devices (130 from FIG. 2) and load 150. 
Diode 440 may be placed in series with load 150. The 
voltage from capacitor 410 can be used to charge spark gap 
420 when it reaches sufficient voltage. Spark gap 420 may 
comprise one or more spark gaps in parallel. Non-limiting 
examples of spark gap 420 include mercury-reed switches 
and mercury-wetted reed switches. When spark gap 420 
arcs, energy will arc from one end of the spark gap 420 to 
the receiving end of the spark gap 420. The output of spark 
gap 420 may be electrically connected in series to rectifier 
450. Rectifier 450 may be a full-wave or a half-wave 
rectifier. Rectifier 450 may include a diode electrically 
connected in parallel to transformer 430 and load 150, 
between the receiving end of spark gap 420 and ground. The 
direction of the diode of rectifier 450 is optional. The output 
of rectifier 450 is connected to transformer 430 to drive load 
150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers gen- 
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erator 520 to drive load 150. A plurality of diodes may be 
placed at any position in the circuit. Motor 510 may also be 
directly connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes maybe placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary 
spark gap 640 may be immersed in water 630 within 
container 620. When secondary spark gap 640 immersed in 
water 630 is energized, spark gap 640 may produce bubbles 
of hydrogen and oxygen, which may be collected to be used 
as fuel. 

FIG. 7 presents circuit 700 for driving a fuel cell. A 
plurality of diodes may be placed at any position in the 
circuit. Collection devices (130 from FIG. 2) provide energy 
to fuel cell 720 which drives load 150. Fuel cell 720 may 
produce hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. If charging capacitor 810 is not used, then the connec- 
tion to ground shown at capacitor 810 is eliminated. A 
plurality of diodes may be placed at any position in the 
circuit. The voltage from capacitor 810 can be used to charge 
spark gap 820 when it reaches sufficient voltage. Spark gap 
820 may comprise one or more spark gaps in parallel or in 
series. Non-limiting examples of spark gap 820 include 
mercury-reed switches and mercury-wetted reed switches. 
When spark gap 820 arcs, energy will arc from one end of 
spark gap 820 to the receiving end of spark gap 820. The 
output of spark gap 820 may be electrically connected in 
series to rectifier 825. Rectifier 825 may be a full-wave or a 
half-wave rectifier. Rectifier 825 may include a diode elec- 
trically connected in parallel to inductor 830 and load 150, 
between the receiving end of spark gap 820 and ground. The 
direction of the diode of rectifier 825 is optional. The output 
of rectifier 825 is connected to inductor 830. Inductor 830 
may be a fixed value inductor or a variable inductor. 
Capacitor 870 may be placed in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a 
load may be electrically connected to the support structure 
wire to draw current. In block 930 a diode may be electri- 
cally connected between the support structure wire and the 
electrical connection to the load. In block 940, energy 
provided to the load may be stored or otherwise utilized. 

Any process descriptions or blocks in flow charts should 
be understood as representing modules, segments, or por- 
tions of code which include one or more executable instruc- 
tions for implementing specific logical functions or steps 1n 
the process, and alternate implementations are included 
within the scope of the preferred embodiment of the present 
disclosure in which functions may be executed out of order 
from that shown or discussed, including substantially con- 
currently or in reverse order, depending on the functionality 
involved, as would be understood by those reasonably 
skilled in the art of the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implemen- 
tations, merely set forth for a clear understanding of the 
principles of the disclosure. Many variations and modifica- 
tions may be made to the above-described embodiment(s) of 
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the disclosure without departing substantially from the spirit 
and principles of the disclosure. All such modifications and 
variations are intended to be included herein within the 
scope of this disclosure and the present disclosure and 
protected by the following claims. 

Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one ion collection device with, in 

operation, microscopic points of a cross section of the 
collection device exposed to the environment from a 
support structure; and 

providing a load with an electrical connection to the at 

least one collection device to draw current. 

2. The method of claim 1, wherein the ion collection 
device comprises a diode. 

3. The method of claim 1, wherein the ion collection 
device comprises a collection fiber. 

4. The method of claim 3, wherein the collection fiber 
comprises carbon fiber and/or graphite fiber. 

5. The method of claim 1, wherein the ion collection 
device comprises a diode and a collection fiber and the diode 
is electrically connected between the collection fiber and the 
load. 

6. The method of claim 1, further comprising storing 
energy provided to the load in an energy storage device. 

7. The method of claim 6, wherein storing energy pro- 
vided to the load comprises storing energy in a capacitor or 
an inductor. 

8. A system of energy collection comprising: 

a support structure; 

at least one ion collection device with, in operation, 

microscopic points of a cross section of the collection 
device exposed to the environment, the ion collection 
device electrically connected to and suspended from 
the support structure; and 

a load electrically connected to the at least one ion 

collection device. 

9. The system of claim 8, wherein the ion collection 
device comprises a diode. 

10. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

11. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 
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12. The system of claim 8, wherein the ion collection 
device comprises a collection fiber. 

13. The system of claim 8, wherein the ion collection 
device comprises a collection fiber and a diode electrically 
connected between the load and the collection fiber. 

14. The system of claim 8, further comprising a diode 
electrically connected between the at least one ion collection 
device and the support structure. 

15. The system of claim 8, further comprising: 

a switch connected in series between the at least one ion 

collection device and the load; and 

a capacitor connected in parallel with the switch and the 

load. 
16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the at least one ion col- 
lection device and the load, the interrupter comprising at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 
17. The system of claim 16, further comprising a trans- 
former connected between the interrupter and the load. 
18. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one ion collection device and the load; and a generator 
powered by the motor. 
19. The system of claim 8, further comprising a fuel cell 
electrically connected between the ion collection device and 
the load. 
20. The system of claim 19, wherein the fuel cell produces 
hydrogen and oxygen. 
21. A system of collecting energy comprising: 
means for suspending at least one ion collection device 
with, in operation, microscopic points of a cross section 
of the collection device exposed to the environment; 

means for inducing current flow, the means for inducing 
current flow electrically connected to at least one ion 
collection device; and 

means for restricting the backflow of charge carriers, the 

means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
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SYSTEMS AND METHODS OF LAUNCH 
PLATFORM ISOLATION 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


[0001] This application claims benefit to U.S. provisional 
patent application Ser. No. 62/732,100, filed on Sep. 17, 
2018, which is incorporated by reference herein. 


TECHNICAL FIELD 


[0002] The present disclosure is generally related to 
energy and, more particularly, is related to systems and 
methods of isolating a launch platform. 


BACKGROUND 


[0003] The concept of fair weather electricity deals with 
the electric field and the electric current in the atmosphere 
propagated by the conductivity of the air. Clear, calm air 
carries an electrical current, which is the return path for 
thousands of lightning storms simultaneously occurring at 
any given moment around the earth. For simplicity, this 
energy may be referred to as static electricity or static 
energy. 

[0004] Ina lightning storm, an electrical charge is built up, 
and electrons arc across a gas, ionizing it and producing the 
lightening flash. As one of ordinary skill in the art under- 
stands, the complete circuit requires a return path for the 
lightening flash. The atmosphere is the return path for the 
circuit. The electric field due to the atmospheric return path 
is relatively weak at any given point because the energy of 
thousands of electrical storms across the planet are diffused 
over the atmosphere of the entire Earth during both fair and 
stormy weather. Other contributing factors to electric current 
being present in the atmosphere may include cosmic rays 
penetrating and interacting with the earth’s atmosphere, and 
also the migration of ions, as well as other effects yet to be 
fully studied. 

[0005] Some of the ionization in the lower atmosphere is 
caused by airborne radioactive substances, primarily radon. 
In most places of the world, ions are formed at a rate of 5-10 
pairs per cubic centimeter per second at sea level. With 
increasing altitude, cosmic radiation causes the ion produc- 
tion rate to increase. In areas with high radon exhalation 
from the soil (or building materials), the rate may be much 
higher. 

[0006] Alpha-active materials are primarily responsible 
for the atmospheric ionization. Each alpha particle (for 
instance, from a decaying radon atom) will, over its range of 
some centimeters, create approximately 150,000-200,000 
ion pairs. 

[0007] While there is a large amount of usable energy 
available in the atmosphere, a method or apparatus for 
efficiently collecting that energy has not been forthcoming. 
Therefore, a heretofore unaddressed need exists in the 
industry to address the aforementioned deficiencies and 
inadequacies. 


SUMMARY 


[0008] Embodiments of the present disclosure provide 
systems and methods for collecting energy. Briefly described 
in architecture, one embodiment of the system, among 
others, can be implemented by at least one ion collection 
device electrically connected to a support structure; a con- 
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ductive tether electrically connected to the support structure; 
a launch platform configured to secure the support structure; 
and electrical isolators configured to isolate the launch 
platform from electrical ground. 

[0009] Embodiments of the present disclosure can also be 
viewed as providing methods for isolating a launch plat- 
form. In this regard, one embodiment of such a method, 
among others, can be broadly summarized by the following 
steps: collecting, ionic energy from the atmosphere with ion 
collectors electrically connected to a support structure; 
transferring the collected ionic energy from the ion collec- 
tors through an electrically conductive tether to a storage 
device; securing the tether to a launch platform; and elec- 
trically isolating the launch platform from electrical ground. 
[0010] Other systems, methods, features, and advantages 
of the present disclosure will be or become apparent to one 
with skill in the art upon examination of the following 
drawings and detailed description. It is intended that all such 
additional systems, methods, features, and advantages be 
included within this description, be within the scope of the 
present disclosure, and be protected by the accompanying 
claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0011] FIG. 1 is a system diagram of an example embodi- 
ment of a system of launch platform isolation. 
[0012] FIG. 2 is a flow diagram of an example embodi- 
ment of a method of launch platform isolation. 


DETAILED DESCRIPTION 


[0013] Embodiments of the present disclosure will be 
described more fully hereinafter with reference to the 
accompanying drawings in which like numerals represent 
like elements throughout the several figures, and in which 
example embodiments are shown. Embodiments of the 
claims may, however, be embodied in many different forms 
and should not be construed as limited to the embodiments 
set forth herein. The examples set forth herein are non- 
limiting examples and are merely examples among other 
possible examples. 

[0014] Ion Harvesting Technology harvests high voltage 
electricity, including from atmospheric ions. A wire, or 
conductive tether, may be used to connect ion harvesting 
material (typically carbon, but including any materials such 
as metals, metamaterials, or others) located on or near an 
aerial platform to an anchor point. In an example embodi- 
ment, the anchor point is a mechanical winch, but it may be 
any type of anchor point located above, near, on, or in the 
planet’s ground. In an alternative embodiment, the anchor 
point includes attachment to aircraft, vehicles, drones, space 
stations, and space elevators, among others whether or not 
they are connected or related to planet ground. Because the 
harvested electricity is typically of high voltage, the elec- 
tricity may arc between the conductive tether to nearby 
points of lesser or greater voltage. Such arcing represents a 
loss of power to the overall system, causing the overall 
system to be less efficient or possibly non-operational, and 
in some cases may cause catastrophic system failure. 
[0015] FIG. 1 provides a system diagram of an example 
embodiment of a system of launch platform isolation. Aerial 
device 100 comprising ion harvesting material is connected 
to platform 130 with conductive tether 110. Platform 130 
may comprise one or more of wireless transmitter 160, 
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winch 170, electrical isolators 120, table 140, and wheels 
150. Other possible elements include, but are not limited to, 
motor, gearbox, resistors, capacitors, batteries, energy stor- 
age modules, motor controller, wireless data transmitter, 
electrical measurement device, data recorders, and other 
support equipment. 


[0016] To avoid the arcing problem, conductive tether 110 
may be located away from objects of lesser or greater 
voltage potentials. For example, 1f winch 170 on which 
conductive tether 110 is rolled is not electrically isolated 
from the planet’s ground (or artificial ground of greater or 
lesser potential), then arcing may occur. Utilizing a standard 
aerostat launching platform may not be suitable, nor com- 
patible, with Ion Harvesting Technology as winch 170 
and/or launch platform 130 may not be adequately electri- 
cally isolated from the planet’s ground, potentially causing 
arcing. 

[0017] In an example embodiment, winch 170 or other 
anchor device to which tether 110 is connected (including 
the ‘drum’ on which tether 170 is rolled) is electrically 
isolated from the planet’s ground. Additionally, any 
mechanical or electrical connections to winch 170 may be 
likewise electrically isolated from the planet’s ground. Fail- 
ure to provide adequate electrical isolation to winch 170 or 
drum or other anchor devices connected to conductive tether 
110 may result in catastrophic failure or undesirable opera- 
tion of the entire Jon Harvesting System. 


[0018] Example embodiments provided herein may utilize 
electrical isolators similar, but not necessarily identical, to 
electrical isolators used to provide electrical isolation to high 
voltage transmission lines on Earth grid systems. However, 
other designs are also included in this disclosure. Alternative 
embodiments include any rope, cable, pipe, straps, exten- 
sions, or the like or liquids, gases, materials, or metamate- 
rials that possess sufficient electrical resistivity to prevent 
arcing or electrical leakage. 


[0019] In an alternative embodiment, the winch support 
structure includes a point to which electrical isolation is 
provided. 


[0020] In an alternative embodiment, launch platform 130, 
including winch 170, is electrically isolated from the plan- 
et’s ground through driving or positioning the launch vehicle 
on another platform or area designed to provide electrical 
isolation to whatever is placed on it, including winch 170 or 
other anchor point with or without a launch platform or 
vehicle. Examples include an area, surface, deck, platform, 
or mat onto which launch platform 130 is positioned (or 
driven or towed) so as to provide a surface of high electrical 
resistivity to provide enhanced electrical isolation to launch 
platform 130, including winch 170. The insulating surface 
may be affixed or connected, permanently or temporarily, to 
launch platform 130, or winch 170, or any component 
thereof in order to provide suitable isolation. 


[0021] Another example embodiment includes extensions 
made of high electrical resistivity used to separate or lift 
launch platform 130 away from the planet’s surface. The 
definition of planet’s ground herein, includes any form of 
ground, water, liquid, marsh, ice, mud, or any natural or 
man-made surface. 


[0022] Another example embodiment, includes utilizing 
liquid, gas, or metamaterial of sufficient electrical resistivity 
to prevent arcing or electrical leakage on which winch 170 
or launch platform 130 (anchor) may be placed upon or to 
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float upon or in, thereby providing electrical isolation from 
the planet’s ground, ocean, or surface. 

[0023] An example embodiment of aerial platform 100 
includes but is not limited to aerostats, balloons, kites, 
helikites, towers, poles, buildings, objects above the planet, 
in the atmosphere, or in space to which tether 110 is 
connected (including but not limited to a space elevator), 
and any device or means of providing altitude greater than 
1 cm above the planet’s surface or combinations thereof. 
[0024] FIG. 2 provides a flow diagram of an example 
embodiment of a method of launch platform isolation. In 
block 200, ionic energy is collected from the atmosphere 
with ion collectors electrically connected to a support struc- 
ture. In block 210, the collected ionic energy is transferred 
from the ion collectors through an electrically conductive 
tether to a storage device. In block 220, a tether is secured 
to a launch platform. In block 230, the launch platform is 
electrically isolated from electrical ground. 

[0025] Any process descriptions or blocks in flow charts 
should be understood as representing modules, segments, or 
portions of code which include one or more executable 
instructions for implementing specific logical functions or 
steps in the process, and alternate implementations are 
included within the scope of the preferred embodiment of 
the present disclosure in which functions may be executed 
out of order from that shown or discussed, including sub- 
stantially concurrently or in reverse order, depending on the 
functionality involved, as would be understood by those 
reasonably skilled in the art of the present disclosure. 
[0026] It should be emphasized that the above-described 
embodiments of the present disclosure, particularly, any 
“preferred” embodiments, are merely possible examples of 
implementations, merely set forth for a clear understanding 
of the principles of the disclosure. Many variations and 
modifications may be made to the above-described embodi- 
ment(s) of the disclosure without departing substantially 
from the spirit and principles of the disclosure. All such 
modifications and variations are intended to be included 
herein within the scope of this disclosure and the present 
disclosure and protected by the following claims. 


Therefore, at least the following is claimed: 

1. A system comprising: 

at least one ion collection device electrically connected to 

a support structure; 

a conductive tether electrically connected to the support 

structure; 

a launch platform configured to secure the support struc- 

ture; and 

electrical isolators configured to isolate the launch plat- 

form from electrical ground. 

2. The system of claim 1, wherein the ion collection 
device comprises at least one of carbon, graphite, graphene, 
and silicene. 

3. The system of claim 1, wherein launch platform com- 
prises a winch configured to manipulate the altitude of the 
support structure. 

4. The system of claim 1, wherein the support structure 
comprises an aerial platform, the aerial platform comprising 
at least one of an aerostat, balloon kite, helikite, tower, pole, 
and building. 

5. The system of claim 1, wherein the electrical isolator at 
least one of an electrical, mechanical, and optical isolation 
barrier. 
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6. The system of claim 1, wherein the electrical isolator 
comprises at least one of rope, cable, pipe, straps, exten- 
sions, liquids, gases, material, and metamaterial configure to 
prevent arcing or electrical leakage. 
7. The system of claim 3, wherein the electrical isolator is 
provided by positioning the launch platform in an area 
configured to provide electrical isolation to an item in the 
area. 
8. A method comprising: 
collecting ionic energy from the atmosphere with ion 
collectors electrically connected to a support structure; 

transferring the collected ionic energy from the ion col- 
lectors through an electrically conductive tether to a 
storage device; 

securing the tether to a launch platform; and 

electrically isolating the launch platform from electrical 

ground. 

9. The method of claim 8, wherein the ion collectors 
comprise at least one of at least one of carbon, graphite, 
graphene, and silicene. 

10. The method of claim 8, further comprising manipu- 
lating the altitude of the support structure with a winch. 

11. The method of claim 8, wherein the support structure 
comprises an aerial platform, the aerial platform comprising 
at least one of an aerostat, balloon kite, helikite, tower, pole, 
and building. 

12. The method of claim 9, wherein electrically isolating 
the launch platform comprising isolating with at least one of 
an electrical, mechanical, and optical isolation barrier. 

13. The method of claim 10, wherein electrically isolating 
the platform comprises implementing at least one of rope, 
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cable, pipe, straps, extensions, liquids, gases, material, and 
metamaterial configure to prevent arcing or electrical leak- 
age. 

14. The method of claim 8, further comprising positioning 
the launch platform in an area configured to provide elec- 
trical isolation to an item in the area. 

15. A system comprising: 

a launch platform configured to secure a support structure 

supporting ionic energy collectors; and 

electrical isolators configured to isolate the launch plat- 

form from electrical ground. 


16. The system of claim 15, wherein the ion collectors 
comprise at least one of at least one of carbon, graphite, 
graphene, and silicene. 


17. The system of claim 15, further comprising a winch 
configured to manipulate the altitude of the support struc- 
ture. 


18. The system of claim 15, wherein the support structure 
comprises an aerial platform, the aerial platform comprising 
at least one of an aerostat, balloon kite, helikite, tower, pole, 
and building. 


19. The system of claim 15, wherein the electrical isola- 
tors comprise at least one of an electrical, mechanical, and 
optical isolation barrier. 

20. The system of claim 15, wherein the electrical isola- 
tors comprise at least one of rope, cable, pipe, straps, 
extensions, liquids, gases, material, and metamaterial con- 
figure to prevent arcing or electrical leakage. 
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1 
ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATION 


This application is a continuation application of U.S. 
patent application Ser. No. 11/358,264, filed on Feb. 21, 2006, 
which is incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
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nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. Itis intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
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around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode and a collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 
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Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
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to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 may be connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 
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FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks 1n flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 
tion, microscopic points of a cross-section of the collec- 
tion device exposed to the environment, the at least one 
collection device electrically connected to the support 
structure; 

providing a load with an electrical connection to the at least 
one collection device to passively draw current; and 


US 8,686,575 B2 


7 


powering a fuel cell between the support structure and the 
load, the powering performed with energy collected 
from the at least one collection device. 

2. The method of claim 1, wherein the collection device 
comprises a diode. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a support structure; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 

a load electrically connected to the at least one collection 

device; and 

a diode electrically connected between the at least one 

collection device and the support structure. 

9. The system of claim 8, wherein the collection device 
comprises a diode. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising: 

a switch connected in series between the at least one col- 

lection device and the load; and 

a capacitor connected in parallel with the switch and the 

load. 

15. The system of claim 14, wherein the switch comprises 
an interrupter connected between the at least one collection 
device and the load, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

16. The system of claim 15, further comprising a trans- 
former connected between the interrupter and the load. 

17. The system of claim 8, further comprising: 

a motor for providing power, the motor connected between 

the at least one collection device and the load; and 

a generator powered by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 
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19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 
20. A system of collecting energy comprising: 
means for suspending at least one collection device with, in 
operation, microscopic points of a cross-section of the 
collection device exposed to the environment, the at 
least one collection device electrically connected to the 
means for suspending; 
means for passively inducing current flow, the means for 
inducing current flow electrically connected to the 
means for suspending; and 
means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
21. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a switch connected in series between the at least one col- 
lection device and the load, the switch comprising an 
interrupter connected between the at least one collection 
device and the load, and wherein the interrupter com- 
prises at least one of a fluorescent tube, a neon bulb, an 
AC light, and a spark gap. 
22. The system of claim 21, further comprising a trans- 
former connected between the interrupter and the load. 
23. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure, the collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; 
a motor for providing power, the motor connected between 
the at least one collection device and the load; and 
a generator powered by the motor. 
24. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure the at least one collection device con- 
figured to passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a fuel cell between the support structure and the load. 
25. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 
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material, but carbon and graphite are preferred. Diodes may 
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1 
ENERGY COLLECTION 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
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structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
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property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode anda collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
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Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
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placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 


FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. 


Capacitor 320 may be connected in parallel to the switch 
330 and load 150 to store energy when switch 330 is open for 
delivery to load 150 when switch 330 is closed. Rectifier 340 
may be electrically connected in parallel to load 150, between 
the receiving end of switch 330 and ground. Rectifier 340 may 
be a full-wave or a half-wave rectifier. Rectifier 340 may 
include a diode electrically connected in parallel to load 150, 
between the receiving end of switch 330 and ground. The 
direction of the diode of rectifier 340 is optional. 


In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. 


The direction of the diode of rectifier 450 is optional. The 
output of rectifier 450 is connected to transformer 430 to drive 
load 150. 


FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 


FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 


FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
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Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. If charging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise ohe or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks 1n flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device from a plurality of 
support structure wires elevated above a ground level, 
the collection device including a carbon or graphite fiber 
that collects electrical enemy from the air and is electri- 
cally connected to the support structure wire; and 

providing a load with an electrical connection to the plu- 
rality of support structure wires to draw current. 

2. The method of claim 1, wherein the collection device 

comprises a diode. 
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3. The method of claim 1, wherein the collection device 
comprises a diode electrically connected between the fiber 
and the load. 

4. The method of claim 1, further comprising storing 
energy provided to the load. 

5. The method of claim 4, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

6. The method of claim 2, wherein the diode is elevated 
relative to the ground level. 

7. A system of energy collection comprising: 

a plurality of support structure wires elevated above ground 
level; at least one collection device including at least one 
carbon or graphite fiber that collects electrical enemy 
from the air and is electrically connected to the plurality 
of support structure wires; and 

a load electrically connected to the plurality of support 
structure wires. 

8. The system of claim 7, wherein the collection device 

comprises a diode. 

9. The system of claim 7, wherein the collection device 
comprises a diode electrically connected between the load 
and the fiber. 

10. The system of claim 8, wherein the diode is elevated 
relative to the ground level. 

11. The system of claim 7, further comprising a diode 
electrically connected between the at least one collection 
device and the plurality of support structure wires. 

12. The system of claim 7, wherein the fiber comprises a 
first end and a second opposing end, and wherein the system 
further comprises a support structure connected to both ends 
of the fiber. 

13. The system of claim 7, comprising: 

said at least one fiber including a plurality of collection 
fibers; a support frame having a top side and a bottom 
side; and a conducting connecting wire between the 
plurality of support structure wires and the support 
frame, wherein one end of each of a plurality of collec- 
tion fibers is connected to the top side of the support 
frame, and the opposing end of each of a plurality of 
collection fibers is connected to the bottom side of the 
support frame. 

14. The system of claim 7, further comprising a rigid struc- 
ture, the rigid structure comprising multiple supports extend- 
ing outward from a single point of the support structure, 
wherein each end of the fiber is connected to an end of the 
multiple supports. 

15. The system of claim 7, further comprising a rigid struc- 
ture, the rigid structure comprising multiple supports extend- 
ing outward from multiple points of the support structure, 
wherein each end of the fiber is connected to an end of the 
multiple supports. 
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16. The system of claim 14, further comprising a plurality 
of rigid structures wherein said at least one fiber includes 
collection fibers connected between a plurality of the rigid 
structures. 

17. The system of claim 7, further comprising: 

a switch connected in series between the plurality of sup- 

port structure wires and the load; and 

a capacitor connected in parallel with the switch and the 

load. 

18. The system of claim 17, wherein the switch comprises 
an interrupter connected between the plurality of support 
structure wires and the load. 

19. The system of claim 18, wherein the interrupter com- 
prises one of a fluorescent tube, a neon bulb, an AC light, ora 
spark gap. 

20. The system of claim 18, further comprising a trans- 
former connected between the interrupter and the load. 

21. The system of claim 7, further comprising: 

a motor for providing power the motor connected between 

the plurality of support structure wires and the load; and 

a generator powered by the motor. 

22. The system of claim 7, wherein the load comprises a 
spark gap in a container of fluid, and the load is used to 
produce a chemical reaction. 

23. The system of claim 22, wherein the fluid comprises 
water and the chemical reaction comprises the production of 
hydrogen and oxygen. 

24. The system of claim 7, further comprising a fuel cell 
between the plurality of support structure wires and the load. 

25. The system of claim 7, wherein the load comprises a 
fuel cell. 

26. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 

27. The system of claim 24, further comprising a diode 
connected between the plurality of support structure wires 
and the fuel cell. 

28. A system of collecting energy comprising: 

means for suspending carbon or graphite collection fibers, 

the means elevated above a ground level, the collection 
fibers collecting electrical enemy from the air and elec- 
trically connected to the means for suspending collec- 
tion fibers; 

means for inducing current flow, the means for inducing 

current flow electrically connected to the means for sus- 
pending collection fibers; and 

means for restricting the backflow of charge carriers, the 

means for restricting the backflow of charge carriers 
electrically connected between the collection fibers and 
the means for inducing current flow. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATION 


This application is a continuation-in-part application of 
U.S. patent application Ser. No. 11/358,264,filed on Feb. 21, 
2006,which is incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air or other gases. On Earth, clear, 
calm air carries an electrical current, which is the return path 
for thousands of lightening storms simultaneously occurring 
at any given moment around the Earth. For simplicity, this 
energy may be referred to as static electricity or static energy. 
FIG. 1 illustrates a weather circuit for returning the current 
from lightning, for example, back to ground 10. Weather 
currents 20, 30 return the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
Earth’s atmosphere or above the surface or in the atmosphere 
of other planets may include cosmic rays penetrating and 
interacting with the planet’s surface and/or atmosphere, and 
also the creation and migration of electrically charged ions, as 
well as other effects yet to be fully studied. 

Some of the ionization near the surface of a planet or in the 
lower atmosphere is caused by airborne radioactive sub- 
stances. In most places on Earth, ions are formed at a rate of 
5-10 pairs per cubic centimeter per second at sea level. With 
increasing altitude, cosmic radiation causes the ion produc- 
tion rate to increase. In areas with high radon exhalation from 
the soil (or building materials), the rate may be much higher. 

Alpha-active materials are also responsible for atmo- 
spheric ionization. Each alpha particle (for instance, from a 
decaying radon atom) will, over its range of some centime- 
ters, create approximately 150,000-200,000 ion pairs. 

While there is a large amount of usable energy available in 
the atmosphere of Earth, as well as above the surface or in the 
atmosphere of other bodies in space, a method or apparatus 
for efficiently collecting that energy has not been forthcom- 
ing. Therefore, a heretofore unaddressed need exists in the 
industry to address the aforementioned deficiencies and inad- 
equacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
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ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an example embodiment of 
many energy collectors elevated above ground by a structure. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an example embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an example embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an example embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an example embodiment of a 
circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an example embodiment of a 
circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an example embodiment of an 
energy collection circuit for powering a generator and motor. 

FIG. 6 is a circuit diagram of an example embodiment of a 
circuit for collecting energy and using it for the production of 
hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an example embodiment of a 
circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an example embodiment of a 
circuit for collecting energy. 

FIG. 9 is a flow diagram of an example embodiment of 
collecting energy with a collection fiber. 

FIG. 10 is a circuit diagram of an example embodiment of 
a circuit for collecting energy from a dual polarity source. 
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FIG. 11 is a system diagram of an example embodiment of 
an energy collection system connected to an automobile 
vehicle. 

FIG. 12 is a system diagram of an example embodiment of 
an energy collection system connected to a lunar rover 
vehicle. 

FIG. 13 is a system diagram of an example embodiment of 
an energy collection system comprising collection devices 
with a diode. 

FIG. 14 is a system diagram of an example embodiment of 
an energy collection system comprising multiple legs of the 
system of FIG. 13. 


DETAILED DESCRIPTION 


Methods for collecting ambient energy have been known 
since the early 1900’s. However, due to low efficiency, those 
methods did not become commercially feasible. One of the 
primary advantages of the present disclosure over past arts 1s 
the efficiency achievable by utilizing the collection fibers 
disclosed herein to collect or harvest said ambient energy. 
Another primary advantage over past arts is the dual-polarity 
circuit (FIG. 10) which makes use of both positive and nega- 
tive ambient energy collected by the collection fibers to con- 
vert said energy into a steady positive electrical output. 

Electric charges on conductors may reside entirely on the 
external surface of the conductors, and tend to concentrate 
more around sharp points and edges than on flat surfaces. 
Therefore, an electric field recetved by a sharp conductive 
point may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An 
example embodiment of this disclosure takes advantage of 
this property, among others, to collect and use the energy 
generated by an electric field in the atmosphere or above the 
surface of a planet or heavenly body. “Energy” is not limited 
herein to energy generated by an electric field in the atmo- 
sphere. Energy as used herein may include any event, particle, 
or wave, including, but not limited to photons, protons, neu- 
trons, electrons, neutrinos, leptons, muons, antimuons, 
mesons, baryons, positrons, bosons, gluons, gravitons, fermi- 
ons, hadrons, ionic energy, gamma rays, cosmic rays, solar 
wind, quarks, energy generated by the triboelectric effect, 
convection lightning, and many other forms of energy known 
to one of ordinary skill in the art. These forms of energy, as 
well as others, may be present not only on Earth, but also on 
the moon of the Earth, on Mars, on Venus, and on other 
heavenly bodies and even in the relative vacuum of deep 
space. 

Referring to collection system 100 presented in FIG. 2, at 
least one collection device 130 may be suspended from a 
support wire system 120 supported by poles 110. Collection 
device 130 may comprise a diode or a collection fiber indi- 
vidually, or the combination of a diode and a collection fiber. 
Support wire system 120 may be electrically connected to 
load 150 by connecting wire 140. Supporting wire system 120 
may be any shape or pattern. Also, conducting wire 140 may 
be one wire or multiple wires. The collection device 130 in the 
form ofa fiber may comprise any conducting or non-conduct- 
ing material, including carbon, graphite, Teflon, and metal. 
An example embodiment utilizes carbon fibers, graphite 
fibers, carbon/carbon fibers, or a mixture thereof for energy 
collection. Support wire system 120 and connecting wire 140 
can be made of any conducting material, including, but not 
limited to, aluminum, steel, copper, and super-conductive 
material. Teflon may be added to said conductor as well, such 
as non-limiting examples ofa Teflon impregnated wire, a wire 
with a Teflon coating, or Teflon strips hanging from a wire. 
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Conducting wire 120, 140, and 200 may be bare wire, or 
coated with insulation as a non-limiting example. Wires 120 
and 140 are a means of transporting the energy collected by 
collection device 130. 

An example embodiment of the collection fibers as collec- 
tion device 130 includes graphite, carbon fibers, carbon/car- 
bon fibers, or a mixture thereof. Graphite, carbon fibers, and 
carbon/carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity, ener- 
getic particles, or waves may be attracted to these points. If 
atmospheric electricity can follow two paths where one is a 
flat surface and the other is a pointy, conductive surface, the 
electrical charge will be attracted to the pointy, conductive 
surface. Generally, the more points that are present, the higher 
energy that can be gathered. Therefore, carbon, graphite 
fibers, carbon/carbon fibers, or a mixture thereof are 
examples that demonstrate example collection ability. 

In at least one example embodiment, the height of support 
wire 120 may be an important factor. The higher that collec- 
tion device 130 is from ground, the larger the voltage poten- 
tial between collection device 130 and electrical ground. The 
electric field may be more than 100-300 volts per meter under 
some conditions on Earth. When support wire 120 is sus- 
pended at a particular altitude, wire 120 will itself collect a 
very small charge from ambient voltage. When collection 
device 130 is connected to support wire 120, collection device 
130 becomes energized and transfers the energy to support 
wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An example embodiment of the 
collection device comprises the diode with no collection fiber. 
Another embodiment, however, includes a diode at the con- 
nection point of a collection fiber to support system 120 such 
that the diode is elevated above ground. Multiple diodes may 
be used between collection device 130 and load 150. Addi- 
tionally, in an embodiment with multiple fibers, the diodes 
restrict energy that may be collected through one fiber from 
escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. One embodiment places a diode at an elevated position 
at the connection point between a collection fiber embodi- 
ment of collection device 130 and connection member 210. In 
an alternative embodiment, a diode is not placed between 
collection device 130 and connection member 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
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A plurality of diodes may be placed at any position on the 
support structure wire. One embodiment places a diode at 
elevated position at the connection point between collection 
fiber 130 and support wire 200 or between fiber 130, support 
member 230, and support wire 200. In an alternative embodi- 
ment, a diode is not placed between collection fiber 130 and 
support wire 200 or between fiber 130, support member 230, 
and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. One embodiment places a 
diode at an elevated position at the connection point between 
collection fiber 130 and support structure wire 200. In an 
alternative embodiment, a diode is not placed at an elevated 
position at the connection point between collection fiber 130 
and support structure wire 200. 

FIG. 2D presents another example embodiment of a sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. One embodiment places a 
diode at an elevated position at the connection point between 
collection fiber 130 and support wire 200. In an alternative 
embodiment, a diode is not placed at an elevated position at 
the connection point between collection fiber 130 and support 
wire 200. 

FIG. 2E provides another example embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. One embodi- 
ment places one or more diodes at elevated positions at the 
connection point(s) between collection fiber 130 and support 
wire 200. In an alternative embodiment, one or more diodes 
are not placed at elevated positions at the connection point(s) 
between collection fiber 130 and support wire 200. 

FIG. 2F presents another example embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. One 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. In an alternative embodiment, a diode is not placed 
at an elevated position at the connection point between col- 
lection fiber 130 and support wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and/or 
between multiple support structures. A plurality of diodes 
may be placed at any position on the support structure. One 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
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support structure wire 200. In an alternative embodiment, one 
or more diodes are not placed at elevated positions at the 
connection point(s) between collection fiber 130 and support 
wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 may be connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 1s open for delivery to load 150 when switch 330 
1s closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an example embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel or in series. Non-limiting examples of 
spark gap 420 include mercury-reed switches, mercury-wet- 
ted reed switches, open-gap spark gaps, and electronic 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches, mercury-wetted reed switches, open-gap spark 
gaps, and electronic switches. Secondary spark gap 640 may 
be immersed in water 630 within container 620. When sec- 
ondary spark gap 640 immersed in water 630 is energized, 
spark gap 640 may produce bubbles of hydrogen and oxygen, 
which may be collected to be used as fuel or as components 
for breathable air, among other uses. 

FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
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Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents example circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. If charging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches, mercury-wetted reed switches, open-gap spark 
gaps, and electronic switches. When spark gap 820 arcs, 
energy will arc from one end of spark gap 820 to the receiving 
end of spark gap 820. The output of spark gap 820 may be 
electrically connected in series to rectifier 825. Rectifier 825 
may be a full-wave or a half-wave rectifier. Rectifier 825 may 
include a diode electrically connected in parallel to inductor 
830 and load 150, between the receiving end of spark gap 820 
and ground. The direction of the diode of rectifier 825 is 
optional. The output of rectifier 825 is connected to inductor 
830. Inductor 830 may be a fixed value inductor or a variable 
inductor. Capacitor 870 may be placed in parallel with load 
150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

FIG. 10 presents circuit 1000 as an example embodiment 
for the collection of energy from a dual polarity source. This 
may be used, for example, to collect atmospheric energy that 
reverses in polarity compared with the ground. Such polarity 
reversal has been discovered as occurring occasionally on 
Earth during, for example, thunderstorms and bad weather, 
but has also been observed during good weather. Such polar- 
ity reversal may occur on other planetary bodies, including 
Mars and Venus, as well. Energy polarity on other planets, in 
deep space, or on other heavenly bodies, may be predomi- 
nantly negative or predominantly positive. Collector fibers 
(130 from FIG. 2) are capable of collecting positive energy 
and/or negative energy, and circuit 1000 is capable of pro- 
cessing positive and/or negative energy, providing an output 
which is always positive. Circuit 1000 may collect energy 
from one or more collection devices (130 from FIG. 2). 
Charging capacitor 1010 may be used to store a charge until 
the voltage at spark gap 1020 achieves the spark voltage. 
Capacitor 1010 is optional. 

A plurality of diodes may be placed in a plurality of posi- 
tions in circuit 1000. The voltage from capacitor 1010 may be 
used to charge spark gap 1020 to a sufficient voltage. Spark 
gap 1020 may comprise one or more spark gaps in parallel or 
in series. Non-limiting examples of spark gap 1020 include 
mercury-reed switches, mercury-wetted reed switches, open- 
gap spark gaps, and electronic switches. When spark gap 
1020 arcs, energy will arc from an emitting end of spark gap 
1020 to a receiving end of spark gap 1020. The output of spark 
gap 1020 is electrically connected to the anode of diode 1022 
and the cathode of diode 1024. The cathode of diode 1022 is 
electrically connected to the cathode of diode 1026 and 
inductor 1030. Inductor 1030 may be a fixed value inductor or 
a variable inductor. The anode of diode 1026 is electrically 
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connected to ground. Capacitor 1028 is electrically con- 
nected between ground and the junction of the cathodes of 
diode 1022 and diode 1026. Inductor 1035 is electrically 
connected between ground and the anode of diode 1024. 
Inductor 1035 may be a fixed value inductor or a variable 
inductor. Capacitor 1070, the anode of diode 1026, inductor 
1035, and load 1050 are electrically connected to ground. 
Capacitor 1070 may be placed in parallel with load 150. 


FIGS. 11 and 12 provide example embodiments of vehicle 
1110, which utilizes electricity, the vehicle employing sys- 
tems of energy collection provided herein. Vehicle 1100 in 
FIG. 11 is shown as an automobile vehicle, but could be any 
means of locomotion that utilizes electricity, including a car, 
a train, a motorcycle, a boat, an airplane, robotic rovers, space 
craft, etc. Vehicle 1100 in FIG. 12 is shown as a lunar rover 
vehicle. In FIGS. 11 and 12, support rod 1110 is electrically 
connected to an electrical system in vehicle 1100. Energy 
collectors 130 are electrically connected to support rod 1110 
and may be used to supply energy to electrical circuits within 
the vehicle. A non-limiting use includes a top-off charge for a 
battery system, on-board hydrogen production, and/or assist- 
ing in the same. Energy collectors 130 may be used to aug- 
ment the efficiency of the locomotion that utilizes electrical 
energy as well. 


FIG. 13 provides an example embodiment of energy col- 
lection system 1200 in which diode 310 is used to isolate 
collection devices 130 from spark gap 1020 and load 150. 
Collection devices 130 may comprise graphite, carbon fibers, 
carbon/carbon fibers, or a mixture thereof. 


FIG. 14 provides an example embodiment of energy col- 
lection system 1300 in which a plurality of energy collection 
systems, such as that provided in FIG. 13, are combined. Each 
leg consisting of collection devices 130 and diode 310 are 
connected in parallel with other legs, each leg electrically 
connected to trunk wire 1310. The legs could also be con- 
nected serially. Trunk wire 1310 is electrically connected to a 
collection circuit, which may comprise load 150 and spark 
gap 1020 in any configuration that has been previously dis- 
cussed. Each leg may comprise one or more collection 
devices 130 and at least one diode electrically connected 
between the collection devices and the collection circuit. 
Although three collection devices 130 are shown on each leg, 
any number of collection devices may be used. Although four 
legs are shown, any number of legs may be used. 


Any process descriptions or blocks 1n flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 


It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 
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Therefore, at least the following is claimed: 

1. A system of energy collection comprising: a plurality of 
support structure wires elevated above ground level; at least 
one collection device including at least one carbon or graphite 
fiber that collects electrical energy from the air and is electri- 
cally connected to the plurality of support structure wires; a 
load electrically connected to the plurality of support struc- 
ture wires; and a dual polarity collection circuit electrically 
connected between the collection device and the load. 

2. The system of claim 1, wherein the collection device 
comprises a diode. 

3. The system of claim 1, wherein the collection device 
comprises: 

a diode electrically connected between the load and the 

fiber. 

4. The system of claim 2, wherein the diode is elevated 
relative to the ground level. 

5. The system of claim 1, wherein the fiber comprises 
graphite, carbon fibers, carbon/carbon fibers, or a mixture 
thereof. 

6. The system of claim 1, further comprising a diode elec- 
trically connected between the at least one collection device 
and the plurality of support structure wires. 

7. The system of claim 1, wherein the dual polarity collec- 
tion circuit comprises a plurality of diodes, at least one induc- 
tor, and at least one capacitor. 

8. The system of claim 7, wherein the capacitor is electri- 
cally connected in parallel with the load. 

9. A vehicle employing a system of energy collection com- 
prising: a means of locomotion; a support structure electri- 
cally connected to the vehicle; at least one collection device 
including at least one carbon or graphite fiber that collects 


10 


15 


20 


25 


30 


10 


electrical energy from the air and is electrically connected to 
the support structure; and a load electrically connected to the 
support structure. 

10. The structure of claim 9, wherein the collection device 
comprises a diode. 

11. The structure of claim 9, wherein the collection device 
comprises: a diode electrically connected between the load 
and the fiber. 

12. The structure of claim 10, wherein the diode is elevated 
relative to the vehicle. 

13. The structure of claim 9, wherein the fiber comprises 
graphite, carbon fibers, carbon/carbon fibers, or a mixture 
thereof. 

14. The structure of claim 9, further comprising a diode 
electrically connected between the at least one collection 
device and the support structure. 

15. A system of collecting energy comprising: 

a plurality of collection legs, each of the collection legs 

comprising: 

at least one collection device including at least one carbon 

or graphite fiber that collects electrical energy from the 
air; and 

a diode; and 

a load electrically connected to ground. 

16. The system of claim 15, wherein the fiber comprises a 
surface having projections. 

17. The system of claim 15, further comprising a trunk line 
electrically connected between the plurality of collection legs 
and the load. 

18. The system of claim 17, further comprising a spark gap 
device electrically connected between the plurality of collec- 
tion legs and the load. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATION 


This application is a continuation application of U.S. 
patent application Ser. No. 11/358,264, filed on Feb. 21, 2006, 
which is incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
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nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 


US 8,686,575 B2 


3 


around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode anda collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 
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Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
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to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 may be connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 


20 


25 


40 


45 


50 


6 


FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks 1n flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 
tion, microscopic points of a cross-section of the collec- 
tion device exposed to the environment, the at least one 
collection device electrically connected to the support 
structure; 

providing a load with an electrical connection to the at least 
one collection device to passively draw current; and 
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powering a fuel cell between the support structure and the 
load, the powering performed with energy collected 
from the at least one collection device. 

2. The method of claim 1, wherein the collection device 
comprises a diode. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a support structure; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 

a load electrically connected to the at least one collection 

device; and 

a diode electrically connected between the at least one 

collection device and the support structure. 

9. The system of claim 8, wherein the collection device 
comprises a diode. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising: 

a switch connected in series between the at least one col- 

lection device and the load; and 

a capacitor connected in parallel with the switch and the 

load. 

15. The system of claim 14, wherein the switch comprises 
an interrupter connected between the at least one collection 
device and the load, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

16. The system of claim 15, further comprising a trans- 
former connected between the interrupter and the load. 

17. The system of claim 8, further comprising: 

a motor for providing power, the motor connected between 

the at least one collection device and the load; and 

a generator powered by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 
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19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 
20. A system of collecting energy comprising: 
means for suspending at least one collection device with, in 
operation, microscopic points of a cross-section of the 
collection device exposed to the environment, the at 
least one collection device electrically connected to the 
means for suspending; 
means for passively inducing current flow, the means for 
inducing current flow electrically connected to the 
means for suspending; and 
means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
21. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a switch connected in series between the at least one col- 
lection device and the load, the switch comprising an 
interrupter connected between the at least one collection 
device and the load, and wherein the interrupter com- 
prises at least one of a fluorescent tube, a neon bulb, an 
AC light, and a spark gap. 
22. The system of claim 21, further comprising a trans- 
former connected between the interrupter and the load. 
23. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure, the collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; 
a motor for providing power, the motor connected between 
the at least one collection device and the load; and 
a generator powered by the motor. 
24. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure the at least one collection device con- 
figured to passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a fuel cell between the support structure and the load. 
25. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


This application is a continuation in part application of 
U.S. patent application Ser. No. 12/255,130 filed on Oct. 21, 
2008, which is a continuation application of U.S. patent appli- 
cation Ser. No. 11/358,264, filed on Feb. 21, 2006, which are 
both incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
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nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 
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FIG. 10 is a system diagram of an exemplary embodiment 
of a windmill with energy collectors. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode and a collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
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A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment of a sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
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support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150.A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 maybe connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes maybe placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
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be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury -wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 

FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

A windmill is an engine powered by the energy of wind to 
produce alternative forms of energy. They may, for example, 
be implemented as small tower mounted wind engines used to 
pump water on farms. The modern wind power machines 
used for generating electricity are more properly called wind 
turbines. Common applications of windmills are grain mill- 
ing, water pumping, threshing, and saw mills. Over the ages, 
windmills have evolved into more sophisticated and efficient 
wind-powered water pumps and electric power generators. In 
an example embodiment, as provided in FIG. 10, windmill 
tower 1000 of suitable height and/or propeller 1020 of wind- 
mill tower 1000 may be equipped with energy collecting 
fibers 1030, 1040. Collecting fibers 1030, 1040 may turn 
windmill 1000 into a power producing asset even when there 
is not enough wind to turn propellers 1020. During periods 
when there is enough wind to turn propellers 1020, collecting 
fibers 1030, 1040 may supplement/boost the amount of 
energy the windmill produces. 

Windmill 1000, properly equipped with ion collectors 
1030, 1040, such as non-limiting example carbon fibers, can 
produce electricity: 1) by virtue of providing altitude to the 
carbon fiber to harvest ions, and 2) while the propeller is 
turning, by virtue of wind blowing over the carbon fiber 
producing electricity, among other reasons, via the triboelec- 
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tric effect (however, it is also possible for the triboelectric 
effect to occur, producing electricity, in winds too weak to 
turn the propeller). 

There are at least two ways that energy collectors may be 
employed on or in a windmill propeller to harvest energy. 
Propellers 1020 may be equipped with energy collectors 
1030, 1040 attached to, or supported by, propeller 1020 with 
wires (or metal embedded in, or on propeller 1020) electri- 
cally connecting energy collectors 1030, 1040 to a load or 
power conversion circuit. There may be a requirement to 
electrically isolate energy collectors 1030, 1040, which is 
added to propeller 1020, from electrical ground, so that the 
energy collected does not short to ground through propeller 
1020 itself or through support tower 1010, but rather is con- 
veyed to the load or power conversion circuit. Energy collec- 
tors may be connected to the end of propellers 1020 such as 
collectors 1030. Alternatively, energy collectors may be con- 
nected to the sides of propellers 1020 such as collectors 1040. 

Alternatively, propeller 1020 may be constructed of carbon 
fiber or other suitable material, with wires (or the structural 
metal supporting propeller 1020 may be used) electrically 
connecting to a load or power conversion circuit. In the case 
of propeller 1020 itself being constructed of carbon fiber, for 
example, the fiber may be ‘rough finished’ in selected areas so 
that the fiber is “fuzzy.” For example, small portions of it may 
protrude into the air as a means of enhancing collection effi- 
ciency. The fuzzy parts of collectors 1030, 1040 may do much 
of the collecting. There may be a requirement to electrically 
isolate carbon fiber propeller 1020 from electrical ground, so 
that the energy it collects does not short to ground through 
metal support tower 1010, but rather is conveyed to the load or 
power conversion circuit. Diodes may be implemented within 
the circuit to prevent the backflow of energy, although diodes 
may not be necessary in some applications. 

In an alternative embodiment, windmill 1000 may be used 
as a base on which to secure an even higher extension tower to 
support the energy collectors and/or horizontal supports 
extending out from tower 1010 to support the energy collec- 
tors. Electrical energy may be generated via ion collection 
due to altitude and also when a breeze or wind blows over the 
collectors supported by tower 1010. 

Any process descriptions or blocks in flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 

Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 

tion, microscopic points of a cross-section of the collec- 
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tion device exposed to the environment from a windmill, 
the at least one collection device electrically connected 
to the windmill; and 

providing a load with an electrical connection to the at least 

one collection device to draw current. 

2. The method of claim 1, wherein the collection device 
collects energy by triboelectric effect. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a windmill; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment electrically connected to the 
windmill; and 

a load electrically connected to the at least one collection 

device. 

9. The system of claim 8, wherein the collection device 
collects energy by triboelectric effect. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising a diode 
electrically connected between the at least one collection 
device and the support structure. 

15. The system of claim 8, further comprising: a switch 
connected in series between the at least one collection device 
and the load; and a capacitor connected in parallel with the 
switch and the load. 

16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the plurality at least one 
collection device, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

17. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one collection device and the load; and a generator powered 
by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 

19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 

20. A system of collecting energy comprising: 

means for suspending at least one collection device with, in 

operation, microscopic points of a cross-section of the 
collection device exposed to the environment from a 
windmill structure, the at least one collection device 
electrically connected to the means for suspending; 
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means for inducing current flow, the means for inducing 
current flow electrically connected to the means for sus- 
pending; and 

means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 5 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
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(57) ABSTRACT 


An energy collection system may collect and use the energy 
generated by an electric field. Collection fibers are suspended 
from a support wire system supported by poles. The support 
wire system is electrically connected to a load by a connecting 
wire. The collection fibers may be made of any conducting 
material, but carbon and graphite are preferred. Diodes may 
be used to restrict the backflow or loss of energy. 
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1 
ENERGY COLLECTION 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path forthe lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
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structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. Itis intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing ona large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
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property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode anda collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
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Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment of a sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
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placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 


FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. 


Capacitor 320 may be connected in parallel to the switch 
330 and load 150 to store energy when switch 330 is open for 
delivery to load 150 when switch 330 is closed. Rectifier 340 
may be electrically connected in parallel to load 150, between 
the receiving end of switch 330 and ground. Rectifier 340 may 
be a full-wave or a half-wave rectifier. Rectifier 340 may 
include a diode electrically connected in parallel to load 150, 
between the receiving end of switch 330 and ground. The 
direction of the diode of rectifier 340 is optional. 


In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. 


The direction of the diode of rectifier 450 is optional. The 
output of rectifier 450 is connected to transformer 430 to drive 
load 150. 


FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 


FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 


FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
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Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. $ presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. If charging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury -wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks in flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device from a plurality of 
support structure wires elevated above a ground level, 
the collection device including a carbon or graphite fiber 
that collects electrical enemy from the air and is electri- 
cally connected to the support structure wire; and 

providing a load with an electrical connection to the plu- 
rality of support structure wires to draw current. 

2. The method of claim 1, wherein the collection device 

comprises a diode. 
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3. The method of claim 1, wherein the collection device 
comprises a diode electrically connected between the fiber 
and the load. 

4. The method of claim 1, further comprising storing 
energy provided to the load. 

5. The method of claim 4, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

6. The method of claim 2, wherein the diode is elevated 
relative to the ground level. 

7. A system of energy collection comprising: 

a plurality of support structure wires elevated above ground 
level; at least one collection device including at least one 
carbon or graphite fiber that collects electrical enemy 
from the air and is electrically connected to the plurality 
of support structure wires; and 

a load electrically connected to the plurality of support 
structure wires. 

8. The system of claim 7, wherein the collection device 

comprises a diode. 

9. The system of claim 7, wherein the collection device 
comprises a diode electrically connected between the load 
and the fiber. 

10. The system of claim 8, wherein the diode is elevated 
relative to the ground level. 

11. The system of claim 7, further comprising a diode 
electrically connected between the at least one collection 
device and the plurality of support structure wires. 

12. The system of claim 7, wherein the fiber comprises a 
first end and a second opposing end, and wherein the system 
further comprises a support structure connected to both ends 
of the fiber. 

13. The system of claim 7, comprising: 

said at least one fiber including a plurality of collection 
fibers; a support frame having a top side and a bottom 
side; and a conducting connecting wire between the 
plurality of support structure wires and the support 
frame, wherein one end of each of a plurality of collec- 
tion fibers is connected to the top side of the support 
frame, and the opposing end of each of a plurality of 
collection fibers is connected to the bottom side of the 
support frame. 

14. The system of claim 7, further comprising a rigid struc- 
ture, the rigid structure comprising multiple supports extend- 
ing outward from a single point of the support structure, 
wherein each end of the fiber is connected to an end of the 
multiple supports. 

15. The system of claim 7, further comprising a rigid struc- 
ture, the rigid structure comprising multiple supports extend- 
ing outward from multiple points of the support structure, 
wherein each end of the fiber is connected to an end of the 
multiple supports. 
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16. The system of claim 14, further comprising a plurality 
of rigid structures wherein said at least one fiber includes 
collection fibers connected between a plurality of the rigid 
structures. 

17. The system of claim 7, further comprising: 

a switch connected in series between the plurality of sup- 

port structure wires and the load; and 

a capacitor connected in parallel with the switch and the 

load. 

18. The system of claim 17, wherein the switch comprises 
an interrupter connected between the plurality of support 
structure wires and the load. 

19. The system of claim 18, wherein the interrupter com- 
prises one of a fluorescent tube, a neon bulb, an AC light, ora 
spark gap. 

20. The system of claim 18, further comprising a trans- 
former connected between the interrupter and the load. 

21. The system of claim 7, further comprising: 

a motor for providing power the motor connected between 

the plurality of support structure wires and the load; and 

a generator powered by the motor. 

22. The system of claim 7, wherein the load comprises a 
spark gap in a container of fluid, and the load is used to 
produce a chemical reaction. 

23. The system of claim 22, wherein the fluid comprises 
water and the chemical reaction comprises the production of 
hydrogen and oxygen. 

24. The system of claim 7, further comprising a fuel cell 
between the plurality of support structure wires and the load. 

25. The system of claim 7, wherein the load comprises a 
fuel cell. 

26. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 

27. The system of claim 24, further comprising a diode 
connected between the plurality of support structure wires 
and the fuel cell. 

28. A system of collecting energy comprising: 

means for suspending carbon or graphite collection fibers, 

the means elevated above a ground level, the collection 
fibers collecting electrical enemy from the air and elec- 
trically connected to the means for suspending collec- 
tion fibers; 

means for inducing current flow, the means for inducing 

current flow electrically connected to the means for sus- 
pending collection fibers; and 

means for restricting the backflow of charge carriers, the 

means for restricting the backflow of charge carriers 
electrically connected between the collection fibers and 
the means for inducing current flow. 
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1 
ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATION 


This application is a continuation-in-part application of 
U.S. patent application Ser. No. 11/358,264,filed on Feb. 21, 
2006,which is incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air or other gases. On Earth, clear, 
calm air carries an electrical current, which is the return path 
for thousands of lightening storms simultaneously occurring 
at any given moment around the Earth. For simplicity, this 
energy may be referred to as static electricity or static energy. 
FIG. 1 illustrates a weather circuit for returning the current 
from lightning, for example, back to ground 10. Weather 
currents 20, 30 return the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
Earth’s atmosphere or above the surface or in the atmosphere 
of other planets may include cosmic rays penetrating and 
interacting with the planet’s surface and/or atmosphere, and 
also the creation and migration of electrically charged ions, as 
well as other effects yet to be fully studied. 

Some of the ionization near the surface of a planet or in the 
lower atmosphere is caused by airborne radioactive sub- 
stances. In most places on Earth, ions are formed at a rate of 
5-10 pairs per cubic centimeter per second at sea level. With 
increasing altitude, cosmic radiation causes the ion produc- 
tion rate to increase. In areas with high radon exhalation from 
the soil (or building materials), the rate may be much higher. 

Alpha-active materials are also responsible for atmo- 
spheric ionization. Each alpha particle (for instance, from a 
decaying radon atom) will, over its range of some centime- 
ters, create approximately 150,000-200,000 ion pairs. 

While there is a large amount of usable energy available in 
the atmosphere of Earth, as well as above the surface or in the 
atmosphere of other bodies in space, a method or apparatus 
for efficiently collecting that energy has not been forthcom- 
ing. Therefore, a heretofore unaddressed need exists in the 
industry to address the aforementioned deficiencies and inad- 
equacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
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ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an example embodiment of 
many energy collectors elevated above ground by a structure. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an example embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an example embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an example embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an example embodiment of a 
circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an example embodiment of a 
circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an example embodiment of an 
energy collection circuit for powering a generator and motor. 

FIG. 6 is a circuit diagram of an example embodiment of a 
circuit for collecting energy and using it for the production of 
hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an example embodiment of a 
circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an example embodiment of a 
circuit for collecting energy. 

FIG. 9 is a flow diagram of an example embodiment of 
collecting energy with a collection fiber. 

FIG. 10 is a circuit diagram of an example embodiment of 
a circuit for collecting energy from a dual polarity source. 
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FIG. 11 is a system diagram of an example embodiment of 
an energy collection system connected to an automobile 
vehicle. 

FIG. 12 is a system diagram of an example embodiment of 
an energy collection system connected to a lunar rover 
vehicle. 

FIG. 13 1s a system diagram of an example embodiment of 
an energy collection system comprising collection devices 
with a diode. 

FIG. 14 is a system diagram of an example embodiment of 
an energy collection system comprising multiple legs of the 
system of FIG. 13. 


DETAILED DESCRIPTION 


Methods for collecting ambient energy have been known 
since the early 1900’s. However, due to low efficiency, those 
methods did not become commercially feasible. One of the 
primary advantages of the present disclosure over past arts 1s 
the efficiency achievable by utilizing the collection fibers 
disclosed herein to collect or harvest said ambient energy. 
Another primary advantage over past arts is the dual-polarity 
circuit (FIG. 10) which makes use of both positive and nega- 
tive ambient energy collected by the collection fibers to con- 
vert said energy into a steady positive electrical output. 

Electric charges on conductors may reside entirely on the 
external surface of the conductors, and tend to concentrate 
more around sharp points and edges than on flat surfaces. 
Therefore, an electric field recetved by a sharp conductive 
point may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An 
example embodiment of this disclosure takes advantage of 
this property, among others, to collect and use the energy 
generated by an electric field in the atmosphere or above the 
surface of a planet or heavenly body. “Energy” is not limited 
herein to energy generated by an electric field in the atmo- 
sphere. Energy as used herein may include any event, particle, 
or wave, including, but not limited to photons, protons, neu- 
trons, electrons, neutrinos, leptons, muons, antimuons, 
mesons, baryons, positrons, bosons, gluons, gravitons, fermi- 
ons, hadrons, ionic energy, gamma rays, cosmic rays, solar 
wind, quarks, energy generated by the triboelectric effect, 
convection lightning, and many other forms of energy known 
to one of ordinary skill in the art. These forms of energy, as 
well as others, may be present not only on Earth, but also on 
the moon of the Earth, on Mars, on Venus, and on other 
heavenly bodies and even in the relative vacuum of deep 
space. 

Referring to collection system 100 presented in FIG. 2, at 
least one collection device 130 may be suspended from a 
support wire system 120 supported by poles 110. Collection 
device 130 may comprise a diode or a collection fiber indi- 
vidually, or the combination of a diode and a collection fiber. 
Support wire system 120 may be electrically connected to 
load 150 by connecting wire 140. Supporting wire system 120 
may be any shape or pattern. Also, conducting wire 140 may 
be one wire or multiple wires. The collection device 130 in the 
form ofa fiber may comprise any conducting or non-conduct- 
ing material, including carbon, graphite, Teflon, and metal. 
An example embodiment utilizes carbon fibers, graphite 
fibers, carbon/carbon fibers, or a mixture thereof for energy 
collection. Support wire system 120 and connecting wire 140 
can be made of any conducting material, including, but not 
limited to, aluminum, steel, copper, and super-conductive 
material. Teflon may be added to said conductor as well, such 
as non-limiting examples ofa Teflon impregnated wire, a wire 
with a Teflon coating, or Teflon strips hanging from a wire. 
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Conducting wire 120, 140, and 200 may be bare wire, or 
coated with insulation as a non-limiting example. Wires 120 
and 140 are a means of transporting the energy collected by 
collection device 130. 

An example embodiment of the collection fibers as collec- 
tion device 130 includes graphite, carbon fibers, carbon/car- 
bon fibers, or a mixture thereof. Graphite, carbon fibers, and 
carbon/carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity, ener- 
getic particles, or waves may be attracted to these points. If 
atmospheric electricity can follow two paths where one is a 
flat surface and the other is a pointy, conductive surface, the 
electrical charge will be attracted to the pointy, conductive 
surface. Generally, the more points that are present, the higher 
energy that can be gathered. Therefore, carbon, graphite 
fibers, carbon/carbon fibers, or a mixture thereof are 
examples that demonstrate example collection ability. 

In at least one example embodiment, the height of support 
wire 120 may be an important factor. The higher that collec- 
tion device 130 is from ground, the larger the voltage poten- 
tial between collection device 130 and electrical ground. The 
electric field may be more than 100-300 volts per meter under 
some conditions on Earth. When support wire 120 is sus- 
pended at a particular altitude, wire 120 will itself collect a 
very small charge from ambient voltage. When collection 
device 130 is connected to support wire 120, collection device 
130 becomes energized and transfers the energy to support 
wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An example embodiment of the 
collection device comprises the diode with no collection fiber. 
Another embodiment, however, includes a diode at the con- 
nection point of a collection fiber to support system 120 such 
that the diode is elevated above ground. Multiple diodes may 
be used between collection device 130 and load 150. Addi- 
tionally, in an embodiment with multiple fibers, the diodes 
restrict energy that may be collected through one fiber from 
escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. One embodiment places a diode at an elevated position 
at the connection point between a collection fiber embodi- 
ment of collection device 130 and connection member 210. In 
an alternative embodiment, a diode is not placed between 
collection device 130 and connection member 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
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A plurality of diodes may be placed at any position on the 
support structure wire. One embodiment places a diode at 
elevated position at the connection point between collection 
fiber 130 and support wire 200 or between fiber 130, support 
member 230, and support wire 200. In an alternative embodi- 
ment, a diode is not placed between collection fiber 130 and 
support wire 200 or between fiber 130, support member 230, 
and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. One embodiment places a 
diode at an elevated position at the connection point between 
collection fiber 130 and support structure wire 200. In an 
alternative embodiment, a diode is not placed at an elevated 
position at the connection point between collection fiber 130 
and support structure wire 200. 

FIG. 2D presents another example embodiment of a sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. One embodiment places a 
diode at an elevated position at the connection point between 
collection fiber 130 and support wire 200. In an alternative 
embodiment, a diode is not placed at an elevated position at 
the connection point between collection fiber 130 and support 
wire 200. 

FIG. 2E provides another example embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. One embodi- 
ment places one or more diodes at elevated positions at the 
connection point(s) between collection fiber 130 and support 
wire 200. In an alternative embodiment, one or more diodes 
are not placed at elevated positions at the connection point(s) 
between collection fiber 130 and support wire 200. 

FIG. 2F presents another example embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. One 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. In an alternative embodiment, a diode is not placed 
at an elevated position at the connection point between col- 
lection fiber 130 and support wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and/or 
between multiple support structures. A plurality of diodes 
may be placed at any position on the support structure. One 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
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support structure wire 200. In an alternative embodiment, one 
or more diodes are not placed at elevated positions at the 
connection point(s) between collection fiber 130 and support 
wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 may be connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 1s open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an example embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel or in series. Non-limiting examples of 
spark gap 420 include mercury-reed switches, mercury-wet- 
ted reed switches, open-gap spark gaps, and electronic 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches, mercury-wetted reed switches, open-gap spark 
gaps, and electronic switches. Secondary spark gap 640 may 
be immersed in water 630 within container 620. When sec- 
ondary spark gap 640 immersed in water 630 is energized, 
spark gap 640 may produce bubbles of hydrogen and oxygen, 
which may be collected to be used as fuel or as components 
for breathable air, among other uses. 

FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
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Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents example circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches, mercury-wetted reed switches, open-gap spark 
gaps, and electronic switches. When spark gap 820 arcs, 
energy will arc from one end of spark gap 820 to the receiving 
end of spark gap 820. The output of spark gap 820 may be 
electrically connected in series to rectifier 825. Rectifier 825 
may be a full-wave or a half-wave rectifier. Rectifier 825 may 
include a diode electrically connected in parallel to inductor 
830 and load 150, between the receiving end of spark gap 820 
and ground. The direction of the diode of rectifier 825 is 
optional. The output of rectifier 825 is connected to inductor 
830. Inductor 830 may be a fixed value inductor or a variable 
inductor. Capacitor 870 may be placed in parallel with load 
150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

FIG. 10 presents circuit 1000 as an example embodiment 
for the collection of energy from a dual polarity source. This 
may be used, for example, to collect atmospheric energy that 
reverses in polarity compared with the ground. Such polarity 
reversal has been discovered as occurring occasionally on 
Earth during, for example, thunderstorms and bad weather, 
but has also been observed during good weather. Such polar- 
ity reversal may occur on other planetary bodies, including 
Mars and Venus, as well. Energy polarity on other planets, in 
deep space, or on other heavenly bodies, may be predomi- 
nantly negative or predominantly positive. Collector fibers 
(130 from FIG. 2) are capable of collecting positive energy 
and/or negative energy, and circuit 1000 is capable of pro- 
cessing positive and/or negative energy, providing an output 
which is always positive. Circuit 1000 may collect energy 
from one or more collection devices (130 from FIG. 2). 
Charging capacitor 1010 may be used to store a charge until 
the voltage at spark gap 1020 achieves the spark voltage. 
Capacitor 1010 is optional. 

A plurality of diodes may be placed in a plurality of posi- 
tions in circuit 1000. The voltage from capacitor 1010 may be 
used to charge spark gap 1020 to a sufficient voltage. Spark 
gap 1020 may comprise one or more spark gaps in parallel or 
in series. Non-limiting examples of spark gap 1020 include 
mercury-reed switches, mercury-wetted reed switches, open- 
gap spark gaps, and electronic switches. When spark gap 
1020 arcs, energy will arc from an emitting end of spark gap 
1020 to a receiving end of spark gap 1020. The output of spark 
gap 1020 is electrically connected to the anode of diode 1022 
and the cathode of diode 1024. The cathode of diode 1022 is 
electrically connected to the cathode of diode 1026 and 
inductor 1030. Inductor 1030 may be a fixed value inductor or 
a variable inductor. The anode of diode 1026 is electrically 
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connected to ground. Capacitor 1028 is electrically con- 
nected between ground and the junction of the cathodes of 
diode 1022 and diode 1026. Inductor 1035 is electrically 
connected between ground and the anode of diode 1024. 
Inductor 1035 may be a fixed value inductor or a variable 
inductor. Capacitor 1070, the anode of diode 1026, inductor 
1035, and load 1050 are electrically connected to ground. 
Capacitor 1070 may be placed in parallel with load 150. 


FIGS. 11 and 12 provide example embodiments of vehicle 
1110, which utilizes electricity, the vehicle employing sys- 
tems of energy collection provided herein. Vehicle 1100 in 
FIG. 11 is shown as an automobile vehicle, but could be any 
means of locomotion that utilizes electricity, including a car, 
a train, a motorcycle, a boat, an airplane, robotic rovers, space 
craft, etc. Vehicle 1100 in FIG. 12 is shown as a lunar rover 
vehicle. In FIGS. 11 and 12, support rod 1110 is electrically 
connected to an electrical system in vehicle 1100. Energy 
collectors 130 are electrically connected to support rod 1110 
and may be used to supply energy to electrical circuits within 
the vehicle. A non-limiting use includes a top-off charge for a 
battery system, on-board hydrogen production, and/or assist- 
ing in the same. Energy collectors 130 may be used to aug- 
ment the efficiency of the locomotion that utilizes electrical 
energy as well. 


FIG. 13 provides an example embodiment of energy col- 
lection system 1200 in which diode 310 is used to isolate 
collection devices 130 from spark gap 1020 and load 150. 
Collection devices 130 may comprise graphite, carbon fibers, 
carbon/carbon fibers, or a mixture thereof. 


FIG. 14 provides an example embodiment of energy col- 
lection system 1300 in which a plurality of energy collection 
systems, such as that provided in FIG. 13, are combined. Each 
leg consisting of collection devices 130 and diode 310 are 
connected in parallel with other legs, each leg electrically 
connected to trunk wire 1310. The legs could also be con- 
nected serially. Trunk wire 1310 is electrically connected to a 
collection circuit, which may comprise load 150 and spark 
gap 1020 in any configuration that has been previously dis- 
cussed. Each leg may comprise one or more collection 
devices 130 and at least one diode electrically connected 
between the collection devices and the collection circuit. 
Although three collection devices 130 are shown on each leg, 
any number of collection devices may be used. Although four 
legs are shown, any number of legs may be used. 


Any process descriptions or blocks 1n flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 


It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 
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Therefore, at least the following is claimed: 

1. A system of energy collection comprising: a plurality of 
support structure wires elevated above ground level; at least 
one collection device including at least one carbon or graphite 
fiber that collects electrical energy from the air and is electri- 
cally connected to the plurality of support structure wires; a 
load electrically connected to the plurality of support struc- 
ture wires; and a dual polarity collection circuit electrically 
connected between the collection device and the load. 

2. The system of claim 1, wherein the collection device 
comprises a diode. 

3. The system of claim 1, wherein the collection device 
comprises: 

a diode electrically connected between the load and the 

fiber. 

4. The system of claim 2, wherein the diode is elevated 
relative to the ground level. 

5. The system of claim 1, wherein the fiber comprises 
graphite, carbon fibers, carbon/carbon fibers, or a mixture 
thereof. 

6. The system of claim 1, further comprising a diode elec- 
trically connected between the at least one collection device 
and the plurality of support structure wires. 

7. The system of claim 1, wherein the dual polarity collec- 
tion circuit comprises a plurality of diodes, at least one induc- 
tor, and at least one capacitor. 

8. The system of claim 7, wherein the capacitor is electri- 
cally connected in parallel with the load. 

9. A vehicle employing a system of energy collection com- 
prising: a means of locomotion; a support structure electri- 
cally connected to the vehicle; at least one collection device 
including at least one carbon or graphite fiber that collects 
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electrical energy from the air and is electrically connected to 
the support structure; and a load electrically connected to the 
support structure. 

10. The structure of claim 9, wherein the collection device 
comprises a diode. 

11. The structure of claim 9, wherein the collection device 
comprises: a diode electrically connected between the load 
and the fiber. 

12. The structure of claim 10, wherein the diode is elevated 
relative to the vehicle. 

13. The structure of claim 9, wherein the fiber comprises 
graphite, carbon fibers, carbon/carbon fibers, or a mixture 
thereof. 

14. The structure of claim 9, further comprising a diode 
electrically connected between the at least one collection 
device and the support structure. 

15. A system of collecting energy comprising: 

a plurality of collection legs, each of the collection legs 

comprising: 

at least one collection device including at least one carbon 

or graphite fiber that collects electrical energy from the 
air; and 

a diode; and 

a load electrically connected to ground. 

16. The system of claim 15, wherein the fiber comprises a 
surface having projections. 

17. The system of claim 15, further comprising a trunk line 
electrically connected between the plurality of collection legs 
and the load. 

18. The system of claim 17, further comprising a spark gap 
device electrically connected between the plurality of collec- 
tion legs and the load. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATION 


This application is a continuation application of U.S. 
patent application Ser. No. 11/358,264, filed on Feb. 21, 2006, 
which is incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
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nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. Itis intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
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around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode and a collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 
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Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
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to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 may be connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


6 


FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks 1n flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 
tion, microscopic points of a cross-section of the collec- 
tion device exposed to the environment, the at least one 
collection device electrically connected to the support 
structure; 

providing a load with an electrical connection to the at least 
one collection device to passively draw current; and 
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powering a fuel cell between the support structure and the 
load, the powering performed with energy collected 
from the at least one collection device. 

2. The method of claim 1, wherein the collection device 
comprises a diode. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a support structure; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 

a load electrically connected to the at least one collection 

device; and 

a diode electrically connected between the at least one 

collection device and the support structure. 

9. The system of claim 8, wherein the collection device 
comprises a diode. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising: 

a switch connected in series between the at least one col- 

lection device and the load; and 

a capacitor connected in parallel with the switch and the 

load. 

15. The system of claim 14, wherein the switch comprises 
an interrupter connected between the at least one collection 
device and the load, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

16. The system of claim 15, further comprising a trans- 
former connected between the interrupter and the load. 

17. The system of claim 8, further comprising: 

a motor for providing power, the motor connected between 

the at least one collection device and the load; and 

a generator powered by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 
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19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 
20. A system of collecting energy comprising: 
means for suspending at least one collection device with, in 
operation, microscopic points of a cross-section of the 
collection device exposed to the environment, the at 
least one collection device electrically connected to the 
means for suspending; 
means for passively inducing current flow, the means for 
inducing current flow electrically connected to the 
means for suspending; and 
means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
21. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a switch connected in series between the at least one col- 
lection device and the load, the switch comprising an 
interrupter connected between the at least one collection 
device and the load, and wherein the interrupter com- 
prises at least one of a fluorescent tube, a neon bulb, an 
AC light, and a spark gap. 
22. The system of claim 21, further comprising a trans- 
former connected between the interrupter and the load. 
23. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure, the collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; 
a motor for providing power, the motor connected between 
the at least one collection device and the load; and 
a generator powered by the motor. 
24. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure the at least one collection device con- 
figured to passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a fuel cell between the support structure and the load. 
25. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATION 


This application is a continuation application of U.S. 
patent application Ser. No. 11/358,264, filed on Feb. 21, 2006, 
which is incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
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nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. Itis intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
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around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode and a collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 
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Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
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to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 may be connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 
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FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks 1n flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 
tion, microscopic points of a cross-section of the collec- 
tion device exposed to the environment, the at least one 
collection device electrically connected to the support 
structure; 

providing a load with an electrical connection to the at least 
one collection device to passively draw current; and 
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powering a fuel cell between the support structure and the 
load, the powering performed with energy collected 
from the at least one collection device. 

2. The method of claim 1, wherein the collection device 
comprises a diode. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a support structure; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 

a load electrically connected to the at least one collection 

device; and 

a diode electrically connected between the at least one 

collection device and the support structure. 

9. The system of claim 8, wherein the collection device 
comprises a diode. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising: 

a switch connected in series between the at least one col- 

lection device and the load; and 

a capacitor connected in parallel with the switch and the 

load. 

15. The system of claim 14, wherein the switch comprises 
an interrupter connected between the at least one collection 
device and the load, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

16. The system of claim 15, further comprising a trans- 
former connected between the interrupter and the load. 

17. The system of claim 8, further comprising: 

a motor for providing power, the motor connected between 

the at least one collection device and the load; and 

a generator powered by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 
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19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 
20. A system of collecting energy comprising: 
means for suspending at least one collection device with, in 
operation, microscopic points of a cross-section of the 
collection device exposed to the environment, the at 
least one collection device electrically connected to the 
means for suspending; 
means for passively inducing current flow, the means for 
inducing current flow electrically connected to the 
means for suspending; and 
means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
21. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a switch connected in series between the at least one col- 
lection device and the load, the switch comprising an 
interrupter connected between the at least one collection 
device and the load, and wherein the interrupter com- 
prises at least one of a fluorescent tube, a neon bulb, an 
AC light, and a spark gap. 
22. The system of claim 21, further comprising a trans- 
former connected between the interrupter and the load. 
23. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure, the collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; 
a motor for providing power, the motor connected between 
the at least one collection device and the load; and 
a generator powered by the motor. 
24. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure the at least one collection device con- 
figured to passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a fuel cell between the support structure and the load. 
25. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


[0001] This application is a continuation in part application 
of U.S. patent application Ser. No. 12/255,130 filed on Oct. 
21, 2008, which is a continuation application of U.S. patent 
application Ser. No. 11/358,264, filed on Feb. 21, 2006, which 
are both incorporated by reference herein. 


TECHNICAL FIELD 


[0002] The present disclosure is generally related to energy 
and, more particularly, 1s related to systems and methods for 
collecting energy. 


BACKGROUND 


[0003] The concept of fair weather electricity deals with the 
electric field and the electric current in the atmosphere propa- 
gated by the conductivity of the air. Clear, calm air carries an 
electrical current, which is the return path for thousands of 
lightening storms simultaneously occurring at any given 
moment around the earth. For simplicity, this energy may be 
referred to as static electricity or static energy. FIG. 1 illus- 
trates a weather circuit for returning the current from light- 
ning, for example, back to ground 10. Weather currents 20, 30 
return the cloud to ground current 40. 

[0004] Inalightening storm, an electrical charge is built up, 
and electrons arc across a gas, ionizing it and producing the 
lightening flash. As one of ordinary skill in the art under- 
stands, the complete circuit requires a return path for the 
lightening flash. The atmosphere is the return path for the 
circuit. The electric field due to the atmospheric return path is 
relatively weak at any given point because the energy of 
thousands of electrical storms across the planet are diffused 
over the atmosphere of the entire Earth during both fair and 
stormy weather. Other contributing factors to electric current 
being present in the atmosphere may include cosmic rays 
penetrating and interacting with the earth’s atmosphere, and 
also the migration of ions, as well as other effects yet to be 
fully studied. 

[0005] Some of the ionization in the lower atmosphere is 
caused by airborne radioactive substances, primarily radon. 
In most places of the world, ions are formed at a rate of 5-10 
pairs per cubic centimeter per second at sea level. With 
increasing altitude, cosmic radiation causes the ion produc- 
tion rate to increase. In areas with high radon exhalation from 
the soil (or building materials), the rate may be much higher. 
[0006] Alpha-active materials are primarily responsible for 
the atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

[0007] While there is a large amount of usable energy avail- 
able in the atmosphere, a method or apparatus for efficiently 
collecting that energy has not been forthcoming. Therefore, a 
heretofore unaddressed need exists in the industry to address 
the aforementioned deficiencies and inadequacies. 


SUMMARY 


[0008] Embodiments of the present disclosure provide sys- 
tems and methods for collecting energy. Briefly described in 
architecture, one embodiment of the system, among others, 
can be implemented by a support structure wire elevated 
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above a ground level, at least one collection fiber electrically 
connected to the support structure wire; a load electrically 
connected to the support structure wire; and a diode electri- 
cally connected between the load and at least one collection 
fiber. 

[0009] Embodiments of the present disclosure can also be 
viewed as providing methods for collecting energy. In this 
regard, one embodiment of such a method, among others, can 
be broadly summarized by the following steps: suspending at 
least one collection fiber from a support structure wire 
elevated above ground level, the fiber electrically connected 
to the support structure wire; providing a load with an elec- 
trical connection to the support structure wire to draw current; 
and providing a diode electrically connected between the 
collection fiber and the load. 

[0010] Other systems, methods, features, and advantages 
of the present disclosure will be or become apparent to one 
with skill in the art upon examination of the following draw- 
ings and detailed description. It is intended that all such 
additional systems, methods, features, and advantages be 
included within this description, be within the scope of the 
present disclosure, and be protected by the accompanying 
claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0011] Many aspects of the disclosure can be better under- 
stood with reference to the following drawings. The compo- 
nents in the drawings are not necessarily to scale, emphasis 
instead being placed upon clearly illustrating the principles of 
the present disclosure. Moreover, in the drawings, like refer- 
ence numerals designate corresponding parts throughout the 
several views. 


[0012] FIG. 1 is a circuit diagram of a weather energy 
circuit. 
[0013] FIG. 2 is a perspective view of an exemplary 


embodiment of many energy collectors elevated above 
ground by a structure. 

[0014] FIG. 2A is a side view of an energy collection fiber 
suspended from a support wire. 

[0015] FIG. 2B is a side view of an exemplary embodiment 
of an energy collection fiber suspended from a support wire 
and with an additional support member. 

[0016] FIG. 2C is a perspective view of a support structure 
for multiple energy collection fibers. 

[0017] FIG. 2D is a side view of an exemplary embodiment 
of a support structure for multiple energy collection fibers. 
[0018] FIG. 2E is a side view of a support structure for an 
energy collection fiber. 

[0019] FIG. 2F is a side view of an exemplary embodiment 
of a support structure for an energy collection fiber. 

[0020] FIG. 2G is a side view of a support structure for 
multiple energy collection fibers. 

[0021] FIG. 3 is a circuit diagram of an exemplary embodi- 
ment of a circuit for the collection of energy. 

[0022] FIG. 4 is a circuit diagram of an exemplary embodi- 
ment of a circuit for the collection of energy. 

[0023] FIG. 5is a circuit diagram of an exemplary embodi- 
ment of an energy collection circuit for powering a generator 
and motor. 

[0024] FIG. 6 is a circuit diagram of an exemplary embodi- 
ment of a circuit for collecting energy and using it for the 
production of hydrogen and oxygen. 
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[0025] FIG.7 is a circuit diagram of an exemplary embodi- 
ment of a circuit for collecting energy, and using it for driving 
a fuel cell. 

[0026] FIG. 8 is a circuit diagram of an exemplary embodi- 
ment of a circuit for collecting energy. 

[0027] FIG. 9 is a flow diagram of an exemplary embodi- 
ment of collecting energy with a collection fiber. 

[0028] FIG. 10 is a system diagram of an exemplary 
embodiment of a windmill with energy collectors. 


DETAILED DESCRIPTION 


[0029] Electric charges on conductors reside entirely on the 
external surface of the conductors, and tend to concentrate 
more around sharp points and edges than on flat surfaces. 
Therefore, an electric field received by a sharp conductive 
point may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode anda collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form of a fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 
[0030] An exemplary embodiment of the collection fibers 
as collection device 130 includes graphite or carbon fibers. 
Graphite and carbon fibers, at a microscopic level, can have 
hundreds of thousands of points. Atmospheric electricity may 
be attracted to these points. If atmospheric electricity can 
follow two paths where one is a flat surface and the other is a 
pointy, conductive surface, the electrical charge will be 
attracted to the pointy, conductive surface. Generally, the 
more points that are present, the higher energy that can be 
gathered. Therefore, carbon, or graphite fibers are examples 
that demonstrate exemplary collection ability. 

[0031] Inat least one exemplary embodiment, the height of 
support wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 
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[0032] A diode, not shown in FIG. 2, may be connected in 
several positions in collection system 100. A diode is a com- 
ponent that restricts the direction of movement of charge 
carriers. It allows an electric current to flow in one direction, 
but essentially blocks it in the opposite direction. A diode can 
be thought of as the electrical version of a check valve. The 
diode may be used to prevent the collected energy from dis- 
charging into the atmosphere through the collection fiber 
embodiment of collection device 130. An exemplary embodi- 
ment of the collection device comprises the diode with no 
collection fiber. A preferred embodiment, however, includes a 
diode at the connection point of a collection fiber to support 
system 120 such that the diode is elevated above ground. 
Multiple diodes may be used between collection device 130 
and load 150. Additionally, in an embodiment with multiple 
fibers, the diodes restricts energy that may be collected 
through one fiber from escaping through another fiber. 
[0033] Collection device 130 may be connected and 
arranged in relation to support wire system 120 by many 
means. Some non-limiting examples are provided in FIGS. 
2A-2G using a collection fiber embodiment. FIG. 2A presents 
support wire 200 with connecting member 210 for collection 
device 130. Connection member 210 may be any conducting 
material allowing for the flow of electricity from connection 
device 130 to support wire 200. Then, as shown in FIG. 2, the 
support wire 200 of support system 120 may be electrically 
connected through conducting wire 140 to load 150. A plu- 
rality of diodes may be placed at any position on the support 
structure wire. A preferred embodiment places a diode at an 
elevated position at the connection point between a collection 
fiber embodiment of collection device 130 and connection 
member 210. 

[0034] Likewise, FIG. 2B shows collection fiber 130 elec- 
trically connected to support wire 200 and also connected to 
support member 230. Support member 230 may be connected 
to collection fiber 130 on either side. Support member 230 
holds the fiber steady on both ends instead of letting it move 
freely. Support member 230 may be conducting or non-con- 
ducting. A plurality of diodes may be placed at any position 
on the support structure wire. A preferred embodiment places 
a diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

[0035] FIG. 2C presents multiple collection fibers in a 
squirrel cage arrangement with top and bottom support mem- 
bers. Support structure 250 may be connected to support 
structure wire 200 by support member 240. Structure 250 has 
a top 260 and a bottom 270 and each of the multiple collection 
fibers 130 are connected on one end to top 260 and on the 
other end to bottom 270. A plurality of diodes may be placed 
at any position on support structure 250. A preferred embodi- 
ment places a diode at an elevated position at the connection 
point between collection fiber 130 and support structure wire 
200. 

[0036] FIG. 2D presents another exemplary embodiment of 
a support structure with support members 275 in an x-shape 
connected to support structure wire 200 at intersection 278 
with collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

[0037] FIG. 2E provides another exemplary embodiment 
for supporting collection fiber 130. Collection fiber 130 may 
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be connected on one side to support member 285, which may 
be connected to support structure wire 200 in a first location 
and on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

[0038] FIG. 2F presents another exemplary embodiment of 
a support for a collection fiber. Two support members 290 
may support either side of a collection fiber and are connected 
to support wire 200 ina single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

[0039] FIG. 2G provides two supports as provided in FIG. 
2F such that at least two support members 292, 294 may be 
connected to support structure wire 200 in multiple locations 
and collection fibers 130 may be connected between each end 
of the support structures. Collection fibers 130 may be con- 
nected between each end of a single support structure and 
between multiple support structures. A plurality of diodes 
may be placed at any position on the support structure. A 
preferred embodiment places one or more diodes at elevated 
positions at the connection point(s) between collection fiber 
130 and support structure wire 200. 

[0040] FIG. 3 provides a schematic diagram of storing cir- 
cuit 300 for storing energy collected by one or more collec- 
tion devices (130 from FIG. 2). Load 150 induces current 
flow. Diode 310 may be electrically connected in series 
between one or more collection devices (130 from FIG. 2) and 
load 150. A plurality of diodes may be placed at any position 
in the circuit. Switch 330 may be electrically connected 
between load 150 and at least one collection device (130 from 
FIG. 2) to connect and disconnect the load. Capacitor 320 
maybe connected in parallel to the switch 330 and load 150 to 
store energy when switch 330 is open for delivery to load 150 
when switch 330 is closed. Rectifier 340 may be electrically 
connected in parallel to load 150, between the receiving end 
of switch 330 and ground. Rectifier 340 may be a full-wave or 
a half-wave rectifier. Rectifier 340 may include a diode elec- 
trically connected in parallel to load 150, between the receiv- 
ing end of switch 330 and ground. The direction of the diode 
of rectifier 340 is optional. 

[0041] In an exemplary embodiment provided in FIG. 4, 
storage circuit 400 stores energy from one or more collection 
devices (130 from FIG. 2) by charging capacitor 410. If 
charging capacitor 410 is not used, then the connection to 
ground shown at capacitor 410 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. Diode 440 
may be placed in series with load 150. The voltage from 
capacitor 410 can be used to charge spark gap 420 when it 
reaches sufficient voltage. Spark gap 420 may comprise one 
or more spark gaps in parallel. Non-limiting examples of 
spark gap 420 include mercury-reed switches and mercury- 
wetted reed switches. When spark gap 420 arcs, energy will 
arc from one end of the spark gap 420 to the receiving end of 
the spark gap 420. The output of spark gap 420 may be 
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electrically connected in series to rectifier 450. Rectifier 450 
may be a full-wave or a half-wave rectifier. Rectifier 450 may 
include a diode electrically connected in parallel to trans- 
former 430 and load 150, between the receiving end of spark 
gap 420 and ground. The direction of the diode of rectifier 450 
is optional. The output of rectifier 450 is connected to trans- 
former 430 to drive load 150. 

[0042] FIG. 5 presents motor driver circuit 500. One or 
more collection devices (130 from FIG. 2) are electrically 
connected to static electricity motor 510, which powers gen- 
erator 520 to drive load 150. A plurality of diodes may be 
placed at any position in the circuit. Motor 510 may also be 
directly connected to load 150 to drive it directly. 

[0043] FIG. 6 demonstrates a circuit 600 for producing 
hydrogen. A plurality of diodes maybe placed at any position 
in the circuit. One or more collection devices (130 from FIG. 
2) are electrically connected to primary spark gap 610, which 
may be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 
[0044] FIG. 7 presents circuit 700 for driving a fuel cell. A 
plurality of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

[0045] FIG. 8 presents exemplary circuit 800 for the col- 
lection of energy. Storage circuit 800 stores energy from one 
or more collection devices (130 from FIG. 2) by charging 
capacitor 810. If charging capacitor 810 is not used, then the 
connection to ground shown at capacitor 810 is eliminated. A 
plurality of diodes may be placed at any position in the circuit. 
The voltage from capacitor 810 can be used to charge spark 
gap 820 when it reaches sufficient voltage. Spark gap 820 
may comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

[0046] FIG. 9 presents a flow diagram of a method for 
collecting energy. In block 910, one or more collection 
devices may be suspended from a support structure wire. In 
block 920, a load may be electrically connected to the support 
structure wire to draw current. In block 930 a diode may be 
electrically connected between the support structure wire and 
the electrical connection to the load. In block 940, energy 
provided to the load may be stored or otherwise utilized. 
[0047] A windmill is an engine powered by the energy of 
wind to produce alternative forms of energy. They may, for 
example, be implemented as small tower mounted wind 
engines used to pump water on farms. The modern wind 
power machines used for generating electricity are more 
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properly called wind turbines. Common applications of 
windmills are grain milling, water pumping, threshing, and 
saw mills. Over the ages, windmills have evolved into more 
sophisticated and efficient wind-powered water pumps and 
electric power generators. In an example embodiment, as 
provided in FIG. 10, windmill tower 1000 of suitable height 
and/or propeller 1020 of windmill tower 1000 may be 
equipped with energy collecting fibers 1030, 1040. Collect- 
ing fibers 1030, 1040 may turn windmill 1000 into a power 
producing asset even when there is not enough wind to turn 
propellers 1020. During periods when there is enough wind to 
turn propellers 1020, collecting fibers 1030, 1040 may 
supplement/boost the amount of energy the windmill pro- 
duces. 

[0048] Windmill 1000, properly equipped with ion collec- 
tors 1030, 1040, such as non-limiting example carbon fibers, 
can produce electricity: 1) by virtue of providing altitude to 
the carbon fiber to harvest ions, and 2) while the propeller is 
turning, by virtue of wind blowing over the carbon fiber 
producing electricity, among other reasons, via the triboelec- 
tric effect (however, it is also possible for the triboelectric 
effect to occur, producing electricity, in winds too weak to 
turn the propeller). 

[0049] There are at least two ways that energy collectors 
may be employed on or in a windmill propeller to harvest 
energy. Propellers 1020 may be equipped with energy collec- 
tors 1030, 1040 attached to, or supported by, propeller 1020 
with wires (or metal embedded in, or on propeller 1020) 
electrically connecting energy collectors 1030, 1040 to a load 
or power conversion circuit. There may be a requirement to 
electrically isolate energy collectors 1030, 1040, which is 
added to propeller 1020, from electrical ground, so that the 
energy collected does not short to ground through propeller 
1020 itself or through support tower 1010, but rather is con- 
veyed to the load or power conversion circuit. Energy collec- 
tors may be connected to the end of propellers 1020 such as 
collectors 1030. Alternatively, energy collectors may be con- 
nected to the sides of propellers 1020 such as collectors 1040. 
[0050] Alternatively, propeller 1020 may be constructed of 
carbon fiber or other suitable material, with wires (or the 
structural metal supporting propeller 1020 may be used) elec- 
trically connecting to a load or power conversion circuit. In 
the case of propeller 1020 itself being constructed of carbon 
fiber, for example, the fiber may be ‘rough finished’ in 
selected areas so that the fiber is “fuzzy.” For example, small 
portions of it may protrude into the air as a means of enhanc- 
ing collection efficiency. The fuzzy parts of collectors 1030, 
1040 may do much of the collecting. There may be a require- 
ment to electrically isolate carbon fiber propeller 1020 from 
electrical ground, so that the energy it collects does not short 
to ground through metal support tower 1010, but rather is 
conveyed to the load or power conversion circuit. Diodes may 
be implemented within the circuit to prevent the backflow of 
energy, although diodes may not be necessary in some appli- 
cations. 

[0051] In an alternative embodiment, windmill 1000 may 
be used as a base on which to secure an even higher extension 
tower to support the energy collectors and/or horizontal sup- 
ports extending out from tower 1010 to support the energy 
collectors. Electrical energy may be generated via ion collec- 
tion due to altitude and also when a breeze or wind blows over 
the collectors supported by tower 1010. 


[0052] Any process descriptions or blocks in flow charts 
should be understood as representing modules, segments, or 
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portions of code which include one or more executable 
instructions for implementing specific logical functions or 
steps in the process, and alternate implementations are 
included within the scope of the preferred embodiment of the 
present disclosure in which functions may be executed out of 
order from that shown or discussed, including substantially 
concurrently or in reverse order, depending on the function- 
ality involved, as would be understood by those reasonably 
skilled in the art of the present disclosure. 

[0053] It should be emphasized that the above-described 
embodiments of the present disclosure, particularly, any “pre- 
ferred” embodiments, are merely possible examples of imple- 
mentations, merely set forth for a clear understanding of the 
principles of the disclosure. Many variations and modifica- 
tions may be made to the above-described embodiment(s) of 
the disclosure without departing substantially from the spirit 
and principles of the disclosure. All such modifications and 
variations are intended to be included herein within the scope 
of this disclosure and the present disclosure and protected by 
the following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with a high den- 

sity of points per area of the device from a windmill, the 
at least one collection device electrically connected to 
the windmill; and 

providing a load with an electrical connection to the at least 

one collection device to draw current. 

2. The method of claim 1, wherein the collection device 
collects energy by triboelectric effect. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

$. A system of energy collection comprising: 

a windmill; 

at least one collection device with a high density of points 

per area of the device electrically connected to the wind- 
mill; and 

a load electrically connected to the at least one collection 

device. 

9. The system of claim 8, wherein the collection device 
collects energy by triboelectric effect. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising a diode 
electrically connected between the at least one collection 
device and the support structure. 
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15. The system of claim 8, further comprising: a switch 
connected in series between the at least one collection device 
and the load; and a capacitor connected in parallel with the 
switch and the load. 


16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the plurality at least one 
collection device, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

17. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one collection device and the load; and a generator powered 
by the motor. 


18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 
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19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 

20. A system of collecting energy comprising: 

means for suspending at least one collection device with a 
high density of points per area of the device from a 
windmill structure, the at least one collection device 
electrically connected to the means for suspending; 

means for inducing current flow, the means for inducing 
current flow electrically connected to the means for sus- 
pending; and 

means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
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1 
ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATION 


This application is a continuation application of U.S. 
patent application Ser. No. 11/358,264, filed on Feb. 21, 2006, 
which is incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
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nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. Itis intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
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around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode and a collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 
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Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
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to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 may be connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 
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FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks 1n flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 
tion, microscopic points of a cross-section of the collec- 
tion device exposed to the environment, the at least one 
collection device electrically connected to the support 
structure; 

providing a load with an electrical connection to the at least 
one collection device to passively draw current; and 
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powering a fuel cell between the support structure and the 
load, the powering performed with energy collected 
from the at least one collection device. 

2. The method of claim 1, wherein the collection device 
comprises a diode. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a support structure; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 

a load electrically connected to the at least one collection 

device; and 

a diode electrically connected between the at least one 

collection device and the support structure. 

9. The system of claim 8, wherein the collection device 
comprises a diode. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising: 

a switch connected in series between the at least one col- 

lection device and the load; and 

a capacitor connected in parallel with the switch and the 

load. 

15. The system of claim 14, wherein the switch comprises 
an interrupter connected between the at least one collection 
device and the load, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

16. The system of claim 15, further comprising a trans- 
former connected between the interrupter and the load. 

17. The system of claim 8, further comprising: 

a motor for providing power, the motor connected between 

the at least one collection device and the load; and 

a generator powered by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 
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19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 
20. A system of collecting energy comprising: 
means for suspending at least one collection device with, in 
operation, microscopic points of a cross-section of the 
collection device exposed to the environment, the at 
least one collection device electrically connected to the 
means for suspending; 
means for passively inducing current flow, the means for 
inducing current flow electrically connected to the 
means for suspending; and 
means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
21. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a switch connected in series between the at least one col- 
lection device and the load, the switch comprising an 
interrupter connected between the at least one collection 
device and the load, and wherein the interrupter com- 
prises at least one of a fluorescent tube, a neon bulb, an 
AC light, and a spark gap. 
22. The system of claim 21, further comprising a trans- 
former connected between the interrupter and the load. 
23. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure, the collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; 
a motor for providing power, the motor connected between 
the at least one collection device and the load; and 
a generator powered by the motor. 
24. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at least one collection 
device electrically connected to and suspended from the 
support structure the at least one collection device con- 
figured to passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a fuel cell between the support structure and the load. 
25. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 
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* How Ion Power Works * 
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The Sun provides the Earth's atmosphere 
with 122 quadrillion watts of radiation 
daily (122,000,000,000,000,000 watts) 
sustaining a permanently charged electric 
field that propagates throughout the 
atmosphere known as the Earth's Global 
Electric Circuit. 


The Global Electric Circuit surrounds the... 
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Earth in a blanket of high voltage 
electricity. 
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Trillions of naturally renewable 
electrically charged ions are continuously 
produced in the atmosphere, around the 
clock, day & night, powered by the Sun's 
enormous energy. 


A revolutionary breakthrough in 
nanomaterial research demonstrates that 
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Patented Carbon Nanofiber 
(lon Collector) 


exposing a special type of ultra- 
lightweight carbon nanomaterial to 
atmospheric ions harvests high-voltage 
electricity, day, night, and during storms. 


“Physics-based modeling shows that an 
(https://secureservercdn.net/198.71.233.128/920.99e.myftpuploa 
content/uploads/201 7/11/Economic-model-study-Rev-B- 
authored-by-Dr.-Phil-Metzger-PhD.pdf)electron cloud forms 
around the ion collector material, and this electron cloud 
increases conductivity of the air around the collector. This 
causes electrical current to flow, driven by the atmospheric 
voltage, so that power is generated at the ground. The rate of 
this current is governed by complex physics in the boundary 
layer of the collector material, doubtless because of its very 
high surface area. lonization can occur on this collector at 
extremely low voltages because of the sharp, needle-like 
protrusions on its surface. This understanding of the physics 
Suggests that power generation can be scaled as surface area sor 
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Dr. Philip Metzger 
Planetary Scientist - Physicist PhD =i, J ml 
NASA Kennedy Space Center Click for Full Report 
scientist/Engineer of the Year 


times voltage. This was incorporated into a simulation of the 
solar cycle with random storms, and power generation of 
photovoltaics (PV) and lon Power were simulated as feeding 
into a smart grid. Because lon Power collects the most energy 
at complementary times compared to PV, the energy storage 
requirements on the smart grid is greatly reduced. This causes 
the cost of electricity also to be greatly reduced compared to 
photovoltaics alone, resulting in energy costs for the overall 
smart grid of about 8.25 cents per kWh, which is less expensive 
than any other energy source other than some wind farms 
(which are only slightly less expensive and have limited 
geographic applicability). This analysis uses extremely 
conservative assumptions, so actual energy costs may be much 
less. The estimated value to the US economy is between $62 
billion and $150 billion (annually) with proportionately large 
value to the global economy. nee 
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Proot-ot-concept tests have successfully 
demonstrated the powering of different 
devices by electricity harvested from 
atmospheric ions, including... 
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Powered by the Sun's radiation 
about 2,000 thunderstorms are 
occurring around the Earth at 
any given moment. On average, 
across the world there are 
4,320,000 lightning discharges 
each 24 hour period (3000 per 
minute). This tremendous 
amount of high voltage electrical 
energy, together with GCRs 
bombarding the atmosphere 
and Radon gas seeping from the 
Earth's crust in certain areas, 
combine to help replenish the 
Supply of electrically charged 
atmospheric ions around the 
world. 
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lon Harvesting Technology harvests electricity day and night and even during bad weather 


lon Power Group's ion collectors, when provided with 
adequate altitude, can harvest the electric charge of 
near-Earth ions to produce clean renewable high- 
voltage electricity day and night and during storms. 
lon Harvesting Technology should not be confused 
with other techniques that attempt to capture 
lightning bolts or harvest manmade radio frequency 
(RF) energy. 
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(https://i0.wp.com/ionpowergroup.com/wp-content/uploads/201 6/1 0/lon-Harvesting-Table-Top-Assembly- 


annotated.jpg?ssl=1) 


lon collectors can be composed of 
carbon/graphite/graphene, while not metallic, are 
electrically conductive, flexible and durable. Electric 

fields are known to coalesce at conductive points 

known as the “Corona Effect”. The solution of Poisson's 
equation to determine electric field intensity around 

the collectors shows us that the highest electric fields 

will be around sharp points; the sharper the point, 

the greater the electric field. lon collectors offer 

millions of microscopic electrically conductive points +o 
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Ground based circuitry maintains the ion collector 
material at a voltage considerably lower than the 
Surrounding atmospheric ions thereby employing the 
electrostatic attraction principle causing nearby ions 
to migrate to the ion collectors. High voltage wire 
connected to the ion collectors convey the harvested 
high voltage DC electricity to a storage medium or 
electrical load to produce work. Measurements have 
Shown that ion collectors made of graphite are more 
efficient at harvesting electricity from airborne ions 
than all other tested metals. In some tests, by as much 
as 55x greater efficiency. Some of the tested metals 
include highly conductive silver, copper, and 
aluminum wire - aluminum spheres - copper and 
aluminum sheets. 


The below graphs show voltage and current coupling 
characteristics comparing metal in one test (indicated as red and 
green) to carbon/graphite (indicated as purple). 
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Electricity is produced by providing sufficient 
altitude to the ultra lightweight ion collector 
through the use of long-duration aerial # TOP 
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many orders of magnitude greater during = 
disturbed weather. Experiments have 
Ion Collector capture radius increases with altitude 
Atmospheric voltage inereaces about 90-150vdc per meter of altitude 
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Electricity harvested from Airborne 
lons + Water = Hydrogen Gas 
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(nets GPP HP eAer? Grd US has petraverded batents 
for installing ion collectors on automobiles to 
generate electricity including through the 
Triboelectric Effect. Preliminary field tests in 
which a truck, equipped with lon Collectors, 
demonstrated that the concept can generate 
>500 volts when the vehicle is in motion. 
Initial tests are encouraging, however, further 
development is required in order to realize 
automobiles that generate their own 
Supplemental electricity (or onboard 
hydrogen gas from water) through use of lon 
Collectors. 
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experimental ion power plants using long- 
duration aerostats (aerostats or balloons) or 
kites or towers to provide altitude to the ion 
collectors to harvest ions for electricity, day 
and night. Future lon Harvesting Technology 
embodiments that use long-duration 
aerostats (balloons) to provide great altitude 
to ion collectors offer a theoretical energy 
producing duty-cycle approaching 99%. 


(https://10.wp.com/ionpowergroup.com/wp-content/uploads/2020/03/lon-Harvesting-Farm- 
ORIGINAL1.2-scaled.jpg?ssl=1) 
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Highly energetic Galactic Cosmic Rays _ 
(GCRs) arriving from deep space impact = 
Mars' atmosphere on a consistent basis 
creating electrically charged 
ions throughout the atmosphere. 
Carbon/graphite nanomaterials have 
been shown to be effective at harvesting 
electricity from atmospheric ions on 
Earth. Likewise, it is anticipated that 
carbon nanomaterials elevated into the 
Martian atmosphere can also harvest 
electricity from Mars' ion-rich 
atmosphere day and night and 
particularly during dust storms. 
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On Earth, experiments have 
demonstrated that high voltage 
electricity harvested from airborne ions 
can power lights, motors or produce 
hydrogen & oxygen gas via water 
electrolysis or place a charge on lithium- 
iron (LiFePO4) batteries and be 
converted to 120VAC/60hZ ‘house style’ 
current. Mars has an ion-rich 
atmosphere believed to be even more 
advantageous for lon Harvesting 
Technology. See ‘Concept Clips’ for 
videos. 


lon Harvesting Technology appears in FORBES 
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Space Tech Startups Are The 


Key To Making Life On Mars ™ 


* Ion Power Group — Ion Power Group's technology converts 
electrically charged ions native to the Martian atmosphere into 
usable energy. These ions are constantly being created by 
galactic cosmic rays and are plentiful on Mars, providing a 
renewable source of electricity for Martian colonists. Despite 
the many different proposals for power generation on Mars, 
Ion’s solution seems more elegant than—or at least a more 
elegant companion to—the Kilopower nuclear reactors 


currently being championed by NASA. 


Although public space agencies like NASA and major aerospace 
companies worldwide continue to be the driving forces behind 
humanity's journey to Mars, an increasing number of startups like 
those mentioned here are jumping in to provide critical supporting 


technologies. 


When we do finally put a person on Mars, don’t be surprised if many 
of the machines and devices that make it possible are stamped with 
company names and logos you've never heard of. Just as it takes 
hundreds of companies of all sizes to create and maintain our 
physical infrastructure here on Earth, so too will it take many ideas 
and many voices to build infrastructure on Mars that supports 


exploration and, ultimately, habitation. 


(https://i0.wp.com/ionpowergroup.com/wp-content/uploads/2018/1 2/FORBES-final-framed.jpg?ssl=1) 


GCRs penetrate deeply into Mars’ thin atmosphere as 
depicted below. 
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On February 10th 2016, Senior Scientist of 
Atmospheric Physics Dr. Andreas J .G. Baumgaertner 
PhD published a technical report titled ‘Power to 
Mars’. To read the report, click the below Power To 
Mars report image or read it on Zenodo by 

clicking here 
(https://zenodo.org/record/1407206#.XNUTNRRKiUk). 
The report recommends that ion harvesting 
technology be combined with solar panels to provide 
reliable power day and night for future Mars missions. 
With a theoretical power generation duty-cycle 
approaching 99% ion harvesting technology is 


A TOP 


https://ionpowergroup.com/how-it-works-on-mars/ 6/21 


6/21/22, 2:22 PM How lon Harvesting Works On Mars - lon Power Group 
esteneo-tezcontimue to produce electricity during 


PATS Ter OtAYSe solar panels to fail such as 
n ¡Ste and ASSE ANN Rctricity Harvested Day & Night 


d alving the On A -tvpe equator 
for electrostatics 


PA 7 pst Potential distribution and 
| = o! A D| =0 Current density distribution 
i e ts palm 
UE | ; 
E y k | 

Í |] i j 
Sirians 

; p " cord + Y 13 w 


t 


Dr. Andreas J. G. Baumgaertner PhD + Atmospheric Physicist, Senior Scientist - German Aerospace 


Center + Author of POWER TO MARS 


(https://zenodo.org/record/10456004.Wgm41Bte6Uk) 
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Power to Mars 


A technical report evaluating the use of 
ion harvesting technology for electrical 
power generation on Mars 


Dr. A. Baumgaertner, Ph.D. 


(CLICK TO READ FULL REPORT) 


(https://zenodo.org/record/1407206+.XQvB6hZKiUl) (https://zenodo.org/record/45877+. WP58tJU2yUk) 
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Click for more information 
(https://secureservercdn.net/198.71.233.128/9a0.99e.myftpu 
content/uploads/2018/08/NASA-iTech-Selects-Top-25- 
Semifinalists-in-Energy-Competition-_-NASA-1.pdf) 


“Space is a more than $350 billion 

economy, Jonas says, but the industry 

has room to expand to $1.1 trillion by 

2040”. Source: Bloomberg - Morgan 

Stanley analyst Adam Jonas. 
(https://www.bloomberg.com/news/articles/201 
08-23/space-investors-urged-to-get-their- 
heads-in-the-clouds) 
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GCRs (which are actually microscopic 
particles traveling at enormous velocity) 
arriving from deep space impact neutral 
atoms in the Martian atmosphere 
Knocking electron(s) away producing 
electrically charged atoms known as ions. 
Each of the billions of microscopic 
atmospheric ions acts as a Charge carrier 
conveying a high voltage electric charge. 
The production of atmospheric ions is a 
natural process occurring day and night 
across the entire planet of Mars. 
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Dust storms occurring on Mars generate strong 
electrical fields that propagate throughout the 

Martian atmosphere conveyed by the ions constantly 
present in the atmosphere. Dust storms can 

cover large regions of the planet blotting out the sun 
and can persist for days or weeks. Because the ion- 
filled Martian atmosphere is electrically conductive, 
electricity generated by remote dust storms elsewhere 
on the planet is permitted to propagate throughout 
the Martian atmosphere. NASA Scientist, Michael 
Smith, who works at the NASA Goddard Space Flight 
Center told Space.com “The dust is electrostatic, like 
foam peanuts.” In an interview with 
NewScientist.com, Brian Jackson with the Physics # TOP 
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ass trat aller the dust grains clattering 
tegetherin. these Storms could produce.a lot of 
electricity..." interview seen here 
(hnttps://www.newscientist.com/article/214321/7-marss- = 
Surface-hosts-millions-of-towering-dust-devils-every- 

day/). 


lon Power Group’s ion collectors, elevated in the 
Martian atmosphere by tall poles or specially designed 
aerial platforms (balloons), are designed to harvest the 
electric charge conveyed by near-Mars ions to produce 
clean renewable high-voltage electricity day and night 
and during dust storms as depicted below. 
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lon collectors composed of Graphite 

and/or Graphene, while not metalic, are electrically 
conductive, flexible and durable. Electric fields are 
attracted to conductive points, Known as the ‘Corona 
Effect’. lon collectors offer millions of microscopic 
electrically conductive points and protrusions which 
readily couple to the electric fields of nearby ions 
transferring high voltage electricity from the 
atmospheric ions to the ion collectors. Measurements 
have shown that ion collectors made of graphite are 
more efficient at harvesting electricity from airborne 
ions than tested metals. In some tests, by as much as pro 
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Below is a picture of carbon, a key component of ion collectors, 
taken at the microscopic level by an electron microscope. 
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lon Power Group's internationally patented ion 
collectors, elevated between two poles in the below 
depiction, are specially designed to couple to the 
energetic electrically charged ions in the Martian 
atmosphere. lon collectors are designed to harvest the 
high voltage DC electric charge from naturally 
occurring atmospheric ions day and night and during 
dust storms and are not dependent on sun or wind. 
Ground based circuitry has been designed to maintain 
the ion collector material at a voltage considerably 
lower than the surrounding atmospheric ions thereby 
employing the electrostatic attraction principle 
causing nearby ions to migrate to the ion collectors. 
Wires will convey the harvested electricity to the base 
camp where it is routed to a storage medium (such as 
Super capacitors, graphene batteries, lithium-ion 
batteries, hydrogen gas fuel cells) to be used for life 
support, light, heat, the production of oxygen for 
breathing and rocket fuel (hydrogen) from Martian 
water, communications, fisheries, agriculture and 
transportation. 
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Three tethered aerostats (specially 
sized for the Martian atmosphere) 
equipped with lon Harvesting 
Technology could generate up to 60kW 
of electricity on Mars. 
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“Silarpower:carnot beused atnight'and during 
dust storms. It has been shown (in the Power to 
Mars technical report) that ¡on power and solar E 
power can be combined to provide a reliable and 
safe power generation concept.” PhD Atmospheric 
Physicist and Senior Scientist with the German 
Aerospace Center, Dr. Andreas J .G. Baumgaertner 


The conditions on Mars including a weak magnetic 
field, frequent dust storms around the planet and 
constant bombardment of the Martian atmosphere by 
GCRs provide an ideal electrical environment for lon 
Power Group technology to harvest the electric charge 
of naturally occurring atmospheric ions to produce 
reliable, environmentally friendly, electrical power 
without reliance on sunlight, wind, nuclear or fossil 
fuels. The highly ionized Martian atmosphere will 
provide an extremely fertile electrical environment for 
lon Power Group’s technology to generate clean 
renewable pollution-free electrical energy day and 
night and during dust storms. The ability of ion 
harvesting to generate electricity day/night/dust 
storms will prove valuable to power robots, rovers, 
drones, vehicles, living quarters, lights, 
communications, entertainment equipment, heat to 
melt Martian ice for drinking, trenchers for extracting — mio 
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Nearly 100 countries have some level of space 
program. A growing number of governments, as well 
as many private and corporate organizations, are 
developing plans to send robots and hardware to be 
followed by people to colonize Mars in the foreseeable 
future. All of these campaigns will require a reliable 
source of electrical power on the surface of Mars. 


Additional information regarding lon Harvesting 
Technology’s Principle-of-Operation can be 
found on the page titled “How it works on Earth. 
(/now-it-works-on-earth/) 
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rn of HLH ATTS oras ee ire that 
the settlers have access to reliable electrical 
power production, day and night and during 
the lengthy dust-storms known to occur on 
Mars. lon Power Group believes that ion 
harvesting is the long term solution. 


lon Power Group is a member of the PEW Clean Energy Business Network 


Copyright © 2020, lon Power Group LLC 
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ENERGY COLLECTION 


CROSS-REFERENCE TO RELATED 
APPLICATION 


[0001] This application is a continuation of U.S. utility 
patent application Ser. No. 14/454,308, filed on Aug. 7, 2014, 
which is incorporated by reference herein. 


TECHNICAL FIELD 


[0002] The present disclosure is generally related to energy 
and, more particularly, is related to systems and methods for 
collecting energy. 


BACKGROUND 


[0003] Theconcept of fair weather electricity deals with the 
electric field and the electric current in the atmosphere propa- 
gated by the conductivity of the air. Clear, calm air carries an 
electrical current, which is the return path for thousands of 
lightening storms simultaneously occurring at any given 
moment around the earth. For simplicity, this energy may be 
referred to as static electricity or static energy. FIG. 1 illus- 
trates a weather circuit for returning the current from light- 
ning, for example, back to ground 10. Weather currents 20, 30 
return the cloud to ground current 40. 

[0004] Inalightening storm, an electrical charge is built up, 
and electrons arc across a gas, ionizing it and producing the 
lightening flash. As one of ordinary skill in the art under- 
stands, the complete circuit requires a return path for the 
lightening flash. The atmosphere is the return path for the 
circuit. The electric field due to the atmospheric return path is 
relatively weak at any given point because the energy of 
thousands of electrical storms across the planet are diffused 
over the atmosphere of the entire Earth during both fair and 
stormy weather. Other contributing factors to electric current 
being present in the atmosphere may include cosmic rays 
penetrating and interacting with the earth’s atmosphere, and 
also the migration of ions, as well as other effects yet to be 
fully studied. 

[0005] Some of the ionization in the lower atmosphere is 
caused by airborne radioactive substances, primarily radon. 
In most places of the world, ions are formed at a rate of 5-10 
pairs per cubic centimeter per second at sea level. With 
increasing altitude, cosmic radiation causes the ion produc- 
tion rate to increase. In areas with high radon exhalation from 
the soil (or building materials), the rate may be much higher. 
[0006] Alpha-active materials are primarily responsible for 
the atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

[0007] While there is a large amount of usable energy avail- 
able in the atmosphere, a method or apparatus for efficiently 
collecting that energy has not been forthcoming. Therefore, a 
heretofore unaddressed need exists in the industry to address 
the aforementioned deficiencies and inadequacies. 


SUMMARY 


[0008] Embodiments of the present disclosure provide sys- 
tems and methods for collecting energy. Briefly described in 
architecture, one embodiment of the system, among others, 
can be implemented by a support structure, the support struc- 
ture comprising at least one of an airplane, drone, blimp, 
balloon, kite, satellite, train, motorcycle, bike, skateboard, 
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scooter, hovercraft, electronic device, electronic device case, 
billboard, cell tower, radio tower, camera tower, flag pole, 
telescopic pole, light pole, utility pole, water tower, building, 
sky scraper, coliseum, roof top, solar panel and a fixed or 
mobile structure exceeding 1 inch in height above ground or 
sea level; at least one collection device with, in operation, 
microscopic points of a cross-section of the collection device 
exposed to the environment electrically connected to the sup- 
port structure; and a load electrically connected to the at least 
one collection device. 

[0009] Embodiments of the present disclosure can also be 
viewed as providing methods for collecting energy. In this 
regard, one embodiment of such a method, among others, can 
be broadly summarized by the following steps: suspending at 
least one collection device with, in operation, microscopic 
points of a cross-section of the collection device exposed to 
the environment from a support structure, the at least one 
collection device electrically connected to the support struc- 
ture, the support structure comprising at least one of an air- 
plane, drone, blimp, balloon, kite, satellite, train, motorcycle, 
bike, skateboard, scooter, hovercraft, electronic device, elec- 
tronic device case, billboard, cell tower, radio tower, camera 
tower, flag pole, telescopic pole, light pole, utility pole, water 
tower, building, sky scraper, coliseum, roof top, solar panel 
and a fixed or mobile structure exceeding 1 inch in height 
above ground or sea level; and providing a load with an 
electrical connection to the at least one collection device to 
draw current. 

[0010] Other systems, methods, features, and advantages 
of the present disclosure will be or become apparent to one 
with skill in the art upon examination of the following draw- 
ings and detailed description. It is intended that all such 
additional systems, methods, features, and advantages be 
included within this description, be within the scope of the 
present disclosure, and be protected by the accompanying 
claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0011] Many aspects of the disclosure can be better under- 
stood with reference to the following drawings. The compo- 
nents in the drawings are not necessarily to scale, emphasis 
instead being placed upon clearly illustrating the principles of 
the present disclosure. Moreover, in the drawings, like refer- 
ence numerals designate corresponding parts throughout the 
several views. 


[0012] FIG. 1 is a circuit diagram of a weather energy 
circuit. 
[0013] FIG. 2 is a perspective view of an example embodi- 


ment of many energy collectors elevated above ground by a 
structure. 

[0014] FIG. 2A is a side view of an energy collection fiber 
suspended from a support wire. 

[0015] FIG. 2B is a side view of an example embodiment of 
an energy collection fiber suspended from a support wire and 
with an additional support member. 

[0016] FIG. 2C is a perspective view of a support structure 
for multiple energy collection fibers. 

[0017] FIG. 2D is a side view of an example embodiment of 
a support structure for multiple energy collection fibers. 
[0018] FIG. 2E is a side view of a support structure for an 
energy collection fiber. 

[0019] FIG. 2F is a side view of an example embodiment of 
a support structure for an energy collection fiber. 
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[0020] FIG. 2G is a side view of a support structure for 
multiple energy collection fibers. 

[0021] FIG. 3 is a circuit diagram of an example embodi- 
ment of a circuit for the collection of energy. 

[0022] FIG. 41s a circuit diagram of an example embodi- 
ment of a circuit for the collection of energy. 

[0023] FIG. 5 is a circuit diagram of an example embodi- 
ment of an energy collection circuit for powering a generator 
and motor. 

[0024] FIG. 61s a circuit diagram of an example embodi- 
ment of a circuit for collecting energy and using 1t for the 
production of hydrogen and oxygen. 

[0025] FIG. 7 is a circuit diagram of an example embodi- 
ment of a circuit for collecting energy, and using 1t for driving 
a fuel cell. 

[0026] FIG. 8 is a circuit diagram of an example embodi- 
ment of a circuit for collecting energy. 

[0027] FIG. 9 is a flow diagram of an example embodiment 
of collecting energy with a collection fiber. 

[0028] FIG. 10 is a circuit diagram of an example embodi- 
ment of a circuit for collecting energy from a dual polarity 
source. 

[0029] FIG. 11 is a system diagram of an example embodi- 
ment of an energy collection system connected to an automo- 
bile vehicle. 

[0030] FIG. 12 is a system diagram of an example embodi- 
ment of an energy collection system connected to a lunar 
rover vehicle. 

[0031] FIG. 13 is a system diagram of an example embodi- 
ment of an energy collection system comprising collection 
devices with a diode. 

[0032] FIG. 14 is a system diagram of an example embodi- 
ment of an energy collection system comprising multiple legs 
of the system of FIG. 13. 

[0033] FIG. 15 is a system diagram of an example embodi- 
ment of a windmill with energy collectors. 


DETAILED DESCRIPTION 


[0034] Electric charges on conductors reside entirely on the 
external surface of the conductors, and tend to concentrate 
more around sharp points and edges than on flat surfaces. 
Therefore, an electric field received by a sharp conductive 
point may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An 
example embodiment of this disclosure takes advantage of 
this property, among others, to collect and use the energy 
generated by an electric field in the atmosphere. Referring to 
collection system 100 presented in FIG. 2, at least one col- 
lection device 130 may be suspended from a support wire 
system 120 supported by poles 110. Collection device 130 
may comprise a diode or a collection fiber individually, or the 
combination of a diode and a collection fiber. Support wire 
system 120 may be electrically connected to load 150 by 
connecting wire 140. Supporting wire system 120 may be any 
shape or pattern. Also, conducting wire 140 may be one wire 
or multiple wires. The collection device 130 in the form of a 
fiber may comprise any conducting or non-conducting mate- 
rial, including carbon, graphite, Teflon, and metal. An 
example embodiment utilizes carbon or graphite fibers for 
static electricity collection. Support wire system 120 and 
connecting wire 140 can be made of any conducting material, 
including aluminum or steel, but most notably, copper. Teflon 
may be added to said conductor as well, such as non-limiting 
examples of a Teflon impregnated wire, a wire with a Teflon 
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coating, or Teflon strips hanging from a wire. Conducting 
wire 120, 140, and 200 may be bare wire, or coated with 
insulation as a non-limiting example. Wires 120 and 140 are 
a means of transporting the energy collected by collection 
device 130. 

[0035] An example embodiment of the collection fibers as 
collection device 130 includes graphite or carbon fibers. 
Graphite and carbon fibers, at a microscopic level, can have 
hundreds of thousands of points. Atmospheric electricity may 
be attracted to these points. If atmospheric electricity can 
follow two paths where one 1s a flat surface and the other is a 
pointy, conductive surface, the electrical charge will be 
attracted to the pointy, conductive surface. Generally, the 
more points that are present, the higher energy that can be 
gathered. Therefore, carbon, or graphite fibers are examples 
that demonstrate collection ability. 

[0036] In at least one example embodiment, the height of 
support wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

[0037] A diode, not shown in FIG. 2, may be connected in 
several positions in collection system 100. A diode is a com- 
ponent that restricts the direction of movement of charge 
carriers. It allows an electric current to flow in one direction, 
but essentially blocks it in the opposite direction. A diode can 
be thought of as the electrical version of a check valve. The 
diode may be used to prevent the collected energy from dis- 
charging into the atmosphere through the collection fiber 
embodiment of collection device 130. An example embodi- 
ment of the collection device comprises the diode with no 
collection fiber. A preferred embodiment, however, includes a 
diode at the connection point of a collection fiber to support 
system 120 such that the diode is elevated above ground. 
Multiple diodes may be used between collection device 130 
and load 150. Additionally, in an embodiment with multiple 
fibers, the diodes restricts energy that may be collected 
through one fiber from escaping through another fiber. 
[0038] Collection device 130 may be connected and 
arranged in relation to support wire system 120 by many 
means. Some non-limiting examples are provided in FIGS. 
2A-2G using a collection fiber embodiment. FIG. 2A presents 
support wire 200 with connecting member 210 for collection 
device 130. Connection member 210 may be any conducting 
material allowing for the flow of electricity from connection 
device 130 to support wire 200. Then, as shown in FIG. 2, the 
support wire 200 of support system 120 may be electrically 
connected through conducting wire 140 to load 150. A plu- 
rality of diodes may be placed at any position on the support 
structure wire. A preferred embodiment places a diode at an 
elevated position at the connection point between a collection 
fiber embodiment of collection device 130 and connection 
member 210. 

[0039] Likewise, FIG. 2B shows collection fiber 130 elec- 
trically connected to support wire 200 and also connected to 
support member 230. Support member 230 may be connected 
to collection fiber 130 on either side. Support member 230 
holds the fiber steady on both ends instead of letting it move 
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freely. Support member 230 may be conducting or non-con- 
ducting. A plurality of diodes may be placed at any position 
on the support structure wire. A preferred embodiment places 
a diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

[0040] FIG. 2C presents multiple collection fibers in a 
squirrel cage arrangement with top and bottom support mem- 
bers. Support structure 250 may be connected to support 
structure wire 200 by support member 240. Structure 250 has 
a top 260 and a bottom 270 and each of the multiple collection 
fibers 130 are connected on one end to top 260 and on the 
other end to bottom 270. A plurality of diodes may be placed 
at any position on support structure 250. A preferred embodi- 
ment places a diode at an elevated position at the connection 
point between collection fiber 130 and support structure wire 
200. 

[0041] FIG. 2D presents another example embodiment of a 
support structure with support members 275 in an x-shape 
connected to support structure wire 200 at intersection 278 
with collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

[0042] FIG. 2E provides another example embodiment for 
supporting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

[0043] FIG. 2F presents another example embodiment of a 
support for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

[0044] FIG. 2G provides two supports as provided in FIG. 
2F such that at least two support members 292, 294 may be 
connected to support structure wire 200 in multiple locations 
and collection fibers 130 may be connected between each end 
of the support structures. Collection fibers 130 may be con- 
nected between each end of a single support structure and 
between multiple support structures. A plurality of diodes 
may be placed at any position on the support structure. A 
preferred embodiment places one or more diodes at elevated 
positions at the connection point(s) between collection fiber 
130 and support structure wire 200. 

[0045] FIG. 3 provides a schematic diagram of storing cir- 
cuit 300 for storing energy collected by one or more collec- 
tion devices (130 from FIG. 2). Load 150 induces current 
flow. Diode 310 may be electrically connected in series 
between one or more collection devices (130 from FIG. 2) and 
load 150. A plurality of diodes may be placed at any position 
in the circuit. Switch 330 may be electrically connected 
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between load 150 and at least one collection device (130 from 
FIG. 2) to connect and disconnect the load. Capacitor 320 
maybe connected in parallel to the switch 330 and load 150 to 
store energy when switch 330 is open for delivery to load 150 
when switch 330 1s closed. Rectifier 340 may be electrically 
connected in parallel to load 150, between the receiving end 
of switch 330 and ground. Rectifier 340 may be a full-wave or 
a half-wave rectifier. Rectifier 340 may include a diode elec- 
trically connected in parallel to load 150, between the receiv- 
ing end of switch 330 and ground. The direction of the diode 
of rectifier 340 is optional. 

[0046] Inanexample embodiment provided in FIG. 4, stor- 
age circuit 400 stores energy from one or more collection 
devices (130 from FIG. 2) by charging capacitor 410. If 
charging capacitor 410 is not used, then the connection to 
ground shown at capacitor 410 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. Diode 440 
may be placed in series with load 150. The voltage from 
capacitor 410 can be used to charge spark gap 420 when it 
reaches sufficient voltage. Spark gap 420 may comprise one 
or more spark gaps in parallel. Non-limiting examples of 
spark gap 420 include mercury-reed switches and mercury- 
wetted reed switches. When spark gap 420 arcs, energy will 
arc from one end of the spark gap 420 to the receiving end of 
the spark gap 420. The output of spark gap 420 may be 
electrically connected in series to rectifier 450. Rectifier 450 
may be a full-wave or a half-wave rectifier. Rectifier 450 may 
include a diode electrically connected in parallel to trans- 
former 430 and load 150, between the receiving end of spark 
gap 420 and ground. The direction of the diode of rectifier 450 
is optional. The output of rectifier 450 is connected to trans- 
former 430 to drive load 150. 

[0047] FIG. 5 presents motor driver circuit 500. One or 
more collection devices (130 from FIG. 2) are electrically 
connected to static electricity motor 510, which powers gen- 
erator 520 to drive load 150. A plurality of diodes may be 
placed at any position in the circuit. Motor 510 may also be 
directly connected to load 150 to drive it directly. 

[0048] FIG. 6 demonstrates a circuit 600 for producing 
hydrogen. A plurality of diodes maybe placed at any position 
in the circuit. One or more collection devices (130 from FIG. 
2) are electrically connected to primary spark gap 610, which 
may be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 
[0049] FIG. 7 presents circuit 700 for driving a fuel cell. A 
plurality of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

[0050] FIG. 8 presents example circuit 800 for the collec- 
tion of energy. Storage circuit 800 stores energy from one or 
more collection devices (130 from FIG. 2) by charging 
capacitor 810. If charging capacitor 810 is not used, then the 
connection to ground shown at capacitor 810 is eliminated. A 
plurality of diodes may be placed at any position in the circuit. 
The voltage from capacitor 810 can be used to charge spark 
gap 820 when it reaches sufficient voltage. Spark gap 820 
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may comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury -wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 


[0051] FIG. 9 presents a flow diagram of a method for 
collecting energy. In block 910, one or more collection 
devices may be suspended from a support structure wire. In 
block 920, a load may be electrically connected to the support 
structure wire to draw current. In block 930 a diode may be 
electrically connected between the support structure wire and 
the electrical connection to the load. In block 940, energy 
provided to the load may be stored or otherwise utilized. 


[0052] FIG. 10 presents circuit 1000 as an example 
embodiment for the collection of energy from a dual polarity 
source. This may be used, for example, to collect atmospheric 
energy that reverses in polarity compared with the ground. 
Such polarity reversal has been discovered as occurring occa- 
sionally on Earth during, for example, thunderstorms and bad 
weather, but has also been observed during good weather. 
Such polarity reversal may occur on other planetary bodies, 
including Mars and Venus, as well. Energy polarity on other 
planets, in deep space, or on other heavenly bodies, may be 
predominantly negative or predominantly positive. Collector 
fibers (130 from FIG. 2), which may comprise graphene, 
silicene, and/or other like materials, are capable of collecting 
positive energy and/or negative energy, and circuit 1000 is 
capable of processing positive and/or negative energy, pro- 
viding an output which is always positive. Circuit 1000 may 
collect energy from one or more collection devices (130 from 
FIG. 2). Charging capacitor 1010 may be used to store a 
charge until the voltage at spark gap 1020 achieves the spark 
voltage. Capacitor 1010 is optional. 


[0053] A plurality of diodes may be placed in a plurality of 
positions in circuit 1000. The voltage from capacitor 1010 
may be used to charge spark gap 1020 to a sufficient voltage. 
Spark gap 1020 may comprise one or more spark gaps in 
parallel or in series. Non-limiting examples of spark gap 1020 
include mercury-reed switches, mercury-wetted reed 
switches, open-gap spark gaps, and electronic switches. 
When spark gap 1020 arcs, energy will arc from an emitting 
end of spark gap 1020 to a receiving end of spark gap 1020. 
The output of spark gap 1020 is electrically connected to the 
anode of diode 1022 and the cathode of diode 1024. The 
cathode of diode 1022 is electrically connected to the cathode 
of diode 1026 and inductor 1030. Inductor 1030 may be a 
fixed value inductor or a variable inductor. The anode of diode 
1026 is electrically connected to ground. Capacitor 1028 is 
electrically connected between ground and the junction of the 
cathodes of diode 1022 and diode 1026. Inductor 1035 is 
electrically connected between ground and the anode of diode 
1024. Inductor 1035 may be a fixed value inductor or a vari- 
able inductor. Capacitor 1070, the anode of diode 1026, 
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inductor 1035, and load 1050 are electrically connected to 
ground. Capacitor 1070 may be placed in parallel with load 
150. 


[0054] FIGS. 11 and 12 provide example embodiments of 
vehicle 1110, which utilizes electricity, the vehicle employ- 
ing systems of energy collection provided herein. Vehicle 
1100 in FIG. 11 is shown as an automobile vehicle, but could 
be any means of locomotion that utilizes electricity, including 
a car, a train, a motorcycle, a boat, an airplane, robotic rovers, 
space craft, etc. Vehicle 1200 in FIG. 12 is shown as a lunar 
rover vehicle. In FIGS. 11 and 12, support rod 1110, 1210 is 
electrically connected to an electrical system in vehicle 1100, 
1200. Energy collectors 130, which may comprise graphene, 
silicene, and/or other like materials, are electrically con- 
nected to support rod 1110, 1210 and may be used to supply 
energy to electrical circuits within the vehicle. A non-limiting 
use includes a top-off charge for a battery system, on-board 
hydrogen production, and/or assisting in the same. Energy 
collectors 130 may be used to augment the efficiency of the 
locomotion that utilizes electrical energy as well. 


[0055] FIG. 13 provides an example embodiment of energy 
collection system 1200 in which diode 310 is used to isolate 
collection devices 130 from spark gap 1020 and load 150. 
Collection devices 130 may comprise graphite, carbon fibers, 
carbon/carbon fibers, graphene, silicene, and/or other like 
materials, or a mixture thereof. 


[0056] FIG. 14 provides an example embodiment of energy 
collection system 1400 in which a plurality of energy collec- 
tion systems, such as that provided in FIG. 13, are combined. 
Each leg consisting of collection devices 130, which may 
comprise graphene, silicene, and/or other like materials, and 
diode 310 are connected in parallel with other legs, each leg 
electrically connected to trunk wire 1410. The legs could also 
be connected serially. Trunk wire 1410 is electrically con- 
nected to a collection circuit, which may comprise load 150 
and spark gap 1020 in any configuration that has been previ- 
ously discussed. Each leg may comprise one or more collec- 
tion devices 130 and at least one diode electrically connected 
between the collection devices and the collection circuit. 
Although three collection devices 130 are shown on each leg, 
any number of collection devices may be used. Although four 
legs are shown, any number of legs may be used. 


[0057] FIG. 15 presents a system diagram of an example 
embodiment of a windmill with energy collectors, which may 
comprise graphene, silicene, and/or other like materials in an 
example embodiment. A windmill is an engine powered by 
the energy of wind to produce alternative forms of energy. 
They may, for example, be implemented as small tower 
mounted wind engines used to pump water on farms. The 
modern wind power machines used for generating electricity 
are more properly called wind turbines. Common applica- 
tions of windmills are grain milling, water pumping, thresh- 
ing, and saw mills. Over the ages, windmills have evolved 
into more sophisticated and efficient wind-powered water 
pumps and electric power generators. In an example embodi- 
ment, as provided in FIG. 10, windmill tower 1500 of suitable 
height and/or propeller 1520 of windmill tower 1500 may be 
equipped with energy collecting fibers 1530, 1540, which 
may comprise graphene, silicene, and/or other like materials 
in an example embodiment. Collecting fibers 1530, 1540 may 
turn windmill 1500 into a power producing asset even when 
there is not enough wind to turn propellers 1520. During 
periods when there is enough wind to turn propellers 1520, 
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collecting fibers 1530, 1540 may supplement/boost the 
amount of energy the windmill produces. 

[0058] A windmill is an engine powered by the energy of 
wind to produce alternative forms of energy. They may, for 
example, be implemented as small tower mounted wind 
engines used to pump water on farms. The modern wind 
power machines used for generating electricity are more 
properly called wind turbines. Common applications of 
windmills are grain milling, water pumping, threshing, and 
saw mills. Over the ages, windmills have evolved into more 
sophisticated and efficient wind-powered water pumps and 
electric power generators. In an example embodiment, as 
provided in FIG. 10, windmill tower 1000 of suitable height 
and/or propeller 1020 of windmill tower 1000 may be 
equipped with energy collecting fibers 1030, 1040. Collect- 
ing fibers 1030, 1040 may turn windmill 1000 into a power 
producing asset even when there is not enough wind to turn 
propellers 1020. During periods when there is enough wind to 
turn propellers 1020, collecting fibers 1030, 1040 may 
supplement/boost the amount of energy the windmill pro- 
duces. 

[0059] Windmill 1500, properly equipped with ion collec- 
tors 1530, 1540, such as a non-limiting example of fibers with 
graphene, silicene, and/or other like materials, can produce 
electricity: 1) by virtue of providing altitude to the fiber to 
harvest ions, and 2) while the propeller is turning, by virtue of 
wind blowing over the fiber producing electricity, among 
other reasons, via the triboelectric effect (however, it 1s also 
possible for the triboelectric effect to occur, producing elec- 
tricity, in winds too weak to turn the propeller). 

[0060] There are at least two ways that energy collectors 
may be employed on or in a windmill propeller to harvest 
energy. Propellers 1520 may be equipped with energy collec- 
tors 1530, 1540 attached to, or supported by, propeller 1520 
with wires (or metal embedded in, or on propeller 1520) 
electrically connecting energy collectors 1530, 1540, which 
may comprise graphene, silicene, and/or other like materials, 
to a load or power conversion circuit. There may be a require- 
ment to electrically isolate energy collectors 1530, 1540, 
which are added to propeller 1520, from electrical ground, so 
that the energy collected does not short to ground through 
propeller 1520 itself or through support tower 1510, but rather 
is conveyed to the load or power conversion circuit. Energy 
collectors may be connected to the end of propellers 1520 
such as collectors 1530. Alternatively, energy collectors may 
be connected to the sides of propellers 1520 such as collectors 
1540. 


[0061] Alternatively, propeller 1520 may be constructed of 
carbon fiber or other suitable material, with wires (or the 
structural metal supporting propeller 1520 may be used) elec- 
trically connecting to a load or power conversion circuit. In 
the case of propeller 1520 itself being constructed of carbon 
fiber, for example, the fiber may be ‘rough finished’ in 
selected areas so that the fiber is “fuzzy.” For example, small 
portions of 1t may protrude into the air as a means of enhanc- 
ing collection efficiency. The fuzzy parts of collectors 1530, 
1540 may do much of the collecting. There may be a require- 
ment to electrically isolate carbon fiber propeller 1520 from 
electrical ground, so that the energy it collects does not short 
to ground through metal support tower 1510, but rather is 
conveyed to the load or power conversion circuit. Diodes may 
be implemented within the circuit to prevent the backflow of 
energy, although diodes may not be necessary in some appli- 
cations. 
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[0062] In an alternative embodiment, windmill 1500 may 
be used as a base on which to secure an even higher extension 
tower to support the energy collectors and/or horizontal sup- 
ports extending out from tower 1510 to support the energy 
collectors. Electrical energy may be generated via ion collec- 
tion due to altitude and also when a breeze or wind blows over 
the collectors supported by tower 1510. 

[0063] In alternative embodiments to windmill 1500, other 
non-limiting example support structures include airplanes, 
drones, blimps, balloons, kites, satellites, cars, boats, trucks, 
(including automobile and other transportation conveyance 
tires), trains, motorcycles, bikes, skateboards, scooters, hov- 
ercraft (automobiles and conveyance of any kind), billboards, 
cell towers, radio towers, camera towers, flag poles, towers of 
any kind including telescopic, light poles, utility poles, water 
towers, buildings, sky scrapers, coliseums, roof tops, solar 
panel and all fixed or mobile structures exceeding 1 inch in 
height above ground or sea level. 

[0064] An example embodiment of a support structure may 
also include cell phones and other electronic devices and their 
cases, including cases containing rechargeable batteries. For 
example, someone may set her cell phone or other electronic 
device or battery pack on the window ledge of a tall apartment 
building to help charge it. Other example support structures 
may include space stations, moon and Mars structures, rock- 
ets, planetary rovers and drones including robots and artificial 
intelligence entities. 

[0065] Under some conditions, ambient voltage may be 
found to be 180-400 volts at around 6 ft, with low current. 
With the new generation of low current devices being devel- 
oped, a hat containing ion harvesting material may provide 
enough charge, or supplemental charge, collected over time 
to help power low current devices such as future cell phones, 
tracking devices, GPS, audio devices, smart glasses, etc. 
Clothes may also be included as examples of support struc- 
tures. Friction of the ion collection material (such as non- 
limiting examples of carbon, graphite, silicene and graphene) 
against unlike materials, such as wool, polyester, cotton, etc 
(used in clothes) may cause a voltage to be generated when 
rubbed together. Additionally, wind passing over the ion col- 
lection material has been demonstrated to generate voltage, 
even at low altitude. In an additional example embodiment, 
embedding collection devices into automobile tires (for 
example, in a particular pattern) could generate collectible 
voltage. 

[0066] Any process descriptions or blocks in flow charts 
should be understood as representing modules, segments, or 
portions of code which include one or more executable 
instructions for implementing specific logical functions or 
steps in the process, and alternate implementations are 
included within the scope of the preferred embodiment of the 
present disclosure in which functions may be executed out of 
order from that shown or discussed, including substantially 
concurrently or in reverse order, depending on the function- 
ality involved, as would be understood by those reasonably 
skilled in the art of the present disclosure. 


[0067] It should be emphasized that the above-described 
embodiments of the present disclosure, particularly, any “pre- 
ferred” embodiments, are merely possible examples of imple- 
mentations, merely set forth for a clear understanding of the 
principles of the disclosure. Many variations and modifica- 
tions may be made to the above-described embodiment(s) of 
the disclosure without departing substantially from the spirit 
and principles of the disclosure. All such modifications and 


US 2016/0248345 Al 


variations are intended to be included herein within the scope 
of this disclosure and the present disclosure and protected by 
the following claims. 

1. A method of collecting energy comprising: 

suspending at least one graphene collection device, elec- 
trically connected to the support structure, the support 
structure comprising at least one of an airplane, drone, 
blimp, balloon, kite, satellite, train, motorcycle, bike, 
skateboard, scooter, hovercraft, electronic device, elec- 
tronic device case, billboard, cell tower, radio tower, 
camera tower, flag pole, telescopic pole, light pole, util- 
ity pole, water tower, building, sky scraper, coliseum, 
roof top, solar panel and a fixed or mobile structure 
exceeding 1 inch in height above ground or sea level; and 

providing a load with an electrical connection to the at least 
one collection device to draw current. 

2. The method of claim 1, wherein the graphene collection 

device collects energy by triboelectric effect. 

3. The method of claim 1, wherein the graphene collection 
device comprises a graphene mesh. 

4. The method of claim 1, wherein the graphene collection 
device comprises a diode and a collection fiber and the diode 
is electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, further comprising a fuel cell for 
producing hydrogen from the collected energy. 

8. A system of energy collection comprising: 

a support structure, the support structure comprising at 
least one of an airplane, drone, blimp, balloon, kite, 
satellite, train, motorcycle, bike, skateboard, scooter, 
hovercraft, electronic device, electronic device case, 
billboard, cell tower, radio tower, camera tower, flag 
pole, telescopic pole, light pole, utility pole, water tower, 
building, sky scraper, coliseum, roof top, solar panel and 
a fixed or mobile structure exceeding 1 inch in height 
above ground or sea level; 

at least one graphene collection device electrically con- 
nected to the support structure; and 
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a load electrically connected to the at least one collection 

device. 
9. The system of claim 8, wherein the graphene collection 
device collects energy by triboelectric effect. 
10. The system of claim 8, wherein the graphene collection 
device comprises a graphene mesh. 
11. The system of claim 8, wherein the graphene collection 
device comprises a collection fiber and a diode electrically 
connected between the load and the collection fiber. 
12. The system of claim 11, wherein the diode is elevated 
relative to the ground level. 
13. The system of claim 10, wherein the support structure 
comprises a vehicle. 
14. The system of claim 8, further comprising a diode 
electrically connected between the at least one graphene col- 
lection device and the support structure. 
15. The system of claim 8, further comprising: a switch 
connected in series between the at least one graphene collec- 
tion device and the load; and a capacitor connected in parallel 
with the switch and the load. 
16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the load and at least one 
graphene collection device, and wherein the interrupter com- 
prises at least one of a fluorescent tube, a neon bulb, an AC 
light, and a spark gap. 
17. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one graphene collection device and the load; and a generator 
powered by the motor. 
18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 
19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 
20. A system of collecting energy comprising: 
means for suspending at least one graphene collection 
device, the at least one graphene collection device elec- 
trically connected to the means for suspending; and 

means for inducing current flow, the means for inducing 
current flow electrically connected to the graphene col- 
lection device. 


(19) 


(54) 


(71) 


(72) 


(73) 


(21) 


(22) 


US 20160043661A1 


a2) Patent Application Publication (0) Pub. No.: US 2016/0043661 A1 


United States 


McCowen 


ENERGY COLLECTION 


Applicant: Ion Power Group LLC, Navarre, FL 
(US) 


Inventor: Clint McCowen, Navarre, FL (US) 


Assignee: ION POWER GROUP LLC, Navarre, 
FL (US) 


Appl. No.: 14/454,308 


Filed: Aug. 7, 2014 


1200 


(43) Pub. Date: Feb. 11, 2016 


Publication Classification 


(51) Int. Cl. 

HO2N 1/04 (2006.01) 
(52) U.S. Cl. 

CPG A HO2N 1/04 (2013.01) 
(57) ABSTRACT 


An energy collection system may collect and use the energy 
generated by an electric field. Collection fibers are suspended 
from a support system. The support system 1s electrically 
connected to a load by a connecting wire. The collection 
fibers may be made of any conducting material, but graphene, 
carbon and graphite are preferred. Diodes may be used to 
restrict the backflow or loss of energy. 
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Figure 10-3 70 MHz WWV receiver block diagram 


T-68 ferrite core. Inductors L2 and L4 consist of 12 
turns of 22 ga. AWG wire on an FT37-43 ferrite core, 
and finally L3 consists of 25 turns of #26 ga. AWG wire 
on a T50-2 ferrite core. For even greater selectivity (but 
greater insertion loss), you can consider moving the Ll 
tap to 1 turn from ground. Fine tuning the WWV 
receiver is accomplished by adjusting CV1 and CV2 
trimmer capacitors. The front-end MOSFETs are 
extremely sensitive to static electricity, so be very 
careful in handling them. Note the two ferrite beads, 
one is placed in series with the Drain lead of Q1, while 
the second ferrite bead is in series with the Drain of Q2. 
These ferrite beads are important, so be sure to 

use them. The receiver front-end, at J1, should be 
connected to a dipole antenna “cut” for 10 MHz. TRF 
receivers are especially sensitive and are subject to 
overloading a BCB or Broadcast Band Interference, so 
internal lead lengths should be kept short between 
components and the front-end should be shielded and 
the receiver placed in a metal enclosure for best results. 


The output impedance of Q2 is 2000 ohms, which 
nicely matches the input impedance of the Cohn crystal 
filter, in the crystal filter section of the receiver. This 
filter utilizes three 10 MHz crystals. Choose 10 MHz 
crystals that are marked for a 20 pF or 32 pF load 
capacitance if possible. Using a 10 MHz crystal 
oscillator, find three that are closest to one another in 
frequency. You may substitute 2.2k ohm resistors 
instead of the specified 2k with a slight penalty in pass 
band shape. The crystal filter section utilizes a single 
dual-gate MOSFET transistor at Q3. Coil L5 is 12 turns 
on an FT37-43 ferrite core. The output of the Cohn 
crystal filter is next fed to the input of the AM detector 
Stage. 


AM 
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RF amplifier 
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section 
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The AM detector has three distinct advantages; 
it has high bandwidth, low distortion and incredible 
(and variable) sensitivity. The variable bias control 
allows the listener to adjust the bias to maintain 
detected audio fidelity even when the RF signal is weak. 
The detector uses a Schottky UHF mixer diode at D1. 
Increasing the diode bias from zero volts to maximum 
causes three things to happen: increased sensitivity, 
increased audio high frequency response, and a slight 
increase in receiver noise. 


The AM detector section matches the 2000 ohm 
impedance of the crystal filter stage quite nicely. 
A sensitivity control at VR2 is a 1 megohm 
potentiometer, which feeds directly to L6, a 1000 uH 
coil. Coil L6 is connected directly to a Schottky diode 
at D1. The resultant signal is next sent through a 5.6k 
ohm resistor and on to a 1 UF capacitor which feeds the 
nJFET at Q4. The Source lead of Q1 is connected to the 
Drain lead of Q5, and the Source lead of Q5 is 
connected to ground via a 5.6k ohm resistor. Note the 
two 22 UF electrolytic capacitors on each of the Drain 
leads of the nJFETs. 


When the WWV RF signal is weak, turning the bias 
off may result in the detected WWV signal 
disappearing. Increasing the bias will bring the WWV 
signal back in. You run the bias control pot about half 
way and, of course, higher as WWV fades out. The 
fidelity that the bias adds even when the WWV signal is 
strong is quite pleasing to the ear. For the 1 UF and 
2.2 uF capacitors, I used polyester film types which 
sounded better than electrolytic capacitors. 


The audio amplifier section features low noise audio 
amplifier. Distortion is very low as long as the input is 
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Figure 10-4Y WWV time code receiver schematic. Courtesy of VC7BFO — Todd Gale 


not over driven. The audio amplifier section consists of a 
dual NE5532 op-amp and three transistors. Transistors 
Q6 and Q7 are NPN types, while transistor Q7 is a PNP 
type. The input signal from the detector is fed directly to 
the volume control at VR3, a 10k ohm potentiometer. 
The input signal is first sent to the non-inverting stage of 
the first op-amp at pin 3. The output of the first op-amp 
section at pin | is next sent to the second stage of the 
op-amp through a .1 uF capacitor in series with a 4.7k 
ohm resistor to pin of Ul:b. The output of U1, at pin 7 is 
then fed to the output transistor stage. The output of the 
transistor pair is two 1000 UF capacitors which coupled 
to a 330 UF capacitor which feeds the 8 ohm speaker. 


The entire WWV receiver is powered from a 12 volt 
“wall-wart” power or can be powered from a 12 volt 
battery for portable operation. 


Receiver assembly 


You are probably quite anxious to begin the assembly of 
the receiver project; it is best to follow the assembly 
steps in order. Try to avoid the urge to “jump ahead” 
installing components. Locate your layout and 
schematic diagram. Place all the components in front of 
you and locate a 27-30 watt pencil tip soldering iron. 


Table 10-1 

Resistor color code chart 

Color Band Ist Digit 2nd Digit 
Black 0 0 
Brown 1 1 
Red 2 2 
Orange 3 3 
Yellow 4 4 
Green 5 5 
Blue 6 6 
Violet 7 7 
Gray 8 8 
White 9 9 
Gold 

Silver 


No color 


Make sure you have a large work table in order to 
spread out all the parts and diagrams. A printed circuit 
board is highly recommended for this project, so you 
should have your circuit board in front of you oriented 
correctly, in order to begin populating the PC board. 
Remember that the components will be mounted on the 
“component” side of the circuit board and soldered on 
the “solder” side of the circuit board, the side with the 
printed circuit traces. Locate a spool of 60/40 tin/lead 
rosin core solder for this project. 


First we will begin by locating all of the resistors for 
the project. Most all of the resistors are / watt carbon 
composition type resistors except for the potentiometer. 
Before we begin building the Time receiver, take a 
moment to refer to the resistor color chart shown in 
Table 10-1. Note that each resistor will have three or four 
color bands beginning at one end of the resistor body. 
The first color code represents the resistor’s first digit 
value, while the second color band denotes the resistor’s 
second digit value. The third color band represents the 
multiplier value of the resistor and the fourth band denotes 
the tolerance value of the resistor. If the fourth color band 
1s silver then the resistor has a tolerance of 10%, while a 
gold band denotes a 5% tolerance. If there 1s no fourth 
color band then the resistor has a tolerance of 20%. The 
first color band of a 10,000 ohm resistor, for example, 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


would be brown with a value of (1). The second color 
band would be black with a value of (0). The third color 
band would be orange with a value of (000). Read the 
color codes on the resistors and compare them to the 
parts list and layout diagram so that you place the correct 
resistor in the correct hole on the printed circuit board. 
You can install the resistors in groups of four or five. 
Solder the first group of resistors onto the circuit board, 
then cut the excess component leads flush to the edge of 
the PC board using a pair of small end-cutters. Then 
move on to the next group of resistors until all of the 
resistors have been installed. 


Next we will move on to installing the capacitors. 
Most all of the capacitors will have some sort of 
marking on them, so compare the value or marking on 
the component with the parts list before installing the 
components on the PC board. Note that capacitors C24, 
C25, C26, C27 are all electrolytic capacitors; these 
capacitors will have additional polarity markings on 
them and they must be installed with respect to these 
polarity markings in order for the circuit to work 
properly. Each of these capacitors will have a white or 
black band with either a plus or minus marking on one 
side or edge of the component. You must orient the 
capacitor correctly, so you should refer to the layout 
diagram and schematic diagram when installing these 
parts. Also note that capacitors C32 through C38 are 
also all electrolytic types. All the other capacitors have 
no polarity marking so they can be installed in either 
direction. Now, you will want to refer to the capacitor 
code chart shown in Table 10-2, which illustrates the 
codes used for small size capacitors. Often very small 
capacitors will not have their actual value printed on 
them, because there may not be enough room, so a 
three-digit code was developed. Look at the chart and 
compare the numbers on the chart with the actual 
capacitors to help identify them. You can go ahead and 
install all of the capacitors at this time. It is best to 
install the capacitors in groups of four or five at a time, 
then solder them on to the circuit board before 
moving on to the next group of capacitors; this helps 
keep some order to the building process. It is also 
advisable to check off each of the components 
against the parts list, so you can keep tabs on your 
progress and make sure that all of the parts are 
accounted for. Solder a group of four or five 
components, cut the excess leads and then move on to 


the next group of components. This will keep things in 
an orderly fashion. 


Next, go ahead and locate and install the 
Schottky diode at D1. Note that the diode has a polarity 
marking on the glass enclosure. At one end of the 
diode body you should see a black or white band; this 
denotes the cathode side of the diode. Look at your 
schematic diagram to observe the direction of the 
cathode band in the circuit before you install 
the diodes. 


The WWYV receiver incorporates six inductors; five of 
the inductors are wound on ferrite cores, while L6 is a 
ready-made 1000 uH choke coil. Refer to the chart in 
Table 10-3 for details on winding each of the coils. 
When winding the coil you will have to scrape the 
insulation off each of the wire ends in order to solder 
the coil to the circuit board. You will need to secure the 
coil to the circuit board using a couple of “dabs” of 
rubber cement. Once the coils have been secured to the 
PC board, you can solder the coil leads to the 
circuit board, and then remove the excess lead 
lengths. 


Locate the three crystals, Y1, Y2 and Y3 and place 
them on the PC board. Now solder the crystals to the 
PC board and then trim the excess leads flush to the 
edge of the circuit board. 


Before we attempt to install the semiconductors, take 
a quick look at the semiconductor pin-out diagram 
shown in Figure 10-5. Now locate the MOSFETs Q1, 
Q2 and Q3. These devices are very static sensitive and 
must be handled very carefully using an anti-static 
wrist-band to avoid damage before they are soldered 
into the circuit. Transistor sockets are highly 
recommended for all of the transistors, see the pin-out 
diagram for the MOSFETs and make sure you can 
identify each of the leads before placing the MOSFETs 
on to the circuit board. The MOSFETs have two Gate 
leads, G1 and G2, as well as a Source lead (S) and a 
Drain lead (D). Once you are sure of each of the leads, 
you can go ahead and install the MOSFETS onto 
the circuit board. The AM detector portion of the 
receiver utilizes two nJFETS at Q4 and Q5, these 
semiconductors are also static sensitive and must be 
handled with extreme care to avoid damage. The 
nJFETS have three leads, like most conventional 
transistors, but they have a Gate, Source and Drain lead, 


Table 10-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 WF Ceramic / Mylar 472 
30pF Ceramic 5,000 pF /.005 UF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic 01 Ceramic / Mylar 103 
68 pF Ceramic O15 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic ¿022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 zl Mylar 104 
220 pF Ceramic 221 a Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 6 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


Table 10-3 
Inductor coil winding information 


Coil Value Ferrite Core Description 

Ll 4.1 uH T-28 toroid (*) 27 turns #22 AWG wire on ferrite core 
L2 FT-37-43 (**) 12 turns #22 AWG wire on ferrite core 
L3 3.0 WH T50-2 toroid * 25 turns #26 AWG wire on ferrite core 
L4 FT37-43 (**) 12 turns #22 AWG wire on ferrite core 
L5 FT37-43 (**) 12 turns #22 AWG wire on ferrite core 
L6 1000 uH pre-wound choke coil; Digi-Key 


* Toroids can be obtained from Circuit Specialists; see Appendix. 


** FT-37-43 toroid available from RP electronics; see Appendix. 


unlike conventional transistors, with a Base, Emitter and “flat” side with the writing imprinted on it. Be sure to 
Collector. Once the nJFETS have been identified, they follow the parts diagram for correct placement. To 

can be installed on the circuit board. Finally, the audio install, slide the center legs through the circuit board 
amplifier section utilizes three conventional transistors. and push the component as close to the board as 
Transistors Q6 and Q7 are NPN types, while Q8 is a possible without “straining” the leads. Identify the 
PNP transistor. Transistors have three “legs” and must transistor pin-outs and then go ahead and install the 

be oriented correctly. Notice that the part contains a transistors onto the circuit board. Remember to trim the 
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Figure 10-5 Semiconductor pin-outs 


excess transistor leads after all of the transistors have 
been installed on the PC board. 


It is a good idea to use an IC socket for each of the 
integrated circuits in the event of a component failure at 
a possible later date. 


Leads length from 
the board 


Now that your soldering skills are at their peak, we”]l 
install the integrated circuit. An integrated circuit socket 
1s highly recommended in the event of a possible circuit 
failure. It is much easier to simply unplug a “burnt” IC, 
rather than trying to un-solder a defective IC from the 
circuit board. Most hobbyists have considerable trouble 
trying to un-solder multi-pin integrated circuits from a 
PC board successfully, so 1t 1s easier to install a socket 
from the beginning. Most IC sockets will have a notch 
or cut-out and one end of the plastic package. Pin 1 

will be just to the left of the notch or cut-out. Make sure 
you orient the socket, so that pin 1 will be close to C29, 
C31 and R22. When installing the IC into the socket 
make sure you align pin of the IC with pin 1 of the IC 
socket. 


That's a lot of parts! Take a short break and rest your 
weary eyes. Before we start up again, we will check 
your solder joints for “short” circuits and “cold” solder 
joints. First, pick up the circuit board with the foil side 
of the board facing upwards toward you. Take a close 
look at the solder joints in front of you. The solder 
joints should all look clean, bright and shiny. If any of 
the solder joints look dark, dull or “blobby,” then you 
need to remove the solder from that particular joint, re- 
apply solder and re-solder the joint all over again. Next, 
we will inspect the circuit board for possible “short” 
circuits. Look closely for small solder “blobs” that often 
bridge circuit traces. Also look carefully for any “stray” 
components leads which may have stuck to the foil side 
of the PC board. Sometimes sticky rosin from solder 
can leave a residue that will “hold” pieces of wire on 
the board, often causing “short” circuits between circuit 


traces. 


Identify and install the three potentiometer; they can 
now be mounted on the metal enclosure that you chose 
to use for the receiver. Make up three or four inches 


leads for each of the potentiometer leads, so you can 
connect the potentiometer to the circuit board. All three 
potentiometers can be mounted on the front panel of the 
receiver enclosure. Using a length of speaker wire, 
connect the speaker to the circuit board. The speaker 
can be mounted on the top or front of the enclosure. 


If you desire you can customize your new receiver with 
an LED power indicator. Install a red LED on the front 
panel. Being a diode, this component is polarized and 
must be oriented correctly. Examine the LED and notice 
how one lead is longer than the other. The longer of the 
two leads is the anode, or (+) connection. Most diodes 
also have a flat side molded in the component body. This 
corresponds to the cathode or (—) side of the part. This flat 
should face in the direction of the band marking of the 
diode. Leave the diode’s leads as long as possible as this 
component will also mount to the front panel as a power 
indicator. You can connect up the LED across the power 
input of the circuit’s +12 volt lead and ground. 


You can also customize the receiver by installing a 
closed circuit earphone jack if desired, so that the jack 
will bypass the speaker when the headphones are 
plugged into the jack. 


Moving to the rear of the enclosure, install antenna 
connector J1, you can use an RCA jack or a BNC 
connector as desired. Next, go ahead and mount a 
coaxial power plug on the rear panel of the chassis and 
then solder the connectors to the circuit board using a 
length of insulated wire. Now you will need to decide 
how you will power your new WWV receiver. You elect 
to power the receiver from a 12 volt battery or 
re-chargeable power pack or from a 12 volt DC “wall- 
wart” power supply. 


Congratulations, you have successfully completed 
your WWV receiver; now let’s move on to final testing 
of the receiver! 


Initial receiver testing 


This project was designed to be pretty much “plug and 
play,” with minimal testing upon completion. Turn all 
three potentiometers to their mid-point position. 
Connect up you power supply or battery and depress the 
power switch. The power on LED should illuminate. 
Connect up your outdoor antenna via connector J1. 


Now increase the RF gain control, more clockwise. 
You can also adjust the volume control for more gain as 
well. You should begin to hear the “beep” signal from 
the WWV Colorado transmitting station. You may have 
to adjust VR2 until the signal is sound best in the 
speaker. If the signal 1s too strong, you may have to 
adjust the RF gain and volume control as needed. 


In the event that you do not hear any sounds from your 
new receiver, you will have to turn off the receiver and 
remove the battery and do a close inspection of the circuit. 
The most common reasons for circuit problems is due to 
placing the wrong component in a particular circuit board 
location or possible reverse placement of a component. 
Take a look at the Time-Code Receiver circuit board very 
carefully. Sometimes it is better to get a pair of “fresh 
eyes” or have a friend take a look at your circuit to find a 
possible error. Look at each of the resistors and make sure 
you have placed the correct resistor in each resistor 
location; read the color code carefully. Check the 
placement of the diodes and electrolytic capacitors to 
make sure you have installed them with respect to their 
polarity marking. Next, take a close look to make sure that 
you have installed the transistors correctly, looking closely 
at the pin-outs with respect to the manufacturer’s pin-out 
diagram. Finally, examine the circuit to make sure that the 
integrated circuit has been oriented properly in its IC 
socket, since this is a common cause for error. Once you 
have fully inspected the circuit board and located your 
error, you can re-connect the battery and switch on the 
receiver to test it once again. 


Antenne considerations 


In order to obtain the best reception on your new WWV 
Time-Code receiver you will want to construct an 
optimum antenna. Using a random length of wire will 
give poor results. A very efficient method to use with 
the WWV Time-Code receiver is a dipole antenna 
“cut” for the proper frequency of 10 MHz. Half-wave 
dipoles are very effective antennas and are simple to 
construct. For low-power work or receiver use, you can 
use low-cost RG-58 52 ohm coax from the dipole 
antenna to your new receiver. The formula for dipole 
antennas: 234/(frequency in MHz) = 4-wavelength in 
feet will give the length of wire needed for each leg of 
the dipole. For example, if you wanted to build a 


10 MHz dipole for your Time-Code receiver, you 

would divide 234 by 10 MHz and the result would be 
23.4 feet per leg on either side of the center insulator. The 
diagram in Figure 10-6 illustrates a dipole antenna which 
can be used with the Time-Code receiver. Depending 
upon your location, you will want to orient the antenna for 
best reception. The antenna should be placed broad-side 
or parallel towards Colorado for best reception. 


Using your new WUV 
receiver 


You will have fun learning about other interesting things 
on WWV besides the time function feature, such as 
accurate tone frequencies, geophysical alerts (solar 
activity reports), marine storm warnings, the global 
positioning system (GPS) and Omega navigation system 
status reports. 


Table 10-4 shows the broadcast schedule for 
WWV in Fort Collins, CO. A similar schedule is 
available for WWVH in Hawaii. This diagram is 
extracted from a National Institute of Standards and 
Technology (NIST) publication. If you want to order a 
copy, it is available for a modest charge from the 
Government Printing Office, Washington DC 20402. 
Write and ask for a current list of available publications. 
The two features of most interest are precise frequency 
of the carrier signal, to calibrate radio and test 
equipment, and precise time information given each 
minute as a voice transmission. But there are many 


other interesting parts of their transmissions. 
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Figure 10-6 MHz dipole antenna 


Table 10-4 


Broadcast Format Station ID 


440 Hz 1-hour mark 


Location 
40°40'49.0"N; 105°02'27.0" W 


Standard broadcast frequencies 
and radiated power 

2.5 MHZ - 2.5 kW 

5 MHz - 2.5 kW 


20 MHz - 2.5 kW 
UT1 corrections 


For additional information contact 
Nist Radio Station WWV 
2000 East County Rd. 58 
Fort Collins, CO 80524 
(303) 484-2372 


minutes 


Station ID 


There are various tones which can be used to check 
audio equipment or musical instruments and they can be 
captured to detect the start of each hour or each minute. 
At certain intervals, voice announcements are made for 
the benefit of other government agencies. 

The predominant ones are as follows: 


Marine storm warnings are prepared by the 
National Weather Service and broadcast for areas of the 
Atlantic and Pacific Oceans which are of interest to the 
US Government. 


Global Positioning System status announcements are 
prepared by the Coast Guard to give current status 
information about the GPS satellites. 


Omega Navigation System reports are prepared by 
the Coast Guard to give the status of the 8 Omega 
transmitting stations in the 10-14 kHz frequency range. 
These serve as navigation aids. 


Geophysical alerts are prepared by the Space 
Environment Service Center of NOAA. They are 
broadcast on the 18th minute of the hour and give 


Nist reserved 


Storm 
information 


UTC voice 
announcement 


GPS reports 


Omega reports 


Geoalerts 


O Beginning of each hour is identified by 
0.8-second-long, 1500-Hz tone. 


O Beginning of each minute is identified by 
0.8-second-long, 1000-Hz tone. 


O The 29th and 59th second pulses of each 
minute are omitted. 


O 440 Hz tone is omitted during first 
hour of each day. 


information of interest to amateur radio operators, as 
well to as various scientific organizations regarding 
solar activity, geomagnetic fields, solar flares, and other 
geophysical statistics. This propagation information can 
help you decide when the DX will be good. 


e Beginning of each hour is identified by 


0.8 second-long, 1500 Hz tone. 


Beginning of each minute 1s identified by 
0.8 second-long, 1000 Hz tone. 


The 29th and 59th second pulses of each minute are 
omitted. 


440 Hz tone is omitted during the first hour of 
each day. 


You will have fun learning about other interesting things 
on WWV at certain times besides just the time function 
feature. Features such as accurate tone frequencies, 
geophysical alerts (solar activity reports), marine storm 
warnings, and global positioning system (GPS) and 
Omega navigation system status reports. 


VHF Public Service Monitor 
(Action-Band) Receiver 


Parts list 


Parts 
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Bin 
Let ny" 


VHF Public Service 


Monitor Receiver: 


Ri RZ BS Ok Ohm 
potentiometer 
R4;R8;,RL3;R2 427k Ohm, 
YW, 5% regis cor 
[ yellow-violet-orange] 
R5 4700hm, YW, 5S 
resistor 
[ yellow-violet-brown] 
R6,R9,R20 2700hm, YW, 
5% resistor 


[ red-violet-brown] 


R7,R17,R19 10kohn, YW, 
5% resistor 
| brown-black-orange] 
R10 1megohm, YW, D 
resistor 
[ brown-black-green] 
RT RI2 “Lkohm; YW, De 
resistor 
| brown-black-red] 
R14 33kohm, YW, 5% 
resistor 
[ orange-orange-orange] 
Rib “AU TOk:ohm, YW, 5% 
resistor 
[ yellow-violet-yellow] 
R16 100kohm, YW, 5g 
resistor 


[| brown-black-yel low] 
R18 18kohn, YW, 5 


resistor 

[| brown-gray-orange] 
R22 2ohnm, YW, 5% 

resistor 


[ red-black-gold] 
CLC Or Ela LOUPE -30 VOS 


disk capacitor [ marked 
PO. Mel. Or LOLKI 


Caro “BOE 25: NAS 


disk capacitor 


CopOkE DOPE; 39 Vde 


disk capacitor 


CTFC GLL G20 OL UE, 
235: vde -disk. capacitor 
[HOw Or OZ Or LANE] 


CHECIO USO 00 Vde 


disk capacitor 


CTSC LOGGI SOLU 
So ac. disk capacitor 
Lmarked. ¿0L or r03 OÉ 
10 nF] 


CLA -QsApPEn 230 Vdeidisk 


Capacitor 


CAES a 100. o 
220UF, 35 vdc 


electrolytic capacitor 


CIS CSO Loo As PUE 25 
vdc electrolytic 


capacitor 


Clo 220 pEs 3) vdeo «disk 
capacitor [marked 220 
GE 22.1] 


GLY 22pF,.35: Vdc disk 


capacitor 
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Cs 


110 


150 


140 


C2L3Ifp 024/0239 «DOLUES. 33 
vdo disk capacitor 
L001 or 102 or nF] 


CLO CA8 C297 EL OLUT, 
35 vdo disk capacitor 
| marked .01 or 103 
or 10nF] 


C34 <i UP, 35 vas disk 
capacitor [marked .1 
or 104] 


C27 1.0uF, 35 vdc 


electrolytic capacitor 


bi,k2 2-turn Conk 5732” 
OD dia - #24 ga. 


Insulated magnet wire 


13 slug-tuned 3 1 turn 
coil, see Table 11-3 


L4 450kHz shielded 
quadrature coil, see 
Table 11-3 


D1 Varactor diode, 
BB505 [ orange body 
marked BB505] 


D2 1N4148 signal diode 
Ol 25C2490 Of 25025704 


transistor 
Q2,03,04 2N3904 
transistor 
UL -SAGOZ -6=pin IC 
UZ MC3359 18-pirn FM 


receiver IC 


U3 LM386 8-pin audio 
amplifier IC 


Yl 10.24MHz Crystal 


FLL 10.7MHZ ceramic 
filter [ brown, molded, 
3 leads] 


FL2 450kHz ceramic 
filter [ black, square] 


SL DPDI push switch 
Jl PC. mount RCA jack 


J2 PC mount 


Subminiature speaker 
jack 
Bl 9volt transistor 


radio battery 
ANT telescoping antenna 


Misc PC board, battery 
holder, battery clip, 


speaker, etc. 


Keep an ear on the local action from your easy chair 
with the VHF Public Service Receiver project, shown in 
Figure 11-1. The VHF Public Service Radio will allow 
you to tune the VHF high-band Police and Fire band, 
marine band, weather band, as well as railroad 
frequencies. The receiver tunes any 5 MHz portion of 
the 136 to 175 MHz band. Excellent performance, less 
than 1 uV sensitivity. The receiver features: tuned input, 
low noise pre-amp stage with true dual-conversion 
superhet design with 2 pole Ceramic High Intermediate 
Filter or I-F and 6 pole ceramic low I-F filters! The 
receiver also features front panel volume, squelch, and 
tuning controls. This is a great inexpensive receiver to 
put on your desk at home or to “watch” local radio 
activity while you are away from home on vacation or 
business trip. 


Circuit description 


The heart of the VHF Public Service Receiver shown in 
the block diagram of Figure 11-2 is the MC3359 


VHF Public Service Receiver 


Figure 1-1 VHF public service receiver 
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Figure ll-2 VHF monitor receiver block diagram 


integrated circuit. The integrated circuit is a complete 
high gain low power FM IF sub-system which includes 
an oscillator, a mixer, a limiting amplifier, AFC, 
quadrature discriminator, op-amp, squelch, scan control 
and mute switch all combined in a single IC. The 
MC3359 was designed to detect narrow-band FM 
signals using a 455 KHz ceramic filter. 


Let’s get into more details of the VHF Public Service 
Receiver by examining the schematic diagram shown in 
Figure 11-3. VHF signals from the antenna are 
amplified through the tuned input circuit (L1, C3 and 
L2, C4) by QI, a microwave bipolar transistor. Q1’s 
output is fed to the input of the SA602 IC, an efficient 
single-package (8-pin DIP) mixer-product detector- 
oscillator. The tuneable oscillator section of the SA602 


Receiver 
mute 


T Speaker 


is aligned to operate at 10.7 MHz higher than the signal 
fed and amplified by Q1. For example, to receive 
144-148 MHz signals, the oscillator must tune 154.7 to 
158.7 MHz in order for the SA602’s mixing capability 
to produce a steady 10.7 MHz output signal to the rest 
of the circuit. The oscillator frequency is determined by 
L3 and its associated capacitors, and varied by the 
varactor tuning network using D1 and varied by R1. 


The output from pin 4 of the SA602 passes through a 
ceramic 10.7 MHz filter, amplified by transistor Q2 and 
applied to input pin 18 of U2. Q3 provides AFC 
(Automatic Frequency Control) by keeping the local 
oscillator of U1 from drifting away from an incoming 
signal. This is accomplished by tuning the varactor 
circuit in the direction opposite the drift. 
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Figure 1-3 VHF public service block diagram 


The MC3359 IC has an internal oscillator controlled 
by the 10.24 MHz crystal. The 10.24 MHz signal is 
mixed with the 10.7 MHz input from U1 to convert 
down to the low IF of 450 kHz. The 450 kHz IF is 
filtered by FL2 and then amplified by a limiting 
amplifier in U2. Audio demodulation takes place in the 
quadrature detector, with L4 adjusting the detector. The 
audio modulation is detected in U2, and the background 
noise is used to control the squelch. U3 amplifies the 
audio output from pin 10 of U2 to a practical level for 
speaker or headphone operation. Pin 16 of U2 will 
ground the input of U3 when the squelch is closed. L4, 
a 450 kHz IF coil, permits adjustment of the 90° 
voltage-current phasing (“quadrature”) of FL2’s output 
to the FM detector demodulator (pin 8 of the MC3359). 


Circuit assembly 


Look for a clean well lit area in which to assembly your 
shortwave receiver. You will need a 27 to 30 watt pencil 
tip soldering iron, some 60/40 tin/lead rosin core solder, 
a few hand tools, including a pair of end-cutters, a 
needle nose pliers, a few screwdrivers and a pair of 
tweezers to pick up small parts. Locate your schematic 
and layout diagrams and we will begin to construct your 
new shortwave receiver. Let your soldering iron tip heat 


Table 11-1 

Resistor color code chart 

Color Band Ist Digit end Digit 
Black 0 0 
Brown 1 1 
Red 2 2 
Orange 3 3 
Yellow 4 4 
Green 5 5 
Blue 6 6 
Violet i P 
Gray 8 8 
White 9 9 
Gold 

Silver 


No color 


both the component lead wire and PC board trace 
enough so that the wire itself AND the foil trace BOTH 
become hot enough TOGETHER to melt a bit of solder 
so that it flows smoothly from the pin to the PC board 
trace. Locate the printed circuit board and all the 
components and we will start. 


Locate all of the resistors for the project and place 
them in front of you. Each resistor has a color code 
which describes its value. The first color band at one 
edge of the resistor body represents the resistor’s first 
digit value, while the second color band denotes the 
second digit of the resistor value. The third color band 
represents the multiplier value of the resistor. A fourth 
color band is the tolerance value. A silver band denotes 
a 10% tolerance, while a gold band denotes a 5% 
tolerance. The absence of a fourth color band denotes a 
20% tolerance value. Check the color code against the 
parts list and schematic before installing them onto the 
circuit board. Refer to the resistor color chart in 
Table 11-1. Place about four or five resistors on the PC 
board and place these resistors in their respective 
locations carefully making sure each one is in the 
correct location. Next, solder each of the resistors onto 
the circuit board. Trim off the excess component leads 
with a small pair of end-cutters. Pick up and identify the 
next grouping of resistors and install them on the circuit 
board, follow up by soldering this next batch of resistors 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


to the circuit board; remember to trim the extra lead 
lengths form the PC board. 


Once all the resistors have been installed onto the 
circuit board, we can move on to identifying all of the 
capacitors for the project. Note that there will be 
different looking capacitors for this project, some will 
be small disks, while others will be larger body devices 
with minus and plus marking on them. These larger 
capacitors with polarity marking are electrolytic 
capacitors and they have polarity which must be 
observed for the circuit to work correctly. Look through 
the parts pile and locate the capacitors and place them 
in front of you. You will notice a number of small disk 
capacitors, we will install these first. Look closely at 
each of the disk capacitors at their markings. Sometimes 
the capacitors are very small and they may not have 
their actual value printed on them but will instead have 
some sort of code marked on them. Refer to the parts 
list for these codes or the capacitor code chart in 
Table 11-2. Locate four or five of these small disk 
capacitors, identify them and install them on the circuit 
board, while referring to the schematic and layout 
diagrams. After inserting the disk capacitors onto the 
circuit board, you can go ahead and solder them to the 
circuit board. Remember to cut the excess component 
leads. Next, move on and install another grouping of 
small disk capacitors, then solder them in place on the 
printed circuit board. Cut the extra component leads 
after soldering in the capacitors. When you are finished 
installing the small capacitors we will move on to the 
larger electrolytic types. 


Capacitors C14, C32, C33 and C35 are all 100uF to 
200 UF electrolytic types. These capacitors will have 
either a plus or minus marking and/or black band 
denoting polarity. You must orient these capacitors with 
respect to their polarity markings. Check both the layout 
diagram and the schematic diagram for polarity 
references. Note also that capacitors C15, C30 and C36 
are also electrolytic capacitors with a 4.7 UF value. 
These too must be oriented correctly for the circuit to 
operate correctly when power is applied. It is possible 
to actually damage the circuit upon power-up if these 
capacitors have been installed incorrectly, so pay careful 
attention when mounting these capacitors. Install the 
electrolytic capacitors in groups of two or three. Once 
they have been placed on the circuit board, you can 


move on to soldering them in place. Remember to trim 


the excess component leads from the PC board after 
soldering. 


Next we will move to installing the two diodes. 
Diode D1 is the varactor “tuning” diode while D2 is a 
1N4148 silicon diode. When mounting the diodes be 
careful to observe polarity markings on the diodes. 
Usually each diode will have a black or white band at 
one end of the diode body. This color band denotes the 
cathode end of the diode. Refer to the schematic 
diagram and layout diagrams in order to see how the 
diodes should be mounted with respect to polarity 


considerations. 


Before we go ahead and install the semiconductors, 
take a look at the semiconductor pin-out diagram in 
Figure 11-4 which will help you orient the components. 
Now locate the transistors from the components. 
Transistor Q1 is a 2SC2498 or 2SC2507A, while 
transistors Q2, Q3 and Q4 are 2N3904 NPN types. 
Transistors have three leads, a Base lead, a Collector 
lead and an Emitter lead. The symbol for the Base is a 
vertical line, while the Collector and Emitter are slanted 
lines pointing to the Base lead. The Emitter lead is 
shown with a small arrow pointing towards or away 
from the Base lead. Refer to the schematic and layout 
diagrams to determine the orientation of the transistors. 
Clearly identify Q1, the 2SC2498 or 2SC2570A 
transistor. Do not confuse it with the other transistors 
supplied. Position Q1 as shown on the PC board layout, 
with the flat side facing to the right, toward the middle 
of the board. Press the transistor snugly into the PC 
board so that only a minimum amount of wire lead is 
exposed above the board. In soldering, don’t be afraid to 
use enough heat to make good clean connections. 


Once the transistors are in place on the PC board, 
you can go ahead and solder them to the foil side of the 
PC board. Don’t forget to trim the extra component 
leads. 


Now we are going to install FL1, the ceramic filter. 
This component looks like a capacitor with three leads 
and may be installed either way. Next go ahead and 
locate FL2, the 450 kHz filter. Its three leads are 
delicate and fit in only one way. At this time you can 
locate Y1, the 10.24 MHz crystal. No special procedure 
is required. Simply press the crystal firmly into its holes 
as far as it will go. Now go ahead and solder in the 
crystal and ceramic filters, remove the excess 
leads if any. 


Table 11-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.11F 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 UF Ceramic / Mylar 152 
10pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic O15 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 a Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 .33 Mylar 334 
560 pF Ceramic 561 .47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 
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Figure -U Semiconductor pin-outs 


Look through the remaining components and locate please be aware that we have seen more service 
the inductors L1 through L4. Coils L1 and L2 are small problems with improper socket insertion than from 
l and 4 turn coils. Go ahead and install coils L1 and L2, soldering heat damage to ICs. Even if this is your first 
they are both the same. Now, locate and install L3, the IC, don’t be afraid to use enough heat to make eight 
slug tuned coil. It is important that the body of this coil clean connections, but DO be sure to correctly orient 
be snug against the PC board for mechanical stability, the end marked by a band, dot, or notch. Before 
which directly affects the frequency stability of the soldering, make sure that the IC or socket is perfectly 
receiver. Make good, solid solder connections, when flat against the top of the PC board. Install U1, the 
installing the above coils. Finally locate coil L4, the SA602, in accord with the preceding directions. 
455 kHz quadrature coil, soldering the two pins and the Now, install MC3359 IC, U2. As in the case of the 
two mounting tabs. Remove any excess lead lengths if SA602 IC, you could choose to install an 18-pin IC 
any; see Table 11-3 for coil winding information. socket rather than soldering the IC directly. Re-read the 
Let’s move on to installing the SA602 IC, you may discussion of IC sockets offered for the installation 
wish to use an 8-pin DIP socket rather than soldering of U1. Larger ICs such as the MC3359 require 
the IC directly to the board. Reasons for doing this considerably more care in socket insertion. Notice that 
might include the peace of mind of beginners afraid of the end of the IC marked by a band, dot, or notch must 
damaging the IC, or experienced builders testing the be oriented correctly as shown on the parts layout 
merits of the SA602’s cousin, the SE602. However, diagram. Solder each of the 18 connections carefully. 
Table 11-3 


Coil winding information 


L1,L2  2-turn coil - #24 ga. Insulated magnet wire - 5/32” OD dia. 
Air-core coil. 
L3 3 % turn coil ferrite slug-tuned coil, unwind original coil from form and rewind 37% turns of #24 ga. insulated magnet 
wire on form - use series 49A coil 
Circuit Specialists (49A127MPC). 
L4 450 kHz shielded quadrature coil 
TOKO America Coils (7MC-81282). 


Make sure you have good lighting as well as good 
technique to make sure that no solder “bridges” flow 
between the connections. 


Finally locate and install U3, the LM386 IC audio 
amplifier integrated circuit. Once again use of an IC 
socket is highly recommended. Solder the IC socket to 
the PC board and insert the LM386 paying particular 
attention to the small notch or indented circle on the top 
of the IC body. Pin 1 is to the left of the notch, 
cut-out or indented circle. 


Take a short well-deserved break and when we return, 
we will install the remaining components on the PC 
board and finish up building the receiver. Now locate 
power switch S1. Press S1 firmly into its six holes and 
solder all six pins. The switch fits the board only one 
way. Next, install J1, the RCA-style antenna jack and 
solder all four points. Now, install J2, the subminiature 
headphone jack. Solder all three points. Be gentle 
and patient in inserting, so as not to damage the 
solder tabs. 


Locate all three potentiometers and we will install 
them now. Potentiometer controls R1, R2 and R3 are all 
mounted in a row next to switch S1. Insert the three PC 
mount potentiometers into their positions. Check that 
the controls are pressed in firmly and straight against 
the top of the board. Solder the three center pins and 
then the two larger mechanical mounting tabs. Use 
enough solder for a solid connection. 


The circuit board may require a few jumpers; 
“cut” component leads make good jumpers. Insert the 
jumpers and solder into place, remember to trim the 
excess leads. We are now down to the home-stretch. 
Install the battery snap terminal in the two holes below 
S1, making sure that the positive (red) lead is inserted 
into the (+) hole on the PC board. 


Finally, go ahead and mount the battery bracket, it 
may be attached in a variety of ways. A wire jumper can 
be passed through the two holes on the PC board, then 
both ends soldered on the underside of the board. You 
may prefer to use very small screws or even a double- 
sided mounting adhesive strip or glue. In using such 
methods, make sure that the battery will not block the 
PC board’s mounting hole in its vicinity. 


Wiring of the PC board is now complete. If you have 
the patience, we suggest a short break. Then take a 
magnifying lens and a bright light and examine all your 


solder joints, touching up any connection which appears 
less than perfect. Make sure all excess leads have been 
trimmed, and that one is not bent back flat against the 
board, possibly causing a short. Brush the solder side of 
the board with a stiff brush to make sure that no loose 
wire trimmings or solder drippings are lodged between 
connections. Connect up a suitable antenna and connect 
up the 9 volt battery to the receiver and you are ready to 
try out the receiver for the first time. 


After power is first applied and you have connected 
up your antenna, you will need to adjust the gain 
control to midrange. Next, you should adjust the 
squelch control just below the threshold point, so that 
you can hear the normal background hiss. Now begin 
turning the tuning control and you should soon come 
across a public service transmission from a local police 


or fire broadcast. 


In the event that you do not hear any hiss coming 
from the speaker or headphones, or you do not hear any 
stations after about 20 to 30 minutes, then you may have 
to troubleshoot the receiver for any errors that may have 
occurred during the building process. First, disconnect 
the battery and antenna and un-mount the receiver 
circuit board from the enclosure. Have a friend assist 
you in inspecting the circuit board; a different set of 
eyeballs can often help to find errors quickly. 


The most common causes for circuit failure are 
resistors placed in the wrong locations, the second 
possible cause for errors are improper installation of 
diodes and electrolytic capacitors. Make sure that you 
re-check the orientation of these components one more 
time and refer to the schematic, and parts layout 
diagrams. Another possible cause for mistake is the 
improper installation of transistors and integrated 
circuits. Be sure to recheck the orientation of 
transistors. Each transistor has three leads, an Emitter, a 
Collector and a Base lead. Closely inspect and compare 
the schematic diagram along with the parts layout 
diagram and manufacturer’s specifications sheets to 
ensure that you have oriented the transistors correctly. 
Lastly, integrated circuits are often placed backwards in 
their sockets. After you have checked all the above tips, 
make sure that the battery is connected correctly with 
the black battery or minus lead (—) connected to the 
circuit ground and the plus (+) or red battery lead 
connected to the power input regulator of the circuit. 
Reconnect the battery and the antenna and then switch 


the receiver to the “On” position and retest the receiver 
once again to make sure that it is now working. 


Testing, alignment 
and adjustment 


In order to prepare the VHF FM Receiver for reliable 
monitoring operation, you will need a few basic tools, 
such as useful VHF signal source, a hexagonal, non- 
metallic coil slug alignment tool for L3, and a small 
screwdriver to adjust L4. To align your new receiver, 
you will need to locate some sort of a signal source. 
This signal can be from your test bench equipment or 
from a “live” source such as a local repeater. The “live” 
signals are best for fine-tuning, but they also have that 
VHF communications character of being fast and to the 
point. Good test bench signal sources include your own 
2-meter transceiver, if you are licensed to use it, a signal 
generator or grid-dip oscillator. If you do not have a 
steady test signal source for the band within 

135-175 MHz of primary interest to you, and still wish 
to verify immediately the proper operation of your 
receiver, a good and steady VHF signal source will be 
your local NOAA Weather Service station, broadcasting 
around 160 MHz. Once you have verified reliable 
reception of your regional NOAA station, adjustment to 
your desired listening range will become easier. 


If you do not already have a set of plastic or nylon coil 
alignment tools and do expect to try further ham radio or 
electronic hobby projects, such tools are worth having 
and can be found inexpensively at any electronics store 
including Radio Shack. While a metal hex key wrench 
can fit the coil slug, the metal itself would damage the 
coil inductance drastically and therefore should not be 
used. With patience and sandpaper, a useable tool might 
be formed from a wood or plastic rod. 


The alignment procedure should begin as follows: 
first make sure the power switch is off. Next, connect 
the antenna, earphone or speaker and battery, then turn 
the slug of L3 until it is even with the top of the coil 
form. Then turn the slug of L3 clockwise seven turns 
back into the form. 


Now, turn the slug of L4 until it is flush with the top of 
the coil and then turn it two turns back into the coil. Next 
turn all three controls to the left, fully counterclockwise. 


Now, you can turn the power switch to “On.” Now turn 
R2 (volume control) until you hear some noise. Finally, 
adjust L4 for maximum noise from the speaker. 


Further alignment now consists of adjusting the 
oscillator coil L3 to permit the tuning control (R1) to 
cover the 5 MHz segment between 135 and 175 MHz of 
primary interest to you. Assuming you wish to adjust 
for the 2-meter 144-148 MHz Amateur Band, adjust L3 
until you hear your intended test signal. If you are a 
beginner with no license or other equipment, any ham 
operator with a 2-meter transceiver should be willing to 
give you the test signal and extra help that you need. 
Your new VHF receiver is very sensitive, so operate the 
transceiver on low power on a simplex frequency from a 
distance of at least across the room. An 8” piece of wire 
will be a sufficient receiving antenna for such tests. If 
you don’t know any hams, visit a friendly two-way radio 
service center to get close to the test signal you need! 


Receiver sensitivity 


Your FM receiver features sensitivity under 1 uv. 

Radio hams constantly marvel at how an FR146 displayed 
at hamfests tunes in dozens of hand-held QSOs on the 
premises without an antenna connected! You can expect to 
monitor local repeater and simplex transmissions easily, 


using a simple ground-plane style antenna. 


Customization 


For many people, a pilot lamp to indicate “power on” is 
more than a nice touch. They expect it and depend on it. 
Adding a simple LED power-on indicator to your VHF 
receiver is easy. All you need is the LED itself and a 
small 1k to 2.2k resistor. Study the PC traces between 
the positive battery supply wire and the on-off switch. 
The unused connectors on top of your switch are an 
ideal point to get the + DC voltage needed for the anode 
(longer lead) of the LED. Plan where and how you wish 
to install the LED in your enclosure. 


Locating the LED immediately above the on-off 
switch is logical and ideal. The simplest way to make a 
good installation is to drill a neat hole just slightly 
smaller than the diameter of the LED. Then, enlarge the 


hole a little bit at a time just enough to let the LED be 
pressed in and held firmly. The resistor may be 
connected to either the anode or cathode of the LED, 
but the anode MUST go to + DC, with the cathode 


connected to the nearest common ground point. 


Antenne considerations 


For local VHF reception, the VHF receiver will operate 
fine just using a whip antenna. If you wish to receive 


Table 11-4 


VHF high-band frequency band utilization 


150.995 MHz to 151.130 MHz 
151.145 MHz to 151.475 MHz 
152.030 MHz to 152.240 MHz 
152.270 MHz to 152.450 MHz 
152.510 MHz to 152.810 MHz 
153.410 MHz to 154.115 MHz 
153.830/153.890/154.010/154.070 MHz 
154.130 MHz to 154.445 MHz 
154.650 MHz to 155.700 MHz 
155.715 MHz to 156.255 MHz 
156.275 MHz to 157.425 MHz 
157.530 MHz to 158.265 MHz 
158.280 MHz to 158.460 MHz 
158.730 MHz to 159.210 MHz 
159.225 MHz to 159.465 MHz 
159.495 MHz to 160.200 MHz 
160.215 MHz to 161.565 MHz 
161.640 MHz to 161.760 MHz 
161.800 MHz to 162.00 MHz 
162.400 MHz to 162.550 MHz 
162.250 MHz to 173.500 MHz 
169.00 MHz to 172.000 MHz 
173.2037 MHz to 173.396 MHz 
173.400 MHz to 173.5000 MHz 


stations which are further away than just the local 
stations, you may want to install some sort of an 
outdoor antenna such a ground plane or Discone 
antenna for VHF operation. Since most of the 
transmissions in this band are of vertical polarization, 
vertical antennas, ground plane and Discone 
antennas will work best in this band. Various VHF 
scanner type antennas from your local Radio Shack 
store will work fine. The chart illustrated in Table 11-4 
shows the utilization of the VHF Public Service band. 
Have fun and enjoy you new VHF “action” band 
receiver. 
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R1 68k, [Wy 50v disk 


5% resistor 
CS: POR. 29V; 220% ¡ES k 


1 
R2 47k, “5, capacitor 


5% resistor 
Cig. A000 Fy DUT 
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lead) capacitor (51K) 
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6 resistor capacitor 

URLS VES 00K SARANOAES 710 0 sly SO, 
potentiometer +30). =203 Capacitor 
(chassis mount) (104) 

VR2 5k, 20% linear CA2 .047 uF, 50v, 
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mount) (473) 

Ca. sizer, 2 ov Dile, DZ. DrL6de L1N9TA 
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Co «UU Soy 20% Ul ITC ME3362P - EM 
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The 6N2 receiver is a dual conversion, dual band 
amateur radio receiver; it combines the excitement of 
two very active amateur radio bands in one small 
receiver, see Figure 12-1. The 6N2 receiver will allow 
radio enthusiasts, both the young and old, to get a 


VOLUME 


6M 
3 


6N2 meter amateur radio receiver 


glimpse of the active world of VHF amateur radio. This 
receiver combines both the 2-meter and the 6-meter 
bands which are popular with radio enthusiasts around 
the country. The 2-meter band is probably the most 
active ham radio band especially for newcomers with a 
technician class license. Two-meter band coverage is 
usually quite good in most parts of the country. The 
2-meter band features many ham radio repeaters, and in 
some have wide-area long-range repeaters in most US 
states and in many Canadian provinces. These ham 
radio repeaters allow amateur radio operators to 
communicate over long distances. The 6-meter band has 
often been called the “magic band.” This amateur band 
is usually only used for fairly local coverage but when 
the band is “open” you can often hear hams on the 
opposite side of the US or in Cuba or the Caribbean, 
which is really exciting! 


You can listen-in to these exciting two ham radio 
bands and hear all the action, day or night with the 6N2 
portable receiver. You may just decide the action sounds 
like something you would like to be part of, and you 
can easily get your own ham radio “ticket” or license. 
Contact the Amateur Radio Relay League (ARRL) at 
http://www.arrl.org; they have many books, publications 
as well as introductory videos. They are a great resource 
in locating local ham radio clubs, where you can make 
friends and learn a lot about ham radio and 
communication. 


The 6N2 radio is known as a narrow band FM VHF 
receiver. FM of course is a type of modulation 
and is denoted as Frequency Modulation. Frequency 
modulation means the data or voice changes the 
frequency of the radio wave. The other popular 
forms of modulation are AM (Amplitude Modulation) 
and PM (Phase Modulation). We also mentioned 
narrow band, which notes that the selectivity of the 
entire system is limited to only enough frequencies to 
pass voice or low frequency data. A commercial 
broadcast FM receiver would have a bandwidth large 
enough to pass music and high frequency data 
transmissions. 


The 6N2 receiver is a dual conversion, two-band 
radio receiver. In a dual conversion receiver, the original 
radio frequency is converted first to a 10.7 MHz 
intermediate frequency (1-F) and amplified in (Block 4). 
The 10.7 MHz signal is then converted to 455 kHz and 
amplified in (Block 3). Noise is removed and the 
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Figure l2-2 % meter amateur radio receiver block diagram 


modulated signal is recovered from the 455 kHz I-F 
signal in (Block 2). The audio signal is amplified to 
drive a speaker in (Block 1), see Figure 12-2. The 6N2 
receiver specifications are illustrated in Table 12-1. 


So you ask, why dual conversion? To answer this 
question, take a look at the diagram shown in 
Figure 12-3, and it may become more clear. In order to 
obtain the desired intermediate frequency (I-F) signal by 
mixing the local oscillator with the desired radio 
frequency, an unwanted output may result due to a 
transmission spaced one intermediate frequency or (I-F) 
on the opposite side of the oscillator (image). By using 
a large I-F frequency, this image is moved further out of 
the band of desired frequencies. The second conversion 


Table 12-1 
The 6N2 amateur radio specifications 


2-meter band covers 144 MHz to 148 MHz 

6-meter band covers 50 MHz to 54 MHz 

e Single supply voltage (4-12 v) 

e Idle current - 4 milliamps 

e Inputs referenced to ground 

e Input resistance - 50k 

e Self-centering output voltage 

e Total harmonic distortion less than 0.2% 

e Output power with 9 volt supply voltage 

Voltage gain with 10 uF from pin 1 to 8 - 200 or 46 dB 


Voltage gain with pins | and 8 open - 20 or 26 dB 
Bandwidth with pins | and 8 open - 300 kHz 


Block 2 
Block 1 


Speaker 


provides the selectivity to filter out the desired narrow 


band transmission. 


The 6N2 receiver operates on two of the most 
popular VHF amateur radio bands. The 6N2 VHF 
amateur radio receiver receives both the 6-meter ham 
band and the 2-meter ham bands, and you can select the 
band with a band-switch. 


To help you visualize the relationship between 
frequency and wavelength, take a look at the diagram 
shown in Figure 12-4. If the speed of a wave (meters 
per second) is divided by the number of waves that pass 
a given point (cycles per second), the seconds cancel 
and you obtain the wavelength A = meters per cycle. 
The speed of radio waves is approximately 300,000,000 
meters per second. If the frequency is 50 to 54 MHz, 
the wavelength becomes 300,000,000/50,000,000 or 
6 meters. So for the 2-meter band, which is 
approximately 150 MHz, the wavelength becomes 
300,000,000/150,000,000 or 2 meters. The actual 
bands are: 2-meter band which covers 144 MHz to 
148 MHz, and the 6-meter band which covers 50 MHz 
to 54 MHz. 


The 6N2 dual band VHF receiver is composed 
of four major blocks, 1.e. blocks | through 4. It is 
a bit easier to follow how the receiver works if we 
break it down into smaller defined blocks, see 
Figure 12-5. The heart of the receiver is the 
integrated circuit at U1, an almost complete FM 
receiver on-a-chip. The FM receiver chip only 
requires timing components, a crystal and RF tuning 
components, a filter. The output of the FM radio 
chip is sent to the audio amplifier chip at U2. Power for 
the receiver is regulated via the regulator chip at U3. 
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Figure I2-3 Single vs. double conversion receiver 


The receiver is relatively straightforward and can 
therefore be constructed in stages, one through four. 


The audio amplifier — 


We will begin with Stage 1, which can be built and 


tested separately. You can progress step by step and b | O ck 1 

build and test each stage before moving on to the next 

stage. Let's begin with Block 1, the audio amplifier The audio section in this receiver is amplified by using 

stage. an integrated circuit audio power amplifier. The output 
VS. 
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Figure I2-4 Frequency coverage diagram 
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Figure l2-5 VHF public service receiver schematic. Courtesy of Elenco Electronics 


impedance of the amplifier is low enough to drive an 

8 ohm speaker directly. The coupling capacitor value is 
picked to pass audio signals down to 100 cycles by 
matching the reactance of the capacitor with the speaker 


impedance. 


Due to the high input resistance of the amplifier 
(50k), the audio coupling capacitor C3 can be as 
small as 0.1 uF. The equivalent resistance at the 
junction of R8 and VR3 is approximately 6.6k (the 
parallel combination of R8, VR3 and the 50k input 
impedance of the LM-386). The capacitor C2 and this 
equivalent resistance sets the 3 dB corner used to 
attenuate any IF voltage at pin 13. A simple RC 
filter attenuates at a rate of 6 dB per octave (an octave is 
the same as doubling the frequency). By using 6.6k as 
the equivalent resistance and 0.005 uF as the 
capacitance, we get a 3dB corner at approximately 
4.8 kHz. To get to 455 kHz, you must double 
4.8kHz approximately 6.6 times. This equates to a 
reduction of the IF voltage at the R8 - VR3 junction 
of 39.6 dB (6 dB per octave times 6.6 octaves), or 
95 times. 


Recovering the 
data — block 2 


In working with FM receivers, there are some terms that 
need to be defined. First, let’s determine the term 
deviation as the frequency swing of the incoming 

FM signal. When no modulation is present, the 
incoming signal is a fixed frequency carrier wave (Fc). 
Positive deviation (Fp) is the increase in Fc due to 
modulation, and negative deviation (Fn) is the decrease 
in Fc due to the modulation. The detector must be linear 
over the maximum total deviation (Fp max. - Fn max.) 
produced by the transmitter or distortion will occur. 
Before the second I-F signal reaches the detector, it 18 
applied to a limiting amplifier inside the integrated 
circuit. A limiting amplifier is designed to remove any 
amplitude variations in the signal by amplifying the 
signal well beyond the limit of the amplifier. The 
frequency variations (FM) are not affected by the 
limiter. The limiter removes the affects of fading 
(driving through a tunnel) and impulse noise (lightning 
and ignition). These affects produce significant 


unwanted amplitude variations in the received signal, 
but minor frequency variations. Noise immunity is one 
of the great advantages of frequency modulation over 
amplitude modulation. The remaining signal contains 
only the frequency modulation. 


The 6N2 receiver uses a quadrature detector to 
demodulate the FM signal. After the noise is 
removed by the limiter, the signal is internally 
connected to the quadrature detector. A parallel 
tuned circuit must be connected from pin 12 to the 
power supply. This circuit produces the 90° phase 
needed by the quadrature detector. A resistor shunting 
this coil sets the peak separation of the detector. If the 
value of the resistor is lowered, it will increase the 
linearity, but decrease the amplitude of the recovered 
audio. 


The quadrature detector combines two phases of the 
I-F signal that are 90° apart, or in quadrature, to recover 
the modulation. The shifted signal is used to gate the 
non-shifted signal in a synchronous detector. When the 
frequency increases above the carrier frequency 
(positive deviation), the phase shift increases causing a 
decrease in the width of the gated impulse output. In a 
similar manner, when negative deviation occurs, the 
gated impulse output will widen. The gated output is 
then filtered to remove the pulses and recover the 
modulating signal. 


4B5 kHz conversion — 
blocks 3 & U 


The first local oscillator should be set at 133.3 MHz to 
137.3 MHz for the 2-meter band and 39.3 MHz to 

43.3 MHz for the 6-meter band. This oscillator is free- 
running varactor-tuned. The first mixer converts the RF 
input to an I-F frequency of 10.7 MHz. This I-F signal is 
then filtered through a ceramic filter and fed into the 
second mixer. If the oscillator of the second mixer is 
precisely set at 10.245 MHz, it will produce an output 
containing the sum (20.945 MHz) and the difference 
(0.455 MHz or 455 kHz) frequencies. This 455 kHz 
signal is then sent to the limiter, detector, and audio 
circuits. The mixers are doubly balanced to reduce 
spurious (unwanted) responses. The first and second 
mixers have conversion gains of 18 to 22 dB respectively. 


Conversion gain 1s the increase in a signal after the 
signal has been converted to a new frequency and 
amplified. For both converters, the mixers are designed 
to allow the use of pre-tuned ceramic filters. After the 
first mixer, a 10.7 MHz ceramic bypass filter is used. 
This eliminates the need for special test equipment for 
aligning I-F circuits. The ceramic filter also has a better 
aging and temperature characteristic than conventional 
LC tuned circuits. 


Assembling the 6BN2 
receiver 


Before constructing your new 6N2 receiver, you will 
need to locate a clean well lit, well ventilated work 
space. Locate a small pencil tipped 27 to 33 watt 
soldering iron. You should also locate a spool of 22 ga. 
rosin core solder, a small container of “Tip Tinner” 
from your local Radio Shack store. “Tip Tinner” helps 
to clean and dress the soldering iron tip. Place the 
schematics and parts layout diagram in front of you 
along with all of the project components. A few small 
tools would be helpful to constructing your project, so 
find a small pair of end-cutters, a pair of tweezers, a 
magnifying glass, a small Phillips and flat-blade 
screwdrivers, and we can begin. When building a 


Table 12-2 

Resistor color code chart 

Color Band Ist Digit 2nd Digit 
Black 0 0 
Brown 1 1 
Red 2 2 
Orange 3 3 
Yellow 4 4 
Green 5 5 
Blue 6 6 
Violet 7 7 
Gray 8 8 
White 9 9 
Gold 

Silver 


No color 


project with integrated circuits it is wise to consider 
installing integrated circuit sockets on the PC board, as 
a form of insurance in the event of a possible circuit 
failure somewhere down the road. It is much more easy 
to simply unplug a damaged IC and simply replace 1t by 
plugging in a new one. 


Before we get some momentum on the project, you 
may also want to refer to the chart in Table 12-2. 
This table lists the color codes for the resistors, and will 
greatly aide you in constructing the receiver. Go ahead 
and locate resistor R1, a 68k resistor, its color code is 
(blue-gray-orange). Now locate resistor R2, a 47k ohm 
resistor with (yellow-violet-orange) color code. Place 
these resistors on the circuit board in their respective 
locations and solder them in place. Now you can 
identify the remaining resistors and place them on the 
circuit board and solder them in their proper locations. 
Use your end-cutters to trim the excess component 
leads. Cut the extra component leads flush to the edge 
of the circuit board. 


Now locate and install capacitors; first locate and 
identify capacitors C1 and C2. Capacitor Cl is a small 
disk capacitor marked (121) or120pF. Small capacitors 
often do not have their actual values printed on them but 
use a three-digit code to represent their value. Refer to 
the chart in Table 12-3 to help you identify the small 
capacitors. Now look for capacitor C2, its value 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


Table 12-3 
Capacitance code information 


This table is designed to provide the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in 

many sizes, shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. 
Some capacitors actually have the numeric values stamped on them; however, some are color coded and some have alphanumeric 
codes. The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number 
code, followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the 


value, while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 UF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 a Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 .33 Mylar 334 
560 pF Ceramic 561 .47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


is .005 UF, but may be marked (502). Go ahead and 
install these capacitors in their respective locations on 
the circuit board. Remember to trim the excess 
component lead lengths with your end-cutters. Next, 
locate the remaining small capacitors and install them 
on the circuit board. 


Next, we are going to locate and install the 
electrolytic capacitors. Electrolytic capacitors are 
generally larger in size and higher in value than the 
small value capacitors and usually they are vertical or 
horizontally mounted. Remember, electrolytic 
capacitors have polarity and must be installed with 
respect to this polarity if the circuit is going to work 
properly. The capacitor’s value will be printed on the 
body of the capacitor along with a white or black 
polarity marking, either a plus or minus marking. 
Pay attention to this plus or minus marking and 
align it with the proper holes on the PC board, you 
will have to refer to the schematic and or parts 
layout diagram when placing the electrolytic 
capacitors. Locate and install the remaining 
electrolytic capacitors onto the circuit board. 
Remember to trim the excess electrolytic 
capacitor leads after they are soldered in place. 


In this project there are two silicon diodes. Diodes 
are generally rectangular in shape like a resistor but 
they are often clear glass or painted black. You will see 
a black or white band at one edge of the diode body, 
this marking denotes the diode’s polarity. The colored 
band is the diode’s cathode lead. When installing the 
diode make sure that you observe the polarity marking 
by referring to the parts layout and the schematic 
diagram. Polarity is important and must be observed in 
order for the circuit to work properly. 


The 6N2 receiver has two crystal filters, a 455 kHz 
one and a 10.7 MHz one. These devices are small 
three-lead devices and look much like a small capacitor 
with three leads. Make sure that you can identify them 
properly before installing them on the circuit board. The 
455 kHz unit connects to U1 at pins 5, 6 and 7, while 
the 10.7 MHz crystal filter is connected to pins 17, 18 
and 19. The receiver also employs a single 10.24 MHz 
crystal which is connected between pins 4 and 6. 

This is a two-lead device and is usually a small 


metal can. 


Now locate the air-wound coils L1 and L4. Coil Ll is 


4% turns of wire, it will be placed on the right edge of 


the PC board, and coil L4, a 1% turn air-wound coil, will 
be mounted at the bottom center of the board. Coils 

L2 and L3 are 9 turn coils wound on a coil form with a 
ferrite tunable slug in the center of the form. Coil L5 is a 
0.64 mH coil in a small metal can with five leads. Coil 
L5 is a tunable slug tuned coil with a yellow ferrite core, 
see Table 12-4 for coil winding details. 


The 6N2 receiver utilizes three integrated circuits. 
Before we go ahead and install the integrated circuits, 
let’s take a brief look at the semiconductor pin-out 
diagram shown in Figure 12-6. The main receiver chip 
U1 is the Motorola MC3362, a 24 pin dual conversion 
FM receiver on-a-chip which contains oscillators, 
mixers, quadrature discriminator, and meter drive/carrier 
detect circuitry all in one chip. The audio amplifier at 
U2 is an LM386 chip, while U3 is 5 volt regulator, an 
LM78L05. When installing the integrated circuits, you 
will need to identify the pin-outs of each of the 
integrated circuits. It is advisable to install IC sockets 
prior to installing the ICs on the circuit board, to avoid the 
rare event of circuit failure at a late date. It is much easier 
to simply unplug an IC and insert another without 
un-soldering a 24 pin chip from the circuit board. 
Integrated circuits will generally have a small cut-out at 
one end of the IC package or a small indented circle at 
one end of the chip. Pin one (1) of the integrated circuit 
will be to the left of these markings. Be sure to orient the 
IC before placing into its proper socket. Note that pin 1 of 
Ul will connect to the junction of capacitors C7 
and C16. 


Table 12-4 
Coil Winding Information 


L1 4.5 turns insulated magnet wire - #22 ga. Air-core 
coil wound on 4” form then remove coil. 

L2, L3 87 turns #24 ga. insulated magnet wire coil-wound 
on 49A Series form - ferrite slug adjustable 
(49A127MPC) Circuit Specialists. 

Remove original coil from form and rewind 8% turns. 

L4 1.5 turns insulated magnet wire - #22 ga. Air-core 
wound on 4” form then remove coil. 

L5 .64 mH Coil (yellow) 455 kHz I-F Transformer 
Circuit Specialists - (421F301). 
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Figure I2-6 Semiconductor pin-outs 


Finishing the PC board 
assembly 


Now cut three 3” pieces of wire from the roll of 22 
gauge solid wire and strip 4” of insulation off each end. 
Using these wires, solder the 5k potentiometer (VR2) to 
the PC board. Be sure to mechanically attach each wire. 
Note that VR3 is the tuning control potentiometer, the 
center lead is connected to the PC board hole marked 
(D), while the left-most pot terminal gets connected to 
the hole marked (N). The final potentiometer wire on 
the right side of the potentiometer goes to the hole 
marked (P). 


Finally, connect up a short piece of coax to the 
terminals on the PC board marked ANT and GND. 
The center wire of the coax goes to the terminal 
marked antenna (ANT) and shield wire from the coax 
goes to the terminal marked ground or (GND). The 
other free end of the coax goes to RCA antenna jack 
which gets mounted on the front panel of the 
chassis box. 


After completing the circuit board, take a short break 
and when we return, we will examine the circuit board 
for possible “cold” solder joints and “short” circuits. 
Pick up the circuit board with the foil side of the circuit 
board facing upwards toward you. First, we will look at 
the circuit board for possible “cold” solder joints. Take 
a close look at the solder joints, they should all look 
clean, shiny and bright. If any of the solder joints look 


dark, dull or “blobby,” then you should un-solder that 
particular joint and clean it and then re-solder the joint 
so that it looks clean, shiny and bright. Next we will 
examine the circuit board for possible “short” 

circuits. 


The front panel 
assembly 


The speaker was mounted on the receiver’s front panel. 
Using the three black 4-40 screws, 4-40 nuts and #4 
internal tooth washers, mount the three small right- 
angle brackets to the speaker mounting holes. The short 
side of the brackets should be against the panel. Use a 
blunt tool to bend the brackets over the speaker. Using 
the hardware shown, mount the phono jack. Using the 
hardware shown, mount the On-Off switch, 2M/6M 
switch, squelch pot, volume pot, and tuning pot to the 
front panel. 


Orient the speaker terminals, so they don’t interfere 
with the nearby battery mounting. Solder the loose end 
of the shielded cable to the phono jack, center 
conductor to the phono jack terminal and shield to the 
GND terminal. Peel the backing off one side of the 4” 
wide, double-sided tape and stick it to the battery 
clamp. Peel the backing off the other side of the 
double-sided tape and stick it to the inside bottom of the 
plastic case. With the power switch OFF, connect a 9V 
alkaline battery to the battery snap and put the battery 
into the battery clamp. When the final test and 
alignment (next section of manual) is completed, 
place the front plate on the plastic case and insert the 
four nylon plugs into the holes in each corner of 
the plate. 


Connecting the front 
panel parts to the 
PC board 


To wire the speaker, pot and switch, cut the indicated 
length of wire from the roll of 22 gauge solid wire and 
strip 4” of insulation off each end. Next, go ahead 
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and mount the phono jack at J1. Finally mount the 
On/Off switch, the 2 meter/6 meter band switch, the 
squelch potentiometer, the volume potentiometer, and 
tuning potentiometer to the front panel as shown 

in Figure 12-7. For the jumper wire, cut 2” of 22 gauge 
solid wire, strip “4” of insulation off each end and solder 
to the points indicated. Attach two 4” long pieces of 
insulated wire to the speaker terminals and solder them. 
Now solder two 4” pieces of insulated wire 

to the On-Off switch, use the center terminal and 

one of the outside terminals on the switch. Next attach 
three 3” long insulated wires to the volume control 

on VR3. 


Next locate the Squelch control (VR1) and solder two 
3” long insulated wires to the potentiometer. Take the 
two free wires and connect them to the PC board. The 
center terminal from the potentiometer goes to the PC 
board hole marked (Q), while the other potentiometer 
lead goes to the hole marked (R). 


Take the free ends of the two speaker wires and 
solder them to the circuit board at their respective 
terminal strip on the bottom left side of the PC board. 
Now take the two free ends of the On-Off switch 
leads and solder them to the terminals on the left 
side of the PC board. Next take the three potentiometer 
leads and solder them to the PC board. The center 
terminal of VR3 goes to the terminal marked (D) 
on the circuit board. The left-most potentiometer 
terminal goes to the hole marked (C) on the PC 
board, while the right-most potentiometer terminal 
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goes to the hole marked (E) on the circuit board. 
Finally locate the 9 volt snap battery terminal stip 
and connect it to the battery terminals on the far left 
marked BATT. 


Now that your 6N2 receiver has been completed, 
it is time to test out your receiver to see if it is 
going to work. Connect up the 9 volt battery clip 
to the 9 volt battery. Connect an antenna to the 
antenna terminal. For testing purposes you can 
simply connect a 19” piece of wire to the antenna 
terminals, or if you have an outdoor antenna you 
can connect it up to the receiver. Position the band 
switch to the 2-meter band position. Now adjust the 
volume control to the mid-way position, and adjust the 
squelch control counterclockwise so that you just 
break the squelch and you should hear the receiver 
noise coming from the speaker. If all is well, you 
should hear a hissing sound or receiver noise. Adjust 
the tuning control around the band, back and forth, and 
you should eventually hear a ham radio operator calling 
another friend. 


In the event that you hear no receiver noise and 
the receiver appears “dead,” you will have to disconnect 
the antenna and battery clip and examine the receiver’s 
circuit board for any errors which might have occurred 
during construction. Some of the most common causes 
for construction errors include installing diodes and 
electrolytic capacitors backwards in the circuit; 
remember that these components have polarity and it 
must be observed in order for the circuit to work 
properly. Another common problem is having resistors 
installed in the wrong place on the circuit board. 
Finally, when installing semiconductors such as 
transistors and FETs, you must refer to the 
manufacturer’s pin-out diagram and the parts layout 
diagram along with the schematic when constructing 
the circuit. Often times transistors are installed 
incorrectly; also check the orientation of all integrated 
circuits to make sure that you have oriented them 
correctly with respect to their marking and pin 
numbers. Hopefully you have found your error by 
now and are ready to reassemble the circuit in order to 
test once again. 


Reconnect the antenna and battery leads and turn the 
On-Off switch to the “On” position. Turn up the volume 
control to the midway position, and set the BAND 
switch to the 2-meter position. The 2-meter band will 


generally be much more active than the 6-meter band 
unless there is a 6-meter band “opening.” Now, you will 
need to adjust the squelch control. The correct 
adjustment of the squelch control is to advance the 
control until the receiver noise is silenced. When the 
receiver is tuned across the band and a signal is found, 
the squelch will release and the transmission will be 
heard. As you continue tuning away from this signal, 
the squelch should again come into effect and “squelch” 
the receiver noise. Remember that the function of the 
squelch control is to eliminate static when there is no 
signal present. This control sets the level of passable 
signals. The squelch control works by raising the 
voltage to the (—) input to the audio amplifier and thus 
disabling the amplifier output. Turn the squelch control 
fully counterclockwise. The audio should produce a 
hissing sound. Turning the squelch control clockwise 
should quiet the audio. Check the leads going to the 
control. 


Now that the receiver seems to be functioning, you 
will need to calibrate the receiver using an RF 
frequency generator. You will need to borrow an RF 
signal generator from a friend or local radio enthusiast 
in order to calibrate your receiver for best 


operation. 


Frequency measurements 


Attach a two foot or longer length of wire to the 
male RCA plug and connect it to the radio antenna 
jack. Install a fresh battery and turn the power 

ON. Make sure that the squelch control is fully 
counterclockwise and the volume control is set at 
mid-position. A “rushing” noise should be heard 
from the speaker when no signal is present, which 

is normal. Slowly tune the radio on each band and 
listen for activity. Reception will only be possible 

if someone is transmitting. If you know someone with 
a 2M or 6M transmitter, you should test your receiver 
with known frequencies of transmission and adjust 
the high frequency oscillator for proper tuning of 
desired bands. 


A calibrated RF generator may also be used to adjust 
the oscillators. Start with the 2-meter band. Loosely 
couple the output of the RF generator to the receiver 


input. Turn the tuning control on the receiver to the full 
counterclockwise position (lowest frequency). With the 
squelch control tuned fully counterclockwise (OFF), a 
“rushing” noise will be heard. Tune the RF generator 
until the receiver noise disappears and note the 
frequency on the generator dial. Next, rotate the receiver 
tuning control to the full clockwise position (higher 
frequencies). Repeat the above procedure to determine 
the upper frequency of your tuning range. If the range is 
too low, decrease L4 by spreading the turns. If the 
range is too high, substitute the 39 pF capacitor 

with the 33 pF capacitor in C6. Then, repeat both 
procedures to determine the upper and lower frequency 
limits. With a little perseverance, you should arrive at a 
range covering the 2-meter band (144 to 148 MHz). Set 
the generator at different points (144, 145, 146, etc.) 
and tune the radio for quieting at each setting. Mark the 
dial with the appropriate values. Using the plastic 
alignment tool to adjust L3, follow the same procedure 
for the 6-meter band (50 to 54 MHz). Note: Before the 
receiver is properly adjusted, you may receive a 
broadcast from an FM station or TV station. These 
signals will be distorted because they are wide band 
FM transmissions and the 6N2 is a narrow band 


amateur receiver. 


If a frequency counter is available, it can be 
used to measure the frequency of the local oscillator 
at pin 20 of U1. On the 2-meter band, the counter 
Should read 133.3 MHz to 137 MHz, and on the 
6-meter band, it should read 39.3 MHz to 
43.3 MHz. 


Antenne considerations 


For local VHF reception, the VHF receiver will 
operate fine just using a whip antenna. If you wish 
to receive stations which are further away than just 
the local stations, you may want to install some sort 
of outdoor antenna such as a ground plane or 
discone antenna for VHF operation. Since most 

of the transmissions in this band are of vertical 
polarization, vertical antennas, ground plane and 
discone antennas will work very well in this 

band. Various VHF scanner type antennas from 
your local Radio Shack store will work fine 

as well. 


Connect up a whip antenna or an outdoor Discone 
antenna and you can now begin to listen-in to the 
exciting world of VHF ham radio communication. The 
charts in Table 12-5 illustrate the band plan for the two 


Table 12-5 


popular ham radio VHF bands. Note the SSB satellite 
and long-range portion of the 2-meter band from 

144.1 MHz to 144.3 MHz and the 6-meter DX windows 
around 51.1 and 52.05 MHz. 


2- Meter & 6-Meter Amateur Radio BandS 


144 1 3  .5.6.9145.1.2 


METERS 


5 .8146 .4 .6.61 147 .39.42.6 148 MHz 


SATELLITE ONLY(NO FM) 


DX WINDOW DX WINDOW 


METERS 
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Active and Passive Hircraft 


Band Receivers 


Active Aircraft Receiver 


RT ERZ ES. “LO 
potentiometers 

Ros al Wk OA 
| brown-black-red] 

R6,RZ8 270 ohm 


[ red-violet-brown] 


R9127 i723 LOkohm 


[| brown-black-orange] 
R26 22kohm 

[ red-red-orange] 
R13,R22 33kohm 

[ orange-orange-orange] 
Rap Oy Og Woe O AO 

47k ohm 


[ yellow-violet-orangel 


Rio LOOK ohm 
[ brown-black-yellow] 


R10,R14 1megohm 


[| brown-black-green|] 


CIP: “34908 Ceramic 


Capacitor 


C11 10pF ceramic 


Capacitor 


C12,C14 27pF ceramic 


Capacitor 


C2,C4,C6 82pF ceramic 
capacitor 

Chg poy iG. Oe 
disk capacitor 
(marked.001 or 102) 


CO5 Lp Da poe. E UE 
disk capacitor 
(marked: 0D. -or 103° OF 
LONE) 


CZa,C24 JR dISk 
capacitor (marked .1 
or 104) 


C22 .4/7 pF electrolytic 


capacitor 


CLO, pala a ds Hd 
to 10uF electrolytic 


Capacitor 


CLO pie Zo. LUU TEO AUN 


electrolytic capacitor 


Ol. 29C2498 Or 2 5C2 570A 
NPN UHF transistor 


OZ ANS90A NPN 


transistor 
Ud: “SAGOZ S Pn: IC 
U2 “MELSSO0 O pin. IC 
U3 LM324 14 pin IC 
U4- ¿LM3S86 © pin IC 


D1 BB505 varactor diode 
(marked BB505) 


D2 1N270 germanium diode 
D3 1N4148 silicon diode 
Els. See: Table 13=3 
Aye. “See Table 13-23 

L6 See Table 13-3 

L7? See Table 13-3 


FLI 10.7MHz ceramic 
filter - (Murata/ 
Digi-Key) 


Sl. PC: mount. DPDT. switch 

JE- PC mount RCA jack 

J2  subminiature phone 
Jack 

Bl 9volt battery 


Misc PC board, battery 
clip, battery holder 


*** Ramsey Electronics 


Inc. 
Passive Aircraft Monitor 


R1,R2 


5% resistor 


10megohm, ve watt, 


R3- 100kohm 
potentiometer - volume 


(chassis mount) 


RARI sa Sk Ohm. “7, wate, 


5% resistor 


R6 100k ohn, / Watt, 


5% resistor 


R7 100ohm watt, 


5% resistor 
Gl: teers SoOvoLe 
Mica/ poly capacitor 
C2 5-18pF trimmer 
capacitor (tuning) 
ES: SOME? 30 MOLE 
ceramic disk capacitor 
CL -330: DES. oo vole 


polyester capacitor 


Coe Cs... LOUUP;: 29 VOLT 
electrolytic 


Capacitor 


C6,C7 1HF, 35volt 


electrolytic capacitor 
D1 1N34 germanium diode 


LL gto choke scowl = 
(Digi-Key) 


Ul LM358 dual op-amp 
Sl “SPST toggle switch 


Bil. “role transistor 


radio battery 


PH high-impedance 
(2kohm) headphone 


Misc battery clip, 
battery holder, wire, 


enclosure; «uo, 


Eavesdroping in on the pilots as they trace their way 
across the sky can be very fascinating and exciting 
listening for aircraft enthusiasts of all ages. An aircraft 
receiver will allow you to listen-in to high flying 
commercial aircraft from jumbos to pipers, as well as 
control towers passing instructions to the airplanes 
overhead. It will provide many hours of interesting 


listening. 


In this chapter, we will present two different types of 
aircraft receivers: a passive aircraft receiver and an 
active aircraft receiver. A passive aircraft receiver is a 
more simple receiver with no local oscillator to interfere 
with the on-board aircraft electronics. A passive aircraft 
receiver is defined as a tuned detector with an amplifier 
which can be carried aboard an airplane in order to 
listen-in to the pilot while you are on a flight. You will 
be able to listen-in to the pilot in flight as well as the 
control tower when in fairly close range. This type of 
receiver does not interfere with the airplane’s 
electronics and in most instances you will be permitted 
to use this type of receiver on-board your aircraft. The 
active receiver is a more Sensitive active receiver which 
can be used at home to listen-in to high-flying aircraft 
as well as control towers over longer distances. 
Listening to aircraft communications can be very 
interesting but very cryptic, with lots of bursts of 
information passing in a short period of time. 


Active aircraft band 
receiver 


Ideal for arm-chair pilots, student pilots and the 
seasoned pilots, this sensitive receiver will pick up 
planes up to 100 miles away. The active aircraft band 
receiver tunes the aircraft band between 118 and 

136 MHz and will allow you to listen to control towers, 
centers, and planes en-route to their destination. The 
active aircraft band receiver, shown in Figure 13-1 has 
good sensitivity, image rejection, signal-to-noise ratio 
and stability. It is designed for casual “listening in” both 


Figure 13-1 Active aircraft band receiver 


ground and air communication, for both commercial 
airlines and general aviation, and 1t will provide you 
with many years of easy sky-monitoring enjoyment. 


This project is especially good for people with an 
interest in learning more about aviation and electronics 
and radio. The active aircraft receiver can be built by 
folks of all ages and skill levels. 


UJhat you can hear 


A basic fact about the VHF Aviation Band which even 
licensed pilots can overlook or forget is that 
communications are in the AM mode, not FM, as in the 
case of the FM broadcast band immediately below it, 
and the VHF public service and ham bands immediately 
above it. No matter where you live, you will be able to 
receive at least the airborne side of many air traffic 
communications. If you know where to tune, you’ ll hear 
any aircraft you can see, PLUS planes a hundred miles 
away and more, since VHF signals travel “line of sight”. 
An airliner at 35,000 feet altitude in the next state is 
still line of sight to your antenna. Similarly, whatever 
ground stations you may hear are also determined by 
this “line of sight” character of VHF communication. If 
there are no major obstacles between your antenna and 
an airport (tall buildings, hills, etc.), you’Il be able to 
hear both sides of many kinds of aviation 
communication. Be prepared for them to be fast and to 
the point, and for the same airplane to move to several 
different frequencies in the span of a few minutes! The 
most common types of ground services with which 


pilots communicate is the control tower, ground control, 
clearance delivery and ATIS or “Automatic Terminal 


Information System.” 


At most metropolitan airports, a pilot communicates 
with the FAA on a frequency called “Clearance 
Delivery” to obtain approval or clearance of the 
intended flight plan. This communication is done before 
contacting ground control for taxi instructions. From the 
control tower, ground movements on ramps and 
taxiways are handled on the “Ground Control” 
frequency, while runway and in-flight maneuvers near 
the airport (takeoffs, local traffic patterns, final 
approaches and landings) are on the “Control Tower” 
frequency. ATIS, or “Automatic Terminal Information 
System” is a repeated broadcast about basic weather 
information, runways in use, and any special 
information such as closed taxiways or runways. Such a 
broadcast offers an excellent steady signal source for 
initial adjustment of your receiver. If you are close 
enough to the airport to receive ATIS, you will hear the 
Approach Control and the Departure Control 
transmissions. These air traffic radar controllers 
coordinate all flight operations in the vicinity of busy 
metropolitan airport areas, and are called the ATC 
Center. 


When you hear a pilot talking with “Jacksonville 
Center” or “Indianapolis Center,” you know the aircraft 
is really enroute on a flight rather than just leaving or 
just approaching a destination. A pilot will be in touch 
with several different “Regional Centers” during a 
cross-country flight. These smaller centers are called 


“Unicom” centers. 


Airports without control towers rely on the local 
“Unicom” frequency dedicated only to advisory 
communications between pilots and ground personnel 
such as fuel service operators. The people on the ground 
can advise the pilot on the status of incoming or 
outgoing aircraft, but the pilot remains responsible for 
landing and takeoff decisions. Typical Unicom 
frequencies are 122.8 and 123.0 MHz. 


The FAA’s network of Flight Service Stations keeps 
track of flight plans, provides weather briefings and 
other services to pilots. Some advisory radio 
communication takes place between pilots and a 
regional “FSS.” If there is an FSS in your local area, but 
no airport control towers, the FSS radio frequency will 
stay interesting. 


Fast talking pilot 
and controllers 


Aviation communication is brief, but it is clear and 

full of meaning. Usually, pilots repeat back exactly 
what they hear from a controller so that both know 

that the message or instructions were correctly 
interpreted. If you are listening in, it is hard to track 
everything said from a cockpit, particularly in big city 
areas. Just to taxi, take off and fly a few miles, a pilot 
may talk with six or eight different air traffic control 
operations, all on different frequencies, all within a few 
minutes! Here are the meanings of a few typical 


communications: 


“Miami center, delta 545 heavy 
out of three-zero for two-five.” 


Delta Flight 545 acknowledges Miami Center’s 
clearance to descend from 30,000 feet to 25,000 feet 
altitude. The word “heavy” means that the plane is a 
jumbo jet such as 747, DC-10, etc. 


“Seneca 432 lima cleared 
to outer marker. contact 
Tower 118.7.” 


The local Approach Control is saying that the 

Piper Seneca with the N-number (tail number) 
ending in “432L” is cleared to continue flying an 
instrument approach to the outer marker (a precision 
radio beacon located near the airport) and should 
immediately call the airport radio control tower at 
118.7 MHz. This message also implies that the 
controller does not expect to talk again with that 


aircraft. 


“Cessna 723, squawk 
6750, climb and maintain 
five thousand.” 


A controller is telling the Cessna pilot to set the 
airplane’s radar transponder to code 6750, climb to and 
fly level at an altitude of 5000 feet. 


“United 330, traffic at 9 o'clock, 
4 miles, altitude unknown.” 


The controller alerts United Airlines flight #330 of radar 
contact with some other aircraft off to the pilot’s left at 
a 9 o’clock position. Since the unknown plane’s altitude 
is also unknown, both controller and pilot realize that it 
is a smaller private plane not equipped with 
altitude-reporting equipment. 


Active receiver circuit 
description 


Now, take a look at the schematic diagram shown in 
Figure 13-2. The aircraft band antenna is first coupled 
through C1 to a three-section tuned LC filter input 
network. The aircraft band signals ranging from 118 to 
135 MHz signals are amplified by VHF transistor Q1 
and fed to the input of U1, the SA602 mixer-oscillator. 
Inductor L6 and its associated capacitor network 
establish the LO (local oscillator) frequency at 

10.7 MHz higher than the incoming 118-135 MHz 
signals. The local oscillator frequency may be tuned 
across about 15 MHz by the varactor tuning network 
formed by diode D1 and resistor R1. The 10.7 MHz 
difference between the local oscillator and the received 
signal is fed through the 10.7 MHz ceramic filter FL1, 
and then amplified by Q2 and the signal is then applied 
to U2, the MC1350 IF amplifier IC with AGC input. 
The 10.7 MHz IF is peaked by inductor L7, and the 
AM audio signal is then demodulated by diode D2 
and fed through the four op-amps of U3, the LM324, 
where volume control, AGC output, audio filtering 
and squelch functions are managed. The LM386 (U4) 
is the audio amplifier, and is capable of driving 

simple communications speakers to excellent volume 
levels. 


Circuit Construction 


The aircraft band receiver is best constructed on a 
printed circuit board for best results. Place your 
schematic diagram in front of you, heat up your 27 to 
30 watt pencil tipped soldering iron and prepare to insert 
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Figure 13-2 Active aircraft receiver schematic. Courtesy of Ramsey Electronics 


Table 13-1 
Resistor color code chart 


Color Band Ist Digit end Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 AIT NWN rN BP WO NY KF QO 
VOD 0 l| AoA 4 BP WO NY KF QO 


Silver 


No color 


the components into the circuit board. You can fabricate 
your own circuit board from scratch if you are an 
experienced builder or you could elect to build the 
receiver from the kit supplier, Ramsey Electronics, 
listed in the Appendix. We will build the receiver in 
sections and will begin first with the antenna and input 
pre-amplifier section. 


Before we go ahead and build the aircraft receiver, 
let’s take a few moments to look at Table 13-1, which 
illustrates the resistor color chart. Resistors have three 
or four color bands, which begin at one edge of the 
resistor body. The first color band represents the 
resistor’s first digit value, while the second color band 
denotes the second digit of the resistor value. The third 
color band represents the multiplier value of the resistor. 
The fourth color band denotes the tolerance value of the 
resistor. A silver band represents a 10% tolerance, while 
a gold band notes a 5% tolerance value. The absence of 
a fourth color band states that the resistor has a 
20% tolerance value. Therefore, a 10,000 ohm or 
10k ohm resistor would have a brown band (1) a 
black band (0) and a multiplier of (000), and an orange 
band. 


Go ahead and install resistors R4, R5 and R6, then 
solder them in place on the PC board. Then cut the 
excess leads from the PC board with a pair of 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


end-cutters. Cut the excess leads flush to the 
PC board. 


Next we are going to install the capacitors for the 
project. Capacitors are described as electrolytic and 
non-electrolytic types. Electrolytic types are large sized 
and larger in value than non-electrolytic types. 
Electrolytic type capacitors have polarity, i.e. both a 
positive and negative terminal, often with color band 
and/or (+) or minus (—) marking on them. These 
electrolytic capacitors must be installed with respect to 
these polarity markings if you expect the circuit to work 
correctly. Take your time installing them and refer 
regularly to both the schematic and parts layout 
diagrams. Non-electrolytic capacitors can sometimes be 
very small in size, and often their actual value will NOT 
be printed on them. A three-digit code is used to help 
identify these capacitors; refer to Table 13-2. For 
example, a .001 UF capacitor would be marked with (102), 
while a .01 uF capacitor would be marked with (103). 


Go ahead and install capacitors C1 through C8 into 
their respective PC holes on the PC board, being sure to 
observe polarity on the capacitors before installing them 
on the PC board. Most electrolytics will have a black 
band or a plus or minus marking next to a pin. Solder 
the capacitors to the PC board, then remove the excess 
leads. Next install inductors L1, L2, L3 and L4 into 


Table 13-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.11F 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 UF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30pF Ceramic 5,000 pF /.005 UF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 2 Mylar 204 
330 pF Ceramic 331 we Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 
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Table 13-3 
Coil winding information 


L1,L3,L5 1.5 turns #28 ga. magnet wire, 5 mm inner 
diameter air core - about | mm spacing 
(2-turns works fine) 

L2,L4 .33 WH, molded inductor (Digi-Key M9R33-ND) 

L6 .1 WH, 3.5 turns, slug tuned coil (Digi-Key 
TK2816-ND) 

L7 10.7 MHz shielded I-F transformer (Mouser 


42FIF122) or Circuit Specialists 


their respective holes, followed by L5; see Table 13-3 
for winding instructions. When you have inserted the 
inductors, you can solder them in place and then cut the 
excess component leads flush to the edge of the circuit 
board. 


Before you go ahead and install the transistors and 
integrated circuits, refer to the semiconductor pin-out 
diagram shown in Figure 13-3, which will help you 
orient the components. Now locate and install 
transistor Q1, being sure you have the correct 
component before installing it on the PC board. Be sure 
you can identify all three leads as to their correct 
pin-outs before inserting it into the circuit board to 
avoid damage to the circuit once power is later applied. 
Solder Q1 to the board and then remove the excess 
leads. 


Next we are going to move on to installing the Local 
Oscillator components. First install resistors R1, R7, 
R8, and R9 followed by resistors R10, R11, R12 and 
then resistors R25, R26 and R28. Solder the resistors 
into their respective locations and be sure to remove the 
excess lead lengths. Next we will install capacitors C9, 


z 


Es SA602 


2502498 2N3904 


Figure 13-3 Semiconductor pin-outs 


LM386 MC1350 
NTE746 


C10, C11 and C12 followed by capacitors C13, C16, 
C17, C19 and C20 followed by C30 and C31. Be sure 
to observe the polarity of the capacitors when installing 
them on the board to prevent circuit damage when 
power is first applied. Install the capacitors into their 
respective location on the PC board. Once inserted, 
solder the capacitors to the circuit board and then 
remove the excess leads. 


Now locate diode D1 and D2, and note that the 
cathode or black band side of the diode points to the 
battery. Diode D1 is the varactor “tuning” diode. Go 
ahead and install these diodes, then solder them to the 
board. Remove the excess leads. Locate transistor Q2 
and install it on the PC, once you have identified all the 
leads. Solder Q2 to the board, and then remove the 
excess leads with your end-cutter. Now locate and 
install inductor L6, the 3.5-turn slug tuned coil and L7, 
the 10.7 I-F transformer. Remember to trim the extra 
lead lengths as needed. Locate the FL1, the 10.7 MHz 
ceramic filter, it will have three leads and is usually a 
small square component. Solder it in place and remove 
the excess leads. Finally install the 8-pin SA602 local 
oscillator-mixer at U1. It is advisable to install an IC 
socket into place in the proper location and then insert 
the IC into the socket. This is good insurance in the 
event of a possible component failure at some later 
point. When inserting the IC into the socket be sure to 
first identify which pin is #1. Usually each IC will have 
a small circle or cut-out on the top or top left side of the 
IC. Usually the pin is just to the right of this indented 


circle. 


Next we will install the LM324 IC circuit 
components. First locate resistors R13, R14, R15, R16, 
R17, R18 and R19 followed by resistors R20, R21, R22, 
R23 and R24. Install these resistors in their respective 
locations and then solder them in place on the 


PC board. Remember to cut the extra leads. Now locate 
diode D3, remember to observe the polarity when 
installing D3. Solder the diode in place, then remove the 
excess lead lengths. Now locate and install capacitors 
C18, C21, C22 followed by capacitors C23, C24 and 
C25. Remember electrolytic capacitors have polarity 
markings and they must be observed for the circuit to 
operate correctly. You will see either a plus or minus 
marking at one end of the capacitor. Once installed, 
solder the capacitors in place and then remove the extra 
leads by cutting them flush to the circuit board. Finally 
install an integrated circuit socket for U3 and then place 
U3 into the socket, but be sure to install it correctly, 
observing the indented circle as near pin 1 on the IC. 


Finally we are going to install the audio amplifier 
components. First locate resistor R27 and install it on 
the PC board. Next solder it in place and cut the extra 
leads. Now, locate and install capacitors C26, C27, C28, 
and C29. Remember C26 and C27 are electrolytic 
types, so polarity must be observed before installing 
them. Finally install an IC socket for U4 the LM386 
amplifier IC. When installing U4 be sure to observe the 
correct orientation before inserting it into the socket to 
prevent damage when power is applied. 


Now you finish up the circuit by installing the 9 volt 
battery holder, the 9 volt battery clip, followed by 
switch S1. Once these components have been installed 
you can locate and install jacks J1 and J2 onto the 
circuit board. 


If you haven’t already installed the potentiometers, 
R1, R2 and R3, go ahead and install them and solder 
the controls firmly in place. Be sure the mounting tabs 
are completely soldered for a good mechanical 


connection. 


Let’s take a short break and when we return we will 
inspect the PC board for poor solder joints and “short” 
circuits before applying power to the circuit board. Pick 
up the circuit board and bring the foil side of the board 
up towards you to inspect the board. First, we will look 
for “cold” or poor solder joints on the PC board. Take a 
look at each of the solder joints. You want to make sure 
each of the solder joints appears to look clean, smooth 
and shiny. If you see any solder joints that look dull or 
“blobby” then you will need to remove the solder from 
the joint with a solder-sucker or wick and then re-solder 
the joint, so that it appears to be clean, shiny and 
smooth. 


Next we will inspect the PC board for “short” 
circuits. Often “stray” or “cut” component leads will 
“bridge” across or between circuit traces on the PC 
board. These possible “shorts” can cause damage to the 
circuit when power is first applied, so it is best to 
remove any “bridging” leads or solder blobs or “shorts” 
before power is sent to the circuit board. Look over the 
board carefully for any signs of “bridging” wires or 
blobs of solder. Once you are comfortable with your 
inspection, you can lay the circuit board back down on 
the table. 


Enclosure 
recommendations 


If your first goal is economy and rugged portability, you 
will find that the circuit board can be nicely mounted in 
a standard VHS videotape storage box, which also gives 
room for a speaker or earphone storage, and even a roll 
of antenna wire. The controls are easily mounted at one 
end of such a box. It may be necessary to cut away the 
molded posts which secure the tape cassette itself. 
These storage boxes come in several styles, so pick one 
which truly looks practical as a project 

enclosure. 


The most economical metal enclosure nicely suited 
for Ramsey PC board kits is the Radio Shack 
270-253A. This metal utility cabinet can accommodate 
one or two different receiver boards plus a speaker, with 
room for various refinements you might want to add, 
such as a bigger battery pack, fine tuning control, and 
so forth. When you have selected your enclosure, you 
can place the circuit board into the case and mount it. 
Be sure to allow the extension of the squelch control, 
the volume control and the tuning control on the front 
panel of the chassis. The speaker can be mounted on the 
top of the case, and the earphone and antenna jack can 
be mounted on the rear of the receiver. 


Congratulations, you have successfully completed 
your active aircraft band receiver. Now you are ready to 
test and adjust the receiver before setting down and 
enjoying it. Now, you can attach a speaker or pair of 
headphones to jack J2. Next, attach a whip antenna to 
jack J1, and then connect a 9 volt battery to the battery 
clip leads and we can go ahead and test the active 


aircraft receiver. Now, turn the On-Off switch to the 
“ON” position. Be sure to turn down the squelch control 
to below the threshold point, so you can hear a hissing 
sound coming from the speaker or headphone. Now, 
turn up the volume control to about midway. Take a few 
minutes to tune up and down the band with the 

main tuning control. If after about 15 minutes, you do 
not hear any transmissions on your radio or 1f you do 
not hear any hissing sounds from the speaker, 

then you know there could be a problem with your 


receiver. 


In the event of a problem with your new aircraft band 
receiver, you will have to disconnect the speaker, 
antenna and battery and visually inspect the circuit 
board for any errors. Often a second or new pair of eyes 
is very helpful in locating problems on circuit boards. 
The most likely causes of circuit failure are misplaced 
components or components such as diodes and 
electrolytic capacitors installed backwards. The second 
most likely cause for problems are semiconductors, 
such as transistors installed backwards. Be sure to 
re-check the manufacturer data sheets for proper pin-out 
information when installing the transistors. Finally, 
check the orientation of the integrated circuits in their 
respective sockets; sometimes the ICs can be put in 
backwards in their sockets causing the circuit to 
malfunction. Once you have fully inspected and 
hopefully located your problem, you can reconnect the 
battery, headphones and antenna and then retest the 
receiver once again. 


Antenna 
considerations 


An antenna for your new aircraft receiver can be as 
simple as a 21” piece of wire, an extendable whip 
antenna or a roof-mounted ground-plane aviation 
antenna. Most folks near an airport will get plenty of in- 
the-air action from a wire or whip antenna, but if you’re 
more than a few miles away, a decent roof-mount 
antenna is the way to go. Radio Shack sells an ideal 
antenna designed for scanners which covers the aircraft 
band nicely and it costs around $30. A low cost TV 
antenna works well, even better if rotated 90 degrees 


(remember aircraft antennas are vertically polarized). 


Adjustment and alignment 


Alignment of the air-band receiver consists of simply 
adjusting L6 for the desired tuning range and peaking 
the IF transformer (L7). If you are using a signal 
generator, frequency counter or other VHF receiver for 
calibration, remember that you want to set the local 
oscillator frequency 10.7 MHz higher than the desired 
signal or range to be received. Adjustment of the L6 
oscillator coil MUST be made with a non-metallic 
alignment tool. The use of a metal tool of any kind will 
detune the coil drastically, making alignment almost 
impossible. Also, if you’re receiving FM broadcast 
stations, you have the slug tuned too far down in the 
coil form. Turn it until it is higher in the form and try 
again. One other thing that you can do to improve the 
operation of your kit is to spread out the three 2-turn 
coils at the antenna input, L1, L3, and L5. Stretching 
these out will give you greater sensitivity. 


Once you know you are receiving aircraft or airport 
transmissions, adjust the IF transformer (L7) for best 
reception. Typically, L7 is adjusted 2—3 turns from the 
top of the shield can. If you don’t have any signal 
reference equipment at home, and are not yet hearing 
airplanes, your best bet is to pack up your ARIC and 
needed tools and head for the nearest airport! If there is 
no control tower, don’t hesitate to visit a general 
aviation service center on the airport grounds. If 
you’ve never done this before, you will probably 
find it to be a fun and interesting experience. Ask 
which are the most active frequencies and adjust L6 
and your front panel tuning control until you hear the 
action. A ground service operator or private pilot may 
be willing to give you a brief test transmission on the 
122.8 Unicom frequency. Remember, also, that if 
your airport has ATIS transmissions, you can get a 
steady test signal as soon as you are line-of-sight with 
its antenna. 


The aircraft receiver does not produce a loud hiss 
when no signal is being received (unlike an FM receiver 
or expensive AM receiver); this is due to the somewhat 
limited amount of IF or Intermediate Frequency gain. 
Increasing the IF gain would produce a hiss and 
marginally better sensitivity (about a microvolt) but also 
require much more alignment, AGC circuitry, and 
builder ability—far beyond the intention of this kit. 


Tuning the aircraft 
recelver 


With the varactor tuning control capable of going across 
10-15 MHz, and with pilots and controllers talking so 
briefly, you will need to get used to tuning your 
receiver! You”11 find that ANY knob gives smoother 
tuning than the bare control shaft, and that a “vernier” 
dial will make the procedure even easier—but at the 
expense of being able to check up and down the band 
quickly, which you might like to do if you’re tracking 
the same airplane. The air-band receiver is designed to 
let you explore the entire communications section of the 
aviation band. If you become really interested only in 
being able to check a certain frequency such as a nearby 
FAA control tower, or Unicom, it will be helpful to 
mark that spot on a dial template such as is reproduced 
for your convenience below. 


“VOR” or “OMNI” 
transmissions 


While driving around the countryside you may have come 
across a tall white “cone” structure near your airport or in 
the middle of a big farming field; it is useful for you to 
know that these are VHF navigational aids operating in 
the 118-135 MHz frequency range, just below the air- 
ground communications range, sending a steady signal 
which may be helpful in initial alignment. If you tune in 
such a signal on your receiver, remember that you will 
have to increase the local oscillator frequency later in 
order to listen to air traffic communications. 


Passive aircraft 
receiver 


The passive air-band receiver is a type of “crystal” radio 
which contains no local oscillator which might 
interferes with the on-board aircraft’s sensitive 
electronics. The passive aircraft receiver broadly tunes 
from 118 MHz to 136 MHz, and was designed to listen- 
in to in-flight communications between your pilot and 


the control tower. The passive aircraft receiver is shown 
in Figure 13-4. The passive aircraft receiver can be built 
small enough to place inside your vest pocket and it 
operates from an ordinary 9 volt battery. 


The passive aircraft receiver is basically an amplified 
type of “crystal radio” designed to receive AM aircraft 
transmissions. The “passive” design uses no oscillators 
or other RF circuitry capable of interfering with aircraft 
communications. This receiver utilizes a coil/capacitor 
tuned “front-end,” which feeds an RF signal to a detector 
diode. The tuning capacitor may be any small variable 
with a range from about 5 pF to about 15 or 20 pF. The 
0.15 WH inductor may be a molded choke or a few turns 
wound with a small diameter. Experiment with the coil 
to get the desired tuning range. The aircraft frequencies 
are directly above the FM band so a proper inductor will 
tune FM stations with the capacitor set near maximum 
capacity. (The FM stations will sound distorted since 
they are being slope detected.) A 1N34 germanium 
detector diode or a Schottky diode like the 1N5711 or 
HP2835 should be used as the detector diode in this 
receiver circuit. The 10 megohm resistors provide a small 
diode bias current for better detector efficiency. 


The LM358 dual op-amp amplifier draws under 1 ma 
so the battery life should be quite long. Potentiometer 
R3 is used to adjust the gain to the second stage of the 
dual op-amp. The second op-amp stage drives a 
100 ohm resistor in series with a 100 UF capacitor. You 
must use a high impedance “crystal” headphone, since 
the op-amp output will not drive a speaker directly. 

A speaker amplifier may be added to drive a speaker or 
low-z earphone, if desired, but the power consumption 
will increase sharply, as will the size of the receiver. 


The passive aircraft receiver is powered from an 
ordinary 9 volt transistor radio battery. The entire 
aircraft band receiver can be built inside a small 
plastic box. Simply mount an SPST slide switch on the 
side of the case to apply power to the circuit. If you 
elect, you can install a %” phone jack for the “crystal” 
headphone. 


Construction 


The passive air-band receiver can be constructed on 
a regular circuit board or it could be built on a 
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Figure 13-4 Passive aircraft receiver schematic 
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“quick-board” which contains ready-made circuit traces, 
these are available at Radio Shack stores. 


You may want to lay out the circuit so that the tuning 
control is at one edge of the board, which will make 
things a little easier when installing the circuit in an 
enclosure. Building the circuit is pretty straightforward 
and should only take a few hours to build. Refer to 
Table 13-1 for identifying the resistors and Table 13-2 
for identifying the small capacitors in the circuit. 
Remember it is very important to install the diode 
correctly with respect to its polarity in order for the 
circuit to work properly. The passive air-band receiver 
also contains a few electrolytic capacitors, and you will 
remember that these devices have polarity and it must 
be observed for the circuit to work. The aircraft receiver 
uses a dual op-amp to amplify the signals and you will 
have to ensure that it is installed correctly. An integrated 
circuit is highly recommended for the op-amp. In the 
event of a circuit failure at some later date, it is much 
easier to simply unplug an IC rather than trying to un- 
solder one from a PC board to replace it with a new 
one. When installing the IC into its socket, you will 
have to make sure that you orient it correctly. An IC 
will typically have a notch or small cut-out at one end 
of the IC case. Pin one (1) will be to the left of the 
cut-out of notch when viewed from the top of the IC. 

In this project pin | of the IC connects to potentiometer 
R3, while pin 8 of the IC is connected to the 
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power source. Note that pin 4 of the IC is connected to 
the circuit ground. 


You can elect to use a small speaker in this circuit, 
but in order to make a miniature receiver you may want 
to simply use a small %” mini jack and just plug into a 
pair of small earphones. The circuit is powered from a 
standard 9 volt battery; remember the black or minus (—) 
battery clip is connected to ground, while the plus (+) or 
red battery clip lead is connected to capacitor C5 at the 
plus (+) end. 


You will want to have the tuning capacitor C2 
near the edge of the circuit board, so that you can 
allow the tuning knob to protrude through the case 
so you can easily tune the receiver. Once the 
receiver has been completed, you should take a few 
minutes rest. 


After the break, you should inspect the foil side of 
the circuit board for any “cold” solder joints. Cold 
solder joints often look dark, dull or “blobby.” If you 
see any solder joints that look this way, you should re- 
solder the connections. You should also take a moment 
to examine the circuit board for any “short-circuits” 
which may be the result of a “stray” component lead 
shorting between circuit traces. 


You can make yourself an antenna from a piece of 
stiff 20 ga. wire as a whip antenna to capacitor Cl, or 
install a miniature jack in order to plug in a 


whip antenna. The antenna can be a 6” piece of #20 ga. 
stiff solid copper wire or a small telescoping aluminum 
antenna connected to capacitor C1. Radio Shack has a 
good selection of whip antennas. You could elect to 
solder the wire antenna directly to C1 and just bring the 
antenna out the top of the enclosure, or you could install 
a small 4” mini jack for the antenna on the rear of the 
enclosure. The selectivity is reduce as the antenna 
length is increased so best performance is achieved with 
the shortest acceptable antenna. Try increasing the 

1.8 pF capacitor value when using very short antennas 
and decreasing it for long antennas. In order to “tune” 
the passive aircraft receiver you can either leave a small 
hole on the side of the plastic enclosure to adjust the 
frequency using a plastic tuning tool, or you need to 
find a way to attach a plastic knob onto the tuning 
screw; you will have to drill a larger hole in the case to 
bring the knob outside the case for easy tuning. 


To test the passive aircraft receiver, park near 
your local airport. Turn on the passive air-band 
receiver, attach your wire antenna or pull up your 
telescoping antenna and tune the receiver. You should 
try to listen when you see an aircraft take-off or land or 
when you see an aircraft taxiing along the runway. If 
you can get close to the tower in a small airport, that 
should ensure that you will be able to test your 
receiver adequately. As you see a plane arrive or leave, 
“tune” around the band and you should hear either the 
pilot or the control tower. If you plan on taking the 
passive aircraft receiver on-board an aircraft to 
listen-in to the pilot during your flight, you should ask 
the pilot or stewardess if it is permitted aboard your 
aircraft. Generally you are given permission without a 
problem. Enjoy building and using your new aircraft 


receivers! 


Parts list 


Copyright O 2008 by The McGraw-Hill Companies, Inc. Click here for terms of use. 


VLF or Very Low Frequency 
Radio Receiver 


VLF Whistler 


Receiver 


R1,R4 10k ohm tw, 


5% resistor 


R23 Ro- 22k -ohm Wy 


5% resistor 


R5 6.2 megohm, tyw 


5% resistor 


R6 1 meg ohm 


potentiometer 
(trimpot) - single 
turn 


R7 10 megohm, ‘Aw 


5% resistor 


R8 1k ohm, tọw 


5% resistor 


RQ 1k ohm, ‘Aw 


5% resistor 


R10 3.3k ohm, l¿w 


5% resistor 


RILGRL2 820 Ohm- W 


5% resistor 


RI3 10k ‘ohm 
potentiometer 


(panel) 
R14,R17 10 ohm, J4w, 


5% resistor 


RIS; RIC 22k ohm, “Aw; 


5% resistor 


CAES AT pry oo VOLE 


mica capacitor 


Ca LUO -P 30 - VoLt 


mica capacitor 


CALCIO. seo ME 


350 -Volte mylar Capacitor 


07,015 .01 uF, 35 volt 


ceramic disk capacitor 


CS. AT PEA 297 VOLE Mica 


capacitor 


C9 1 uF, 35 volt 


electrolytic capacitor 


C10 .18 UF, 35 volt 


tantalum capacitor 


Cli DUE, 35. Volt 


tantalum capacitor 


C12 1.8 uF, 35 volt 


tantalum capacitor 


C13 .68 uF, 35 volt 


tantalum capacitor 


C14 .22 HF, 35 volt 


tantalum capacitor 


C16 .068 UF, 35 volt 


tantalum capacitor 


croel ¿22 ME, 35 elt 


tantalum capacitor 


C19 .05 UF, 35 volt 


ceramic disk capacitor 


C20;,C22,C24 100 JUE, 
35 volt electrolytic 


capacitor 


021,023 .1 UF,35 volt 


ceramic disk capacitor 


ELL 120 mH coil (Mouser 


electronics) 


L2 150 mH coil (Mouser 


electronics) 


LS. 18 mah- Corl (Mouser 


electronics) 


L4 56 mH coil (Mouser 


electronics) 


Olarorp 1Uadl SILICON 
Dual matched N-Channel 
FETS 


O2 MPSA56 transistor 
Ul 1M386 op-amp 


SL DPDT toggle :SWitco 
(trap) 


S2 DPDT toggle switch 
(high-pass) 
S3 DPDT toggle switch 


(low-pass) 


Bil. 9 volt. transistor 


radio battery 


diyda 


jack w/switch 


14 mini phone 


J3 SO-238 UHF chassis 
Jack 


Pl PL259 UHF plug 


EZ” Dinding post 
(ground) 


Misc PC board, IC 
socket, solder, wire, 
antenna, battery 
holder 


Battery clip, hardware, 


chassis 


“Natural Radio” is a name sometimes used for describing 
radio noise with natural origins, mainly due to but not 
confined to lightning. At first suggestion, you may think 
that listening to lightning crackles would be dull or 
uninteresting, but electromagnetic radiation from 
lightning can travel great distances and undergo strange 


modifications along the way. The frequencies of the 
original pulse can be spread out in time (a process 
called “dispersion”) since the higher frequencies travel 
a little faster than the lower. The result is that the short 
impulse from a lightning strike in South America can 
sound like a chirp in Texas. Slower sweeping tones are 
called “whistlers” and they are a bit of a mystery. The 
energy from a lightning bolt streams out into space into 
a region called the “magnetosphere,” magnetized 
plasma created by the interaction of solar wind with the 
Earth’s magnetic field. The lightning pulse is reflected 
or “ducted” back down to Earth after a very long trip 
during which time the frequencies are spread out by a 
dispersion-like process. Short whistlers might be due to 
dispersion, but some whistlers last five seconds so 
ordinary dispersion 1s probably inadequate an 
explanation. A radio wave can travel a million miles in 
five seconds, so to accumulate that much difference in 
arrival times, the signal would have to travel hundreds 
of millions of miles, assuming a pretty steep dispersion 
curve. More likely, the whistler is an emission from the 
magnetosphere triggered by the lightning pulse. When 
conditions are just right, numerous lightning strikes 
combine with numerous reflections to give an eerie 
chorus that sounds a bit like a flock of geese. 


Most people have never heard of Natural Radio 
produced by several of natures”s processes, including 
lightning storms and aurora, aided by events occurring 
on the Sun. The majority of Earth’s natural radio 
emissions occur in the extremely-low-frequency and 
very-low-frequency (ELF/VLF) radio spectrum. Whistlers, 
one of the more frequent natural radio emissions to be 
heard, are just one of many natural radio “sounds” the 
Earth produces at all times in one form or another, and 
these signals have caught the interest and fascination of 
a small but growing number of hobby listeners and 
professional researchers for the past four decades. 


Whistlers are amazing sounding bursts of ELF/VLF 
radio energy initiated by lightning strikes which “fall” 
in pitch. A whistler, as heard in the audio output from a 
VLF or “whistler” receiver, generally falls lower in pitch, 
from as high as the middle-to-upper frequency range of 
our hearing downward to a low pitch of a couple hundred 
cycles-per-second (Hz). Measured in frequency terms, a 
whistler can begin at over 10,000 Hz and fall to less than 
200 Hz, though the majority are heard from 6000 down 
to 500 Hz. Whistlers can tell scientists a great deal of 


the space environment between the Sun and the Earth 
and also about Earth’s magnetosphere. 


The causes of whistlers are generally well known 
today though not yet completely understood. What is 
clear is that whistlers owe their existence to lightning 
storms. Lightning stroke energy happens at all 
electromagnetic frequencies simultaneously. The Earth 
is literally bathed in lightning-stroke radio energy from 
an estimated 1500 to 2000 lightning storms in progress 
at any given time, triggering over a million lightning 
strikes daily. The total energy output of lightning storms 
far exceeds the combined power output of all man-made 
radio signals and electric power generated from power 
plants. 


Whistlers also owe their existence to Earth’s 
magnetic field (magnetosphere), which surrounds the 
planet like an enormous glove, and also to the Sun. 
Streaming from the Sun is the Solar Wind, which 
consists of energy and charged particles, called ions. 
And so, the combination of the Sun’s Solar Wind, the 
Earth’s magnetosphere surrounding the entire planet, 
and lightning storms all interact to create the intriguing 
sounds and great varieties of whistlers. 


How do whistlers occur from this combination of 
natural solar-terrestrial forces? Some of the radio energy 
bursts from lightning strokes travel into space beyond 
Earth’s ionosphere layers and into the magnetosphere, 
where they follow approximately the lines-of-force of 
the Earth’s magnetic field to the opposite polar 
hemisphere along “ducts” formed by ions streaming 
toward Earth from the Sun’s Solar Wind. Solar-Wind 
ions get trapped in and aligned with Earth’s magnetic 
field. As the lightning energy travels along a field- 
aligned duct, its radio frequencies become spread out 
(dispersed) in a similar fashion to light shining into a 
glass prism. The higher radio frequencies arrive before 
the lower frequencies, resulting in a downward falling 
tone of varying purity. 


A whistler will often be heard many thousands of 
miles from its initiating lightning stroke—and in the 
opposite polar hemisphere! Lightning storms in British 
Columbia and Alaska may produce whistlers that are 
heard in New Zealand. Likewise, lightning storms in 
eastern North America may produce whistlers that are 
heard in southern Argentina or even Antarctica. 

Even more remarkably, whistler energy can also be 
“bounced back” through the magnetosphere near 


(or not-so-near) the lightning storm from which it 
was born! 


Whistlers are descending tones. Their duration can 
range from a fraction of a second to several seconds, 
with the rate of frequency shift steadily decreasing as 
the frequency decreases. A whistler’s note may be pure, 
sounding almost as if 1t was produced using a laboratory 
audio signal generator; other whistlers are more diffuse, 
sounding like a breathy “swoosh” or composed of 
multiple tones. On occasion, some whistlers produce 
echoes or long progressions of echoes, known as “echo 
trains,” that can continue for many minutes. 


Whistlers can occur in any season. Some types are 
more likely to be heard in summer than winter and 
vice-versa. Statistically, the odds are especially high 
for good whistler activity between mid-March and 
mid-April. 

Whistlers and the sounds of the dawn chorus are not 
heard equally well everywhere in the world. Reception 
of these are poor in equatorial regions, with best 
reception at geomagnetic latitudes above 50°. Fortunately 
the continental United States and Canada are well 
positioned for reception of whistlers and other signals 
of natural radio. 


Considered by many listeners to be the “Music of 
Earth”, whistlers are among the accidental discoveries of 
science. In the late 19th century, European long-distance 
telegraph and telephone operators were the first people 
to hear whistlers. The long telegraph wires often picked 
up the snapping and crackling of lightning storms, 
which was mixed with the Morse code “buzzes” or 
voice audio from the sending station. Sometimes, the 
telephone operators also heard strange whistling tones 
in the background. They were attributed to problems in 
the wires and connections of the telegraph system and 
disregarded. 


The first written report of this phenomenon dates 
back to 1886 in Austria, when whistlers were heard on a 
22-km (14 mile) telephone wire without amplification. 
The German scientist, H. Barkhausen, was eavesdropping 
on Allied telephone conversations during World War I. 
In order to pick up the telephone conversations, he 
inserted two metal probes in the ground some distance 
apart and connected these to the input of a sensitive 
audio amplifier. He was surprised to hear whistling 
tones which lasted for one or two seconds and which 
glided from a high frequency in the audio range to a 


lower frequency where they disappeared into the 
amplifier or background noise level. On occasion, the 
whistlers were so numerous and loud that he could not 
detect any type of telephone. 


Later, three researchers from the Marconi Company 
in England reported in 1928 on the work they had done 
in whistler research. Eckersley, Smith, and Tremellen 
established a positive correlation between whistler 
occurrence and solar activity, and they found that whistlers 
frequently occur in groups preceded by a loud click. 
The time between the click and the whistlers was about 
three seconds. They concluded that there must have been 
two paths of propagation involved; one for the click 
which preceded the whistler, and a second, much longer 
path, over which the whistler and its echoes propagated. 


Eckersley was able to show in 1931 that Earth’s 
magnetic field permits a suitably polarized wave to pass 
completely through the ionosphere. This was in 
accordance with the magneto-ionic theory. Tremellen 
had on one occasion observed that during a summer 
thunderstorm at night every visible flash was followed 
by a whistler. This served as the first definite evidence 
of the relationship between lightning discharges and 
whistlers—the click being the lightning discharged 
which caused the whistler. As the Marconi workers 
continued their research, they also discover a new type 
of atmospheric which sounded somewhat like the 
warbling of birds. Since the sound tended to occur 
most frequently at dawn, they gave it the name dawn 
chorus. 


L.R.O. Storey of Cambridge University began an 
intensive study of whistlers in 1951. He confirmed 
Eckersley’s law which showed that most whistlers 
originate in ordinary lightning discharges, and found the 
path of propagation of the whistler to be along the lines 
of the Earth’s magnetic field. 


Other interesting sounds include “tweeks,” which have 
been described by one listener as a cross between chirping 
birds and a hundred little men hitting iron bars with 
hammers. The ephemeral “dawn chorus,” is a cacophony 
of sounds that resembles nothing else on Earth. 


Tweeks are abrupt descending notes that resemble 
“pings.” They are usually heard at night during the 
winter and early spring. 


The dawn chorus has been variously described as 
sounding like birds at sunrise, a swamp full of frogs, or 


seals barking. In fact, it varies constantly. “Hooks,” 
“risers,” and “hiss” are all part of the dawn chorus, but 
sometimes these sounds are also heard as solitary 
events. A hook starts out like a whistler but then 
abruptly turns into a rising tone. Risers increase in 
frequency from beginning to end. And hiss sounds just 
like its name. Appropriately enough, dawn chorus is 
best heard around dawn, but it may occur at any time of 
the day or night. The dawn chorus is most likely to be 
heard during and shortly after geomagnetic storms. 


A whistler receiver 


You cannot easily buy a radio capable of tuning 1 to 

10 kHz, but it is possible to build a sensitive receiver to 
permit you to hear the sounds of natural radio. We will 
explore what causes these sounds and see how you can 
study them yourself. 


A whistler receiver, even though whistlers and related 
emissions occur at acoustical frequencies, is a receiver 
of radio signals. To hear whistlers, you must intercept 
their electromagnetic energy with an antenna and 
transform it to the mechanical vibrations to which our 
ears respond. 


The “classic” whistler receiving system consists of an 
antenna for signal collection, an amplifier to boost the 
signal level, and headphones or a speaker to transform 
the signal to sound waves. (A magnetic tape recorder 
can be substituted for the headphones or speaker.) 

A whistler receiver can simply be an audio amplifier 
connected to an antenna system. However, powerful 
man-made interference immediately above and below 
the frequencies of interest tend to seriously overload 
receivers of this sort and make reception of whistlers 
and related phenomena difficult. 


To overcome these problems, a good whistler receiver 
circuit includes a circuit called a low-pass filter that 
attenuates all signals above 7 kHz. This greatly reduces 
interference from such sources. To escape interference 
from AC power lines and other forms of non-natural 
radio noise, the receiver is designed for portable operation 
“in the field” away from such interference sources. 


A sensitive dual FET whistler receiver is shown in 
the photo in Figure 14-1, and in the schematic diagram 
in Figure 14-2. The antenna is first fed to an RF filter 
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Figure 14-1 VLF whistler receiver 


which is composed of resistors R1 through R4 and 
capacitors C1 through C3. This filter only allows the 
desired frequencies to be sent to the next section of the 
receiver. The RF filter is next fed to the 60 Hz filter or 
“trap” which filters out 60 Hz power line frequencies 
before the RF signals are amplified. The 60 Hz filter 
can be switched in and out of the circuit with switch 
Sl:a. The dual matched FET transistor Q1 along with 
transistor Q2 are used to amplify the RF signals of the 
desired band of frequencies. The amplified signals are 
then fed to the input of a set of selectable filters which 
can be switched in and out of the circuit. Toggle switch 
S2 1s used to switch in the high-pass filter circuit, while 
switch S3 is used to switch-in the low-pass filter. You 
can select either or both filters if desired. 


The output of the low-pass filter circuit is coupled to 
the final audio amplifier stage via capacitor C17. 
Potentiometer R12 controls the audio level entering the 
LM386 audio amplifier at U1; also note that R12 also 
contains a switch S5, which is used to supply power to 
the LM386 audio amplifier. The output of the LM386 is 
coupled to an audio output jack via capacitor C20. Note 
that capacitor C18 1s coupled to a recorder output jack 
to allow a chart recorder or analog to digital converter 
to be used to monitor and record the output from the 
whistler receiver. The whistler receiver is powered from 
a 9 volt battery for both stationary and field receiving 
applications. 


Building a whistler 
receiver 


Before we start building the Whistler receiver, 

you will need to locate a clean, well lit and well 
ventilated area. A workbench or large table top to 
spread out all you diagrams, components and tools for 
the project. First, you will need a small pencil tipped 

27 to 33 watt soldering iron, a spool of 22 ga. 60/40 
tin/lead solder, and a small jar of “Tip Tinner.” “Tip 
Tinner” is a soldering iron tip cleaner/dresser and is 
available at your local Radio Shack store. You will 

also want to locate a few small tools such as a pair of 
end-cutters, a pair of needle-nose pliers, a pair of tweezers 
and a magnifying glass. Look for a small flat-blade 
screwdriver as well as a small Phillips screwdriver to 
round out your tools for the project. Next locate all the 
components for the Whistler project as well as all of the 
diagrams including the schematic, parts layout diagram 
and the necessary charts and tables and we will begin. 


In order to construct a stable well performing radio 
receiver, it is recommended practice to build the 
Whistler receiver on a printed circuit board, with large 
ground plane areas. You will need to use good RF 
building practices, such as keeping leads as short as 
possible, clean solder joints, etc. With your circuit board 
in hand we will begin building the circuit. 


Take a look at the schematic diagram and you will 
notice that there are dotted or dashed lines. These dashed 
lines represent shielded compartments on the circuit 
board. These shielded areas are used to separate different 
portions of the circuit from one another. You can create a 
shielded area by soldering a vertical piece of scrap 
circuit board material onto the circuit board ground 
plane areas on the circuit board. You could also 
modularize the circuit building three small circuit 
boards, one for the RF filter and “trap” circuit, one for 
the high-pass and low-pass filter, and a third board for 
the audio amplifier and power circuit. Small metal shield 
covers could be built using scrap circuit board material. 


First, you will need to locate the resistors for the 
project, and you will also want to refer to the resistor 
color code chart in Table 14-1, which will help you to 
identify each of the resistors. Resistors generally have 
three or four color bands which are used to denote the 
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Figure 14-2 FET VLF receiver schematic. Courtesy of Eric Vobel 
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Table 14-1 
Resistor color code chart 


Color Band Ist Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 NHN NWN A WO NY a. O 
VOD 0 AT NWN mM BP WO NY KF CO 


Silver 


No color 


resistor’s value. The first color band will be closest to 
one edge of the resistor. The first color band represents 
the first digit of the value. Resistor R1, for example, is a 
10k ohm resistor. Its first color band would be brown (1), 
the second color band would be black (0) and the third 
color band which denotes the resistor’s multiplier value 
would be orange or (000), so 10,000 or ten thousand 
ohms. A fourth color band represents the resistor’s 
tolerance value. The absence of a fourth color band 
denotes a 20% tolerance, while a silver band represents 
a 10% tolerance and a gold denotes a 5% tolerance 
resistor. Use the color code chart to identify resistors 
R1, R2 and R3. When you are confident that you know 
the color codes and can identify these resistors, you can 
go ahead and solder these resistors onto the circuit 
board. Use your end-cutters to cut the excess 
component leads flush to the edge of the circuit board. 
Now locate another grouping of resistors and install 
them to the circuit board, then solder them in place on 
the PC board. Remember to trim the extra component 
lead lengths from the PC board. Install the remaining 
resistors onto the circuit board, until all have been 
mounted to the board, solder them in place and trim the 
leads as necessary. 


Next, we are going to install the capacitors for the 
Whistler receiver. Capacitors come in two major 
types, i.e. electrolytic and non-electrolytic. Generally the 


eno Digit 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


non-electrolytic capacitors are the small types such as 
ceramic disks, mylar or polyester types. These small 
capacitors may have their actual value printed on them, 
or 1f the capacitors are very small may instead have a 
three-digit code printed on them. Refer to the chart in 
Table 14-2, which will help you identify these capacitors. 
A .001 uF capacitor, for example, would have (102) 
marked on the body of the device to denote its value 

of .001 uF. Electrolytic capacitors are generally the 
larger capacitors with polarity marking on them. 

You will find either a black or white color band on them 
or a plus (+) or minus (—) marking on them. Electrolytic 
capacitors have polarity, so this means that you have to 
orient them correctly while installing them in order for 
the circuit to work properly. Reversing electrolytic 
capacitors can often cause the circuit to malfunction, 
and it can destroy the component and/or the circuit 
itself, so be careful when installing them. Refer to the 
schematic and the parts layout diagram when installing 
electrolytic capacitors. 


Let’s begin installing the capacitors now. Try and 
separate the electrolytic capacitors from the other types 
of capacitors. Locate a few of the non-electrolytic 
capacitors, identify them and install a few of the 
capacitors on the circuit board. Go ahead and solder 
these capacitors onto the PC board, once you are sure 
you have correctly identified them. Trim the excess 


Table 14-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 Pf Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 2 Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 6 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


component leads from the PC board. Install a few more 
non-electrolytic capacitors and solder them to the board, 
remember to cut the extra leads from the board. Install 
the remaining non-electrolytic capacitors to the circuit 
board and solder them in place. 


Next, locate the electrolytic capacitors and we will 
install them on the PC board. Refer to the schematic 
and parts layout diagrams to make sure you can orient 
the capacitors correctly before soldering them. Place a 
few electrolytic capacitors on the board and solder them 
in, trim the excess leads as necessary. Add the 
remaining electrolytic capacitors on to the PC board and 
solder them in place. 


The Whistler receiver also has a number of coils in 
the circuit, most of them are low cost and readily 
available from Mouser Electronics, see Appendix. 
Identify the coils for the project and place them in their 
respective locations on the PC board. Now, solder them 
in place and remember to trim the excess component 
leads flush to the edge of the circuit board. 


Looking at the circuit you will notice three transistors, 
more correctly one dual FETs and one conventional 
transistor. Before we go ahead and install the 
semiconductors, take a quick look at the semiconductor 
pin-out diagram shown in Figure 14-3. The FETs are 
very sensitive to static electricity damage, so be 
extremely careful when handling them, use a grounded 
anti-static wrist-band. The FETs have three leads much 
like a regular transistor but their pin-outs are a bit 
different. An FET will usually have a Drain, Source and 
Gate lead; see pin-out diagram for each particular FET, 
when installing them on the PC board. The conventional 
transistor at Q2 is a PNP type which has a Base, Collector 
and Emitter lead, once again refer to the transistor 
pin-out diagram, the schematic and parts layout 


LM386 
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MPSA56 
NTE159 


Figure 14-3 Semiconductor pin-outs 


diagrams when installing the transistor and FET. 
Installing the FET and transistor incorrectly will prevent 
the circuit from working correctly and may damage the 
component as well, so be careful when installing the 
FET and transistor. 


The receiver has a single integrated circuit at U1, an 
LM386 audio amplifier IC. As an insurance policy 
against a possible circuit failure in the present or 
possible future date, it is recommended that you use an 
integrated circuit socket. Integrated circuit sockets will 
usually have a notch or cut-out at one end of the socket; 
this is supposed to represent pin 1 of the IC socket. You 
will have to align the socket correctly so that pin 2 of 
the IC socket connects to the ground bus. Note that 
pin 1 is not used in this application. When installing the 
IC into the socket, you will note that the IC itself will 
have either a small indented circle, a cut-out or a notch 
at one end of the plastic IC body. Pin 1 of the IC is just 
to the left of the notch. Insert the IC into the socket 
making sure pin of the IC is aligned with pin of the 
socket. 


Take a short break and when we return we will check 
over the printed circuit board for “cold” solder joints 
and possible “short” circuits. Pick up the PC board with 
the foil side facing upwards toward you. First we will 
inspect the PC board for possible “cold” solder joints. 
Take a look at all of the solder joints. All the solder joints 
should appear to look clean, shiny and bright, with well 
formed solder connections. If any of the solder joints 
appear dull, dark or “blobby,” then you should un-solder 
and remove the solder from the joint and re-solder the 
joint all over again, so that it looks good. Next, we will 
inspect the PC board for possible “short” circuits. “Short” 
circuits can be caused by small solder balls or blobs 
which stick to the underside of the board. Many times 
rosin core solder leaves a sticky residue on the PC 
board. Sometimes “stray” component leads will 
adhere to the underside of the board and often they can 
form a bridge across the PC traces on the PC board 
causing a “short” circuit, which can damage the circuit 
upon power-up, so be careful to remove any 
component leads or solder blobs from the underside of 
the board. 


The VLF Whistler receiver was housed in a metal 
chassis box to prevent “stray” RF from affecting the 
circuit operation. The main circuit board can be 
mounted to the bottom of the enclosure with !/s” 


plastic standoffs. The 60 Hz “trap” filter switch, the 
high-pass filter and low-pass filter switches, along with 
the power on-off switch, were mounted on the front 
panel of the chassis box. The headphone power 
amplifier power switch, the headphone jack and volume 
control at R13 were also mounted on the front panel of 
the chassis box. The SO-238 antenna jack, the !/s” 
record jack and the ground binding post were all 
mounted on the rear panel of the chassis box. A 9 volt 
battery holder was used to secure the battery to the left 
rear corner of the chassis box. Once the circuit has been 
mounted in the selected chassis, you can move on to 
applying power and testing the VLF receiver. Connect a 
fresh 9 volt battery to the VLF receiver, connect a pair 
of headphones and a whip antenna to the antenna 
terminals. Turn the power switch to the “ON” position 
and you should hear a hissing sound from the 
headphones. If the receiver 1s totally quiet and you hear 
nothing, you have a problem! First, you will need to 
disconnect the battery, the headphones and the antenna, 
and you will need to carefully examine the circuit 
board. The most common cause for circuit failure 1s 
improper installation of electrolytic capacitors and 
diodes. Remember that these components have polarity 
and it must be observed for the circuit to work correctly. 
Look over the circuit very carefully. It is often advisable 
to have a second pair of eyes. Have a knowledgeable 
electronics friend help you examine the circuit board for 
mistakes. Another cause for possible errors are the 
incorrect placement of resistors. Often colors are 
mistaken and resistors are installed in the wrong 
location. Another possible problem can be the 
installation of the semiconductors, namely in this circuit 
the transistors or FETs. Check the manufacturer’s pin-out 
diagrams for the particular device and carefully 
re-examine the installation. Hopefully at this point you 
have found your error and corrected it and you can then 
re-connect the battery, antenna and headphones and 
re-test the VLF receiver to make sure it is now working. 


Using your VLF receiver 


The whistler receiver works best out doors in open 
areas, with a vertical antenna of roughly 3 to 12 feet in 
height. It can also be used in wooded or obstructed 
areas with wire antennas between roughly 50 to 200 feet 


in length connected instead of the vertical antenna. Wire 
antennas should be insulated and supported off the 
ground as high as you can place them. The performance 
of a wire antenna improves the more you can get it in 
the clear and the more vertically it can be positioned. If 
you do use a wire antenna, you may have to reduce the 
value of the input resistor R1 for best results. 


The whistler receiver also needs a ground connection, 
also called a counterpoise. A simple but often effective 
ground can be provided by your body in contact with 
the ground terminal (BP2). I have used an improvised 
finger ring attached to a wire connected to the ground 
terminal. Other places to make a ground connection 
include car bodies, wire fences, or other large metal 
objects not connected in any way to an AC power 
circuit. Another approach is to use short sections of 
copper tubing as ground stakes which can be driven 
into the ground and connected to your receiver. Try 
several different grounding schemes to see which one 
provides the quietest reception. Don’t be too surprised, 
however, to discover that you wind up having to still 
make body contact with the ground terminal for quietest 
reception! 


The prototype receiver, with a whip antenna, was 
mounted on a piece of wood approximately 2” x 60”. 
You can install the antenna at one end of the long 
rectangular piece of wood (1t can be mounted on a 
bracket or just taped on) and the receiver can be 
mounted at the other end of the piece of wood, about 
one foot down from the antenna using duct tape, two- 
sided foam tape or a mounting bracket. A length of wire 
was run from the receiver’s ground terminal down the 
wood and taped in place at several places. Now I had a 
handy walking stick that was easy to carry and use! 

The base can be stuck into any convenient hole, jammed 
into a rock pile, clamped onto a fence or vehicle, or 
even held by hand. 


For the best chance of hearing whistlers and related 
phenomena, you will have to put some distance between 
the whistler receiver and the AC power grid. The bare 
minimum distance is about one quarter mile from any 
AC power line; the more distance you can put between 
the receiver and AC power lines, the better. You’ Il need 
to do some exploration to discover quiet sites near you. 
Once you atrive at a potential listening site, set up your 
receiver, put in a ground connection, and see what 
happens. What you will hear depends to some extent 


on the time of day, but you can always expect some 
sharp, crackling static. The intensity and volume of this 
static will depend on propagation conditions and where 
thunderstorms are in relation to your location. Chances 
are that you”1l also hear some power line hum, but 
hopefully it won't be very loud. If your listening site is 
too noisy, you need to try another listening site. 


If your ears have good high frequency response, you 
will probably hear a continuing sequence of one-second 
tones. These are from the OMEGA radio-navigation 
system. OMEGA is transmitted from 10 to 14 kHz, and 
OMEGA transmitters are very powerful. You may also 
hear anything that can produce an electrostatic discharge, 
particularly if the humidity is low. These miscellaneous 
noise sources can include wind noise, the buzz of insects 
flying near the antenna, dry leaves or grass moving, and 
even the electrostatic charges that build up on your 
clothing. Passing vehicles will often produce noise from 


Table 14-3 

Very low frequency radio stations 
Site ID 
Cutler, ME NAA 
Jim Creek, WA NLK 
Lualualei, HI NPM 
LaMoure, ND NML4 
Aquada, Puerto Rico NAU 
Keflavik, Iceland NRK 
Niscemi, Italy 

Harold E. Holt, Australia NWC 
Rhauderfehn, Germany 

Rosnay, France HWU 
St. Assie, France FTA 
Bombay, India 

Tavolara, Italy ICV 
Ebino Huyshu, Japan 

Noviken, Norway JXN 
Arkhanghelsk, Russia UGE 
Batumi, Russia UVA 
Kaliningrad, Russia UGKZ 
Matotchkinchar, Russia UFQE 
Vladivostok, Russia UIK 
Anthorn, United Kingdom GQD 


their electrical and ignition systems. And if you have a 
digital watch, keep it away from the antenna or you'll 
be listening to it instead of whistlers! 


Anything you hear other than whistlers and 
related phenomena or OMEGA signals are likely to be 
the result of extraneous signals “overloading” your 
receiver. Burbling sounds (possibly mixed with OMEGA 
tones) are caused by military signals in the 15 to 30 kHz 
range, perhaps overloading the receiver. A “ticking” 
sound at a 10 Hz rate is from Loran-C radio-navigation 
signals at 100 kHz. In general, don’t be surprised if you 
experience “overloading” from transmitters operating 
on any frequency if they are within sight of the 
location where you’re using your whistler receiver! 
Table 14-3 illustrates some very low frequency stations 
around the world that broadcast low frequency signals, 
these signals are located at the upper edge of the VLF 
receiver’s range. 


Frequency kHz Power KW 

24.0 1000 

24.8 250 

21.4 566 

25.2 

40.75 100 

37.5 100 

39.9 25 

19.8 1000 

18.5 500 

15.1 400 

16.8 23 

15.1 

20.27 43 

23.4 

16.4 45 

19.4 150* input pwr 

14.6 100* input pwr 

30.3 100* input pwr 

18.1 100* input pwr 

15.0 100* input pwr 
O19 42 


Time of listening 


Most of the VLF signals, such as clicks, pops, and tweeks, 
can be heard almost at any time of the day or night. 
Whistler occurrence is a function of both thunderstorm 
occurrence and propagation conditions through the 
ionosphere. The rate is higher at night than during the 
day because of the diurnal variation in the D-region 
absorption, which is highest when the Sun is above the 
horizon. At night, the D-layer does not exist since it is 
ionized by solar ultraviolet rays. The whistler rate, or 
the number of whistlers heard per minute, has a marked 
dependence on sunspot activity, the rate increasing with 
the sunspot number. Whistlers are heard only when 
sufficient ionization exists along the path to guide the 
waves along the Earth’s magnetic field. This ionization 
is assumed to be supplied from the Sun during a solar. 
To hear a whistler or other signals such as dawn chorus, 
you will no doubt have to get away from the power 

line and industrial noise. The listening time for these 
signals will be from near local midnight to early 


morning hours. 


Observing and 
recording hints 


Remember the best location to observe VLF signals is 
out in the countryside, in an area where few cars or 
trucks are likely to pass. You will want to get as far 
away from power lines as possible for optimum results. 
The lower the power line noise is, the stronger the VLF 


emission signals will be. 


Some whistlers are related phenomena and so 
short-lived and impossible to predict that you might 
want to consider using a tape recorder to record the 
signals in the field unattended. Take a portable, 
battery-operated, cassette tape recorder with you and 
use a long audio cable to run to the tape recorder from 
the audio output of the VLF receiver. Any tape recorder 
with an external microphone input can be used. Best 
results are obtained with a recorder which has no ALC 
or automatic level control. The VLF receiver shown has 
an output jack which can be coupled to a recorder input 
for field recording. You may have to place the tape 


recorder away from the receiver to avoid picking up 
motor noise. 


After returning home with your recording, if your 
receiver was out in the field, you can “play” your 
recording back into the sound card of your personal 
computer using an FFT or DSP sound recording program 
to analyze the recording. For those who are going to use 
their whistler receiver as a stationary receiver at home, 
you could use your PC to record on a continuous basis. 
Audio recording and FFT programs are available on the 
Internet for free. Good luck and happy exploring! 


Additional notes 


You can view spectrograms of whistlers as well as hear 
excellent recordings of many more whistlers than 
we used in generating the audio clip for this article, 
courtesy of NASA: http://image.gsfc.nasa.gov/ 
poetry/inspire/advanced.html 


A free Fast Fourier Transform (FFT) Waveform 
Analyzer program and an Audio Waveform 
Generator program can be downloaded for use on 
your own computer at: 

FFT discussion: 
http://www.dataq.com/applicat/articles/an11.htm 


Some US Government agencies doing whistler 
research are: 

NASA’s Godard Space Flight center invites participation 
in a program called “INSPIRE” (an acronym for 
Interactive NASA Space Physics Ionosphere Radio 
Experiments) http://image. gsfc/poetry/inspire 


NOAA: http://ngdc.noaa.gov/stp/stp.html 
http://www.ngdc.noaa.gov/stp/stp.htm 
gopher://proton.sec.noaa.gov 


Some of the university labs involved with 
whistlers are: 
University of Alaska Geological Institute 
University of Iowa: http://www-w.physics.uiowa.edu/ 
~/\sp/polar/sounds/whistlers.html 
Stanford University: http://www.stanford.edu/-vlf/ 
Science/Science.html 
[An excellent site, but I could only access it via the 
“Google” search engine] 
UCLA: http://www. physics.edu/plasma- 
exp/Research/TransportWhistlers 
Kyoto University, Kyoto, Japan 


Induction Loop Receiving System 


Parts list 
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Induction Loop 


Transmitter I 


TX Mono amplifier or 
receiver - 5-10 watts 


GUCHUE 
R1 10 ohm 10 watt 


10% resistor 


BL LoG- Corr Around 


room (see text) 


Induction Loop 
Transmitter II 


RL 10k ohm 
potentiometer chassis 


mount 


R2 220 ohm */ watt 
resistor, 5% 


(red-red-brown) 
R3- 22k ohi: 4h watt, 


5% resistor 
( 


red-red-gold) 


R4 1 ohm +5 watt, 
5% resistor 
(brown-black-gold) 


Ro: 0 cohm: LO watt, 


10% resistor 


Cl TO ür, 25 Volt 


electrolytic capacitor 
Ceo TOD AE? 30 MOLE 
poly Capacitor 
Co. 100" LES 30 Volt 


electrolytic. capacitor 


C4 470 UF, 35 volt 


electrolytic capacitor 


C6 2200 HF, 35 volt 


electrolytic capacitor 


Ul PDAZOO2 7 3: 6- tO 
10 watt audio 


amplifier module 
HS heatsink for Ul 
L1 loop coil (see text) 


Misc PC board, wire, 


hardware, chassis, etc. 


Induction Loop 
Receiver 


Rl 1 megohm 44 watt, 


5% resistor 


R2 10k ohm */ watt, 


5% resistor 


R3 1000 ohm 


potentiometer (tone) 


R4 470 ohm 4 watt, 


5% resistor 


RS. TOK “ohm 


potentiometer (volume) 


R6 10. ohm; + watt, 


5% resistor 
CL -39 Ey. 35. VOLT 


mylar capacitor 


C2 1 uF, 35 volt 


electrolytic capacitor 


EST? UE, 35. volt 


disk capacitor 
C4 Aer TE, 39 VELE 
poly «capacitor 


C5 10 UF, 35 volt 


electrolytic capacitor 


C6 220 HF, 35 volt 


electrolytic capacitor 


Ol BC548: transistor 


U1 LM386 audio 
amplifier IC 


EL ¿600 -Eurns. on a 
9 x 70 mm ferrite rod 


(see text) 
S1 SPST on-off switch 


B1 -OvoeLE: transistor 


radio battery 
PH 8 ohm headphones 


Misc PC board, wire, 
1%” phone jacks, 


battery clip, case 


Induction loop technology has been around for many 
years, for use with the hearing impaired. Induction loop 
communication systems were originally designed to 
provide assistance in the school classrooms for the deaf, 
but today induction loop communications technology is 
now used for many other applications, such as museum 
displays, theater communications, mine and cave 
communication systems, and signal tracing. Induction 
loop systems have been installed in churches, public 
halls and auditoriums, schools, lecture halls, cinemas, 
service counter windows, drive-thru order and pick up 
windows, information kiosks, offices, airports, train 
stations, parks, tour and guide buses, automobiles, 
boats, riding academies, and homes. 


Induction loop amplification operates on the basic 
principle of electronics called magnetic induction. 
When an electrical current is amplified and passes 
through a loop of wire, a magnetic field 1s generated 
around the wire. The field varies in direct proportion to 
the strength and frequency of the signal being 
transmitted. When another wire is placed close to the 
field of the first wire, an identical electrical current is 
induced within it. The second current can be amplified 
and converted into an exact duplicate of the original 
sound signal. 


In technical language, a current is said to be 
“induced” in the second wire. Hence the term 
“induction.” In an induction loop system, the induction 
loop coil in the transmitter sends an electromagnetic 
signal, which is “induced” to the receiver’s induction 
loop coil in the receiving unit. An Induction Loop 
System consists of an amplifier and a loop, the amplifier 


is connected to a sound source such as a TV, a radio, a 
public address system or a dedicated microphone. It 
then amplifies this sound signal and sends it out, in the 
form of an alternating current, through the loop. The 
loop itself consists of insulated wire, one turn of which 
is placed around the perimeter of the room in a simple 
loop system. When the alternating current from the 
amplifier flows through the loop, a magnetic field is 
created within the room. The magnetic field “induces” 
the signal into the Induction loop coil in the induction 


receiver unit. 


In the portable induction receiver, the induction coil 
picks up the induced signal from the transmitting loop 
coil. The fluctuations in the magnetic field are converted 
into alternating currents once more. These are in turn 
amplified and converted by the induction loop receiver 
into sound. The magnetic field within the loop area is 
strong enough to allow the person with the hearing aid 
or Induction Loop Receiver to move around freely in 
the room and still receive the sound at a comfortable 
listening level. 


Many modern day hearing aids incorporate a 
telecoil into the hearing device. So if a hearing aid user 
switches to the T or MT position on their hearing aid, 
the telecoil in the hearing aid picks up the induced 
signal from an induction loop transmitter and amplifies 
the signal for the hearing aid user to hear. This 1s a 
convenient feature for hearing aid users, in classrooms, 
churches, and museums with induction coil 


transmitters. 


The listener can receive an audio signal without being 
physically or electrically connected to the loop, so in 
effect induction loop transmission is a form of wireless 
telephony. The listener receives the sound in one of two 
ways; either through the use of the T-coil or telephone 
switch on a hearing aid instrument or through an 
induction receiver that can work with earphone, which 
we will discuss in our project. 


The basic induction loop system consists of a 
“transmitter” section and a “receiver” section, as shown 
in Figure 15-1. The “transmitter” section consists of a 
microphone or signal source, an audio amplifier to 
boost the signal, and a large loop or wire around the 
room or listening area. The “receiver” section 
consists of a smaller loop coil, an audio amplifier 
which boost the incoming audio and a pair of 
headphones. 
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Figure 15-1 


“Transmitter” loop unit 


You can easily build your own induction loop 
communication system. First we will begin by 
describing the “transmitter” section of the system, as 
shown in Figure 15-2. In 1ts simplest form an induction 
loop “transmitter” can consist of a mono or stereo Hi-Fi 
receiver, a resistor and a large loop coil placed around 
the perimeter of a house, room, or your easy chair. If 
you have a stereo receiver with a speaker output A-B 
switch, you can select the (B) output for your induction 
loop system. You would place an 8 ohm, 10 watt 
resistor across the output of the left channel”s output 
and then place an 8 ohm, 10 watt resistor in series with 
a large loop coil as shown. When you wanted to use the 
induction loop system, you would switch to the (B) 
speaker output; it’s that simple. 


5-18 watt 
audio amplifier 


or 
stereo receiver 
1-channel 


Figure 15-2 Induction loop transmitter I 
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Induction loop communications system block diagram 


If you wanted to construct your own amplifier 
specifically for an induction loop audio system, you 
could utilize the 6 to 10 watt audio amplifier shown in 
Figure 15-3. In order to drive an induction loop, you 
would need an amplifier with at least about 5 watts of 
power or more to have a workable system. The 
amplifier shown in this diagram would work just fine 
for driving a large loop coil. An audio input signal is fed 
into the audio input section at the point marked (A) on 
the schematic. Your audio source could be adjusted via 
the potentiometer at R1. Note, that you may need an 
additional pre-amp ahead of the amplifier if you use a 
low output microphone. You can feed a radio or TV 
signal directly into the potentiometer at R1 to drive the 
induction loop “transmitter.” The audio amplifier 
module shown is an 8 watt National Semiconductor 
LM2002 module, but you could also use a higher power 
module such as their LM2005. The output of the audio 
amplifier is wired in series with an 8 to 10 ohm, 10 watt 


L1 


Loop coil 


Figure 15-3 Induction loop transmitter II 


resistor in order to drive the coil. This resistor also 
protects the output of the audio amplifier. 


The inductive loop is a winding of wire through 
which an audio signal passes, which creates a field 
within which the audio signal can be detected by 
appropriate equipment, either a telecoil in a hearing aid 
or an induction loop receiver. The loop coil is basically a 
simple 4 or 5 turn loop placed around the room fed from 
an audio amplifier. The loop then converts the sound to a 
magnetic field that can be received by a second loop coil 
and amplified. Note that more turns in the transmission 
coil result in a stronger transmitted signal. The loop 
should have a DC impedance of at least 8 ohms, or you 
can add a resistor in series with the coil to reach 8 ohms. 


Pick a path around the room on the ceiling, or under 
the carpet. A room measuring 15’ x 20’ will have a 
perimeter of 70’, which will require a minimum of four 
complete turns of 22 gauge wire, six turns of 20 gauge 
wire, or nine turns of 18 gauge wire. Pick a path around 
the room near the ceiling, and wind (or hang) your 
“coil,” or loop, starting and ending at the amplifier. If 
the back of your amplifier says something like “8 ohms 
minimum,” double the required wire length (load). Buy 
120% of the wire you’ll need to ensure that you can 
complete the loop. You should add a power resistor to 
ensure an appropriate load and reduce wire length, but 
the amplifier output will be divided between the loop 
and the resistor, proportionately, which means less 
radiated energy. This solution requires a lot of energy 
so try not to compromise. If required, get 4 ohms 


L1 


+6-12 V DC 
Q 


R5 
Loop coil 


at 10 watt minimum. There’s another and simpler 
approach: I have a coil built into my favorite chair. It’s 
only 18” in diameter, but includes 120’ of 28 gauge wire 
(0.071 ohms per foot). That's about 25 turns of that 
relatively thin wire. 


Another approach to constructing a large loop is to 
take a long length of 25 pair telephone cable “Inside 
Wire’ that’s long enough to go around the perimeter of a 
room. Then get a 66 block (or some other kind of punch 
down block) and punch down the wires so they connect 
in a multiple turn loop. In this way you can add or 
subtract turns as you wish if you need that later. You 
could tack this “telephone” cable to the ceiling of the 
basement underneath the room you choose. 


Connect either end of the loop coil wire to 
the plus (+) or red terminal and the other end to the 
minus (—) black terminal, on the audio amplifier’s 
speaker terminals. Most amplifiers or stereo receivers 
have SPEAKER A and B switches; put your coil circuit 
on the unused output (B). Remember to place an 8 to 
10 ohm, 10 watt resistor in series with the speaker 
output and the coil loop windings. 


“Receiver” loop unit 


The induction loop receiver, shown in the photo 
Figure 15-4 and the schematic diagram in Figure 15-5, 
1s very sensitive and can be the basis for a monaural 


induction loop wireless headphone system. The 
induction coil receiver is used inside the area of 
transmission loop. The receiver coil at L1 consists of 
800 turns of #26 ga. enamel wire wound on a 

9 x 70 mm ferrite core. 


Another approach to constructing a small loop coil 
for your inductive loop receiving coil is to obtain a 
“telephone pickup coil” if available or a suitable coil 
from some other device. The coil in the prototype was 
salvaged from a surplus 24 volt relay. Actually, two 
relays were needed since the first was destroyed in the 
attempt to remove the surrounding metal so that a single 
solenoid remained. Epoxy putty was used to secure the 
thin wires and the whole operation was a bit of a 
challenge. A reed relay coil will give reduced sensitivity 
but would be much easier to use. The experimentally 
inclined might try increasing the inductance of a reed 
relay by replacing the reed switch with soft iron. Avoid 
shielded inductors or inductors with iron pole pieces 
designed to concentrate the magnetic field in a small 
area or confine it completely (as in a relay or 
transformer) unless you can remove the iron. The 
resulting coil should be a simple solenoid like wire 
wrapped around a nail. Don’t try to wind your own—it 
takes too many turns. Evaluate several coils simply by 
listening. Coils with too little inductance will sound 
“tinny” with poor low frequency response, and other 
coils will sound muffled, especially larger iron core 
coils. This prototype was tested with a large 100 mH air 


Figure 15-4 Induction receiver 


core coil with superb results but the 2” diameter was 
just too big for this application. The induction receiver 
develops a 1-2 mV signal across its internal coil from 
the fluctuating magnetic field. Transistor Q1 provides 
pre-amplification to drive a headphone amplifier. The 
tone at R3 control varies the amount of gain in the high 
frequencies. Capacitors Cl and C2 block AC hum 

(C2 also blocks DC to the amplifier input). C3 functions 
as a low-pass filter to prevent oscillation. The output of 
the volume control at R5 is fed to the input of an LM 
386 audio amplifier IC. In this configuration the 
amplifier has a gain of 200. Capacitor C7 and R6 form 
the output “boost” circuit which drives the output to the 
speaker through C6. The output of the LM385 at pin is 
used to drive an 8 ohm headphone. The induction loop 
receiver circuit can be powered from a 9 volt DC power 
supplies or batteries. 


Are you ready to begin constructing the induction 
receiver circuit? First you will need to locate a clean, 
well lit work table or work bench. You will want a 
large table so you can spread out all the components, 
the diagrams and tools that you will need to build the 
project. Next you will need to locate a small pencil 
tipped 27 to 33 watt soldering iron and some 
60/40 tin/lead rosin core solder for the project. 

Try and locate a small container of “Tip Tinner,” a 
soldering iron tip cleaner/dresser which conditions the 
soldering iron tip; this is available from your local 
Radio Shack store. You should also locate a 

few small hand tools such as a pair of end-cutters, 

a pair of needle-nose pliers, a pair of tweezers, 

a small flat-blade and a Phillips screwdriver and a 
magnifying glass. 


The induction loop receiver prototype was 
constructed on a small glass-epoxy circuit board which 
measured 214” x 3”. A circuit board makes for a more 
reliable and professional circuit. Place all the diagrams 
in front of you on the work table along with all of the 
components for the induction loop receiver and we will 
begin building the project. 

The induction loop receiver project contains about 
four resistors and two potentiometers. Locate the 
resistors using the color chart in Table 15-1, this will 
help you identify each of the resistors. Place the 
resistors into their respective locations on the circuit 
board, then solder them in place on the PC board. 
Locate your end-cutters and trim the excess component 
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Figure 15-5 Induction loop receiver schematic 


leads, by cutting them flush to the edge of the circuit 
board. Potentiometer R3 is a CP board mounted type, 
you can go ahead and install it on the board and then 
solder it in place; you can remove any excess leads if 
necessary. 


Next we are going to move to installing the capacitors 
for the project. There a two distinct types of capacitors— 
small ceramic, mylar or polyester capacitors and larger 
electrolytic types. The small capacitors will most likely 
have a three-digit code stamped on them and not their 
actual value, since often the capacitor body is 
very small. Refer to the chart shown in Table 15-2, 
which illustrates the capacitor codes. You can search 
through the parts pile and try and identify the capacitors 
against the code chart and place the correct value into its 
respective location on the circuit board. After all of the 
small capacitors have been placed on the PC board, you 
can solder them in place. Remember to cut the excess 
leads from the components. Now, locate the larger 


electrolytic capacitors and place them in front of you and 


determine where they will go on the circuit board. Once 
you are certain where the capacitors should be placed on 
the board, you should take another look to make sure 
that you have installed the capacitors correctly with 
respect to its polarity. If an electrolytic capacitor is not 


C6 


R6 
Phones 


installed correctly the circuit will not work properly and 
may be damaged upon power-up. So you will want to 
install them correctly the first time through. 


Note, there are a number of capacitors in this 
project, and in looking over the schematic, you will 
notice that a few of the capacitors will have polarity 
marking on them. These capacitors are electrolytic 
types and you must observe the polarity when installing 
them on the circuit board in order for the circuit to 
work properly. Electrolytic capacitors will have either a 
white or black band at one side of the capacitor body or 
they may be marked with a plus (+) or minus (—) 
marking on the capacitor body and this denotes the 
polarity. Refer to the schematic and parts layout 
diagrams when installing electrolytic capacitors in order 
to install them correctly with respect to their polarity 
markings. 


Before we go ahead and install the semiconductors, 
take a brief look at the diagram depicted in Figure 15-6. 
The semiconductor pin-out diagrams will help you 
orient the semiconductors when building the induction 
receiver. The induction loop receiver also incorporates 
one transistor at Q1 which is connected to R1/R2 and 
R4 and C2. Transistors generally have three leads 
protruding from the bottom of the body. A Base lead, 


Table 15-1 
Resistor color code chart 


Color Band Ist Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 WD On A WO NY KF O&O 
VOD 0 0 On A WOW NY KF O 


Silver 


No color 


a Collector lead and and an Emitter lead. Referring to 
the schematic you will note that the vertical line on the 
transistor symbol is the Base lead, while the Collector 
lead is connected to the junction of R1 and R2. 

The Emitter lead has the small arrow pointing 
downwards which connects to the junction of C2 and 
R4. Refer to the actual transistor pin-out diagram to 
see where each lead exits the transistor case. Generally 
small plastic TO-92 transistor case bodies will have all 
three leads in-a-row with the Emitter at one end, the 
Base lead in the center, and the Collector lead at the 
opposite end of the device. 


The induction loop receiver has one integrated circuit 
at U1, this is an LM386 audio amplifier chip, which has 
eight leads in a dual in-line package. Prior to installing 
the IC, you should install a good quality IC socket. An 
IC socket is good insurance in the event of a possible 
circuit failure at some point in time. Since most people 
cannot successfully un-solder an integrated circuit 
without damaging the PC board, an IC socket makes 
good sense. Place the IC socket on the circuit board and 
solder it in place on the PC board. Locate the LM386 
and take a look at the chip. You will note that the IC 
package will have either a cut-out, a notch or small 
indented circle at one end of the IC package. Pin 1 of 
the IC will be just to the left of the notch or cut-out. 


end Digit 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


Orient the IC correctly into the socket, while referring 
to the schematic and layout diagrams. Place the IC into 
the socket. 


The receiver loop coil at L1 can be either the 
800 turn coil wound on a plastic form, an old “high” 
impedance relay, or one of the black plastic suction 
cup-telephone pickup devices. Solder the coil in place 
between the circuit ground and the capacitor at Cl. You 
could also elect to use a second 1/3” phone jack to allow 
the coil to be plugged into the circuit using a 6” to 
8” length of coax cable. 


The volume control used for the prototype was a 
chassis mounted miniature 10k ohm potentiometer. 
We used a mini 1/s” PC style phone jack on the 
circuit board at the output of the audio amplifier at C6; 
this will allow you to plug in a headphone for 


listening. 


Take a short well deserved rest and when we return 
we will check the circuit board for possible “short” 
circuits and “cold” solder joints. Pickup the circuit 
board with the foil side of the circuit board facing 
upwards toward you. Look the circuit board over 
carefully to see if there are any “cold” solder joints. The 
solder joints should look clean, smooth and shiny. If any 
of the solder joints look dull, or “blobby,” then you 


Table 15-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 


shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 


capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 


The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 


followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value 

1.5 pF Ceramic 1,000 pF /.001 uF 
3.3 pF Ceramic 1,500 pF /.0015 uF 
10 pF Ceramic 2,000 pF /.002 uF 
15 pF Ceramic 2,200 pF /.0022 uF 
20 pF Ceramic 4,700 pF /.0047 uF 
30 pF Ceramic 5,000 pF /.005 uF 
33 pF Ceramic 5,600 pF /.0056 uF 
47 pF Ceramic 6,800 pF /.0068 uF 
56 pF Ceramic .01 

68 pF Ceramic .015 

75 pF Ceramic .02 

82 pF Ceramic .022 

91 pF Ceramic .033 

100 pF Ceramic 101 .047 

120 pF Ceramic 121 .O5 

130 pF Ceramic 131 .056 

150 pF Ceramic 151 .068 

180 pF Ceramic 181 1 

220 pF Ceramic 221 2 

330 pF Ceramic 331 22 

470 pF Ceramic 471 33 

560 pF Ceramic 561 .47 

680 pF Ceramic 681 .56 

750 pF Ceramic 751 1 

820 pF Ceramic 821 2 


Type 


Ceramic / Mylar 
Ceramic / Mylar 
Ceramic / Mylar 
Ceramic / Mylar 
Ceramic / Mylar 
Ceramic / Mylar 
Ceramic / Mylar 
Ceramic / Mylar 
Ceramic / Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 
Mylar 


Code 


102 
152 
202 
222 
472 
502 
562 
682 
103 


203 
223 
333 
473 
503 
563 
683 
104 
204 
224 
334 
474 
564 
105 
205 


LM386 


ES 


BC548 
NTE123AP 


LM2002 


Figure 15-6 Semiconductor pin-outs 


should remove the solder from the joint and re-solder 
the connection point over again until it looks good. Next 
we will inspect the PC board for any possible “short” 
circuits which may be the result of “stray” component 
leads which may have stuck to the foil side of the PC 
board. These “stray” components leads often “stick” to 
the board by solder residue. Solder blobs are often a 
cause of “short” circuits, so look the board over 
carefully for any solder blobs as well. Once the circuit 
board has been inspected, we can move on to installing 
the circuit board into a case or enclosure. 


We mounted the induction loop receiver in a 3” x 6” 
by 112” metal chassis box. We placed one 1” jack at 
the rear of the case for coil L1, then we placed the 
second !/4” phone jack, power on-off switch and volume 
control on the front side of the chassis box. Locate a 
9 volt battery clip and solder the black or minus (—) lead 
to the circuit ground. Next you will want to wire the red 
or positive (+) battery clip in series with the On-Off 
switch to the two power junction points on the PC 
board, one at R2 and the other at pin 6 of the LM386 
IC. Once the circuit is inside the enclosure, you can 
begin testing the induction loop system. First you will 
want to make sure that the “transmitter” portion of the 
system is up and running. If you elected to use an 
existing stereo receiver or amplifier, make sure that the 
large coil is connected through a series resistor to the 
speaker terminals of the amplifier. Set the receiver or 
amplifier to MONO. If you elected to build your own 
audio amplifier to drive the large loop, again connect up 
the coil via an 8 ohm 10 watt series resistor. Once the 


“transmitter” is ready, with your music or audio source 
connected, we can move on to testing the induction loop 


receiver. 


Switch the induction receiver to the “On” position. 
When you first turn on the unit you will probably hear a 
lot of buzzing from the wiring in the room. Rotate the 
receiver in a horizontal plane to find a “null” where the 
hum is minimal. If you can get a reasonable null, you 
should be able to hear the source material from the 
“transmitter” loop or at least some hum coming from 
the earphone. If your “transmitter” loop 1s “broadcasting” 
then you should hear the source music or speech on the 
headphone of your induction loop receiver. If all goes 
well, both your transmitter and receiver section will be 
working and you will be hearing the source material in 
your remote headphones. 


In the event that the induction receiver does not work 
when first power-up, you will have to remove the 
battery and carefully examine the circuit board for any 
errors. The most common cause for failure are improper 
placement of resistors, electrolytic capacitors and diodes 
installed backwards, and semiconductors such as 
transistors installed incorrectly. Have a knowledgeable 
electronics friend provide a second pair-of-eyes to help 
you examine the circuit for errors. It is very easy to 
miss a problem since, as the builder, you will continue 
to see the same circuit, the same way over and over. 
Once the error has been found and corrected, you can 
re-connect the battery and test the circuit once 


again. 


As mentioned earlier, you can use the system for 
hard of hearing people, for museum displays and 
demonstrations, for theater personnel, late night TV 
listening, etc. You could wind a transmitter loop around 
your easy chair and use the system to “broadcast” TV 
sound to your earphones for late night listening. This is 
a great Boy Scout project for helping old folks 
who live in nursing homes to better enjoy TV, radio and 
music. 


You can also use the induction loop receiver by itself 
without the transmitter loop, to trace power wires 
behind a wall or ceiling by listening for a sharp increase 
in hum as the coil passes near the wire. Make sure that 
current is flowing in the wires to be traced by turning 
on a lamp or other appliance. Other wires can be traced 
if they are carrying alternating current in the audio 


range or a signal generator can be connected to 
produce the current. Connect the generator to the wire 
to be traced and connect the generator’s “ground” 

to the house wiring ground. Also ground the far end of 
the wire you are tracing so that current flows in 


the wire. This ground connection can also just be a 
temporary wire laying on the floor running from the 
generator ground to the far end of the wire you wish to 
trace. Have fun using your new induction loop 


receiver! 


Parts list 
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Lightning Storm 


Lightning Storm Monitor 
Rl 47kohm ‘Aw, 
5% resistor 
R2,R4,R7 10kohm /w, 
5% resistor 


R3 5.6kohm Ww, 


5% resistor 


R5 470kohm iwy 


5% resistor 


R6,R10,R11 22kohm w, 


5% resistor 


R8 390o0hm Yw, 


5% resistor 


R9 4000megohm or 


greater (see text) 


R12. 220k-ohm. Vw? 


5% resistor 


R13 Imegohm /w, 


5% resistor 


R14 100kohm yw, 


% resistor 
R15 100hm 
VRL 500kohm 


potentiometer 


(chassis mount) 


VEZ; VRQ 


potentiometer 


1 megohm 


(trimmer) 


VR3 3kohm 
potentiometer 


(trimmer) 


VR4,VR5,VR6 10kohm 
potentiometer 


(chassis mount) 


Monitor 


VRY 25kohm 


potentiometer (trimmer) 


VR8 10megohm 
potentiometer 


(chassis mount) 


VR10 


potentiometer 


10megohm 


(trimmer) 


Clp Co Ara PE: SU VvolLe 


mica Capacitor 


CACIO LSO PES OO Noe 
mica capacitor 

Co FCA E OTF Cli, Cl 2 AN 
C27 JAQUE, OU VOLE 


electrolytic capacitor 


Co. .QIUE, SO VoOLe ¿QS 
Capacitor 
CAL. AUS: 20 vole 


mica capacitor 


Cis: s22Uby. <0 vole “disk 


capaciLor 


Cla, CLD CLO; C19,c24 
cL WE}, SO Vole disk 


Capacitor 


Cit SAQUES SO MOLE <cisk 


capacitor 


C18 2204F, 50volt 


electrolytic capacitor 


C20 4704F, 50volt 


electrolytic capacitor 


DISD. ANITA -«sidacon 


diode 


il. -COIL Optional. = 
S000" turns: om 2 xX 6” 
PVC form 


Ql J176 P-Channel JFET 


Ul LF355 (JFET) 
U2, U3;U5: LM742N <op=anip 
U4 LM380 audio amplifier 
Si (SPDT Switch (H1/10) 
SZ SPST Switch (load) 
ceramic high voltage 
type 
M1 500ua meter 
(RM1200 ohm) 


M2 250-0-250 FS meter 
(RM450 ohm) 


J1 %4” switches jack 


JZ -RCA Jack = signal 
output jack for data 


collection 
J3 SO-239 - Antenna-2 
input jack 


J4 Antenna-1l - RCA jack 
for whip or outdoor 
ANE, 


CT Capacitive Hat 


(see text) 


Misc IC and transistor 
sockets, wire, 

PC. DOarc.. 
Multi-voltage Power 
Supply 
Rl 5k potentiometer - 


(trimmer) 


R2 240ohm, Ywatt, 


5% resistor 


Clee? “TOON, SOvolt 


electrolytic capacitor 


C2,C5,C8 .1uF, 50volt 


ceramic disk capacitor 


C6,C6,C9 tonk, 50volt 


electrolytic capacitor 


BR1 4-diode bridge 


rectifier = 3amp, 
TOO vort 
Ul 1IM317 = (+) voltage 


adjustable regulator 


U2 1M7805 - (+) voltage 


regulator 


U3 LM/905 = (-) voltage 


regulator 


Tl 24-VCT transformer 
2-amp-center tapped 


ol. «SPST toggle switch. = 
On=-O.L 5 


Fl 2-amp fast blow fuse 


Misc PC board, wire, 


connectors, etc. 


Intense electrical storms created by unstable weather 
conditions frequently occur all around the world. At any 
given point in time there is likely to be an electrical 
storm occurring somewhere in the world. Most people 
would really appreciate having an advance warning of 
an approaching electrical storm, especially hikers, 
boaters or backyard party goers. Why not construct your 
own lightning monitor to obtain an advance warning of 
an approaching storm before it arrives, thus giving you 
ample time to seek shelter from the elements. The 
lightning detector will give you ample warning of an 
approaching electrical storm before you see and hear the 
lightning. The sensitive lightning detector project will 
alert you to an oncoming storm over 50 miles away, 
giving you time to take cover or to go inside to safety. 


During a lightning strike, is the Earth considered 
positive or negative, is a question often asked. In an 
electrical storm, the storm cloud is charged like a giant 
capacitor. The upper portion of the cloud is positive 
and the lower portion is negative. Like all capacitors, 
an electrical field gradient exists between the upper 
positive and lower negative regions. The strength or 
intensity of the electric field is directly related to the 
amount of charge build-up in the cloud. This cloud 
charging is created by a colliding water droplets. 


As the collisions continue and the charges at the top 
and bottom of the cloud increase, the electric field 
becomes more intense—so intense, in fact, that the 
electrons at the Earth’s surface are repelled deeper into 
the Earth by the strong negative charge at the lower 
portion of the cloud. This repulsion of electron causes 
the Earth’s surface to acquire a strong, positive charge. 


The strong electric field also causes the air around the 
cloud to break down and become ionized (a plasma). 
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A point is reached (usually when the gradient exceeds 

tens of thousands of volts per inch) where the ionized air 
begins to act like a conductor. At this point, the ground 
sends out feelers to the cloud, searching for a path of least 
resistance. Once that path is established, the cloud-to-earth 
capacitor discharges in a bright flash of lightning. 


Because there is an enormous amount of current in a 
lightning strike, there’s also an enormous amount of 
heat (in fact, a bolt of lightning is hotter than the 
surface of the sun). The air around the strike becomes 
super heated, hot enough in fact that the air immediately 
close to the strike actually explodes. The explosion 
creates a sound wave that we call thunder. A typical 
high energy lightning strike is shown in Figure 16-1. 


Cloud-to-ground strikes are not the only form of 
lightning though. There are also ground-to-cloud 
(usually originating from a tail structure) and cloud- 
to-cloud strikes. These strikes are further defined into 
normal lightning, sheet lightning, heat lightning, ball 
lightning, red sprite, blue jet, and others that are lesser 
defined. For more information on lightning, see: 


http://science.howstuffworks.com/lightning.htm. 


Satellites are more often used to follow lightning 
strikes around the world but haven’t advanced to the 
point where they can accurately map local areas. There 
are two major types of sensors commonly used— 
magnetic direction finders and VHF Interferometery. 


The National Lightning Detection (NLDN), which is 
operated by Global Atmospherics, Inc., (GAI) in 


Figure 16-1 Lightning 


Tucson, AZ, is a network of more than 130 magnetic 
direction finders that covers the entire USA—more than 
twice the coverage of existing weather radar networks. 


Each direction finder determines the location of a 
lightning discharge using triangulation and is capable of 
detecting cloud-to-ground lightning flashes at distances 
of up to 250 miles and more. Processed information is 
transmitted to the Network Control Center where it’s 
displayed in the form of a grid map showing lightning 
across the USA: (www.lightningstorm.com/tux/jsp/gpg/ 
lex 1/mapdisplay_free.jsp). 


Recently, NASA has improved the resolution of the 
system by adding acoustical measurements to the mix. 
Although the flash and resulting thunder occur at 
essentially the same time, light travels at 186,000 miles 
per second, whereas sound travels at the relative snail 
pace of one-fifth of a mile in the same time. Thus, 
the flash—if not obscured by clouds—is seen before the 
thunder is heard. By counting the seconds between the 
flash and the thunder and dividing by 5, an estimate of 
the distance to the strike (in miles) can be made. 


In the NASA lightning sensor, a low frequency 
receiver detects the lightning strike. The leading edge 
of the electric-field pulse is used to start a timer and 
the leading edge of the thunder pulse is used to stop the 
timer. A microcontroller in each receiver transmits the 
time measured to a processing station, where the times 
are converted to distances that are used to compute the 
location of the lightning strike to within 12 inches. 
However, the NASA sensors have to be located within a 
30 mile radius of the strike to be accurate. 


If you are interested in monitoring static levels 
around you in stormy weather, and the ability to have 
some advance warning of an impending storm, then this 
circuit will be of great interest to you especially if you 
are involved in the radio hobby and have antennas high 
in the air. The Lightning Storm Monitor has proven to 
be very reliable and useful for advanced storm warning 


activities. 


The Lightning Monitor circuit is shown in the 
schematic in Figure 16-2. The Lightning Monitor is 
actually two receivers in one, a spheric monitor and a 
static electricity monitor. The static monitor portion of 
the circuit begins at the outdoor Antenna-2, a capacitive 
hat type antenna which is fed with coax from the 
antenna to the receiver. The gate of the P JFET is tied 
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Figure 16-2 Lightning monitor. Courtesy of Russell Clit 


Spheric 
VR3 meter 
wary. oe 


to ground since a dual polarity supply is used, through 
a very high resistance. In the original prototype, I 
experimented with an 11,000 megohm resistor. These 
high value resistors are hard to find; you may notice 
that it is a moot point if there is too much leakage in 
your circuit. In that light, it is best to standoff the gate 
and use a high quality new coax to your outside 
antenna, usually a capacitive hat type. You must also 
come up with a mount design which keeps rain from the 
point on the mount where current could flow to ground, 
or you will notice that your meter becomes very 
insensitive as it starts raining. 


The prototype used a 22” shaft from an amateur radio 
antenna in a mobile antenna mount, with two nuts on top 
to hold the capacitive hat and a plastic umbrella to protect 
the mount from moisture. Likewise the coax connection 
must be well sealed from moisture, an SO-239 type 
connectors at the antenna and on the chassis for the meter 
inside the house. As far as the resistance load goes, if you 
cannot locate a high value for R9, you can fabricate a high 
value type if need be, for the strong field load. A 10 meg 
potentiometer which could be switched out of circuit was 
used in the prototype. For the switch at S2, you could use 
a ceramic high voltage type to minimize leakage. The 
FET type is not critical; in the prototype a J176 came 
from All Electronics, also the meter and the 10 meg 


potentiometer came from them as well. 


Through experimentation it was found that controlling 
the offset of an op-amp gave a very sensitive way to 
control meter balance, far superior to trying to shift the 
meter itself. If you cannot locate a zero center meter you 
might ground the end, or put it on a trimmer tap where the 
ends of the pot are on the plus and minus of the supply, say 
a5 or 10K pot. If you can find it, a 250-0-250 UA meter is 
suggested. In the maximum gain mode you can notice field 
gradient changes in clear weather from morning to night, 
as well as detect storms more than a state away. One 
problem you will notice with this circuit, especially at high 
gain settings, is that you have to re-zero the meter often as 
the polarity changes overhead in stormy weather. 


The higher the gain of the op-amp or the higher the 
input impedance of the FET gate, the more this becomes a 
problem, which is why a provision was made to lower the 
impedance of the gate circuit and reduce the op-amp gain 
in strong fields. Note the provision for audio to be taken 
from the op-amp, and mixed with separate levels for the 
static and RF signals, as well as a master volume. 


In the Spheric, or RF section of the Lightning 
Monitor, the whip antenna at Antenna-1 was fed to a 
coil consisting of a 4’ foot long 6” inch diameter PVC 
pipe, the coil consists of about 3000 turns of insulated 
wire on it. You will find that just a straight whip antenna 
works fine, so it was found that the large coil is not 
mandatory. The original thought for using the coil at the 
antenna was to have a lot of signal at low frequencies 
with a high Q inductor, to give more signal while trying 
to reduce the overall gain of the circuit, to minimize 
60 cycle hum. On that note, long whips or especially 
long wires are not very desirable here, so stay with a 
5’ to 6’ vertical whip antenna. 


The input signal is amplified with a JFET input 
op-amp at U1, with selectable input range through a small 
value capacitor to allow high gain to be achieved with 
minimum 60 cycle hum. A LM741 op-amp gives gain to 
provide audio signal and then another LM741 is used 
to drive a 500 uA single ended meter for a reading of 
RF levels. You may find it easier to make the series 
resistance control for the meter to be a front mounted 
control as well as the gain control for the meter driver, 
1.e. the 741 op-amp, as it give much more flexibility 
under differing weather conditions. This meter is very 
helpful in determining the number of lightning strokes 


per unit time in severe weather. 


The audio output from the Spheric monitor section 
is derived form an LM380 IC circuit; you will notice 
interaction between controls if you build it as shown. 
A buffer and mixer circuit might be helpful here, but in 
the original design we decided to keep the parts count 
low. Also, an equalizer circuit for the signal out is a very 
good addition, so you can tailor the output response 
and reduce unwanted signals such as line power noise. 
A signal output is provided so the output can be fed to a 
digital multi-meter with PC interface, if desired to log 
readings of the Lightning Monitor over time. 


Building the lightning 
monitor 


Prior to constructing the Lightning Monitor, you will 
want to locate a well lit and well ventilated work area. 
A large clean work bench or work table would be 
suitable for building the project. Grab a 27 to 33 watt 


pencil tipped soldering iron, a roll of 22 gauge 

60/40 tin/lead rosin core solder. You should also have 

a small jar of “Tip Tinner,” a soldering iron tip dresser 
which is available from your local Radio Shack store. 
You'll probably want to gather a few tools, such as a 
pair of end-cutters, a small pair of needle-nose pliers, 

a pair of tweezers, a magnifying glass, a small Phillips 
screwdriver as well as a small flat-blade screwdriver. 
Place your schematic diagram along with your circuit 
layout diagram and various charts and tables in front of 
you on your work table. Place your project components 
and circuit board in front of you and we can begin 
constructing the Lightning Monitor. A printed circuit 1s 
highly recommended for building this project rather 
than trying to use perf-board construction to permit 
more reliable operation from your circuit. Warm up 
your soldering iron and we will begin construction! 


Let's begin building the monitor by first identifying 
the project resistors. Locate the resistors from the parts 
pile. Refer to the chart in Table 16-1, which illustrates 
the resistor color codes and their values. Resistor R1, 
for example, is a 47k ohm “watt 5% resistor. Try and 
locate it from the parts pile. The first color band at one 
edge of the resistor body should be yellow, which 
is the number (4). The second color band should be 
violet or number (7) on the chart. The third color band 
is the multiplier and should be orange in color and 


Table 16-1 

Resistor color code chart 

Color Band Ist Digit 

Black 0 0 
Brown 1 1 
Red 2 2 
Orange 3 3 
Yellow 4 4 
Green 5 5 
Blue 6 6 
Violet 7 7 
Gray 8 8 
White 9 9 
Gold 

Silver 


No color 


end Digit 


represents a multiplier value of 1000, so 47 times 

1000 is 47,000 ohms or 47k ohms. The fourth color band 
on resistors represents the resistor’s tolerance. A silver 
band denotes a 10% tolerance, a gold band represents a 
5% tolerance resistor and no color band denotes a 

20% tolerance resistor. Once you have found R1, you 
can try and locate resistor R2 and so on. You can place 
the resistors on the circuit board in groups of four or so 
in their respective locations on the circuit board. Once 
you have the first four resistors placed on the PC board, 
you can go ahead and solder them in place on the board. 
After the resistors have been soldered onto the circuit 
board, you can cut the excess component leads flush 

to the edge of the circuit board using your end-cutters. 
Now, you can locate the next batch of four resistors 

and place them in their respective locations on the 
circuit board, then go ahead and solder them in place. 
Remember to trim the excess component leads. Finish 
up installing the resistors and then we will move on to 
installing the two silicon diodes. 


There are two silicon diodes in this project, and 
they are located in the meter range and display circuit. 
Diodes have two leads, a cathode lead and an anode 
lead. Take a look at the resistors and you will notice that 
there will be either a black or white color band at one 
edge of the diode’s body. The color band denotes the 
cathode lead of the diode. It is important that you install 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000(M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


the diode correctly with respect to this polarity. One you 
have installed the two diodes in their proper place, you 
can solder them in place on the circuit board. Don’t 
forget to cut the extra component lead lengths. 


Next, we will try and locate the capacitors for the 
Lightning Monitor project. This project uses two types 
of capacitors, small ceramic disk types and the larger 
electrolytic types which have polarity. The small 
capacitors come in many different styles and shapes and 
sometimes they are so small that there 1s not enough 
room to print their actual value on the component, so 
a three-digit code is used. Refer to the chart shown in 
Table 16-2 when installing the small capacitors. For 
example, a .1 UF capacitor would have a code value 
of (104). The Lightning Monitor also utilizes larger 
value electrolytic capacitors, these capacitors are 
usually large and have polarity marking on them, such 
as a black or white color band or a plus (+) or minus (—) 
marking on them. These polarity markings must be 
observed when installing the capacitors on the circuit 
board. Failure to observe the correct polarity could 
result in either a damaged component or a damaged 
circuit when first power-up. 


Look through your component parts pile and let’s try 
and identify some capacitors. Let’s begin with some of 
the small types such as Cl and C2. Capacitor C1 may be 
marked 2.2 or 2n2, while Capacitor C2 will most likely 
be labeled 181. Try and locate the lower value capacitor 
from the parts stock and place about four components at 
a time on the PC board in their respective locations. After 
placing four or so of the first lot of capacitors, you can 
go ahead and solder them in place. Remember to trim 
the excess component leads from the board. Take the 
next grouping of four capacitors and install them on the 
PC board while referring to the schematic and parts 
layout diagrams. Go ahead and solder the next group of 
four capacitors and trim the excess lead lengths. Install 
the remaining smaller capacitors and then we will move 
on to installing the larger value electrolytic capacitors. 
As mentioned, electrolytic capacitors will have polarity 
markings on them and they must be installed correctly in 
order for the circuit to work properly. Take your time 
when identifying the electrolytic capacitors. Observe 
their polarity marking and then make sure you orient 
them correctly and in their proper location on the PC 
board. Refer to the schematic and parts layout diagram. 
Install a few electrolytic capacitors at one time, and them 


solder them in place, follow up by removing the excess 
lead lengths. Install the remaining electrolytic capacitors 
and solder them in place. Use your end-cutters to remove 
the extra lead lengths by cutting them flush to the edge 
of the circuit board. 


The Lightning Monitor uses a single FET transistor 
at Q1, which is connected to antenna-2. The P channel 
J-FET at Q1 is a J176 FET, which must be handled with 
care using an anti-static wrist band to avoid damage. 
This component is very sensitive to static electricity and 
can be easily damaged in handling. The three leads of 
the transistor Q1 are all in a single row with the Drain 
lead at one end and the Gate lead in the center and the 
Source lead at the opposite end of the plastic case of 
the transistor. Refer to Figure 16-3, which illustrates the 


semiconductor pin-outs. 


Before we install the integrated circuits in this project, 
we would highly recommend using IC sockets. Integrated 
circuit sockets are good insurance in the event of a 
possible circuit failure at some possible distant point in 
time. It is much easier to simply unplug a defective IC, 
rather than trying to un-solder a 14-pin IC from the 
circuit board. Integrated circuit sockets are inexpensive 
and easy to locate. There a number of integrated circuits 
in this project, from 8-pin to 14-pin dual in-line types. 
In order to install the integrated circuits correctly, you 
must observe the correct orientation. Failure to install 
the integrated circuits correctly can cause serious 
damage to the IC and to the circuit itself, so you must 
get it right the first time! Each plastic IC package will 
have either a cut-out, a notch or small indented circle at 
one end of the plastic package. Looking just to the left 
of the notch or cut-out you will find pin 1 of the IC. 
You must align pin 1 of the IC to pin 1 of the IC socket 
when installing the chip on the PC board. Take a look at 
U1, this is an 8-pin dual in-line IC. Since we will not be 
using pin | on this IC, you will have to make sure that 
pin 2 or the minus (—) input is connected or aligns with 
C1 and R2, while pin 3 of U1 is connected to resistor 
RI and so on. Now, go ahead and insert the integrated 
circuit into their respective sockets. 


There are a number of potentiometers in this project, 
some of which are chassis mounted controls, while 
other potentiometers will be circuit board mounted 
types. Refer to the parts list below and Table 16-3. You 
can locate the circuit board trimmer type potentiometer 
and install them at their respective locations on the 


Table 16-2 
Capacitor code information 


This table is designed to provide the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in 

many sizes, shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. 
Most capacitors actually have the numeric values stamped on them; however, some are color coded and some have alphanumeric 
codes. The capacitor’s first and second significant number [Ds are the first and second values, followed by the multiplier number 
code, followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the 


value, while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 UF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 a Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 .33 Mylar 334 
560 pF Ceramic 561 .47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


J176 ¡FET 


LF355 


Figure 16-3 Semiconductor pin-outs 


circuit board. Solder them in place and then trim the 
excess leads if necessary. 


Let's take a well deserved break and when we return 
we will inspect the circuit board for possible “short” 
circuits and “cold” solder joints. Pick up the Lightning 
Monitor circuit board with the foil side of the board 
facing upwards towards you. First we will inspect the 
PC board for possible “cold” solder joints. Take a look 
at the solder joints, they should all look clean, shiny and 
bright. If you see any solder joints that appear dull, dark 
or “blobby,” then you should remove the solder from 
the joint and re-solder the joint all over again until it 
looks good. Once you are confident that all looks well, 


LM741N 


LM741N 


LM380 


LM741N 


we can move on to inspecting the PC board for possible 
“short” circuits. There are two main causes for “short” 
circuits, small round solder blobs laying across a PC 
“trace” can cause a circuit to “short-out.” The second 
cause of “short” circuits is a “stray” component lead. 
Often when cutting excess component leads, 

they will “stick” to the circuit board from rosin core 
solder residue. Make sure that there are no “stray” leads 
bridging between the circuit board traces. Once you 

are confident that there are no “shorts,” we can move 
on to finishing the project. 


Now, let’s move on to mounting the larger components 
and hardware on the chassis box. The chassis mounted 


Type 


Table 16-3 

Potentiometer functions 

Potentiometer Function 

VRI Spheric Gain Control 
VR2 Meter Gain Control 
VR3 Meter Range Control 
VR4 Spheric Volume Control 
VRS Static Volume Control 
VR6 Main Volume Control 
VR7 Static Range Control 
VR8 Static Gain Control 
VR9 Static Meter Balance Control 
VR10 Load Control 


500k chassis mount 
1 megohm trimmer 
3k trimmer 

10k chassis mount 
10k chassis mount 
10k chassis mount 
25k trimmer 

10M chassis mount 
1 megohm trimmer 


10 megohm trimmer 


potentiometers were all mounted on the front of the 
metal chassis used to house the project, and wired to the 
circuit board with 20 ga. insulated wire. The two toggle 
switches, Sl and S2, were also mounted on the front 
panel of the chassis and were wired to the circuit board 
using 22 ga. insulated wire. 


The Lightning Monitor utilizes two analog meters, 
one for each monitoring circuit. The meter for the 
Spheric circuit at M1, was a 500 uA meter, while the 
Static meter circuit uses a 250-0-250 WA center reading 
meter at M2. Both of these meters were found surplus 
and were mounted on the front panel of the metal 
chassis. 


The speaker was mounted on the rear panel of the 
chassis and wired to the circuit board using two 6” 
lengths or #22 ga. insulated wire. A 4” switched mini 
audio panel jack for headphone use was mounted on the 
front panel. An RCA jack was provided for antenna-1; 
you can use a whip antenna or an outdoor whip antenna. 
An SO-239 antenna connector was mounted at the rear 
panel to allow the Capacitive Hat antenna-2 to connect 
to the circuit board, via a small piece of coax cable. 
The Capacitive Hat antenna 1s shown in Figure 16-4, 
1t can be built with an antenna bracket mounted on a 
pole outdoors. An SO-239 jack was mounted on the 
small antenna bracket. A threaded shaft was silver 
soldered to the center terminal of the connector with a 
small rain guard on it. At the top of the threaded shaft 
a metal coffee can lid is held in place with two nuts. 
The antenna can be placed outdoor on a pole near the 
house with a length of coax cable leading from the 
antenna to the antenna jack on the Lightning 


Monitor. 
Metal coffee 
Nuts can lid 
Threaded shaft 
Antenna 
Rainguard mount 


(plastic umbrella) 


Figure 16-4  Antenna-2 — Capacitive hat antenna 


If you wish to experiment, you can try an indoor 5’ 
whip without the coil and see how the circuit performs. 
You could also experiment with an outdoor whip 
antenna without the coil and you could build the coil 
and place it in series with an outdoor whip antenna if 
desired. 


The Lightning Monitor needs a power supply which 
can provide a 12 volt source for the audio amplifier 
circuit as well as a plus and minus power supply for 
the op-amps. The diagram in Figure 16-5 illustrates a 
12 volt and dual plus/minus 5 volt power supply which 
can be used to power the Lightning Monitor. The 
prototype Lightning Monitor incorporated the power 
supply in the same chassis as the actual monitor. You 
will need to locate a 12 volt, 250 mA center-tapped 
transformer ahead of the rectifier circuit. The rectifier 
circuit is fed directly to the regulator integrated circuits 
as shown. You will need to connect the dual voltage 
power supply to the Lightning Monitor. The plus voltage 
is connected to pins 7 on both the LM741 and the 
LF355 op-amp as well as to the J-FET at Q1. The 
negative voltage supply is connected to pin 4 of both 
the LM741 and the LF355 op-amp, as well as to the 
JFET at Q1. The 12 volt power supply is used to power 
the LM380 audio amplifier. 


Once the power supply and Lightning Monitor have 
been completed, you connect the whip antenna-1 and 
the Capacitive Hat antenna-2 and prepare for testing the 
Lightning Monitor. To best test the circuit you will need 
to wait for a thunderstorm. However, you can do some 
testing of the circuit. First, apply power to the Lightning 
Monitor circuit, turn the Off-On switch to the “On” 
position. Make sure both antennas are connected. Turn 
up the main volume and the Static Volume controls past 
the % position and adjust VR7 to past 4. You will need 
to generate some static electricity by rubbing a lucite 
rod with some animal fur to create a static charge. Bring 
the lucite rod near the Capacitive Hat antenna and you 
should see the Static Meter at M2 swing into action. 
This will give you a good indication that the Static 
portion of the meter is working. You may be able to test 
the Spheric Meter portion of the circuit if you have an 
RF broadband noise generator. 


If the Lightning Monitor doesn’t seem to work at all 
or appears DEAD, then you will want to turn “Off” the 
circuit and remove the power and inspect the circuit 
board once again. While inspecting the circuit board 
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Figure 16-5 Multi-voltage power supply 


you will be looking to make sure that the electrolytic 
capacitors have been installed correctly, to be sure that 
the diodes and the JFET have been installed correctly as 
well. Have a knowledgeable electronic hobbyist inspect 
the circuit, since 1t 1s easy to overlook something and 
not catch it the second time. Make sure that your power 


= AC + 
<L D 

Hh yl sia 
<> 


C2 C3 


O +12 V DC 


O +5 V DC output 
Common 
E | ground 


O -5 V DC output 


supplies are connected to the correct points and that the 
op-amps have been installed correctly. Once you are 
confident of your inspection and hopefully you found 
your error, you can re-apply power and re-test the circuit 
again. Good luck and be safe when experimenting with 
outdoor antennas, keeping them away from power lines. 


Ambient Power Receiver 


Parts list 
Parts Bin Original Ambient Power 
vo = Module I 
— = 
Ss —C2,C3 .047uF, 50volt 
Ss capacitor 
C1,C4 40uF, 50volt 


electrolytic capacitor 


D1,D2 1N34 diodes 


Das, Dt 1N3t. diodes 


ANT 50+ foot broadband 


monopole antenna 
GND Earth ground stake 


Misc PC board, wire, 


hardware, enclosure 
Ambient Power Module II 


Dil D2A,D3,D4,D5;D6 INGO 
germanium diodes 

DP aber DoZDlOAD irl. Dio 
1N60 germanium diodes 

Cl, Cle 57647 Coy E 
4704F, 50volt 
electrolytic 
Capacitors 

Cty CSO ES ELO Cle EL 
470U4F, 5Ovolt 


electrolytic capacitors 


igh, 480 EUENS> #22 Wire 


on 3° plastic. tube 


ANT 50+ foot broadband 


monopole antenna 
GND earth ground stake 


Misc printed circuit 
board, wire, hardware, 


case 


In 1979, Joe Tate began experimenting with methods 
of turning radio energy in the air into usable electric 
power. He first developed a clock which drew its power 
from an antenna that was just a long piece of wire 
stretched out horizontally about 20 feet above the 
ground. The power supply for the clock worked 
something like an old-style crystal radio, except that 

it did not have a tuning circuit. Because of this, the 
“Crystal Clock” was able to absorb a wide spectrum of 
radio noise from the antenna and yield electric power. 
The power supply was able to deliver much more 
current than was developed in a crystal radio, although 
its output was just still just a few millivolts. 


Joe began recording the power supply’s output over 
a long period of time to determine its dependability. 
After all, the device relied completely on whatever 
stray signals happened to be in the air. Using an Atari 
computer, the output of the clock’s power supply was 
measured continuously and recorded on floppy disk. 
This was done by feeding the unregulated voltage 
output directly into the computer”s joystick port. 


Joe began calling this power supply the “Ambient 
Power Module” (APM) because it extracted power from 
ambient background radio noise. This small circuit, 
when connected to antenna and ground, used the 
potential difference between air and ground to generate 
a small direct current continuously. Joe”s original claims 
stated that the APM could produce up to 36 volt/9 watts. 
Joe applied for a US Patent and was later granted patent 
#4,628,299. As he studied the recorded data, mild 
fluctuations were noted in a daily cycle. The patterns 
were consistent over long periods of time, though they 
differed in different locations. Aside from that, the 
APM looked like a very dependable source of power. 

In the spring of 1984, he discovered an interesting 
correlation between voltage fluctuations from the APM 
and a local earthquake event; this point will be 
discussed later. 


The APM operates, as a broadband receiver of energy 
in the lower portion of the radio spectrum, receiving 
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Figure 17-1 Ambient power module 


most of its power from below 1 MHz. The basic circuit 
may be combined with a variety of voltage regulation 


schemes. 


The original Ambient Power Module is shown 
in Figure 17-1 and the schematic diagram circuit in 
Figure 17-2 is used to convert the ambient RF energy 
to a direct voltage which can be used and handled by 
data processing equipment. This design makes use of 
doubler, splitter and rectifier circuit configurations. 
Designated as an ambient power module (APM), the 
circuit is connected to an antenna, preferably a 50 foot 
or greater broadband monopole antenna. The antenna is 
connected to the APM circuit via two capacitors C2 and 
C3, each being in series with the antenna input line for 
coupling and each having a value of 0.047 microfarad. 
Taking the left or negative side of the circuit first, 
it comprises two rectifiers (diodes) D3 and D4 
(1N34 type) and a filter capacitor C4 
(40 microfarads). Rectifier D2 is connected in parallel 


Antenna 


C2 C3 


D2 D4 


I | | 


Figure 17-2 Ambient power module 1 


to the signal path and rectifier D1 is connected in series, 
in the well-known voltage multiplier arrangement. 
Capacitor Cl is connected in parallel across the output of 
the APM to smooth the rectified output. The right or 
positive side of the circuit is similar, except for the 
polarity of the diodes. 


In operation, an RF voltage is developed across the 
antenna; this voltage is voltage multiplied by the two 
rectifiers on each side of the circuit. The resultant 
voltage output is smoothed or filtered by capacitors 
C2 and C4. The circuit is very symmetrical with the 
plus side mirroring the minus side of the circuit. The 
output of the APM is ideal for low voltage, high 
impedance devices, like digital clocks, calculators, 
radios and smoke alarms, which are the most likely 
applications for this power source. 


One possible application for the APM is to 
charge small NiCad batteries which provide effective 
voltage regulation as well as convenient electrical 
storage. Charging lead acid batteries is not practical 
because their internal leakage is too high for the 
APM to keep up with. Similarly, this system will not 
provide enough power for incandescent lights 
except in areas of very high radio noise. The APM 
could also be used to power small electronic devices 
with CMOS circuitry, like clocks and calculators. 
Smoke alarms and low voltage LEDs, and small 
emergency power/lighting circuits can also be powered 
by the APM. Use your imagination to devise an 
application for the APM. 


Building the APM circuit 


The builder has a choice of wiring techniques which 
may be used to construct the module. It may be hand 
wired onto a terminal strip, laid out on a bread board, 
experiment board, or printed circuit. We chose to build 
the original circuit on a small printed circuit board. 
Locate a clean well lit work table to build the APM. 
Find a small 27 to 33 watt pencil-tipped soldering iron, 
as well as some “Tip Tinner.” “Tip Tinner” is a 
soldering iron tip cleaner/dressing compound which 
helps to clean the soldering tip after use and can be 
obtained at your local Radio Shack store. Try and 
locate a pair of end-cutters, a pair of small needle-nose 
pliers and a set of screwdrivers. Grab your schematic 


diagram and look closely at 1t, before we begin 
construction. 


The APM power receiver consists mainly of diodes 
and capacitors and you will recall that both of these type 
of components have polarity which must be observed for 
the circuit to function correctly. The diodes used in the 
APM circuit are germanium diodes and NOT silicon 
diodes which have a voltage drop. Diodes will have 
either a white or black band at one side of the diode’s 
body. This colored band denotes the cathode end of the 
diode. When installing the diodes on the PC board 
make sure you observe the correct placement of all the 
diodes. 


The APM circuit utilizes various capacitors, both 
electrolytic and non-electrolytic types. Electrolytic 
capacitors are often larger size capacitors with larger 
values. Electrolytic capacitors have polarity and 
may have either a black or white color bands with plus 
or minus marking at one end of the capacitor body. 
When installing the electrolytic capacitors make 
sure that you orient the capacitors correctly with 
respect to the circuit diagram. The chart in Table 17-1 
may help you to identify the small value capacitors. 
In many instances, small value/size capacitors 
often use a three-digit code to represent a capacitor 
value. 


Once all the components have been placed on the 
PC board, you can take a short break and when we 
return we will inspect the circuit board for possible 
“short” circuits and “cold” solder joints. Pick up the 
circuit board with the foil side facing upwards toward 
you. Look over the board carefully and inspect the solder 
connections. The solder joints should all look clean, 
smooth and shiny. If any of the solder joints look dull, 
dirty or “blobby” then remove the solder from the joint 
and re-solder the connection over again so that it 
looks good. 


Next we will inspect the circuit board for any “short” 
circuit which could result from solder blobs or remaining 
component leads left from the building process. 

A component lead resting across a PC trace can result 
in a “short” circuit which could cause the circuit 
to fail. 


Once you are satisfied that your circuit looks good, 
you can move on to testing the APM receiver. First you 
will need to attach a good antenna ground connection to 
the APM receiver module. 


Antenna requirements 


The antenna needs to be of sufficient size to supply the 
APM with enough RF current to cause conduction in 
the germanium diodes and charge the ground coupling 
capacitors. It has been found that a long horizontal 
antenna wire works best. A fifty foot monopole, or 
long-wire antenna will work well, but a small antenna 
should work, and of course you can experiment with 
your own antenna ideas. The antenna will work best 
when elevated to 20-30 feet. Lower elevations will 
work, but a longer wire may be necessary for best 
results. 


In most locations, possible supporting structures 
already exist. The wire may be stretched between the top 
of a building and some nearby tree or telephone pole, 
see Figure 17-3. If live wires are present on the building 
or pole, care should be taken to keep your antenna and 
body well clear of these hazards. To mount the wire, 
standard commercial insulators may be used as well as 
homemade devices. Plastic pipe makes an excellent 
antenna insulator. Synthetic rope also works very well, 
and has the advantage of being secured simply by tying 
a knot. It is convenient to mount a pulley at some 
elevated point so the antenna wire may be pulled up to it 
using the rope which doubles as an insulator. 


Grounding the APM 


The APM requires a good ground circuit in order to 
operate efficiently. Usually a good ground can be 
established by connecting a wire to the water or gas 
pipes of a building. Solder or screw the wire to the 
APM ground terminal. In buildings with plastic pipes 
or joints, some other hookup must be used. A metal 
rod or pipe may be driven into the ground in a shady 
location where the earth usually is damper. Special 
copper coated steel rods are made for grounds, which 
have the advantage of good bonding to copper wire. 

A ground of this type is usually found within the electrical 
system of most buildings. Conduit is a convenient 
ground provided that the conduit is properly grounded. 
This may be checked with an ohmmeter by testing 
continuity between the conduit and system ground 
(ground rod). Just as with the antenna, keep the ground 


Table 17-1 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Most 
capacitors actually have the numeric values stamped on them; however, some are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic 01 Ceramic / Mylar 103 
68 pF Ceramic O15 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic ¿022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 2 Mylar 204 
330 pF Ceramic 331 MA Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 36 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 
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Figure 17-3 Horizontal long-wire antenna 


wire away form the hot wires. The APM’s ground wire 
may pass through conduit with other wires but should 
only be installed by qualified personnel. Grounding in 
extremely dry ground can be enhanced by burying some 
salt around the rod. The salt will increase the conductivity 
of the soil and also help retain water content around the 
ground rod. Some researchers have found that it is much 
better to get the largest surface area of metal in contact 
with the ground as possible, and have tried digging a hole 
and planting aluminum foil sheets in the ground. 


Once you have tested the operation of the APM, you 
can disconnect the antenna and decide how you wish to 
enclose the APM circuit. You may want to experiment 
with the housing, since researchers have discovered that 
the germanium diodes are sensitive to sunlight and the 
voltage output is increased when the circuit 1s in 
sunlight. If you want to experiment along these lines, 
then you may wish to enclose the circuit in a clear 
plastic box. You can drill holes for two terminals posts 
for the plus and minus output connections, an RCA jack 
for the antenna input connection, a terminal for the 
ground connection, and your APM is complete and 
ready for operation. 


The APM-II 


The original APM is a great circuit for experimentation. 
It has been found that the germanium diodes are also 
sensitive to light, so 1f you house the APM in a clear 
plastic box and have it exposed to sunlight it will 
produce more output. Have fun experimenting with the 
APM receiver and you may find the perfect application 
for it, such as powering another receiver or night light, 
clock, emergency radio/lighting, etc. 


Over time experimenters have improved upon the 
original APM design and claim increased output from 
the original design, so the reader is free to experiment 
and build both versions of the APM if desired. The 
second APM receiver, shown in Figure 17-4, illustrates 
the newer version of the APM with increased output 
voltage and current. The APM-II has quite a few more 
stages and has many more diodes and capacitors. You 
will note that the APM-II also uses germanium diodes 
which have more output than trying to use silicon diodes. 
Also note the higher capacitance values in the second 
design which were used to increase the output 
considerably. When constructing the APM-II be sure 
to pay careful attention to mounting the diode and 
capacitors; since there are many more components and 
they all have polarity marking on them, it is much more 
possible to make a mistake in orientation. Take your 
time when constructing the circuit. The APM-II also 
uses an input coil, which is said to improve the output. 
Some experimenters claim that the antenna can be 
eliminated and that the antenna connection can be 
connected to another separate ground, but this has not 
been verified. The APM-II is also sensitive to light 
which can increase the output if used outside. Some 
users claim that the power produced by the APM also 
seems to improve near bridges, ships and anything 
containing a great deal of metal. 


Over time many scientists and researchers have 
reported bright flashes in the sky during strong 
earthquakes, as well as computer breakdowns during 
severe tremors. Scientists have long suspected that 
seismic activity is associated with a variety of electrical 
effects. Researchers have been taking a careful look 
at this link, with an eye toward using it to predict 
earthquakes. 


Joseph Tate and William Daily of Lawrence 
Livermore National Laboratory in Livermore, CA. 
created a system of radio wave monitors distributed 
along California’s San Andreas fault using the 
APM design. Tate and Daily recorded two kinds of 
changes in atmospheric radio waves prior to 
earthquakes that occurred between 1983 and 1986. Joe 
was able to witness and record the output of the APM 
during the earthquakes that followed, since he 
continuously monitored the output of the APM on a 
computer, so he could go back and look at the output on 
any given day. 
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Figure 17-4 Ambient power module II 


The most common change is a drop in the radio signals 
that normally pervade the air as a result of lightning and 
human sources such as car ignition systems and electric 
power grids. This reduction typically occurs one to 
six days before an earthquake and can last for many 
hours. For example, a magnitude 6.2 earthquake that 
shook Hollister, CA, in April 1984 was preceded 
six days earlier by a 24-hour drop in radio signals 
being monitored 30 miles from the quake’s epicenter. 
Tate and Daily have found that the larger the earthquake, 
the longer the time between the radio wave depression 
and the quake. 


Laboratory studies have shown that the electrical 
conductivity of rocks increases as they are stressed. 
Based on this and their electrical modeling of the 
ground, Tate and Daily think the increased conductivity 
of stressed rocks near the fault causes more radio waves 
to be absorbed by the ground rather than their traveling 
through the air. They also plan to test a possible link 
between radio wave drops and the emission of radon 
gas, which itself 1s thought to be a quake precursor. The 
radon may ionize the air, making it temporarily more 


absorptive than the detector antenna. 


The researchers have also found, in addition to these 
drops, another pre-quake phenomenon in which short 
pulses of increased radio wave activity are emitted. For 
example, five days before the magnitude 6.5 earthquake 
hit palm Springs, CA, in July 1986, a station 15 miles 
from the epicenter detected a rise in radio signals. This 
sort of emission is consistent with laboratory work 
showing that cracking rocks release electromagnetic 
signals. 


Tate says that in their first attempts at predicting 
earthquakes, they did not miss a single event, so he 
is optimistic about using this technique for short-term 
forecasting of San Andreas quakes. 


If you live in an earthquake prone area such as 
California, you could use you APM not only for small 
low voltage emergency power/lighting system but you 
could connect the APM to an analog to digital converter 
card in a personal computer and record the fluctuations 
during earthquakes. The APM will provide many 
avenues for the builder and/or researcher. Disconnect 
your APM during thunderstorm activity to avoid 
damage to the APM and other household devices. Have 
fun and be safe. 


Earth Field Magnetometer Project 


Parts list 
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Earth Field Magnetometer 
R1,R3,R4,R5 4.7kohm, 


1,W, 5% resistor 


R2 100ohms, Yw, 


5% resistor 


R6 10k ohm %w, 


5% resistor 


Chega LOPE: 000 VOLE 


capacitor 


CIC AINE. 39 VOLT 
electrolytic 


capacitor 


C5 10uF, 35 volt 


capacitor 


C6,C8 1HF, 35 volt 


capacitor 


ET 228, 35 volt 


electrolytic capacitor 
Coe TOWER. 30 YO le 


Tantalum capacitor 


DLSDZ. ENOTA  Sibicon 
diode 


D3 1N4001 silicon diode 
Xl 10MHz crystal 


UL -«SELVOGA. = 
magnetometer output IC 

UZ" ADO) Sd CaL 
to analog converter 
Chip 

U3,U4 LM7805, > volt 


regulator 


J1,J2 wire jumpers 


Sl «A=positLon rotary 


gain switch 


S2 normally open 


pushbutton switch 


S3 SPST toggle power 


Switch 


Logger HOBO H08-002-02 
(ONSET) 


Misc PC board, wire, 
IC sockets, chassis, 


ecd, 
Optional Field 
Magnetometer Power 
Supply 
Cl. 470UF,. 50 volt 


electrolytic capacitor 


C2- TUE, 50: VOL 


ceramic capacitor 


C3 15Hf£, 50 volt 


electrolytic capacitor 


BR1 diode bridge 
rectifier L007 /2=amp 


T1 24 volt center 
tapped transformer -.5A 


Ul 1IM7809 IC regulator 
O° MOLES 


Sl SPST power switch 
PL1 115 VAC power plug 


MISC PC board, wire, 


hardware, etc. 


l. Speake & Co. Ltd. 
(Elvicta Estate, 
Crickhowell, Powys. 
Wales, UK; http:// 


www.speakesensors.com). 


2. Fat Quarters Software 
(24774 Shoshonee 
Drive, Murieta, CA 
945627 TELE 909-690 - 
LISO: Tex 909696 = 
7913; Web: http:// 
www. fatquarterssoftware 


. com) 


33. ONSET Computers, EO 
Box 3450 Pocasset, MA 
02559=3450: (L=900>=500= 
4377) http://www. 


onsetcomp.com 


Magnetic fields are all around us. The Earth itself 
produces a magnetic field, which is why compasses 
work. Anytime an electrical current flows in a conductor, 
a magnetic field is generated. That is why transformers, 
inductors, and radio antennas work. There are several 
different devices that could be used to sense a magnetic 
field. One of the most familiar to electronics hobbyists 
is the Hall-effect device. However, in this chapter 

we'll take a look at a magnetic sensor that is as easy 

to use, but is more sensitive, more linear, and more 
temperature stable than typical Hall-effect devices. 

And just like Hall-effect devices, it can be used to make 
a variety of instruments, including magnetometers 


and gradiometers. 


For those unfamiliar with them, magnetometers 
are used in a variety of applications in science and 
engineering. One high-tech magnetometer is used by 
Navy aircraft to locate submarines. Radio scientists use 
magnetometers to monitor solar activity. Earth scientists 
use magnetometers to study diurnal changes in the 
Earth’s magnetic field. Archeologists use magnetometers 
to locate buried artifacts, while marine archeologists 
and treasure hunters use the devices to locate sunken 


wrecks and sunken treasure. 


The Earth Field Magnetometer that we will be exploring 
uses a “flux-gate magnetic sensor.” The device, in 
essence, is basically an over-driven magnetic-core 
transformer which the “transducible” event is the 
saturation of the magnetic material. These devices 
can be made very small and compact, yet will still 
provide reasonable accuracy. 


In its most simple form the flux-gate magnetic sensor 


consists of a nickel-iron rod used as a core, wound, 


with two coils. One coil is used as the excitation coil, 
while the other is used as the output or sensing coil. 
The excitation coil is driven with a square-wave signal 
with an amplitude high enough to saturate the core. The 
current in the output coil will increase in a linear 
manner so long as the core is not saturated. But when 
the saturation point is reached, the inductance of the 
coil drops and the current rises to a level limited only 
by the coil’s other circuit resistances. 


If the simple flux-gate sensor was in a magnetically 
pure environment, then the field produced by the 
excitation coil would be the end of the story. But there 
are magnetic fields all around us, and these either add 
to or subtract from the magnetic field in the core of the 
flux-gate sensor. Magnetic field lines along the axis of 
the core have the most effect on the total magnetic field 
inside the core. As a result of the external magnetic 
fields, the saturation condition occurs either earlier or 
later than would occur if we were only dealing with the 
magnetic field of interest. Whether the saturation occurs 
early or later depends on whether the external field 
opposes or reinforces the intended field. 


Flux-gate magnetometer 


The Earth Field Magnetometer project is illustrated in 
Figure 18-1 and the remotely located FM-3 flux-gate 
sensor is depicted in Figure 18-2. 


The heart of the magnetometer is of course the 
flux-gate sensor. A compact low-cost line of flux-gate 
sensors are manufactured by Speake & Co. Ltd. and 
distributed in the United States by Fat Quarters 
Software. The FGM-3 sensor is the device used in 
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Figure 18-1 Magnetometer 


Figure 18-2 FGM-3 Magnetometer sensor 


this project. It is a 62 mm-long by 16 mm-diameter 
(2.44 by 0.63 inch) device. Like all the devices in the line, 
it converts the magnetic field strength to a signal 

with a proportional frequency. The FGM-3 sensor 

has only three leads: Red: +5 VDC (power), Black: 

O volts (ground), and White: output signal (a square- 
wave whose frequency varies with the applied field). 
The output signal is a train of TTL compatible pulses 
with a period that ranges from 8 to 25 mS, or a 
frequency range of 40 to 125 kHz. The detection 
sensitivity of the FGM-3 device is +/— 0.5 oersted 
(+50 utesla). That range covers the Earth’s magnetic 
field, making it possible to use the sensor in 
Earth-field magnetometers. Using two or three sensors 
in conjunction with each other provides functions such 
as compass orientation, three-dimensional orientation 
measurement systems, and three-dimensional 
gimbaled devices such as virtual-reality helmet display 
devices. It can also be used in applications such as 
ferrous metal detectors, underwater shipwreck 

finders, and in factories as conveyer-belt sensors or 
counters. There are a host of other applications where a 
small change in a magnetic field needs to be 

detected. 


The FGM series also includes two other devices, the 
FGM-2 and the FGM-3h. The FGM-2 is an orthogonal 
sensor that has two FGM-1 devices on a circular 
platform at right angles to one another. That orthogonal 
arrangement permits easier implementation of orientation 
measurement, compass, and other applications. The 
FGM-3h is the same size and shape as the FGM-3, but 
is about 2.5 times more sensitive. Its output frequency 
changes approximately 2 to 3 Hz per gamma of field 


change, with a dynamic range of +/— 0.15 oersted 
(about one-third the Earth’s magnetic field strength). 


The output signal in all the devices in the FGM series 
is +5 volt (TTL-compatible) pulse whose period is 
directly proportional to the applied magnetic field 
strength. This relationship makes the frequency of the 
output signal directly proportional to the magnetic field 
strength. The period varies typically from 8.5 us to 
25 us or a frequency of about 120 kHz to 50 kHz. For 
the FGM-3 the linearity is about 5.5% over its +/— 0.5 
oersted range. 


The response pattern of the FGM-x series sensors is 
shown in Figure 18-3. It is a “figure-8” pattern that has 
major lobes (maxima) along the axis of the sensor, and 
nulls (minima) at right angles to the sensor axis. This 
pattern suggests that for any given situation there is a 
preferred direction for sensor alignment. The long axis 
of the sensor should be pointed towards the target 
source. When calibrating or aligning sensor circuits, it 1s 
common practice to align the sensor along the east-west 
direction in order to minimize the effects of the Earth’s 
magnetic field. 


The flux-gate sensor is coupled directly to a special 
interface chip, manufactured by Speake. This special 
SCLOO6A integrated circuit is shown in the main 
schematic diagram shown in Figure 18-4. It provides 
the circuitry needed to perform the Earth field 
magnetometry sensing. It integrates field fluctuations 
in one-second intervals, producing very sensitive output 
variations in response to small field variations. The 
magnetometer is of special interest to people doing 
radio-propagation studies, and those who want to monitor 
for solar flares. It also works as a laboratory magnetometer 
for various purposes. The SCLOO6A is housed in an 
18-pin DIP IC package and is shown at U1. The FGM-3 
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Figure 18-3 FGM-3 Magnetometer sensor 
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Figure 18-4 Main magnetometer circuit 


flux-gate sensor is coupled to the input pin at pin 17 of U1. 
The reference oscillator of the SCLOOO6A is controlled 
by components X1, C1, C2 and R2. A sensitivity 
switch, S1, provides four positions, each with a 
different overall sensitivity range. Switch S2 1s used to 
reset the SCLOOO6A, when applied for about two 
seconds. 


The second op-amp at U2, is an Analog Devices 
AD557 D/A converter. The magnetometer circuit is 
designed so that it could be run from a 9 to 15 volt 
battery for use in the field. Power supplied from the 
battery is controlled by power switch S3 which 
supplies 9 volts to the regulator. For stationary 
research, the magnetometer should be powered from an 
110 volt AC to 9-15 volt DC power supply. The 
regulator U3 drops the 9 volt input supply power down 
to 5-volts to power the magneto-meter circuit. The 
output signal is a DC voltage that can be monitored by a 
strip-chart or X-Y paper recorder, a voltmeter or the 
signal can be fed into a computer using an 
A-to-D converter. In the prototype we used the output 
to drive a portable mini data-logger such as the 
ONSET corporation HOBO H08-002-02. You will 
want to select the 2.5 volt model logger. You could also 
elect to use a digital multi-meter with RS-232 output 
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Figure 18-5 Magnetometer connection diagram 


which can be fed to a computer’s serial port for 
data-logging. 


Construction 


The Earth-field magnetometer project was built on two 
printed circuit boards. The main circuit board is shown 
in Figure 18-5, was constructed on a 3%” x 4%” PC 
board, while the remotely located FGM-3 sensor was 
paired with a second 5-volt regulator shown in Figure 
18-6. Regulator U4 was mounted on a 2” x 3” PC 
board, which was attached to a sheet of flexible 

plastic using plastic screws. The FGM-3 sensor probe 
was then mounted on the 2” x 4/4” plastic sheet. The 
plastic sheet was used to mount the probe, ahead of the 
regulator in order to give the flux-gate probe some 
isolation from surrounding metal. The flux-gate probe is 
mounted length-wise and parallel to the length of the 
PVC pipe. The FGM-3 sensor and remote regulator were 
then housed in a 2%” diameter x 12” long PVC pipe, 
which is separated by a length of three-conductor cable. 
Note that you could also elect to purchase a flux- 
magnetometer kit including PC board, the FGM-3 
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Figure 18-6 = Flux-gate sensor board 


sensor, ICs, and most other parts, but less the gain 
switch, can be from Fat Quarters Software for about 
$80.00. 


Are you ready to begin constructing the flux-gate 
magnetometer? Before we begin you will want to secure 
a well lit and well ventilated work area, as well as a 
bench or large table for assembling your magnetometer 
project. Locate a small pencil-tipped 27 to 33 watt 
soldering iron, as well as a roll of 22 ga. 60/40 tin/lead 
rosin core solder. Go to your local Radio Shack store 
and purchase a small jar of “Tip Tinner”; this is a 
soldering iron tip cleaner/dresser compound, which 
works wonders. You will also need a few hand tools for 
the project. You will need a pair of small end-cutters, 

a pair of needle-nose pliers, a pair of tweezers, and a 
magnifying glass. A small flat-blade screwdriver and a 
small Phillips screwdriver should round out your tool 


requirements. 


While you could build the magnetometer project on 
a perf-board or you could use point-point wiring it is 
recommended that you build the circuit on a printed 
circuit board for most reliable circuit operation and long 
life. Prepare your circuit board, and then we will be 
able to go ahead and build the magnetometer receiver 
project. 


Locate all of the project diagram, such as the 
schematic, parts layout diagrams and the 
component pin-out sheets as well as the resistor and 
capacitor identification tables and we will be almost 
ready to begin. Place all of the magnetometer project 
components on the work bench in front of you, 
warm up your soldering iron and let’s get going. 


. NN = = 
U4 sensor 
u u write 
C8 


Flux-gate 


FGM-3 
C9 
= Black 


First, refer to the chart in Table 18-1, which 
illustrates the resistor color code. The resistor for this 
project will have three or four color bands on them. 
The first color band is closest to one end of the resistor 
body. The first color band represents the first digit of 
the resistor’s value, the second color represents the 
second digit of the resistor value, the third color band 
represents the resistor’s multiplier value, and the fourth 
band denotes the resistor’s tolerance value. A silver 
fourth band denotes a 10% tolerance value, while a gold 
band represents a 5% tolerance value; no fourth color 
band denotes a resistor with 20% tolerance. Resistors 
R1, R3, R4 and R5, for example, are 4.7k ohm types. 
The first color band is yellow, which represents a four 
(4), while the second color band is violet or seven (7), 
and the third color band is red denoting a multiplier 
of (100), so you see (4) (7) times (100) equals 4700 or 
4.7k ohms. Identify all of the 4.7k ohm resistors and 
place them on the circuit board at their correct location. 
Next, solder these resistors to the circuit board. Then 
follow-up by cutting the excess component leads flush 
to the edge of the circuit board with your end-cutters. 
Now locate R2 and R6 and install them in their proper 
locations, then solder them in place on the PC board. 
Remember to trim the excess resistor leads with your 
end-cutter. 


Next we will move to identifying and installing the 
capacitors for the project. Capacitors are available in two 
major categories—electrolytic and non-electrolytic types. 
Electrolytic capacitors are generally both larger in size 
and larger in value than non-electrolytic types. 
Electrolytic capacitors have polarity and hence, they 
will have polarity marking on them to identify 


Table 18-1 
Resistor color code chart 


Color Band Ist Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 
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Silver 


No color 


their leads. You will usually find a black or white 
colored band or a plus (+) or minus (—) marking near 
one of the capacitor leads; this denotes the polarity. You 
will have to orient an electrolytic capacitor onto the 
circuit board with respect to the capacitor’s polarity. 
When you mount electrolytic capacitors on the circuit 
board, you will have to refer to both the circuit 
schematic and the parts layout diagrams in order to 
install the capacitor properly. Failure to install 
electrolytic capacitors correctly may result in damage to 
the capacitor itself and perhaps damage to the circuit as 
well. Non-electrolytic capacitors will generally be 
smaller in value and physical size. Sometimes the non- 
electrolytic capacitors will have their value printed on 
them, and at other times the capacitor may be physically 
very small when a three-digit code is used to identify 
the capacitor. The chart in Table 18-2, helps to identify 
capacitors based on this code. Use the chart to help 
identify the capacitors. You will want to make sure that 
you install the correct value capacitor into the right 
location on the circuit board in order for the circuit to 
work correctly. For example, a capacitor marked with 
(102) denotes a value of .001 UF, while a capacitor with 
a marking of (103) denotes a capacitor value of .01 UF. 


Look through the component pile and identify the 
capacitors and what type they are and then refer to the 


eno Digit 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


parts layout diagram and capacitor code chart before 
installing them on the circuit board. Go ahead and place 
a few of the capacitors at their respective locations on the 
PC board and solder them in place. Remember to trim the 
extra component lead length with your end-cutters. 


The magnetometer main circuit board utilizes three 
silicon diodes. Diodes have polarity and they must be 
installed correctly for the circuit to operate correctly. 
Each diode will have either a black or white colored 
band at one end of the diode body. The colored band 
represents the diode’s cathode lead, the opposite lead is 
the anode. Remember the diode”s electronic symbol is 
an arrow or triangle pointing to a vertical line. The 
vertical line 1s the cathode of the diode. Refer to the 
schematic and parts layout diagram when mounting 
the diodes onto the circuit board. Place the diodes on 
the circuit board and solder them in place. Trim the 
excess leads as necessary. 


The magnetometer project employs a 10 MHz crystal 
which is connected to pin 16 of U1. The crystal has no 
polarity so it can be placed in either direction on the 
board. Handle the crystal carefully so as to not break off 
the leads from the crystal body. 


Before we begin placing the semiconductors on the 
PC board, you will want to refer to the semiconductor 


Table 18-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Most 
capacitors actually have the numeric values stamped on them; however, some are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 
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Multiplier 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic O15 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 .1 Mylar 104 
220 pF Ceramic 221 Ns Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 
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The common terminal is in electrical 
contact with the mounting base. 
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Figure 18-7 Semiconductor pin-outs 


pin-out diagram shown in Figure 8-7, which will assist 
you in orienting the ICs. The magnetometer project 
utilizes two main integrated circuits which are rather 
expensive, so we recommend using IC sockets. As a 
good insurance policy locate two IC sockets and solder 
them in place for Ul and U2. If an IC fails at some later 
date ‘down the road’, you can simply unplug the 
defective one and replace it with a new one. Note that 
the IC sockets will usually have a notch or cut-out at 
one end of the plastic package. The lead just to the left 
of the notch is pin. You will have to make sure that 

pin one (1) of each socket is connected to the correct 
components; refer to the schematic and parts layout 
diagrams. Note pin one (1) of U1 goes to the anode of 
diodes D1 and D2, while pin one (1) of U2 is connected 
to pin six (6) of U1. When installing the ICs into their 
respective sockets, you will have to make sure pin one 
(1) of the IC is placed into pin one (1) of the socket to 
prevent damage to the integrated circuits. 


It is a good time to take a short, well deserved rest 
and when we return we will examine the main circuit 
board for any possible “cold” solder joints or “short” 
circuits. Pick up the main circuit board with the foil 
side facing upwards towards you. Look over the main 
circuit board, we will be looking at the solder joints for 
possible “cold” solder joints. The solder joints should 
all look clean, bright and shiny, if you see any solder 
joints that look dull, dark or “blobby,” you will need to 
un-solder the joint and remove the solder with a solder- 
sucker and then re-solder the connection, so that the 
new solder joint looks good. Next we will examine the 
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The common terminal is in electrical 
contact with the mounting base. 
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PC board for possible “short” circuits. Often “short” 
circuits can be caused by “stray” component leads or 
solder “blobs” which may have stuck to the underside 
of the PC board from solder residue. Look for solder 
blobs or solder bridges which may be “shorting” or 
bridging between circuit traces on the PC board. With 
the PC board free from any defect, we can continue on 
and prepare for connecting the sensor and power-up the 
circuit. 


The main magnetometer board was mounted on 
standoffs in a metal chassis box, as seen in Figure 18-8. 
The on-off power switch and sensitivity rotary switch 
were mounted on the front panel of the chassis box, 
along with the meter binding posts. A 3-position screw 
terminal block or 3-circuit connector can be mounted on 
the side of the chassis box to allow the main circuit to 


connect to the remote sensor board. 


Figure 18-8 Magnetometer — inside view 


Now refer to the sensor power supply circuit diagram 
shown in Figure 18-6. This diagram illustrates the 
remote flux-gate sensor and power regulator PC board. 
The sensor and regulator were placed on a small circuit 
board, and in a water proof PVC cylinder so it can be 
buried below the frost-line at about 4 feet underground. 
The sensor should be placed well away from your 
house, buried level in the ground with the ends of the 
sensor facing East-West. The remote sensor is powered 
from the main circuit board. You will want to place the 
remote sensor and power supply in a non-metallic PVC 
case and waterproof the case so water cannot leak inside 
the case. The sensor will need to be facing the outside 
of the PVC cylinder away from the other electronics 
inside the package. Use no metal fasteners to secure 
the circuit to the PVC enclosure. You will have to 
make provisions to allow the three conductor to exit 
the opposite end of the PVC case away from the 
sensor end. 


The main magnetometer circuit board was placed in a 
metal chassis which measures 6” x 3” x 2” as shown in 
the photo. The power switch, power LED, gain switch 
and reset switch along with the output binding posts, 
were mounted on the front of the chassis box. A four 
position terminal strip was mounted along the side of 
the chassis box to allow the remote sensor to be 
connected to the main circuit. A coaxial power jack was 
also mounted on the side of the chassis box to allow a 
12 volt “wall wart” power supply to plug-in and power 
the circuit. 


If you wish to construct your own power supply 
for the magnetometer project, refer to the diagram in 
Figure 18-9, which illustrates a 12 volt power supply 
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Figure 18-9 Magnetometer power supply 


from line-voltage. A 24 volt center tapped transformer 
feeds AC to the 4-diode bridge rectifier package at BR1. 
The DC output from the rectifier is filtered via Cl and 
C2 and then sent to a 9 volt IC regulator chip at U1. 
The output of the regulator chip is filtered at its output. 
This optional power supply will provide 9 volts which 
can be used to power the magnetometer circuit, if you 
choose not to use a 9 to 12 “wall wart” power supply. 


The main circuit board was mounted on standoffs 
inside the bottom of the chassis box. Once you have 
mounted the main circuit board and the controls, you 
can locate a length of 20 to 24 gauge, three or four 
conductor cables and connect the sensor board to the 
main circuit board. Connect a digital voltmeter to the 
output terminal binding posts and set the meter to read 
5 volts to 10 volts. Connect up your power supply to the 
main circuit board and we can now test the 
magnetometer to see if it is working. Turn the power 
switch to on, and set the meter range or gain switch to 
maximum sensitivity. With the sensor away from the 
main circuit board and chassis, bring a small magnet 
within rage of the sensor to say about 2 feet away. 
After about eight or ten seconds, you should see the 
effects of bringing the magnet near to the sensor. The 
reading will NOT be instantaneous, but you should see 
the meter read up to 2 volts or so. Move the magnet 
away and you should see the meter respond in 8 or 
10 seconds. If all is well you will have a working 
portable flux-gate magnetometer, which can be 
used for many applications such as monitoring diurnal 
magnetic Earth variations or solar storms. You can even 
use the magnetometer as a UFO detector or driveway 


monitor. 


If your magnetometer did not “spring-to-life” then 
you will have to turn off the circuit and remove the 
power supply, and look the circuit over carefully to 
make sure you didn’t install a component incorrectly. 
Grab your schematic, parts layout diagrams and charts 
and let's take a closer look at the circuit board. 
Remember we talked about certain components, like 
capacitors and diodes having polarity. Make sure that 
you installed the electrolytic capacitors and diodes with 
respect to their proper polarity; this is common cause 
for error. If need be, have another person, such as a 
parent or skilled technician or engineer or knowledgeable 
friend, look over the circuit for you. The same person 
looking over the same circuit numerous times often 
prevents you from finding your errors; you need a fresh 
look from another person to catch mistakes. Another 
cause for error is placing the integrated circuits in the 
wrong socket or in the wrong direction in the socket. 
After looking the board over carefully, you can re-apply 
the sensor and power supply connections and test the 
circuit once again, hopefully it will work fine this time 
around. 


Once you know the magnetometer and sensor 
circuits are working properly, you can make provisions 
for mounting the sensor in a water-tight PVC case. 
The remote flux-gate sensor probe was mounted in a 
2%” x 12” length of PVC pipe. Circuit board guides 
were epoxied to the inside of the PVC pipe to 
allow the circuit board to be slid into the PVC pipe. 
One 2%” end cap was cleaned and cemented to the 
outside probe end of the PVC pipe. A 4” hole was 
drilled and tapped in the center of the second PVC 


end cap. Try to use as little metal as possible when 
mounting the sensor in the PVC pipe, use brass or 
plastic screws where possible. A brass nipple fitting 
cemented in the tapped hole allows the three conductor 
cables to exit the probe assembly in the PVC pipe. 
Before cementing the final end cap to the PVC pipe 
you will want to test the Earth-Field magnetometer 
before burying the sensor probe assembly. Since the 
sensor is NOT an expensive temperature referenced 

or compensated type sensor it is subject to extreme 
temperature variations, so if you live in the northern 
climate zones, it will be necessary to mount the 

sensor underground, below the frost-line, to prevent 
temperature swings from affecting the reading of the 
meter. In most frost-prone areas, you will need to 
mount the water-proof sensor assembly about 4’ to 4%’ 
underground. The sensor should be mounted as far away 
from metal objects and traffic as possible to ensure the 
best results. The sensor package should be mounted so 
that it will face North-South as shown in Figure 18-3. 


The output of the magnetometer can be connected to 
a logging digital multi-meter, so the imported data can 
be later analyzed by your personal computer. You could 
also use an inexpensive portable data-logger such as the 
HOBO series from Onset Computers, or you could use 
an analog to digital converter card in your PC to collect 
the data sample over time. If your meter is set to the 
most sensitive position, and everything is in working 
order, you should easily be able to monitor the Earth’s 
diurnal variations twice a day. You should also be able 
to detect strong magnetic storms on the Sun, with your 
new magnetometer. 
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Aw resistor 
R5 10kohm potentiometer 
(chassis mount) 
R6 Ikohm Yw resistor 
R7 100k potentiometer 
(PC mount) 
R8 100ohm yw resistor 
RQ 10kohm yw resistor 
R10 470kohm Yw 
resistor 
R11 56kohm Yw resistor 
R12 22kohm Yw resistor 


RL. Sk-ohm 
potentiometer 
(PC mount) 


CL AOGpE; 257V Ceramic 


Capacitor 


Ez. ASOD DF, 39 MyLar 


capacitor 


C3 «DOLUF;,. 39 V. ceramic 


capacitor 


C4 1H4F, 35v tantalum 


capacitor 


Co ALOE 35° Tantalum 
capacitor 

C6;C7 TOF, 397V 
electrolytic 


capacitor 


C8,C9 O.1uF, 35v 


Ceramic capacitor 


COEL TODOME: Soy 


electrolytic capacitor 


DI,.DZ INSTA “silicon 
diode 


D3,D4 1N34 germanium 
diode 


UL <GM353--0p=ainp 
(National 
Semiconductor) 


U2 RC4136 op-amp (Texas 


Instruments) 


Us.  79L09 =-= SVOL 
regulator {~ volts) 

UTA. 7O09 = DVOLE 
regulator (+ volts) 

Tl 600 to 600 ohm 
inter-stage/ matching 
transformer 


Lil Loop antenna 


(see text) 


Sl DPST toggle switch 
(On-Off) 


Fl .50 amp fast-blow 


fuse 


BR1 bridge rectifier - 
50y DC/2 amp 


PEL 117 VAC plug 


Mise ‘PC board, 1€ 
sockets, wire, solder, 
solder lugs, chassis 
hardware, screws, 
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A sudden ionospheric disturbance (SID) is an 
abnormally high plasma density in the ionosphere 
caused by an occasional sudden solar flare, which often 
interrupts or interferes with telecommunications 
systems. The SID results in a sudden increase in radio- 
wave absorption that is most severe in the upper 
medium-frequency (MF) and lower high-frequency 
(HF) ranges. 


When a solar flare occurs on the Sun, a blast of 
ultraviolet and X-ray radiation hits the day-side of the 
Earth after 8 minutes. This high energy radiation is 
absorbed by atmospheric particles raising them to 
excited states and knocking electrons free in the 
process of photo-ionization. The low altitude 
ionospheric layers (D region and E region) immediately 
increase in density over the entire day-side. The 
Earth’s ionosphere reacts to the intense X-ray and 
ultraviolet radiation released during a solar flare and 
often produces shortwave radio fadeout on the day-side 
of the Earth as the result of enhanced X-rays from a 
solar flare. 


Shortwave radio waves (in the HF range) are 
absorbed by the increased particles in the low 
altitude ionosphere causing a complete blackout 
of radio communications. This is called a Short Wave 
Fadeout. These fadeouts last for a few minutes to a few 
hours and are most severe in the equatorial regions 
where the Sun is most directly overhead. The 
ionospheric disturbance enhances long wave (VLF) 
radio propagation. SIDs are observed and recorded by 
monitoring the signal strength of a distant VLF 
transmitter. As the fadeouts occur, reception of the 
station strength varies thus creating a fluctuating voltage 
output at the receiver which can be recorded and 
observed using a computer with a chart recorder 


program. 


You can build and investigate the phenomena of 
SIDs with a special receiver and a low cost 
data-logger setup. You can not only observe when 
solar flares are occurring but you can collect and 
analyze the data and display it on your computer. The 
SIDs receiver is a great opportunity to observe first- 
hand when a solar event occurs, but you can use it to 
predict when radio blackouts will affect radio 
propagation, which is extremely useful for amateur 
radio operators. 


VLF signal propagation 


Why do VLF signals strengthen at night instead of 
getting weaker? If propagation is basically via the 
waveguide effect, why doesn’t the signal drop DOWN 
at night when the waveguide disappears with the D 
layer? Is there some kind of reduced absorption at 
night? If so, where is it taking place and why? Also, 
what accounts for the big fluctuations in signal strength 
at night, apparently more or less at random? 


The strength of the received signal depends on the 
effective reflection coefficient of the region from which 
the radio wave reflects in its multi-hop path between 
Earth and the ionosphere. In daytime the reflecting region 
is lower, the air density is higher, and the free electron 
density is controlled strongly by the solar radiation, etc. 
At night time the reflecting region is higher, the air 
density is lower, and the free electron density is 
controlled by variable ambient conditions as well as 
variable influences from electron “precipitation” from 
above, etc. 


At noon the electron density is about 10 electrons/cm? 
at an altitude of 40km, 100 electrons/cm? at an altitude 
of 60km, 1000 electrons/cm? at an altitude of 80 km 
and 10,000 electrons/cm? at an altitude of 85 km. 


At night these figures become 10 electrons 
electrons/cm? at 85 km, 100 electrons/cm? at 88 km 
and 1000 electrons/cm? at 95 km and then remains 
somewhat the same up to at least 140 km. At night the 
electron density in the lower part of the D region pretty 
much disappears. At 40 km the electron collision 
frequency 1s about 1,000,000,000 collisions per second 
whereas at 80 km the collision frequency drops to 
1,000,000 collision per second. The reflection coefficient 
depends on (among other things) the number density of 
free electrons, the collision frequency, and the frequency 
of the radio signal. It is found by a mathematical 
integration throughout the entire D-region and of course 
the result depends on what time of the 24 hour day one 
performs the integration. 


We can think of the E-Layer propagating the signal at 
night. Then the prominent sunrise pattern we see 1s a 
shift from E-Layer propagation back to D-Layer as 
the sun rises and forms the daytime D-Layer. 
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Figure 19-1 Sudden ionospheric disturbance receiver 


The sunset pattern is the reverse. An interesting feature 
of waveguide mode propagation was that the signal was 
split into two components which can form an 


interference pattern. 
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Figure 19-2 Sudden ionospheric disturbance receiver 


You can build your own Sudden lonospheric 
Disturbances (SIDs) receiver, shown in Figure 19-1, and 
begin your own investigation of solar flares and their 
effects on radio propagation. The SIDs receiver is a 
simple VLF receiver designed to be used with a loop 
antenna which can be placed either inside or outside. 
The receiver monitors the strong VLF signal from the 
US Navy NAA 24 kHz transmitter in Cutler Maine. 


The Sudden Ionospheric Disturbance (SID) receiver 
is a modified Stokes’ Gyrator tuned VLF receiver based 
on the circuit from Communications Quarterly Spring 
1994 pp. 24—26. The main circuit diagram shown is 
Figure 19-2, it illustrates SIDs receiver which consists 
of two integrated circuits, a Texas Instruments RC4136 
and a National LF353 operation amplifier. The SIDs 
receiver is fed from a loop antenna at L1. The antenna 
is coupled to the SIDs receiver via a miniature 600 to 
600 ohm matching transformer at T1. The output from 
the secondary of T1 is fed to two protection diodes at 
D1 and D2 at the front end of the receiver. The output 
of the diode network is then coupled to a 100 pF 
capacitor at Cl. Capacitor C2 is connected from the 
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output of Cl to ground at the input of the first op-amp 
stage U2:B. Integrated circuit sections U2:A and U2:B 
form an amplifier/filter and tuning. The “tuning” is 
controlled via R6, which is placed in a shielded 
enclosure to prevent circuit oscillation. The potentiometer 
is kept separate in a small shielded box formed by some 
scrap pieces of thin circuit board soldered together. 

The output from U2:A is next fed to IC:D and U2:C 
which forms an amplifier/integrator section. A final 
buffer amplifier section at U1 is used to drive the 

0-1 mA meter at the output. The output of the SIDs 
receiver at (A) can be coupled a low cost data-logger 


in order to record signals over time. 


The SIDs receiver was built on a circuit board circuit 
board, for most reliable operation, but other types of RF 
building techniques could be used. The circuit board is 
available from FAR Circuits—see Appendix. Before we 
begin building the circuit take a few minutes to locate a 
clean well lit work table or work bench. You will want 
to locate a small 27 to 33 watt pencil-tipped soldering 
iron, a roll of 60/40 tin/lead rosin core solder, and a 
small jar of “Tip Tinner,’ a soldering iron tip 
cleaner/dresser. “Tip Tinner” is available at a local 
Radio Shack store. You will also need some small hand 
tools, such as a small flat-blade screwdriver, a Phillips 
screwdriver, a pair of small needle-nose pliers, a pair of 
tweezers, a magnifying glass and a pair of end-cutters. 


Table 19-1 

Resistor color code chart 

Color Band Ist Digit 2nd Digit 
Black 0 0 
Brown 1 1 
Red 2 2 
Orange 3 3 
Yellow 4 4 
Green 5 5 
Blue 6 6 
Violet T 7 
Gray 8 8 
White 9 9 
Gold 

Silver 


No color 


Once you have gathered all the tools, locate all the 
circuit diagrams, such as the schematics, the parts layout 
diagram, the resistor and capacitor code charts, etc. 
Place all the component parts, along with all your tools 
and diagrams, in front of you, warm up your solder iron 
and we will start building the SIDs receiver project. 


First we will identify the resistors for the project. 
Refer to the chart shown in Table 19-1, which will help 
you to identify the resistor color codes. Resistors 
usually have three or four color bands on the body of 
the resistor which denotes the resistor value. The color 
bands begin at one end of the resistor body close to the 
edge. The first color band on resistor R1 is orange, this 
denotes the digit three (3). The second color band is 
also orange, which is the digit number three (3), and the 
third color band is the resistor’s multiplier value which 
is red, and this suggests a multiplier value of 100. So 
the resistor value for R1 is (3) times (3) times (100) or 
3.3k or 3300 ohms. The tolerance value of a resistor is 
noted in the four color band. A fourth color band which 
is silver is a 10% tolerance resistor, while a gold fourth 
band denotes a 5% tolerance value. If there is no fourth 
color band then the resistor will have a 20% tolerance 
value. Once you have identified resistor R1, you will 
note that resistors R1, R2, R3 and R4 all have the same 
color codes, therefore they all have the same value. 
Check your parts layout diagram and the schematic to 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 
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see where these resistors are to be placed on the circuit 
board. Once you verify where the resistors are placed, 
you can install all four resistors on the circuit board and 
solder them in place on the board. Now locate your 
end-cutter and trim the excess component leads. Cut the 
extra component lead lengths flush to the edge of the 
circuit board. Now go ahead and identify another group 
of three or four resistors and place them on the circuit 
board. Once you are sure of their respective locations 
you can solder the next grouping of resistors onto the 
circuit board, remember to trim the excess component 
leads from the board. Place all the remaining resistors 
on the circuit board and solder them all in place, trim 
the extra leads as necessary. 


Now we will move on to installing the capacitors for 
the SIDs receiver project. Capacitors come in two major 
flavors, non-polarized and polarized types. First, we will 
talk about non-polarized capacitors. Usually non-polarized 
capacitors are smaller value types which could take form 
as ceramic disks, mica, tantalum or polyester types. 
Often the capacitors are small in size and frequently the 
capacitor values are printed as three-digit codes rather 
than their actual values, since this code system takes 
less space to print. We have included a chart in 
Table 19-2, which lists the actual capacitor values and 
their respective codes. For example, a capacitor with a 
value of .001 uF will have a code designation of 102, 

a .01 UF capacitor will have 103, and a 0.1 WF capacitor 
will have a code of 104 marked on it. The SIDs project 
has a number of non-polarized type capacitors which 
you will need to install. Take a look through the 
component pile and see if you can identify the small 
non-polar capacitors before attempting to install them 
on the PC board. 


Polarized capacitors are called electrolytic capacitors, 
and they are often larger in physical size. Electrolytic 
capacitors will always have some sort of polarity marking 
on them. You will see either a black or white band or a 
plus (+) or minus (—) marking somewhere on the capacitor 
body. It is very important that you install these types of 
capacitors with respect to their polarity in order for the 
circuit to work properly and to not be damaged upon 
power-up. You will need to refer to the schematic and 
parts layout diagrams when installing electrolytic 
capacitors to make sure that you have installed them 
correctly. The plus (+) marking on the capacitor will point 
to the most positive portion of the circuit. 


Let’s go ahead and identify the non-polarized 
capacitors first. Check the capacitor code chart and make 
sure that you can identify each of the non-polarized 
capacitors. In groups of two or three capacitors install 
them on the PC board. When you have determined that 
you have installed the correct values into their respective 
location on the circuit board, you can solder the 
capacitors in place on the board. Remember to trim the 
excess capacitor leads from the circuit board. Once you 
have the first grouping of capacitors installed you can 
move on to installing another group of non-polarized 
capacitors, until you have installed all of the 
non-polarized capacitors. 


Next, find the electrolytic capacitors from the parts 
pile and we will install them in their proper locations. 
Refer now to the schematic and parts layout diagrams 
so that you can orient the capacitors correctly when 
mounting them on the PC board. Install two or three 
electrolytic capacitors and then solder them in place on 
the PC board. Remember to cut the extra lead lengths 
flush to the PC board. Identify and install the 
remaining electrolytic capacitors on the board and 
solder them in place. Trim the component leads as 


necessary. 


The SIDs receiver employs two silicon diodes at the 
“front-end” and two germanium diodes near the final 
output stage. Diodes have polarity so they must be 
installed in the proper orientation for the circuit to 
function properly. Diodes will generally have either a 
white or black band on the side of the diode’s body. 
The colored band denotes the cathode of the diode. 
Remember that a symbol for a diode is a triangle 
pointing to a vertical line. The vertical line is the 
cathode of the diode. Make sure you install the proper 
diodes in their proper locations with respect to polarity: 
you will need to refer to the schematic and parts layout 
diagrams. 


The SIDs receiver uses two integrated circuits at U1 
and U2. Integrated circuit sockets are highly recommended 
as an insurance policy against any possible failure in the 
distant future. Before we go ahead and install the 
semiconductors, take a quick look at the semiconductor 
pin-out diagram shown in Figure 19-3. The pin-out 
diagram will assist you install the integrated circuits. 

IC sockets are inexpensive and will greatly be appreciated 
in the event of a circuit failure, since most people 
cannot un-solder a 14 or 16 pin integrated circuit 


Table 19-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Most 
capacitors actually have the numeric values stamped on them; however, some are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 .1 Mylar 104 
220 pF Ceramic 221 ʻa Mylar 204 
330 pF Ceramic 331 YA Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 6 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


(TO-92) (TO-92) 
Plastic Package (Z) Plastic Package (2) 
OUTPUT INPUT SND 
GND 00774400 INPUT 
Bottom view Bottom view 
LM78L05 LM79L05 


Figure 19-3 Semiconductor pin-outs 


without damage to the circuit board. Integrated circuits 
must be installed correctly for the circuit to work 
properly. Looking at the IC, you will notice a small 
notch or cut-out or small indented circle at one end of 
the IC body. Pin one (1) of the IC will be just to the 

left of this cut-out or notch. The IC socket will often 
appear the same way with a notch or cut-out with pin 
one (1) to the left of the notch or cut-out. You must 
orient pin of the IC with pin 1 of the IC socket, and 

you must them be sure to orient pin of the IC socket 

to match up with the proper components on the circuit 
board. For example, pin one (1) of U1 is connected to 
the output of the circuit at the junction of R8 and R11. 
Note that pin 8 is the plus power supply input, while pin 
4 is the ground on U1. Pin one (1) of U2 corresponds to 
the minus (—) INPUT #1 at U2:A, which is connected to 
the junction of R1 and R2. 


A small metal compartment should be placed around 
the main tuning potentiometer R6 in order to shielded 
this control. This can be done with the use of some 
scrap circuit board material which can be soldered 
together to form a small box. You will have to use a 
soldering gun or a higher temperature soldering 
iron, in order to solder large areas of circuit board 


material. 


The output of the SIDs receiver is fed to the 0-1 mA 
analog meter at M1. The output of the SIDs monitor can 
also be fed to the input of an analog to digital converter 
place in a personal computer, for recording over long 
lengths of time. 


Since the SIDs receiver utilizes integrated circuits 
which require the use of a dual power supply providing 
both a plus and minus voltage to the circuit, and since 
the circuit is meant to be left on for long periods 


00774802 


OUTPUT El 


LM353 


RM4136 


of time the use of a dual voltage AC power supply is 
recommended. The diagram shown in Figure 19-4 
illustrates a simple dual plus and minus voltage power 
supply which can be used to power the SIDs receiver. 
A 9 volt 500 mA center tapped transformer was used to 
drive a bridge rectifier, which provides both a plus and 
minus voltage that is sent to a 9 volt plus regulator. 

An LM78L09 regulator and the minus leg of the bridge 
is sent to an LM79L09 minus 9 volt regulator. The 
power supply could be built on perf-board or on a 
printed circuit board 1f desired. The power supply and 
SIDs receiver could be mounted alongside one another 


in the same chassis. 


Take a short break and when we return we will 
inspect the circuit board for any possible “cold” solder 
joints or “short” circuits. Pick up the circuit board so 
that the foil side of the PC board faces upwards toward 
you. Look over the foil side of the board very carefully. 
The solder joints should all look clean, bright and shiny. 
If you see any solder joints that look dull, dark, dirty 
or “blobby” then you should remove the solder and 
re-solder the joint so that it looks clean, bright and 
shiny. Next we are going to inspect the PC board for 
any possible “short” circuits. Sometimes “cut” 
component leads will “stick” to the board from solder 
residue left on the board. These “stray” wires can often 
cause a “short” between the solder traces. Also look 
closely for any solder “blob” or “solder balls,” 
which may have stuck to the underside of the 
PC board. 


The SIDs receiver and power supply can both be 
installed in a metal chassis box enclosure. The 
prototype receiver was mounted in a sloping cabinet as 
in Figure 19-1. The power supply was mounted alongside 


117 VAC 


Figure 19-4 Dual voltage power supply 


the SIDs receiver. The tuning control as well as the 
power on-off switch and meter were all mounted 

on the front panel of the enclosure. The power cord was 
led out of the rear panel through a stain-relief. A power 
fuse was installed inside a chassis mounted fuse 

holder on the rear of the panel. A dual binding 
post/banana chassis jack was mounted on the top of the 
chassis to connect the antenna loop to the SIDs receiver. 
An RCA jack was placed on the rear of the chassis to 
allow the receiver to connect to an analog to digital 
converter. 


The SIDs receiver requires a rather large loop 
antenna, which can be placed inside your attic or placed 
outside away from large metal structures or aluminum 
siding, in a sheltered area. The coil at L1 is a diamond 
shaped loop antenna as shown in Figure 19-5. The loop 
consisting of 50 turns of solid #24 enameled or plastic 
coated wire, on a PVC pipe square or diamond form. 
The loop has an enclosed area of about 9 square feet. 
Locate four 2%” diameter x 24” long pieces of 
PVC pipe and form a square or diamond shape coil 
form as shown. A PVC elbow was placed on top and 
both sides of the loop form as shown, while a PVC 
“T” was used at the bottom of the loop form to allow 
winding of the coil around the four protrusions at each 
leg of the loop. The four hole center hub holds the loop 
form together. The main vertical PVC pipe was secured 
into a flange which was fastened to a wooden block at 
the base of the loop antenna. The lead-in from the 


loop antenna should form a loose twisted pair. 

This balanced lead-in is routed as far away from 

metal as possible to the 600 to 600 ohm matching 
transformer at T1. This transformer arrangement 
reduces 60 Hz hum interference from entering the SIDs 
receiver. 


The output of the SIDs receiver can be coupled to a 
solid state data-logger from the output of the receiver at 
point (A) at the receiver output terminals. In order to 
save and later view and correlate your recorded data 
you will need to acquire some form of data-logger. 
There are three good options for saving your data. The 
first option is the Onset Computer HOBO series of 
data-loggers. Onset offers a number of different 
models from 8-bit to 12-bit models which are 
reasonably priced from around $60.00. The data-loggers 
are powered by a small button battery which will last 
for a long time. Onset also offers low cost software for 
up/downloading information to the data-logger. 

Starting times and dates can be preset as well as 
voltage parameters and timing between samples. These 
are a great alternative. Another data-logger option is the 
new introductory “starter package” from Dataq DI- 
194RS 10-bit resolution PC data-logger kit for $24.95. 
This data-logger option is a real bargain, providing both 
hardware and software and it can get you started 
recording data in just a short time. The company 

offers many other data recorder options as well. 

Check their website for details http://www.dataq.com. 


Figure 19-5 Loop antenna 


In normal operation, the SIDs receiver would be 
permanently tuned to a powerful VLF station such as 
(NAA), the powerful US Navy 24 kHz VLF transmitter 
station in the state of Maine, and your data-logger or 
A/D converter would constantly monitor the signal 
from NAA to record propagation changes on your 
personal computer for study. Once the receiver has 
been completed, you can attach the antenna, power 
supply and data recorder. Connect the output of the data 
recorder to your personal computer and you are ready 
to begin recording. Now turn on the receiver and you 
should see a signal on your computer chart recorder 
display. If you remove the antenna from the circuit the 
output should go to zero or base-line. If your SIDs 
receiver does not appear to work, then you will need 
to disconnect the power supply and data recorder and 
antenna and inspect the circuit board for possible 
errors. The most common cause for circuit failure after 
building a new circuit is the improper installation of 
components, such as electrolytic capacitors, diodes and 


semiconductors such as transistors or integrated circuits. 


You may also want to check the placement of resistors 


on the circuit board. Ask a knowledgeable 

electronics enthusiast to help you inspect the circuit 
board for errors. Having completed the inspection, and 
hopefully an error was found, you can reconnect the 
antenna and power supply and then re-test the 


receiver. 


SIDS research 
opportunities 


You can join the foremost group involved with SIDs 
research. The AAVSO or American Association of 
Variable Start Observers SID Program consists of solar 
observers who monitor very low frequency (VLF) radio 
stations for sudden enhancements of their signals. 
Earth’s ionosphere reacts to the intense X-ray and 
ultraviolet radiation released during a solar flare. The 
ionospheric disturbance enhances VLF radio propagation. 
By monitoring the signal strength of a distant VLF 
transmitter, sudden ionospheric disturbances (SIDs) are 
recorded and indicate a recent solar flare event. All SID 
monitoring stations are home built by the observers. 
The SID station operates unattended until the end of 
each month. Recordings are then analyzed for the 
beginning, end, and duration of SID events. A simple 
A/D converter design for specific use with the VLF 
receivers is available by contacting the chairman. SID 
observers submit strip-charts or computer plots to the 
SID coordinator for visual inspection at the end of each 
month. Many observers analyze their own stripcharts 
and computer plots. Analyzed results are submitted via 
e-mail to the SID Analyst for correlation with other 
observers’ results. The final SID report combines 
individual observers’ reports with the SID Coordinator 
visual analysis. SID event results are sent monthly to 
the National Geophysical Data Center (NGDC) for 
publication in the Solar-Geophysical Data Report where 
they are accessed by researchers worldwide. The 
reduced SIDs data and particularly interesting plots are 
reproduced in the monthly AAVSO Solar Bulletin 
mailed to all contributing members. 
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Aurora Monitor Project 


Aurora Monitor: 


Sensor Head Unit 


RLR? 1.5megohm watt, 


5% resistor 
R>. 5.6megohm, / watt, 


5% resistor 


R4 100k potentiometer 


PCB trimmer 


R5 10megohm “watt, 


5% resistor 


Cleo 56? ¿LME BS vele 


disk capacitor 


D1 1N914 silicon 
diode 


LM4250 low noise/high 


gain op-amp 


Ll sensing coil, see 
text 


BlgB2 Lrovole “CY Geld 
battery 


J1 RCA input jack 


Mase PC ¡Boaro. COL 


LOM, Wire; Coax; ere. 


Control/Display Unit 


R6 18kohms, / watt, 


5% resistor 


R7 12kohms, Y watt, 
5% resistor 

R8,R9,R12,R20 
10kohms, / watt, 


5% resistor 


R10 30kohms, “watt, 


5% resistor 


R11 50kohms, panel- 


mount potentiometer 


R13 200kohms, Y,watt, 


5% resistor 


R14 3megohm, 7 watty; 


5% resistor 


R15 1megonm, PCB 


trimmer potentiometer 


R16 1megohm, / watt, 


5% resistor 


RL?  1megohm, 
panel-mount 


potentiometer 


RLesREF9. Sk ohm 
panel-mount 


potentiometer 


R21 1kohm, 7/,watt, 


5% resistor 


R22 100ohms, %wW, 


5% resistor 


R23 4.7kohms, 7 watt, 


5% resistor 


C4. OOD r 29VOLE 
ceramic disk capacitor 
Cope ler LO De L UE, 
293 volt. ceramic disk 


capacitor 


C6 0.024F, 25volt 


ceramic disk capacitor 


Ce- As TUE, 259 VOLt 
aluminum electrolytic 


capacitor 


CEL 00 ME,-29W0L6€ 
disk capacitor 


(optional) 
Gi2 IMHE, 29 volt 


aluminum electrolytic 


capacitor 


DUDA DADA. ENYA 


silicon diodes 


Ok 2NZ2907 PNP 


transistor 


Oz 03 2N394;, “NPN 


transistor 
U1 LM4250 low noise 


op-amp (National 


Sem Conductor) y 


U2 1TC1062 (Linear 
Technology) 


U3 IM201A dual op-amp 
(National 


Semiconductor) 


U4 1M/47 op-amp 
(National 


Semiconductor) 


S1 DPDT toggle power 


switch 


S2,S4 SPST toggle 


switches 


So S= OOS 1DCLOm. Otay 
switch, break before 


make 

M1 100-micro-ampere 
moving-coil panel- 
mounted meter 


SPKR1 
a E 


8 ohm speaker, 


Bl, B27;B37 B4. Ley (AA) 
or (C) cells (+) plus 
voltage supply 


B5;B06/B1,B90. luv (AA) 
or (C) cells (-) 


minus voltage supply 
Jard. RCA Tack 


Mise PC board, chassis, 
wire, coax, hardware, 
standofts, RIV 
compound, 


washers, etc. 


The Aurora Borealis is one of nature’s most spectacular 
nighttime displays. Shimmering curtains of green, 
white, and even red light dance in the northern skies. 
Visible effects of charged particles from the Sun raining 
down on the Earth’s ionosphere, northern lights or 
auroras, are visible in the northern night sky during high 
sunspot activity. The Aurora Australis, the southern 
hemisphere’s counterpart of the Aurora Borealis, can be 
seen at night by looking toward the south pole. 


These displays of undulating light are formed when 
flares from the Sun’s surface (sunspots) launch showers 
of high-energy ionized particles and X-rays into space. 
Mostly electrons, the showers stream out from the sun 
and are attracted by the Earth’s magnetosphere, an 
invisible magnetic field around the Earth. 


Shaped like a pumpkin, the magnetosphere terminates 
at both magnetic poles but is many miles thick above 
the equator. Dimples at both poles form “sinks” that 
funnel the particles toward the poles where they ionize 
the gas in the ionosphere. Those collisions induce the 
gases to emit their characteristic light wavelengths—as 
in neon signs and fluorescent lamps. 


The charged particle bombardment of the 
magnetosphere initially compresses it, temporarily 
increasing the strength of the Earth’s geomagnetic field. 
The aurora monitor described here is sensitive enough 
to detect changes in the field caused by those “magnetic 
storms.” Thus it can indirectly sense sunspots and 
predict the presence of auroras in the night sky. 


The monitor also senses changes or anomalies in the 
magnetic field caused by large metal objects such as 
cars or trucks moving near the monitor. This permits it 
to act as an intrusion detection monitor able to detect 
the approach of vehicles at night in restricted areas. The 
monitor can also detect the presence of permanent 
magnets (such as those in speakers), and stray fields 
from AC-power lines. 


Early warning of auroras will both permit you to 
observe them in the night sky or use them for boosting 
the range of your amateur radio transmissions. Auroras 
and their accompanying magnetic storms generally 
block or scramble the lower radio frequencies, but the 
higher frequencies can overcome this interference. 
Radio amateurs aim their antennas north during those 
storms, thus taking advantage of the phenomena to 
reach other hams on the opposite side of the Earth that 


Figure 20-1 Aurora monitor 


could not be contacted during periods of low sunspot 
activity. 


In addition to scrambling low-frequency radio 
communications, the magnetic storms caused by auroras 
can induce large currents in power transmission lines. 
Those currents can cause overload, plunging large 
regions of the country into darkness. Auroras and 
related magnetic storms are quite common during the 
decreasing parts of the 11-year sunspot cycle such as 
the period we are now in. 


The Aurora Monitor consists of two main 
components, a sensing head and the control/display unit 
which are connected by a coaxial cable. The sensing 
head contains a sensing coil, a DC nano amplifier 
capable of current amplification of 500, and a separate 
power pack, all enclosed in the tubular case shown on 
the right side of Figure 20-1. Figure 20-2 illustrates the 
interior of the Aurora Monitor prototype. The Aurora 
Monitor is sensitive to a pulse of one ampere at distance 


Figure 20-2 Aurora monitor console and sensor 


of one meter, which corresponds to one milligauss. 
(The Earth’s magnetic field is about 0.5 ga.) 


The control/display unit contains an active filter, 
additional amplification circuitry, a moving-coil 
ammeter, and an audio oscillator with speaker. 

Figure 20-1 shows the front-panel controls and indicators 
of the monitor: moving-coil ammeter, SENSITIVITY, 
RATE, and ALARM ADJUST potentiometers as well as 
power (OFF), filter-in and RANGE switches. 


The sensor head unit 


The sensor head schematic circuit is illustrated in 
Figure 20-3. Gain is provided by U1, a National 
Semiconductor LM4250 programmable operational 
amplifier. It is protected from over voltage and 
transients by diode D1 and D2, and its overall gain is 
set by resistors R1 and R2. The output of U1 is driven 
to zero or balanced by network R3 and R4. Its output 
should remain at zero as long as no changes occur in the 
ambient magnetic field. 


Bypass capacitors C2 and C3 are placed across 
the positive and negative power supply. Power for the 
sensing amplifier is obtained from two “C” cells. 
The sensor circuit draws very little current, so it can be 
left on at all times, thus eliminating the power switch. 


The control/display unit 


The control/display circuit schematic is depicted in the 
schematic in Figure 20-4. It provides an additional gain 
of 200 over that of the sensor circuit. The 
control/display circuit includes an adjustable low-pass 
notch filter, U2, a Linear Technology LTC 1062. By 
adjusting the clock frequency of the filter with resistor 
RII and the capacitors C4, C5 and C6, the filter cancels 
interference frequencies and noise in the 2 Hz to 10kHz 
band. The notch filter can also screen out 60 Hz noise. 
Switch S2 inserts or removes the filter. U3, an LM201A 
general purpose op-amp, filters out the clock noise 
generated within the filter chip. The output of U3 is fed 
into the non-inverting input of U4-A, half of a dual 747 
general purpose op-amp. The overall gain of U4-A is 
adjusted by resistor R16. Trimmer potentiometer R15 
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Figure 20-3 Aurora monitor sensor head 


adjusts the offset or balance. PULSE SHAPE 
potentiometer R17 and capacitor C5 form an optional 
pulse-shaping network for coupling the Aurora Monitor 
to a chart recorder or an analog-to-digital conversion 
board of a personal computer. 


The output of U4-A is coupled to a voltage follower 
at U4-B. The output of U4-B is divided into two 
channels. One channel is fed through 5000-ohm 
SENSITIVITY potentiometer R18, which adjusts the 
output level of the signal fed to the 100-microampere 
panel meter MI. Movement of the meter’s needle shows 
changes in the local magnetic field. Potentiometer R18 
also adjusts the output signal that can be fed to a chart 
recorder for data-logging. 


The other channel is fed through ALARM ADJUST 
5000-ohm potentiometer, R19, which sets the 
threshold or set-point for the reflex oscillator circuit 
that follows it. The oscillator consists of transistors Q1, 
Q2, and Q3 and associated components. Speaker 
SPKR1 gives an audible indication of changes in the 
local magnetic field. The network of diode D3 and 
aluminum electrolytic capacitor C8 performs additional 
filtering for the input signal to the reflex oscillator 
section. 


R5 


-1.5 V 


Transistor Q1 controls the audible alarm by clamping 
the negative voltage returning through the ground path. 
When a magnetic event occurs, the speaker emits an 
audible alarm, and the meter gives a visual indication of 
a changing magnetic field. The adjustment of ALARM 
ADJUST potentiometer R24 can remove distortion from 
the sound of the speaker. 


The author’s prototype control/display unit is 
powered by eight AA cells: four cells provide positive 
voltage and four cells provide negative voltage. As an 
alternative, the monitor can be powered by rechargeable 
nickel-cadmium cells. 


Construction 


In order to begin constructing the Aurora Monitor, you 
will need to secure a clean will lit work table or work 
bench so you can spread out all the tools, project 
components, charts and diagrams. You will need to 
locate a small 27 to 33 watt pencil-tipped soldering iron, 
a small roll of 60/40 rosin core solder, a small jar of 
“Tip Tinner,” soldering iron tip cleaner/dresser, from 
your local Radio Shack store. A few small hand tools 
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Figure 20-4 Aurora monitor display/control unit 
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are also required to construct the project. You should 
locate a small pair or end-cutters, a pair of needle-nose 
pliers, a pair of tweezers, a magnifying glass a small 
flat-blade screwdriver and a small Phillips screwdriver. 


The Aurora Monitor project was constructed on two 
circuit boards, one for the sensor head unit and a second 
PC board for the control display unit. We will begin 
constructing the sensor head unit first, see the schematic 
in Figure 20-3. The sensor head board measured 2 %6 
by 2 %s, it was housed along with the sensor head coil in 
a suitable PVC pipe housing. 


Place the project components in front of you on the 
table, locate the resistor and capacitor identifier charts 
in Tables 20-1 and 20-2, heat up your soldering iron and 
we will begin. First refer to the resistor identifier chart, 
it illustrates the resistor color codes and their 
representative values. Most resistors will have three or 
four color codes on the body of the resistor. The color 
codes begin at one end of the resistor’s body. The first 
color band denotes the first digit of the resistor value, 
while the second color band represents the second digit 
of the resistor code. The third color band on the resistor 
denotes the multiplier value of the resistor, and the 
fourth color code represents the tolerance of the resistor. 
A silver band notes a 10% tolerance value, while a gold 
band denotes a 5% resistor, and the absence of a fourth 
band implies a 20% tolerance for the resistor. For 
example, resistor R1 has a 1.5 megohm value. The first 


Table 20-1 

Resistor color code chart 

Color Band Ist Digit end Digit 
Black 0 0 
Brown 1 1 
Red 2 2 
Orange 3 3 
Yellow 4 4 
Green 5 5 
Blue 6 6 
Violet I 7 
Gray 8 8 
White 9 9 
Gold 

Silver 


No color 


color band would be brown or one (1), the second color 
band would be green or five (5), and the third color or 
multiplier would be green or (100,000). Go ahead and 
locate resistors R1 and R2 which are used in the sensor 
head unit and place them on the sensor head PC board 
in their respective locations. Solder them in place and 
then trim the excess component leads with your 
end-cutter. Cut the excess leads flush to the edge of 

the circuit board. Next locate the remaining resistors on 
the sensor head unit and populate the board. Solder the 
resistors to the board and trim the excess leads. 


Next we are going to install the capacitors on the 
sensor head unit of the Aurora monitor. Capacitors are 
listed as electrolytic or non-electrolytic types. 
Non-electrolytic types are usually small capacitors, often 
they are so small that their actual value is not printed on 
the body of the capacitor but a three-digit code is used, 
see Table 20-2. For example, a .01 UF capacitor would 
be marked (103) while a .1 UF capacitor would be 
marked (104). Locate capacitors C1, C2 and C3 which 
are .1 uf values. Place them on the sensor head PC 
board and solder them in place on the board, remember 
to trim the excess component leads with your end- 
cutters. There are no electrolytic type capacitors on the 
sensor head unit but there are some on the 
control/display PC board. Electrolytic capacitors are 
usually larger in size and value, and usually they will 
have a polarity marking of some kind on the body 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


Table 20-2 
Capacitor code identification information 


This table is designed to provide the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in 

many sizes, shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. 
Most capacitors actually have the numeric values stamped on them; however, some are color coded and some have alphanumeric 
codes. The capacitor’s first and second significant number [Ds are the first and second values, followed by the multiplier number 
code, followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the 


value, while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 UF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 a Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 .33 Mylar 334 
560 pF Ceramic 561 .47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


LM4250 


LM1062 


Figure 20-5 Semiconductor pin-outs 


of the capacitor. You will find either a plus (+) or minus 
(—) marking near one of the leads on the capacitor body. 
Both the sensor head and control/display board utilize 
silicon diodes. Diodes also have polarity, so they must 
be installed correctly in order for the circuit to work 
properly. Look closely at a diode and you will see either 
a white or black color band near one end of the diode 
body. The colored band indicates the cathode end of the 
diode. Go ahead and install D1 on the sensor head board. 


The sensor head and the display boards both have 
integrated circuits on them, so before we begin installing 
the ICs, take a quick look at the pin-out diagram depicted 
in Figure 20-5, which will help you orient the integrated 
circuits. Integrated circuits are highly recommended as an 
insurance against possible circuit failure at some later 
date. It is much easier to simply unplug an IC and place a 
new one in the socket rather than trying to un-solder a 
14 or 16 pin IC from a circuit board. Integrated circuit 
sockets will usually have a notch or cut-out at one end of 
the plastic IC socket. To the immediate left of the notch or 
cut-out you will see pin one (1) of the socket. Pin (1) of 
Ul is connected to one end of potentiometer R4. The IC 
package itself will also have a notch or cut-out at the top 
end of the IC. When placing the IC into its respective 
socket make sure you align pin one (1) of the IC with pin 
one (1) of the socket. The integrated circuits must be 
inserted into the socket properly aligned or the circuit will 
not work and may damage the components. Go ahead and 
place U1 into its socket on the sensor head PC board. 


Sensor coil assembly 


The sensor coil at L1 detects changes in the local 
magnetic field. You will need to wind approximately 
50,000 turns of 28 AWG magnet wire over a soft iron 


LM201A 


LM747 


core 4” in diameter and 10”. (The iron core 
concentrates the flux lines by offering a lower 
reluctance path than air.) 


Wind the fine insulated magnet wire carefully on the 
iron core to avoid kinks and breakage. Tape the ends of 
the winding temporarily to the core and carefully solder 
hook-up wire at each end to form permanent 
terminals. The terminals can be secured to the core 
with room-temperature vulcanizing (RTV) adhesive to 
relieve any strains that might develop in the fine 


magnet wire. 


In the prototype, the sensing circuit board, coil, and 
battery pack, consisting of two “C” cells were housed in 
a case made from standard diameter PVC water pipe cut 
to a length that will accommodate all of those elements 
as shown in Figures 20-6. 


The covers for the sensing head housing are PCV 
end-caps that press-fit over the 2%” outside diameter of 
the pipe. The upper cap is a simple cup, but the lower 
cap is a sleeve with a threaded insert at its end. Drill a 
hole in the square base of the threaded insert for jack J1 
and fasten it with a ring nut. Then close the cover on the 
empty pipe and drill two pilot holes 180° apart in the 
sleeve for self-tapping screws to clamp the cap in 
position after the sensor head is assembled. 


Cut about a 6” length of RG-174/U coaxial cable, 
strip both ends and solder the inner conductor of one 
end to the jack terminal and its shield to the jack lug. 
Solder the inner conductor and shield of the other end to 
the sensor circuit board. 


Attach the coil to the sensor circuit board with about 
a 6” length of RG-174/U coaxial cable as shown. 
Connect the inner conductor to one terminal and the 
shield to the other and solder both in position. The 
prototype includes a twin “C” cell holder that, with 


cells in position, has a maximum width dimension of 


less than 2” permitting it to slide easily into the sensor 
head pipe section. 


Cut three lengths of hook-up wire to extend the 
lengths of the positive, negative and ground leads of the 
battery pack. Solder one end of those wires to the 
holder leads and the other ends to the sensor circuit 
board. 
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Bond the upper cap to the PVC pipe section with 
PVC cement. Then position U1 in its socket, 
making certain that pin 1 is located correctly. Finally, 
insert the “C” cells in the holder. Wrap a layer of 
polyurethane foam around coil L1 to center it within 
the pipe section and insert both in the pipe section with 
the cover at the end. Then assemble the completed 
circuit board and battery pack to make sure that all of 
these parts will fit in the pipe section. Set the 


y 


A 
A 
% 
vf 
f 
% | 
A 
f 
R 
h 
A 
E 
; | 
f 
f 
% 
% 
y 
p 
A 
a 
y 
f 


i as eS a 
* Ti MA qa 
+ RA 
A 


» 


. 
a 
"a i” ky 
a W i «pe 
T A 1] > = al 
re | + all h i < 
Te Ca po 
+ EN 


4 
pe Po -4 
EA, 


ÞE 
b vs Pe. 
-F sl 
| | is 
f ie 
r e 
è e 
# 


assembly aside until you are ready to perform the 
checkout steps. 


Control/display unit 


The control/display prototype circuit board measured 
2%” x 5” to fit inside the instrument case selected. The 
schematic for the control/display board 1s shown in 
Figure 20-4. The dimensions of the circuit boards can 
be modified for packaging in the instrument and sensor 
head cases of your choice. Place the control/display 


o 


circuit board in front of you, along with all its 
respective components, and we will begin constructing 
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the control/display board. 


Aurora Monitor Project 


First we will begin by placing the resistors on the 
PC board; locate R6, an 18k ohm resistor, and R7 a 
12k ohm resistor, and place them on the board and 


ESS 
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solder them in place in their respective locations on the 
board. Next locate and install resistors R8, R9, R12, and 
R20; these are all 10k ohm resistors, solder them in 
place and cut the excess component leads with your 
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end-cutter. Locate and install the remaining resistors, 
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solder them in place and trim the excess component 
leads afterward. 


Next, you can locate the capacitors C4, a .005 uF disk 
capacitor, and it may be marked (502). Install C4 on the 
PC board and solder it in place, remember to cut the 
excess lead lengths. Now, locate capacitors C5, C7, C9 
and C10; these are all .1 UF capacitors and may be 


Figure 20-6 Sensor 
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marked (104). Install these capacitors and solder them 
in place and then trim the extra leads. Now, locate C8, a 
4.7 uF electrolytic capacitor. Capacitor C8 has polarity, 
so it must be installed with respect to these marking. 
Look at the schematic, and you will see that the plus (+) 
side of C8 is connected to the junction of resistor R23 
and diode D3. Install C8, and then solder it place, trim 
the excess leads as necessary. Go ahead and install the 
remaining capacitors and solder them in place on the 
PC board. 


The control/display section of the Aurora Monitor 
employs two silicon diodes, and they must be installed 
with respect to their polarity. The colored band denotes 
the cathode end of the diode. The cathode end of D3 is 
fed to R23, while the cathode end of D4 is sent to C12 
and M1. 


Transistors are generally three-lead devices, with a 
Base lead, a Collector lead, and an Emitter lead. The 
Base lead is depicted as a straight vertical line with two 
arrows pointing to it. The Emitter lead will have a small 
arrow pointing towards or away from it. When the arrow 
points toward the Base lead the transistor is a PNP type. 
If the arrow is pointing away from the Base lead then 
the transistor is an NPN type. Transistor Q1 is a 
PNP type, while Q2 and Q3 are NPN types. Identify 
the transistor leads and install them in their 
respective locations on the PC board, trim the leads as 
necessary. 


The control/display portion of the Aurora Monitor 
utilizes three integrated circuits. Integrated circuits are 
highly recommended in the event of a circuit failure at a 
later date. Be sure to install the ICs correctly: pin one 
(1) of U2 is connected to R7, while pin one (1) of U3 is 
not used, pin two (2) is jointed with R9 and R8 and 
R12. Integrated circuit U4 has pin one (1) connected to 
the junction of R13 and R14. Failure to install the 
integrated circuits correctly may result in damage to the 
IC or to other components as well. 


Finally you will need to connect the small audio 
transformer to the circuit. The higher impedance (1K) 
end of the transformer is connected to the junction of 
Q1 and R22, and the other 1k lead is connected to the 
collector of Q3. The secondary or 8 ohm winding of T1 
is sent to the small 8 ohm speaker. The transformer can 
be mounted on the circuit board or on the bottom of the 
chassis box. The 100uA panel meter is wired between 
the Emitter of Q3 and ground. 


The control/display assembly is housed in a standard 
7” x 5” x 3” aluminum electronics instrument case with 
a removable cover. Drill the holes in the front panel of 
the case for power ON switch S1, FILTER IN switch 
S2, RANGE switch S3 and (if used) optional recorder 
switch S4. Also drill the holes for SENSITIVITY, 
ALARM ADJUST, and RATE potentiometers (R18, 
R19, and R11 respectively). Cut out the hole for 
mounting meter M1. Note: If you want to use the 
monitor strictly as a security monitoring system the 
meter can be omitted. 


Drill the holes in the back panel for jacks J2 and J3, 
and PULSE SHAPE potentiometer R17. Drill a series of 
holes in a circular pattern for the speaker SPKR1. Drill 
holes in the bottom of the case for mounting the 
control/display circuit board and two quad “C” cell 
holders. Remember the circuit uses both a plus 
(+) 6 volt supply and a minus (—) 6 volt supply. We 
chose to power the circuit from batteries, but you could 
use a dual 6 volt power supply to power the control/ 
display unit. 


Assemble the panel-mounted switches, jacks, 
potentiometers, meter and speaker to the front and back 
panels of the case as shown in Figure 20-2. (You might 
prefer to bond the face of the speaker to the inside of the 
back panel with RTV adhesive rather than bolts and nuts.) 


Determine the length of speaker wires needed to 
permit assembly of the circuit board in the instrument 
case, cut the wires to length and solder them to the 
board. Cut and solder all leads from panel-mounted 
components to the circuit board, allowing sufficient 
lengths to permit unimpeded circuit board assembly, yet 
not allowing too much slack. 


Cut about a 6” length of RG-174/U coaxial cable to 
connect INPUT jack J2 and the FILTER IN Switch S2 
and two other lengths about 6” long to connect S2 to 
the FILTER-IN and FILTER-OUT pads on the 
control/display board. Strip all cable ends and solder 
and trim all connections. 


Assemble the control/display board to the base of the 
case with screws and 4%” insulating standoffs, lock 
washers and nuts. Bolt the two quad AA cell holders to 
the base of the case. Position the [Cs in their sockets on 
the control-display board, making sure that all pin 1’s 
are in their correct positions. Insert the eight AA cells in 
the spring-loaded holders, observing the correct polarity. 


Cut a length of RG-174/U coaxial cable to the length 
that will suit your installation. Strip the wire ends and 
attach phono plugs PL1 and PL2 to cable ends and 
solder or crimp them in position. 


Before applying power to the Aurora Monitor, you 
may want to inspect the two circuit boards for “cold” 
solder joints and “short” circuits. Look carefully at the 
foil side of the sensor head unit and examine the solder 
joints. The solder joints should all look clean, bright and 
shiny. If any of the solder joints look dark, dull, or 
“blobby” then remove the solder from the joint and 
re-solder the connection. Next examine the 
control/display board for “cold” solder joints. Now, we 
will inspect the two boards for possible “short” circuits. 
“Short” circuits are usually caused by “stray” 
component leads which get stuck to the board from the 
sticky residue left from rosin core solder or from small 
solder balls which may “short” across the circuit traces. 
Examine both circuit boards for “stray” leads and solder 
balls and remove them if you see any. Now, you are 
ready to apply power to the circuits in order to “test” 
the circuits. 


Test and checkout 


Test the sensing circuit first. Connect a general purpose 
oscilloscope or multi-meter to the output of U1. 
Position a permanent magnet near coil L1 and the 
oscilloscope display should show a pronounced pulse. 
If a multi-meter is used, its readout should jump. 


Next, move Ll away from the magnet and the 
reading on the multi-meter should fall to zero. If the 
reading does not go to zero, adjust trimmer 
potentiometer R4 in the sensor circuit. When the 
sensing head is adjusted and working correctly, close 
the lower cap and fasten it with two non-magnetic 
stainless steel self-tapping screws to complete the 
assembly. Connect one end of the plug-terminated 
coaxial cable to the sensor head jack 1 and the other end 
to the control/ display unit jack J2. 


Turn on the power toggle switch of the 
control/display unit and turn SENSITIVITY 
potentiometer R18 full clockwise. The meter should 
remain at zero. Rotate ALARM ADJUST potentiometer 
R19 clockwise until the alarm just begins to sound. 


Then turn it back slightly so that no sound is heard to 
obtain the maximum sensitivity setting. Next, turn 
potentiometer R19 full clockwise. There should be no 
sound from the speaker. 


Position a small magnet or piece of metal next to coil 
LT in the sensor head and the unit should now be 
activated: the speaker should emit sound, and the meter 
should read full scale. If everything checks out, you can 
now start observing magnetic field disturbances or 
anomalies. 


In a quiet magnetic environment it might be 
necessary to adjust potentiometer R4 in the sensor head 
to the threshold of the meter movement. This fine 
adjustment eliminates any small dead zones in 
sensitivity. Test the instrument’s ability to detect the 
Earth’s magnetic field by rotating the sensing head with 
short, quick, snapping motions in a counter-clockwise 
direction. The meter movement should jump off scale. 


As rotation is continued, a direction will be found 
where the meter will have its lowest response. This 
nulling point is the north-south direction. Any objects 
containing permanent magnets such as speakers or 
meters that are brought into close proximity to the 
Aurora Monitor’s sensing head coil L1 will affect the 
accuracy of the instrument’s readings. 


In the event that the Aurora Monitor does not work 
upon power-up, you will need to disconnect the power 
supply and sensor head unit and inspect the circuit 
board for possible errors which might have occurred 
while building the Aurora Monitor. The most common 
cause for error when constructing the circuit is the 
incorrect installation of the electrolytic capacitors, the 
diodes and semiconductors such as transistors and 
integrated circuits. You may have installed one of these 
components backwards, so you will need to carefully 
inspect the circuit board. A second pair of eyes could be 
very helpful in locating potential errors of this sort. 
Have a knowledgeable electronic enthusiast help you 
inspect the circuit for errors. Another cause for error 1s 
mis-locating resistors. You may have placed the wrong 
value of resistor in a particular location, this would 
cause the circuit to malfunction. After carefully 
inspecting the Aurora Monitor circuit boards, you may 
quickly find your error and correct it. Once the error has 
been located, you reconnect the sensor head unit, and 
then re-apply power and then you can test the Aurora 


Monitor once again. 


The Aurora Monitor can be connected to a chart 
recorder or it can pass signals to a personal computer with 
an analog-to-digital converter board. The recorder or PC 
can collect data for the study of magnetic fields, magnetic 
storms, and sunspot activity over long periods of time for 
further analysis. A set of high-impedance (greater than 
1 kilohm) headphones can be plugged into jack J3 if you 
wish to “hear” the changes in magnetic fields. 


If you want a permanent installation, mount the 
sensing head assembly so that it is directed away from 
any large metal obstructions, oriented on a north-south 
axis, and pointed slightly upwards. It’s a good idea to 
fasten it to a heavy wooden post to prevent wind- 
induced vibrations. 


Parts list 
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Ultra-Low Frequency 
(ULF) Receiver 


ULF Receiver 


R1,R4 50kohm trim 


potentiometer 
RZ; 5,ORORMK = 20° turn BOC 
Ro LOOK OGhmM-trim pot 
R5,R6,R10 10k ohm, Yw, 


5% resistor 
R7,R8,R9,R12,R21 33k 

ohm, YW, 5% resistor 
R11,R16 1k ohm, %w, 


5% resistor 


R13,R20 22k ohm, 7%; 


5% resistor 
RIAS Rl SyRLORpR LO -ATK 
ohm, YW, 5% resistor 
RIF 50k Ohm pot 
R22. 3221 ohp 7,0; 
5% resistor 
CUELLO UE, 
35 VOLE disk Capacitor 


GIL AA CLS CLA A y 
30, VOLE disk Capacitor 


Co,Co LUF vantalum, 
35. Volt «electrolytic 


capacitor 


C10 solur: 35 volt 


disk Capacitor 


C7 .05uF, 35 volt disk 


capacitor 
D1 Zener diode 


VISUZ ITCEIDOS TG 


U3,U4 TLO74 op-amp IC 


U5 INA114 Differential 
amplifier IC 


Jl, J2,J3 3-terminal 


screw terminal strips 
Sl SPST power switch 
Fl  l-amp fast-blow fuse 


Misc PC board, chassis, 
wire, hardware, power 
cord, GEG. 

ULF Receiver Power 

Supply 

CoCa 2Z00Ury. 29 VOLT 
electrolytic 


capacitor 


02,05 .33uF, 35 volt 


ceramic capacitor 


C3,C6 .1H4F, 35 volt 


ceramic capacitor 


Ul LM7805 - fixed 
positive voltage 


regulator 


U2- <LM7 90S = fixed 
negative voltage 


regulator 


Diy Agog DA: MoO) Ode, 
2 amp: Silicon 
diode 


T1 110v-12v center 
tapped transformer - 


2amp 


Mise. <carcut, board, 
wire, terminals, plug, 


Fuse; etc. 


If you are interested in monitoring the ultra-low 
frequency spectrum from .001 Hz to 30 Hz, the ULF 
receiver will allow you to do some serious research into 
earthquake monitor and Earth field studies. This project 
1s intended for curious individuals who want to 
participate in the research and experimentation of the 
study of extremely low frequency signals which 

travel through the interior of our Earth. This project will 
allow you to construct a ULF receive station to be 

used to collect data for later analysis and compare it 
with others who belong to the ELFRAD group 

and those researchers involved with the Public 

Seismic Network. 


The ELFRAD low frequency group coordinates a 
research group which studies the low frequency 
spectrum and reports to one another the research that 
individual members do and makes available the 
information for comparison through their central 
website. In order to achieve their goal, it is necessary to 
have most of the equipment and construction parameters 
standardized as much as possible, so the ELFRAD 
Group will furnish software and support. 


A complete standardized ELFRAD monitoring 
station consists of a ULF receiver, an antenna array, and 
interface card and a personal computer, and in this 
project we will discuss how to put a receive station 
together in your home workshop. 


The Ultra-Low Frequency Receiver allows the 
desired ultra-low frequency signals to be recovered from 
the Earth. The signals are directed to a conditioning 
circuit which not only protects the receiver equipment 
from transients caused by lightning and other sources 
but attenuates the ambient 60 or 50 Hz frequency 
caused by commercial power, with the receiver’s 
power-line notch line filter. The signals then pass 
through a circuit which removes any ground loop 
problems which may occur at your computer interface. 
The low frequencies of interest are then passed through 
a series of filters to remove most of the noise and 
unwanted signals above 25 Hz. This desired band of 
signals is then coupled to the analog-to-digital interface 
in your personal computer to be recorded on the hard 
drive. The interface used in the prototype accepted up to 
eight channels of data samples and was able to collect 
200 samples per second, record them and then display 
them on the computer screen in either real time or 


compressed time format. 


Figure e1-] 


ULF receiver 


At any time it is possible to take any period of data 
previously recorded, generate a file and display the data 
for analysis. You are also able to post filter the data, 
with band pass, notch, low pass, and high pass 
capability. 


The Ultra Low Frequency Receiver project is shown 
in Figure 21-1. This ULF receiver circuit was designed 
as an all purpose ULF and ELF receiver with a 
frequency range from DC to 30 hertz. The signals from 
both leads of the non-polarized antenna array are 
connected to J3, as seen in the schematic diagram in 
Figure 21-2 and 21-3, a two sheet diagram The antenna 
input signal travels to pins 2 and 3 on US, which is a 
high impedance differential instrumentation amplifier. 
This chip’s gain is controlled by a single variable 
resistor at R3. 


The combined signals then travel from pin 6 of U5 on 
to U3:A which is a buffer amplifier, followed by a 2 
pole low pass filter at U3:B and U3:C and signal 
amplifier at U3:D. From pin 14 on U3, the partially 
filtered signal travels on to integrated circuit U2 and U1 
which are 5 pole Butterworth low pass filters in cascade. 
The LTC1063 ICs at U1 and U2 are clock controlled and 
the frequency is set at 3000 hertz by R9. This configures 
the two LTC1063 chips to have a cut-off frequency of 
about 30 hertz. The clock ratio is 1/100. 


The integrated circuit at U4 consists of a X5 gain 
amplifier at U4:D, a buffer at U4:C and another 2 pole 
analog low pass filter at U4:B and U4:A. Trim 
potentiometer R17 is the final gain control for the 
desired output voltage at U4:A. IC section U4B is a 
2 pole low pass filter which removes any residual 
clocking pulses from the signal which may have 
been caused by U1 and U2. The amplified output 
signal at Jl can be routed to your analog-to-digital 
converter card in your PC. Power is supplied to the 
ULF receiver at the terminals of J2. The output from the 
ULF receiver can be routed to an analog-to-digital 


Antenna 


input R6 
E E 
O i y 
O 
R7 
Ground 


C4 


Figure 2l-2 ULF receiver schematic — Part I 


converter card in a personal computer for recording and 
displaying the receiver’s output in real time or for later 
viewing. 

The ULF receiver circuit is powered from a dual 
plus/minus 5 volt power supply, shown in the schematic 
at Figure 21-4. The power supply will furnish plus and 
minus 5 volts DC for all of the op-amps in the receiver. 


A 110 to 12 volt center tapped transformer is fed 


directly to a four diode bridge rectifier. The resultant 
DC signal is then coupled to two 2200 UF filter 
capacitors at Cl and C4. The plus voltage output from 
C1 is then fed to the input of an LM7805. The output of 
U1 is then sent to a .1 UF capacitor at the positive output 
terminals. The minus voltage output from C4 is sent to a 
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Figure 2l-3 ULF receiver schematic — Part IT 


negative voltage regulator at U2, an LM7905. The 
output from U2 is then sent to capacitor C6, at the 
minus voltage output terminals. 


Let’s get started building the ULF receiver! Before 
we begin building the ULF receiver, you will need to 


D1-D4 


AA 
“k 5 


110 VAC T1 


F1 


Figure 2l-4 ULF receiver power supply 


J4 


locate a clean well lit and well ventilated work area. 

A large table or workbench would be a suitable work 
surface for your project. Next you will want to locate a 
small 27 to 33 watt pencil-tipped soldering iron, as well 
as a roll of #22 ga. 60/40 tin/lead solder and a small jar 


In Out 
U1 


C3 


O+5VDC 


ps mune 


C1 C2 
T a 


O-5V DC 


of “Tip Tinner,” a soldering iron tip cleaner/dresser from 
your local Radio Shack store. You will also want to 
secure a few hand tools for the project, such as a pair of 
small end-cutters, a pair of tweezers and a pair of 
needle-nose pliers. Locate a small Phillips and a small 
flat-blade screwdriver, as well as a magnifying glass to 
round out your tool list. Grab the schematic, parts 
layout diagram as well as the resistor and capacitor 
identifier charts and we will begin our project. Place all 
the project components on the table in front of you. 

The ultra-low frequency receiver is an RF or radio 
frequency project and it is best constructed on a printed 
circuit board with large ground plane areas covering the 
board for the best RF grounding techniques. Once you 
have all the parts and PC board in front of you, heat up 
the soldering iron and we’ll get started! 


First, find your resistor identifier chart in Table 21-1, 
which will help you select the resistors from the 
parts pile. Resistors used in this project are mostly small 
/ watt carbon composition type resistors, which have 
colored bands along the resistor body. The first color 
band should be closest to one end of the resistor body. 
This first color band represents the first digit of the 
resistor value. For example, resistor R5, R6 and R10 has 
four color bands, the first one is a brown band followed 
by a black band followed by an orange band. The fourth 
band is gold. The first band is brown which denotes a 


Table 21-1 

Resistor color code chart 

Color Band Ist Digit end Digit 
Black 0 0 
Brown 1 1 
Red 2 2 
Orange 3 3 
Yellow 4 4 
Green 5 5 
Blue 6 6 
Violet J; 7 
Gray 8 8 
White 9 9 
Gold 

Silver 


No color 


digit one (1), the second band is black which represents 
a digit five (0) and the third band is orange, which 
represents a multiplier of zero (000), so the resistor 
value is 10,000 or 10k ohms with a tolerance value of 
5%. Identify the remaining resistors for the project and 
we can begin “populating” the PC board. Place a few 
resistors on the board at one time, so as not to confuse 
the process. Make sure that you place the correct resistor 
into the correct PC location before soldering it in place. 
Once you solder a few resistors in place on the PC 
board, you can use your end-cutter to trim the excess 
component leads. Cut the excess leads flush to the edge 
of the circuit board. Then place a few more resistors on 
the PC board and solder them on to the board. 
Remember to trim the component leads as necessary. 


Next we will locate the capacitors for the ULF 
receiver. Capacitors are listed as electrolytic and 
non-electrolytic types. The non-electrolytic types are 
generally smaller in value and size as compared with 
the electrolytic types. Non-electrolytic capacitors in fact 
can be so small that their actual value cannot be printed 
on them, so a special chart was devised as shown in 
Table 21-2. The chart illustrates the three-digit codes 
which are often used to represent capacitors. For 
example a .001 uF capacitor will have (102), while a 
.01 uF capacitor will have (103) marked on it to 
represent its true value. Use the chart to identify the 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


small capacitors in the project. Non-electrolytic have no 
polarity markings on them so they can be installed in 
either direction on the PC board. 


Electrolytic capacitors are usually larger in size and 
value and they will have a white or black band on the 
side of the capacitor body or a plus (+) or minus (—) 
marking on the body of the capacitor near the leads. 
These markings are polarity markings and that indicate 
the direction in which the capacitor must be mounted on 
the PC board. Failure to observe polarity when 
installing the capacitor may result in damage to the 
capacitor or to the circuit itself, so pay particular 
attention to capacitor polarity when placing the 
capacitors on the board. 


Let’s go ahead and place some of the non-electrolytic 
capacitors on the PC board. Identify a few small 
capacitors at a time and place them on the PC board and 
solder them in place. Trim the component leads after. 
Go ahead and install the remaining non-electrolytic 
capacitors after choosing your desired band. 

Install the capacitors and solder them in place, 
remember to cut the extra leads flush to the edge of the 
circuit board. Now, you can go ahead and install the 
electrolytic capacitors onto the circuit board. Go ahead 
and solder them in place and trim the leads as 
necessary. 


The ULF receiver utilizes five integrated circuits and 
two regulators integrated circuits. Locate the 
semiconductor pin-out diagram illustrated in 
Figure 21-5, which will help you install the ICs. When 
constructing the project it is best to use IC sockets as an 
insurance against a possible circuit failure down-the- 
road; it’s much easier to unplug an IC rather than trying 
to un-solder an IC from the PC board. IC sockets will 
have a notch or cut-out at one end of the plastic socket. 
Pin one (1) of the IC socket will be just to the left of the 
notch or cut-out. Note, pin 1 Ul connects to pin 7 of 
U2, while pin 1 of U2 connects to the output of U3:D. 
Now take a look at U3, pin 1 of U3 is connected to 
R14, while pin 1 of U4 is fed to the output through R22. 
Finally, pin 1 of US is connected to potentiometer R3. 
Now place each of the integrated circuits into their 
respective sockets. 


A protection Zener diode is placed across the antenna 
input pins between resistors R6 and R7. Note that all 
diodes have polarity, including Zener diodes. Diodes 
will have either a black or white colored band at one 


end of the resistor body. The lead closest to the colored 
band is the cathode lead of the diode. 


The main ULF schematic diagram is broken into two 
diagrams, since the schematic is rather large. You have 
most likely noted that along the bottom of diagram 
(A), you will see designations of P1, P2, P3 and P4. 
These are not connectors as such but merely to help 
separate the two diagrams for illustration purposes. The 
receiver was constructed on a single printed circuit 
board. In the original prototype, the antenna input 
shown at J3 was a screw terminal strip, but this could be 
changed to an SO-238 antenna jack mounted on the 
chassis enclosure. The power connection was made at a 
second screw terminal jack at J2, which had three 
terminal posts for plus/minus and ground connections. 
The output of the ULF receiver was connected to a third 
screw terminal jack at J3, this could be changed to an 
RCA jack if desired. 


The ULF receiver contains a number of variable 
resistors or potentiometers in the circuit. Potentiometer 
R1, R3 are PC board trimmer types, while R2, which is 
a 20 turn precision chassis mounted potentiometer, and 
R4 is a conventional chassis mounted linear taper 


potentiometer. 


The ULF receiver is now almost completed, so take a 
short well deserved break, and when we return we will 
inspect the circuit board for any possible “cold” solder 
joints and “short” circuits before we apply power to the 
circuit. Pick up the PC board with the foil side of the 
board facing upwards toward you. Examine the foil side 
of the board carefully, take a look at the solder joints. 
All of the solder joints should look clean, bright, shiny 
and smooth; if any of the solder joints look dark, dull or 
“blobby” then you should remove the solder from the 
joint with a solder-sucker and then completely re-solder 
the joint all over again so that the solder joints all look 
good. Next we will examine the PC board for any 
possible “short” circuits, which may be caused from 
“stray” component leads which were cut from the 
board. Another possible cause of short circuits are 
solder blobs which may have stuck to the foil side of 
the board. Rosin core solder often leaves a sticky 
residue which can cause leads and solder blobs to stick 
to the board and possibly “bridge” across circuit traces. 


Next we will need to build the dual voltage power 
supply circuit board. The power supply was built on the 
circuit board as well. The transformer was mounted off 


Table 21-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.11F 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 UF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30pF Ceramic 5,000 pF /.005 UF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 2 Mylar 204 
330 pF Ceramic 331 we Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


INA114 


LTC1063 


TLO74 


Figure 21-5 Semiconductor pin-outs 


the circuit board and on the bottom of the chassis. The 
diode bridge was placed on the circuit board, paying 
careful attention to the polarity of the diodes. You could 
elect to individual diodes or one of those four diode 
bridge rectifiers all in one package. If you choose the 
second option again you must observe the polarity of 
the plastic package. The AC input section will be 
marked with two wavy lines, the AC side has no 
polarity. The DC side of the bridge will have a plus (+) 
and a minus (—) marking. When installing the six 
capacitors be sure to observe polarity since four of them 
are electrolytic types. Note that there are two power 
supplies and the polarity placement orientation is 
different for the two power supply sections. The 
LM7805 is the plus voltage regulator, while the 
LM7905 regulator is the minus voltage regulator; don’t 
mix them up, and take your time to install them at the 
correct locations to avoid damage to the circuit. A fuse 
was placed in series with the power switch to the 
transformer input leads. A power line-cord with a 

110 volt plug was used to supply power to the 
transformer. Once the power supply circuit has been 
completed, you can carefully inspect the circuit board 
for any “cold” solder joints and “short” circuits before 
applying power for the first time. 


The Ultra-Low Frequency Receiver requires an 
antenna “site” for proper operation. This is not the usual 
conventional type of antenna that you encounter with 
most receivers, since this is a special type of receiver 
project. The array is designed to be built completely 
underground. Space for construction is necessary and 
may be anywhere from 100 to 1000 linear feet, see 
Figure 21-6. 


Due to the fact that we will be dealing with extremely 
long wavelengths on the order of miles rather than feet, 
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Figure 21-6 ULF receiver antenna circuit 


you are going to need a little space. As long as you have 
a strip of property at least one 100 or more feet in 
length you will be able to detect the signals. There are 
several items of interest in determining your location. 
You will be building two arrays widely separated from 
each other. The further apart the better. Also 1f you have 
a choice, a damp location is better than dry rocky soil. 


The first step in constructing your antenna/detector is 
to determine the magnetic orientation. Take an ordinary 
pocket compass and locate magnetic North. The line of 
sight between the two points should be aligned with 
North-South. The next step is to obtain some copper 
clad ground rods at least eight feet in length, put on 
some gloves and start driving one into the ground. We 
found that a standard metal fence post driver purchased 
from the local farm store was ideal for the job. It helps 
also to take a pair of post diggers and dig out a hole 
about 18” deep. Then drive the rod down into the 
ground below the surface of the hole leaving enough 


room to make a connection. 


Next measure out a distance as far as possible, at 
least 30 meters (98 ft) in a North or South direction and 
repeat the procedure above, driving a copper clad eight 
foot ground rod into the soil. Then connect the two 
widely spaced rods together using a length of wire. 
Obtain an ohmmeter, and open the wire conductor and 
measure the resistance. Make a note of the reading, 
then reverse the ohmmeter leads and measure again. 
Then take this reading, average it with the other reading 
and you will have a close indication of the DC 
resistance between the two probes (ground rods). Very 
likely, unless you have excellent soil conductivity in 
your area, the reading will be several thousand ohms. 
The point is to lower this reading as much as possible. 


The lower the better. A workable resistance is 50 to 500 
ohms but the ideal resistance would be around 5 to 10 
ohms. In most cases, however, this would be 
unobtainable unless you used many ground rods or 
copper strapping at each end. 


Keep adding rods at each probe site, spaced 20 feet 
apart from one another connected together with +6 
copper bare wire, until the resistance gets down to 
between 25 and 500 ohms. Keep in mind two items. 
The further apart the probe sites, the lower the 
resistance, and the more rods driven into the ground, the 
lower the resistance. We have found that on the average, 
five grounds at each end of the site are sufficient to 
obtain this reading. 


Another option rather than using ground rods, in 
rocky or extremely hard soil, you may use a ditch 
trencher and bury #6 or #4 copper wire at least 24 
inches deep. The copper wire should be placed in an 
“X” fashion with a length of at least 25 feet. The lead 
cable will then be connected to the center point of 
the “X.” 


Now obtain a length of CATV lead in wire such as 
RG-11 or RG-59, from your local electronic parts store. 
A good source to try 1s the local Cable TV company. 
Sometimes they have lengths of scrap lying around their 
warehouse and will be happy to get rid of 1t. Connect 
the center conductor only (not the outside shield) to 
each antenna array using copper clamps. Take each 
piece of co-ax to the location of your receiver. Then 
install a suitable connector to the two ends. These two 
cables will be the input leads to the receiver. The shield 
should be connected to earth ground using a single 
copper clad ground rod. Do not use the power ground 


and make sure the ground connection is at least 20 feet 
from power ground. 


With the ULF receiver, power supply and antenna 
constructed and ready to go, we just have one more 
detail left to complete our ELFRAD ULF monitoring 
station. The most expensive components will be the 
computer and analog-to-digital interface device. A PC 
type of computer 1s recommended using Windows 98, 
NT, Win2000, or XP software will work nicely. Since 
most of everyone owns a computer or laptop these days, 
the only thing left to be purchased is the A/D interface. 
The software for the A/D converter 1s available from the 
supplier of the A/D interface listed below. You will need 
at least a two channel A/D board, since it is 
recommended that you also record a short wave radio 
tuned to WWV, which keeps computer synched to within 
plus or minus 2 milliseconds. Also if desired, a GPS type 
of time standard is available. The A/D converter is 
available at http://seismicnet.com/ serialatod.html. 


For more information on Earthquake monitoring you 
may finds these sites helpful. 
ELFRAD Research Group 


The low frequency radio research group, which provides 
support to interested researchers. 
Helps researchers in correlating and comparing data. 


http://www.elfrad.com/ 
Public Seismic Network 


A seismic research group dedicated to earthquake 
monitoring. 


Helps researchers in correlating and comparing data. 


http://psn.quake.net/ 


Jupiter Radio Telescope Receiver 
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Jupiter Radio Telescope 
RL 68ohm 

R2 294 ohm 

Ro 17.4ohm 

R4 294 ohm 

RS 100 ohm 

Ro 2»Zk ohm 


R7 10kohm linear 


potentiometer 
RO: 2.2kohm 
R9, R19 100k ohm 
R10 220 ohm 
RLL Aek onm 
REZ RZO RZE RZ Ikóhm 
R13,R18 27kohm 
R14 100kohm 
R15 LOk ohm 


potentiometer/ 


Switch 
R16 10kohm 
RIT Lis O O Am 
R22 RZ. 2 OnM 
R24 l1ohm 
R25- 220 ©hm 
R26 47ohm 


R287 RZ O RI LRZ 
10:66pm 


Gl 39 PEp 239V disk 


ceramic 


C2 4-40 pF, variable 


capacitor 


Co 96. PE; 29V- dISk 


ceramic 


CA. 22 DPE Bow ask 


ceramic 


CC ORCL GA. OLME 


35v dipped ceramic 


Co 4-40pF, variable 


Capacitor 
C7 not used 


09,019,013. 47 E, 35¥ 


disk ceramic 


C10 270pF, 35v disk 


ceramic 


C15 10pF, disk 


ceramic 


Cl6,;C29,CZ25 LOME; 29 


vdc, electrolytic 


Ci Cie C2 ly EZONE AS 
.1mF, 35v dipped 


ceramic 


C19. mE), 25y metal 
polyester 


C20;,022. Os0Geme, oov 


o) 


6 metal. £1.lm 


EXP. LIME: Soares 


tantalum, stripe, 


C28 220pF, 35v disk 


ceramic 


CIU Calo Cao UOTE. 25 


vdc, electrolytic 


C32. DIUMES 0 Vdc; 


electrolytic 


Coty Coo, Ceo. OLME ov 


dipped ceramic 


Csi IO OFS 25V drk 


ceramic 


C36 LOE. SO VOCcy 


electrolytic 


Gao ' LONE: 22 GCs 


electrolytic 


C40,C41,C42,C43 
35v dipped 


Oe dE 


ceramic 


GALA OME: . 30 VOC, 


electrolytic 
D1 1N4001 


D2,D3- IN914 


LED Red LED 


VD1 MV209, varactor 
diode 


Zils ANOS Ceres Zener 
diode, 400 mw 


ZZ: INSZ3 Ly De Iy; zener 
diode, 500mw 


Ll 0O.47mH, (gold, 
yellow, violet, 


Silver) 


ha mH; {brown gold, 


black, silver) 
L3 “349m, (orange; 
gold, white, gold) 
A A A » 


adjustable inductor 


LOG 22mh; fixed 


inductor 
OL. ¡DS LOs JuUrnretron 
field effect (JFET) 
OZ, 2ZN=3904) bipolar, 
NPN 


Os: 2N=3906;. bipolar, 
PNP 


Ul SAGOZAN, 


mixer/oscillator IC 
U2,+U3 <LM387 or NTESZ4 = 

audio pre-amplifier IC 
Ook, ZONA “Sey eer. 


oscillator module 


Jl Power jack, 2.1 mm 


J2 EF female chassis 


connector 


Joye osom- Stereo 


jack, open ckt 


Misc PC Board, 
encilostire;, knobs; 


solder lugs, wire 


Jupiter is the fifth planet from the Sun and is the largest 
one in the solar system. If Jupiter were hollow, more 
than one thousand Earths could fit inside. It also 
contains more matter than all of the other planets 
combined. It has a mass of 1.9 x 1027 kg and is 
142,800 kilometers (88,736 miles) across the equator. 
Jupiter possesses 28 known satellites, four of which— 
Callisto, Europa, Ganymede and lo—were observed by 
Galileo as long ago as 1610. Another 12 satellites have 
been recently discovered and given provisional 
designators until they are officially confirmed and 
named. There is a ring system, but it is very faint 

and is totally invisible from the Earth. (The rings 

were discovered in 1979 by Voyager 1.) The atmosphere 
1s very deep, perhaps comprising the whole 

planet, and is somewhat like the Sun. It is composed 
mainly of hydrogen and helium, with small amounts 

of methane, ammonia, water vapor and other 
compounds. 


Colorful latitudinal bands, atmospheric clouds and 
storms illustrate Jupiter’s dynamic weather systems, see 
Figure 22-1. The cloud patterns change within hours or 
days. The Great Red Spot is a complex storm moving in 
a counter-clockwise direction. At the outer edge, 
material appears to rotate in four to six days; near the 
center, motions are small and nearly random in 
direction. An array of other smaller storms and eddies 
can be found throughout the banded clouds. 


Auroral emissions, similar to Earth’s northern lights, 
were observed in the polar regions of Jupiter. The 
auroral emissions appear to be related to material from 
Io that spirals along magnetic field lines to fall into 
Jupiter’s atmosphere. Cloud-top lightning bolts, similar 
to super-bolts in Earth’s high atmosphere, were also 
observed. 


The Jupiter Radio Telescope is a special shortwave 
receiver which will pick up radio signals from the 
planet Jupiter and also from the Sun, and it is a very 
exciting project, see Figure 22-2. This project will allow 


Figure 22-1 Jupiter 


you to do amateur research into radio astronomy in your 
own back yard. 


Radio signals from Jupiter are very weak—they produce 
less than a millionth of a volt at the antenna terminals of 
the receiver. These weak radio frequency (RF) signals 


must be amplified by the receiver and converted to 
audio signals of sufficient strength to drive headphones 
or a loudspeaker. The receiver also serves as a narrow 
filter, tuned to a specific frequency to hear Jupiter while 
at the same time blocking out strong Earth based radio 
stations on other frequencies. The receiver and its 
accompanying antenna are designed to operate over a 
narrow range of shortwave frequencies centered on 20.1 
MHz (megahertz). This frequency range is optimum for 
hearing Jupiter signals. 


The block diagram shown in Figure 22-3 illustrates 
the various components of the Jupiter Radio Telescope. 
First shown the antenna intercepts weak electromagnetic 
waves which have traveled some 500 million miles from 
Jupiter to the Earth. When these electromagnetic waves 
strike the wire antenna, a tiny RF voltage is developed 
at the antenna terminals. Signals from the antenna are 
delivered to the antenna terminals of the receiver by a 
coaxial transmission line. Next the signals are delivered 
to the RF Bandpass Filter and Preamplifier, they are 
filtered to reject strong out-of-band interference and are 
then amplified using a junction field effect transistor 
(JFET). This transistor and its associated circuitry 
provide additional filtering and amplify incoming 
signals by a factor of 10. The receiver input circuit is 
designed to efficiently transfer power from the antenna 


Figure 22-2 Radio Jupiter receiver project 
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Figure 22-3 Jupiter radio block diagram 


to the receiver while developing a minimum of noise 


within the receiver itself. 


Next the signals move to the local oscillator (LO) and 
mixer to perform the important task of converting the 
desired radio frequency signals down to the range of 
audio frequencies. The local oscillator generates a 
sinusoidal voltage wave form at a frequency in the 


20.00 MHz 


test 
oscillator 


Tuning 
20.1 MHz 
+/- 150 kHz 


(8) Audio out 
2 


vicinity of 20.1 MHz. The exact frequency 1s set by the 
front panel tuning control. Both the amplified RF signal 
from the antenna and the LO frequency are fed into 

the mixer. The mixer develops a new signal which is the 
arithmetic difference between the LO and the incoming 
signal frequency. Suppose the desired signal is at 
20.101 MHz and the LO is tuned to 20.100 MHz. 
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The difference in frequency is therefore 20.101—20.100 
=.001 MHz, which is the audio frequency of | kilohertz. 
If a signal were at 20.110 MHz, it would be converted to 
an audio frequency of 10 kHz. Since the RF signal is 
converted directly to audio, the radio is known as a 


direct conversion receiver. 


To eliminate interfering stations at nearby 
frequencies, a low pass filter is next used, which 1s like 
a window, a few kilohertz wide through which Jupiter 
signals can enter. When listening for Jupiter or the Sun, 
the radio will be tuned to find a “clear channel.” Since 
frequencies more than a few kilohertz away from the 
center frequency may contain interfering signals, these 
higher frequencies must be eliminated. This is the 
purpose of the low pass filter following the mixer. It 
passes low (audio) frequencies up to about 3.5 kHz and 
attenuates higher frequencies. 


Finally the low pass filter feeds an audio amplifier 
stage which takes the very weak audio signal from the 
mixer and amplifies it enough to drive headphones 
directly, or to drive an external amplified speaker 
assembly. 


Circuit diagram 


We have already seen a block diagram of the Jupiter 
radio receiver which shows the radio as a group of 
functional blocks connected together. While this type of 
diagram does not show individual components like 
resistors and capacitors, it is useful in understanding 
signal flow and the various functions performed within 
the radio. The next level of detail is the schematic 
diagram. A schematic is used to represent the 

wiring connections between all of the components 
which make up a circuit. The schematic diagram uses 
symbols for each of the different components 

rather than pictures of what the components actually 
look like. 


A schematic diagram of the complete receiver is seen 
in Figure 22-4. On this schematic, the part types are 
numbered sequentially. For example, inductors are 
denoted L1 through L7, and resistors are denoted R1 
through R31. Signal flow as shown in the schematic is 
as follows. The signal from the antenna connector (J2) 
is coupled to a resonant circuit (bandpass filter L1, C2, 
C3) and then to the J-310 transistor (Q1), where it 


is amplified. The output of the J-310 goes through 
another resonant filter (L3, C6) before being applied to 
the resonant input circuit (L4, C9, C10) of the SA602 
integrated circuit (U1), which serves as the local 
oscillator and mixer. The center frequency of the local 
oscillator is set by inductor L5 and adjusted by the 
tuning control R7. The audio output from U1 passes 
through the lowpass audio filter (L6, L7, C20, C21, and 
C22). The audio signal is next amplified by U2 (an 
NTE824) before going to the volume control R15. The 
final audio amplifier stages comprise U3 (another 
NTE824), and the output transistors Q2 (2N-3904) and 
Q3 (2N-3906). After the receiver has been assembled, 
the variable capacitors C2 and C6 and variable 
inductors L4 and L3 will be adjusted to tune the 
receiver for operation at 20.1 MHz. 


PC board assembly 


Before we begin building the circuit, take a few minutes 
to locate a clean well lit work table or work bench. You 
will want to locate a small 27 to 33 watt pencil-tipped 
soldering iron, a roll of 60/40 tin/lead rosin core solder, 
and a small jar of “Tip Tinner,” a soldering iron tip 
cleaner/dresser. “Tip Tinner” is available at a local 
Radio Shack store. You will also need some small hand 
tools, such as a small flat-blade screwdriver, a Phillips 
screwdriver, a pair of small needle-nose pliers, a 

pair of tweezers, a magnifying glass and pair of 
end-cutters. 


Once you have gathered all the tools, locate all the 
circuit diagrams, such as the schematics, the parts 
layout diagram, the resistor and capacitor code charts, 
etc. Place all the component parts along with all your 
tools and diagrams in front of you, warm up your solder 
iron and we will start building the Radio Jupiter receiver 
project. 


First we will identify the resistors for the project. 
Refer to the chart shown in Table 22-1, which will help 
you to identify the resistor color codes. Resistors 
usually have three or four color bands on the body of 
the resistor which denotes the resistor value. The color 
bands begin at one end of the resistor body close 
to the edge. The first color band on resistor R1 is blue, 
this denotes the digit six (6). The second color band is 
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Figure 22-4 Radio Jupiter receiver schematic 


Table 22-1 
Resistor color code chart 


Color Band Ist Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 0 UU A WO NY KF O 
VOD 0 0 Nn A WO NY KF O 


Silver 


No color 


gray, which 1s the digit number eight (8) and the third 
color band is the resistor’s multiplier value which is 
black and this suggests a multiplier value of 1. So the 
resistor value for R1 is (6) times (8) times (1) or 

68 ohms. The tolerance value of a resistor is noted in the 
fourth color band. A fourth color band which is silver is 
a 10% tolerance resistor, while a gold fourth band 
denotes a 5% tolerance value. If there is no fourth color 
band then the resistor will have a 20% tolerance value. 
Next, locate R2, R3 and R4, then check your parts 
layout diagram and the schematic to see where these 
resistors are to be placed on the circuit board. Once you 
verify where the resistors are placed, you can install 
these resistors on the circuit board and solder them in 
place on the board. Now locate your end-cutter and trim 
the excess component leads. Cut the extra component 
lead lengths flush to the edge of the circuit board. Now 
go ahead and identify another group of three or four 
resistors and place them on the circuit board. Once you 
are sure of their respective locations you can solder the 
next grouping of resistors onto the circuit board, 
remember to trim the excess component leads from the 
board. Place all the remaining resistors on the circuit 
board and solder them all in place, trim the extra leads 


aS necessary. 


Now we will move on to installing the capacitors for 
the Radio Jupiter receiver project. Capacitors come in 


end Digit 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


two major flavors, non-polarized and polarized types. 
First, we will talk about non-polarized capacitors. 
Usually non-polarized capacitors are smaller value types 
which could take form as ceramic disks, mica, tantalum 
or polyester types. Often the capacitors are small in size 
and frequently the capacitor values are printed as three- 
digit codes rather than their actual values, since this 
code system takes less space to print. We have included 
a Chart in Table 22-2, which lists the actual capacitor 
values and their respective codes. For example, a 
capacitor with a value of .001 uF will have a code 
designation of 102, a .01 UF capacitor will have 103 and 
a 0.1 UF capacitor will have a code of 104 marked on it. 
The Radio Jupiter project has a number of non- 
polarized type capacitors which you will need to install. 
Take a look through the component pile and see if you 
can identify the small non-polar capacitors before 
attempting to install them on the PC board. 


Polarized capacitors are called electrolytic capacitors, 
they are often larger in physical size. Electrolytic 
capacitors will always have some sort of polarity 
marking on them. You will see either a black or white 
band or a plus (+) or minus (—) marking somewhere on 
the capacitor body. It is very important that you install 
these types of capacitors with respect to their polarity in 
order for the circuit to work properly and to not be 
damaged upon power-up. You will need to refer to the 


Table 22-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 UF Ceramic / Mylar 152 
10pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 a Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 .33 Mylar 334 
560 pF Ceramic 561 .47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


schematic and parts layout diagrams when installing 
electrolytic capacitors to make sure that you have 
installed them correctly. The plus (+) marking on the 
capacitor will point to the most positive portion of the 


circuit. 


Let's go ahead and identify the non-polarized 
capacitors first. Check the capacitor code chart and 
make sure that you can identify each of the non- 
polarized capacitors. In groups of two or three 
capacitors install them on the PC board. When you have 
determined that you have the installed the correct values 
into their respective location on the circuit board, you 
can solder the capacitors in place on the board. 
Remember to trim the excess capacitor leads from 
the circuit board. Once you have the first grouping of 
capacitors installed you can move on to installing 
another group of non-polarized capacitors, until 
you have installed all of the non-polarized 
capacitors. 


Next, find the electrolytic capacitors from the parts 
pile and we will install them in their proper locations. 
Refer now to the schematic and parts layout diagrams 
so that you can orient the capacitors correctly when 
mounting them on the PC board. Install two or three 
electrolytic capacitors and then solder them in place on 
the PC board. Remember to cut the extra lead lengths 
flush to the PC board. Identify and install the remaining 
electrolytic capacitors on the board and solder them in 
place. Trim the component leads as necessary. 


In order to avoid damaging the receiver, 1t 1s 
important to install the capacitors, diodes as well as the 


C 
B 
E 
NPN 
G TO-92 
EBC 


J310 JFET 
2N3904 


Figure 22-5 Semiconductor pin-outs 


C 
B 
E 
PNP 
A 
EBC 


semiconductors with respect to proper polarity marking 
on each of the components. Electrolytic capacitors have 
either a plus or minus marking on them and must be 
installed correctly by observing the polarity of the 
capacitor with respect to the PC board. 


Next, we will install the semiconductors. Locate the 
semiconductor pin-out diagram shown in Figure 22-5, 
which will help you install the semiconductor devices 
properly. There are a number of diodes in the Radio 
Jupiter project, including Zener and varactor diodes and 
they all have polarity. In order for the circuit to work 
properly, these devices must be installed with respect to 
their polarity. Diodes will generally have a white or 
black colored band at one edge of the diode body. The 
band usually denotes the cathode end of the diode. 
Transistors generally have three leads—a Base, 
Collector and Emitter; pay particular attention to these 
leads when installing the transistors. Integrated circuits 
always have some type of markings which indicate their 
orientation. You will find either a plastic cut-out on the 
top of the integrated circuit package or an indented 
circle next to pin 1 of the IC. Be sure to use these 
markings when installing the integrated circuits. It is a 
good idea to incorporate integrated circuit sockets as a 
low cost insurance policy, in the event of a circuit 
failure, 1f it ever happens. It is much easier to remove 
an old dead IC, and simply insert a new one rather 
than trying to undo many pins and risk damage to the 
circuit board. 


There are a number of coils in this project, and 
although there is no polarity to the coils, you will need 


LM387 


SA602AN NTE824 


© 


2N3906 


to pay attention to the values of the coils as well as 
which ones are adjustable and which are fixed before 
installing them on the PC board. Note, on the schematic 
there are two points marked (A), one is at R6 and the 
other at C16, both of these points are connected 
together. Note, there is a test point marked (TP1) at the 
OSC-1 module which can be used to ensure that the 
oscillator module is working correctly. 


Power is brought to the circuit via the coaxial power 
input jack at J1. The antenna connection is shown at J2. 
This connector can be either a BNC or an “F” type 
chassis mounted connector. The receiver circuit 
has two audio output jacks both at J3 and J4. 

Two circuits of mini 4” stereo jacks were used in 
the prototype. 


Once the printed circuit has been assembled, you will 
need to recheck the solder joints to make sure they are 
smooth and that there are no cold solder joints. Also 
observe the PC circuit lines to ensure that there are no 
bridges or “shorts” formed by cut component leads. 
Once the circuit has been checked, you are ready to 
install the circuit board in the chassis. 


A metal enclosure was chosen, since this is a 
sensitive RF receiver and you will want to keep outside 
interference from affecting the circuit operation, see 
Figure 22-2. You will have to wire the four jacks J1 
through J4 to the circuit board. We elected to mount the 
power and antenna jacks on the rear panel of the chassis 
box. One audio jack was mounted on the front panel, 
while the second audio jack was mounted on the rear 
chassis panel. The power switch S1 was wired to the PC 
and mounted on the front panel of the receiver along 
with the power indicating LED. The tuning control R7 
and volume control R15 were both mounted on the front 
panel of the chassis box. 


Once you are satisfied that your circuit board is 
wired correctly. You are ready to apply power to the 
circuit and begin testing the circuit for proper 
operation. 


Testing and alignment 


The receiver requires 12 volts DC (vdc) which may be 
obtained from a well regulated power supply or from a 
battery. Current drain is approximately 60 milliamps (ma). 


The power cable supplied with the kit has a female 
power plug on one end and stripped leads on the other. 
Notice that the power cable has a black stripe, or tracer, 
along one of the wires. This is the wire that is 
connected to the center conductor of the plug and must 
be connected to the (+) side of the power source. The 
Radio Shack RS 23-007 (Eveready) 12 volt battery or 
equivalent is suitable. 


Next, turn the Jupiter receiver’s power switch to OFF. 
Connect either headphones or an amplified speaker 
(Radio Shack 277-1008C or equivalent) to the receiver 
audio output (J3 or J4). These jacks accept 3.5 mm (%”) 
monaural or stereo plugs. 


If you are using a Radio Shack amplified 
speaker, turn it ON and adjust the volume control 
on the speaker up about % turn. If you are using 
headphones, hold them several inches from your 
ear as there may be a loud whistle due to the internal 
test oscillator. Turn the receiver ON. The LED should 
light. Set the volume control to the 12 o’clock 
position. Allow the receiver to “warm-up” for several 
minutes. 


Set the TUNING control to the 10 o”clock position. 
Carefully adjust inductor L5 with the white tuning stick 
until a loud low frequency tone is heard in the speaker 
(set volume control as desired). Caution: Do not screw 
down the inductor slugs too far, as the ferrite material 
could crack. By adjusting L5 to hear the tone, you are 
tuning the receiver to 20.00 MHz. The signal which you 
hear is generated in OSC1, a crystal controlled test 
oscillator built into the receiver. Once L5 has been set, 
DO NOT readjust it during the remainder of the 
alignment procedure. (When the receiver tunes 
20.00 MHz with the nob set to the 10 o’clock position it 
will tune 20.1 MHz with the knob centered on the 
12 o’clock position.) The following steps involve 
adjusting variable capacitors (C2 and C6) and a variable 
inductor (L4) to obtain the maximum signal strength 
(loudest tone) at the audio output. For some, it is 
difficult to discern slight changes in the strength of an 
audio tone simply by ear. For this reason three different 
methods are described, each using a form of test 
instrument. In the event that no test equipment is 
available, then a fourth method—simply relying on the 
ear—is possible. In all cases, adjust the receiver tuning 
knob so that the audio tone is in the range of about 
500 to 2000 Hz. Use procedure A as a method to use in 


tuning up your receiver. Procedures B-D are optional 
tuning methods. 


If no test equipment is available, then simply tune 
by ear for the loudest audio signal. Listen to the 
tone and carefully adjust the tuning knob to keep the 
pitch constant. If the pitch changes during the alignment, 
it indicates that the receiver has drifted 
off frequency. As you make adjustments, the signal will 
get louder. Reduce the receiver volume control as 
necessary to keep the tone from sounding distorted or 
clipped. 


To test the receiver on the air, simply connect the 
antenna. For best performance, use a 50 ohm antenna 
designed to operate in the frequency range of 
19.9-20.2 MHz. At certain times of the day, you should 
be able to hear WWV or WWVH on 20.000 MHz. 
These are standard time and frequency stations, located 
in Colorado and Hawaii, which broadcast the time of 
day as well as other information related to propagation 
and solar-terrestrial conditions. The Jupiter Radio 
Telescope direct conversion receiver design does not 
allow clear reception of amplitude modulated (AM) 
stations like WWV, so the voice will probably be 
garbled, unless you tune very precisely. The receiver 
does work well on single sideband (SSB) signals and 
code (CW). 


In the event that the Jupiter receiver does not appear 
to work, you will need to disconnect the power supply 
and antenna and examine the circuit board for errors. 
The most common cause for building errors are the 
incorrect installation of the electrolytic capacitors and 
diodes which may have been installed backwards, since 
the components have polarity which must be observed. 
Another possible cause for errors are the incorrect 
placement of resistors. Often color codes are read 
wrong and the wrong resistor may be installed at a 
particular location. Finally one of the most common 
causes for errors is the incorrect installation of 
transistors and integrated circuits. Make sure that you 
can identify the manufacturer’s pin-out diagrams and 
pay particular attention to if the pin-outs are for top or 
bottom views. Have a knowledgeable electronics 
enthusiast help you scan the circuit for possible 
mistakes; a second pair of eyes always helps to find 
errors you may have missed as the builder. Once you 
have located and fixed the problem, you can apply 
power and re-test the circuit for proper operation. 


The jupiter radio 
telescope antenna 


The antenna intercepts weak electromagnetic waves that 
have traveled some 500 million miles from Jupiter to 
the Earth or 93 million miles from the Sun. When these 
electromagnetic waves strike the wire antenna, a tiny 
radio frequency (RF) voltage is developed at the 
antenna terminals. A basic dipole antenna is shown in 
Figure 22-6. The recommended antenna for the Jupiter 
Radio Telescope is the dual dipole shown in Figure 22-7. 
Signals from each single dipole antenna are brought 
together with a power combiner via two pieces of 
coaxial cable. The output of the power combiner is 
delivered to the receiver by another section of coaxial 
transmission line. The antenna system requires a fair- 
sized area for setup: minimum requirements are a 

25 x 35 ft. flat area that has soil suitable for putting 
stakes into the ground. As the antenna system is 
sensitive to noise it is best not to set it up near any 

high tension power lines or close to buildings. Also for 
safety reasons, please keep the antenna away from 
power lines during construction and operation. 

The best locations are in rural settings where the 
interference is minor. Since many of the observations 
occur at night it is wise to practice setting up the 
antenna during the day to make sure the site 1s safe and 
easily accessible. 


If you want to locate your receiver indoors and your 
antenna is outside or on the rooftop, and your 
antenna lead will not reach, you must use a longer 
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Figure 22-6 Basic dipole antenna diagram. Courtesy 


Wes Greenman, Charles Higgins 
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Figure 22-7 Antenna combiner diagram. Courtesy Wes Greenman, Charles Higgins 


coax cable. Do not use just any length of coax for the 
combiner assembly. The cable going from the power 
combiner harness assembly to the receiver should be a 
multiple half wavelength long. The cable supplied with 
the kit is one wavelength—that is 9.85 meters long 
(taking into account the 66% velocity factor of the RG- 
59/U cable). The maximum recommended cable length 
is 5 wavelengths. There are many different 
manufacturers and qualities of coaxial cable. The 

75 ohm cable supplied with the kit is manufactured by 
Belden and has a solid center conductor and velocity 
factor of 66%. Radio Shack does not carry RG-59/U cable 
but they do have RG- 6 and the higher grade RG-6QS 
(quad shield), which is also 75 ohm cable. Both of these 
cables have a velocity factor of 78%. One wavelength at 
20.1 MHz in RG-6 cable is 11.64 meters. If you are going 
to put in a longer feedline we recommend that you 
completely replace the existing one wavelength piece— 
rather than splicing another length of cable onto the end. 


Observing tips—jupiter's 
radio emissions 


Most Jovian radio storms, received with the Jupiter 
radio telescope, will likely not be very strong. You will 


need to maximize your chances of receiving the Jovian 
storms by picking the best opportunities, selecting a 
good observing site, and using good observing 
techniques. 


During the daytime, the Earth’s Ionosphere blocks 
Jupiter’s radio emissions, so therefore you will have to 
confine your investigations to night time listening. 
Radio noise from electrical sources, such as power 
lines, fluorescent lights, computers, and motors, can 


mask the signals from Jovian storms. 


If possible, try to select an observing sight away from 
buildings and power lines, also try to use portable power 
supplies such as a battery power supply. Note that Jovian 
radio storms may be short in duration, so persistence and 
luck are needed to capture Jupiter’s radio signals. 


Night time observing from a temporary field setup can 
be dangerous, so PLAN CAREFULLY !! Get permission 
in advance to use the site, set up before dark, and use 
caution when walking around the site at night. The 
Jupiter Radio Telescope has two audio outputs, one 
channel can be used for ordinary listening and the 
second output jack can be used for recording. You can 
elect to use a portable audio tape recorder, however, 
note that nearly all common portable tape recorders use 
an automatic recording level control circuit (ALC). 

The ALC can mask the variations in the Jovian L bursts. 


Use a tape recorder that allows you to SWITCH OFF 
the ALC. Keep the ALC turned off. 


Another alternative for recording Jovian storms 1s the 
use of a computer or laptop to record the signals from 
your Jupiter radio telescope. Using a laptop computer to 
record the Jovian storms has the distinct advantage that 
you can analyze the audio recording with special 
spectral software which can help you make sense of the 
complex signals received. 


Note you could also elect to use an audio tape 
recorder to record the Jovian signals in the field and 
later when you return home play the tape recording into 
your laptop or personal desktop computers. There are 
many audio analyzing software programs out there on 
the Internet, many are free. Many programs allow FTT 
and frequency division analysis. 


Parts list 
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Weather Satellite Receiver 


Weather Satellite 


Receiver 


R1 220hm; watt, 


5% resistor 


R2 150kohm, watt, 


5% resistor 


R3 110k ohm, watt, 


5% resistor 
R4,R10,R11 22k ohm, 

Ywatt, DS Pesic cCOr 
R5 47k ohm, watt, 


5% resistor 


R6 1.8k ohm, watt, 


5% resistor 


R7 360 ohm, Ywatt, 


5% resistor 


R8 100 ohm, “watt, 


5% resistor 


R9 470k ohm, %watt, 


5% resistor 
RIZ- RL3g R1167 R2 LK 

ohm, Ywatt, 

5% resistor 


R14 240 ohm, %watt, 


5% resistor 


RIS T2 k Gohar Watt, 


% resistor 


R17 5.6k ohm, watt, 


% resistor 


R18 39k ohm, %watt, 


5% resistor 


R19,R21 10k ohm, 


watt, 5S resistor 


RZ07RGL . Z4 K ONN 


J watt, 52. resistor 


R22 100k ohm, watt, 


5% resistor 


R23 220 ohm, %watt, 


5% resistor 


R24 390k ohm, %watt, 


5% resistor 


R25 10 ohm, %watt, 


% resistor 


R260. BDk Ohm; Zwatt, 


% resistor 


R28 4.7k ohm, %watt, 


% resistor 


R29 300 ohm, / watt, 


% resistor 


R30 47 ohm, 14watt, 


% resistor 


VR1 50k linear pot, 


lomm PC board mount 


WRZ° Zok Linear 0G, 


lomm PC board mount 


VRS... ‘DOK Log pot -omm 


PC board mount 


UR LA VERO: SO LU Sein 
trimpots; PC board 


mount 


Cl Cleo peo Bae nes 
Vov; -disk ceramig 


capacitor 


COCCI; CSCL 22 NE; 
16v, disk ceramic 
Capacitor 


Ca,CLO 3 3=h0 pF trimcaps 
Co: LME, thew; dusk 


ceramica «capacitor 
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C11,C34,C35 10uF, 16v 


tantalum capacitor 


LUCO TOP. Tey NPO 


Ceramic capacitor 


CAR! AAA RS C2 IE AS 
LOnEs Ley; ¿MODO 


ceramic capacitor 


C15,C16 15pF, 16v, NPO 


ceramic capacitor 


CET LOUE; -0v. Tanta Llum 


capacitor 


Clar CLEDD C207C22 
LOONE Lov; MONO 


ceramic capacitor 


CAA C2620 ASE “LOOM, 
16v, mono ceramic 


capacitor 


C29 390pF, 16v, NPO 


ceramic capacitor 


CIO As IMP LOs, metal 


polyester capacitor 


C3. “LAFE love metal 


polyester capacitor 


Css. ATONE Lov, metal 


polyester capacitor 


C36 330uF, 16v, 


electrolytic capacitor 


Co! 4/nk; Lov, metal 


polyester capacitor 


C29 2Z2nFyLov,. metal 


polyester capacitor 


C39 2200uF, 25v, 


electrolytic capacitor 


C40 470uF, 35v, 


electrolytic capacitor 
RECI. 4.3H4H slug tuned 
coil - see Table 23-3 


RFC2 JOUR «slug tuned 


coil - prewound 


RFCS GUA slug tuned 


coil - prewound 


Ll see Table 23-3 


L2 see Table 23-3 

L3 see Table 23-3 

L4 see Table 23-3 

D2 5.1V 400mW Zener 
diode 

D3,D4 3mm red LED 

D1 ZMV833ATA varicap 


Xl, x2 'O.5MAZ Ceramice 
filters, Murata 
SFTRDSM50AFO0-BO 


Ql BF998 dual-gate 
MOSFET 


O2 PN100 NPN transistor 


Ul SA605D mixer/IF 
amplifier/FM detector 


Uz WPLO72Z dual. op-amp 
U3 LM386 audio amp 
U4 78L05 +5V regulator 


J1,J2 BNC type 


jacks 


JS ei 3.5mm stereo 


headphone jack 


dA- 1 225m: -Concent ruc 


power socket, PC-mount 


Sl SPDT miniature 
toggle switch 


Misc PC board 
(double-sided, not 
plated through) 


TO-220 heatsink, 


IL “COLL Former, 
4.83mm OD with F16 


ferrite slug 


1 F29 ferrite bead 
LEO RECE) 


l short length of 
0.8mm tinned copper 


wire For Ll 


i Length of 09: mm 
enameled copper wire 
LO D27 L3 


Figure 23-1 Satellite view — USA 


The days of guessing the weather by looking at the 
clouds overhead have just ended. Now you can look at 
the clouds from above! This satellite recerver/decoding 
project will allow you to receive pictures from satellites 
600 km overhead, see Figure 23-1. A typical NOAA 
satellite can cover nearly one-sixteenth of the Earth in a 
single pass! Living in New York, for example, we can 
clearly capture images from mid-Hudson bay (where 
there was still ice in late spring), all the way down past 
Cuba, as well as spanning from Wisconsin to far out in 
the Atlantic Ocean. The clarity of the image was enough 
to see the individual Finger Lakes (in New York), and 
shadows on the underside of thunderstorms. With the 
weather satellite receiver and a personal computer, you 
can easily receive and decode weather satellite pictures 
from overhead satellites. 


The US National Oceanographic and Atmospheric 
Administration (NOAA) operates both GEO and LEO 
polar satellites. Here we concentrate primarily on the 
polar orbiters. The NOAA polar satellites orbit at 850 km 
and pass within view of all areas on Earth at least twice 
day. The satellite carries a number of instruments 
including cameras for both visible and infrared light. 


The cameras scan back and forth at right angles to the 
ground path, like a broom sweeping side-to-side as you 
walk forward, taking picture strips that cover an area 
3000 km wide. The satellite thus makes a continuous 
picture as 1f 1t were a tape reeling out from an endless 
roll. The image, however, is not recorded on the 
satellite. Each image strip 1s immediately broadcast to 


the ground at a frequency just above 137 MHz. The 
satellite will be in range for up to 12 minutes as the 
satellite passes from horizon to horizon. 


The broadcast uses the APT (Automatic Picture 
Transmission) analog format for the imagery. (A digital 
format High Resolution Picture Transmission (HRPT) 
signal is also transmitted but it is more difficult to 
receive and decode and we did not try to receive it in 
this project.) Currently, there are six operational NOAA 
polar orbiters but usually only two or three have the 
APT activated at a given time. (In this report, only 
images from NOAA-14 and NOAA-15 were received.) 
See NOAA satellite status. 


The Russian METEOR series of satellites also 
broadcast with the APT format. In addition, the remote 
sensing SICH and OKEAN radar satellites occasionally 
broadcast images but only over Russia (scanners in 
nearby countries have picked up some of these images). 


The APT system 


The APT satellites give about 12 good images a day, 
wherever you are in the world. The resolution is 4km 
per pixel and there are visible and infrared sensors. This 
is a simple system where the satellite is in low Earth 
orbit and very easily received at 137 MHz. The two 
frequencies in main use are 136.50 for NOAA 12 and 
15 and 137.62 MHz for NOAA 14. A simple crossed 
dipole antenna can be used, or for marine use a 
stainless steel quadrifilar helix antenna. These simple 
omni-directional antennas do not need moving or 
tracking to receive the satellite. The satellite is so 
strong that when is about 20° above the horizon 

perfect results will be obtained. The APT signal is 
easily recognizable by its modulated frequency (FM) 
and carrier tonality ranging between 1500 and 2500 Hz. 
New satellites have a 2400 Hz carrier like this NOAA 
14 APT signal. 


In APT mode, satellites transmit at the rate of 
120 LPM (lines per minute) alternating two channels, 
one for the visible image, the other for the infrared 
image. This is through the decoding software that you 
select one or another channel. 


Russian weather satellites only transmit infrared 
images at 120 LPM. The sound of their transmission is 


thus slightly different from the other weather satellites 
like on this record of a RESURS 01-N4 signal with an 
IOC of 382. On their side, METEOR 3-05 uses a 
higher carrier closer to 2500 Hz with an IOC of 382 
as well. 


The WX satellite receiver project will allow you to 
receive weather satellite transmissions on the VHF 
band, where most of the polar-orbiting satellites are 
located. You will recognize these transmissions on the 
news when you see the time lapse of the clouds darting 
across the countryside. The weather man in this case 
has taken multiple images on the computer, aligned and 
pieced them together, and then run through one image 
after the other. It is possible to do this same thing with 
this kit and the proper software. 


The way in which a weather satellite works is fairly 
simple. Just think of your office fax machine as an 
example. The satellites circle the Earth going north to 
south back to north again almost directly over the poles, 
which is why they call it a polar orbit. This means that 
the satellite will cover every location on the Earth at 
least twice per day. With a good antenna, and partly 
because of overlap of consecutive orbits, you can 
conceivably receive the same satellite up to six 
times a day! Notice though that the image received 
from polar orbits will be upside down on every 
other pass. 


The satellite retrieves the data in a linear fashion, 
one line at a time using a scanning radiometer. 
The scanning radiometer transmits the equivalent of a 
single television horizontal line as the satellite circles 
the earth. The system uses a series of optics and a motor 
driven rotating mirror system to receive a very narrow 
line of the image of the Earth. Each line is received at a 
right angle to the satellite’s orbital track, so as the 
satellite circles the Earth, a line is received from west to 
east or east to west depending on the orbit of the 
satellite. The total image is received from north to south 
or south to north, depending on the orbit also, and this 
motion is what relays the equivalent of the vertical scan 
in a television. You can continue receiving this satellite 


as long as it is within the line of sight. 


Since all of the receivable satellites are similar, we 
will describe the ones you will most commonly 
receive. The NOAA/TIROS satellites, during the first 
half of the transmission, send visible light data to the 


receiver at the same time they are taking in the view. 
Meanwhile during the same part of the scan, they are 
recording the infrared view. During the second half of 
the scan, while the sensors are facing away from the 
Earth, it sends the infrared data. The user then sees 

the data as two images side by side, on the left the 
visible light data is seen, and on the right, infrared data 
is seen. In between the images are synchronization 
pulses that help computers to align the individual lines 
precisely. 


These particular satellites continuously transmit an 
FM signal modulated with a 2400 Hz tone. This tone is 
very precise in frequency so the image seen is aligned 
properly. The 2400 Hz tone is AM modulated with the 
intensity of the current view of the Earth. The brighter 
or colder the point on the Earth, the higher in amplitude 
the 2400 Hz signal is. 


The receiver demodulates the FM signal and 
retrieves the 2400 Hz tone. The detector board in the 
computer will then find the peak amplitude of each 
wave of the 2400 Hz tone, and each peak, upper and 
lower, now represents a single pixel on the screen. For 
the NOAA/TIROS satellites, each horizontal line 
represents 2400 pixels, since the incoming frequency is 
2400 Hz, and the scanning radiometer rotates twice 
per second. The full 12 minute pass of a NOAA 
satellite requires approximately 3.5 MB (3.5 million 8 
bit pixels) of storage! This is much more data (pixels) 
than can be seen on a super VGA screen at any 
one time. 


Many people mistakenly think that they can easily 
utilize a conventional VHF scanner as an APT satellite 
picture receiver. Most scanners and communications 
receivers usually only provide a choice of two 
bandwidth settings for VHF FM reception: “narrow” 
and “wide.” The narrow setting gives a bandwidth of 
+15 kHz or less, which is fine for NBFM reception, and 
the wide bandwidth setting usually gives a bandwidth of 
about +100 kHz, so this is the setting that must be used. 
Unfortunately, this “wide” bandwidth is actually too 
wide for weather satellite signals and, as a result, the 
demodulated audio level is relatively low. At the same 
time, the wider reception bandwidth allows more noise 
through, so the signal-to-noise ratio can become quite 
poor. Only a few scanners have the correct bandwidth 
and these currently include the AOR3000 and Icom 
IC-PCR1000. The second problem with all scanners, 


Figure 23-2 Weather satellite receiver 


including the ones mentioned, 1s that a weather satellite 
system needs a very good performance receiver, one 
that provides high sensitivity, good signal to noise and 
high immunity to other adjacent transmissions. So, you 
may get a scanner to work, but 1t will not provide the 


optimum results. 


Ideally, in order to obtain the best results you really 
need to have a receiver with a +30 kHz bandwidth. 
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Figure 23-3 Weather satellite receiver block diagram 
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This type of specialized VHF receiver is available 
but fairly pricey. Hence the motivation for 
developing the low-cost weather satellite receiver 
described here. 


The weather satellite receiver project in this chapter 
features good sensitivity, at about 0.7V for 12 dB of 
quieting. At the same time, the effective bandwidth 1s 
approximately +35 kHz, which is quite suitable for 
weather satellite reception. The satellite receiver is built 
into a very compact plastic instrument box, as shown in 
Figure 23-2. All of the circuitry is mounted on a 
double-sided PC board, so it’s quite easy to build. It has 
switch tuning between two preset frequency channels, 
for ease of use. There are RF Gain, Audio Muting and 
Audio Gain controls and the receiver can drive a small 
monitor speaker or headphones, as well as providing a 
line level signal to feed into your PC for recording and 
decoding. 


The heart of the receiver is a Philips SA605D IC 
high-performance low-power FM mixer and IF system 
on a single chip. As you can see from the block diagram 
of Figure 23-3, it contains a local oscillator transistor 
and balanced mixer, plus a high-gain IF amplifier and 
IF limiter, a received signal strength (RSSI) detector, an 
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FM quadrature detector and finally an audio muting 
circuit. The local oscillator transistor can operate at 
frequencies up to about 500 MHz in an LC circuit, or 
up to 150 MHz with a suitable crystal. The mixer can 
operate up to SOO MHz as well, while the IF amplifier 
and limiter can operate up to about 25 MHz with a 
combined gain of about 90 dB. 


The main receiver diagram illustrated in Figure 23-4 
depicts the complete weather satellite receiver circuit 
details. In this receiver project, we’re using the SA605D 
in a fairly conventional single-conversion superhet 
configuration, with the IF amplifier and limiter working 
at 5.5 MHz. This allows us to take advantage of high 
selectivity 5.5 MHz TV sound IF ceramic filters to 
provide most of our bandwidth shaping. The two filters 
in question are X1 and X2, which are both Murata 
SFTS.5MA devices. 


As shown in the receiver schematic, X1 is connected 
between the mixer output and the IF amplifier input, 
while X2 is connected between the IF amplifier output 
and the limiter input. The resistors connected to the 
filter inputs and outputs are mainly for impedance 
matching, while the 10nF capacitors are for DC 
blocking. The 90° phase shift required for Ul”s 
quadrature FM detector is provided by coil L4 and its 
parallel 390 pF capacitor, which are tuned to 5.5 MHz. 


The local oscillator transistor inside U11 is connected 
in a Colpitts circuit. This includes coil L3, together with 
the two 15 pF capacitors (which provide the emitter tap) 
and a 10 pF capacitor in series with the Varicap 
diode D1. 


The Varicap diode D1 1s the receiver’s tuning 
capacitor. Its tuning voltage for each of the two 
channels is set by 10-turn trimpots VR4 and VRS, with 
switch S1 selecting between them. We can tune the 
receiver simply by changing the local oscillator 
frequency because we only need to tune over a 
relatively small range (i.e. 137.3-137.85 MHz 
maximum), which is within the selectivity curve of the 
“front end” tuned circuits. 


The satellite receiver’s front end uses a BF998 dual- 
gate MOSFET (Q1) connected in a standard cascode 
amplifier configuration. The incoming VHF signals are 
fed into a tap (for impedance matching) on antenna coil 
L1, which is tuned to about 137.55 MHz using trimmer 
capacitor VC1. The signal from the top of this tuned 


circuit is then fed directly to gate 1 of Q1, while gate 

2 18 bypassed to ground but also fed with an adjustable 
DC voltage via VR1 for RF gain control. The amplified 
VHF signal on Q1’s drain is fed to pin 1 of U1 via a 

1 nF coupling capacitor. Additional RF selectivity is 
provided by coil L2 and trimmer capacitor VC2, which 
are again tuned to about 137.55 MHz. The 100 ohm 
resistor and 10 uH RF choke form an untuned high- 
impedance load for Q1. 


Notice that as well as being coupled to the tap on 
L1 via a 2.2 nF capacitor, the antenna input is also 
connected to the +12V supply line via RFC1 and a 
series 22 ohm resistor. As you may have guessed, these 
components are there to provide “phantom” DC power 
for the masthead pre-amplifier. At the output end of U1, 
we take the demodulated APT signals from the “muted 
audio” output at pin 8. This allows us to take advantage 
of the SA605’s built-in muting circuit, which works by 
using comparator stage U2b to compare U1’s RSSI 
output from pin 7 (proportional to the logarithm of 
signal strength) with an adjustable DC control voltage 
from muting pot VR2. When the RSSI voltage rises 
above the voltage from VR2, U2b’s output switches 
high and this is fed to pin 5 of U1 via a 2.2k ohm series 
resistor to un-mute the audio. D2, a 5.1V Zener diode, 
limits the swing on pin 5 of U1 to less than 6V. 


Transistor Q2 and LED1 form a simple signal 
strength indicator. This also uses the RSSI output from 
U1. In operation, the voltage across the 390k ohm 
resistor and 100 nF capacitor rises from about +0.26V 
under no-signal conditions to about +5V with a very 
strong input signal. So with Q2 connected as an emitter 
follower and LED1 in its emitter load, the LED current 
and brightness are made to vary quite usefully with 
signal strength. 


The demodulated APT signal from pin 8 of U1 is first 
fed through op-amp U2a, which is configured as an 
active low-pass filter. This has a turnover frequency of 
5 kHz and is used for final de-emphasis and noise 
reduction. From there, the signal is fed to audio gain 
control VR3 and then to audio amplifier stage U3. This 
is a standard LM386 audio amplifier IC, configured for 
a gain of about 40 times. Its output is fed to both the 
monitor speaker socket and to a line output socket for 
connection to your PC’s sound card. 


Most of the receiver’s circuitry operates from +12V, 
with the exception of U1 which needs +6V. As a result, 
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Figure 23-4 Weather satellite receiver schematic. Courtesy of Silicon Chip Magazine 
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the power supply circuitry includes US to provide a 
regulated and smoothed +12 V supply from an external 
supply such as a 14.5-18 V “wall-wart.” This is 
followed by 5V regulator U4 which has its output 
“Jacked up” using 300 ohm and 47 ohm resistors to 
provide close to +6 V for the SA605D (U1). Note that if 
you want to run the receiver from a 12 V battery, this 
can be quite easily done by replacing REGI with a wire 
link. In addition, the 2200 uF capacitor should be 
replaced with a 16 V Zener diode (ZD2) for 
over-voltage protection. 


Construction 


Before beginning the project make sure that you have a 
clean well lit and well ventilated work space for 
constructing your satellite receiver. Locate all the 
diagrams and place them in front of you on the table or 
work bench. Locate a 27 to 30 watt pencil-tip soldering 
iron, along with some “Tip Tinner,” which is used to 
prepare and clean your soldering iron tip. Locate a roll 
of 60/40 tin/lead rosin core solder as well as a few small 
hand tools such as a pair of small end-cutters, a 
needle-nose pliers, a pair of tweezers, and some small 


screwdrivers. 


Table 23-1 
Resistor color code chart 


Color Band Ist Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 
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Silver 


No color 


end Digit 


Construction of the weather satellite receiver is 
straightforward with virtually all of the parts mounted 
on a small PC board. The board is double-sided but the 
top copper pattern is used mainly as a ground-plane. 
This means that the board doesn’t need to have plated- 
through holes but there are quite a few component leads 
which do have to be soldered on both sides of the board. 
There are also a number of “pin-through” or “hole- 
through” wires which have to be soldered to both sides 
of the PC board around U1. These connect the Earth 
patterns on both sides of the board and ensure that this 
high-gain chip operates in a stable manner. 


The various input and output connectors are mounted 
along the rear edge of the circuit board, while the 
controls and indicator LEDs mount along the front 
edge. The only component not actually mounted on the 
board is S1, the channel select toggle switch. This 
mounts on the front panel, with its three connection lugs 
wired to PC board terminal pins directly underneath 
using very short lengths of insulated hookup wire. 


Start the assembly by mounting these three terminal 
pins first, they are the only pins used in the receiver 
project. Next, mount the four connectors CON1-CON4 
along the rear edge, followed by the resistors. Table 23-1 
shows the resistor color codes but it’s also a good idea 
to check each value using a digital multi-meter before 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


soldering 1t in position. All resistors are mounted to the 
top of the PC board but note that some of them have 
one lead soldered to the top copper as well as the 
bottom copper. Once the resistors are in place, you can 
use excess resistor leads to allow connection from one 
side of the board to the other side, since this project 
uses a two-sided circuit board. Each “pin-through or 
through-hole” is fitted by simply passing a wire through 
the hole in the board, then soldering it on both sides and 
trimming off the excess lead lengths. 


The small ceramic capacitors can now all be installed 
on the left-hand side of the board. Note that some of these 
also have their “cold” leads soldered on both sides of the 
board, as indicated by the red dots. Once they’re in, 
install the MKT capacitors and the electrolytic capacitors, 
making sure that the latter are all correctly orientated. 

Use the chart shown in Table 23-2 to help locate the small 
capacitors from the parts pile. Often small capacitors do 
not have their actual value printed on them but instead use 
a three-digit code to represent the actual value. 


Finally go ahead and mount the trimmer capacitors 
VC1 and VC2. These should be mounted so that their 
adjustment rotors are connected to earth (this makes it 
much easier to align the receiver later). It’s simply a 
matter of orientating them on the board. 


Next, we will move on to installing the RF chokes. 
RFC2 and RFC3 are both pre-wound (10 uH and 68 uH 
respectively) but RFC1 needs to be wound on an F29 
ferrite bead. It’s very easy to wind though, because it 
requires only three turns of 0.25 mm enameled 
copper wire. 


Winding coils 


At this point in time, it’s a good idea to wind and mount 
the remaining coils. Table 23-3 gives the winding 
details of the coils. As shown, L1—L3 are air-cored 
types, each consisting of five turns of 0.8 mm diameter 
wire wound on a 5 mm mandrel. Note, however, that L1 
is wound using tinned copper wire, while L2 and L3 are 
both wound using enameled copper wire. Don’t forget 
to scrape off the enamel at each end, so they can be 
soldered to the board pads. 


Coils L1—L3 should all be mounted so that their turns 
are about 2 mm above the board. After you’ve fitted Ll, 


don’t forget to fit its “tap” connection lead as well. This 
can be made from a resistor lead off-cut, since it’s very 
short. It connects to a point 4 of a turn up from the 
“cold” (earth) end of the coil, 1.e. just above half-way 
up the side of the first turn. 


The final coil to wind is quad detector coil L4. Unlike 
the others, this is wound on a 4.83 mm OD former with 
a base and a copper shield can. It’s wound from 20 
turns of 0.25 mm enameled copper wire and tuned with 
an F16 ferrite slug. Coil formers with ferrite slugs are 
difficult to locate, check the Appendix. You could 
also experiment with a small “junk” IF transformer 
can. You could try and unwind the existing coil and 
re-winding your own coil over the plastic former. 

You must make sure that there is a ferrite slug in the 
center of the coil former. Once L4 is wound, and 
installed onto the board, cover it with its shield can. 
You can next mount the two ceramic filters X1 and X2. 
These devices can be fitted either way around but make 
sure that their pins are pushed through the board holes 
as far as they”1l go before you solder them 

underneath. 


The next step is to construct and install the small 
metal shield around coil L2, C10 and most of the 
components in the drain circuit of Q1. This shield is 
U-shaped and measures 20 mm high, with the front and 
back “arms” 36mm long and the side section 20 mm 
long. The bottom edges of all three sides are soldered to 
the board’s ground-plane in a number of places, to hold 
it firmly in position and to ensure it stays at earth 
potential. 


The two 10-turn trimpots (VR4 and VR5) can now be 
soldered in position at the front-center of the board. 
They can then be followed by the three main control 
pots, which are all 16 mm diameter types. Trim each 
pot’s spindle length to about 9 mm before fitting it and 
make sure you fit each one in its correct position as they 
are all different. In particular, note that VR1 and VR3 
both have a value of 50k ohm but VR] is a linear pot 
while VR3 is a log type. 


After installing the potentiometers, it’s a good 
idea to connect their metal shield cans together 
and then run a lead to the board’s top copper to earth 
them. This is done using a length of tinned copper 
wire, with a short length of insulated hookup 
wire then connecting them to the board copper at 
front right. 


Table 23-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 WF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 WF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 O47 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 a Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


Table 23-3 
Coil winding details 


Ll 5 turns of 0.8mm (20 ga.) tinned copper wire, 7 mm 
long (wound on 5 mm diameter mandrel). Tap at 
0.3 turns. Air core, mounted 2 mm above board. 

L2 5 turns of 0.8 mm (20 ga.) enameled copper wire, 

9 mm long (wound on 5mm diameter mandrel). 
Air core, mounted 2 mm above board. 

L3 5 turns of 0.8 mm (20 ga.) enameled copper wire, 

8 mm long (wound on 5mm diameter mandrel). 
Air core, mounted 2 mm above board. 

L4 20 turns of 0.25 mm (30 ga.) enameled copper wire, 
tight wound on 4.83 mm OD former with F16 
tuning slug and shield can. 

RFC1 3 turns of 0.25 mm (30 ga.) enameled copper wire 


wound on an F29 ferrite bead. 


Mounting the 
semiconductors 


Before we go ahead and install the semiconductors, let's 
take a brief look at the semiconductor pin-out diagram 
illustrated in Figure 23-5, which will assist you in 
orienting the integrated circuits. Now you can go ahead 
and mount the semiconductors. Begin by installing the 
Varicap diode at D1, and the 5.1V Zener diode at D2 
and transistor Q2. Next, install regulator US and its 
associated heatsink. These parts are secured to the board 
using a 6mm-long M3 screw, nut and lock-washer. 
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Figure 23-5 Semiconductor pin-outs 


Note that U5’s center pin should be soldered on both 
sides of the board but take care not to touch either of 
the two large adjacent electrolytic capacitors with the 
barrel of your soldering iron. 


Go ahead and mount regulator U4, followed by U22 
(TLO72) and U3 (LM386). Note that pin 4 on both these 
devices should be soldered to the copper on the top of 
the board as well as the bottom. The two D3 and D4 are 
both mounted horizontally, so that they later protrude 
through matching 3 mm holes in the front panel. Note 
that they are both fitted with their cathode leads towards 
the left. Bend their leads down through 90° about 5mm 
from the LED bodies, then solder them in position so 
that the axis of each LED is 5 mm above the board. 


The final components to be mounted on the PC board 
include the Dual-Gate MOSFET at Q1 and the SA605D 
IC at (U1), U2 and transistor Q2. These components 
should be handled very carefully, using an anti-static 
wrist-band to avoid static charges building up on the 
components. The two integrated circuits should be 
mounted in IC sockets. IC sockets are an insurance 
policy against circuit failure at a later date. It is much 
easier to simply unplug a faulty IC, rather than trying to 
un-solder 14 or 16 pins from the circuit. Most people 
cannot un-solder 16 pins without damaging a circuit 
board. When mounting the IC sockets, observe a small 
cut-out at one edge of the socket. The cut-out will 
identify the top of the socket. Usually pin of the IC will 
be located to the left of the cut-out. Solder the sockets 
in their respective locations. Finally insert the ICs into 
their respective sockets, noting pin | is to the left of the 
small indented circle or cut-out on the top of the IC 
package. When handling the MOSFET be extremely 
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careful to avoid damage from static electricity. Do not 
move around when installing these static sensitive 
components and be sure to use an anti-static wrist band 
to avoid damage. 


The completed PC board 1s housed in a suitable 
low-profile plastic instrument case. 


First, you can mount switch S1 on the front panel and 
connect three 30 mm lengths of insulated hookup wire 
to the three pins on the PC board. That done, the front 
panel can be mated with the PC board by positioning 
1t on the three pot ferrules and doing up the nuts. 

The three leads from the PC board pins can then be 
soldered to the switch lugs. 


The rear panel is not attached to the board assembly. 
Instead, it simply slips over connectors CON1 and CON2 
and is then slid into the rear slot when the assembly is 
fitted into the bottom half of the case. Now go ahead and 
mount the antenna connector onto the rear panel. Finally, 
the completed assembly is fastened in place using eight 
6 mm-long 4-gauge self-tapping screws. 


After completing the circuit board assembly, you 
should take a short rest and when we return we will 
inspect the circuit board for any possible “short” circuits 
or “cold” solder joints. Pick up the circuit board with 
the foil side of the circuit facing upwards toward you. 
First inspect the circuit board for possible “cold” solder 
joints. All of the solder joints should look clean, bright 
and shiny. If any of the solder joints look dark, dull or 
“blobby,” then you should un-solder that particular joint, 
remove the solder then re-apply some solder and re- 
solder the joint all over again. After inspecting all of the 
solder joints, we can move on to looking for “short” 
circuits. Often sticky rosin core solder will leave a 
residue on a circuit board. When excess component 
leads are cut from the board during assembly, many 
times the “cut” leads will stick to the circuit board and 
they can “bridge” across the circuit pads and cause a 
“short” circuit which could damage the circuit when 
first powered-up. Another potential cause for a 
“short” circuit is a small solder ball which may 
have stuck to the circuit board, this too can cause a 
“short” circuit. 


Once you have inspected the circuit board to your 
satisfaction, you can connect up the power supply leads 
to the power input jack and you will be ready to test the 
weather satellite receiver. 


Circuit test 


First, turn all three front-panel pots fully anticlockwise, 
connect up your antenna to the antenna input connector, 
and then apply power from a suitable 14-18V DC 
“wall-wart” power supply or a 12V battery. Check that 
the green power LED immediately begins glowing. 


If it does, check the voltage on REGI’s output lead 
(1.e. the right-hand lead) with your multi-meter, 1t 
should read close to +12V with respect to ground. 
Similarly, the voltage at REG2’s (right-hand) output pin 
should measure very close to +6V. 


If you now plug an 8 ohm speaker into CON3 
terminals, and then turn up audio gain control VR3, you 
should hear a small amount of hiss and noise. When you 
turn up the RF gain control VR1 as well, this noise 
should increase a little further but LED1 shouldn’t 
begin glowing except only very faintly when VRI is 
turned fully clockwise. 


Now turn VR1 fully anticlockwise again and use your 
multi-meter to measure the DC voltage at the top of the 
390k resistor located just behind transistor Q2 (1.e. to 
the right of 5.1V Zener diode). The voltage across this 
resistor should be less than 0.30V and preferably about 
0.26V. If it’s any higher than 0.30V, the IF amplifier in 
IC1 may be unstable. Assuming that your receiver has 
passed all these tests, it should be working correctly and 
is now ready for alignment. 


Receiver alignment 


The final alignment of the weather satellite receiver is 
best done with a satellite signal. However, you need to 
give it a basic alignment first so that you can at least 
find the signal from a satellite when it’s within range. 
For the basic alignment, you’ll need access to a 
frequency counter capable of measuring up to 150 MHz 
and an RF signal generator which can be set to give an 
output at 137.50 MHz and at 137.62 MHz. It should be 
able to provide either unmodulated (CW) output or 
frequency modulation, with a modulating frequency of 
2.4 kHz and a deviation of +25 kHz or thereabouts. If 
the generator can’t be accurately set to the above 
frequencies, you’ll need to use the frequency counter to 


help set its frequency. You”1l also need your multi-meter 
during the “tuning-up” process, to monitor received 
signal level. 


The first step 1s to set the local oscillator frequencies 
for the two reception channels. This is done by 
adjusting trimpots VR4 and VRS respectively, while 
measuring the oscillator’s frequency with the frequency 
counter. The oscillator signal is coupled to the counter 
via a “sniffer” coil which is connected to the end of a 
coaxial cable. The other end of this cable is then 
connected to the counter’s input. Note that there is no 
direct physical connection between the oscillator coil 
and the counter’s sniffer coil. Instead, the sniffer 
coil is placed about 9 mm in front of oscillator coil (L3) 
and roughly on-axis (i.e. just in front of the 10 pF 
capacitor). 


The sniffer coil can be made by winding four 
turns of 0.8mm enameled copper wire on a 5 mm drill 
shank. Its ends can then be soldered to a BNC socket 
which is then connected to the end of the counter input 
cable. This arrangement picks up enough oscillator 
energy to give reliable counter readings, without 
needing to be any closer to L3 (to avoid “pulling” the 
frequency). 


Assuming you want to receive the NOAA satellites, 
set the oscillator frequency for channel A to 132.0 MHz 
(using VR4), and the frequency for channel B to 
132.12 MHz (using VR5). These correspond to 
reception frequencies of 137.5 MHz for NOAAs 12 and 
15 and 137.62 MHz for NOAA 17. If you want to try 
for other satellites, you’Il need to find out their APT 
frequency and set the oscillator frequency to 
5.5 MHz below that figure instead, and adjust the 


tuning controls. 


Once the oscillator frequencies have been set, the 
next step is to peak up the RF stage tuned circuits. This 
is done by setting your RF signal generator to produce 
an unmodulated (CW) signal at 137.5 MHz, initially 
with a level of about 30 mV. That done, connect the 
generator’s output to the antenna input of the receiver, 
using a series DC blocking capacitor if the generator 
doesn’t have one (so that the generator doesn’t short out 
the +12V phantom power for the masthead amplifier). 


Next, connect your multi-meter (set to the 5V DC 
range) across the 390k ohm resistor just behind Q2 and 
make sure switch Sl is set to the channel A position. 


Now turn up RF gain control VR1 to about midway and 
use an alignment tool or a very small screwdriver to 
adjust trimmer cap C10 until you find a peak in the 
voltage reading on a multi-meter. If you can’t find a 
peak, you may have to pull the turns on coil L2 slightly 
further apart to reduce its inductance. Once the peak is 
found, adjust VC2 carefully to maximize the meter 
reading (the multi-meter is reading the RSSI voltage 
from ICI, so it’s essentially showing the received signal 
strength). 


When you’re certain that the L2/C10 circuit is tuned 
to 137.5 MHz, check the actual voltage reading of the 
meter. If it’s more than 2.5V, reduce the output level 
from the RF generator until the multi-meter reading 
drops to about 2.0V. Now you’re ready to peak the 
receiver’s input tuned circuit—1.e. L1 and VC1. This is 
done in exactly the same way as for L2 and C10. Just 
adjust C4 slowly until the multi-meter indicates 
a peak and then carefully set C4 for the maximum 
peak reading. If you can’t find another peak, you 
may need to pull the turns of L1 slightly further apart 
as before. 


The final alignment step is to set the slug in 
quadrature detector coil L4 to the correct position for 
optimum FM demodulation of the 5.5 MHz IF signals. 
This is done by first switching the signal generator so 
that it’s still producing a 137.5 MHz signal but this 
should now be frequency modulated—preferably with a 
2.4 kHz tone and a deviation of about +25 kHz. 


Now, connect an 8 ohm speaker to the receiver’s 
speaker socket (CON3) and turn up the audio gain 
control (VR3) to about the 10 o’clock position. You may 
not be able to hear the 2.4 kHz modulating signal at this 
stage but in any case, slowly and carefully adjust the 
slug in L4 using a non-magnetic alignment tool. Sooner 
or later you’ll start to hear the 2.4 kHz tone and you 
should also be able to tune the coil for maximum audio 


level and minimum distortion and noise. 


Once this has been done, the basic alignment of your 
weather satellite receiver is finished and it’s ready for 
final alignment using the signals from a weather 
satellite. But before you’ll be able to do this, you'll 
need to build or buy a suitable antenna and perhaps a 
small masthead pre-amplifier to boost the signal if 
necessary. The best antenna for APT weather satellite 
reception is either a turnstile or quadrifillar antenna. 


Figure 23-6 VHF turnstile antenna 


APT antenna 
considerations 


The crossed dipole or turnstile antenna is shown in 
Figure 23-6; it is recommended for nearly all APT 
weather satellite applications. It is made from aluminum 
and is strong and durable. It can be fixed onto a vertical 
mast and should be positioned as high as possible. The 
satellite signal will not go through trees or buildings and 
to get the best possible continuous signal it needs to be 
mounted onto a mast as high as possible. On the end or 
top of a building is preferred although, for test purposes, 
it can simply be stuck into the grass at ground level. 


Another good choice for APT satellite reception is 
the quadrifilar helix antenna, see Figure 23-7. It offers 
slightly better performance than the crossed dipole but it 
is considerably more costly. 


The success of weather satellite reception is very 
much dependent on having a good antenna. The ARRL 
Weather Satellite Handbook, is a good source of 
information on building antennas and low-cost antenna 
pre-amplifiers. You can either build a good antenna or 
readily purchase one from one of the vendors listed in 
the Appendix. Good quality, low-loss 50. coax should 
be used between the antenna and the satellite receiver, 
since satellite signals are generally weak. The coax 
should be plugged into the BNC jack on the rear of 


Figure 23-7 Quadrifillar antenna 


the receiver. If you are using large diameter coax, 

it may be necessary to use a UHF-BNC adapter. 
Another alternative is to use a short length of smaller 
diameter, more flexible, coax between the main cable 
and the receiver. That cable can have a BNC plug on 
one end and a UHF plug and double female adapter on 
the other. If you use a 137 MHz pre-amplifier, you can 
overcome some cable losses by installing the pre-amp 
right up at the antenna. This establishes a low noise 
figure before going through the loss of the cable. If you 
find you do need a 137 MHz mast-head pre-amplifier, 
you can build one or buy one from Hamtronics or 
Ramsey Electronics. We do not recommend trying to 
feed B+ to power the pre-amp through the coax as some 
enthusiasts do. It doesn’t pay to try to save the small 
cost of lightweight hook-up wire and de-grade the 
performance of the pre-amp in the process. 

Run a separate wire pair to power the pre-amplifier 

if needed. 


Receiver operation 


Operation of the receiver is fairly obvious, but we will 
comment on several features of interest. Normally, 
when used to drive a computer’s sound card, you will 
want to listen on a speaker to hear what the signal 
sounds like. The VOLUME control can be adjusted to 
whatever level is comfortable for listening and proper 


for the computer’s sound card. This is especially true 
during the initial acquisition period. However, most 


times you probably want the ability to mute the speaker; 


so installing a switch in line with the receiver output to 
the speaker is handy. 


To adjust the SQUELCH control, turn it clockwise 
just a little beyond the point where the squelch closes 
with no signal (just noise). The squelch circuit has 
adjustable sensitivity—the further clockwise you set 
the control, the stronger the signal must be to open 
the squelch. This is handy to set how strong you want 
the satellite signal to be before the tape recorder turns 
on. Be careful not to set it too far clockwise, though, 
because the squelch might not open even with a strong 
signal. The weather satellite receiver will allow you to 
select two different channels. Channel selection is done 
with switch S1. Use the selector switch to choose 
channel A or B, then use potentiometer VR4 or VRS to 
“tune-in” the desired satellite frequency. The satellite 
receiver’s audio is fed to the speaker output at J3 and 
also to a low-level output at J2 which can be fed to 
either a tape recorder or decoder card in a personal 


computer. 


Setting up you APT 
receive station 


In order to set up your own weather satellite receiving 
station you will have to acquire a few more items, as 
seen in Figure 23-8. In addition to the satellite receiver 
and antenna, you will need a personal computer, some 
sort of interface and a software package to display the 
satellite picture and a satellite tracking program if 
desired. A tracking program is not required, but it is fun 
to be able to know in advance when the satellite is 
overhead. 


How to see satellite weather pictures on your 
personal computer, you must follow the steps below: 


1. Track the desired satellite to find when it will appear 
and how long it will be in view (1.e. how high in 
elevation it will rise). (See NASA’s online J-Track 
program for an example of NOAA satellite tracking.) 


2. Tune the receiver to the right frequency, e.g. 
137.620 MHz for NOAA-14 and 137.500 for 
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Figure 23-8 Weather satellite receiving system 


diagram 


NOAA-15 and pick off the AM signal that carries 
the image data. The 2400 Hz AM sub-carrier signal 
will produce a distinctive “tick-tock” sound from 
the speakers. 


3. Receive the signal for as much of the satellite pass 
as possible. 


4. Decode the signal into the image. (Depending on 
the system, this is done in real-time or the signal is 
saved to file that is decoded later.) Most new 
computers (1.e. running at 800 MHz to 3 GHz with 
WIN2000 or XP software) with a good sound card 
can be used to decode the software directly from 
the satellite receiver audio. 


With your 137-138 MHz turnstile or quadifillar 
satellite antenna connected to your weather satellite 
receiver, and your WX receiver connected to your sound 
card in your PC, via a shielded audio cable, you will be 
able to get stunning color images directly from weather 
satellites. 


In order to decode an APT weather satellite signal 
from your WX satellite receiver, you will need to load 
some WX decoding software into your personal 
computer. 


There are number of choices for APT satellite 
decoding software, some of which are free for the 
download, such as WXtolmg which is a fully automated 
APT and WEFAX weather satellite (wxsat) decoder. 
The software supports recording, decoding, editing, and 
viewing on all versions of Windows, Linux, and 


Table 23-4 


137 MHz Weather satellite receiver frequencies 


Country Satellite 
USA NOAA - 12 
USA NOAA - 14 
USA NOAA - 15 
USA NOAA - 17 
USA - 2008 launch NOAA - 18 
Russia METEOR 
Russia METEOR 
Russia METEOR 
Russia OKEAN 


MacOS X. The WXtolmg software supports real-time 
decoding, map overlays, advanced color enhancements, 
3-D images, animations, multi-pass images, projection 
transformation (e.g. Mercator), text overlays, automated 
web page creation, temperature display, GPS interfacing, 
and control for many weather satellite receivers, 
communications receivers, and scanners. Check the 
download site at: http://www.wxtoimg.com/downloads/. 


Another good source for the WXSAT satellite 
decoding software is the HF-FAX web-site located at 
http://www.hffax.de/html/hauptteil_wxsat.htm. Once 
your software is loaded and your system check 
completed, you can refer to the chart in Table 23-4, for 
the most popular satellite frequencies. 


Format Frequency 
APT 137.500 MHz 
APT 137.620 MHz 
APT 137.500 MHz 
APT 137.620 MHz 
APT 137.9125 MHz 
APT 137.300 MHz 
APT 137.400 MHz 
APT 137.850 MHz 
APT 137.400 MHz 


Additional APT weather satellite source information 


137 MHz quadrifillar antenna construction info: 
http://www.askrlc.co.uk/ 


137 MHz turnstile antenna construction info: 
http://www.qsInet.de/member/pal pj/turnstile.pdf 


TimeStep — http://www.time-step.com 
Hamtronics — http://www.hamtronics.com/ 


Ramsey Electronics — 
http://www.ramseyelectronics.com/ 


Dartcom — http://www.dartcom.co.uk 
Swagur Enterprises, USA www.swagur.com 


Vanguard Electronic Labs, USA www.cyberpad.com 


Analog To Digital 
Converters (ADCS) 


Parts list 


Parts Bin ADC - 1 


ELA! Li I 


Gl sinr 35 volt 


capacitor 


C2 10uF, 35 volt 


electrolytic capacitor 


C3 Sur, 35 volt 


electrolytic capacitor 


UL -TMISLO5 5 VOLE 
regulator IC 


U2 MAX187 A/D 
converter IC 

ADC - 2 

R1-R8 100k ohm, 


E Watt, De resistor 


CL: AUFS 00 VOLE 


electrolytic capacitor 


02,05 .1uF, 35 volt 


disk capacitor 


C3 47uF, 35 volt 


electrolytic capacitor 


Gf ATU 35> Vol 


electrolytic capacitor 
D1 1N4001 silicon diode 
Ul MAX186 A/D converter 
IC (Maxim 
Semiconductor) 
U2 “iM s05 = 25 Ode 
regulator IC 
PL DBS “Lo Dada 
parallel port 


connector 


Misc PC board, wire, 
enclosure, terminal 


SELL; CEC. 


A number of radio receiver projects in this book are 
based on collecting data from receivers rather than 
listening to sound coming from a radio. In this chapter 
we will discuss four different approaches to buying 
and/or building analog to digital converters which you 
can use to collect or save data for analyzing at a later 
time. By using an analog to digital converter, you can 
collect, save and later playback and analyze signals that 
were recorded over days or over weeks and then, using 
special software, you can analyze the signals to 
determine trends of specific signals. We will present 
two different A/D or analog to digital converter projects 
which you can build with inexpensive integrated circuits 
and connect to your personal computer’s parallel port. 
Next, we will show you how you can purchase a low cost 
commercial analog to digital converter with software and 
finally we will describe a high quality A/D system which 
is used by members of the Public Seismic Network to 
record earthquake signals around the country. The PSN 
A/D converter is a true 16-bit multi-channel assembled 
A/D system which connects to your personal computer’s 
serial port. These four A/D systems are great choices for 
collecting radio signals over an extended period of time. 
Examine each of these A/D solutions and see which one 
is best for your particular applications. Most of the A/D 
collections systems described below come with free 
software for recording data. 


ADC - 1: single channel 
analog to digital converter 


This single channel 12-bit analog to digital converter, 
shown in Figure 24-1, can be built with the minimum of 


Copyright © 2008 by The McGraw-Hill Companies, Inc. Click here for terms of use. 


LMS8LOS a) 


2 
C1 C2 C3 


Figure 24-1 Single channel A/D converter — ADC 1. Courtesy of Radio-Sky Publishing 


components and the software for it is free. The single 
channel A/D converter is built around the $14 low cost 
MAX187 A/D converter from MAXIM Semiconductors. 
The circuit consists of the A/D converter chip, a 
regulator chip, and a few capacitors; it can’t get more 
simple than this! The single channel A/D converter 
readily connects to your computer’s parallel port 
through a BD-25 connector. The analog input voltage 
can be from zero (0) to 4.095 volts as a maximum 
signal level. A 9 volt battery or small 9 to 12 volt DC 
“wall-wart” power supply can be used to power the A/D 
circuit, which can be housed in a small plastic case. 


The A/D input from your signal source is fed to pin 2 
of the MAX187 chip. The 5 volt regulator’s output 
powers the MAX187 chip via pin 1. The MAX817 
outputs to your personal computer are on pins 6, 7 and 8. 
Only three capacitors are needed for this A/D, two of 
which are used in the regulated power supply section of 
the circuit. 


You will need a small 30 watt soldering iron, some 
60/40 rosin core solder for building this project. A small 
jar of “Tip Tinner” from your local Radio Shack is used 
to clean and dress the soldering tip. Locate a few small 
hand tools, including a pair of small end-cutters and a 
needle-nose pliers and a flat-blade and Phillips 
screwdriver and we will begin building the A/D 


converter. 


Heat up your soldering iron and let’s get building. 
The ADC-1 circuit can be built on a small perf-board or 
direct prototyping board available at Radio Shack or 


you could make your own circuit board for the project. 
The circuit only utilizes capacitors, both polar and non- 
polar types. Non-polarized capacitors are usually 
smaller capacitor and sometimes they do not have their 
actual value printed on them. Often a three-digit code is 
used to represent their value. For example, a . 001 UF 
capacitor will have (102), while a .01 UF capacitor will 
have a (103) marked on it. This project also uses large 
polarized or electrolytic capacitors, these capacitors 
have polarity markings on them which must be 
observed if you want the circuit to work properly. Use 
the chart in Table 24-2 to help identify the project 
capacitors. Identify all of the capacitors before 
installing them on the circuit board. Once you have 
identified all of the capacitors, you can go ahead and 
install them on the circuit board. Trim the excess 
component leads flush to the edge of the circuit board 
with your end-cutters. 


Take a quick look at the semiconductor pin-out 
diagram shown in Figure 24-2. This diagram will help 
you install the integrated circuits in the A/D projects. 
An integrated circuit socket for this project is highly 
recommended, as an insurance from a possible circuit 
failure if it ever happens. It is much easier to simply 
replace the IC rather than trying to un-solder the IC 
from the circuit board. The IC socket will have a 
cut-out or notch at one end of the package. Solder the 
IC socket onto the PC board. Pin one (1) will be 
assigned to the pin just to the left of the notch or cut- 
out. Pin one (1) of the IC socket is connected to the 
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Figure 24-2 Semiconductor pin-outs 


output of the regulator Ul. When inserting the IC into 
1ts socket pay particular attention to the orientation. Pin 
one (1) of the IC must be inserted into pin one (1) of the 
IC socket. Note that there will be a notch or cut-out or 
small indented circle on the top of the IC package. Pin 
one (1) of the IC will be just to the left of the cut-out 

or notch. 


One neat way to package the units is inside a two 
way parallel port manual switch box. These can be 
bought for about $10 at computer shows. One of the 
DB23 connectors is removed from the back of the 
switch and replaced with a power and a analog input 
jack. Leads 2, 3, 12, 24 and 25 from the removed DB25 
are soldered directly to the appropriate places on the 
A to D board. The switch can then be used to pass 
through to the printer when the A to D is not in use. You 
could also elect to mount the A/D converter in a small 
plastic box 1f desired with a 25 pin connector on the 
rear of the enclosure. 


Before applying power to the A/D circuit, take a 
moment to inspect the foil side of the PC board. Pick up 
the PC board with the foil side of the board facing 
upwards towards you. We are going to examine the PC 
board for possible “cold” solder joints and “short” 
circuits before applying power for the first time. Look 
carefully at the solder joints, they should all look clean, 
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shiny and bright. If any of the solder joints look dark, 
dull or “blobby” then remove the solder from the joint 
and then re-solder the joint all over again. Next, we will 
examine the PC board for possible “short” circuits 
which are often caused by the sticky rosin residue left 
on the circuit board from the solder. Often “cut” 
components or small solder balls can adhere to the foil 
side of the board and “short” between the circuit traces. 
Once you have examined the PC board carefully, you 
can go ahead and power-up the circuit for the first time. 
Install the free A/D collection software, either Data 
Collect Lite or Radio-Sky Pipe from the Radio-Sky 
web-site, or see Appendix, and start collecting data 
from one of your new receivers. In the event the circuit 
does not work, check over the installation of the 
electrolytic capacitors and the polarity of the power 
supply connections. The MAX87 chip should be 
available from Digi-Key Corporation, see Appendix. 


ADC - 2: 8 channel analog 
to digital converter 


An 8 channel 12-bit analog to digital converter (ADC) 
project is shown in Figure 24-3, and connects to the 


parallel port of your personal computer. This second 
low cost analog to digital converter circuit is one you 
can readily build yourself in a few hours from scratch. 
This A/D converter works with free software from a 
company known as Radio-Sky, which specializes in 
products for Radio Astronomy. Their free software, 
which works with the low cost ADC, is called Radio- 
Sky Pipe. The ADC is based on a single low cost 
integrated circuit from MAXIM Semiconductors. Pins 1 
through 8 on the MAX186 A/D converted chip 
correspond to Channels 1 through 8. A 100 kilo-ohm 
resistor is placed across each input channel pin and is 
connected to ground. The A/D converter circuit 
connects to a personal computer via the parallel port. 
You will need to choose the appropriate parallel port 
address which is selected in the free Radio-Sky Pipe 
software. Note that all of the .1 UF (microfarad) 
capacitors are non-polarized types, typically disk 
ceramic capacitors. They should be rated for at least 
15 volts. The A/D circuit may be powered by a battery or 
any well filtered external DC power supply. (You may 
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order the MAX186 IC from Radio-Sky Publishing, or 
from Digi-Key or Mouser Electronics, see Appendix.) 


The A/D circuit can be built on a small breadboard or 
on a printed circuit board. A circuit board and partial kit 
of parts (no case, connectors, or power supply) is 
available from Radio-Sky. Before we begin building the 
single channel A/D converter you will need to secure a 
clean well lit work area. You will need to locate a small 
27 to 33 watt pencil-tipped soldering iron, a roll of 
60/40 rosin core solder and small jar of “Tip Tinner,” a 
soldering iron tip cleaner/dresser. Collect together a few 
small hand tools such as a pair of end-cutters, a pair of 
needle-nose pliers, a flat-blade and a Phillips screw- 
driver and a magnifying glass. Grab the schematic, parts 
layout diagram and the resistor and capacitor 
identifications charts below, and we will begin. 


This project employs eight 100,000 ohm resistors at 
the input to each of the A/D channels. Take a look at the 
resistor identification chart in Table 24-1. Each resistor 
will have three or four color bands on the body of the 
resistor, which start at one end of the resistor body. 
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Figure 24-3 8 channel A/D converter — ADC 2. Courtesy of Radio-Sky Publishing 


Table 24-1 
Resistor color code chart 


Color Band Ist Digit end Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 nN NWN A WO NY KF O 
VD 0 10 UA bo Do 


Silver 


No color 


The first color band will represent the first digit of the 
resistor code, the second color band denotes the second 
digit of the code, and finally the third color code 
represents the resistor’s multiplier value. Resistors will 
generally have a tolerance code which is the fourth 
color band. The absence of a fourth color band indicates 
a 20% tolerance value, while a silver color band denotes 
a 10% tolerance and a gold band represents a 5% 
tolerance resistor. A 100k ohm resistor’s first band 
should be brown (1), its second color band is black (0) 
and its third band will be yellow (0000), so (1)(0) times 
(0000) = 100,000 ohms or 100k ohms. Place the eight 
resistors on the circuit board and solder them in place. 
Next, trim the excess component leads flush to the edge 
of the PC board with your end-cutters. 


Capacitors are generally identified as polar and non- 
polar types. The polarized capacitors are also called 
electrolytic capacitors and they have polarity, as each of 
the two leads are labeled as plus (+) or minus (—) and 
this polarity must be observed when installing these 
capacitors in order for the circuit to work correctly. 
Non-polarized capacitors are usually small in physical 
size and in their actual value. Take a look at the 
capacitor identifier chart in Table 24-2, it illustrates the 
capacitor codes used to identify smaller sized 
capacitors. Many times small capacitors do not have 
room to print their entire details on the body of the 
capacitor, so a three-digit code is utilized to label them. 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


For example, a .001 UF is labeled (102), while a .01 UF 
capacitor 1s labeled as (103). Identify all of the 
capacitors in the ADC-2 project and separate them into 
piles polarized vs. non-polarized and place them in front 
of you. Once identified you can go ahead and install the 
capacitors on the PC board in their respective locations. 
Pay particular attention to installing the electrolytic 
capacitors correctly. Once you have placed the 
capacitors on the board, you can solder them in place, 
then cut the extra component leads flush to the edge of 
the board. 


The analog to digital converter contains a single 
silicon diode at D1. Remember that diodes have polarity 
and they must be mounted correctly for the circuit to 
work. Diodes will generally have an anode and cathode 
lead, they will have a white or black band closer to one 
end of the diode. The end closest to the colored band is 
the cathode lead, look at the schematic or part layout 
diagram and then install the diode. 


This circuit employs two integrated circuits, the main 
A/D converter chip and a regulator chip. An integrated 
circuit socket for U1 is highly recommended, so in the 
event of a possible IC failure, you can simply plug-in a 
new chip without having to un-solder 20 pins or more 
from the foil side of the PC board. Integrated circuit 
sockets will usually have a notch or cut-out at one end 
of the package. The pin just to the left of the notch or 
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ENERGY COLLECTION 


TECHNICAL FIELD 


[0001] The present disclosure is generally related to energy 
and, more particularly, 1s related to systems and methods for 
collecting energy. 


BACKGROUND 


[0002] Theconceptof fair weather electricity deals with the 
electric field and the electric current in the atmosphere propa- 
gated by the conductivity of the air. Clear, calm air carries an 
electrical current, which is the return path for thousands of 
lightening storms simultaneously occurring at any given 
moment around the earth. For simplicity, this energy may be 
referred to as static electricity or static energy. FIG. 1 illus- 
trates a weather circuit for returning the current from light- 
ning, for example, back to ground 10. Weather currents 20, 30 
return the cloud to ground current 40. 

[0003] Inalightening storm, an electrical charge is built up, 
and electrons arc across a gas, ionizing it and producing the 
lightening flash. As one of ordinary skill in the art under- 
stands, the complete circuit requires a return path for the 
lightening flash. The atmosphere is the return path for the 
circuit. The electric field due to the atmospheric return path is 
relatively weak at any given point because the energy of 
thousands of electrical storms across the planet are diffused 
over the atmosphere of the entire Earth during both fair and 
stormy weather. Other contributing factors to electric current 
being present in the atmosphere may include cosmic rays 
penetrating and interacting with the earth’s atmosphere, and 
also the migration of ions, as well as other effects yet to be 
fully studied. 

[0004] Some of the ionization in the lower atmosphere is 
caused by airborne radioactive substances, primarily radon. 
In most places of the world, ions are formed at a rate of 5-10 
pairs per cubic centimeter per second at sea level. With 
increasing altitude, cosmic radiation causes the ion produc- 
tion rate to increase. In areas with high radon exhalation from 
the soil (or building materials), the rate may be much higher. 
[0005] Alpha-active materials are primarily responsible for 
the atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

[0006] While there is a large amount of usable energy avail- 
able in the atmosphere, a method or apparatus for efficiently 
collecting that energy has not been forthcoming. Therefore, a 
heretofore unaddressed need exists in the industry to address 
the aforementioned deficiencies and inadequacies. 


SUMMARY 


[0007] Embodiments of the present disclosure provide sys- 
tems and methods for collecting energy. Briefly described in 
architecture, one embodiment of the system, among others, 
can be implemented by a support structure, the support struc- 
ture comprising at least one of an airplane, drone, blimp, 
balloon, kite, satellite, train, motorcycle, bike, skateboard, 
scooter, hovercraft, electronic device, electronic device case, 
billboard, cell tower, radio tower, camera tower, flag pole, 
telescopic pole, light pole, utility pole, water tower, building, 
sky scraper, coliseum, roof top, solar panel and a fixed or 
mobile structure exceeding 1 inch in height above ground or 
sea level; at least one collection device with, in operation, 
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microscopic points of a cross-section of the collection device 
exposed to the environment electrically connected to the sup- 
port structure; and a load electrically connected to the at least 
one collection device. 

[0008] Embodiments of the present disclosure can also be 
viewed as providing methods for collecting energy. In this 
regard, one embodiment of such a method, among others, can 
be broadly summarized by the following steps: suspending at 
least one collection device with, in operation, microscopic 
points of a cross-section of the collection device exposed to 
the environment from a support structure, the at least one 
collection device electrically connected to the support struc- 
ture, the support structure comprising at least one of an air- 
plane, drone, blimp, balloon, kite, satellite, train, motorcycle, 
bike, skateboard, scooter, hovercraft, electronic device, elec- 
tronic device case, billboard, cell tower, radio tower, camera 
tower, flag pole, telescopic pole, light pole, utility pole, water 
tower, building, sky scraper, coliseum, roof top, solar panel 
and a fixed or mobile structure exceeding 1 inch in height 
above ground or sea level; and providing a load with an 
electrical connection to the at least one collection device to 
draw current. 

[0009] Other systems, methods, features, and advantages 
of the present disclosure will be or become apparent to one 
with skill in the art upon examination of the following draw- 
ings and detailed description. It is intended that all such 
additional systems, methods, features, and advantages be 
included within this description, be within the scope of the 
present disclosure, and be protected by the accompanying 
claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0010] Many aspects of the disclosure can be better under- 
stood with reference to the following drawings. The compo- 
nents in the drawings are not necessarily to scale, emphasis 
instead being placed upon clearly illustrating the principles of 
the present disclosure. Moreover, in the drawings, like refer- 
ence numerals designate corresponding parts throughout the 
several views. 


[0011] FIG. 1 is a circuit diagram of a weather energy 
circuit. 
[0012] FIG. 2 is a perspective view of an example embodi- 


ment of many energy collectors elevated above ground by a 
structure. 

[0013] FIG. 2A is a side view of an energy collection fiber 
suspended from a support wire. 

[0014] FIG. 2B is a side view of an example embodiment of 
an energy collection fiber suspended from a support wire and 
with an additional support member. 

[0015] FIG. 2C is a perspective view of a support structure 
for multiple energy collection fibers. 

[0016] FIG. 2D is a side view of an example embodiment of 
a support structure for multiple energy collection fibers. 
[0017] FIG. 2E is a side view of a support structure for an 
energy collection fiber. 

[0018] FIG. 2F is a side view of an example embodiment of 
a support structure for an energy collection fiber. 

[0019] FIG. 2G is a side view of a support structure for 
multiple energy collection fibers. 

[0020] FIG. 3 is a circuit diagram of an example embodi- 
ment of a circuit for the collection of energy. 

[0021] FIG. 4 is a circuit diagram of an example embodi- 
ment of a circuit for the collection of energy. 


Table 24-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20pF Ceramic 4,700 pF /.0047 WF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic 01 Ceramic / Mylar 103 
68 pF Ceramic O15 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic ¿022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 2 Mylar 204 
330 pF Ceramic 331 MA Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 36 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


cut-out will be designated as pin 1. Be sure to align pin 
one (1) of the IC socket with IN1 and pin twenty (20) 
with the output of the regulator at U2. The actual IC 
itself will also have a notch or cut-out and pin one 

(1) will also be just to the left of the notch. Make sure 
that when you place the IC into its socket that you align 
pin one (1) of the IC with pin one (1) of the socket. 
Failure to observe the correct orientation of the IC will 
result in damage to the IC and perhaps damage to the 
circuit when power is first applied. 


Once the circuit board is built, you can wire a DB-25 
connector to the A/D chip and ground and your analog 
to digital converter will be just about finished. Find a 
suitable small plastic or metal enclosure for the circuit 
board. The 10 inputs can be wired to a 10-position 
screw terminal strip or you could use the second 
25 pin connector as the input connector to the circuit. 
Use whatever is convenient. 


Before applying power to the circuit for the first time, 
you will need to inspect the circuit board for possible 
“cold” solder joints and “short” circuits. Pick up the 
circuit board, with the foil side facing upwards towards 
you. Examine the solder joints carefully. Each of the 
solder joints should look clean, shiny and bright. If any 
of the solder joints look dark, dull or “blobby”, then 
remove the solder from the joint and then re-solder the 
joint over again so that it looks good. Next, we will 
inspect the board for possible “short” circuits. 

Many times sticky residue from the rosin core solder 
will cause “cut” component leads and small solder balls 
to adhere to the foil side of the board, thus “shorting- 
out” circuit traces. Remove anything that looks foreign. 


Now you can connect the A/D circuit to the parallel 
port of your computer and apply power to the circuit. 
You can power the A/D converter from a small DC 
“wall-wart” power supply. Install the free Radio-Sky 
software and you are ready to begin collecting data. 
The A/D circuit will work in the Standard version of 
Radio-Sky Pipe, but only Channel 1 will be available. 
The Pro-Upgrade allows you to use any number of 
channels up to 8. The channels used must be 
sequential. Analog inputs should be restricted to the 
O to 4.095V range. 


If the circuit doesn’t work on power-up, disconnect 
power and re-examine the circuit board to make sure 
that you didn’t make an error when constructing 


the circuit. Most common errors are installing the 
capacitor and diodes incorrectly. Also take note of the 
IC installation if the circuit does not initially work. 


HDC - 3: Datag 
DI-ISURS/ DI-ISYURS 
starter kits 


The Dataq DI-194RS is a low cost ready-made 10-bit 
ADC starter kit available for the low price of $24.00, 
while the DI154RS is a 12-bit ADC system priced at 
$39.00, see Figure 24-4. This A/D system has many 
features and includes a copy of WinDag/Lite chart 
recorder software. This is a great budget ADC system 
for readers who want to begin collecting data 
immediately. These ADCs would go well with any of 
the receiver projects in this book. 


U-Channel, 10-Bit, data acquisition 
starter kit - DISURS 


U-Channel, 12-Bit, data acquisition 
starter kit - DISURS 


e Compact Data Acquisition Starter Kit 
e 4-Channel, 10-Bit, +10V ADC 


e Provided with a Serial Port Interface Cable 


Figure 24-4 Datag data-logger 


e Two Digital Inputs for Remote Start/Stop and 
Remote Event Marker Control 


e Includes WinDaq/Lite Chart Recorder Software, 
WinDag Waveform Browser Playback and Analysis 
Software, and Documentation 


e Provided Active X Controls allow you to program 
the DI-194 from any Windows programming 


environment 


e Kids - Get a free Data Acquisition Starter Kit for 
your Science Fair Project. 


The DI-194RS and DI-154RS, DATAQ’s four-channel 
data acquisition starter kits, are a low-cost way to 
experience WINDAQ software, now with more features 
and capabilities than ever before. With these starter kits, 
you can digitize virtually any transducer’s analog output 
signal and record it to your PC’s hard disk. At the same 
time, view the transducer’s output on your PCs monitor 
in a triggered sweep (oscilloscope-like) or scrolling 
(chart recorder-like) display format. The starter kits 
provide a taste of the exceptional power and speed 
possible with WINDAQ software. They provide 12-bit 
(DI-154RS) and 10-bit (DI-194RS) measurement 
accuracy, a +10V analog measurement range, up to 
240 samples/second throughput, and four analog input 
channels. A CD demonstrates WINDAQ Waveform 
Browser (WWB), our playback and analysis software, 
but to get a hands-on illustration of the data recording 
and display capabilities of WINDAQ/Lite, you need a 
DI-154RS or DI-194RS starter kit. When connected to 
your PC’s serial port, these starter kits allow you to 
record, display, and analyze data using your own 
signals. The kits ship with WINDAQ/Lite 
(Recording Software and Playback and Analysis 
software). Data acquisition rates up to 240 samples per 
second are supported for Windows 2000 and XP. 


The DI-154RS and DI-194RS derive their power 
directly from the RS-232 serial port to which it is 
connected. So there are no batteries to replace or 
external power supplies to connect. The DI-154RS and 
DI-194RS starter kits are equipped with two digital 
inputs for remote start/stop and remote event marker 
control. Both starter kits are provided with an ActiveX 
Control Library that allows you to program the starter 
kits from any Windows programming environment. 


The included WINDAQ/Lite data acquisition software 
offers real time display and disk streaming for the 


Windows environment. Their real time display can 
operate in a smooth scroll or triggered sweep mode of 
operation, and can be scaled into any unit of measure. 
Event markers with comments allow you to annotate 
your data acquisition session with descriptive 
information as you’re recording to disk. Raise your 
productivity to new heights with WINDAQ’s unique 
multi-tasking feature. Record waveform data to disk in 
the background while running any combination of 
programs in the foreground—even WINDAQ Waveform 
Browser playback software to review and analyze the 
waveform data as it’s being stored! The DI-194RS 
Module with the WINDAQ Resource CD, screwdriver, 
and cable—all included with each starter kit. DI-154RS 
module case is identical. 


DI-ISURS Starter Kit: 
http://www.dataq.com/products/startkit/d1194rs.htm 


DI-ISURS Starter Kit: 
http://www.dataq.com/products/startkit/d1154rs.htm 


ADC — U: PSN true 16-bit 
serial output analog 
to digital converter 


The Public Seismic Network analog to digital board is a 
true 16-bit analog to digital converter for serious 
researchers who want high speed and high accuracy and 
excellent resolution. This ADC is used by the Public 
Seismic Network, a group of dedicated researchers 
based in California who collect earthquake events. 
Many researchers world-wide use this equipment to 
collect data. PSN ADC’s are used to collect seismic, 
magnetic, radio and weather information. A free data 
collection software package is also available. The PSN 
board costs about $180, see Figure 24-5. 


True 16-bit PSN A/D board 
16-Bit ADC board features: 


e Low Cost Analog to Digital Card for Seismic and 
Other Low Frequency Data Recording 


e True 16-Bit Resolution with Oversampling (more 


information) 


Figure 24-5 /6-bit analog to digital converter 


Standalone ADC Board with RS-232 Serial Output 
8 Single-Ended Analog Input Channels 
Compatible with WinSDR Datalogging Software 


Time Accuracy < 3 Millisecond with GPS Timing 
System 


Uses GPS, WWV, WWVB and Other Time 
References for Accurate Time Keeping 
Low power Requirement: < 1 Watt without Timing 


Reference; < 1.5 Watts with GPS Timing 


Uses Low Power High Speed PIC18F452 
Microprocessor 


Specifications 


Analog Inputs: 
e Channels: 8 Single-Ended Inputs 


Resolution: 16-Bit Successive Approximation 
Accuracy: 16 Bits 
Dynamic Range: 96 dB 


Input Range: + 5 or +10 Volts, Jumper 
Selectable 


A/D Converter Chip: Linear Technology 
LTC1605CN 


Input Impedance: 4.7k or 100k (Note 1) 


Sample Rates: 


200, 100, 50, 20 and 10 Samples Per Second 


WWV Time Correction Option: 


Tone Detector and Bandpass Filter to Detect 
800 ms Top of the Minute Tone Mark 


+20 Millisecond Time Accuracy when Locked 
to WWV Time Signal 


e GPS Support: 


e Supports these GPS Receivers: Garmin GPS 
16/18 Sensor or the Motorola ONCORE series 
of GPS receivers 


e +3 Millisecond Time Accuracy when Receiver 
is Locked to GPS Time 


e Board Size: 


e 6.500 x 5.750 inches or 16.51 x 14.605 


centimeters 
e Power Supply Requirements: 


e 16to 28 VDC or 11 to 18 VAC at 100 MA or 


more 


e PSN-ADC-SERIAL Version II Board without 
WWV Timing Circuitry and Power Supply - Cost: 
$185.00 

e WWV Timing Option - Cost: $25.00 

e Garmin GPS 18 Timing System - Cost: $98.00 

e Power Supply Options: 


e 110 VAC 60 Hz Wall Mounted Power Supply - 
Cost: $10.00 


e Universal 110 VAC to 220 VAC 50 / 60 Hz 
Power Supply with one Adapter Plug - Cost: 
$25.00 


e Six foot 9-pin Male / Female RS-232 Cable - Cost: 
$5.00 


e Enclosures for the PSN-ADC-SERIAL Board. 


e Plastic Box with Metal Front/Rear Panels - Cost: 
$15.00 
Box Size: L: 8.0 W: 7.8 H: 2.5 inches. This box can 
be used to hold the A/D and Amp/Filter boards. 
Note: This is just the box, you will need to drill any 
front/rear panel and mounting holes. 


True 16-bit performance 


The Analog to Digital converter chip on the PSN-ADC- 
SERIAL board has an internal noise level of + 3 counts. 
With the use of over-sampling, the internal noise level 

of the chip can be averaged out to produce a true 16-bit 


(96 dB) dynamic range. The amount of oversampling 
depends on the sample rate. The number of samples that 
are averaged together at 200 samples per second is 16 
and at sample rate below 200 sps the number of samples 
averaged together is 32. 


Board differences 


There are two versions of this ADC board. The boards 
are identical except for the Analog Input connector and 
location on the board. The board with the DB25 right 
angle connector is for customers who only need the 
ADC board. This version allows access to all of the 
connectors at the edge of the board. The board 

with the 26 pin ribbon connector header can be 

used with the PSN-ADC-EQAMP Amplifier/Filter 
board with mating 26 pin header connector. This 
arrangement produces a module that can be mounted in 
an off-the-self box. 


Software 


WinSDR (Download) can be used to record data using 
the PSN-ADC-SERIAL Version I or II ADC boards. 
This program is included with the purchase of the 
board. This Windows DLL Driver (pdf version) can be 
used by programmers who would like to write their own 
data-logger program or add the A/D board to an existing 
program. The DLL Driver zip file includes an example, 
written in VC++ 6.0, showing how to use the PSN A/D 
Board DLL file. 


Earthworm, a powerful seismic software package that 
can run under various operating systems, can now 
receive data using the PSN-ADC-SERIAL board or 
WinSDR. See this link for more information. A device 
driver for the Windows version of Seislog is now 
available. Contact me for more information. 


To order a board contact Larry at: 1.650.365.7162 


16-Bit ADC system board: http://psn.quake.net/ 
serialatod.html#16-Bit%20Performance 


WinSDR software: http://psn.quake.net/winsdr/ 
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Electronic Parts Suppliers 


We have listed some electronic parts suppliers. We 
cannot guarantee any particular level of service from 


these companies and supply this list only as a 
convenience to our readers. 


Allegro Electronic Systems - Semiconductor 
manufacturer 

3 Mine Mountain Rd. Cornwall 

Bridge, CT. 06734 

Phone: 1-203-672-0123 

http://www.allegromicro.com/ 


AmaSeis Seismic Software - Free seismic software 


available from: Alan Jones 


www.binghamton.edu/faculty/jones/AmaSeis.html 


Amidon Associates Inc. - Toroidal cores 
240 Briggs Ave 

Costa Mesa, CA 92626 

Phone: 714-850-4660 1-800-898-1883 
http://www.amidoncorp.com/ 

Email: sales@amidoncorp.com 


Analog Devices Inc. - Now selling their parts to 
individual semiconductors on the Internet 

3 Technology Way 

Norwood, MA - 02062 

http://www.analog.com/ 


Centerpointe Electronics, Inc. - I-F can type 
inductors/transformers 

5241 Lincoln Ave. Unit #A-7 

Cypress, CA 90630 

Email: cpcares @sbcglobal.net 

http://www.cpcares.com/ 


Circuit Specialist Inc. - Good parts selection, test 
equipment, kits 

220 South Country Club Drive #2 

Mesa, AZ 85210 

Phone: (800) 528-1417 +1-480-464-2485 

http://www.cir.com/ 


C & S Sales - Some kits and test equipment 
Wheeling, IL 60090 

Phone: 1-800-292-7711 
http://www.cs-sales.com/ 

sales @cs-sales.com 


Dan's Small Parts and Kits - Low tech site, but nice 
parts selection 

PO Box 3634 

Missoula, Montana. 59806-3634 

Phone: 406 258 2782 

http://www.danssmallpartsandkits.net/ 


DATAQ Instruments, Inc. - A/D data-loggers 
241 Springside Drive 

Akron, OH 44333 

Phone: 330-668-1444 

http://www.dataq.com/ 

E-mail: info @dataq.com 


Debco Electronics Inc. - Sometimes has some good 
bargains 

4025 Edwards Road 

Cincinnati, Ohio, USA, 45209 

Phone: (513) 531-4499 

http://www.debco.com/ 
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Digi-Key Corporation - Extensive selection of 
electronic parts on-line 

PO Box 677 

Thief River Falls, Minnesota 56701 

http://www.digikey.com/ 


Downeast Microwave Inc - Microwave components 
and kits for amateurs 

954 Rt. 519 Frenchtown 

NJ 08825 USA 

Phone: 908-996-3584 (Voice) 

http://w ww.downeastmicrowave.com/ 


Edmund Scientific Company - Science items, parts 
and kits 

101 E. Gloucester Pike 

Barrington, New Jersey 08007 

Phone: 800-728-6999 

http://scientificsonline.com/ 


Electronic Goldmine - Many unique surplus parts 
9322 N. 94th Way 

Suite 104 

Scottsdale, AZ 85258 
http://www.goldmine-elec.com/ 


Electronix Express - Parts and kits 
365 Blair Road 

Avenel, New Jersey 07001 

Phone: 1-800-972-2225 
http://www.elexp.com/ 


Electus Distribution - Ferrite coil formers 
100 Silverwater Road, Silverwater 
Sydney, Australia 


http://www.electusdistribution.com.au/productResults. 


asp ?form=CAT&CATID=34&SUBCATID=83 


Elenco Electronics Inc. - Radio and electronic kits 
150 Carpenter Avenue 

Wheeling, IL 60090 USA 

http://www.elenco.com 

email: sales O elenco.com 

(847) 541-3800 

(800) 533-2441 


Fat Quarters Software - FM-1, FM-3 magnetometer 
sensors 

24774 Shoshonee Dr. 

Murieta, CA 92562 

Phone: 909-698-7950 

http://www.fatquarterssoftware.com 


FAR Circuits - Circuit boards for many projects. 
18N640 Field Court 

Dundee, Illinois 60118 

Phone: (847) 836-9148 Voice/Fax 
http://www.farcircuits.net/ 


Freescale Semiconductor - Semiconductor manufacturer 


7700 West Parmer Lane 
Mailstop PL-02 

Austin, TX 78729 
http://www.freescale.com/ 


Hamtronics - Radio kits and parts 
65 Moul Road 

Hilton, NY 14468-9535 
http://www.hamtronics.com/ 


Kits and Parts - Semiconductors and Toroids 
http://partsandkits.com/ 


Linear Technology Corporate Headquarters - 
Manufacturer of high quality op-amps 

1630 McCarthy Blvd. 

Milpitas, CA 95035-7417 

Phone: 408-432-1900 

http://www. linear.com/index.jsp 


Loadstone Pacific - Ferrite coil formers, inductors 
4769 East Wesley Drive 

Anaheim, CA 92807 

Phone: 800-694-8089 714-970-0900 
http://www.lodestonepacific.com/coilforms 


Maplin Electronics - AM Radio chip ZN414/MK484 
Maplin Electronics Ltd 

National Distribution Center 

Valley Road 

Wombwell 

Barnsley 

South Yorkshire 

S73 OBS 

www.maplin.co.uk 


Maxim Integrated Circuits - IC manufacturer - great 
documentation samples 

120 San Gabriel Drive 

Sunny vale, CA 94086 

Phone: 408-737-7600 

http://www.maxim-ic.com/ 


Mincircuits - RF parts, MMICs, mixers, etc. 
PO Box 350166, 

Brooklyn, NY 11235 U.S.A. 

Phone: (718) 934-4500 
http://www.mini-circuits.com/ 


Mouser Electronics - Extensive electronics 
components, no minimum order 

1000 North Main Street 

Mansfield, TX 76063-1514 

http://www.mouser.com/ 


National Semiconductor - Semiconductor manufacturer 


2900 Semiconductor Dr. 
PO Box 58090 

Santa Clara, California 
USA 95052-8090 

Phone: (408) 721-5000 
http://www.national.com/ 


Newark Electronics - Extensive inventory of 
electronic parts 

4801 North Ravenswood Avenue 

Chicago, Illinois 60640-4496 

Phone: 1-800-342-1445 

http://www.newark.com/ 


Ocean State Electronics - AM Radio chip 
ZN414/MK484 

PO Box 1458 

6 Industrial Drive 

Westerly, RI 02891 

Phone: 1-401-596-3080 

http://www.oselectronics.com 


Onset Computers - HOBO Data Loggers 
PO Box 3450 

Pocasset, MA 02559 

Phone: 800-564-4377 
www.onsetcomp.com 


Public Seismic Network - 16-bit Analog to Digital 
converter 

Larry Cochrane 

http://psn.quake.net/serialatod.html 

email: Icochrane @ webtronicsc.oom 


Radio Jove Project - Radio Jupiter project 
c/o Dr. James Thieman 

Code 633 

NASA’s GSFC 

Greenbelt, MD 20771 

Phone: 1-301-286-9790 


Radio Shack - The Internet version of the omnipresent 
store 

Riverfront Campus World Headquarters 

300 Radio Shack Circle 

Fort Worth, TX 76102-1964 

Phone: (817) 415-3700 

http://www.radioshack.com/home/index.jsp 


Radio-Sky Publishing - Amateur radio astronomy, 
parts and publications 

PMB 242 

PO Box 7063 

Ocean View, Hawaii 96737 

http://www.radiosky.com/ 


Ramsey Electronics - Electronic kit supplier 
590 Fishers Station Dr. 

Victor, NY 14564 USA 

Phone: 800-446-2295 
http://www.ramseyelectronics.com/ 


RF Parts Company - Small RF parts 
435 South Pacific Street 

San Marcos, California 92078 
http://www.rfparts.com/ 


RP Electronics 

2060 Rosser Ave. 

Burnaby B.C. 

Canada V5C SY 

Phone: (604) 738-6722 
http://www.rpelectronics.com 


Speake Y Co Limited - Manufacturer of FM1, FM-3 
magnetometer Elvicta Estate 

Crickhowell 

Powys NP8 IDF 

United Kingdom 


Texas Instruments Inc. - Semiconductor manufacturer 
12500 TI Boulevard 

Dallas, TX 75243-4136 

Phone: 800-336-5236 

http://www.ti.com/ 


Toko America, Inc. 
1250 Feehanville Drive 
Mt. Prospect, IL 60056 
Phone: (847) 297-0070 
1-800-PIK-TOKO 
http://www.tokoam.com/ 


Vectronics - Radio kits 
300 Industrial Park Road 
Starkville, MS 39759 
http://www.vectronics.com/ 


Vishay Intertechnology, Inc. - Dual matched 
N-Channel FETs 

63 Lincoln Highway 

Malvern, PA 19355-2143 

http://www. vishay.com/ 


Interesting Web-sites 


Amateur Radio Relay League - Ham radio organization 
225 Main Street 

Newington, CT, 06111-1494 USA 

Phone: 860-594-0200 

email: http://www.arrl.org/ 


ELFRAD Group - Low frequency research group 
114 Artist Ln 

Statesville, NC 28677 

http://www.elfrad.com/ 

email: cplyler@elfrad.com 


Radio Waves Below 22 kHz -Interesting low frequency 
web-site 
http://www. vIf.it/ 
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[0022] FIG. 5 is a circuit diagram of an example embodi- 
ment of an energy collection circuit for powering a generator 
and motor. 

[0023] FIG. 61s a circuit diagram of an example embodi- 
ment of a circuit for collecting energy and using 1t for the 
production of hydrogen and oxygen. 

[0024] FIG. 71s a circuit diagram of an example embodi- 
ment of a circuit for collecting energy, and using it for driving 
a fuel cell. 

[0025] FIG. 8 is a circuit diagram of an example embodi- 
ment of a circuit for collecting energy. 

[0026] FIG. 9 is a flow diagram of an example embodiment 
of collecting energy with a collection fiber. 

[0027] FIG. 10 is a circuit diagram of an example embodi- 
ment of a circuit for collecting energy from a dual polarity 
source. 

[0028] FIG. 11 is a system diagram of an example embodi- 
ment of an energy collection system connected to an automo- 
bile vehicle. 

[0029] FIG. 12 is a system diagram of an example embodi- 
ment of an energy collection system connected to a lunar 
rover vehicle. 

[0030] FIG. 13 is a system diagram of an example embodi- 
ment of an energy collection system comprising collection 
devices with a diode. 

[0031] FIG. 14 is a system diagram of an example embodi- 
ment of an energy collection system comprising multiple legs 
of the system of FIG. 13. 

[0032] FIG. 15 is a system diagram of an example embodi- 
ment of a windmill with energy collectors. 


DETAILED DESCRIPTION 


[0033] Electric charges on conductors reside entirely on the 
external surface of the conductors, and tend to concentrate 
more around sharp points and edges than on flat surfaces. 
Therefore, an electric field received by a sharp conductive 
point may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An 
example embodiment of this disclosure takes advantage of 
this property, among others, to collect and use the energy 
generated by an electric field in the atmosphere. Referring to 
collection system 100 presented in FIG. 2, at least one col- 
lection device 130 may be suspended from a support wire 
system 120 supported by poles 110. Collection device 130 
may comprise a diode or a collection fiber individually, or the 
combination of a diode and a collection fiber. Support wire 
system 120 may be electrically connected to load 150 by 
connecting wire 140. Supporting wire system 120 may be any 
shape or pattern. Also, conducting wire 140 may be one wire 
or multiple wires. The collection device 130 in the form of a 
fiber may comprise any conducting or non-conducting mate- 
rial, including carbon, graphite, Teflon, and metal. An 
example embodiment utilizes carbon or graphite fibers for 
static electricity collection. Support wire system 120 and 
connecting wire 140 can be made of any conducting material, 
including aluminum or steel, but most notably, copper. Teflon 
may be added to said conductor as well, such as non-limiting 
examples of a Teflon impregnated wire, a wire with a Teflon 
coating, or Teflon strips hanging from a wire. Conducting 
wire 120, 140, and 200 may be bare wire, or coated with 
insulation as a non-limiting example. Wires 120 and 140 are 
a means of transporting the energy collected by collection 
device 130. 
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[0034] An example embodiment of the collection fibers as 
collection device 130 includes graphite or carbon fibers. 
Graphite and carbon fibers, at a microscopic level, can have 
hundreds of thousands of points. Atmospheric electricity may 
be attracted to these points. If atmospheric electricity can 
follow two paths where one 1s a flat surface and the other is a 
pointy, conductive surface, the electrical charge will be 
attracted to the pointy, conductive surface. Generally, the 
more points that are present, the higher energy that can be 
gathered. Therefore, carbon, or graphite fibers are examples 
that demonstrate collection ability. 


[0035] In at least one example embodiment, the height of 
support wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 


[0036] A diode, not shown in FIG. 2, may be connected in 
several positions in collection system 100. A diode is a com- 
ponent that restricts the direction of movement of charge 
carriers. It allows an electric current to flow in one direction, 
but essentially blocks it in the opposite direction. A diode can 
be thought of as the electrical version of a check valve. The 
diode may be used to prevent the collected energy from dis- 
charging into the atmosphere through the collection fiber 
embodiment of collection device 130. An example embodi- 
ment of the collection device comprises the diode with no 
collection fiber. A preferred embodiment, however, includes a 
diode at the connection point of a collection fiber to support 
system 120 such that the diode is elevated above ground. 
Multiple diodes may be used between collection device 130 
and load 150. Additionally, in an embodiment with multiple 
fibers, the diodes restricts energy that may be collected 
through one fiber from escaping through another fiber. 


[0037] Collection device 130 may be connected and 
arranged in relation to support wire system 120 by many 
means. Some non-limiting examples are provided in FIGS. 
2A-2G using a collection fiber embodiment. FIG. 2A presents 
support wire 200 with connecting member 210 for collection 
device 130. Connection member 210 may be any conducting 
material allowing for the flow of electricity from connection 
device 130 to support wire 200. Then, as shown in FIG. 2, the 
support wire 200 of support system 120 may be electrically 
connected through conducting wire 140 to load 150. A plu- 
rality of diodes may be placed at any position on the support 
structure wire. A preferred embodiment places a diode at an 
elevated position at the connection point between a collection 
fiber embodiment of collection device 130 and connection 
member 210. 


[0038] Likewise, FIG. 2B shows collection fiber 130 elec- 
trically connected to support wire 200 and also connected to 
support member 230. Support member 230 may be connected 
to collection fiber 130 on either side. Support member 230 
holds the fiber steady on both ends instead of letting it move 
freely. Support member 230 may be conducting or non-con- 
ducting. A plurality of diodes may be placed at any position 
on the support structure wire. A preferred embodiment places 
a diode at elevated position at the connection point between 
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collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

[0039] FIG. 2C presents multiple collection fibers in a 
squirrel cage arrangement with top and bottom support mem- 
bers. Support structure 250 may be connected to support 
structure wire 200 by support member 240. Structure 250 has 
a top 260 and a bottom 270 and each of the multiple collection 
fibers 130 are connected on one end to top 260 and on the 
other end to bottom 270. A plurality of diodes may be placed 
at any position on support structure 250. A preferred embodi- 
ment places a diode at an elevated position at the connection 
point between collection fiber 130 and support structure wire 
200. 

[0040] FIG. 2D presents another example embodiment of a 
support structure with support members 275 in an x-shape 
connected to support structure wire 200 at intersection 278 
with collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

[0041] FIG. 2E provides another example embodiment for 
supporting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

[0042] FIG. 2F presents another example embodiment of a 
support for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

[0043] FIG. 2G provides two supports as provided in FIG. 
2F such that at least two support members 292, 294 may be 
connected to support structure wire 200 in multiple locations 
and collection fibers 130 may be connected between each end 
of the support structures. Collection fibers 130 may be con- 
nected between each end of a single support structure and 
between multiple support structures. A plurality of diodes 
may be placed at any position on the support structure. A 
preferred embodiment places one or more diodes at elevated 
positions at the connection point(s) between collection fiber 
130 and support structure wire 200. 

[0044] FIG. 3 provides a schematic diagram of storing cir- 
cuit 300 for storing energy collected by one or more collec- 
tion devices (130 from FIG. 2). Load 150 induces current 
flow. Diode 310 may be electrically connected in series 
between one or more collection devices (130 from FIG. 2) and 
load 150. A plurality of diodes may be placed at any position 
in the circuit. Switch 330 may be electrically connected 
between load 150 and at least one collection device (130 from 
FIG. 2) to connect and disconnect the load. Capacitor 320 
maybe connected in parallel to the switch 330 and load 150 to 
store energy when switch 330 is open for delivery to load 150 
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when switch 330 is closed. Rectifier 340 may be electrically 
connected in parallel to load 150, between the receiving end 
of switch 330 and ground. Rectifier 340 may be a full-wave or 
a half-wave rectifier. Rectifier 340 may include a diode elec- 
trically connected in parallel to load 150, between the receiv- 
ing end of switch 330 and ground. The direction of the diode 
of rectifier 340 is optional. 

[0045] Inan example embodiment provided in FIG. 4, stor- 
age circuit 400 stores energy from one or more collection 
devices (130 from FIG. 2) by charging capacitor 410. If 
charging capacitor 410 is not used, then the connection to 
ground shown at capacitor 410 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. Diode 440 
may be placed in series with load 150. The voltage from 
capacitor 410 can be used to charge spark gap 420 when it 
reaches sufficient voltage. Spark gap 420 may comprise one 
or more spark gaps in parallel. Non-limiting examples of 
spark gap 420 include mercury-reed switches and mercury- 
wetted reed switches. When spark gap 420 arcs, energy will 
arc from one end of the spark gap 420 to the receiving end of 
the spark gap 420. The output of spark gap 420 may be 
electrically connected in series to rectifier 450. Rectifier 450 
may be a full-wave or a half-wave rectifier. Rectifier 450 may 
include a diode electrically connected in parallel to trans- 
former 430 and load 150, between the receiving end of spark 
gap 420 and ground. The direction of the diode of rectifier 450 
is optional. The output of rectifier 450 is connected to trans- 
former 430 to drive load 150. 

[0046] FIG. 5 presents motor driver circuit 500. One or 
more collection devices (130 from FIG. 2) are electrically 
connected to static electricity motor 510, which powers gen- 
erator 520 to drive load 150. A plurality of diodes may be 
placed at any position in the circuit. Motor 510 may also be 
directly connected to load 150 to drive it directly. 

[0047] FIG. 6 demonstrates a circuit 600 for producing 
hydrogen. A plurality of diodes maybe placed at any position 
in the circuit. One or more collection devices (130 from FIG. 
2) are electrically connected to primary spark gap 610, which 
may be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 
[0048] FIG. 7 presents circuit 700 for driving a fuel cell. A 
plurality of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

[0049] FIG. 8 presents example circuit 800 for the collec- 
tion of energy. Storage circuit 800 stores energy from one or 
more collection devices (130 from FIG. 2) by charging 
capacitor 810. If charging capacitor 810 is not used, then the 
connection to ground shown at capacitor 810 is eliminated. A 
plurality of diodes may be placed at any position in the circuit. 
The voltage from capacitor 810 can be used to charge spark 
gap 820 when it reaches sufficient voltage. Spark gap 820 
may comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
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Preface 


By inventing the wireless transmitter or radio in 1897, the Italian physicist Tomaso 
Guglielmo Marconi added a new dimension to the world of communications. This 
enabled the transmission of the human voice through space without wires. For this 
epoch-making invention, this illustrious scientist was honored with the Nobel Prize 
for Physics in 1909. Even today, students of wireless or radio technology remember 
this distinguished physicist with reverence. A new era began in Radio 
Communications. 

The classical Marconi radio used a modulation technique known today as 
“Amplitude Modulation” or just AM. This led to the development of Frequency 
Modulation (FM), amplitude shift keying (ASK), phase shift keying (PSK), etc. 
Today, these technologies are extensively used in various wireless communication 
systems. These modulation techniques form an integral part of academic curricula 
today. 

This book presents a comprehensive overview of the various modulation tech- 
niques mentioned above. Numerous illustrations are used to bring students 
up-to-date in key concepts and underlying principles of various analog and digital 
modulation techniques. In particular, the following topics will be presented in this 
book: 


e Amplitude Modulation (AM) 

e Frequency Modulation (FM) 

e Bandwidth occupancy in AM and FM 

e Amplitude shift keying (ASK) 

e Frequency shift keying (FSK) 

e Phase shift keying (PSK) 

e N-ary coding and M-ary modulation 

e Bandwidth occupancy in ASK, FSK, and PSK 


This text has been primarily designed for electrical engineering students in the 
area of telecommunications. However, engineers and designers working in the area 


Vi Preface 


of wireless communications would also find this text useful. It is assumed that the 
student is familiar with the general theory of telecommunications. 

In closing, I would like to say a few words about how this book was conceived. 
It came out of my long industrial and academic career. During my teaching tenure 
at the University of North Dakota, I developed a number of graduate-level elective 
courses in the area of telecommunications that combine theory and practice. This 
book is a collection of my courseware and research activities in wireless 
communications. 

I am grateful to UND and the School for the Blind, North Dakota, for affording 
me this opportunity. This book would never have seen the light of day had UND 
and the State of North Dakota not provided me with the technology to do so. My 
heartfelt salute goes out to the dedicated developers of these technologies, who 
have enabled me and others visually impaired to work comfortably. 

I would like to thank my beloved wife, Yasmin, an English Literature buff and a 
writer herself, for being by my side throughout the writing of this book and for 
patiently proofreading it. My darling son, Shams, an electrical engineer himself, 
provided technical support in formulation and experimentation when I needed it. 
For this, he deserves my heartfelt thanks. 

Finally, thanks are also to my doctoral student Md. Maruf Ahamed who found 
time in his busy schedule to assist me with the simulations, illustrations, and the 
verification of equations. 

In spite of all this support, there may still be some errors in this book. I hope that 
my readers forgive me for them. I shall be amply rewarded if they still find this 
book useful. 


Grand Forks, USA Saleh Faruque 
May 2016 
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Chapter 1 
Introduction to Modulation 


Topics 


Background 

Modulation by Analog Signal 

AM and FM Bandwidth at a Glance 
Modulation by Digital Signal 

ASK, FSK and PSK Bandwidth at a Glance 


1.1 Background 


Modulation is a technique that changes the characteristics of the carrier frequency in 
accordance with the input signal. Figure 1.1 shows the conceptual block diagram of 
a modern wireless communication system, where the modulation block is shown in 
the inset of the dotted block. As shown in the figure, modulation is performed at the 
transmit side and demodulation is performed at the receive side. This is the final 
stage of any radio communication system. The preceding two stages have been 
discussed elaborately in my previous book in this series [1, 2]. 

The output signal of the modulator, referred to as the modulated signal, is fed 
into the antenna for propagation. Antenna is a reciprocal device that transmits and 
receives the modulated carrier frequency. The size of the antenna depends on the 
wavelength (A) of the sinusoidal wave where 


A= cif m 
c = Velocity of light = 3 x 10% m/s 
f = Frequency of the sinusoidal wave, also known as “carrier frequency.” 


Therefore, a carrier frequency much higher than the input signal is required to 
keep the size of the antenna at an acceptable limit. For these reasons, a 
high-frequency carrier signal is used in the modulation process. In this process, the 
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Fig. 1.1 Block diagram of a modern full-duplex communication system. The modulation stage is 
shown as a dotted block 


low-frequency input signal changes the characteristics of the high-frequency carrier 
in a certain manner, depending on the modulation technique. Furthermore, as the 
size and speed of digital data networks continue to expand, bandwidth efficiency 
becomes increasingly important. This is especially true for broadband communi- 
cation, where the digital signal processing is done keeping in mind the available 
bandwidth resources. 

Hence, modulation is a very important step in the transmission of information. 
The information can be either analog or digital, where the carrier is a 
high-frequency sinusoidal waveform. As stated earlier, the input signal (analog or 
digital) changes the characteristics of the carrier waveform. Therefore, there are two 
basic modulation schemes as listed below: 


e Modulation by analog signals and 
e Modulation by digital signals. 


This book presents a comprehensive overview of these modulation techniques in 
use today. Numerous illustrations are used to bring students up-to-date in key 
concepts and underlying principles of various analog and digital modulation 
techniques. For a head start, brief descriptions of each of these modulation tech- 
niques are presented below. 


1.2 Modulation by Analog Signals 3 
1.2 Modulation by Analog Signals 
1.2.1 AM, FM, and PM 


For analog signals, there are three well-known modulation techniques as listed 
below: 


e Amplitude Modulation (AM), 
e Frequency Modulation (FM), 
e Phase Modulation (PM). 


By inventing the wireless transmitter or radio in 1897, the Italian physicist 
Tomaso Guglielmo Marconi added a new dimension to the world of communica- 
tions [3, 4]. This enabled the transmission of the human voice through space 
without wires. For this epoch-making invention, this illustrious scientist was 
honored with the Nobel Prize for Physics in 1909. Even today, students of wireless 
or radio technology remember this distinguished physicist with reverence. A new 
era began in Radio Communications. The classical Marconi radio used a modu- 
lation technique known today as “Amplitude Modulation” or just AM. In AM, the 
amplitude of the carrier changes in accordance with the input analog signal, while 
the frequency of the carrier remains the same. This is shown in Fig. 1.2 where 


e m(t) is the input modulating audio signal, 
e C(t) is the carrier frequency, and 
e S(t) is the AM-modulated carrier frequency. 


Voltage 


Input Modulating Signal: m(t) 


ll rm AM Signal: S(t) 


FM Signal: S(t) 


PM Signal: S(t) 


Fig. 1.2 Modulation by analog signal 


4 1 Introduction to Modulation 


As shown in the figure, the audio waveform changes the amplitude of the carrier 
to determine the envelope of the modulated carrier. This enables the receiver to 
extract the audio signal by demodulation. Notice that the amplitude of the carrier 
changes in accordance with the input signal, while the frequency of the carrier does 
not change after modulation. It can be shown that the modulated carrier S(t) con- 
tains several spectral components, requiring frequency-domain analysis, which will 
be addressed in Chap. 2. It may be noted that AM is vulnerable to signal amplitude 
fading. 

In Frequency Modulation (FM), the frequency of the carrier changes in accor- 
dance with the input modulation signal as shown in Fig. 1.2 [5]. Notice that in FM, 
only the frequency changes while the amplitude remains the same. Unlike AM, FM 
is more robust against signal amplitude fading. For this reason, FM is more 
attractive in commercial FM radio. In Chap. 3, it will be shown that in FM, the 
modulated carrier contains an infinite number of sideband due to modulation. For 
this reason, FM is also bandwidth inefficient. 

Similarly, in Phase Modulation (PM), the phase of the carrier changes in 
accordance with the phase of the carrier, while the amplitude of the carrier does not 
change. PM is closely related to FM. In fact, FM is derived from the rate of change 
of phase of the carrier frequency. Both FM and PM belong to the same mathe- 
matical family. We will discuss this more elaborately in Chap. 3. 


1.2.2 AM and FM Bandwidth at a Glance 


The bandwidth occupied by the modulated signal depends on bandwidth of the 
input signal and the modulation method as shown in Fig. 1.3. Note that the 
unmodulated carrier itself has zero bandwidth. 

In AM: 


e The modulated carrier has two sidebands (upper and lower) and 
Total bandwidth = 2 x base band. 


In FM: 


e The carrier frequency shifts back and forth from the nominal frequency by Af, 
where Af is the frequency deviation. 

e During this process, the modulated carrier creates an infinite number of spectral 
components, where higher-order spectral components are negligible. 

e The approximate FM bandwidth is given by the Carson’s rule: 


— FM BW = 2f (1 +P) 

— f= Base band frequency 
— p = Modulation index 

- p= Afif 


— Af = Frequency deviation. 
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to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

[0050] FIG. 9 presents a flow diagram of a method for 
collecting energy. In block 910, one or more collection 
devices may be suspended from a support structure wire. In 
block 920, a load may be electrically connected to the support 
structure wire to draw current. In block 930 a diode may be 
electrically connected between the support structure wire and 
the electrical connection to the load. In block 940, energy 
provided to the load may be stored or otherwise utilized. 
[0051] FIG. 10 presents circuit 1000 as an example 
embodiment for the collection of energy from a dual polarity 
source. This may be used, for example, to collect atmospheric 
energy that reverses in polarity compared with the ground. 
Such polarity reversal has been discovered as occurring occa- 
sionally on Earth during, for example, thunderstorms and bad 
weather, but has also been observed during good weather. 
Such polarity reversal may occur on other planetary bodies, 
including Mars and Venus, as well. Energy polarity on other 
planets, in deep space, or on other heavenly bodies, may be 
predominantly negative or predominantly positive. Collector 
fibers (130 from FIG. 2), which may comprise graphene, 
silicene, and/or other like materials, are capable of collecting 
positive energy and/or negative energy, and circuit 1000 is 
capable of processing positive and/or negative energy, pro- 
viding an output which is always positive. Circuit 1000 may 
collect energy from one or more collection devices (130 from 
FIG. 2). Charging capacitor 1010 may be used to store a 
charge until the voltage at spark gap 1020 achieves the spark 
voltage. Capacitor 1010 is optional. 


[0052] A plurality of diodes may be placed in a plurality of 
positions in circuit 1000. The voltage from capacitor 1010 
may be used to charge spark gap 1020 to a sufficient voltage. 
Spark gap 1020 may comprise one or more spark gaps in 
parallel or in series. Non-limiting examples of spark gap 1020 
include mercury-reed switches, mercury-wetted reed 
switches, open-gap spark gaps, and electronic switches. 
When spark gap 1020 arcs, energy will arc from an emitting 
end of spark gap 1020 to a receiving end of spark gap 1020. 
The output of spark gap 1020 is electrically connected to the 
anode of diode 1022 and the cathode of diode 1024. The 
cathode of diode 1022 is electrically connected to the cathode 
of diode 1026 and inductor 1030. Inductor 1030 may be a 
fixed value inductor or a variable inductor. The anode of diode 
1026 is electrically connected to ground. Capacitor 1028 is 
electrically connected between ground and the junction of the 
cathodes of diode 1022 and diode 1026. Inductor 1035 is 
electrically connected between ground and the anode of diode 
1024. Inductor 1035 may be a fixed value inductor or a vari- 
able inductor. Capacitor 1070, the anode of diode 1026, 
inductor 1035, and load 1050 are electrically connected to 
ground. Capacitor 1070 may be placed in parallel with load 
150. 


[0053] FIGS. 11 and 12 provide example embodiments of 
vehicle 1110, which utilizes electricity, the vehicle employ- 
ing systems of energy collection provided herein. Vehicle 
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1100 in FIG. 11 is shown as an automobile vehicle, but could 
be any means of locomotion that utilizes electricity, including 
a car, a train, a motorcycle, a boat, an airplane, robotic rovers, 
space craft, etc. Vehicle 1200 in FIG. 12 is shown as a lunar 
rover vehicle. In FIGS. 11 and 12, support rod 1110, 1210 is 
electrically connected to an electrical system in vehicle 1100, 
1200. Energy collectors 130, which may comprise graphene, 
silicene, and/or other like materials, are electrically con- 
nected to support rod 1110, 1210 and may be used to supply 
energy to electrical circuits within the vehicle. A non-limiting 
use includes a top-off charge for a battery system, on-board 
hydrogen production, and/or assisting in the same. Energy 
collectors 130 may be used to augment the efficiency of the 
locomotion that utilizes electrical energy as well. 

[0054] FIG. 13 provides an example embodiment of energy 
collection system 1200 in which diode 310 is used to isolate 
collection devices 130 from spark gap 1020 and load 150. 
Collection devices 130 may comprise graphite, carbon fibers, 
carbon/carbon fibers, graphene, silicene, and/or other like 
materials, or a mixture thereof. 

[0055] FIG. 14 provides an example embodiment of energy 
collection system 1400 in which a plurality of energy collec- 
tion systems, such as that provided in FIG. 13, are combined. 
Each leg consisting of collection devices 130, which may 
comprise graphene, silicene, and/or other like materials, and 
diode 310 are connected in parallel with other legs, each leg 
electrically connected to trunk wire 1410. The legs could also 
be connected serially. Trunk wire 1410 is electrically con- 
nected to a collection circuit, which may comprise load 150 
and spark gap 1020 in any configuration that has been previ- 
ously discussed. Each leg may comprise one or more collec- 
tion devices 130 and at least one diode electrically connected 
between the collection devices and the collection circuit. 
Although three collection devices 130 are shown on each leg, 
any number of collection devices may be used. Although four 
legs are shown, any number of legs may be used. 

[0056] FIG. 15 presents a system diagram of an example 
embodiment of a windmill with energy collectors, which may 
comprise graphene, silicene, and/or other like materials in an 
example embodiment. A windmill is an engine powered by 
the energy of wind to produce alternative forms of energy. 
They may, for example, be implemented as small tower 
mounted wind engines used to pump water on farms. The 
modern wind power machines used for generating electricity 
are more properly called wind turbines. Common applica- 
tions of windmills are grain milling, water pumping, thresh- 
ing, and saw mills. Over the ages, windmills have evolved 
into more sophisticated and efficient wind-powered water 
pumps and electric power generators. In an example embodi- 
ment, as provided in FIG. 10, windmill tower 1500 of suitable 
height and/or propeller 1520 of windmill tower 1500 may be 
equipped with energy collecting fibers 1530, 1540, which 
may comprise graphene, silicene, and/or other like materials 
in an example embodiment. Collecting fibers 1530, 1540 may 
turn windmill 1500 into a power producing asset even when 
there is not enough wind to turn propellers 1520. During 
periods when there is enough wind to turn propellers 1520, 
collecting fibers 1530, 1540 may supplement/boost the 
amount of energy the windmill produces. 

[0057] A windmill is an engine powered by the energy of 
wind to produce alternative forms of energy. They may, for 
example, be implemented as small tower mounted wind 
engines used to pump water on farms. The modern wind 
power machines used for generating electricity are more 
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Fig. 13 Bandwidth Time-Domain Freguency-Domain 
occupancy in AM, FM, and à : 
PM signals (as viewed on an (as viewed on a 
Oscilloscope) Spectrum Analyzer) 
Voltage Voltage 
Time 0 Frequency 


1.3 Modulation by Digital Signal 


For digital signals, there are several modulation techniques available. The three 
main digital modulation techniques are as follows: 


e Amplitude shift keying (ASK), 
e Frequency shift keying (FSK), and 
e Phase shift keying (PSK). 


Figure 1.4 illustrates the modulated waveforms for an input modulating digital 
signal. Brief descriptions of each of these digital modulation techniques along with 
the respective spectral responses and bandwidth are presented below. 


1.3.1 Amplitude Shift Keying (ASK) Modulation 


Amplitude shift keying (ASK), also known as on-off keying (OOK), is a method of 
digital modulation that utilizes amplitude shifting of the relative amplitude of the 
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Carrier Frequency: C(t) 
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Fig. 1.4 Modulation by digital signal 


career frequency [6-8]. The signal to be modulated and transmitted is binary; this is 
referred to as ASK, where the amplitude of the carrier changes in discrete levels, in 
accordance with the input signal, as shown. 


e Binary O (bit 0): Amplitude = Low and 
Binary 1 (bit 1): Amplitude = High. 


Figure 1.4 shows the ASK-modulated waveform where 


e Input digital signal is the information we want to transmit. 
Carrier is the radio frequency without modulation. 

e Output is the ASK-modulated carrier, which has two amplitudes corresponding 
to the binary input signal. For binary signal 1, the carrier is ON. For the binary 
signal 0, the carrier is OFF. However, a small residual signal may remain due to 
noise, interference, etc. 


1.3.2 Frequency Shift Keying (FSK) Modulation 


Frequency shift keying (FSK) is a method of digital modulation that utilizes fre- 
quency shifting of the relative frequency content of the signal [6-8]. The signal to 
be modulated and transmitted is binary; this is referred to as binary FSK (BFSK), 
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where the carrier frequency changes in discrete levels, in accordance with the input 
signal as shown below: 


Binary 0 (bit 0): Frequency = f + Af 
Binary 1 (bit 1): Frequency = f — Af 


Figure 1.4 shows the FSK-modulated waveform where 


Input digital signal is the information we want to transmit. 

Carrier is the radio frequency without modulation. 

Output is the FSK-modulated carrier, which has two frequencies œ; and w 
corresponding to the binary input signal. 

These frequencies correspond to the messages binary 0 and 1, respectively. 


1.3.3 Phase Shift Keying (PSK) Modulation 


Phase shift keying (PSK) is a method of digital modulation that utilizes phase of the 
carrier to represent digital signal [6-8]. The signal to be modulated and transmitted 
1s binary; this 1s referred to as binary PSK (BPSK), where the phase of the carrier 
changes in discrete levels, in accordance with the input signal as shown below: 


Binary O (bit 0): Phase, = 0°. 
Binary 1 (bit 1): Phase, = 180°. 


Figure 1.4 shows the modulated waveform where 


Input digital signal is the information we want to transmit. 

Carrier is the radio frequency without modulation. 

Output is the BPSK-modulated carrier, which has two phases q, and @> cor- 
responding to the two information bits. 


1.4 Bandwidth Occupancy in Digital Modulation 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth. The trans- 
mission bandwidth depends on the following: 


Spectral response of the encoded data, 
Spectral response of the carrier frequency, and 
Modulation type (ASK, FSK, PSK), etc. 


Let us take a closer look! 
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1.4.1 Spectral Response of the Encoded Data 


In digital communications, data is generally referred to as a non-periodic digital 
signal. It has two values: 


e Binary-1 = High, Period = T. 
e Binary-0 = Low, Period = T. 


Also, data can be represented in two ways: 


e Time-domain representation and 
e Frequency-domain representation. 


The time-domain representation (Fig. 1.5a), known as non-return-to-zero (NRZ), 
is given by 


= V <O<t<T 
0 elsewhere 


n (1.1) 


The frequency-domain representation is given by “Fourier transform” [9]: 
T 
Ma). J V6 iat (1.2) 
0 


vo = vr | 


p(w) = (F) yer [story 


Here, P(w) is the power spectral density. This is plotted in (Fig. 1.5b). The main 
lobe corresponds to the fundamental frequency and side lobes correspond to har- 
monic components. The bandwidth of the power spectrum is proportional to the 
frequency. In practice, the side lobes are filtered out since they are relatively 
insignificant with respect to the main lobe. Therefore, the one-sided bandwidth is 
given by the ratio f/fb = 1. In other words, the one-sided bandwidth = f = fẹ, where 
fp = Rp = A/T, T being the bit duration. 

The general equation for two-sided response is given by 


(1.3) 


of 


V(w) = J V(t) -e de 


—0 


In this case, V(q@) is called two-sided spectrum of V(t). This is due to both 
positive and negative frequencies used in the integral. The function can be a voltage 


1.4 Bandwidth Occupancy in Digital Modulation 9 


(a) (b) p 
V(t) 


0 t 0 1 fife 


BW 


Fig. 1.5 a Discrete time digital signal, b it is one-sided power spectral density, and e two-sided 
power spectral density. The bandwidth associated with the non-return-to-zero (NRz) data is 2R,, 
where R, is the bit rate 


or a current (Fig. 1.5c) shows the two-sided response, where the bandwidth is 
determined by the main lobe as shown below: 


Two sided bandwidth (BW) = 2R, (R, = Bitrate before coding) (1.4) 


1.4.2 Spectral Response of the Carrier Frequency 
Before Modulation 


A carrier frequency is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component. For example, the 
sine wave is described by the following time-domain equation: 


V(t) = V,sin(@te) (1.5) 
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Vp 


w Angular Frequency 


Fig. 1.6 A sine wave and its frequency response 


where 


V, = Peak voltage 


e e= 2Nf 
e f. = Carrier frequency in Hz 

Figure 1.6 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 


and the peak voltage is shown in the vertical axis. The corresponding bandwidth 
iS Zero. 


1.43 ASK Bandwidth at a Glance 


In ASK, the amplitude of the carriers changes in discrete levels, in accordance with 
the input signal where 


e Input data: m(t) = 0 or 1. 
e Carrier frequency: C(t) = A, cos(@,t). 
e Modulated carrier: S(t) = MOCHA = m(t)A, cosíw,t). 


Since m(t) is the input digital signal and it contains an infinite number of har- 
monically related sinusoidal waveforms and that we keep the fundamental and filter 
out the higher-order components, we write: 


m(t) = Am SiN(@mnt) 
The ASK-modulated signal then becomes: 


S(t) = m(t)S(t) = AmAc Sin(@mt) cos(w.) 
= AmÁAc COS (We E Om) 
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Fig. 1.7 ASK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. ¢ Spectral response of the carrier after 
modulation. The transmission bandwidth is 2f;,, where f, is the bit rate and T = 1/f, is the bit 
duration for NRZ data 


The spectral response is depicted in Fig. 1.7. Notice that the spectral response 
after ASK modulation is the shifted version of the NRZ data. Bandwidth is given by, 
BW = 2R, (coded), where R, is the coded bit rate. 


1.4.4 FSK Bandwidth at a Glance 


In FSK, the frequency of the carrier changes in two discrete levels, in accordance 
with the input signals. We have: 


e Input data: m(t) = 0 or 1 
Carrier frequency: C (t) = A cos (œt) 
Modulated carrier: S(t) = A cos(@ —A œ)t, For m(t) = 1 
S(t) = A cos(@ +Aow)t, For m(t) = 0 


where 


e S(t) = The modulated carrier, 
e A = Amplitude of the carrier, 
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Fig. 1.8 FSK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. ¢ Spectral response of the carrier after 
modulation. The transmission bandwidth is 2(f, + Af). fp is the bit rate and Af. is the frequency 
deviation = 1/f, is the bit duration for NRZ data 


e œ = Nominal frequency of the carrier frequency, and 
e Aq = Frequency deviation. 


The spectral response is depicted in Fig. 1.8. Notice that the carrier frequency 
after FSK modulation varies back and forth from the nominal frequency f, by + Afo, 
where Af. is the frequency deviation. The FSK bandwidth is given by 


BW = 2(, + Af.) = 2 (1 +Af./f.) = 2f(1 + P), 


where p = Af/f, is known as the modulation index and f, is the coded bit frequency 
(bit rate Rp). 


1.4.5 BPSK Bandwidth at a Glance 


In BPSK, the phase of the carrier changes in two discrete levels, in accordance with 
the input signal. Here, we have: 
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e Input data: m(t) = 0 or 1 
e Carrier frequency: C(t) = A cos (wt) 
e Modulated carrier: S(t) = A cosíw + @)t 


where 


e A = Amplitude of the carrier frequency, 
e œ = Angular frequency of the carrier, and 
e = Phase of the carrier frequency. 


Table below shows the number of phases and the corresponding bits per phase 
for MPSK modulation schemes for M = 2, 4, 8, 16, 32, 64, etc. It will be shown that 
higher-order MPSK modulation schemes (M > 2) are spectrally efficient. 


Modulation Number of bits per phase 
BPSK 

QPSK EOI E 

SPSK Bo 

16 4 

32 5 

64 6 

3 A 


Figure 1.9 shows the spectral response of the BPSK modulator. Since there are 
two phases, the carrier frequency changes in two discrete levels, one bit per phase, 
as follows: 


p = 0° for bit O and 
p = 180° for bit 1. 


Notice that the spectral response after BPSK modulation is the shifted version of 
the NRZ data, centered on the carrier frequency f.. The transmission bandwidth is 
given by 


BW(BPSK) = 2R; /Bit per Phase = 2R,/1 = 2R, 


where 


e R, is the coded bit rate (bit frequency). 
e For BPSK, @ = 2, one bit per phase. 


Also, notice that the BPSK bandwidth is the same as the one in ASK modula- 
tion. This is due to the fact that the phase of the carrier changes in two discrete 
levels, while the frequency remains the same. 
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Fig. 1.9 PSK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. c Spectral response of the carrier after 
modulation 


1.5 Conclusions 


This chapter presents a brief overview of modulation techniques covered in this 
book. Numerous illustrations are used to bring students up-to-date in key concepts 
and underlying principles of various analog and digital modulation techniques. In 
particular, following topics will be presented in this book: 


Amplitude Modulation (AM), 

Frequency Modulation (FM), 

Bandwidth occupancy in AM and FM, 
Amplitude shift keying (ASK), 

Frequency shift keying (FSK), 

Phase shift keying (PSK), and 

Bandwidth occupancy in ASK, FSK, and PSK. 
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properly called wind turbines. Common applications of 
windmills are grain milling, water pumping, threshing, and 
saw mills. Over the ages, windmills have evolved into more 
sophisticated and efficient wind-powered water pumps and 
electric power generators. In an example embodiment, as 
provided in FIG. 10, windmill tower 1000 of suitable height 
and/or propeller 1020 of windmill tower 1000 may be 
equipped with energy collecting fibers 1030, 1040. Collect- 
ing fibers 1030, 1040 may turn windmill 1000 into a power 
producing asset even when there is not enough wind to turn 
propellers 1020. During periods when there is enough wind to 
turn propellers 1020, collecting fibers 1030, 1040 may 
supplement/boost the amount of energy the windmill pro- 
duces. 


[0058] Windmill 1500, properly equipped with ion collec- 
tors 1530, 1540, such as a non-limiting example of fibers with 
graphene, silicene, and/or other like materials, can produce 
electricity: 1) by virtue of providing altitude to the fiber to 
harvest ions, and 2) while the propeller is turning, by virtue of 
wind blowing over the fiber producing electricity, among 
other reasons, via the triboelectric effect (however, it is also 
possible for the triboelectric effect to occur, producing elec- 
tricity, in winds too weak to turn the propeller). 

[0059] There are at least two ways that energy collectors 
may be employed on or in a windmill propeller to harvest 
energy. Propellers 1520 may be equipped with energy collec- 
tors 1530, 1540 attached to, or supported by, propeller 1520 
with wires (or metal embedded in, or on propeller 1520) 
electrically connecting energy collectors 1530, 1540, which 
may comprise graphene, silicene, and/or other like materials, 
to a load or power conversion circuit. There may be a require- 
ment to electrically isolate energy collectors 1530, 1540, 
which are added to propeller 1520, from electrical ground, so 
that the energy collected does not short to ground through 
propeller 1520 itself or through support tower 1510, but rather 
is conveyed to the load or power conversion circuit. Energy 
collectors may be connected to the end of propellers 1520 
such as collectors 1530. Alternatively, energy collectors may 
be connected to the sides of propellers 1520 such as collectors 
1540. 

[0060] Alternatively, propeller 1520 may be constructed of 
carbon fiber or other suitable material, with wires (or the 
structural metal supporting propeller 1520 may be used) elec- 
trically connecting to a load or power conversion circuit. In 
the case of propeller 1520 itself being constructed of carbon 
fiber, for example, the fiber may be ‘rough finished’ in 
selected areas so that the fiber is “fuzzy.” For example, small 
portions of it may protrude into the air as a means of enhanc- 
ing collection efficiency. The fuzzy parts of collectors 1530, 
1540 may do much of the collecting. There may be a require- 
ment to electrically isolate carbon fiber propeller 1520 from 
electrical ground, so that the energy it collects does not short 
to ground through metal support tower 1510, but rather is 
conveyed to the load or power conversion circuit. Diodes may 
be implemented within the circuit to prevent the backflow of 
energy, although diodes may not be necessary in some appli- 
cations. 

[0061] In an alternative embodiment, windmill 1500 may 
be used as a base on which to secure an even higher extension 
tower to support the energy collectors and/or horizontal sup- 
ports extending out from tower 1510 to support the energy 
collectors. Electrical energy may be generated via ion collec- 
tion due to altitude and also when a breeze or wind blows over 
the collectors supported by tower 1510. 
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[0062] In alternative embodiments to windmill 1500, other 
non-limiting example support structures include airplanes, 
drones, blimps, balloons, kites, satellites, cars, boats, trucks, 
(including automobile and other transportation conveyance 
tires), trains, motorcycles, bikes, skateboards, scooters, hov- 
ercraft (automobiles and conveyance of any kind), billboards, 
cell towers, radio towers, camera towers, flag poles, towers of 
any kind including telescopic, light poles, utility poles, water 
towers, buildings, sky scrapers, coliseums, roof tops, solar 
panel and all fixed or mobile structures exceeding 1 inch in 
height above ground or sea level. 

[0063] An example embodiment of a support structure may 
also include cell phones and other electronic devices and their 
cases, including cases containing rechargeable batteries. For 
example, someone may set her cell phone or other electronic 
device or battery pack on the window ledge of a tall apartment 
building to help charge it. Other example support structures 
may include space stations, moon and Mars structures, rock- 
ets, planetary rovers and drones including robots and artificial 
intelligence entities. 

[0064] Under some conditions, ambient voltage may be 
found to be 180-400 volts at around 6 ft, with low current. 
With the new generation of low current devices being devel- 
oped, a hat containing ion harvesting material may provide 
enough charge, or supplemental charge, collected over time 
to help power low current devices such as future cell phones, 
tracking devices, GPS, audio devices, smart glasses, etc. 
Clothes may also be included as examples of support struc- 
tures. Friction of the ion collection material (such as non- 
limiting examples of carbon, graphite, silicene and graphene) 
against unlike materials, such as wool, polyester, cotton, etc 
(used in clothes) may cause a voltage to be generated when 
rubbed together. Additionally, wind passing over the ion col- 
lection material has been demonstrated to generate voltage, 
even at low altitude. In an additional example embodiment, 
embedding collection devices into automobile tires (for 
example, in a particular pattern) could generate collectible 
voltage. 

[0065] Any process descriptions or blocks in flow charts 
should be understood as representing modules, segments, or 
portions of code which include one or more executable 
instructions for implementing specific logical functions or 
steps in the process, and alternate implementations are 
included within the scope of the preferred embodiment of the 
present disclosure in which functions may be executed out of 
order from that shown or discussed, including substantially 
concurrently or in reverse order, depending on the function- 
ality involved, as would be understood by those reasonably 
skilled in the art of the present disclosure. 

[0066] It should be emphasized that the above-described 
embodiments of the present disclosure, particularly, any “pre- 
ferred” embodiments, are merely possible examples of imple- 
mentations, merely set forth for a clear understanding of the 
principles of the disclosure. Many variations and modifica- 
tions may be made to the above-described embodiment(s) of 
the disclosure without departing substantially from the spirit 
and principles of the disclosure. All such modifications and 
variations are intended to be included herein within the scope 
of this disclosure and the present disclosure and protected by 
the following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 
tion, microscopic points of a cross-section of the collec- 
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Amplitude Modulation (AM) 
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2.1 Introduction 


By inventing the wireless transmitter or radio in 1897, the Italian physicist Tomaso 
Guglielmo Marconi added a new dimension to the world of communications [1, 2]. 
This enabled the transmission of the human voice through space without wires. For 
this epoch-making invention, this illustrious scientist was honored with the Nobel 
Prize for Physics in 1909. Even today, students of wireless or radio technologies 
remember this distinguished physicist with reverence. A new era began in Radio 
Communications. 

The classical Marconi radio used a modulation technique known today as 
“Amplitude Modulation” or just AM, which is the main topic of this chapter. 
In AM, the amplitude of the carrier changes in accordance with the input analog 
signal, while the frequency of the carrier remains the same. This is shown in 
Fig. 2.1, where 


e m(t) is the input modulating audio signal, 
e C(t) is the carrier frequency, and 
e S(t) is the AM-modulated carrier frequency. 
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Fig. 2.1 AM waveforms. m(t) 
The amplitude of the carrier 

changes in accordance with 

the input analog signal. The 

frequency of the carrier 

remains the same 


C(t) 
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As shown in the figure, the audio waveform changes the amplitude of the carrier 
to determine the envelope of the modulated carrier. This enables the receiver to 
extract the audio signal by demodulation. Notice that the amplitude of the carrier 
changes in accordance with the input signal, while the frequency of the carrier does 
not change after modulation. However, it can be shown that the modulated carrier 
S(t) contains several spectral components, requiring frequency domain analysis. In 
an effort to examine this, this chapter will present the following topics: 


e Amplitude Modulation (AM) and AM spectrum 
e Double Sideband-suppressed carrier (DSBSC) and DSBSC spectrum 
e Single sideband (SSB) carrier and SSB spectrum 


In the following sections, the above disciplines in AM modulation will be 
presented along with the respective spectrum and bandwidth. These materials have 
been augmented by diagrams and associated waveforms to make them easier for 
readers to grasp. 
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2.2 Amplitude Modulation 


Amplitude Modulation (AM) is a method of analog modulation that utilizes 
amplitude variations of the relative amplitude of the career frequency [3-5]. The 
signal to be modulated and transmitted is analog. This is referred to as AM, where 
the amplitude of the carrier changes in accordance with the input signal. 

Figure 2.2 shows a functional diagram of a typical AM modulator for a single 
tone. Here, m(t) is the input analog signal we want to transmit, C(t) is the carrier 
frequency without modulation, and S(t) is the output AM-modulated carrier fre- 
quency. These parameters are described below: 


e m(t) =A,cos(27fpt) 
C(t) = A.cos(27fct) fe > fin 


S(t) = [L+m(9]C(0) a) 
= C(t) + m(t)C(t) 
Therefore, 
When m(t) = 0: 
e S(t) = A,.cos(27f,t) (2.2) 
When m(t) = Am cos(27f,t): 
e S(t) = Accos(2rf-t) + AcAmcos(2nfnt) cos(27f-t) (2:3) 


Antenna 
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Fig. 2.2 Illustration of amplitude modulation. The amplitude of the carrier C(t) changes in 
accordance with the input modulating signal m(t). S(t) is the modulated waveform which is 
transmitted by the antenna 
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In the above equation, we see that: 


e The first term is the carrier only, which does not have information 
e The second term contains the information, which has several spectral compo- 
nents, requiring further analysis to quantify them. 


2.3 AM Spectrum and Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth and modulation. 
The transmission bandwidth depends on the following: 


e Spectral response of the input modulating signal 
e Spectral response of the carrier frequency and 
e Modulation type (AM, FM ASK, FSK, PSK, etc.) 


Let us take a closer look! 


2.3.1 Spectral Response of the Input Modulating Signal 


In AM, the input modulating signal is a continuous time low-frequency analog 
signal. For simplicity, we use a sinusoidal waveform, which is periodic and con- 
tinuous with respect to time. It has one frequency component. For example, the sine 
wave is described by the following time domain equation: 


V(t) = V, sin(@mnt) (2.4) 


where 


e Vp = Peak voltage 
© Om = nfm 
© fm = Input modulating frequency in Hz 


Figure 2.3 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 
at fm, and the peak voltage is shown in the vertical axis. The corresponding band- 
width is zero. 
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Fig. 2.3 A low-frequency sine wave and its frequency response 
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2.3.2 Spectral Response of the Carrier Frequency 


A carrier frequency (f.) is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component, which is much 
higher than the input modulating frequency (fe > fm). For example, the sine wave 
is described by the following time domain equation: 

V(t) = V, sin(w,t) (2.5) 


where 


V, = Peak voltage 


© We = 2Mfc 
e f. = Carrier frequency in Hz 


Figure 2.4 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 
at f. and the peak voltage is shown in the vertical axis. The corresponding band- 
width is zero. 


2.3.3 AM Spectrum and Bandwidth 


Let us consider the AM signal again, which was derived earlier: 
S(t) = Ac cos(27f.t) + A¿Am cos(27fint) cos(27f.t) (2.6) 
Using the following trigonometric identity: 


cosA cosB = 1/2cos(A + B) + 1/2cos(A — B) (2.7) 
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Fig. 2.4 A high-frequency sine wave and its frequency response 
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where 
o A = 2n (fe + fmt 
e B= 27 (fe — fmt 


we get 


S(t) = A¿cos(2rf.t) + (1/2)AcAm cos[27(f. + fm )t] + 1/2)A-Am cos[2r(fe — fin)t| 
(2.8) 


This is the spectral response of the AM-modulated signal. It has three spectral 
components: 


e The carrier: f, 
e Upper sideband: fe + fm 
e Lower sideband: f. — fn 


where f is the carrier frequency and f, is the input modulating frequency. This is 
shown in Fig. 2.5. The AM bandwidth (BW) is given by 
BW = 2fn (2.9) 


Notice that the power is distributed among the sidebands and the carrier, where 
the carrier does not contain any information. Only the sidebands contain the 
information. Therefore, AM is inefficient in power usage. 
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Fig. 2.5 AM spectrum. The bandwidth is given by 2 fm 
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2.3.4 AM Response Due to Low and High Modulating 
Signals 


If m(t) has a peak positive value of less than +1 and a peak negative value of higher 
than —1, then the modulation is less than 100 %. This is shown in Fig. 2.7. 

On the other hand, if m(t) has a peak positive value of +1 and a peak negative 
value of —1, then the modulation is 100 % [3-5]. Therefore, 


e Form(t)=-—1: S(t) =A,|1 — 1] cos(2z,t) =0 (2.10) 


e Form(t) = +1: S(t) =A,{1+ 1]cos(2zf.t) 


= 2A, cos(27f..t) ean) 


This is called 100 % modulation, as shown in Fig. 2.6. The percent modulation 
is described by the following equation: 


The overall modulation percentage is: 


Am x Amin 
% Overall Modulation = d x 100 


Ç 


(2.12) 
_ max|m(t)| — min|m(t)| 
2A- 


m(t) m(t) /\ 
t t 


x 100. 


"= Modulation due to low amplitude = Modulation due to high amplitude 
input signal input signal 


Fig. 2.6 Amplitude modulation due to low and high modulating signals 
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Fig. 2.7 AM demodulation technique. As the signal enters the receiver, it passes through the 
band-pass filter, which is tuned to the carrier frequency fo. Next, the recovered signal is passed 
through an envelope detector to recover the original signal that was transmitted 


2.3.5 AM Demodulation 


Once the modulated analog signal has been transmitted, it needs to be received and 
demodulated. This is accomplished by the use of a band-pass filter that is tuned to 
the appropriate carrier frequency. Figure 2.7 shows the conceptual model of the 
AM receiver. As the signal enters the receiver, it passes through the band-pass filter, 
which is tuned to the carrier frequency fo. Next, the recovered signal is passed 
through an envelope detector to recover the original signal that was transmitted. 


2.3.6 Drawbacks in AM 


e The modulated signal contains the carrier; carrier takes power and it does not 
have the information 

Therefore, AM is inefficient in power usage 

Moreover, there are two sidebands, containing the same information 

It is bandwidth inefficient 

AM is also susceptible to interference, since it affects the amplitude of the 
carrier. 


Therefore, a solution is needed to improve bandwidth and power efficiency. 
Problem 2.1 Given: 


e Input modulating frequency f,, = 10 kHz 
e Carrier frequency f. = 400 kHz 


Find 


e Spectral components 
e Bandwidth 


2.3 AM Spectrum and Bandwidth 25 
Solution 


Spectral Components: 


e f.= 400 kHz 
e f + fm = 400 kHz + 10 kHz = 410 kHz 
© f.— fm = 400 kHz — 10 kHz = 390 kHz 


Bandwidth 
e BW=2f,,=2 x 10 kHz = 20 kHz. 


2.4 Double Sideband-Suppressed Carrier (DSBSC) 
2.4.1 DSBSC Modulation 


Double sideband-suppressed carrier (DSBSC), also known as product modulator, is 
an AM signal that has a suppressed carrier [3-5]. Let us take the original AM signal 
once again, as given below: 

S(t) = A,cos(27f t) + (1/2)A.Ancos[27(f. +fm)tl 


+ (1/2)A,Amcos|22(f.. — f 4 )1] ee) 


Notice that there are three spectral components: 


e The first term is the carrier only, which does not have any information 
e The second and third terms contain information. 


In DSBSC, we suppress the carrier, which is the first term that does not have any 
information. Therefore, by suppressing the first term we obtain the following: 


S(t) = (1/2)A-Amcos|2a(f. +f ,)1] + 1/2)A-Amcos[2a(f,. — fin )t| (2.14) 


Next, we use the following trigonometric identities: 


e cos(A + B) = cosA cosB — sinA sinB 
e cos(A — B) =cosA cosB + sinA sinB 


With A = 27f,,f = @mt and B = 2nf.t = w,t, we obtain: 
S(t) = ALA mm COS(Wmt) COS(00.t) (2.15) 
Now, define 


e m(t) =A,, COS (@,,f) 
e C(t) = A, cos (w,t) 
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tion device exposed to the environment from a support 
structure, the at least one collection device electrically 
connected to the support structure, the support structure 
comprising at least one of an airplane, drone, blimp, 
balloon, kite, satellite, train, motorcycle, bike, skate- 
board, scooter, hovercraft, electronic device, electronic 
device case, billboard, cell tower, radio tower, camera 
tower, flag pole, telescopic pole, light pole, utility pole, 
water tower, building, sky scraper, coliseum, roof top, 
solar panel and a fixed or mobile structure exceeding 1 
inch in height above ground or sea level; and 

providing a load with an electrical connection to the at least 
one collection device to draw current. 

2. The method of claim 1, wherein the collection device 
collects energy by triboelectric effect. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises at least one of carbon, graphite, silicene and 
graphene. 

$. A system of energy collection comprising: 

a support structure, the support structure comprising at 
least one of an airplane, drone, blimp, balloon, kite, 
satellite, train, motorcycle, bike, skateboard, scooter, 
hovercraft, electronic device, electronic device case, 
billboard, cell tower, radio tower, camera tower, flag 
pole, telescopic pole, light pole, utility pole, water tower, 
building, sky scraper, coliseum, roof top, solar panel and 
a fixed or mobile structure exceeding 1 inch in height 
above ground or sea level; 

at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment electrically connected to the 
support structure; and 

a load electrically connected to the at least one collection 
device. 

9. The system of claim 8, wherein the collection device 

collects energy by triboelectric effect. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 
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11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 11, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises at least one of carbon, graphite, silicene, or 
graphene. 

14. The system of claim 8, further comprising a diode 
electrically connected between the at least one collection 
device and the support structure. 

15. The system of claim 8, further comprising: a switch 
connected in series between the at least one collection device 
and the load; and a capacitor connected in parallel with the 
switch and the load. 

16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the load and at least one 
collection device, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

17. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one collection device and the load; and a generator powered 
by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 

19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 

20. A system of collecting energy comprising: 

means for suspending at least one collection device with, in 

operation, microscopic points of a cross-section of the 
collection device exposed to the environment, the at 
least one collection device electrically connected to the 
means for suspending, the means for suspending com- 
prising at least one of an airplane, drone, blimp, balloon, 
kite, satellite, train, motorcycle, bike, skateboard, 
scooter, hovercraft, electronic device, electronic device 
case, billboard, cell tower, radio tower, camera tower, 
flag pole, telescopic pole, light pole, utility pole, water 
tower, building, sky scraper, coliseum, roof top, solar 
panel and a fixed or mobile structure exceeding 1 inch in 
height above ground or sea level; 

means for inducing current flow, the means for inducing 

current flow electrically connected to the means for sus- 
pending; and 

means for restricting the backflow of charge carriers, the 

means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
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m(t) = Aj, Cos (Ont ) S(t) = m(t) C(t) = mítjA,Cos (o.t ) 


C(t) = A, Cos (act ) 


Fig. 2.8 Symbolic representation of DSBSC, also known as product modulator 


Then, we can write the above equations as: 
S(t) = m(t) C(t) (2.16) 


This is the DSBSC waveform. Since the output is the product of two signals, it is 
also known as product modulator. The symbolic representation is given in Fig. 2.8, 
where m(t) is the input modulating signal and C(t) is the carrier frequency. 


2.4.2 Generation of DSBSC Signal 


A DSBSC signal can be generated using two AM modulators arranged in a bal- 
anced configuration as shown in Fig. 2.9 [3-5]. The outcome is a cancellation of 
the discrete carrier. Also, the output is the product of two inputs: S(t) = m(t) C. 
This is why it is called “product modulator.” 


Proof of DSBSC 


Consider the DSBSC modulator as shown in Fig. 2.9. Here, the AM modulators 
generate S¡(t) and S(t), which are given by: 


m(t)= Ag COS (Opt) st Modulator 
MIOC abu 


aS, AR re | a ta kA 
WE = m(t)4,Cos (0t ) 


C(t) = A, Cos (o4) 


m(t)=-A,, Cos (Omt ) a i Modulat 
IDOLO Labor 


Fig. 2.9 Construction of DSBSC modulator. The output is the product of two signals 
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S(t) = A¿|1 + m(t)] cos(cw.t) (217) 
S(t) = A,[1 — m(t)] cos(w,t) 
Subtracting S>(1) from S(t), we essentially cancel the carrier to obtain: 


S(t) = (t) = S(t) 


= 2m(t) A. cos(@-t) A 


Therefore, except for the scaling factor 2, the above equation is exactly the same 
as the desired DSBSC waveform shown earlier, which does not have the carrier. In 
other words, the carrier has been suppressed, hence the name double sideband- 
suppressed carrier (DSBSC). 


2.4.3 DSBSC Spectrum and Bandwidth 


We begin with the DSBSC-modulated signal: 
S(t) = 2 m(t) Ac cos(@,-t) (2.19) 
where 
m(t) = Am COS( Wt) 
Therefore, 
S(t) = 2 AcAm COS(@mt) cos(@ct) (2.20) 


This is the desired DSBSC waveform for spectral analysis. 
Now, use the trigonometric identity: 


e cosA cosB = 1/2 cos(A+B)+1/2 cos(A — B) (2.21) 
where 
A = Omt = 27f,,t and B = w,t = 27f,t 
Therefore, 


S(t) = A,[cos(@, + Om)t + COS(0. — Om)t| 


(2.22) 
= A,|cos 277(f. +fin)t + cos 2n(fc — fin)t] 
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Fig. 2.10 DSBSC spectrum 
where the carrier frequency is 
suppressed. The bandwidth is 
given by 2 fm 


Frequency 


Notice that the carrier power is distributed among the sidebands (Fig. 2.10). 
Therefore, it is more efficient. The bandwidth is given by: 


BW = 2, (2.23) 


2.4.4 DSBSC Drawbacks 


e There are two identical sidebands. 

e Fach sideband contains the same information 
e Bandwidth is 2 fm 

e Unnecessary power usage 


Therefore, a solution is needed to improve bandwidth efficiency. 


Problem 2.2 Given:Two product modulators using identical carriers are connected 
in a series, as shown below: 


Si(t) 


| | 


C(t) = A, Cos (a,t) C(t) =A, Cos (o.t) 


Sat) 


m(t) = An Cos(ca,,t) 


Find 


(a) The output waveform S>(f) 
(b) What is the function of this circuit? 


Solution 


a 1 = CW 

S(t) = S1 (t) C(t) = m(t)C?(t) = Am COS(Mmt) Ac” cos 2(0,t) 
(b) The function of the circuit is to demodulate DSBSC signals, where the carrier 
frequency is filtered out. 
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2.5 Single Sideband (SSB) Modulation 
2.5.1 Why SSB Modulation? 


e The basic AM has a carrier which does not carry information—ZJnefficient power 
usage 

e The basic AM has two sidebands contain the same information—Additional loss 
of power 

e DSBSC has two sidebands, containing the same information—Loss of power 

e Therefore, the basic AM and DSBSC are bandwidth and power inefficient 
SSB is bandwidth and power efficient. 


2.5.2 Generation of SSB-Modulated Signal 


Single sideband (SSB) modulation uses two product modulators as shown in 
Fig. 2.11 [3-5], where 


e m(t) = Aj, COS(Wmt) (2.24) 

e m(t) =A, sin(@,t) — (Hilbert Transform) (2.25) 

e C(t) = Am cos (0,t) (2.26) 

e C(t)’ =A.¿sin(w,t) — (Hilbert Transform) (2.27) 
DSBSC gi 


mit) 


S3(t) = AnA, Cos (0, + ae )t 


Fig. 2.11 Generation of SSB signal 
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Solving for S1, S2, and $3, we obtain: 


Si (t) = A-Am COS(@mt) cos(a@-t) 


(2.28) 
e S(t) = AcAm Sin(@mt) sin(@-t) (2.29) 
S3(t) = S1 (t) — Solt 
s(0) = S(t) — SC) o a 
= A,Am COS(@mt) cos(@ct) — AcAm Sin(@mt) sin(@ct) 
Using the following formula: 
e cosA cosB = 1/2cos(A + B) + 1/2cos(A — B) 
e sinA sinB =1/2cos(A — B) — 1/2cosí(A + B) 
Solving for $3, we get: 
S3 = AcAm COS(0¿ + Wm )t (2.31) 


In the above equation, Sx(t) is the desired SSB signal, which is the upper 
sideband only. 


2.5.3 SSB Spectrum and Bandwidth 


Let us consider the SSB signal again: 


S3 = A-Am COS[ 0. + Om )t 
i ) (2.32) 
= A,Am cos 277 (f. + fin )1 


Here, we see that the SSB spectrum contains only one sideband. Therefore, it is 
more efficient. The SSB bandwidth is given by: 


SSB BW = fp (2.33) 


Figure 2.12 displays the SSB spectrum. 


Fig. 2.12 SSB spectrum 


showing the upper sideband. 
The SSB bandwidth is fn 


- Frequency 
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Problem 2.3 


Given: 

e m(t) =A,, COS (@,,f) 

e m(t)* = Am sin (@,,t) — (Hilbert Transform) 
e C(t) = A, cos (@,t) 

e C(t)* = A, sin (œt) — (Hilbert Transform) 


Design an SSB modulator to realize the lower sideband. Sketch the spectral 
response. 


Solution 
Solving for Sı and S2, we obtain: 


e S(t) = A. Am COS (@,,t) COS (Œt) 
S(t) = A. Am sin (@,,f) sin (œt) 


Obtain S3 as: 


S3 (t) =i (t) + S2(t) 
= AA COS(@mt) cos(@ct) + AcAm Sin(@mt) sin(@ct) 


Using the following formula: 


e cos A cos B = 1/2cos(A + B) + 1/2cos(A — B) 
e sin A sin B = 1/2cos(A — B) — 1/2cos(A + B) 


Solving for 53, we get: 


S3 = AA COS(Om — ¢)t 
= A¿Am cos 277 (f. — fin)t 


In the above equation, S3(t) is the desired SSB signal, which is the lower 
sideband only. The spectral response, showing the lower sideband, is presented 
below. 


Frequency 
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2.6 Conclusions 


This chapter presents the key concepts and underlying principles of Amplitude 
Modulation. It was shown how the audio waveform changes the amplitude of the 
carrier to determine the envelope of the modulated carrier. It was also shown that 
the modulated carrier contains several spectral components that lead to DSBSC and 
SSB modulation techniques. In particular, the following topics were presented in 
this chapter: 


Amplitude Modulation (AM) 

AM spectrum and bandwidth 

Double sideband-suppressed carrier (DSBSC) 
DSBSC spectrum and bandwidth 

Single sideband (SSB) 

SSB spectrum and bandwidth 


These materials have been augmented by diagrams and associated waveforms to 
make them easier for readers to grasp. 
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Chapter 3 
Frequency Modulation (FM) 


Topics 


Introduction 

Frequency Modulation (FM) 

FM Spectrum 

Carson’s Rule & FM Bandwidth 
Bessel Function & FM Bandwidth 
FM bandwidth Dilemma 


3.1 Introduction 


In Frequency Modulation (FM), the frequency of the carrier changes in accordance 
with the input analog signal, while the amplitude of the carrier remains the same [1-5]. 
This is shown in Fig. 3.1, where 


e mít) is the input modulating audio signal, 
e C(t) is the carrier frequency, and 
e S(t) is the FM-modulated carrier frequency. 


As shown in the figure, the audio waveform changes the frequency of the carrier. 
This enables the receiver to extract the audio signal by demodulation. Notice that 
the frequency of the carrier changes in accordance with the input signal, while the 
amplitude of the carrier does not change after modulation. However, it can be 
shown that the modulated carrier S(t) contains an infinite number of spectral 
components, requiring frequency domain analysis [3]. In an effort to examine this, 
this chapter will present the following topics: 


e The basic Frequency Modulation (FM), 
e FM spectrum, and 
e FM bandwidth. 
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Fig. 3.1 Illustration of FM 


3.2 Frequency Modulation (FM) 
3.2.1 Background 


FM is a form of angle modulation, where the frequency of the carrier varies in 
accordance with the input signal. Here, the angle refers to the angular frequency 
(œw). The angular frequency œ is also recognized as angular speed or circular 
frequency. It is a measure of rotation rate or the rate of change of the phase of a 
sinusoidal waveform as illustrated in Fig. 3.2. 

Magnitude of the angular frequency œ is defined by one revolution or 27 
radians: 


w =2nf =d0/dt Radians per second (3.1) 


where, 


e œ = Angular frequency in radians per seconds, 
e f= Frequency in Hertz (Hz) or cycles per second, and 
e ( = Phase angle. 
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Fig. 3.2 A sinusoidal waveform in the time domain and its representation in the phase domain 


Notice that in Eq. 3.1, the angular frequency w is greater than the frequency f by a 
factor of 27. Now solving for the phase angle, we obtain, 


6;(t) =27 | ras (3.2) 


e ();= Instantaneous phase angle and 
e f;= Instantaneous frequency. 


This forms the basis of our derivation of FM as presented in the following 
section. 


3.2.2 The Basic FM 


Frequency Modulation (FM) is a method of analog modulation that utilizes fre- 
quency variation of the relative frequency of the career [1]. The signal to be 
modulated and transmitted is analog. This is referred to as FM, where the frequency 
of the carrier changes in accordance with the input signal. The modulated carrier 
frequency f, varies back and forth and depends on amplitude A,,, and frequency fy 
of the input signal. 

Figure 3.3 shows the functional diagram of a typical FM, using a single-tone 
modulating signal. Here, m(t) is the input analog signal we want to transmit, C(t) is 
the carrier frequency without modulation, and S(t) is the output FM-modulated 
carrier frequency. These parameters are described below. 
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m(t) =A, Cos (Omt ) 
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Fig. 3.3 A functional diagram of a typical FM modulator using a single-tone input modulating 
signal. Here, m(t) is the input analog signal we want to transmit, C(t) is the carrier frequency 
without modulation, and S(t) is the output FM-modulated carrier frequency 


We examine this by means of a single-tone input modulating signal and its 
angular frequency as shown in Fig. 3.2. Since the frequency of the carrier varies in 


accordance with the input signal, the instantaneous frequency of the carrier is given 
by 


$0) = felt) + Dym(2) (3.3) 
where, 


e f; = Instantaneous frequency, 
e f. = Carrier frequency, 

e D;= Constant, and 

e mt) = Am cos (wmt). 


The FM-modulated signal is given by 
S(t) = A¿cos(0;) (3.4) 


where Ac is the amplitude of the carrier frequency and 0, is the instantaneous angle. 
Substituting Eq. (3.2) into Eq. (3.4) for Oi, we get 


S(t) = A.cos|27 fta (3.5) 


where f; is the instantaneous frequency. Substituting Eq. (3.3) into Eq. (3.5) for fi, 
we obtain 


S(t) = Accosi2n | {fc(t) + Df m(t) }dt| (3.6) 
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where m(t) = Am cos (@ mt) is the input modulating signal. Integrating the above 
equation, we obtain the desired FM signal as follows: 


S(t) = A¿cos 2a + (2) sin( 2h) 


m 


= A,cos|2mf.t + Bsin(27fnt)| (3.7) 
A 
p= E = Modulation Index Af = DfAm = Freq. Deviation 
where, 
e S(t) = FM-modulated carrier signal, 
e f. = Frequency of the carrier, 
e A. = Amplitude of the carrier frequency, 
e Af = DA,, = Frequency deviation, 
e f,, = Input modulating frequency, 
e Am = Amplitude of the input modulating signal, 
0 Dr = A constant parameter, and 
e f = Afif,, = Modulation index. 


Note that the modulation index B is an important design parameter in FM. It is 
directly related to FM bandwidth. It may also be noted that FM bandwidth depends 
on both frequency and amplitude of the input modulating signal. Let us take a 
closer look. 


3.3 FM Spectrum and Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth and modulation. 
The transmission bandwidth depends on the following: 


e Spectral response of the input modulating signal, 
e Spectral response of the carrier frequency, and 
e Modulation type. 


Let’s take a closer look! 


3.3.1 Spectral Response of the Input Modulating Signal 


In FM, the input modulating signal is a continuous time low-frequency analog 
signal. For simplicity, we use a sinusoidal waveform, which is periodic and 
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Fig. 3.4 A low-frequency sine wave and its frequency response 


continuous with respect to time. It has one frequency component. For example, the 
sine wave is described by the following time domain equation: 


V(t) = V, sin(Ont) (3.8) 


where, 


e Vp = Peak voltage, 


e Mn = 2 and 
e fm = Input modulating frequency in Hz. 


Figure 3.4 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 
at f,, and the peak voltage is shown in the vertical axis. The corresponding band- 
width is zero. 


3.3.2 Spectral Response of the Carrier Frequency 


A carrier frequency (f.) is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component, which is much 
higher than the input modulating frequency (fe » fm). For example, the sine wave is 
described by the following time domain equation: 


Frequency 


Fig. 3.5 A high-frequency sine wave and its frequency response before modulation 


3.3 FM Spectrum and Bandwidth 39 


V(t) = V,sin(0w.t) (3.9) 


where 
V, = Peak voltage 


e ow. = 27h. and 
e f. = Carrier frequency in Hz. 


Figure 3.5 shows the characteristics of a high-frequency sine wave and its 
spectral response. Since the frequency is constant, its spectral response is located in 
the horizontal axis at f, and the peak voltage is shown in the vertical axis. The 
corresponding bandwidth is zero. 


3.3.3 FM Spectrum 


In FM, the frequency of the carrier changes in accordance with the input signal. 
Here, we have: 


e Input Signal : m(t) =A 
e Carrier Frequency: C(t) = Ae cos(@ct) (3.10) 
e Modulated Carrier: S(t) = A 


where 

e S(t) = The modulated carrier, 

e Ac = Frequency of the carrier, 

e (y. = Nominal frequency of the carrier frequency, 
e fi = Afifm = Modulation index, 

e Af=DA,, = Frequency deviation, 

e D,= Constant, and 

e Amn = Amplitude of the input modulating signal. 


By inspecting the modulated carrier frequency, we observe that S(t) depends on 
both frequency and amplitude of the input signal. The spectral response is given in 
Fig. 3.6. Notice that the carrier frequency after modulation varies back and forth 
from the nominal frequency f. as depicted in the figure. In Fig. 3.6, we see that: 


e As time passes, the carrier moves back and forth in frequency in exact step with 
the input signal. 

Frequency deviation is proportional to the input signal voltage. 

A group of many sidebands is created, spaced from carrier by amounts N x f. 
Relative strength of each sideband depends on Bessel function. 

Strength of individual sidebands far away from the carrier is proportional to 
(freq. deviation x input frequency). 

e Higher order spectral components are negligible. 
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Fig. 3.6 FM spectrum. As time passes, the carrier moves back and forth in frequency in exact step 
with the input signal and generates an infinite number of sidebands 


e Carson”s rule can be used to determine the approximate bandwidth: bandwidth 
required = 2 x (highest input frequency + frequency deviation). 


3.3.4 Carson” Rule and FM Bandwidth 


The Carson's rule, a rule of thumb, states that more than 98 % of the power of FM 
signal lies within a bandwidth given by the following approximation: 


FM Bandwidth (BW) = 2f,,(1 + P) (3.11) 


where 
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Table 3.1 Bessel function p 
aole 
o HO 


e f = Af/fm = Modulation index, 

e Af = Peak deviation of the instantaneous frequency from the center of the carrier 
frequency, and 

e fm = Highest frequency of the modulating signal. 


3.3.5 Bessel Function and FM Bandwidth 


FM bandwidth can be estimated by means of Bessel function of the first kind. For a 
single-tone modulation, it can be obtained as a function of the sideband number and 
the modulation index. 

For a given p, the solution for S(t) is given as follows: 


S(t) = A¿cos[(w,t) + P sin(@nt)| 
= Jo (P) cos(aet) 
+ Ji (B) cos(@ct + Ont) + Jo(B) cos(@et + 20mt) + J3(B) cos(@et + 3@mt) +... 
— J\(B) cos(@ct — Wmt) — Jo(B) cos(@ct — 2@mt) — J3 (P) cos(@ct — 30mt) +... 
(3.12) 


Here, J’s are the Bessel functions, representing the amplitude of the sidebands. 
Jo (P) is the amplitude of the fundamental spectral component, and the remaining 
spectral components are the sidebands. Each sideband is separated by the input 
modulating frequency. These values are also available as a standard Bessel function 
table. 
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Fig. 3.7 FM sidebands. Power is taken from the carrier JO and distributed among the sidebands 
Jl, J2, J3,..., etc. Each sideband is separated by the modulating frequency fm 
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Fig. 3.8 FM sidebands for large 6. More power is taken from the carrier JO and distributed among 
the sidebands Jl, J2, J3, J4,... Each sideband is separated by the modulating frequency fyn 


As an example, Table 3.1 provides a few Bessel parameters to illustrate the 
concept. In this table, the carrier and sideband amplitude powers, JO, J1, J2,..., etc., 
are presented for different values of fp. Here, JO is carrier power before modulation. 
After modulation, with a given value of fp, power is taken from the carrier and 
distributed among the sidebands. Also, there is a unique value of p, for which the 
carrier amplitude becomes zero and all the signal power is in the sidebands. 

Note that, in FM, the sidebands are on both sides of the carrier. Therefore, the 
total bandwidth includes spectral components from both sides of the carrier. For a 
given low f, this is shown in Fig. 3.7. Here, JO is the spectral component of the 
carrier. J1, J2, J3, etc., are the sidebands. Each sideband is separated by the input 
modulating frequency fm. After modulation, power is taken from the carrier JO and 
distributed among the sidebands, depending on the modulation index $. 

Figure 3.8 shows another scenario where f is large. In this case, more power is 
taken from the carrier and distributed among the sideband, while creating more 
significant sidebands, requiring more bandwidth. 


3.3.6 FM Bandwidth Dilemma 


In FM, we notice that if the modulation index is low, the occupied bandwidth is low 
and the sidebands take less power from the carrier, making the modulation less 
efficient. On the other hand, if the modulation index is high, the occupied band- 
width is also high, while the sidebands retain most of the power, making the 
modulation more efficient at the expense of bandwidth. This is a dilemma in FM. 
However, FM is more popular because it is less sensitive to noise. 


Problem 3.1 

Given: 
fn = 1 kHz 
fe = 1MHz 


p=1 
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Find: 


(a) The FM bandwidth using Carson’s rule and 
(b) The FM bandwidth using Bessel function 


Solution: 


(a) FM BW (Carson’s rule) = 2 fa (1 + $) =2 x 1 kHz (1 + 1) = 4 kHz. 
(b) For p = 1, See Table 3.1: 


e JO = 0.77, Jl = 0.44, J2 = 0.11, J3 = 0.02 


where JO is the carrier and J1, J2, and J3 are the sidebands. Here, we can neglect J3 
since 1t has a negligible power. Therefore, there are two significant upper and lower 
sidebands, and each sideband is 1 kHz apart. Therefore, FM bandwidth is 
2 x Number of significant sidebands = 2 x 2 = 4 kHz. See figure below. 
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Problem 3.2 


Given: 
fm = 1kHz 
fc = 1MHz 
BS? 
Find: 


(a) The FM bandwidth using Carson’s rule and 
(b) The FM bandwidth using Bessel function 


Solution: 


(a) FM BW (Carson’s rule) = 2 fa (1 + $) =2 x 1 kHz (1 + 2) = 6 kHz. 
(b) For p = 2, See Table 3.1: 


e JO = 0.22, J1 = 0.58, J2 = 0.35, J3 = 0.13, J4 = 0.03 


Here, we have 4 upper and 4 lower sidebands, and each sideband is separated by 
1 kHz. Since the J4 is negligible, we take 3 upper sidebands and 3 lower sidebands. 
Therefore, the FM bandwidth is 2 x 3 = 6 kHz. See figure below. 
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3.4 Conclusions 


e This chapter presents a brief overview of Frequency Modulation (FM) and its 
attributes. 

e The key concept and the underlying principle of FM are presented with 
numerous illustrations to make them easier for readers to grasp. 

e FM spectrum is addressed with illustrations. 
FM bandwidth is estimated by means of Carson’s rule and Bessel function. 
FM bandwidth dilemma is explained, and problems are given to illustrate the 
concept. 
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Chapter 4 
Amplitude Shift Keying (ASK) 
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ASK Bandwidth 

Performance Analysis 


4.1 Introduction 


In amplitude shift keying (ASK), the amplitude of the carrier changes in discrete 
levels in accordance with the input digital signal, while the frequency of the carrier 
remains the same. This is shown in Fig. 4.1, where 


e m(t) is the input modulating digital signal, 
e C(t) is the carrier frequency, and 
e S(t) is the ASK-modulated carrier frequency. 


As shown in the figure, the digital binary signal changes the amplitude of the 
carrier in two discrete levels. This enables the receiver to extract the digital signal 
by demodulation. Notice that the amplitude of the carrier changes in accordance 
with the input signal, while the frequency of the carrier does not change after 
modulation. However, it can be shown that the modulated carrier S(t) contains 
several spectral components, requiring frequency domain analysis. 

In the following sections, the above disciplines in ASK modulation will be 
presented along with the respective spectrum and bandwidth. These materials have 
been augmented by diagrams and associated waveforms to make them easier for 
readers to grasp. 
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This invention relates toa method and apparatus for | 
tapping the enormous reservoir of | energy existing in the 
ionosphere and more particularly for furnishing electrical 


- power to space vehicles. 
- Within recent years various space probes and space 


vehicles such as satellites have been launched by man in . 
an effort to learn more about the earth and the solar- 


system within which he lives. - Each of these various space 
craft has employed numerous electrical circuits which are 
utilized to detect and transmit back to earth certain in- 
formation ascertained by the craft as it moves through 
space. 


-In view of the. presence of such electrical circuits, 


2 


In an effort to overcome this loss: of power which oc-  _~ 


curs each time a satellite passes into. the shadow cast by” 
the earth or some other heavenly body, a storage battery. 
of the wet cell type was added to the vehicle. While the- 


Satellite is in the sunlight the solar battery powers the: 
-various electrical circuits and charges the storage battery 


so that, once the sunlight is no longer available, the stor- 


_ age battery can be switched on to furnish. the necessary 
electrical power to the vehicle. | 


While this combined sys- 
tem functions satisfactorily, there is added to the already 


-existing problems of weight, size and electrolyte leakage. 


the problem of incorporating a battery charging and 


= switch-over system between: the solar and storage bat- 


teries.. The addition of this type of system to the power 

source is undesirable since it adds unduly to the com- — 

plexity, sensitivity and cost of the space vehicle. | 
According to the present invention, it. has been found: 


that some of the foregoing disadvantages of space ve- — 


- hicle power sources can be overcome by employing an — 
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some source of electrical power must be made available i 


whereby these circuits can be energized. 
have been three main sources of electrical power carried 


by space vehicles for energizing these circuits, namely, (1) 
conventional storage batteries, (2) solar batteries and-(3) _ 


a combination of the conventional storage and solar bat- 
teries. Although these various electrical power sources 
have functioned with some degree of success each has 
certain serious limitations which cannot be readily over- 
come. 


In the first instance, the al storage bitter 
may be of either the wet or dry type but, due to its superior 
| storage capacity, the wet cell type is used nearly exclu- 


sively in space vehicles. This additional storage capacity 
of the wet cell battery is of great importance since the 
useful life of the vehicle is usually dependent upon. the 


proper operation of its electrical circuits which are, in- 


turn, directly dependent upon the capacity and life of 
the available power source. 


Use in space vehicles of a. 
storage battery that utilizes a liquid electrolyte presents - 
several problems that have not been completely solved, 


In the past there — 
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ionospheric type battery which utilizes the. ionosphere or 


other ionized medium existing in outer space as a sup- 


plemental source of energy. Since power is a scarce com- 
modity essential for the operation of the space vehicle: 
and for the proper functioning of its experiments, any 
means for supplying additional power while adding. only 


Slightly to the weight of the vehicle, increases the ef- 
ficiency and life of the space vehicle. 


Although it has — 


_ been known for some time that. the ionosphere contains 


30 
has heretofore been found: whereby this energy could be 


an enormous reservoir of energy in the form of excited 
and ionized atoms and molecules, no practical method 


utilized as a source of power for earth satellites even 


_ though much thought has been given to this problem. 
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The operation of the present invention is based upon the | 
discovery that the ionosphere can be utilized as a part 


_. Of supplemental power source. for the load circuit in a 
- space vehicle when said vehicle is equipped with electrodes 


having different work functions which, in turn, are elec- 


_ trically connected through. the load circuit.. 


o 


howėver, nor is there any apparent solution to some of —. 


these problems. For example, to increase the output ca- 


pacity of the battery and thereby extend the useful life of 


the satellite a greater amount of electrolyte must be carried _ : 
by the battery. But to increase the quantity of electrolyte F 


carried by the battery results in both an increase in size 


and weight of the power source and space vehicle which — 


cannot, in most instances, be tolerated. Furthermore, the 


50 


electrolyte may not function correctly if it is subjected to 


the extreme conditions of space such as, for example, the _ 


changes in temperature that are normally encountered. 


Thus, to insure the proper operation of the wet cell battery 


involved in powering.a space vehicle and to prevent any 


E leakage that might occur should the battery be damaged, 


some shielding or insulating of the battery is usually in- 
volved which, needless to say, adds materially to the cost 
and weight of the vehicle. — 

To overcome the space, weight and leakage problems 


- encountered. when storage batteries of the conventional 


: wet cell type are used, space engineers have turned to the 
recently developed solar cell or battery which converts 

the light rays received from the sun directly into electrical 
energy. While these solar batteries do not require any 
_ type of electroylte and are, therefore, relatively light in 
- comparison to the wet cell storage battery, they are ex- 
_ pensive and their inherent principle of operation presents 
one problem which cannot be overcome, namely, the 
inability of the solar cell to produce power while the 
- space vehicle is shaded from the sun such as occurs when 
a satellite i is in the shadow cast by the earth. 


55 power source for a satellite that is light and inexpensive | 


Accordingly, a primary object of this invention is to 
provide a method of producing electrical power: from. 
ionized media existing in nature. 

_ Another object of this invention is to Dro a sim- 
ple, highly reliable supplemental power source for space 
vehicles. 


Yet. another spied of this invention is to provide an Bi 
; ionospheric battery for use by satellites. 


Still another object of this invention is to provide an 
ionospheric battery which. utilizes the: ionosphere as an z 


electrolyte. 


-A further object of this man is to provide a sup- 


` plemental power source for space vehicles that will op- 


erate when shielded from the sun. 
Yet a further object of this invention is do prove a 


to produce. 


Another object of fie invention! is to provide a satel- 


- lite with various shaped electrodes constructed of metals | 


KR following description, claims. and the ‘appended drawings . 
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a having different contact potentials. | 


These and further objects and. advantages of this in- 
vention will become more apparent upon reference to the 


wherein: 
FIGURE 1 is a cross sectional view- of an orbiting 


satellite equipped with a power source constructed: in - 


accordance with one embodiment of. the present inven- 
tion; and 

FIGURE 2 is a view in partial section of an. orbiting 
satellite equipped with a. power source constructed. in 
accordance with a second embodiment of. the. present 
invention. 


With continuing reference to’ the accompanying draw- 
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Fig. 4.1 ASK waveforms. The amplitude of the carrier changes in accordance with the input 
digital signal. The frequency of the carrier remains the same 


4.2 ASK Modulation 


Amplitude shift keying (ASK), also known as on-off keying (OOK), is a method of 
digital modulation that utilizes amplitude shifting of the relative amplitude of the 
career frequency [1-3]. The signal to be modulated and transmitted is binary, which 
is encoded before modulation. This is an indispensable task in digital communi- 
cations, where redundant bits are added with the raw data that enables the receiver 
to detect and correct bit errors, if they occur during transmission [4—16]. 

While there are many error-coding schemes available, we will use a simple 
coding technique, known as “Block Coding” to illustrate the concept. 

Figure 4.2 shows an encoded ASK modulation scheme using (15, 8) block code 
where an 8-bit data block is formed as M-rows and N-columns (M = 4, N = 2). The 
product MN = k = 8 is the dimension of the information bits before coding. Next, a 
horizontal parity Py is appended to each row and a vertical parity Py is appended to 
each column. The resulting augmented dimension is given by the product (M + 1) 
(N + 1) =n = 15, which is then ASK modulated and transmitted row by row. The 
rate of this coding scheme is given by 
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Fig. 4.2 Amplitude shift keying (ASK) is also known as on-off keying (OOK). The input 
encoded data block is transmitted row by row. The amplitude of the carrier frequency changes in 
accordance with the input digital signal 


Code Rate: r = (MN) /|(M + 1)(N + 1) = (4 x DAS x 3) = 8/15 (4.1) 
The coded bit rate Rp2 is given by 
Rp = Uncoded Bit Rate /Code Rate = Rp) /r = Rp; (15/8) (4.2) 


Next, the coded bits are modulated by means of the ASK modulator as shown in 
the figure. Here, 


e The Input digital signal is the encoded bit sequence we want to transmit 
Carrier is the radio frequency without modulation 
Output is the ASK-modulated carrier, which has two amplitudes corresponding 
to the binary input signal. For binary signal 1, the carrier is ON. For the binary 
signal O, the carrier is OFF; however, a small residual signal may remain due to 
noise, interference, etc., as indicated in the figure. 


As shown in the figure, the amplitude of the carrier changes in discrete levels, in 
accordance with the input signal, where 
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Input Data : m(t) = Oor 1 (coded data) 
Carrier Frequency : C(t) = A cos(œt) (4.3) 
Modulated Carrier: S(t)=m(t)C(t) = m(t)A cos(cot) 


Therefore, 


For m(t) = 1: S(t) = Acos(wt) i.e. the carrier is ON 
For m(t) = 1: S(t) = 0, 1.e. the carrier is OFF 


where A is the amplitude and œ is the frequency of the carrier. 


4.3 ASK Demodulation 


Once the modulated binary data has been transmitted, it needs to be received 
and demodulated. This is often accomplished with the use of a band-pass filter. In 
the case of ASK, the receiver needs to utilize one band-pass filter that is tuned to the 
appropriate carrier frequency. As the signal enters the receiver, it passes through 
the filter and a decision as to the value of each bit is made to recover the encoded 
data block, along with horizontal and vertical parities. Next, the receiver appends 
horizontal and vertical parities Py% and Py* to check parity failures and recovers 
the data block. This is shown in Fig. 4.3 having no errors. If there is an error, there 
will be a parity failure in Py* and Py* to pinpoint the error. 
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Fig. 4.3 Data recovery process in ASK, showing no errors. If there is an error, there will be a 
parity failure in Pg* and Py* to pinpoint the error 


44 Ask Bandwidth 49 


4.4 ASK Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth in error control 
coding and modulation. The transmission bandwidth depends on: 


e Spectral response of the encoded data 
e Spectral response of the carrier frequency, and 
e Modulation type. 


4.4.1 Spectral Response of the Encoded Data 


In digital communications, data is generally referred to as a non-periodic digital 
signal. It has two values: 


e Binary-1 = High, Period = T 
e Binary-0 = Low, Period = T 


Also, data can be represented in two ways: 


e Time domain representation and 
e Frequency domain representation 


The time domain representation (Fig. 4.4a), known as non-return-to-zero (NRZ), 
is given by: 


V(t) =V <O<t <T 
= 0) elsewhere ce) 
The frequency domain representation is given by “Fourier transform”: 
T 
Vane J V. edt (4.6) 
0 
sin(wT /2) 
V = 

vol = vr MEA 

(4.7) 


pto) = (Evo p= vr [Eea] 


Here, P(w) is the power spectral density. This is plotted in Fig. 4.4b. The main 
lobe corresponds to the fundamental frequency and side lobes correspond to har- 
monic components. The bandwidth of the power spectrum is proportional to the 
frequency. In practice, the side lobes are filtered out since they are relatively 
insignificant with respect to the main lobe. Therefore, the one-sided bandwidth is 
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given by the ratio f/f, = 1. In other words, the one-sided bandwidth = f = fp, where 
fp = Rp = A/T, T being the bit duration. 
The general equation for two-sided response is given by: 


V(@) = J V(t) - edt 


In this case, V(œ) is called two-sided spectrum of V(t). This is due to both 
positive and negative frequencies used in the integral. The function can be a voltage 
or a current. Figure 4.4c shows the two-sided response, where the bandwidth is 
determined by the main lobe as shown below: 


Two-sided bandwidth (BW) = 2R; (R, = Bitrate before coding) (4.8) 


(c) 


-ff/c -1 0 l fife 


Fig. 4.4 a Discrete time digital signal b it is one-sided power spectral density and e two-sided 
power spectral density. The bandwidth associated with the non-return-to-zero (NRZ) data is 2R,, 
where R, is the bit rate 
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Important Notes 


1. If R, is the bit rate before coding, and if the data is NRZ, then the bandwidth 
associated with the raw data will be 2R,. For example, if the bit rate before 
coding is 10 kb/s, then the bandwidth associated with the raw data will be 
2 x 10 kb/s = 20 kHz. 

2. If Ris the bit rate before coding, code rate is r, and if the data is NRZ, then the 
bit rate after coding will be R, (coded) = R, (uncoded)r. The corresponding 
bandwidth associated with the coded data will be 2R, (coded) = 2R, (uncoded)/ 
r. For example, if the bit rate before coding is 10 kb/s and the code rate r = 1/2, 
then the coded bit rate will be R, (coded) = R, (uncoded)/r = 10/0.5 = 20 kb/s. 
The corresponding bandwidth associated with the coded data will be 
2 x 20 = 40 kHz. 


4.4.2 Spectral Response of the Carrier Frequency 
Before Modulation 


A carrier frequency is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component. For example, the 
sine wave is described by the following time domain equation: 


V(t) = V,sin(ot.) (4.9) 
where 


Vp = Peak voltage 


e We = 21. 
e f. = Carrier frequency in Hz 


Figure 4.5 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 
and the peak voltage is shown in the vertical axis. The corresponding bandwidth is 
zero. 


4.4.3 ASK Bandwidth at a Glance 


In ASK, the amplitude of the carriers changes in discrete levels, in accordance with 
the input signal, where 
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Fig. 4.5 High-frequency carrier frequency response 


e Input Data : m(t) = Oor1 
e Carrier Frequency: C(t) = Accos(@,t) 
e Modulated Carrier: S(t) =m(t)C(t) = MAA. cosí(c.t) 


Since m(t) is the input digital signal and it contains an infinite number of har- 
monically related sinusoidal waveforms and that we keep the fundamental and filter 
out the higher-order components, we write: 


m(t) = Amsin(@nt) 
The ASK-modulated signal then becomes: 


S(t) = m(t)S(t) = AmAcsSin(@mt)COS(@mnt) 


4.10 
= 1/24m4. [sin(0. — Om)! +Sin(0. + On)t| a 


The spectral response is depicted in Fig. 3.14. Notice that the spectral response 
after ASK modulation is the shifted version of the NRZ data. Bandwidth is given by: 
BW = 2R, (coded), where R, is the coded bit rate (Fig. 4.6). 


Problem 1 
Given: 


e Bit rate before coding: Rg, = 10 kb/s 
e Code rate: r = 8/15 
e Modulation: ASK 


Find: 


(a) the bit rate after coding: Rp2 
(b) Transmission bandwidth: BW 


Solution 


(a) Bit rate after coding (Rp2) 
Rp = Rg,/r = 10 kb/s (15/8) = 18.75 kb/s 


(b) Transmission BW = 2 x 18.75 kb/s = 37.5 kHz. 
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Fig. 4.6 ASK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. c Spectral response of the carrier after 
modulation. The transmission bandwidth is 2f,, where f, is the bit rate and T= 1/f, is the bit 
duration for NRZ data 


4.5 BER Performance 


It is well known that an (n, k) bock code, where k = number of information bits, 
n = number of coded bits, can correct t errors [4, 5]. A measure of coding gain is 
then obtained by comparing the uncoded word error WERy with the coded word 
WER c. We examine this by means of the following analytical means. 

Let the uncoded word error be defined as (WER y). Then, with ASK modulation, 
the uncoded BER will be given by: 


BERy = 0.5 EXP(—Ep/2No) (4.11) 


The probability that the uncoded word (WER ,) will be received in error is 1 
minus the product of the probabilities that each bit will be received correctly. Thus, 
we write: 


WER y= 1 — (1 — BERy)* (4.12) 


Let the coded word error be defined as (WER). Since n > k, the coded bit 
energy to noise ratio will be modified to E,./No, where E,./No = Ey/No + 10log(k/n). 
Therefore, the coded BERc will be: 
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Fig. 4.7 Typical error performance in AWGN 


BERc= 0.5 EXP( — Ec /2No) (4.13) 
The corresponding coded word error rate is given as: 


n 


n 
WERc= X ( ) PEREG — Bero“ (4.14) 
k=t+1 


When BER. < 0.5, the first term in the summation is the dominant one; there- 
fore, Eq. (4.14) can be simplified as 


WER¿ ~ (7 Junto — BER)" (4.15) 


Using (15, 8) block code (n = 15, k = 8, t= 1), we obtain the coded and the 
uncoded WER as shown in Fig. 4.7. Coding gain is the difference in £,/N¿ between 
the two curves. Notice that at least 3—4 db coding gain is available in this example 
where r = k/n = 8/15. 


4.6 Conclusions 


e This chapter presents ASK modulation and its attributes. 

e Numerous illustrations are provided to show how amplitude of the carrier 
changes in discrete levels in accordance with the input digital signal, while the 
frequency of the carrier remains the same. 

e The Fourier transform is used to derive the spectral components and ASK 
bandwidth is calculated. 
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e Bit error rate (BER) performance is presented. 
e These materials have been augmented by diagrams and associated waveforms to 
make them easier for readers to grasp. 
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ings wherein like reference numerals designate similar 
parts throughout the various views, and with initial at- 
tention directed to the embodiment of FIGURE 1, refer- 
ence numeral 10 is used to generally designate a space 
satellite which is orbiting or otherwise passing through an 
ionized layer or medium such as, for example, the iono- 
sphere which surrounds the earth. As is well known, 
the ionosphere contains an enormous number of ex- 
cited and ionized atoms and molecules which are gen- 
erated or produced when the gasses surrounding the earth 
are subjected to bombardment by high energy particles 
and rays such as, for example, ultra-violet or cosmic rays 
that originate throughout the solar system. Although 
these various ionized particles created by this bombard- 
ment are invisible to the eye they are represented pic- 
torially by the various dots 12 for purposes of clarity. 
- The satellite 10 consists of an envelope or outer skin 
surface 14 which may be constructed of metal, ceramic 
or any other like material which is suitable for space 
vehicles of this type. As seen in FIGURE 1, a plurality 
of electrically conductive electrodes 16-18, which are 
shown in the form of rods and are constructed of ma- 
terials having different contact potentials (work func- 
tions), are mounted in a spaced relationship in the medi- 
um 12 through apertures 20 in the envelope 14 of the 
satellite. In order to prevent a leak from occurring be- 
tween the normally pressurized interior 22 of the satel- 
lite and the ionosphere, which is a near vacuum, and to 
insulate the electrodes in case a metal is used for the 
envelope 14, vacuum tight insulator feed-through ele- 


ments 24 are fitted around the electrodes 16-18 and are 


securely mounted within the aperture 20. These feed- 
through elements may be of any suitable type so long as 


they are constructed to withstand the changes in en- 


vironmental conditions encountered in space without 
losing their insulative and sealing qualities. 
Carried within the cavity or interior 22 of the satel- 
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lite 10 is a load circuit 26 which may be, for example, — 


a transmitter or any other electrical device that requires 
a source of electrical power for its proper operation. The 
load circuit 26 is mounted to the interior wall of the 
satellite by suitable means (not shown) and has its posi- 
tive and negative power input terminals 28-30 con- 
nected to the various electrodes 16-18 respectively, by 
suitable electrical conductors 32-34. 

The overall principle and operation of the ionospheric 
battery in relationship to the satellite 10 can be explained 
substantially in the following manner. While the satellite 
remains on earth prior to its being hurled into or through 
an ionized medium, the electrodes 16-18 are at sub- 
stantially the same potential since very few ionized par- 
ticles are present. Thus, no current will flow through 
the load circuit 26. However, once the satelllite is 
launched and it enters an ionized medium a potential 
difference will be established between the electrodes 
16-18 and an electrical current will begin to flow through 
the load circuit 26. This difference in electrical potential 
that exists between the electrodes 16-18 while the satel- 
lite is in an ionized medium is attributed to the fact that 
the electrodes 16 are constructed of a material having a 
different contact potential or work function from that 
of the electrodes 18. This difference in contact po- 
tential between the electrodes 16-18 will result in the 
free electrons of the ionized medium being collected on 
one group of electrodes, for example the electrodes 16, 
while the positive ions produced when the gas is ionized 
will be collected on the other electrodes 18. With the 
électrodes 16 charged to a negative potential in rela- 
tionship to electrodes 18, a predetermined amount of 
current will flow through the load circuit 26 and can thus 
be utilized to power an electrical circuit such as the trans- 
mitter mentioned above. 

- The exact material from which the two types of elec- 
trodes 16 and 18 are constructed will depend upon sev- 
eral factors such as, for example, the amount of output 
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4, 
power desired, the material readily available for con- 
structing the electrodes, the susceptibility of the material 
to damage or destruction when exposed to the environ- 
mental conditions existing in space, and various other 
considerations that will be readily apparent to a worker 
in the battery field. | 

While the electrodes 16-18 used in the ionospheric bat- 
tery of FIGURE 1 have been described as rods or whip- 
like elements it is to be realized that the electrodes may 
take other shapes. By way of example, a plurality of 
flat, plate-like electrodes 36-38 are shown mounted on 
a satellite in FIGURE 2. These electrodes are con- 
structed of materials having different contact potentials 
and are insulated from the outer surface 14 of the satel- 
lite when this is necessary by an insulative layer 40 of 
any suitable material having the desired insulative prop- 
erties under the severe conditions existing in space. The 
use of these plate electrodes 36-38 has the advantage of 
increasing the surface area exposed to the ionized medi- 
um thus permitting a larger output current to be produced 
without the necessity of using excessively long electrodes 
as might be the case if the rod electrodes of FIGURE 1 
were used. 

The output current of the battery is dependent upon 
the degree to which the medium is ionized and to the 
extent ‘that the electrode surface area is exposed to the 
medium. An increase in either results in an increase in 
the efficiency of the battery. From an analysis of various 
experiments it is expected that a current of about two 
microamps per cm.? of electrode surface at a potential of 
one volt would be produced if the satellite is orbiting in 
the ionosphere at an altitude of approximately 350 km. 
and electrodes of gold and platinum are used. 

It will also be readily apparent that the envelope of 
the satellite itself could be constructed in sectional form 
and of materials having different contact potential thus 
eliminating the necessity of attaching different electrodes 
to the satellite or the slight increase in weight necessarily 


- involved. Of course the various sections of material 


making up the envelope of the satellite would have to be 
insulated from one another to prevent electrical shorting 
from occurring. 

It will be apparent from the foregoing that the power 
source of this invention is extremely light, rugged and 
involves a minimum of cost to construct. By using the 
vast natural reservoir of energy existing in the form of 
ionized gases for producing the electrical power nec- 
essary to energize the various electrical circuits of a space 
vehicle a practically indefinite source of electrical power 
is made available to the vehicle. An ionospheric bat- 
tery constructed in accordance with this invention is also 
much more reliable in operation than other heretofore 
known power sources since no liquid electrolyte is in- 
volved which can leak, deteriorate or otherwise become 
spent, nor is the operation of the battery dependent upon 
its position in relationship to a source of light. 

The invention may be embodied in other specific forms 


- without departing from the spirit or essential character- 
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istics thereof. The present embodiments are therefore 
to be considered in all respect as illustrative and not 
restrictive, the scope of the invention being indicated by 
the appended claims rather than by the foregoing descrip- 
tion, and all changes which come within the meaning and 
range of equivalency of the claims are therefore intended 
to be embraced therein. 

What is claimed and desired to be secured by United 
States Letters Patent is: 

i. A space vehicle equipped with a generator of elec- 
trical energy operable in the ionosphere as a supple- 
mental source of potential for a load thereof, said gen- 
erator comprising at least two electrode means on said 
vehicle and positioned to contact said ionosphere when 


- said vehicle is in said ionosphere, said two electrode 


means each having different contact potentials, one of 
said two electrode means being gold and the other being 
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5.1 Introduction 


In frequency shift keying (FSK), the frequency of the carrier changes in discrete 
levels in accordance with the input digital signal, while the amplitude of the carrier 
remains the same. This is shown in Fig. 5.1 where 


e m(t) is the input modulating digital signal, 
e C(t) is the carrier frequency, and 
e S(t) is the FSK-modulated carrier frequency. 


As shown in the figure, the digital binary signal changes the frequency of the 
carrier on two discrete levels. This enables the receiver to extract the digital signal 
by demodulation. Notice that the frequency of the carrier changes in accordance 
with the input signal, while the amplitude of the carrier does not change after 
modulation. However, it can be shown that the modulated carrier S(t) contains 
several spectral components, requiring frequency-domain analysis. 

In the following sections, the above disciplines in FSK modulation will be 
presented, along with the respective spectrum and bandwidth. These materials have 
been augmented by diagrams and associated waveforms to make them easier for 
readers to grasp. 
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Fig. 5.1 FSK waveforms. The frequency of the carrier changes in accordance with the input 
digital signal. The amplitude of the carrier remains the same 


5.2 Frequency Shift Keying (FSK) Modulation 


Frequency shift keying (FSK) is a method of digital modulation that utilizes fre- 
quency shifting of the relative frequency content of the signal [1-3]. The signal to 
be modulated and transmitted is binary, which is encoded before modulation. This 
is an indispensable task in digital communications, where redundant bits are added 
with the raw data that enables the receiver to detect and correct bit errors, if they 
occur during transmission [4-16]. While there are many error-coding schemes 
available, we will use a simple coding technique, known as “block coding” to 
illustrate the concept. 

Figure 5.2 shows an encoded FSK modulation scheme using (15, 8) block code 
where an 8-bit data block is formed as M rows and N columns (M = 4, N = 2). The 
product MN = k = 8 is the dimension of the information bits before coding. Next, a 
horizontal parity Py is appended to each row and a vertical parity Py is appended to 
each column. The resulting augmented dimension is given by the product (M + 1) 
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Antenna 


Fig. 5.2 Binary frequency shift keying (BFSK) modulation. The input encoded data block is 
transmitted row by row. The frequency of the carrier changes in accordance with the input digital 
signal 


(N + 1) =n = 15, which is then FSK-modulated and transmitted row by row. The 
rate of this coding scheme is given by: 


Code Rate : r = (MN)/|(M + 1)(N + 1)| = (4 x 2)/5 x 3) = 8/15 (5.1) 
The coded bit rate Rp2 is given by: 
Rp2 = Uncoded Bit Rate /Code Rate = Rp, /r = Rp (15/8) (5:2) 


Next, the coded bits are modulated by means of the FSK modulator as shown in 
the figure. Here, 


e The input digital signal is the encoded bit sequence we want to transmit. 
Carrier is the radio frequency without modulation. 

e Output is the FSK-modulated carrier, which has two frequencies corresponding 
to the binary input signal. 

e For binary signal 1, the carrier changes to f — Af. 
For binary signal O, the carrier changes to f. + Af. 

e The total frequency deviation is 2Af. 
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As shown in Fig. 3.8, the frequency of the carrier changes in discrete levels, in 
accordance with the input signals. We have: 


e Input Data: m(t) = Oor1 

e Carrier Frequency: C(t) = Acos(œt) 

e Modulated Carrier: S(t) = Acos(w — Aw)t, For m(t) = 1 
(t) = Acos(w + Aqw)t, For m(t) = 0 


(5.3) 


where 


e A = Frequency of the carrier 
e œ = Nominal frequency of the carrier frequency (5.4) 
e Aq = Frequency deviation. 


5.3 Frequency Shift Keying (FSK) Demodulation 


Once the modulated binary data has been transmitted, it needs to be received and 
demodulated. This is often accomplished by the use of band-pass filters. In the case 
of binary FSK, the receiver needs to utilize two band-pass filters that are tuned to 
the appropriate frequencies. Since the nominal carrier frequency and the frequency 
deviation are known, this is relatively straightforward. One band-pass filter will be 
centered at the frequency œ, and the other at œz. As the signal enters into the 
receiver, it passes through the respective filter and the corresponding bit value is 
made. This is shown in Fig. 5.3. In order to assure that the bits are decoded 
correctly, the frequency deviation needs to be chosen with the limitations of the 
filters in mind to eliminate crossover. 
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Fig. 5.3 Binary FSK detector utilizing two matched band-pass filters 
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5.4 FSK Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth in error control 
coding and modulation. The transmission bandwidth depends on the following: 


e Spectral response of the encoded data 
e Spectral response of the carrier frequency and 
e Modulation type. 


5.4.1 Spectral Response of the Encoded Data 


In digital communications, data is generally referred to as a non-periodic digital 
signal. It has two values: 


e Binary 1 = high, period = T 
e Binary 0 = low, period = T 


Also, data can be represented in two ways: 


e Time-domain representation and 
e Frequency-domain representation 


The time-domain representation (Fig. 5.4a), known as non-return-to-zero (NRZ), 
is given by: 


V(t =V <0<t<T 


(5.5) 
=0 ¡elsewhere 
The frequency-domain representation is given by “Fourier transform”: 

T 

ve. J V. edt (5.6) 
0 
sin(wT /2) 

V = VI |—___.— 5.7 
vol = vr |) (5.7) 


po) = (2) mop= ver [ea] 


Here, P(w) is the power spectral density. This is plotted in Fig. 5.4b. The main 
lobe corresponds to the fundamental frequency, while side lobes correspond to 
harmonic components. The bandwidth of the power spectrum is proportional to the 
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Fig. 5.4 a Discrete-time digital signal, b its one-sided power spectral density, and e two-sided 
power spectral density. The bandwidth associated with the non-return-to-zero (NRz) data is 2R,, 
where R, is the bit rate 


frequency. In practice, the side lobes are filtered out, since they are relatively 
insignificant with respect to the main lobe. Therefore, the one-sided bandwidth is 
given by the ratio f/f, = 1. In other words, the one-sided bandwidth = f = fp, where 
fp = Rp = A/T, T being the bit duration. 

The general equation for two-sided response is given by: 


V(@) = J V(t) - edt 


In this case, V(œ) is called the two-sided spectrum of V(t). This is due to both 
positive and negative frequencies used in the integral. The function can be either a 
voltage or a current. Figure 5.4c shows the two-sided response, where the band- 
width is determined by the main lobe as shown below: 


Two sided bandwidth (BW) = 2R, (R, = Bit rate before coding) (5.8) 
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Important Notes: 


1. If R, is the bit rate before coding, and if the data is NRZ, then the bandwidth 
associated with the raw data will be 2R,. For example, if the bit rate before 
coding is 10 kb/s, then the bandwidth associated with the raw data will be 
2 x 10 kb/s = 20 kHz. 

2. If R, 1s the bit rate before coding, code rate is r, and if the data is NRZ, then the bit 
rate after coding will be R, (coded) = R,(uncoded)r. The corresponding band- 
width associated with the coded data will be 2R, (coded) = 2R, (uncoded)/r. For 
example, if the bit rate before coding is 10 kb/s and the code rate r = 1/2, the 
coded bit rate will be R, (coded) = R, (uncoded)/r = 10/0.5 = 20 kb/s. 
The corresponding bandwidth associated with the coded data will be 
2 x 20 = 40 kHz. 


5.4.2 Spectral Response of the Carrier Frequency 
Before Modulation 


A carrier frequency is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component. For example, the 
sine wave is described by the following time-domain equation: 


V(t) = V,sin(@t,) (5.9) 
where 


Vp = Peak voltage 


e o. = 21. 
e f. = Carrier frequency in Hz 

Figure 5.5 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 


and the peak voltage is shown in the vertical axis. The corresponding bandwidth is 
Zero. 


5.4.3 FSK Bandwidth at a Glance 


In FSK, the frequency of the carrier changes in two discrete levels, in accordance 
with the input signals. We have: 
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Voltage — T e Voltage 
p 
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e Input Data: ml 

e Carrier Frequency: C(t) = Acos(wt) 

e Modulated Carrier: S(t) = Acos(@ — Aw)t, For m(t) = 1 
S(t) = Acos(@+ Aq@)t, For m(t) = 0 


t)=Oorl 


where 


S(t) = The modulated carrier 

A = Amplitude of the carrier 

w = Nominal frequency of the carrier 
Aw = Frequency deviation 


The spectral response is depicted in Fig. 5.6. Notice that the carrier frequency 
after FSK modulation varies back and forth from the nominal frequency f. by +Af,, 
where Af. is the frequency deviation. The FSK bandwidth is given by: 


BW = 2(f, + Af.) 
= 2f,(1+ Afe /fo) (5.10) 
= 2f,(1 + B) 


where B = Af/f, is known as the modulation index and f, is the coded bit frequency 
(bit rate R). The above equation is also known as “Carson’s rule.” 


Problem 
Given: 


Bit rate before coding: Rg; = 10 kb/s 
Code rate: r = 8/15 

Modulation: FSK 

Modulation index B = 1 
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Fig. 5.6 FSK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. ¢ Spectral response of the carrier after 
modulation. The transmission bandwidth is 2(f, + Af). fọ where fp is the bit rate and Af. is the 
frequency deviation =1/f, is the bit duration for NRZ data 


Find: 


(a) the bit rate after coding: Rp2 
(b) Transmission bandwidth: BW 


Solution 


(a) Bit rate after coding (Rp2): 

Rp = Rg,/r = 10 kb/s (15/8) = 18.75 kb/s 
(b) Transmission BW = 2 Rgx(1+B) 

= 2 x 18.75 kb/s (1 + 1) = 75 kHz. 


5.5 BER Performance 


It is well known that an (n, k) bock code, where k = number of information bits and 
n = number of coded bits, can correct t errors [4, 5]. A measure of coding gain is 
then obtained by comparing the uncoded word error WERy, to the coded word 
WER c. We examine this by means of the following analytical means. 
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Let the uncoded word error be defined as (WER p). Then, with FSK modulation, 
the uncoded BER will be given by: 


BER y = 0.5 EXP(—Ez/2Mo) (5.11) 


The probability that the uncoded word (WER ,) will be received in error is 1 
minus the product of the probabilities that each bit will be received correctly. Thus, 
we write: 


WERy = 1—(1—BERy)* (5.12) 


Let the coded word error be defined as (WER). Since n > k, the ratio of coded 
bit energy to noise will be modified to E./No, where E,/No = E;,/No + 10log(k/n). 
Therefore, the coded BER. will be: 


BERc = 0.5 EXP(—E,/2No) (5.13) 
The corresponding coded word error rate is: 
n 
WERc = >> (7) mene — BERc)" “ (5.14) 


k=t+1 


When BER. < 0.5, the first term in the summation is the dominant one; there- 
fore, equation can be simplified as 


WERc ~ (7) meni — BER)" “ (5.15) 


Using (15, 8) block code (n = 15, k = 8, t= 1), we obtain the coded and the 
uncoded WER as shown in Fig. 5.7. Coding gain is the difference in E;/No between 
the two curves. Notice that at least 3-4-db coding gain is available in this example 
where r = k/n = 8/15. 
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Fig. 5.7 Typical error performance in AWGN 


platinum, ad electrical connector means connecting said 
two electrode means to said load. 
2. Apparatus for generating electrical energy from the 


ionosphere comprising, a pair of spaced electrode means 


having different contact potentials positioned to contact 
said ionosphere so that a direct-current electric potential 
is established between said electrode means, load circuit 


means, and means electrically connecting said load cir- 


cuit means to said electrode means whereby said load _ 
10 


circuit means is powered by the direct-current electrical 
potential existing between said electrodes. 


3. Apparatus for generating electrical energy from the | 
carrier means, a first electrode — 


ionosphere comprising, 


having a first contact potential mounted on said carrier _ 


means, a second electrode having a second contact po- 


tential spaced from said first electrode and mounted on 
said carrier means, said first and second electrodes being 


positioned on said carrier means so that they will be in 


contact with said ionosphere when said apparatus is 
placed in the ionosphere so that a direct-current electric 


potential is established between said first and second — 
electrodes, and an electrical load circuit connected be- 


tween said first and second electrodes, said load circuit 
being powered by the direct-current potential produced 
by said first and second electrodes. 


15 


3,205,881 


6 
having different contact potentials, said electrode means — 
passing through said apertures, means in said aperture 
for insulating said electrode means from said envelope, 
and electrical conductor means connected between said 


electrode means and said electrical load means whereby _ 


said electrical load means is energized by the direct- 
current electric potential established when said electrode 
means passes through an ionized medium. | 

_ 10. A space satellite comprising an envelope, an elec- 
trical load circuit carried in said envelope, a power supply 


for said electrical load circuit comprising a first elec- — g 


trode having a first contact potential connected to said 


electrical load circuit and extending through said en- _ 


velope and a second electrode having a second contact 
potential connected to said electrical load circuit and — 
extending through said envelope, said first and second 
electrodes being insulated from one another so that said 
electrical load circuit is powered by the direct-current 


- electric potential established by said first and second elec- 


20 


25 


4. Apparatus according to claim 3 wherein said first — 


and second electrodes extend away from said carrier 
means. 


5. Apparatus according to claim 3 hotell said first 


and second electrodes form a portion of said carrier 
means. 


30 


6. In a space vehicle adapted to pass through ionized — 


areas in space, a power source for said vehicle while it 


is passing through said ionized areas comprising, a plu- 
39 


rality of electrode means located on the outer surface 


of said vehicle, said electrode means being constructed - 


of materials having different contact potentials, and 


means connecting said electrode means together through 


a load circuit whereby said circuit receives a source of | 


direct-current as said space. vehicle ‘Passes through said 


ionized areas. 


40 


7. In a space vehicle according to claim 6 wherein | 


said electrode means are rod shaped. 


8. In a space vehicle according to claim 6 where y 


said electrode means are plate shaped. 


45 


9. A satellite comprising an envelope, electrical load - 


means carried in said envelope, apertures extending 
through said envelope at spaced points, electrode means 


trodes coming in contact with an ionized medium. 

11. The method of powering electrical circuit means 
carried by a space vehicle comprising the steps of posi- 
tioning first and second electrode means having differ- - 
ent work functions on said vehicle, passing said vehicle | 
through the ionosphere so that said first and second 
electrode means are in contact therewith and produce a — 
direct-current potential between them, and connecting 
said first and second electrodes to said electrical circuit — 
means by means of electrical connector means, whereby — 
said direct-current potential is made available for oper- 
ating said circuit. | 
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5.6 Conclusions 


This chapter presents FSK modulation and its attributes. 

Numerous illustrations are provided to show how frequency of the carrier 
changes in discrete levels in accordance with the input digital signal, while the 
amplitude of the carrier remains the same. 

The Fourier transform is used to derive the spectral components, and FSK 
bandwidth is calculated. 

Bit error rate (BER) performance is presented. 

These materials have been augmented by diagrams and associated waveforms to 
make them easier for readers to grasp. 
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Chapter 6 
Phase Shift Keying (PSK) 
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16PSK Modulation 

PSK spectrum and Bandwidth 

SSB Spectrum and Bandwidth 


6.1 Introduction 


In phase shift keying (PSK), the phase of the carrier changes in discrete levels in 
accordance with the input digital signal, while the amplitude of the carrier remains 
the same. This is shown in Fig. 6.1, where 


e m(t) is the input modulating digital signal, 
e C(t) is the carrier frequency, and 
e S(t) is the PSK-modulated carrier frequency. 


As shown in the figure, the digital binary signal changes the phase of the carrier 
on two discrete levels. This enables the receiver to extract the digital signal by 
demodulation. Notice that the phase of the carrier changes in accordance with the 
input signal, while the amplitude of the carrier does not change after modulation. 
However, it can be shown that the modulated carrier S(t) contains several spectral 
components, requiring frequency domain analysis. 

In the following sections, the above disciplines in PSK modulation will be 
presented, along with the respective spectrum and bandwidth. These materials have 
been augmented by diagrams and associated waveforms to make them easier for 
readers to grasp. 
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Fig. 6.1 Binary PSK (BPSK) waveforms. The phase of the carrier changes in accordance with the 
input digital signal. The amplitude of the carrier remains the same 


6.2 Binary Phase Shift Keying (BPSK) 
6.2.1 BPSK Modulation 


Phase shift keying (PSK) is a method of digital modulation that utilizes phase 
shifting of the relative phase content of the signal [1-3]. The signal to be modulated 
and transmitted is binary, which is encoded before modulation. This is an indis- 
pensable task in digital communications, where redundant bits are added with the 
raw data that enable the receiver to detect and correct bit errors, if they occur during 
transmission [4—16]. While there are many error-coding schemes available, we will 
use a simple coding technique, known as “Block Coding” to illustrate the concept. 

Figure 6.2 shows an encoded BPSK modulation scheme using (15, 8) block 
code where an 8-bit data block is formed as M-rows and N-columns (M = 4, 
N = 2). The product MN = k = 8 is the dimension of the information bits before 
coding. Next, a horizontal parity Py is appended to each row and a vertical parity 
Py is appended to each column. The resulting augmented dimension is given by the 
product (M + 1) (N + 1) =n = 15, which is then PSK modulated and transmitted 
row by row. The rate of this coding scheme is given by 
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Fig. 6.2 Binary phase shift keying (BPSK) modulation. The input encoded data block is 
transmitted row by row. The phase of the carrier changes in accordance with the input digital 
signal 


Code Rate : r = (MN)/|(M+1)(N+1)] = (4 x 2)/5 x 3) = 8/15 (6.1) 
The coded bit rate Rp2 is given by: 
Rp2 = Uncoded Bit Rate/Code Rate = Ry, /r = Rpı (15/8) (6.2) 


Next, the coded bits are modulated by means of the PSK modulator as shown in 
the figure. Here, 


The Input digital signal is the encoded bit sequence we want to transmit; 
Carrier is the radio frequency without modulation; 

e Output is the PSK-modulated carrier, which has two phases corresponding to the 
binary input signals; 
For binary signal 0, @ = 0°; and 

e For binary signal 1, y = 180. 


As shown in Fig. 6.2, the phase of the carrier changes in two discrete levels, in 
accordance with the input signals. Here, we have the following: 


e Input Data : m(t) =00r 1 
e Carrier Frequency: C(t) = Acos(@¢,) 
e Modulated Carrier: S(t) = A; cos|@.t+22/M)m(t)] m(t) =0, 1, 2,3,...M—-1 


(6.3) 
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where, 


A, = Amplitude of the carrier frequency 

(0. = Angular frequency of the carrier 

M =2, 4, 8, 16, ... 

In BPSK, there are two phases 1 bit/phase(M = 2) (6.4) 


In QPSK, there are four phases, 2-bits/phase, M = 4 
In 8PSK, there are 8 phases, 3-bits/phase, M = 8 
In 16PSK, there are 16 phases, 4-bits/phase, M = 16 


We can also represent the BPSK modulator as a signal constellation diagram 
with M = 2, 1 bit per phase. This is shown in Fig. 6.3, where the input raw data, 
having a bit rate R,,, is encoded by means of a rate r encoder. The encoded data, 
having a bit rate Rp2, = Rpır (r < 1), is modulated by the BPSK modulator as 
shown in Fig. 6.3. 

The BPSK modulator takes one bit at a time to construct the phase constellation 
having two phases, also known as “Symbols,” where each symbol represents one 
bit. The symbol rate is therefore the same as the encoded bit rate Ry. 


Rb2=Rb1/r 
(bits/s) 


BPSK 


Rbl 
(bits/s) | Encoder S(t) 


‘Two phases 
1 bit/phase 


| C(t) 


Fig. 6.3 BPSK signal constellation having 2 symbols, 1-bit per symbol 
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Therefore, the BPSK modulator has the following specifications: 


e 2 phases or 2 symbols; 
e  1-bit/symbol, 


The above specifications govern the transmission bandwidth, as we shall see 
later. 


6.2.2 BPSK Demodulation 


Once the modulated binary data has been transmitted, it needs to be received and 
demodulated. This is often accomplished with the use of a phase detector, typically 
known as phase-locked loop (PLL). As the signal enters the receiver, it passes 
through the PLL. The PLL locks the incoming carrier frequency and tracks the 
variations in frequency and phase. This is known as coherent detection technique, 
where the knowledge of the carrier frequency and phase must be known to the 
receiver. 

Figure 6.4 shows a simplified diagram of a BPSK demodulator along with the 
data recovery process. In order to assure that the bits are decoded correctly, the 
phase deviation needs to be chosen with the limitations of the PLL in mind to 
eliminate crossover. 
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Fig. 6.4 Binary PSK detector showing data recovery process 
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6.3 QPSK Modulation 


In QPSK, the input raw data, having a bit rate Rp1, is encoded by a rate r (r < 1) 
encoder. The encoded data, having a bit rate Rp2 = Rp1/r, is serial to parallel con- 
verted into two parallel streams. The encoded bit rate, now reduced in speed by a 
factor of two, is modulated by the QPSK modulator as shown in Fig. 6.5. 

The QPSK modulator takes one bit from each stream to construct the phase 
constellation having four phases, also known as “Symbols,” where each symbol 
represents two bits. The symbol rate is therefore reduced by a factor of two. 
The QPSK modulator has four phases or 4 symbols, 2-bits/symbol as shown in the 
figure. 

Therefore, the QPSK modulator has the following specifications: 


e 4 phases or 4 symbols 
e 2-bits/symbol 


The above specifications govern the transmission bandwidth, as we shall see 
later. 


Rb2=Rb1/r Rb2 /2 
(bits/s) (bits/s) OPSK 


Rb1 ; 
(bits/s) Encoder S(t) 
Rate=r | — 
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r<1 A 10 | 2 bits/phase 


| C(t) 


Fig. 6.5 QPSK signal constellation having 4 symbols, 2-bits per symbol 
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Fig. 6.6 SPSK signal constellation having 8 symbols, 3-bits per symbol 


6.4 SPSK Modulation 


In 8PSK, the input raw data, having a bit rate R,,, is encoded by a rate r (r < 1) 
encoder. The encoded data, having a bit rate Rp2 = Rp1/r, is serial to parallel con- 
verted into three parallel streams. The encoded bit rate, now reduced in speed by a 
factor of three, is modulated by the 8PSK modulator as shown in Fig. 6.6. 

The 8PSK modulator takes one bit from each stream to construct the phase 
constellation having 8 phases, also known as “Symbols,” where each symbol 
represents 3-bits. The symbol rate is therefore reduced by a factor of 3. The 8PSK 
modulator has 8 phases or 8 symbols, 3-bits/symbol as shown in the figure. 

Therefore, the 8PSK modulator has the following specifications: 


e 8 phases or 8 symbols; 
e 3-bits/symbol. 


The above specifications govern the transmission bandwidth, as we shall see later. 


6.5 16PSK Modulation 


In 16PSK, the input raw data, having a bit rate Rp1, is encoded by means of a rate 
r (r < 1) encoder. The encoded data, having a bit rate Rp2 = Rp1/r, is serial to parallel 
converted into four parallel streams. The encoded bit rate, now reduced in speed by a 
factor of four, is modulated by the 16PSK modulator as shown in Fig. 6.7. 
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Fig. 6.7 16PSK signal constellation having 16 symbols, 4-bits per symbol. Here, each symbol is 
represented by a dot, where each dot represents 4-bits 


The 16PSK modulator takes one bit from each stream to construct the phase 
constellation having 16 phases, also known as “Symbols,” where each symbol 
represents four bits. The symbol rate is therefore reduced by a factor of four. 
Therefore, the 16PSK modulator has 16 phases or 16 symbols, 4-bits/symbol as 
shown in the figure. 

Therefore, the 16PSK modulator has the following specifications: 


e 16 phases or 16 symbols; 
e 4-bits/symbol. 


The above specifications govern the transmission bandwidth, as we shall see 
later. 

Table 6.1 shows the number of phases and the corresponding bits per phase for 
MPSK modulation schemes for M = 2, 4, 8, 16, 32, 64, etc. 


Table 6.1 MPSK Modulation Number of bits per 
modulation parameters. p phase 
M = 2, 4, 8, 16, and 32 BPSK 1 

x 4 E 

8PSK 8 

16 4 

32 5 

64 6 

a! 
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6.6 PSK Spectrum and Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth in error control 
coding and modulation. The transmission bandwidth depends on: 


e Spectral response of the encoded data; 
e Spectral response of the carrier phase; and 
e Modulation type. 


Let us take a closer look: 


6.6.1 Spectral Response of the Encoded Data 


In digital communications, data is generally referred to as a non-periodic digital 
signal. It has two values: 


e Binary-1 = High, Period = T 
e Binary-0 = Low, Period = T 


Also, data can be represented in two ways: 


e Time domain representation and 
e Frequency domain representation 


The time domain representation (Fig. 6.8a), known as non-return-to-zero (NRZ), 
is given by: 


V(t =V <0<t<T 


(6.5) 
= 0 elsewhere 
The frequency domain representation is given by “Fourier Transform”: 
T 
Vo= J V. edt (6.6) 
0 
V T m(wT /2 
\V(@)| = 2{ — |sin San Re i a 
wo 2 wT/2 
(6.7) 


oO (7) [V(w)= ver [mor 


T wT /2 
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Fig. 6.8 a Discrete time digital signal b it is one-sided power spectral density and ce two-sided 
power spectral density. The bandwidth associated with the non-return-to-zero (NRz) data is 2R,, 
where R, is the bit rate 


Here, P(w) is the power spectral density. This is plotted in Fig. 6.8b. The main 
lobe corresponds to the fundamental frequency, while the side lobes correspond to 
harmonic components. The bandwidth of the power spectrum is proportional to the 
frequency. In practice, the side lobes are filtered out, since they are relatively 
insignificant with respect to the main lobe. Therefore, the one-sided bandwidth is 
given by the ratio f/fb = 1. In other words, the one-sided bandwidth = f = fẹ, where 
fp = Rp = A/T, T being the bit duration. 

The general equation for two-sided response is given by: 


V(o@) = J V(t) -e dt 


In this case, V(w) is called the two-sided spectrum of V(t). This is due to both 
positive and negative frequencies used in the integral. The function can be either a 
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voltage or a current. Figure 6.8c shows the two-sided response, where the band- 
width is determined by the main lobe as shown below: 


Two-sided bandwidth (BW) = 2R, (R, = Bit rate before coding) (6.8) 


6.6.2 Spectral Response of the Carrier Before Modulation 


A carrier frequency is a sinusoidal waveform, which is periodic and continuous 
with respect to time. It has one phase component. For example, the sine wave is 
described by the following time domain equation: 


V(t) = V, sin(w,t) (6.9) 
Where 


Vp = Peak voltage 


e WO. = 2Tf. 
e f. = Carrier phase in Hz 


Figure 6.9 shows the characteristics of a sine wave and its spectral response. 
Since the phase is constant, its spectral response is located in the horizontal axis and 
the peak voltage is shown in the vertical axis. The corresponding bandwidth is zero. 


6.6.3 BPSK Spectrum 


In BPSK, the input is a digital signal and it contains an infinite number of har- 
monically related sinusoidal waveforms. This is given by (see Sect. 6.6.1): 


Voltage — T e Voltage 
P 


n a 
w Angular Frequency 


Fig. 6.9 High-frequency carrier response 
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V(w)| = 2(=) sin (+) = VT a (6.10) 


Here, V (œ) is the frequency domain representation of the input digital signal, 
which has a sin(x)/x response that governs the phase of the carrier frequency. 
With V(t) = m(t), we write the following as: 


S(t) = Ac coslœct + P m(t)| (6.11) 


where fs is the phase deviation index of the carrier and m(t) has a sin(x)/x response, 
which is given by 


ed (6.12) 


m(t) = | comT [2 


Therefore, the spectral response after BPSK modulation also has a sin(x)/x re- 
sponse, which is the shifted version of the NRZ data, centered on the carrier 
frequency f., as shown in Fig. 6.10. The transmission bandwidth associated with 
the main lobe is given by 
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Fig. 6.10 BPSK bandwidth. a Spectral response of NRZ data before modulation. b Spectral 
response of the carrier before modulation. e Spectral response of the carrier after modulation 
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BW (BPSK) = 2Rp/Bit per Phase 


6.13 

 2Rp2/1 ~ 2Rpo or) 
where Rp2 is the coded bit rate (bit frequency). Notice that the BPSK bandwidth is 
the same the ASK bandwidth. It may be noted that the higher-order spectral 
components are filtered out. 


Problem 6.1 
Given: 


Uncoded input bit rate: R,¡ = 10 kb/s 

Code rate: r = 8/15 

Carrier frequency fc = 1 MHz 

Modulation: BPSK, QPSK, 8PSK, and 16PSK 


Find: 


(a) Coded bit rate R;> 

(b) BPSK bandwidth (BW) 

(c) QPSK bandwidth (BW) 
(d) 8PSK bandwidth (BW) 

(e) 16PSK bandwidth (BW) 


Solution: 


(a) Coded bit rate: Rg2 = Rpgı/r = 10 kb/(15/8) = 18.75 kb/s 

(b) BPSK bandwidth: BW = 2Rp/1 = 2 x 18.75 = 37.5 kHz 

(c) QPSK bandwidth: BW = 2Rpg2/2 = 2 x 18.75/2 = 18.75 kHz 
(d) 8PSK bandwidth: BW = 2R,./3 = 2 x 18.75/3 = 12.5 kHz 

(e) 16PSK bandwidth: BW = 2Rp/4 = 2 x 18.755/4 = 9.375 kHz 


NOTE: Higher-order PSK modulation is bandwidth efficient. 


Problem 6.2 
Given: 


e Input bit rate R,, = 10 kb/s 
e Code rate r = 1/2 
e Modulation: BPSK, QPSK, 8PSK, 16PSK 


Find: 


(a) Bit rate after coding Rp2 
(b) Transmission bandwidth BW 


Solution: 


(a) Ry = Rpı/r = 10 kb/s x 2 = 20 kb/s 
(b) Transmission bandwidth: 
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BPSK BW = 2R,>/Bits per Symbol = 2 x 20 kb/s/1 = 40 kHz 
QPSK BW = 2R,,/Bits per symbol = 2 x 20 kb/s/2 = 20 kHz 
SPSK BW = 2Rp2/Bits per symbol = 2 x 20 kb/s/3 = 13.33 kHz 
16PSK BW = 2R,/Bits per symbol = 2 x 20 kb/s/4 = 10 kHz 


NOTE: Higher-order PSK modulation is bandwidth efficient. 


6.7 Conclusions 


This chapter presents PSK modulation and its attributes. 

Numerous illustrations are provided to show how phase of the carrier changes in 
discrete levels in accordance with the input digital signal, while the amplitude of 
the carrier remains the same. 

The Fourier transform is used to derive the spectral components and PSK 
bandwidth is calculated. 

These materials have been augmented by diagrams and associated waveforms to 
make them easier for readers to grasp. 
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7.1 Introduction 


N-ary coded modulation is a multi-level channel coding and multi-level modulation 
technique, where instead of coding one bit at a time two or more bits are encoded 
simultaneously and then modulated by means of M-ary modulation. In its most 
basic construction, the input serial data is converted into several parallel streams. 
These parallel bit streams, now reduced in speed, are mapped into a bank of 
N unique convolutional or orthogonal codes. The coded information bits are then 
modulated by an M-ary PSK modulator and transmitted through a channel. At the 
receiver, the decoder recovers the data by means of code correlation. A lookup table 
at the receiver contains the input/output bit sequences. Upon receiving an encoded 
data pattern, the receiver validates the received data pattern by means of code 
correlation. 

In this chapter, we will present the key concept, underlying principles and 
practical application of N-ary coded modulation schemes, offering spectrum effi- 
ciency with improved error correction capabilities. Construction of N-ary coded 
modulation schemes based on convolutional and orthogonal codes will be presented 
to illustrate the concept. 
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7.2 N-Ary Convolutional Coding and M-Ary Modulation 
7.2.1 Background 


In convolutional coding, a sequence of data signals is transformed into a longer 
sequence that contains enough redundancy to protect the data [1-6]. This type of 
error control is also classified as forward error control coding (FECC), because 
these methods are often used to correct errors that are caused by channel noise. In a 
typical convolutional encoder, k information bits enter into the encoder sequen- 
tially. The convolutional encoder generates n parity bits as encoded bits (n > k). 
The code rate is defined as r = k/n. The coded information bits are modulated and 
transmitted through a channel. 

Another class of convolutional codes, known as parallel concatenated codes or 
turbo codes [7-9], is popular in wireless communications because of its superior 
error control capabilities. Yet, turbo codes are limited to two convolutional codes 
connected in parallel, where delays are introduced due to concatenation and 
interleaving, thereby limiting high-speed data communications in wireless com- 
munications. In addition, it is also too complex to realize. 

In this section, a modified technique, defined as N-ary complementary convo- 
lutional coding, along with M-ary modulation, is presented to overcome these 
problems. N-ary complementary convolutional coding is a multi-level convolu- 
tional code, where more than two convolutional codes can be used simultaneously 
to further enhance coding gain without concatenation and interleaving. 


7.2.2 Generation of Complementary Convolutional Codes 


In a typical convolutional encoder, k information bits enter into the encoder 
sequentially. The encoder generates n parity bits as encoded bits (n > k). The code 
rate is defined as r = k/n. The proposed N-ary convolutional codes are a block of n- 
convolutional codes and their complements. 

In its most basic construction, as shown in Fig. 7.1, a typical convolutional 
encoder is taken as the basis to generate a block of n-convolutional codes. Next, 
each convolutional code is inverted to construct a block of n-antipodal codes. 
Therefore, a block of N-ary convolutional code has n-convolutional codes and 
n-antipodal codes, for a total of 2n = N complementary convolutional codes. In 
short, we shall define this as N-ary complementary convolutional codes. 

Let us consider Fig. 7.1 once again and assume that the input bit sequence to the 
encoder 1s: 


m(t)=101 (7.1) 
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Convolutional Code 


Antipodal Code 


— 


Fig. 7.1 Generation of N-ary complimentary convolutional codes 


Which is described by the following polynomial? 


m(X) = 1+0X+ 1X? 


Ta 
=1+X’ 92) 
The encoder is described by the following generator polynomials: 
1(X) =14+X4+X 
g1(X) (7.3) 


g2(X)=1 +X" 
Then, the product of polynomials for the encoder can be described as follows: 


m(X)g1(X) = (1+X) 1 +X+X)=1+X +X +X’ 14) 
m (X)g2(X) = (1412) (14%) =1+Xx* 
with X + X =0, the output bit sequence can be found as U(X) = m(X)g1(X) 


multiplexed with m(X)g2(X), where m(X) is the input bit sequence [7]. We write the 
above two equations as follows: 


m(X)gl(X) = 1 + 1X + OX? + 1X + 1X 
m(X)g2(X) = 1 + OX + OX? + 0X* + 1X (7.5) 


U1U2 =(1,1)+ (1,0) + (0,0) + (LO) +(1,1) 
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Convolutional Code Antipodal Code 


00 00 00 00 00 
11 10 11 00 00 
00 11 1011 00 
1101 01 11 00 


0000 11 10 11 
11 10 00 10 11 
00 11 01 01 11 
1101 1001 11 


1111111111 
00010011 11 
11 00 01 00 11 
00 10 10 00 11 
11 11 00 0100 
00 01 11 01 00 
11 00 10 10 00 
00 10 01 10 00 


Fig. 7.2 N-ary complimentary convolutional code blocks 


Taking only the coefficients, we obtain the desired convolutional code sequence 
corresponding to the input bit sequence m(T) = 101 as follows: 


Convolutional Code =11 10 00 10 11 (7.6) 


The corresponding antipodal code is obtained simply by inverting the convo- 
lutional code as shown in the figure. This is given by: 


Antipodal Code =00 01 11 01 OO (7.7) 


As can be seen, each 3-bit data corresponds to a unique 10-bit convolutional 
code. Antipodal code is just the inverse of the convolutional codes. Since a 3-bit 
sequence has 8 combinations, the above convolutional encoder generates 8 unique 
convolutional codes and 8 unique antipodal codes, for a total of 16 complementary 
convolutional codes. These code blocks are displayed in Fig. 7.2. 


7.2.3 2-Ary Convolutional Coding with QPSK Modulation 


A 2-ary (N = 2) coded QPSK modulator can be constructed by inverse multiplexing 
the incoming traffic into 6-parallel streams as shown in Fig. 7.3. These bit streams, 
now reduced in speed by a factor of 6, are partitioned into two 8 x 3 data blocks. 
The first 8 x 3 data block maps the 8 x 10 convolutional code block, and the next 
8 x 3 data block maps the next 8 x 10 antipodal code block. These code blocks 
are stored in two 8 x 10 ROMs. The output of each ROM is a unique 10-bit 
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How lon harvesting Works On Earth - lon Power Group 


Experiments demonstrate that high voltage electricity harvested from airborne ions can 
power lights, motors or produce hydrogen & oxygen gas via water electrolysis or place 
a charge on lithium-iron (LiFePO4) batteries and be converted to 120VAC/60hZ ‘house 
style’ current. See ‘Concept Clips’ for videos. 


Abstract of Economic Viability Report by Dr. Philip Metzger Planetary Scientist/Physicist PhD 
and NASA Kennedy Space Center Scientist/Engineer of the Year (blue text) Full Report is 16 pages 


“Physics-based modeling shows that an (https://¡0npowergroup.com/wp- 
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content/uploads/2017/11/Economic-model-study-Rev-B-authored-by-Dr.-Phil-Metzger- 
PhD.pdf)electron cloud forms around the ion collector material, and this electron cloud 
increases conductivity of the air around the collector. This causes electrical current to 
flow, driven by the atmospheric voltage, so that power is generated at the ground. The 
rate of this current is governed by complex physics in the boundary layer of the 
collector material, doubtless because of its very high surface area. lonization can occur 
on this collector at extremely low voltages because of the sharp, needle-like protrusions 
on its surface. This understanding of the physics suggests that power generation can be 
scaled as surface area times voltage. This was incorporated into a simulation of the 
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Fig. 7.3 2-ary convolutional coding with QPSK modulation 
convolutional/antipodal code, which is modulated by a QPSK modulator using the 
same carrier frequency. The code rate is given by: 

Code Rate: r = 6/10 = 3/5 (7.8) 


Since there are two convolutional waveforms (one convolutional and one 
antipodal), the number of errors that can be corrected is doubled. Moreover, the 
transmission bandwidth is also reduced, which is given by: 

Transmission bandwidth: BW = 2R,>/b1ts per symbol Hz 


B = 2Ry2/2 = Ry (7.9) 


where Rp2 = Rpı/r. Rp2 is the coded bit rate, and Rp; is the uncoded bit rate. 


7.2.4 4-Ary Convolutional Coding with 16PSK Modulation 


A 4-ary (N = 4) coded 16PSK modulator can be constructed by inverse multi- 
plexing the incoming traffic into 8-parallel streams as shown in Fig. 7.4. These bit 
streams, now reduced in speed by a factor of 8, are partitioned into four 4 x 2 data 
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Fig. 7.4 4-ary convolutional coding with 16PSK modulation 


blocks. Each 4 x 2 data block maps corresponding 4 x 10 convolutional code 
blocks. These code blocks are stored in four 4 x 10 ROMs. The output of each 
ROM is a unique 10-bit convolutional/antipodal code, which is modulated by a 
16PSK modulator using the same carrier frequency. The code rate is given by: 


Code Rate:r = 8/10 = 4/5 (7.10) 


Since there are four convolutional waveforms (two convolutional and two 
antipodal), the number of errors that can be corrected is quadrupled. Moreover, the 
transmission bandwidth is further reduced, which is given by: 

Transmission bandwidth: BW = 2R,>/bits per symbol Hz 


= 2Rp2/4 = Ry /2 (7.11) 


where Rp2 = Rpı/r. Rp2 is the coded bit rate, and Rp; is the uncoded bit rate. 
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7.3 N-Ary Convolutional Decoder 


7.3.1 Correlation Receiver 


Decoding is a process of code correlation. In this process, the receiver compares the 
received data with the expected data set to recover the actual data. The expected 
data is stored into a lookup table [see Table 7.1]: 


The lookup table at the receiver contains the input/output bit sequences. 
For m = 3, there are 8 possible output combinations of 3-bit data. 

e For each combination of 3-bit data, there is a unique encoded 10-bit data (see 
table). 

e The receiver receives one of 8 output sequences. 

e Upon receiving an encoded data pattern, the receiver validates the received data 
pattern by means of code correlation. 


Let us examine the correlation process using the following example: 


e The input bit pattern m=0 1 1 
Encoded transmit data: U = 00 11 O1 O1 11 
Received data with errors U* = 00 11 01 01 00 


Notice that the last two bits are in error, identified in bold. Now, let us determine 
how the receiver recovers the correct data, where the actual input data is m = 0 1 1. 
This is a correlation process, requiring several tests to validate the actual data. The 
correlation process is described below: 


Test 0: 


This test compares the received data with the Ist row of data stored in the lookup 
table and counts the number of positions it does not match. This is accomplished by 
MOD2 operation (EXOR operation). The result is presented below: 


e Received data: 00 11 01 01 00 
e Ist row of data in the lookup table: 00 00 00 00 00 
e Mod-2 Add: 00 11 01 01 00 


Table 7.1 Lookup table a 


Input (m) Output (U) 

0.000 00 00 00 00 00 
1.001 00 00 11 10 11 
2.010 00 11 10 11 00 
3.011 00 11 01 O1 11 
4.100 11 10 11 00 00 
5.101 11 10 00 10 11 
6.110 11 01 01 11 00 
7.111 11 01 10 01 11 
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e Correlation value = 4 (count the number of 1’s in MOD2 Add) 
e Verdict: No match, continue search. 


Test-0; Look Up Table 


Input (11) Output (L) | Correlation 
| Value Received Data 


|o. 000 | 00 00 00 00 00 | 00 11 01 01 00| 


15, 101 11 10 00 10 11 


ls. 110 [morormo| | 


Test 1: 


This test compares the received data with the 2nd row of data stored in the lookup 
table and counts the number of positions it does not match. This is accomplished by 
MOD2 operation (EXOR operation). The result is presented below: 


Received data: 00 11 01 01 00 

2nd row of data in the lookup table: 00 00 11 10 11 
Mod-2 Add: 00 11 10 111 11 

Correlation value = 7 

Verdict: No match, continue search 


Test 1: Look Up Table 


Input {m} Output (U) Correlation 
Value 


000 00 00 00 00 00 Received Data 


— 00 11 01 01 00 


00 00 11 10 11 
00 11 10 11 00 


The remaining tests may be conducted by using the same method to reach the 
final verdict as given below: 


Final Verdict: 


Collect the correlation values and validate the data that indicates the lowest cor- 
relation value. This 1s presented in the following lookup table. 
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Final Verdict: Look Up Table 


Input (m) Output (U) Correlation | 
Value | 


Accept ——+ — Accept 


_ 
A 


4 
5. 101 11 10 00 10 11 
11 01 01 11 00 
E 111 11 01 10 01 11 y | 


In examining the above table, we find that: 


4 100 11 10 11 00 00 


e The lowest correlation value is 2. 
e The corresponding data is m = 0 1 1. 
e This is the data which has been transmitted to the receiver. 


7.3.2 Error Correction Capabilities of N-Ary Convolutional 
Codes 


An n-bit convolutional code is generated by a rate Y encoder of constraint length 
K where 


n=4K-2 (7.12) 


In the above equation, K is the length of the shift register and the factor —2 is due 
to the initial content of the shift register, which is 000. For example, a rate Y 
convolutional encoder with K = 3 generates 00 when the initial content of the shift 
register is 000. Therefore, the value of n is reduced by 2. Therefore, each 3-bit data 
sequence corresponds to a unique 10-bit convolutional code. The antipodal code is 
just the inverse of the convolutional codes. Since a 3-bit sequence has 8 combi- 
nations, the above convolutional encoder generates 8 unique convolutional codes 
and 8 unique antipodal codes, for a total of 16 complementary convolutional codes. 

These code blocks are displayed in Fig. 7.2. As can be seen, each code is unique 
and there is a minimum distance din between any two convolutional codes where 


This distance property can be used to detect an impaired received code by setting 
a threshold midway between two convolutional codes. It can be shown that an n-bit 
convolutional code can correct the errors, where 
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Table 7.2 Error correction capabilities of N-ary convolutional codes 


Constraint | Number of errors Number of errors Number of errors 

length (K) | corrected if the corrected if the corrected if the 
modulation scheme is modulation scheme is modulation scheme is 
(BPSK) (QPSK) (16PSK) 


3 2 E EE 
5 4 EE 
7 6 2 
9 E E E 
t < dmin/2<n/4< (4K — 2)/4 (7.14) 
where 


e {= Number of errors that can be corrected by means of a single convolutional 
code 

e n= Code length 

e K = Constraint length 


The proposed N-ary coded modulation is a multi-level channel coding technique, 
where instead of coding one bit at a time two or more bits are encoded simulta- 
neously. Therefore, we modify the above equation to obtain 


Nt<Ndmin/2<Nn/4<N(4K — 2)/4 (7.15) 


Table 7.2 displays error correction capabilities of N-ary convolutional codes. 


7.4 N-Ary Orthogonal Coding and M-Ary Modulation 
7.4.1 Background 


Orthogonal codes are used in CDMA cellular communications for spectrum 
spreading and user ID [10-13]. The use of orthogonal codes for forward error control 
coding has also been investigated by a limited number of authors [14-16]. This 
chapter presents a method of channel coding based on N-ary orthogonal codes [17— 
20]. N-ary orthogonal coding is a multi-level channel coding technique, where instead 
of coding one bit at a time two or more bits are encoded simultaneously. This type of 
channel coding is bandwidth efficient and further enhances the coding gain with 
bandwidth efficiency. In the proposed scheme, the input serial data is converted into 
several parallel streams. These parallel bit streams, now reduced in speed, are mapped 
into N-ary orthogonal codes. The coded information bits are then modulated by means 
of MPSK modulator and transmitted through a channel. At the receiver, the decoder 
recovers the data by means of code correlation. The proposed coded modulation 
scheme 1s bandwidth efficient and offers a coding gain near the Shannon”s limit. 
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Orthogonal Code Antipodal Code 


00000000 11111111 
01010101 10101010 
00110011 11001100 
01100110 10011001 


00001111 11110000 
01011010 10100101 
00111100 11000011 
01101001 10010110 


Fig. 7.5 Bi-orthogonal code set for n = 8. An 8-bit orthogonal code has 8 orthogonal codes and 8 
antipodal codes for a total of 16 bi-orthogonal codes 


7.4.2 Orthogonal Codes 


Orthogonal codes are binary-valued and have equal numbers of 1’s and O’s. 
Antipodal codes, on the other hand, are just the inverse of orthogonal codes. 
Antipodal codes are also orthogonal among them. Therefore, an n-bit orthogonal 
code has n-orthogonal codes and n-antipodal codes, for a total of 2n bi-orthogonal 
codes. For example, an 8-bit orthogonal code has 8 orthogonal codes and 8 
antipodal codes, for a total of 16 bi-orthogonal codes, as shown in Fig. 7.5 [12]. 
Similarly, a 16-bit orthogonal code has 16 orthogonal codes and 16 antipodal codes 
for a total of 32 bi-orthogonal codes, as shown in Fig. 7.6. 

We note that orthogonal codes are essentially (n, k) block codes, where a k-bit 
data set is represented by a unique n-bit orthogonal code (k < n). We now show that 
code rates such as rate 1⁄2, rate 7%, and rate 1 are indeed available out of orthogonal 
codes. The principle is presented below. 


7.4.3 2-Ary Orthogonal Coding with QPSK Modulation 


A 2-ary orthogonal coded QPSK modulator with n = 8, having 16 complementary 
orthogonal codes, can be constructed by inverse multiplexing the incoming traffic 
into 6-parallel streams, as shown in Fig. 7.7. These bit streams, now reduced in 
speed by a factor of 6, are partitioned into two data blocks. Each data block is 
mapped into an 8 x 8 code block, as depicted in the figure. 
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16 Bit Orthogonal Code 


00000000 
01010101 
00110011 
01100110 
00001111 

01011010 
00111100 
01101001 


00000000 
01010101 
00110011 
01100110 
00001111 
01011010 
00111100 
01101001 


00000000 
01010101 
00110011 
01100110 
00001111 

01011010 
00111100 
01101001 


11111111 
10101010 
11001100 
10011001 
11110000 
10100101 
11000011 
10010110 
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16 Bit Antipodal Code 


11111111111L111.: 
1010101010101010 
1100110011001100 
1001100110011001 
1111000011110000 
1010010110100101 
1100001111000011 
1001011010010110 
1111111100000000 
1010101001010101 
1100110000110011 
1001100101100110 
1111000000001111 
1010010101011010 
1100001100111100 
1001011001101001 


Fig. 7.6 Bi-orthogonal code set for n = 16. A 16-bit orthogonal code has 16 orthogonal codes 
and 16 antipodal codes for a total of 32 bi-orthogonal codes 


Fig. 7.7 2-ary orthogonal coding with N = 2 
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According to the communication scheme, when a 3-bit data pattern needs to be 
transmitted, the corresponding orthogonal/antipodal code is transmitted instead, 
requiring a QPSK modulator. The modulated waveforms are in orthogonal space 
and have fewer errors. The code rate is given by: 


Code Rate: r = 6/8 = 3/4 


Since there are two orthogonal waveforms (one orthogonal and one antipodal), 
the number of errors that can be corrected is doubled. Moreover, the transmission 
bandwidth is also reduced, which is given by: 

Transmission Bandwidth: BW = 2R,>/b1ts per symbol Hz 


= 2Rp2/2 = Rp2 Hz (7.16) 


where Rp2 = Rpı/r. Rp2 is the coded bit rate and Rp; is the uncoded bit rate. 


7.4.4 4-Ary Orthogonal Coding with 16PSK Modulation 


A 4-ary orthogonal coded 16PSK modulator, with n = 8, having 16 complementary 
orthogonal codes, can be constructed by inverse multiplexing the incoming traffic into 
8-parallel streams, as shown in Fig. 7.8. The bit streams, now reduced in speed by a 
factor of 8, are partitioned into four data blocks. Each data block is mapped into a 
4 x 8 code block as depicted in the figure. According to the communication scheme, 
when a 2-bit data pattern needs to be transmitted, the corresponding orthogonal/ 
antipodal code is transmitted instead, requiring a 16PSK modulator. The modulated 
waveforms are in orthogonal space and have fewer errors. The code rate is given by: 


Code Rate: r = 8/8 = 1 (7.17) 


This is achieved without bandwidth expansion. 

Since there are four orthogonal waveforms (two orthogonal and two antipodal), 
the number of errors that can be corrected is quadrupled. Moreover, the transmis- 
sion bandwidth is further reduced, which is given by: 

Transmission bandwidth: BW = 2R,>/bits per symbol Hz 


= 2Rp2 /4 = Ryo /2 Hz (7.18) 


where Rp2 = Rpı/r. Rp2 is the coded bit rate, and Rp; is the uncoded bit rate. 


7.4.5 2-Ary Orthogonal Decoding 


Decoding is a correlation process. Notice that the entire biorthogonal code block is 
partitioned into two code blocks. Each code block represents a data block as shown 
in Fig. 7.9. Upon receiving an impaired code, the receiver compares it with each 
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Fig. 7.8 N-ary orthogonal coding with N = 4 
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Fig. 7.9 2-ary orthogonal decoding 


5/22/2018 How lon harvesting Works On Earth - lon Power Group 


solar cycle with random storms, and power generation of photovoltaics (PV) and lon 
Power were simulated as feeding into a smart grid. Because lon Power collects the 
most energy at complementary times compared to PV, the energy storage 
requirements on the smart grid is greatly reduced. This causes the cost of electricity 
also to be greatly reduced compared to photovoltaics alone, resulting in energy costs 
for the overall smart grid of about 8.25 cents per kWh, which is less expensive than any 
other energy source other than some wind farms (which are only slightly less expensive 
and have limited geographic applicability). This analysis uses extremely conservative 
assumptions, so actual energy costs may be much less. The estimated value to the US 
economy is between $62 billion and $150 billion (annually) with proportionately 
large value to the global economy. Thus, it is recommended that further development 
of this energy source begin immediately.” 


Galactic Cosmic Rays (GCRs) arriving from deep space bombard the Earth's atmosphere 
around-the-clock creating trillions of naturally occurring electrically charged ions 
throughout the atmosphere. lon Power Group utilizes patented carbon nanomaterials 
to couple to some of these electrically charged airborne ions resulting in the harvesting 
of clean renewable high voltage electricity day and night. 


https://ionpowergroup.com/how-it-works-on-earth/ 3/23 
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entry in the code block and appends a correlation value for each comparison. 
A valid code is declared when the closest approximation is achieved. As can be 
seen, the minimum correlation value in each block is 1 as depicted in the figure. The 
corresponding data is 1 1,10, 1 1, 1 0, respectively. 

Since there are two orthogonal waveforms (one orthogonal and one antipodal), 
the number of errors that can be corrected is given by 2 x 1 = 2. Moreover, the 
bandwidth is also reduced, as presented below: 


BW = 2Rb2/bits per symbol = 2rp2/2 = Rp? (7.19) 


7.4.6 4-Ary Orthogonal Decoding 


Decoding is a correlation process. Notice that the entire biorthogonal code block is 
partitioned into four code blocks. Each code block represents a data block, as 
shown in Fig. 7.10. Upon receiving an impaired code, the receiver compares it with 
each entry in the code block and appends a correlation value for each comparison. 
A valid code is declared when the closest approximation is achieved. As can be 
seen, the minimum correlation value in each block is 1 as depicted in the figure. The 
corresponding data is 1 1,10, 1 1, 1 O, respectively. 

Since there are four orthogonal waveforms (two orthogonal and two antipodal), 
the number of errors that can be corrected is given by 4 x 1 = 4. Moreover, the 
bandwidth is further reduced as presented below: 


BW = 2Rb2/bits per symbol = 2529/4 = Rp /2 (7.20) 


7.4.7 Error Correction Capabilities of N-Ary Orthogonal 
Codes 


Error correction capabilities of orthogonal codes have been discussed earlier [16]. 
We present it again for convenience. An n-bit orthogonal code has n/2 1’s and n/2 
0”s; 1.e., there are n/2 positions where 1’s and O’s differ. Therefore, the distance 
between two orthogonal codes is d = n/2. This distance property can be used to 
detect an impaired received code by setting a threshold midway between two 
orthogonal codes as shown in Fig. 7.11, where the received code is shown as a 
dotted line. This is given by: 


n 


where n is the code length and d,, is the threshold, which is midway between two 
valid orthogonal codes. Therefore, for the given 8-bit orthogonal code, we have 
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Fig. 7.10 4-ary orthogonal decoding 
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dın = 8/4 = 2. This mechanism offers a decision process, where the incoming 
impaired orthogonal code is examined for correlation with the neighboring codes 
for a possible match. 

The received code is examined for correlation with the neighboring codes for a 
possible match. The acceptance criterion for a valid code is that an n-bit comparison 
must yield a good autocorrelation value; otherwise, a false detection will occur. The 
following correlation process governs this, where an impaired orthogonal code is 
compared with a pair of n-bit orthogonal codes to yield: 


R(x,y) = X xi > (n— dm) +1 (7.22) 
i=l 


where x and y are two n-bit orthogonal codes, R(x, y) is the autocorrelation function, 
n is the code length, and d,, is the threshold as defined earlier. Since the threshold is 
in the midway between two valid codes, an additional 1-bit offset is added to Eq. 7.21 
for reliable detection. The average number of errors that can be corrected by means of 
this process can be estimated by combining Eq. 7.21 and Eq. 7.22, yielding: 


neku == 1 (7:23) 

In the above equation, t is the number of errors that can be corrected by means of 

an n-bit orthogonal code. For example, a single-error-correcting orthogonal code 

can be constructed by means of an 8-bit orthogonal code (n = 8). Similarly, a 

three-error-correcting orthogonal code can be constructed by means of a 16-bit 

orthogonal code (n = 16) and so on. Table 7.3 shows a few orthogonal codes and 
the corresponding error-correcting capabilities. 


Problem 7.1 This problem relates to N-ary convolutional codes and M-ary PSK 
modulation. 
Given: 


e Input bit rate before coding: Rpı = 10 kb/s 
e K=3,Rate Y complementary convolutional codes 
e 4-ary convolutional coding (N = 4) 


Table 7.3 Error correction capabilities of N-ary orthogonal codes 


Code Number of errors corrected by N-ary code Nt 
length n per code t N= 1, 2, 4, 8, 05 

8 N 

16 3 N 

32 1N 

64 15 N 
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Find: 


(a) 
(b) 
(c) 
(d) 
(e) 


Modulation level M 

Code rate r 

Bit rate after coding Rp2 
Transmission bandwidth BW 
Number of errors corrected 


Solution: 


(a) 


(b) 


(c) 
(d) 


(e) 


A 4-ary (N = 4) coded modulator can be constructed by inverse multiplexing 
the incoming traffic into 8-parallel stream. These bit streams, now reduced in 
speed by a factor of 8, are partitioned into four 4 x 2 data blocks. Each 4 x 2 
data block maps a corresponding 4 x 10 convolutional code blocks. These 
code blocks are stored in four 4 x 10 ROMs. The output of each ROM is a 
unique 10-bit convolutional/antipodal code, which is modulated by a 2* = 16 
PSK modulator using the same carrier frequency. Therefore, M = 16. 

The code rate is given by: 


Code Rate: r = 8/10 = 4/5 


Bit rate after coding Rp2 = Rpı/r = (5/4) 10 kb/s = 12.5 kb/s 
Transmission bandwidth: BW = 2R,>/b1ts per symbol Hz 


= 2Rp2/4 = Rp2 /2 = (12.50 kb/s) /2 = 6.25 kHz 


Since there are four convolutional waveforms (two convolutional and two 
antipodal), the number of errors that can be corrected is quadruple, 
4t=4 x 2 = 8 [Each code corrects 2 errors. ] 


Problem 7.2 This example relates to N-ary orthogonal codes and M-ary PSK 
modulation. 
Given: 


e Input bit rate before coding: Rs, = 10 kb/s 
e n= 8 orthogonal codes having 16 complementary orthogonal codes 
e 4-ary orthogonal Coding 


Find: 


(a) 
(b) 
(c) 
(d) 
(e) 


Modulation level M 

Code rate r 

Bit rate after coding Rp2 
Transmission bandwidth BW 
Number of errors corrected 
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Solution: 


(a) A 4-ary orthogonal coded modulator, with n = 8, having 16 complementary 
orthogonal codes, can be constructed by inverse multiplexing the incoming 
traffic into 8-parallel streams. The bit streams, now reduced in speed by a 
factor of 8, are partitioned into four data blocks. Each data block is mapped 
into a 4 x 8 code block. According to the communication scheme, when a 
2-bit data pattern needs to be transmitted, the corresponding 
orthogonal/antipodal code is transmitted instead, requiring a 2f = 16 PSK 
modulator. Therefore, M = 416. 

(b) The code rate is given by: 


Code Rate: r = 8/8 = 1 
(c) The bit rate after coding is given by: 
Rp = Ror = 10kb/s (r = 1) 
(d) The transmission bandwidth is given by: 


BW = 2Rb2/bits per symbol Hz 
= 2Rp2/4 = 2 x 10kb/s/4 = 5 k Hz 


(e) Since there are four orthogonal waveforms (two orthogonal and two antipo- 
dal), the number of errors that can be corrected is quadrupled, 1.e., 


4t=4x1=4 


7.5 Conclusions 


A method of coded modulation, based on N-ary complementary codes and M-ary 
PSK (MPSK) modulation, is presented. N-ary coded modulation is a multi-level 
channel coding and multi-level modulation technique, where instead of coding one 
bit at a time two or more bits are encoded simultaneously and then modulated by 
means of M-ary modulation. At the receiver, the decoder recovers the data by 
means of code correlation. A lookup table at the receiver contains the input/output 
bit sequences. Upon receiving an encoded data pattern, the receiver validates the 
received data pattern by means of code correlation. Construction of N-ary coded 
modulation schemes based on convolutional and orthogonal codes is presented to 
illustrate the concept. The proposed coded modulation schemes are bandwidth 
efficient and offer a coding gain near the Shannon’s limit. 


104 7 N-Ary Coded Modulation 
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ver eNEW! > - Amazon Electronic Component Packs. Check out the Amazon Electronic 
Component Packs page. 


WHAT ARE THE BASICS OF CRYSTAL RADIO RECEIVERS? 


Here is the schematic diagram for a very basic crystal radio set without any particular 
embellishments. This basic old time radio uses no power other than that provided by the 
transmitting antenna from the radio station. Free power from the sky eh!. It truly is a marvel!. 


As a matter of interest, some amateurs and experimenters living in the vicinity of high powered 
AM Radio transmitters have literally used crystal radio sets to trickle charge their batteries. Now 
THAT is real COOL! If the demand exists we will do it too!. 


Figure 1 - schematic of a basic crystal radio set 
NOTE: For people unfamiliar with metric measurements used here 25.4 mm equals 1" 


This circuit consists of an inductor (also called a coil), a variable capacitor (used to be called 
a variable condenser), a germanium diode (formerly called a crystal), a filtering capacitor and 
finally very high impedance headphones. 


The inductor has taps on it: 


(a) one to connect the antenna to. 
(b) one lower down to connect the detector diode to. 


These taps are often best determined by experimentation 


The variable capacitor is usually connected across the whole of the inductor to form a tuned 
circuit for our crystal radio set. 


Note: the bottom junction of the inductor and variable capacitor is connected to ground / earth 
- literally. 


Earth connection for crystal radio set 


For the crystal radio set circuit to perform at all well you will need a very good earth connection. 


A length of old steel water pipe driven deep into damp earth is ideal. The electrical earth or 
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water service at home is NOT a good or safe earth for this project, in fact it is VERY 
DANGEROUS. - see earth dangers. 


The funny looking symbol connected to the top of the inductor or coil and variable capacitor 
denotes an antenna. The higher and longer (50' or 17 metres) this antenna is, the better the 
likely reception. Reality says of course you can erect an antenna in the space available with the 
material available. Consider running the antenna around the top of your fence line if is not 
metallic. 


Safety comes first with our crystal radio set 


KEEP WELL AWAY FROM POWER LINES AND POWER SOURCES - REPEAT AFTER ME - I 
PROMISE TO KEEP WELL AWAY FROM POWER LINES AND POWER SOURCES. 


Always remember the motto "safety first in everything". At this site here I stress that all the 
time - "safety first" and I can never stress it enough. See my important page about earth 


dangers 


Antenna for crystal radio set 


Remember we're using the antenna (aerial) to get free power here and we want to capture as 
much as possible from the sky for our crystal radio set. 


Perhaps you might like to review some antenna basics before proceeding. 


Technical Note: Radio signals (waves) such as we encounter in the am radio band have two 
halves. One half travels across the surface of the earth at the speed of light through people, 
buildings and other objects. The other half, a mirror image, travels beneath the surface of the 
earth. This radio wave has a definite length. Its length is the speed of light divided by the 
frequency. For frequencies in the megahertz region this approximates to 300 divided by the 
frequency in megahertz. These radio waves we want to detect with our crystal radio set 


An example which we use later is the am radio band of 530 Khz to 1650 Khz. These 
frequencies when converted to .53 Mhz and 1.65 Mhz respectively give wavelengths of 566 
metres and 182 metres. 


Now some critical aspects: 


Variable Capacitor: Here you should try and salvage one from an old time radio. Just make 
sure the radio is not in the "vintage" class and now worth hundreds of dollars. The ideal ones 
are nearly impossible to buy now. Unless you have access to measuring equipment you will have 
to guess the capacitance. A lot of old time radios had capacitors which tuned about 15 pF to 365 


pF. 


Inductor or Coil: Here we are normally dealing with an air cored inductor wound on some 
suitable non metallic form. Some examples are - cardboard toilet roll former, a short length of 
PVC tubing 40 mm, 50 mm, 90 mm or 100 mm diameter. 


Diode: In lieu of the old crystal detector we use a germaniumdiode of the 1N34 or OA90O type. 
Do NOT use a 1N914 type. 


Fixed Capacitor: This is for filtering and may be .001 uF, 1 NF or 1000 pF type (all those 
values are the same - just expressed in different units). Something near in the same values is 
quite O.K. 


Headphones: This is by far the hardest part to obtain. The type used for hi-fi WILL NOT work 
here. Ideally you need high impedance 2,000 ohm types but these are nearly impossible to find. 
You can sometimes buy 1,000 ohm crystal earpieces (no not the usual transistor radio type). 
The headphone is a high impedance load for the crystal set and as we are working on free 
power from the air we can't load it down. If you used the 8 ohm hi-fi type it would be like trying 
to run your electric toaster off a very small battery. The power is not available. Remember we're 
using free power from the sky. 
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Further reading on Headsets for Crystal Radios by Alan R. Klase. 


Frequency range: The frequency range of a set like this is mainly determined by the square 
root of the ratio of Maximum Capacitance to Minimum Capacitance of the variable capacitor. In 
the example above this would be the square root of 365 divided by 15 or about 4.9:1. In the 
real world there are other capacitance's in the circuit that you can't see (called "strays") and 
they affect the minimum value. In practice 1 would expect a real range of about 3:1 


A.M. Radio band: Depending upon your country this would cover about 530 Khz to about 1650 
Khz. This is slightly more than a 3:1 ratio. 


Let us assume for discussion our capacitor was as described above. And for convenience we 
have strays of about 25 pF (typical). If we add this to both the Max and Min capacitance we get 
390 pF Max and 40 pF Min - a ratio of 9.75 the square root of which is 3.122. Happily this also 
happens to be nearly the ratio of Freq max divided by Freq min or 1650 Khz / 530 Khz. How 


about that? 


Of course these variable capacitors were deliberately manufactured that way for that very 
reason! 


Well now we have to resonate our capacitor with the inductor. What inductance do we need?. 
The easiest formula is this - take the frequency in Megahertz (i.e. freq in Khz divided by 1000) 
and square it. Using our two frequencies 530 Khz and 1650 Khz we would have to square both 
.530 Mhz and 1.65 Mhz which of course become 0.2809 and 2.7225 


And you thought maths at school was/is a waste of time!. 


These two figures are divided into the standard figure of 25330.3 respectively. The 530 Khz one 
(0.2809) would give us LC 90175 and the 1650 Khz one (2.7225) will give us LC 9304. Now 
when tuning a crystal set the more capacitance you use (plates meshed further in) the lower the 
frequency you receive. In our case we are using a max of 365 pF + 25 pF strays or 390 pF total. 
At our lowest freq of 530 Khz the LC (L means inductance and C means capacitance) is 90175 
and when divided by our C of 390 pF we get a needed inductance of 231.2 uH (UH means micro 
henry, a unit of inductance). 


Similarly if we go to the highest frequency of 1650 Khz our required LC is 9304 and when 
divided by our minimum capacitance's (reduce the capacitance by withdrawing plates from one 
another and go higher in frequency) of 15 pF + 25 pF strays or 40 pF we get a required 
inductance of uH?. Go on work it out. And remember we are only interested in whole 
numbers because we have made a number of approximations here. 


Now how do we get a needed inductance of about 230 uH?. 
Gee whizz not more maths headed our way! 


The formula for inductance - using toilet rolls, PVC pipe etc. can be well approximated by: 


0.394 * r? * N? 
Inductance L = 
(9 *r)+(10 * Len) 


Here: 


r = radius of the coil i.e. form diameter (in cm.) divided by 2 
Len = length of the coil - again in cm. 

L = inductance in uH. 

* = multiply by 


Now assume we have used a piece of PVC pipe of about 104 mm (10.4 cm) diameter. This has a 
radius of 5.2 cm. Let us wind a coil consisting of 57 turns (with taps at about every 5 turns) 
over a length of 104 mm or 10.4 cm. For the Mum's and Dad's who work in old measurements 
that's 4". This is a piece of standard 4" PVC sewer tube. 
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Politely ask any plumber on any building site for a scrap off-cut about 150 mm (6") long. In 
another life I'm also a plumber and we like to help polite people. 


Let's put those numbers into the our formula above and do some sums: 

0.394 * 5.2 * 5,2* 57 * 57 = 34614 

AND ( 9 * 5.2 ) + ( 10 * 10.4) = 46.8 + 104 = 150.8 

AND 34614 divided by 150.8 = about 230 uH 

Boy am I a clever kid or what. Did you work through that on paper all by yourself? I do hope so. 


Why and how taps every 5 turns?. The why first - in the beginning I said connections from the 
antenna (aerial for old timers) and diode would need to be experimented with. With taps you 
can select different spots along the inductor. 


How?. Easy! Wind your inductor as follows: 


You will need a length of enamelled copper winding wire (about 24 gauge or 0.5 mm dia) about 
20 metres long - yes you will need just about all of it. You will also need some matches (used 
are O.K.). Assuming you have a 150 mm piece of sewer tube or similar, drill a small hole 
approx 25 mm (1") from one end. Drill a similar hole 104 mm further away toward the opposite 
end (or even 20 mm in from the opposite end). Basically the idea is for the holes to be nearly 
10.4 cm apart. or the length of the coil you are winding. 


Push through about 15 cm (150 mm) of wire and wind the short end through a couple of times 
to form an anchor (knot) at that point. Then holding the wire tightly wind 5 complete turns 
spaced about three wire diameters apart from each other (you really need a helper here). Under 
the 5th turn slip a very short length of match, continue winding very tightly placing a match 
piece under every 5th turn until you have wound 57 complete turns. Tie a knot similar to the 
other end and again leave about 150 mm left over. CAREFULLY with a sharp knife scrape the 
enamel insulation away on all 5th turns as well as about 5 mm from the end of the two end 
pieces. 


Presto! there you have a 57 turn inductor of about 230 uH with accessible taps at about every 
5th turn. 


How it works: (simple version) 


Well we have the antenna. This picks up the radio signals from the sky and with our real good 
earth we hopefully get lots and lots of signals. 


The inductor combined with different settings of the variable capacitor selects the frequency you 
want to listen to and discards all others. 


This selected signal goes through the germanium diode and is rectified. This means we are left 
with the audio frequencies a human being can hear (music - words). This audio has been 
stripped off the radio signal by the diode. The small .001 uF capacitor gets rid of any of the 
radio signal left. We can then listen to these very tiny audio signals through our headphones or 
crystal earpiece. 


How it works: (complicated version) 


Your long wire antenna and earth wire will pick up thousands and thousands of radio signals 
from the air. The exact setting of your variable capacitor will determine a set amount of 
capacitance and this in conjunction with the fixed inductance of your coil we have a resonant 
circuit. 


As an example, in my locality we have a very strong AM station at 630 Khz. Using the formula 
above for resonant frequency we find the LC combination (inductance times capacitance) 
required to receive this signal is: 
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Galactic Cosmic Rays arriving from deep space impact electrically neutral oxygen and 
nitrogen atoms in the Earth's atmosphere producing a particle shower (or particle 
cascade) creating electrically charged ions in the atmosphere day and night. 
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25330.3 / (0.63)? = 63820 


Therefore if we had a fixed inductance of 230 uH then our variable capacitor (including strays) 
would need to be set at the point where it exhibits 63820 / 230 OR 277 pF. In other words a 
capacitance of 277 pF in conjunction with an inductance of 230 uH resonates at 630 Khz. We 
can rather generalise here and say, although not strictly accurate, that this coil / capacitor 
combination will ACCEPT only signals at 630 Khz and REJECT all others. This is the way we 
select our particular frequency from among the thousands and thousands of other signals on our 
antenna. 


Our signal at 630 Khz has been "modulated" at the radio station with audio frequencies (speech 
and music). Because it is Amplitude Modulated it is called A.M. 


This means the original 630 Khz signal strength (amplitude) at the transmitter is expanded and 
contracted by the audio frequencies. 


After being selected by our coil / capacitor combination the 630 Khz signal is passed to the 
germanium diode. As the signal passes through the diode only one half of the signal is used and 
the fixed .001 uF capacitor dumps the 630 Khz signal to ground leaving a very tiny audio 
frequency which is an exact replica of the audio frequencies (speech and music) as they 
Originated in the radio station's studio. 


This very tiny audio signal then drives our crystal earpiece or high impedance headphone so we 
can hear the words and music. If it were amplified many, many times over it would then have 
the power to drive a loudspeaker. The speaker cone goes in and out at the same audio rate as 
the original 630 Khz signal is modulated. The moving loudspeaker cone creates a tiny sound 
pressure level in the room to which your ear is able to respond. 


Radio Kits for Beginners and Youngsters of ALL Ages! 


My special amateur radio friend Bruce Kizerian, KK7ZZ who has worked tirelessly for years 
helping the young and not so young get effortlessly into radio now has a site devoted to "Radio 
Kits for Beginners and Youngsters of ALL Ages!". 


There has been a crying need for these kits and Bruce now fills that need. 
Check out Bruce's "Radio Kits for Beginners and Youngsters of ALL Ages!" 
NEW! - "High Sensitivity Crystal Set" 


Build a “crystal radio ” by using a new zero-voltage-threshold MOSFET. By Bob Culter, N7FKI as 
printed in QST [Amateur Radio Magazine] January 2007 


NEXT: 


Put it all together and reload this page by typing in the URL - www.electronics- 
tutorials.com/receivers/crystal-radio-set.htm and tell me how your crystal set works for 
you. 


If you are real keen you can also check out the crystal set society's home page. 


Another excellent article (in pdf format) is from the ARRL. From QST December, 1997 The 
Crystal Radio 


Fox Hole Radio 


Another VERY interesting project is the Fox Hole Radio. Building a foxhole radio is rewarding 
and the basic setup is very simple. It is, however, difficult to adjust, and it may take several 
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attempts to find a proper razor blade for the detector. This is a project that requires patience 
and much trial and error, but it will pay off once it begins to work. It will help to be versed in the 
construction and operation of crystal sets before building one. These sets are extremely simple 
in construction, but tuning and modification require some basic understanding of theory, as well 
as practice. All sets presented here are based on old articles, notes, and people's recollections. 
There are fairly major variations in design and materials among these plans. It must be 
remembered that these were improvised under often adverse conditions; there was no 
“standard” design. With this in mind, take this entire article as a whole, and use it a bit here, a 
bit there, to build towards a Fox Hole Radio design that works best using modern materials. 
See: Fox Hole Radio 


A Candle powered Radio 


Yep a World Book Science Project from a looooonnnng time ago. 
See: Candle powered Radio 


A BOOK I THOROUGHLY RECOMMEND FOR YOUNG PEOPLE 


Radio Rescue 
by Lynne Barasch 


From Booklist 
DECANE Gr. 2-5. In 1923, a 10-year-old New Yorker became the youngest licensed 


T ERTA ¡ i 
TEA D IU A Bed Ut 
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= 
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amateur wireless radio operator. In a clear, first-person voice, the boy 
describes what Morse code is, how operators used wireless radios to send 
and receive signals, and his experiences setting up an in-house 
transmitting station. The boy finds fame when he picks up a signal from 
Florida hurricane victims and radios for help, and the story concludes with 
a reproduced newspaper photograph and the full Morse code alphabet. An 
introductory note reveals that the story is based on the author's father 
and gives readers background information on the era's telephones and the alternative that the 
wireless offered, including examples of how Morse code has been used throughout its history. In 
a well-designed mix of insets, brief sketches, and full-page drawings, the author's uncluttered 
color cartoons do an excellent job of illustrating the technology and the code, at the same time 
creating likable, expressive characters. Tehnology-minded children may see parallels between 
the freedom and excitement of the wireless and the Internet in this engaging read. Gillian 
Engberg Copyright © American Library Association. All rights reserved 


mE ORDER - U.S.A. - Radio Rescue now! 
d ORDER - Canada - Radio Rescue 


e Pe di 
alis ORDER - U.K. - Radio Rescue - ORDER NOW U.K. 


ANOTHER EXCELLENT SCIENCE FAIR PUBLICATION 


Janice Vancleave's Guide to More of the Best Science Fair Projects by Janice Pratt 
Vancleave - 160 pages 


This book by Janice Vancleave I can recommend to concerned parents and proves a very 
inexpensive source of the "Best Science Fair Projects". This book aims to help children to have 
fun and get winning results as well. Advice is given about choosing, developing and displaying a 
winning project, along with dozens of science fair experiments. 

== ORDER - U.S.A. - Janice Vancleave's Guide to More of the Best Science Fair 
Projects - Janice Vancleave 

mim ORDER - U.K. - Janice Vancleave's Guide to More of the Best Science Fair 
Projects - Janice Vancleave 

MÍ ORDER - La FRANCE - Janice Vancleave's Guide to More of the Best Science Fair 
Projects - Janice Vancleave 
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= ORDER - DEUTSCHLAND - Janice Vancleave's Guide to More of the Best Science 
Fair Projects - Janice Vancleave 


Google Custom Search 


Custom Search Qq, 


Got a question on this topic? 
If you are involved in electronics then consider joining our "electronics Questions and 


Answers” news group to ask your question there as well as sharing your thorny questions and 
answers. Help out your colleagues!. 


The absolute fastest way to get your question answered and yes, I DO read most posts. 


This is a mutual help group with a very professional air about it. I've learn't things. It is an 
excellent learning resource for lurkers as well as active contributors. 


RELATED TOPICS on crystal radio set 

Check out Bruce's "Radio Kits for Beginners and Youngsters of ALL Ages!" 
Fox Hole Radio 

antenna basics 

capacitance 

diodes 


inductance 


resonant frequency 


The Skywaves High-Performance Crystal Set 


am radio receivers 


radio receiver basics 


tuned radio frequency TRF receivers 
regenerative radio receivers 


superhetrodyne radio receivers 


fm radio receivers 
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Please send me your valuable comments and suggestions! Tell your friends, tell a news group, 
tell the world! 


YOU ARE HERE: HOME > RECEIVERS > CRYSTAL RADIO SET 


the author lan C. Purdie, VK2TIP of www.electronics-tutorials.com asserts the moral right to be identified as the author 
of this web site and all contents herein. Copyright © 2000 - 2001, all rights reserved. See copying and links. These 
electronic tutorials are provided for individual private use and the author assumes no liability whatsoever for the 
application, use, misuse, of any of these projects or electronics tutorials that may result in the direct or indirect damage 
or loss that comes from these projects or tutorials. All materials are provided for free private and public use. 
Commercial use prohibited without prior written permission from www. electronics-tutorials.com. 


Copyright © 2000 - 2001, all rights reserved. URL - https://www.electronics-tutorials.com/receivers/crystal-radio- 
set.htm 


Updated 27th April, 2001 


Contact VK2TIP 
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ABSTRACT OF THE DISCLOSURE 


A combined antenna and conversion mechanism for re- 
ception of beamed high frequency electromagnetic energy 
in space including a large array of unidirectional current 
semiconductor rectifier devices. A self-supporting space 
vehicle utilizing the rectified DC electrica] energy for pro- 
pulsion is disclosed in an illustrative embodiment. 


The present invention relates in general to the transfer 


of energy by means of an electromagnetic wave beam and 
more particularly to interception and rectification of such 
energy into low frequency electrical DC energy with a 
high degree of efficiency. 

Improved technology in the field of microwave energy 


generation at superpower levels has resulted in the realiza- 


tion of electrical energy transmission over considerable dis- 
tances for remote energization of devices or vehicles with- 
out the aid of wires. The transmission of microwave elec- 
tromagnetic energy into space has been commonly em- 
ployed in the radar pulse echo systems for the detection 
and orientation of desired objects within a predetermined 
scanning range of a transmitting antenna. Beams of a 
similar nature may now be employed for other useful 
purposes and the advantages attendant the utilization of 
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electromagnetic energy in the microwave region in con- — 


trast with other wavelengths may now be enumerated. 


Microwaves have been generally defined as high fre- 
quency radio waves whose wavelength is less than 30 
centimeters, with a lower wavelength limit on the order 
of 1 millimeter sometimes being applied to what is com- 
monly referred to as the “microwave region.” The superi- 
ority of high frequency microwaves is due in part to the 
fact that it is generally desirable to focus the transmitted 
energy so as to achieve a high power density at a remote 
point or area with respect to a given power source, In 
accordance with the laws of optics, the sharpness of the 
microwave beam produced by a transmitting antenna 
varies as the ratio of antenna dimensions to the wavelength 
of the transmitted energy. Therefore, for a given or de- 
sired power density or beam sharpness, a decrease in the 
wavelength of the transmitted energy permits a corre- 
sponding decrease in the dimensions of the antenna, From 
the standpoint of mechanical considerations, it js desir- 
able to employ small antennas and other components, and 
it is therefore advantageous to employ high frequency 
energy of very short wavelength. In addition, the difficul- 
ties encountered in long wave transmission as a result of 
natural and man-made interference or noise do not occur 
with any appreciable significance at microwave frequen- 
- cies. Further, in aerospace applications with considerable 
distances separating the transmitter at an earth or mother 
Planet location and the employment of shorter wavelength 
beamed energy is preferred since longer wave signals will 
generallly be reflected at certain altitudes by reflecting lay- 
ers in the atmosphere. 

In view of certain losses due to. absorption which may 
occur in the atmosphere, microwaves in the region having 
the approximate bounds of 2 and 30 centimeters are 
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readily adaptable to the convenient radiation of power 
to remote points without the utilization of wires. The pre- 
ferred wavelengths are of the order of 5 or 10 centimeters 
to provide efficient focusing with existing transmitting 
antenna systems which may be maintained at a reasonable 
size. An illustrative device of the superpower high fre- 
quency microwave generators operative in the desired 
band is the so-called Amplitron which is an amplifier 
having a broad bandwidth and excellent performance 
characteristics for the focusing of the beam. Such devices 
are capable of producing 15 or 20 kilowatts Of average 
continuous wave power in the neighborhood of 10 centi- 
meters in wavelength with capabilities expected in the 
region of 500 kilowatts or more average power with 50 
megawatts peak power. A complete description of such 
devices may be had by referring to Patent No. 2,933,723 
issued Apr, 19, 1960 to William C. Brown and assigned 
to the assignee of the present invention, | 

With microwave energy capable of being generated and 
directed over longer distances conversion of such high 
frequency electromagnetic energy is of paramount con- 
cern. One conversion mechanism in the prior art involves 
direct conversion of such energy into heat which may 
then be utilized directly or indirectly for propulsion or 
generation of flight-producing forces. Examples of such 
devices for heat energy exchange as well as space vehicles 
utilizing such energy may be noted in Patent No. 3,174,- 
705, issued Mar. 23, 1965, to D. Schiff et al., as well as 
U.S. Letters Patent No. 3,083,528, issued Apr. 2, 1963 
and No. 3,114,517, issued Dec. 17, 1963, to William C. 
Brown. The heat exchanger method of conversion of 
electromagnetic energy into useful power is limited by 
the overall efficiencies of approximately 25 percent in the 
conversion of heat into mechanical or electrical work, De- 
sirable, therefore, would be the direct rectification of the 
high frequency electromagnetic energy into low frequency 
electrical energy for the operation of many useful aero- 
space devices as well as systems. 

The present invention has for its primary object the 
conversion of high frequency electromagnetic energy in 
the microwave region directly into low frequency elec- 
trical energy. 


A further object of the present invention is the pro- 
vision of a combined nondirectional receiving antenna and 
microwave electromagnetic energy to low frequency elec- 
trical energy conversion means in a unitary structure. 

A still further object of the present invention is a pro- 
vision of a new and novel combined nondirectional re- 
ceiving antenna and microwave to DC energy converter 
for aerospace applications. 

Another object of the present invention is the provision 
of a new and novel nondirectional receiving antenna and 
microwave to DC energy converter having a high degree 
of efficiency. | 

Still another object of the present invention is the pro- 
vision of a new and novel aerospace vehicle with non- 
directional receiving antenna and microwave to DC ener- 
gy converter means with said vehicle being capable of 
being supported by its own energy generation means at a 
distance spaced apart from the power generation means. 

In accordance with the teachings of the present inven- 
tion, the above and other objects are achieved by the 
employment of efficient unidirectional microwave power 
rectifiers and dipole antenna means. Such rectifying de- 
vices, while being individually limited in power-handling 
capabilities, normally in the order of fractions of watts, 
have been found to be highly efficient means for the recti- 
fication of microwave power when assembled in large 
numbers in various arrays. It is interesting to note that 
the observed collective efficiency was on the order of 
40 to 70 percent. In an illustrative embodiment, point- 
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contact semiconductor diodes were arranged in four arm 
bridge connected networks with the networks intercon- 
nected in various configurations such as series, parallel 
and series-parallel. 

In discussing aerospace applications, an additional prob- 
lem is encountered in the beaming of microwave energy 
to a remote point and the interception and utilization of 
such electrical energy. In such applications the advantages 
of a vehicle which may be maintained in space for inde- 
terminate periods of time without employing a local fuel 
source are readily apparent. Such devices could readily 
provide communication networks, surveillance functions 
using radar techniques along with numerous other func- 
tions. The acapture of the beamed high frequency elec- 
tromagnetic energy raises the need for an efficient an- 
tenna means capable of intersecting the beam at high 
altitudes. Conventional techniques employed in micro- 
wave radar usage such as receiving antenna horns are 
capable of intersecting only a small portion of the beam 
energy and add considerable weight in applications in- 
volving heavier-than-air vehicles. In an exemplary em- 
bodiment of the invention a space vehicle, namely a heli- 
copter, is disclosed for either moving flight or a stationary 
location with self-supporting electrically operative propul- 
sion means. The semi-conductor diode rectifier arrays have 
been demonstrated to fulfill the receiving antenna func- 
tions as well as the electrical energy rectification means in 
a highly efficient manner. Such combined antenna and rec- 
tifier means has also assisted in reduction of the weight 
problem in airborne devices. Further, it has provided a 
nondirectional means for the interception of the micro- 
wave energy to thereby reduce the problems of focusing 
inherent in prior art directional horn type receiving an- 
tennas. 

With the above features, advantages and objects in mind 
the invention will now be described by reference to the 
following detailed description together with the accom- 
panying drawings in which: 

FIG. 1 is a perspective view of an illustrative diode 
rectifier; 

FIG. 2 is a schematic circuit diagram of a bridge con- 
nected diode network with dipole antenna means; 

FIG. 3 is a schematic circuit diagram of a plurality of 
bridge connected networks arranged in series; — 

FIG. 4 is a schematic circuit diagram of a parallel 
bridge connected network array; 

FIG. 5 is a perspective view of an illustrative embodi- 
ment of a combined antenna and rectifier array in a folded 
or rolled up configuration; : 

FIG. 6 is a schematic circuit diagram illustrating the 
bridge connected diode array incorporated in the aero- 
space vehicle shown in FIG. 7; 

FIG. 7 is a schematic representation in elevation illus- 
trative of a heavier-than-air aerospace vehicle incorparat- 
ing the structure of the present invention; 

FIG. 8 is a perspective view of the aerospace vehicle 
embodiment as viewed from the under portion thereof; 
and | 

FIG. 9 is an enlarged partial-view in elevation of a por- 
tion of the illustrative embodiment shown in FIG. 8. 

FIG. 1 illustrates a point-contact semiconductor diode 
rectifier of the type employed in radar microwave receiver 
apparatus to rectify returned radar pulses. Any of the 
high burnout semiconductor diodes having high recti- 
fication characteristics are preferred and are commercially 
available, such as the 1N82 or 1N830. The rectifying junc- 
tion is formed by whisker element 2 contacting the semi- 
conductor element 4 respectively connected to leads 6 and 
8. Silicon is preferred over germanium for element 4 
because of its ability to operate at higher temperatures and 
thereby handle higher powers. Envelope 10 houses the 
rectifying elements and may be of a hermetically sealed 
dielectric material or combination metal and ceramic com- 
position. The inherent characteristic of such diode recti- 
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fiers is that the microwave energy is intercepted and recti- 
fied in a unidirectional manner and the line 11 indicate 
pictorially the rays of the beamed electromagnetic micro- 
wave energy in a plane normal to the envelope. In FIG. 2 
a full-wave bridge connected diode network is illustrated 
with the forward direction of the rectified DC electric 
current indicated by the direction of the arrow symbols. 
The network shown consists of half-wave dipoles 20 and 
32 each terminated with a diode rectifier element 24 to 
27 in an arm of the bridge connected network. The di- 
pole elements 20 and 22 are of the half-wave configura- 
tion and may be spaced apart from each other a one-half 
wavelength at the frequency of the beamed electromag- 
netic energy. 

Referring now to FIG. 3, an array of bridge connected 
diode networks each with the half-wave dipoles are shown 
connected in series. Each network is referred to by the 
numeral 30 and is similar in the bridge connections to the 
single element network shown in FIG. 2. The DC output 
of the collective rectified energy is coupled by means of 
terminals 32 and 33. In FIG. 4, a similar number of in- 
dividual bridge connected diode-dipole networks are 
shown connected in a parallel array. Each network is in- 
dicated by the numeral 40, and the output terminals are 
indicated as 41 and 42. | 

Any number of diode-dipole networks may be pro- 
vided and in FIG. 5 such a multi-element array is illus- 
trated by mounting on a flexible material 50 which may 
be rolled or folded into any desired package or en- 
closed within a capsule to be launched and released at a 
predetermined point in space. Any flexible material which 


is pervious to electromagnetic energy is preferred. The 


total power desired would be the determining factor in a 
number of individual diode-dipole elements required. In 
this embodiment, the bridge connected networks 51 are 
connected in parallel to the output load indicated by ter- 
minals 52 and 53, and representative measurements of 
electrical characteristics have shown that approximately 
five watts of DC electrical energy is realizable for each 
square foot of area of the combined antenna-rectifier. 
While the dipole elements 54 have been indicated in a 
particular array, it is within the scope of the invention to 
stagger the placement of such dipoles to increase the over- 
all efficiency of the antenna-rectifier. 

To further increase the DC powder output, the full- 
wave bridge connected networks are preferably arranged 
with a plurality of diodes in series in each arm of the 
bridge. An illustrative schematic circuit diagram of such 
a configuration is shown in FIG. 6 wherein seven diodes 
60 are shown in each arm of the bridge circuit and are 
connected in series for a total of twenty-eight diodes in 
each bridge network. The dipole members will then be the 
substantially U-shaped end portions 61 at the ends of each 
brace of seven diodes. In the illustration three such 
twenty-eight diode bridge networks are shown connected 
in parallel to terminals 62 and 63. This closer spacing 
and compact arrangement has been shown to be a source 
of improved power output and is capable of a high degree 
of reliability through the redundant nature of the parallel 
series connections within each bridge network. If one of 


the diode rectifiers fails to function the over-all voltage 


drop across this element would be divided among the six 
remaining diode rectifiers. If any of the connecting wires 
between the diode elements should break, the adjacent 
arms of the other bridge assemblies would take the addi- 
tional load due to the close proximity of the respective 
arms to each other. In addition, it is possible to have a 
number of open connections or inoperative diodes dis- 
persed throughout the array without any serious impair- 
ment in performance. . 

In relation to the array concept to be hereinafter de- 
scribed it may be stated that within a six inch square area 
ten such individual bridge networks each containing 
twenty-eight diode rectifiers for a total of 280 diode rec- 
tifiers may be deployed in such a manner as to provide 
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maximum exposed area for each diode as well as the 
connecting leads. Such an arrangement will be hereinafter 
referred to as a “module” and a DC output in excess of 
fourteen watts has been measured for such a module. Any 
number of such modules could be connected provided for 
a desired power yield and this module concept readily 
lends itself to use in certain aerospace applications now 
to be described. 

In FIG. 7 a propelled type of space vehicle 70 is shown 
wholly supported by means of the transfer and rectifica- 
tion of continuous wave electromagnetic energy via a 
microwave beam 72. The source of the microwave energy 
which may be of the Amplitron type device as described 
in the aforementioned issued Patent No. 2,933,723 is 
indicated as 74. This energy is fed by waveguide means 
76 to a transmitting horn 78 to illuminate an ellipsoidal 
beam forming focusing antenna $0 for the transmission 
of the microwave beam 72. It will be appreciated. by 
those skilled in the art that the representations of the 
microwave generation and transmitting antenna means 
are pictorial representations to illustrate the usage of the 
invention in diagrammatic form and the present invention 
is not limited to any particular source of microwave 
energy or transmitting antenna assembly. It may be 
stated the reflector of the antenna assembly is consider- 
ably larger than most of the reflectors of the prior art 
in order to focus a large amount of the microwave power 
at high altitudes for use in the transfer of energy to 
space vehicles. Such antenna assemblies may be partially 
supported in a large hollowed area on the earth’s sur- 
face or other convenient means of support. 

The space vehicle or helicopter 70 can be described as 
a main body member supporting antenna-rectifier means 
82 including a large number of the so-called modules 
connected together and rigidly supported in a planar 


parallel array. A motor 84 is supported by the com-. 


bined body member and the receiving antenna-rectifier 
means and actuates the rotor 86 of conventional design 
employed in such self-propelled hovering vehicles. The 
disclosed vehicle provides for the illumination of the 
planar array of the semiconductor diode dipole elements 
by the microwave beam and the direct conversion of the 
microwave power transmitted by the beam into usable 
electrical energy for the self-propulsion of the device 
without any local fuel supply being required. 

FIGS. 8 and 9 illustrate a space vehicle 82 comprising 
a plurality of the combined receiving antenna-rectifier 
module means for interception and rectification of the 
electromagnetic microwave energy beam emanating 
from an earth or mother planet source. A planar array 
of the antenna-rectifier modules is mechanically sup- 
ported by means of structural members 90 of any light- 
weight wood or metal. Insulators 91 positioned coexten- 
Sive with the members 90 support the diode rectifier array 
and avoid interference with the receiving and electrical 
performance characteristics by the structural support 
members. Carrying forward the module concept of 280 
diode rectifiers to provide an approximate power output 
of 14 watts, it was noted’that any number of such 
modules may be coupled together since the individual 
module outputs are relatively insensitive to a wide range 
of load resistances connected to the common output 
terminals. To achieve the desired electrical output of ap- 
proximately 120 volts and 250 watts of power, subgroups 
of four modules each were assembled and parallel con- 
nected with an approximate 30 volts available for each 
subgroup. Four such subgroups were series-connected 
to result in a total of 4,480 diode rectifiers or 16 modules 
assembled in a two foot square self-supporting planar 
parallel array structure. The individual diode rectifiers 
connected in each arm of the bridge network are indicated 
by the numeral 92. An exemplary module configuration 
would extend within the area delineated by the dotted lines 
and reference letter A on one side and similar dotted lines 
and reference letter B on the other side. 
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A motor 94 is connected to the DC side of the overall 
array and may be additionally supported by tubular mem- 
ber 95. A shaft and propulsion means consisting of rotor 
blades 97 provide for the upward lift of the overall 
vehicle for the self-supporting of same in space applica- 
tions. Additional structural support such as interlaced 
rigging 96 of a high tensile strength material such as 
nylon or steel wire, as well as bracing member 98, may 
be employed for strengthening of the body means to with- 
stand the vibrational forces and downwash from the 
propulsion means. 

In accordance with the well known technology of micro- 
wave transmission the combined array of diode rectifiers 
and propulsion means presents a specific load impedance 
which must be suitably matched to the transmitted micro- 
wave energy beam to result in maximum efficiency, In 
aerospace applications a mismatch of approximately ten 
to one may be evident. Matching of the load impedance to 
a value of approximately 377 ohms as the free space value 
will be provided by a plurality of coplanar parallel metal- 
lic rod members 99 disposed in a grating array in front 
of the diode rectifiers a predetermined distance. Rod mem- 
bers 99 are linearly disposed and extend in a similar di- 
rection as the assembled diode rectifiers. A selected frontal 
spacing of one-quarter of the wavelength of the micro- 
wave frequency being transmitted has been experimen- 
tally determined to be suitable for impedance matching 
purposes. An approximate spacing of two inches between 
the respective members was preferred for a selected 
microwave frequency of 2,450 megacycles. Each of the 
members 90 are provided with lateral sections 100 to sup- 
port the elongated bar members 101 which in turn main- 
tain the rod members 99 in the desired position. A tubu- 
lar member 102 of a lightweight metal may also be pro- 
vided to combine with the motor support member 95 for 
structural support. | 

The combined antenna-rectifier array provides a source 
of electrical energy to render any space vehicle self-sup- 
porting. The diode rectifier elements when assembled in 
the antenna array have been found to be nondirectional 
with respect to interception of the beamed microwave en- 
ergy. This represents a large step forward in the utiliza- 
tion of high power microwave energy over the prior art 
horn-type receiving antennas which must be accurately 
focused and pointed in a particular direction for the re- 
ception of any energy. The connections between the re- 
spective members of the diode rectifier array and de- 
ployment in the parallel configuration serves to provide 
maximum exposed area, Such connections and in partic- 
ular the end loop portions adjacent the terminus of each 
arm of the bridge networks serves as an efficient dipole 
for the interception of the microwave energy. l 

Although it is not intended as a full explanation of the 
high degree of efficiency attained with the disclosed an- 
tenna-rectifier array, it is believed that the whisker ele- 
ments within the semiconductor diodes themselves are a 
contributing factor and may function as additional dipole 
elements. The disclosed embodiment functioned efficiently 


when illuminated by microwave energy generating a verti- 


cally polarized beam. Hence, an efficient and light weight 
energy conversion apparatus is disclosed which may be 
self-supporting without the requirement of a large local 
fuel supply payload. | 

It may be within the purview of the invention to use 
the available rectified electrical energy for performing 
many functions in addition to the actuation of the pro- 
pulsion means. Hence, communications’ payloads may be 
maintained at predetermined positions in space in a hov- 
ering attitude utilizing a portion of the electrica] energy 
available. Relay signals to other such vehicles or return 
signals to ground stations would then be within the realm 
of possibility. Such available energy may also be em- 
ployed for servomechanisms, stabilizing and counter- 
torque systems for the navigation of such vehicles, 

The electrical efficiencies realized with the combined 


5/22/2018 How lon harvesting Works On Earth - lon Power Group 


https: //ionpowergroup.com/how-it-works-on-earth/ 5/23 


3,434,678 


7 


receiving antenna and rectifier means have also provided 
certain weight advantages over other energy converters in 
aerospace applications. Examples of such converters 
would be heat exchangers or solar cells, In comparison 
to the present invention where five to eight pounds per 
kilowatt of energy realized is a normal characteristic, 
other energy conversion means weigh in the vicinity of 
150 pounds per kilowatt of realizable energy. The inherent 
advantages of the present invention are therefore appar- 
ent. While the technology in the diode rectifier art is be- 
ing continually advanced, new diode power rectifiers as 
well as integrated circuit techniques are readily available 
to future configurations of the present invention. The so- 
called Schottky barrier diodes could be employed to pro- 
duce combined antenna-rectifier means weighing even less 
than two pounds per kilowatt of available energy. 
Although the foregoing detailed description has re- 
ferred to DC power rectification it will be evident that 
with suitable circuit components low frequency AC energy 
may also be made available. In addition, other propulsion 
means may be readily substituted using electrical energy. 
The embodiments disclosed herein are illustrative only 
and other modifications or alterations will be apparent to 
those skilled in the art which do not depart from the 
scope of the broadest aspects of the present invention as 
defined in the appended claims. 
What is claimed is: 
1. A space vehicle comprising: 
body means; : 
said body means including spaced structural support 
members; 
combined antenna and DC electrical energy rectification 
means for the interception and rectification of inci- 
dent high frequency electromagnetic microwave en- 
ergy carried by said support members in a planar 
parallel array; 
said rectification means comprising a plurality of four 
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arm full-wave bridge connected rectifier circuit net- 
works each having a plurality of unidirectional semi- 
conductors in each arm; | 
said networks being electrically interconnected to com- 

mon output terminals; | | : 
electrically operable propulsion means comprising a 
motor and rotor members carried by said body means 
and connected to said terminals for the utilization of 
said rectified DC energy; and o 

means for matching the load impedance of said com- 
bined antenna and electrical energy rectification 
means to the incident microwave energy. 

2. A space vehicle according to claim 1 wherein said 
load impedance matching means are arranged in a co- 
planar array coextensive with said antenna and energy 
rectification means array, and spaced therefrom a dis- 
tance of approximately one-quarter of a wavelength at 
the frequency of the microwave energy. 

3. A space vehicle according to claim 2 wherein said 
load impedance matching means comprise a plurality of 
parallel disposed elongated metallic members. 
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FREE-ENERGY: 
NIKOLA TESLA SECRETS FOR EVERYBODY 


by Vladimir Utkin u.v@bk.ru 


FIRST SECRET 
All of Tesla’s secrets are based on 


ELECTROMAGNETIC FEEDBACK 


EXPLANATION: An ordinary energy system comprises a generator and motor (common view), and can be 
completed with an electric current feedback as shown here in electrical circuit (a) 


NO FREE-ENERGY FREE ENERGY IS POSSIBLE 
Motor Generator Motor Generator 
(a) (b) 
Electrical feedback ElectroMagnetic field feedback 


In case (a), the system once started, will slow down and stop because of friction, resistance and so on. Nikola 
Tesla arranged a feedback loop for the electromagnetic field: case (b), and he said: 


ELECTROMAGNETIC FIELD FEEDBACK DESTROYS THE INTERACTION SYMMETRY 
This means that an action no longer has an equal and opposite reaction 


In case (b), once started, the system will accelerate in spite of friction, resistance and so on (provided that the 
phase of the electromagnetic feedback is positive and is sufficiently large). In order for an electromagnetic field to 
exist in a motor, there must be some energy input, and Tesla said: 


ENERGY GENERATION BY IT’S OWN APPLICATION 


QUESTION: How can you produce positive electromagnetic field feedback? 


AN ANSWER: The simplest and well-known example is Michael Faraday’s unipolar motor, as modified by 
Nikola Tesla: 


An ordinary unipolar motor consists of a magnetised disk, and a voltage applied between the axis and a point on 
the circumference of the disc as shown in (a) above. But an ordinary unipolar motor can also consists of an 
external magnet and a metal disc with a voltage applied between the axis and a peripheral point on the disc as in 
(b) above. Tesla decided to modify this version of the unipolar motor. He cut the metal disc into helical sections 


as shown here: 


In this case, the consumption of current produces an additional magnetic field along the axis of the disc. When 
the current-carrying wires are tilted in one direction, their magnetic field augments the main external magnetic 
field. When the wires are tilted in the other direction, their magnetic field reduces the main external magnetic 
field. So, the current flow can increase or reduce the external magnetic field of the unipolar motor. 


Amplification is not possible without applying power 


If it is possible to arrange a magnetic field feedback loop for mechanical devices, then it is probably possible to 
arrange it for solid-state devices like coils and capacitors. 


The others parts of this article are devoted to devices which use coils and capacitors. All of the examples in this 
article are only intended to help your understanding of the principles involved. Understanding would be made 
easier if we pay attention to the ferromagnetic shielding of the second coil in the transformer invented by Nikola 
Tesla: 


In this case, the ferromagnetic shield separates the first and second coils in the transformer from each other, and 
that shield can be used as magnetic field feedback loop. This fact will be useful for understanding the final part of 
this article. It is also helpful to consider the properties of the electrostatic field. 


ELECTROSTATICS 


(scalar field and the longitudinal electromagnetic waves) 


Comment: Mr. Tesla said, “there is radiant energy, perpendicular to the surface of any charged conductor, 
produced by a scalar electromagnetic field, thus giving rise to longitudinal electromagnetic waves”. 


Radiant 
energy 
Side view Top view 


a“ N 


At first glance, this contradicts the age-old experience in studying the electromagnetic field (according to modern 
concepts, any electromagnetic field has components which are perpendicular to the direction of the propagated 


2 


electromagnetic wave), also, Maxwell's equations describe an electromagnetic field as a vector. However, the first 
impression is erroneous, and no contradiction exists. 


Definitions of Physics: Any conductor has both inductance and capacitance, that is, the ability to accumulate 
charge on it’s surface. A charge on the surface of a conductor creates an electric field (electrostatic field). The 
potential (voltage) at any point of the electric field is a scalar quantity!!! (That is, it is a scalar electric field ...). 


Field of any 
charged 
Side view conductor Top view 
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If the electric charge of the conductor varies with time, then the electrostatic field will also vary with time, resulting 
in the appearance of the magnetic field component: 


5 A 


Thus, the electromagnetic wave is formed (with the longitudinal component of E ...). 


REMARK: In order to understand how a longitudinal wave interacts with conductive bodies, one needs to read 
the section of electrostatics entitled "Electrification by Influence". Particularly interesting are Maxwell's equations 
where they mention the displacement current. 


Now we come to the first secret: 


SECRET 1 


The power source in Nikola Tesla's free energy device, the amplifying transformer, is a 


SELF-POWERED L-C CIRCUIT 


EXPLANATIONS 


An ordinary LC circuit — with decay 


Nikola Tesla LC crewt — with amplification 


AN EXAMPLE OF UNLIMITED VOLTAGE RISE 
(Based on batteries and a switch) 


L ily L 


EXPLANATION: Batteries 1 and 2 are connected to the capacitor C alternately, through the inductances L. 
Voltage on capacitor C and the voltage from the batteries are increasing. As a result, there can be unlimited 
voltage rise. When the voltage on the capacitor reaches the desired level, it is connected to the load. 


COMMENT: Two diodes were used to avoid synchronisation requirements. Manual or relay switching can be 
used. One implementation used a spark gap to connect the output load but a switch is an alternative method. 


TIME LINE FOR THE PROCESS: 


¡LANA 
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The schematics can be simplified, and only one battery used (load is connected in the same way). 
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Needs 
synchronisation 


No need for 
synchronisation 
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(under eaters) == 
COMMENT: If you want to get a self-powered circuit, you have to arrange some kind of energy feedback to the 
batteries. But, is this an actual Free-Energy technology? | am not sure.... 
COMMENT: Is this the only possible way? 


No, of course not - there are different ways of doing it. For example, you can use fields inside and 
outside of some LC circuits. How can we do that? 


For more secrets read the following parts... 


HOW DO WE GET THIS RESULT? 


AN ANSWER 


You need to charge the capacitor using the electric component of the electromagnetic field of the inductor (using 
the displacement current of Maxwell’s equations) 
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EXPLANATION 


When the electric field in capacitor C is decaying, due to feeding electrical current into an inductor (not shown), 
the external electric field generated by the inductor tries to charge this capacitor with the inductor’s displacement 
current. As a result, the capacitor draws energy in from the surrounding electromagnetic field, and the capacitor’s 
voltage rises cycle by cycle. 


IMPLEMENTATION A -a central capacitor is used: 
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IMPLEMENTATION B -no capacitors are used: 
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In this case instead of using a capacitor, the capacitance between the two sections of inductor L provides the 
necessary capacitance. 


HOW DO WE START THE PROCESS? 


In implementation A, you must charge the capacitor and connect it to the inductor to start the process. 


In implementation B, you must use an additional pulsing or “kicking” coil, which starts the process by providing a 
pulse in either the electrical field or the magnetic field (shown later on). 


HOW DO WE STOP THE PROCESS? 


The process of pumping energy can continue uninterrupted for an unlimited length of time and so the question 
arises; how do you stop the device if you should want to?. This can be done by connecting a spark gap across 
the coil L and the resulting sparking will be sufficient to stop the process. 


THE “KICKING” PROCESS USING AN ELECTRIC FIELD 


Use an additional special “kicking” coil, which can generate short powerful magnetic pulses, and install an 
amplifying Tesla coil along the electrical vector of the electromagnetic field of this coil. 


Amplifying 
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“Kicking” 
Coil 


The electrical field of the driving pulse or “kicking” coil will charge the spread capacitors of the inductor, and the 
process will be started. Use pulses as short as possible in “kicking” coil, because the displacement current 
depends on the speed of the changes in the magnetic field. 


THE “KICKING” PROCESS WITH A MAGNETIC FIELD 


It is not possible to “kick” the process by displacement of the amplifying Tesla coil in the uniform changing 
magnetic field of the “kicking” coil, because the output voltage on the ends of the Tesla amplifying coil will be 
equal to zero in this case. So, you must use a non-uniform magnetic field. For that you must install a “kicking” 
coil, not in the centre of the amplifying Tesla coil, but positioned away from the centre 


Centre of the Amplifying 
Amphfying Tesla Coil 
Tesla Coil 


“Kickins” 
Coil 


IS THAT ALL TRUE, AND THE BEST TECHNIQUE TO USE? 


No, itis not! Nikola Tesla found more subtle and more powerful method — his bi-filar pancake coil! 


BI-FILAR PANCAKE COIL - MAY BE THE BEST METHOD 


The voltage between adjacent turns in an ordinary coil is very low, and so their ability to generate additional 
energy is not good. Consequently, you need to raise the voltage between adjacent turns in an inductor. 


Method: divide the inductor into separate parts, and position the turns of the first part in between the turns of the 
second part, and then connect end of the first coil to the beginning of the second coil. When you do that, the 
voltage between adjacent turns will be the same as the voltage between the ends of the whole coil !!! 


Next step — rearrange the position of the magnetic and electric fields in the way needed for applying amplifying 
energy (as described above). The method for doing this is — the flat pancake coil where the magnetic and 


electric fields are arranged in exactly the way needed for amplifying energy. 


Front view 


== Electric 


N Field 
y Wy n = 


(E 7 F mm 


Magnetic 


Field 


Coll for electromagnets 
Now, it is clear why Tesla always said that his bi-filar pancake coil was an energy- 
amplifying coil !!! 


REMARK: for the best charging of the natural self-capacitance of the coil, you have to use electric pulses which 
are as short as possible, because the displacement current as shown in Maxwell’s equation, depends to a major 


degree on the speed of the change in the magnetic field. 


THE DUAL - LAYER CYLINDRICAL BI-FILAR COIL 


Instead of the standard side-by-side cylindrical bi-filar coil, the coil winding may also be arranged in two separate 


layers, one on top of the other: 


-e 
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Cosmic Ray 
‘Particle Shower 
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Hadronic Shower 


a | 
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EMS ower 


Primary cosmic rays 


¿ 
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shower 


Mont Blane 
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THE ELECTRO - RADIANT EFFECT 
(Inductance in an electrostatic field) 


EXPLANATION 


The primary coil in Tesla's transformer is the 


first plate of the capacitor. The secondary coil - is 


the second plate of the capacitor. 


When you charge a capacitor C from your source 


of energy, you charge a wire of the primary coil The secondary 


also. As a result, a wire of the secondary coil is coll — the second 
haroi amd Sani plate of the 

charging also (as a return from ambient space). capacitor 

In order to start the process, you have to remove The primary coil 

charge from the primary coil (by arranging a jump — the first plate 


otthe capacitor 


in potential in ambient space). When this is done, 
a huge displacement current occurs — as a result of 
that potential jump. Inductance catches this 


magnetic flux, and you have energy amplification. 


If this process is operating, then you generate a 


magnetic field in ambient space. 


COMMENT: The capacitance of the wire of the Very short spark — for 
a charge removal from 
primary coil is very low, and so it takes very little the primary coil 


energy to charge it, and a very short spark to 
discharge it (without removing charge from the Tesla's Magnifying Transmitter 


capacitor C). 


COMMENT: Notice that the spark gap must be connected to 
the ground as, in my opinion, this is a very important feature of this process, but Mr Tesla did not show 


grounding. Perhaps this needs to be a separate grounding point. 


REMARK: In my opinion, this technology was also used in Gray's device and in Smith's devices and in both 
cases the spark gap was connected to the ground. 


ALSO: 


Pay attention to the words used in Gray's patent 


.... for inductive load”. 


And, pay attention to Smith’s words “I can see this magnetic field, if | use a magnetometer”. 
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MODERN IMPLEMENTATIONS 
in self-powered L-C circuits 


EXAMPLE 1 


Using a bi-filar coil as the primary coil in a resonant Tesla transformer 
By Don Smith 


a toe Lane 


x se i 


| Bifi lar coil 
i Sá 


Explanation: The bi-filar primary coil is used as primary for energy amplification, and is pulsed through the spark 
gap. 


Tesla's Magnifying Transmitter 
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EXAMPLE 2 
By Mislavskij 


Is comprised of two capacitor plates sandwiching a ferrite ring core with a coil wound on it: 


EXPLANATION 


When a capacitor is charging (or discharging), this “displacement” current flow generates a magnetic field in the 


vacuum in a circular form (Maxwell's equations). If a coil is wound on a ferrite toroid placed between the plates of 
the capacitor, then a voltage is generated in the turns of that coil: 


Circular magnetic field 


Ontput power 


Also, if an alternating current is applied to the coil wound on the ferrite toroid, 
then voltage is generated on the capacitor plates. 


If an inductor and a capacitor are combined in an L-C circuit, then there are 
two cases inside such an L-C circuit: 


a) energy amplification and b) energy destruction 


The situation depends on how the coils and capacitor are connected together 


Energy Generation Energy Destruction 


COMMENT: If the direction of the turns in the coil wound on the ferrite core is reversed, 
then the wires connecting the coil to the capacitor plates need to be swapped over as 
well. 


The first experiments with a ferrite core inside a capacitor were made in 1992 by Mislavskij (a 7th-year pupil of the 
Moscow school), and so it is known as “Mislavskij’s transformer”. 


f 


* 
m - 
E 
E 
= 
E 


PROTOTYPE TRANSFORMER: 
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THE SAME APPROACH? 
By Don Smith 


In this arrangement, the capacitor is charged by sparks and powerful displacement current is produced. The 
transformer with the ferromagnetic core is collecting this current. 


HOUT OL. A" ie li 


THE SPARK AGITATES THE AMBIANT MAGNETIC FIELD- RADIATING ELECTRONS OVER:TO THE TRANSFORMER WHERE 
THEY ARE CONVERTED INTO USEFUL ELECTRICITY: AMPERAGE IS PROVIDED BY A PROPER EARTH GROUND. 


4 « "e oie, a e wre, . 
MAG ON ROE i 


COMMENT: This schematic diagram is very rough, and lacking in details. It will not perform correctly without 
back-electromagnetic force suppression of some kind (see below). 
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SECRET 1.1 
Back-EMF suppression in a resonating Tesla coil 
Version 1 


The primary and secondary coils, and the ground connection in this Tesla coil are arranged in special manner: 


Winding direction 


for two parts of the z 
P i secondary coil 
secondary coil 


consists of two 


Output spark parts connected 


a] aide | in the middle 
cy E | | (7 
AS 4 ——— Free end 
QS ) F j 
Load el 
A Primary coil, 
we B i K 
i placed in the 
| Exciting spark middle of the 
== Ground 
= secondary 


Explanation: The exciting (driving) current and the load current in an electromagnetic field, are perpendicular 
to each other as shown here: 


+ 


For load A 7 ys For resonance 


current (or exciting) 
current 


Hı 


COMMENT: In order to get an energy gain, the frequency of excitation of the primary coil must be the resonant 
frequency of the secondary coil. 


Metal plate "secondary coil 


Metal plates 


"Primary coil 


Plastic sheet 


LOAD 


strong permanent 
magnet spark 
snuffer 


Earth High-voltage 
a. DC supply 
Don Smith Mikola Tesla 


COMMENT: Excitation with just a single spark is possible. 
COMMENT: In Mr. Tesla's terminology, this is pumping charges or charge funneling, the charge is coming from 
the ground (which is a source of energy). 
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POTENTIAL (VOLTAGE) DISTRIBUTION ON THE COIL 


Output spark 


ALA 


EXPLANATION The task of the oscillating circuit is to create a local electromagnetic field with a large electrical 
component. In theory, it would only be necessary to charge up the high voltage capacitor just once and then a 
lossless circuit would maintain the oscillations indefinitely without needing any further power input. In reality, 
there are some losses and so some additional power input is needed. 


THESE OSCILLATIONS ACT AS A "BAIT", ATTRACTING CHARGE INFLOW FROM THE LOCAL 
ENVIRONMENT. Almost no energy is needed in order to create and maintain such a "bait"... 


The next step is to move to this "bait" to one side of the circuit, close to the source of the charges which is the 
Ground. At this small separation, breakdown occurs and the inherent parasitic capacitance of the circuit will be 
instantly recharged with energy flowing into the circuit from outside. 


At the ends of the circuit there will be a voltage difference, and so there will be spurious oscillations. The direction 
of this electromagnetic field is perpendicular to the original field of the "bait" and so it does not destroy it. This 
effect is due to the fact that the coil consists of two opposing halves. The parasitic oscillations gradually die out, 
and they do not destroy the “bait” field. 


The process is repeated spark by spark for every spark which occurs. Consequently, the more often sparks 


occur, the greater the efficiency of the process will be. The energy in the "bait" experiences almost no dissipation, 
providing a much greater power output than the power needed to keep the device operating. 
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TESLA SCHEMATICS 


COMMENT: Don Smith named this technology “Bird on the wire”. The bird is safe on the wire until a spark 


occurs. 


COMMENT: Mr. Tesla named this technology a “charge funnel” or “charge pump” 


THE PRINCIPLE OF THE TECHNOLOGY 


1. This Free-Energy device generates an AC electrical potential in ambient space (“bait” for electrons), 
2. Electrons flowing through the load, flow in from the environment, attracted by this “bait” (pumped in) 


NOT A SINGLE ELECTRON USED FOR EXCITING AMBIENT SPACE NEEDS TO FLOW THROUGH 
THE LOAD 


Stars ee 
Particles and radiation a 
= = Particles and radiation 


Earth is a charged body 


1. Potential (Voltage) — from FE device > Free Energy 
1 E 


Electrons (Current) — from external body 
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POSSIBLE DESIGN FOR THE “CHARGE PUMP” OR “CHARGE FUNNEL” 
By Edwin Gray 
Probable Schematic for Edwin Gray’s Cold Electricity Circuit 


Timer circuit 
10 microsecond | 


impulse generator 


a i p i 4 
y oon | 
=; y : Ly 28 


AN E h 
» ln | Gray's tube 


EXPLANATION: This schematic is a simplification of Gray’s patent, produced by Dr. Peter Lindemann for 
greater clarification in his book. 
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POSSIBLE DESIGN FOR THE “CHARGE PUMP” or “CHARGE FUNNEL” 


Generator < 


EXPLANATION: The charging system is unable to “see” the field inside a charging capacitor. 


COMMON VIEW OF RESONANCE: Resonance is not destroyed if you short-circuit or open a “pumping” 
Capacitor. 


L This capacitor is a 


a part of resonance 


Generator _> 
This capacitor is out 
of resonance 


COMMENT: You can add an ordinary, very large capacitor in parallel with the “pumping” capacitor for more 
impressive results. 


Don Smith illustration 


COMMENTS: You have to use an alternating E-field, in order to charge the capacitor. But, Smith marked the 
North and South poles in his drawing. | think that this is true for only one instant. Diodes are not shown in his 
drawings, which indicates that his device as shown, is to my mind not complete. 
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THE EXTERNAL APPEARANCE OF ED GRAY”S TUBE 


EXPLANATION: Gray’s tube with it’s two internal grids is seen in the middle. Two diodes are underneath the 
acrylic sheet (???). A Leiden Jar is located on the left (???) The HF HV coil is behind Gray’s tube (??7) 


A POSSIBLE DESIGN FOR THE “CHARGE PUMP” or “CHARGE FUNNEL” 
THE TESTATIKA by Paul Bauman 


EXPLANATION: The central electrode in the jars (capacitors) is for the excitation of ambient space; the two 
external cylinders are the plates of the charging capacitors. 


Wiring diagram with Van de Graaf for HY 
August 30, 2006 


Vv 


CH2 on scope CHA1 on scope 


EXPLANATION: The charging mechanism is unable to “see” the field inside the charging capacitors. 


COMMENT: For more details read the section on asymmetrical capacitors. 
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Very high-energy cosmic rays can generate huge showers of up to 10 billion secondary 
particles or more. The energies of the most energetic ultra-high-energy cosmic rays 
(UHECRs) have been observed to approach 3 x 1020 eV,[7] about 40 million times the 
energy of particles accelerated by the Large Hadron Collider. Each of the trillions of 
atmospheric ions generated throughout the Earth’s atmosphere act as a charge carrier 
conveying a high voltage electric charge. The production of atmospheric ions is a 
natural process that occurs day and night across the entire Earth. 


Watch the below video clip to see visual proof of cosmic rays bombarding the Earth's 
atmosphere - particularly the beginning and near the end of the clip. 


https://ionpowergroup.com/how-it-works-on-earth/ 7/23 


A POSSIBLE DESIGN FOR THE “CHARGE PUMP” or “CHARGE FUNNEL” 


COMMENT: This is based on Tesla's schematics 


Sere capaci 


Trgi capaci 
no rode A A — a 
c — li — Ls rT _ “a LLL E 
paT | e 


c — = [m el i 
| . as 
mel capac iy 
forge copacióy 


COMMENT: First, you need to arrange a “voltage killer” barrier on one side of the Tesla coil. This is to create a 
“BLIND” charging system which can't “see” the charge on the capacitor (see below for more detail on 


“blindness”). 


COMMENTS: ‘Huge capacitor’ means: as much ordinary capacitance as possible. 
Effectiveness depends on voltage and coil frequency, and current in the node. 
Effectiveness depends also on the frequency at which the excitation spark occurs. 


It is very similar to Don Smith’s devices. 


In resonance Fi or 
one spark excitation 


(as Smith) 


; E Excitation spark 


“a 


Long line, or foil wrapped plastic 


e 


pai W 
An ordinary huge 
AAT capacitor 
Avramenko’s (Is foil wrapped 
plug , / plastic better?) 
Ri 


COMMENT: For more details read part devoted to Avramenko’s plug... 
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POSSIBLE DESIGN FOR THE “CHARGE PUMP” or “CHARGE FUNNEL” 


Exciting spark 
aaa en ANA ras El or 


one spark exciting 


(as Smith) 


Voltage killer — node arranger 


Mode Foil wrapped plastic 


Don Smith illustration 


| | 
ALTERNATING Impact Energy TRANSFER ANALOGY 
EEE e—a o nm SE 
ENERGY [RANSFER BY SWINGING FLECTRICAL ENERGY IRANSFER JEL CTION 
STEEL BALLS Pucsen € Inractreb ) ELEchRONS 


ImPact ENERGY LURRENT 

UFF - Un 
OROUND i NG 
sh 1 TCH 


O ENERGY O 


CURRENT 


E AT , | 7 
000 0000 ELECTRONS 


Lay Ter 


= a u 5 "i m at if A 
ULSED-ÍNDUCED- l MPACTER Input ENERGY FROM "A 


In AtrernaTing ELECTRICAL Emery SYSTEMS. On Ly THE POTENTIAL- IMPACT 
i p de 


LEVEL REPLICATES [T'S SELF AT Point "B". Exectrons DO NOT TRAVEL 


FROM Point “A” To Pormr “Bb”, 
EXPLANATION: The charging system is unable to “see” the field inside the charging capacitor. 
COMMENT: For more details read the part which is devoted to Avramenko's plug... 


COMMENT: An ordinary piece of wire can be used in some versions of this gadget, see below.... 
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ENERGY REGENERATION BY 
1/4 COIL 


COMMENT: This system is based on wireless energy transmission through the ground 


Elevated Capacity Flevated Capacity Elevatea copación 


Reson ert 
Odes table 
Pec vnrtg 


Eitorf 


manim: Her 
High porta te! 


Elevated Capacity 


O adustabér ETORT ainducionar 
O E sarcoma Corea? Tretia Deceiver 
HOP Geer - 
COMMENT: Energy radiated to ambient space lowers the efficiency of this process 
COMMENT: The Receiver and Transmitter coils must have the same resonant frequency 
EL 
E Transmitter T K 
Coil A 
Output spark F2 
Ezciting spark F1 
Receiver 
Uiz Long wire (voltage killer) used as a big Uiz 
capacitor 
Mode Hode 
There is NO voltage in this wire ONLY CURRENT 
COMMENT: Possible alternative arrangement: 
EL 
I] ,;* K 
ar 
Output spark EZ 
Receiver 
Coil 
o / 
Excitation spark F1 / 
“ U 


COMMENT: A metal sheet can be used instead of a long wire 
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The “COLD” and “HOT” ends of a Tesla Coil 
by Donald Smith 


COMMENT: If the excitation coil L1 is positioned in the centre of coil L2, then the Tesla Coil will have a “cold” 


end and a “hot” end. A spark gap can only be connected to the “hot” end. You cannot get a good spark if the 
spark gap is connected to the “cold” end. 


Tesla Cold Geometry * 


Eectons olla Curr Amper 


—_ = 


Daea Method, olMeonisran 
Use The bree aque bon AA 
on Decimitoi: Vol Aieñer ig 
mesané bami sole done 
they ma recur Papa. 


cual Moa of ri 
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ery Onc, Thee 

Prarie iS Wi Pr a iT") 
coment cla y bo raro 


Volts dominate ifthe L-4+ Codi for ight 
Volts and Amperes obout equal if L-1 Col centered 


Ins End Has Greater Voltage 
Detibutve Copacitance OlMcodra sn 
Capacitonce-Coutombe-Voltoge Ingucton-Hevys- Amperage 
Yoliage hos Elections spinning to Len Amperage hos Electron: spinning to Right 
Volts represent fhe more negative ond Amperes fhe 
less negolve, Terelore ihe electrical change of more 
negote mee seek The HS negolio to rogom Gmbtant. 


This End Hos Greota ÁMpeoge 
Distibuñve inductance ot Modrim 


* Contains proprietary information related lo Patent Procedure 


Donald L. Smith 
Geometry - properties of Ines, surfaces and solids 


2 Movember, 1795 
COMMENT: This is very important for practical applications, so read Don Smith's documents for more details. 
Derivation of Magnetic ana Electrical Power 
£nologaus Rekhorships. 


{Potential Power it present ina ta magnet ce then. 


Gon MALL [ápocs. 
(Amo ol Eleciron Spin tapam } 
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HTE Domcin ak 
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2 The Source of these Electron: being fom the solr Pasta, 
ara none ionic and occupy all Free Space. They ore 
commoni obtained from Barth and Air Groundlings. They 
eritin Doublet Poi, one being more negative thon the athe. 
The mole negative ane has a Left Hand Spin. [he less 
negative one has a Right Hand Sin. 


E 


Reganate Electrical Coil Sysierrg {Tasia ore Analogora to 
the System cecerved in the Bar Magnet (above) The Bloch 
Well Aro 6 Located at Ine basa of the L-2 Col The Len 
Spin potion, Votoge Dny?) par ofthe Col predeminate: 
The dight hand spin pation [ Magnetic-Amperage 2 portion 
i mc absent. 


COMMENT: It is easy to understand the “Hot” and “Cold” ends, if one end of the Tesla Coil is grounded... 
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The Grounded Tesla coil - a hidden form of energy 


EXPLANATION: We can look at the Tesla coil as a piece of metal. Every piece of metal can be charged. If 
Tesla coil is grounded, it has an extra charge delivered from the ground, and has an extra energy also. But, it can 
be find out only in electrostatics interactions, not in electromagnetic one. 


j 
/ 


Mon ¿ero 
extra 
charge 


Él / 


/ One layer 


Call 


One layer 
Call 


Fero extra 


/ ls charge 


Mot 


Comment: This diagram shows only one instant, after half a cycle, the polarities will be swapped over. 
Question: How can we use this fact? 


Answer: We have to arrange an electrostatic interaction: 


RL A RL A 


Non Zero 
Zero extra / extra | 
charge j Bifilar charge Bifilar 
winding 


h winding 


OR 


Comments: Extra capacitors can be used for charging them. 
This looks like Smith’s plasma globe device. Maybe, he used this technology. 


This can be used in charge pump technology for excitation by an alternating electrical field, read 
the section on the charge pump or charge funnel. 


The wiring can be different to that shown above. 
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Examples of grounded bifilar (multi-strand) coils 
From Tariel Kapanadze in his 100 KW device 


Bifilar coll j | 


Bifilar coil 


y Grounding board 


Wwhilt strand coil 


Globe device for energy generation 
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Possible simulation of the L/4 wave “Cold” and “Hot” ends 
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MODERN OPTIONS 
In back EMF suppression 
Version 1 
——— E E mer May 
SYMMETRICAL VERSION UP aires: Appena Cus 


Ey Don Smith 
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Step- down 


0 to mains voltage to 9,000 volts transformer Wains voltage 


Mains 0 60 Hz (an 33.1 kHz 


voltage 


CONTROL 
Voltage — Spark 
frequency 


Step-down 
transformer 


Varistor 


Primary coil in Smith's 
device plays the same 
role as the rod in 


Gray's tube. These 
devices use the 
same principle. 


Explanation: 
Both of the two out of phase outputs were used and both connected to the step-down transformer. 


1. Between sparks: 
There is no current in the step-down transformer and so the two ends of L2 are at the same voltage. 


2. During a spark: 


Parasitic capacitors (not shown) connected across both sections of L2 are discharged to ground, and current is 
produced in the step-down transformer. One end of L2 is at ground potential. But, the magnetic field of this 
current in L2 is perpendicular to the resonating field and so has no influence on it. As a result of this, you 
have power in the load, but the resonance is not destroyed. 


COMMENTS: In my opinion, these schematics have errors in the excitation section. Find those errors. 
Excitation by a single spark is possible. 


In the terminology of Mr. Tesla, this is a ‘charge pump’ or ‘charge funnel’. The charges are 
coming from the Ground which is the source of the energy. 


There are more secrets in the following parts. 


2/ 


SECRET 1.1 
Back EMF suppression in a resonance coll 
Version 2 


Primary and secondary coils are placed on a rod core. All of the coils are arranged in special manner. The 
primary coil is placed in the middle of the core. The secondary coil is in two parts which are positioned at the 
ends of the rod. All of the coils are wound in the same direction. 


secondary 


(load) coll 


Rod core 
e 


la ON 


Primary 
(resonance) coil 


Explanation: 


The electromagnetic fields produced by the resonant (excitation) current and the load current are perpendicular to 
each other: 


For load A For resonance 
current a (or exciting) 
current 


Hı 


So, although you have power in the load, resonance is not destroyed by that output 
power. 


Comments: The load must be chosen so as to get the maximum amount of power flowing into it. Very low 
loads and very high loads will both have close to zero energy flowing in them. 


The secondary coil is shunting the primary coil, and so it has a current flowing in it even if no 
loads are connected. 


The secondary coil can be adjusted for resonance too. 


The “rod” material can be air, or other materials. 
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SECRET 1.1 
Back EMF suppression in a resonance coil 


Version 3 
(long wire usage — bifilar usage) 


EXPLANATION: It is very much like Version 1, but here, the two coils are combined into a single coil. 


REMARK There 13 no current 


in the load without spark 


Er 
Secondary (load) g 
bifilar or long line coil Output spark 
_ y P a 
MAMA) 


| Ground 


IY VY + - 
[ \ | Rod core 


Primary (resonance) 
coil 


IT IS IMPOSSIBLE! 


(Without back EMF suppression) 
By Don Smith 


Multi-coil system for energy multiplication 


COMMENT : You decide how you think it was made. Maybe short-circuited coils will be useful... 


Read the following parts to discover more secrets... 
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5/22/2018 How lon harvesting Works On Earth - lon Power Group 


How Atmospheric Ions are Produced by Nature 


Neutral 
Atmospheric 
Atoms 


Galactic Cosmic Rays 
Knock Electron Away 


Produces Electrically 
Charged Atmospheric 
Ions 


Atmospheric ions are produced by natural processes 


Electrically charged ions are present in the Earth’s atmosphere day and night all around 
the world. Galactic Cosmic Rays arriving from deep space (which are actually 
microscopic particles traveling at relativistic soeed) plus constant atmospheric electrical 
activity (thunderstorms) around the planet, plus Radon gas seeping from the Earth’s 
crust in certain geographic areas combine to replenish the supply of atmospheric ions. 
Atmospheric ions are a natural self-renewing energy resource that cannot be depleted. 


https://ionpowergroup.com/how-it-works-on-earth/ 8/23 


MODERN OPTIONS? 
For Back EMF suppression 
Version 3 


BI-FILAR USAGE 
By Tariel Kapanadze 


| The second end BC — free 
(Not shown) 


Secondary 
Bifilar Coil (BC) 
Is not grounded 


otep-Llown 
transformer 
ls grounded 


Possible schematics of the device 


Free end 


T2 | = == TT 
Ordinary) == == Bifilar 
coil == === coil 
=== —— — e. 
-= -= 
+ Ground Not grounded 


BIFILAR USAGE 
By Timothy Trapp 


COMMENT: See Trapp’s sites for more details 
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POSSIBLE CORE CONFIGURATION 
For back EMF suppression 


TOROIDAL CORE 
BI-FILAR WINDING 


—— 


COMMENTS: An ordinary excitation winding is wound all of the way around a toroidal core. 
A bi-filar output winding is wound around the whole of a toroidal core. 
Remember about the “Hot” and “Cold” ends of a bi-filar coil. 


ORDINARY WINDING Output coil 


consists of 


two parts 


COMMENT: Remember about the “Hot” and “Cold” ends of the output coil 


Output coil 


consists of 


two parts 


E- TYPE CORE 


| 
emy] 


Excitation coil 
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THE BASIS OF BACK EMF SUPPRESSION 
(Tesla patent) 


(No Model.) 2 Bheats—Sheet i 
orien N. TESLA. 
RESULATOR FOR DINAMO ELECTRIC MAQHINSES. 
No. 336,961, Patented Mar, 2, 1886, 
Seige 
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SECRET 1.2 


The Spark-Exciting Generator (“SEG”) 
(Charge delivering to LC circuit) 


Capacitor Bank 


REMARK The frequency of sparks is equal to the resonance frequency of the Tesla coil, and the 
moment of exciting corresponds to the maximum voltage on the Tesla coil. 


a N 
Line dependent on the voltage af | 
ae a ' 
Uo eS : 
Ut) ets i 
a 2 H 
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For the best result A SER 
Tunable Coil System 


insertable Movable L=] 


EXPLANATION: 
The spark delivers charge to the L-C circuit 
The charge Q on a capacitor C with voltage U is: Q=UxC orU=Q/C 


Where Q is a charge delivered by one spark. 
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During the excitation of the L-C circuit by the sparks, the capacitance C is constant. 
After N excitations, the voltage Un on C will be Un=N xQ/C And, energy En will be raised as N°. 


In other words, If the L-C circuit is excited by charges, we have energy amplification. 


POSSIBLE MODIFICATION 


HV transformer 


(Insulated from ground) 


or Tesla coil E 
` Unipolar 
a Excitation spark 


Output 


spark ALA Resonant 


fp F Tesla coil 


Parasitic 
Load L C capacitance 


Tesla coil or 
capacitor 


bank 
= Ground 


COMMENT: You need to understand that a feedback loop in the electromagnetic field is a changing voltage 
level in the L-C circuit capacitor, a high-voltage transformer is connected to collect the excess energy. 


WITHOUT SYNCHRONISATION 


HV transformer 


(Insulated from ground) “~~, 


or Tesla coil | 
Unipolar 
Excitation spark 


Output 


ak g y 


Capacitors 


bank 


“ i 


Step-down transformer 
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The Spark-Exciting Generator 


From Don Smith 
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MAINTAIN RESONANCE AND GET FREE-ENERGY !! 


EXPLANATION: It appears that we need to charge the capacitor circuit to an energy level which is greater than 
that of the source energy itself. At first glance, this appears to be an impossible task, but the problem is actually 
solved quite simply. 


The charging system is screened, or "blinded", to use the terminology of Mr. Tesla, so that it cannot “see” the 
presence of the charge in the capacitor. To accomplish this, one end of a capacitor is connected to the ground 
and the other end is connected to the high-energy coil, the second end of which is free. After connecting to this 
higher energy level from the energising coil, electrons from the ground can charge a capacitor to a very high level. 


In this case, the charging system does not "see" what charge is already in a capacitor. Each pulse is treated as if 
it were the first pulse ever generated. Thus, the capacitor can reach a higher energy level than of the source itself. 


After the accumulation of the energy, it is discharged to the load through the discharge spark gap. After that, the 
process is repeated again and again indefinitely ... 


COMMENT: The frequency of the excitation sparks, must match the resonant frequency of the output coil. 
(capacitors 2 and 14 are used to achieve this goal). This is multi-spark excitation. 


COMMENT: Charges are pumping from the ground to 11-15 circuit, this device extracts charge from ambient 
space. Because of this, it will not work properly without a ground connection. 
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If you need Mains frequency, or don't want use an output spark, then read the following parts... 
Asymmetrical transformers can be used (read the following parts) 


POSSIBLE SEG ARRANGEMENT 


(From Russian forum) 
Öutput spark f2 


Hl 


| 


Tesla = = fl>>f2 = | = 

coll = E == 
Excitation spark z = = = 
iO — | == 


Step-down transformer 


COMMENT: The L1 Tesla coil shown above, is energised by spark f1. Resonant, step-down transformer L2 is 
connected to the L1 Tesla coil by output spark f2. The frequency of f1 is much higher than that of f2. 


SEG WITHOUT SYNCHRONISATION 


From Don Smith 


Three metal 
sheets are used 


Pay attention 
to this part... 


REMARK: It must be adjusted by dimensions, materials (???) 


Possible schematics 


Jn NL. a 


This is net 
completed... 


EXPLANATION 


REMINDER: An ordinary capacitor is a device for separating charges on it's plates, 
The total charge inside an ordinary capacitor is zero (read the textbooks). 


+g q +4 Ty 
E 
E, E, E, 
_ — — — 
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—— —— nn — ————— 
———————— SE 


There is an electrical field only inside the capacitor. The electrical field outside the capacitor is zero (because the 


fields cancel each other). 


So far, connecting one plate to the ground we will get no current flowing in this circuit: 


—— ——. | 
—— —— 
-—— OR _ > 
L — o, 
—— ——. 


REMINDER: A separated capacitor is a device for accumulating charges on it's plates. 


U=0 


Mo current 


Ho current 


The total charge on a separated capacitor is NOT zero (read the textbooks). So far, by connecting one plate 


of the separated capacitor to the ground we will get a current flowing in this circuit (because there is an external 
field). 


Y — YR — | 


U0 


SETI 
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REMARK: We get the same situation, if only one plate of an ordinary capacitor is charged. So far, connecting 
an uncharged plate of an ordinary capacitor to the ground we get a current flowing in this circuit also (because 
there is an external field). 

=0 Q=0 


a 
E 


—— —— 
—— —— 
U0 —» UR >» 
—— —— 
—— —— 
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Alternately charging a capacitor’s plates 


Avramenko's plug — is it a free energy device? 


The principle: Eachplate of a capacitor charges as aseparated capacitor. Charging takes place in an 
alternating fashion, first one plate and then the other plate. 


The result: The capacitor is charged to a voltage which is greater than that which the charging system delivers. 


Explanation: The external field of an ordinary charged capacitor is equal to or near zero, as noted above. So, if 
you charge plates as a separated capacitor (upload or download charge), the charging system will not “see" the 
field which already exists inside the capacitor, and will charge the plates as ifthe field inside the capacitor is 
absent. 


External field is absent External field is 
present 


Once a plate has been charged, begin to charge another plate. 
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Before After 


charging charging 
HE a PR IITTI 
L 
| L 
External field is External field is absent 
present 


After the second plate ofthe capacitor has been charged, the external field becomes zero again. The 
charging system cannot "see" the field inside the capacitor once again and the process repeats again several 
times, raising the voltage until the spark gap connected to the output load discharges it. 


REMARK: You will recall that an ordinary capacitor is a device for charge separation. The charging process of a 
capacitor causes electrons from on one plate to be "pumped" to another plate. After that, there is an excess of 
electrons on one plate, while the other one has deficit, and that creates a potential difference between them (read 
the textbooks). The total amount of charge inside the capacitor does not change. Thus the task_ofthe 


charging system is to move charge temporarily from one plate to another. 


The simplest Free-Energy device (???) 


REMARK: The capacitance of an ordinary capacitor is much greater than the capacitance of a separated plate 
capacitor (provided that it's plates are close to each other). 


E 
E ae | 
ae | 
a EJ 


EJ 


COMMENT: The time between S1 and S2 is very short. 


39 


5/22/2018 How lon harvesting Works On Earth - lon Power Group 


Atmospheric ions are present day and night 


In addition to constant GCR activity, at any moment about 2,000 thunderstorms are 
occurring around the Earth. On average, across the world there are 4,320,000 lightning 
discharges each 24 hour period (3000 per minute). This tremendous amount of high 
voltage electrical energy, together with GCRs bombarding the atmosphere and Radon 
gas seeping from the Earth's crust in certain areas, combine to actively replenish the 
supply of electrically charged atmospheric ions around the world. 


foal a, 


=, 
Cad 


a. 


lon Harvesting Technology harvests electricity day and night and even during bad weather 


lon Power Group's ion collectors, when provided with adequate altitude, can harvest 
the electric charge of near-Earth ions to produce clean renewable high-voltage 
electricity day and night and during storms. lon Harvesting Technology should not be 
confused with other techniques that attempt to capture lightning bolts or harvest 
manmade radio frequency (RF) energy. 


https://ionpowergroup.com/how-it-works-on-earth/ 9/23 


FIELD BEFORE 31 FIELD AFTER 51 


()=+ O=0 ()=+ Q= : 
A ye “es ot 

a — 
A —e 
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+_—— — 
+ — 

RA RS 

U=0 U0 


REMARKS: This is an illustration of energy-dependence in a coordinated system. 
This is an illustration of the so-called Zero-Point Energy. 


ASYMMETRICAL CAPACITOR 
(Current amplification???) 


Input Output 
spark spark 
Aa i 
Charging O | 
system 


COMMENT: The capacitance (size) of the plate on the right is much greater than that of the plate on the left. 
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FIELD AFTER 51 FIELD AFTER 52 


—» | + 
— | «+ 
“a 
— | + 
j q=+ O=-NO, 
“es —> | A 
— pS 
y 
= 
= 
= 
— | + 
—+ | «+ 
— | + 
— | «+ 
— I «— 


COMMENT: Charges from the ground will run on to the right hand plate UNTIL the moment when the external 
field drops to zero caused by the second spark (“S2”). It takes more charges flowing from the ground to annihilate 
the external field at the instant of the second spark, because the capacitance of the plate on the right is far 
greater. ‘More charge’ means ‘more current’, so you have achieved current amplification through this 
arrangement. 


COMMENT: The field at the terminals of the plate on the right is not zero after both sparks have occurred, this is 
because a field remains due to the additional charges which have flowed in (‘oumped’) from the ground. 
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THE SIMPLEST ASYMMETRICAL CAPACITORS 


The most simple asymmetrical capacitors are the Leyden jar and the coaxial cable (also invented by Mr. Tesla). 


|. Dorta pe ee LL 

2. Arba pra ed PA A w Be hiik 
3, pH bti Aih A ee H 
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Apart from the fact that the area (capacitance) of the plates of these capacitors is different, and they therefore are 
asymmetrical, they have another property: 


The electrostatic field of the external electrode of these devices does not affect the internal 
electrode. 


Field from the external electrode Field from internal electrode 


Field inside Field Inside 
| | is absent | | ls present 


EXPLANATION: This is caused by the fact that the electrostatic field is absent inside the metal bodies (see 
textbooks). 


REMARK: This is true provided that the plates are charged separately. 
CAPACITOR - TRIODE 


(The third electrode in an asymmetrical capacitor) 


Field tram 
Input 
electrode Gutput 


electrode 


Input | Control 
electrode electrode 


REMARK: Dr. Harold Aspden has pointed out the possibility of Energy Amplification when using this device. 
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THE PRINCIPLE OF CURRENT AMPLIFICATION 
IN THE CAPACITOR - TRIODE 


EXPLANATION: You have to get zero potential on the inside of a small cylinder (on the input electrode). In this 
case, the charge on the external cylinder will be more than on the internal cylinder. More charge means more 
current, and so you'll have current amplification. 


In detail: 
The potential around any cylinder with radius ‘R’ is: 


= — 0 where q is a charge on this cylinder 
decane 
Potential inside this cylinder is the same, because: 
dp = [) 
dr and F" AL. 


If you want to get zero potential inside two cylinders (on the input electrode) you have to deliver more charge of 
the opposite sign to the external one, proportionally to the radius of this cylinder. A larger radius means more 
charge. 


OPERATIONAL SEQUENCE: 
1. Charge the input electrode from your source of energy. 


2. The small cylinder (control electrode) will be charged automatically, if it's connected to the ground through 
a diode with the properly polarity. 


3. Discharge the input electrode to zero level (for example, by using a spark). As a result there will be a 
zero potential on it. 


4. If the external cylinder is connected to the ground through a diode with the properly polarity, it will be 
charged automatically with the opposite sign. But the charge “pumpeo” from the ground will more than for 
small cylinder (proportional to the ratio of their radiuses). 


5. Asaresult, there is current amplification. 


COMMENT: Did Edwin Gray use this principle in his device?. 


COMMENT: If so, then Gray’s patent is lacking some very important details (???) 
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THE PRINCIPLE OF THE “BLINDNESS” 
CHARGING SYSTEM IN THE SEG 


ae 


e 


Generator 


` ` a, | f 
M NO OUTPUT “E 
F VOLTAGE | 


Generator 


VOLTAGE HERE 


EXPLANATION: The “short” coil is not able to see the oscillations in the “long” coil, because the total number of 
magnetic lines from the “long” coil which are passing through the “short” coil is close to zero 
(because one half is in one direction and the other half is in the opposite direction). 


COMMENT: This a particular case of an asymmetrical transformer, for more details read the part about 
asymmetrical transformers. 
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COMMENTS ABOUT THE SEG: 
All Back EMF schematics can be used in SEG 


Resonance coil is 


secondary coil 


Free end Version | 


Primary coil, 


Excitation spark placed in the 
= Ground middle of the 
secondary 
l 
Resonance coil | jı 


is secondary coil 


Version 2 


Rod core 


Excitation spark es Primary 


(excitation) coil 


Ri 
secondary (resonance) Version 3 


bifilar or long line coil \ 


IVY “S L 
[ J Ma Rod core > 
aL 


Primary (excitation coil) 


Excitation spark 


COMMENTS: No current will be produced in the load in any of these circuits, unless there is a ground 
connection. Is excitation possible with just a single spark (??7) 
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FOR MORE ASYMMETRY IN SEG ? 
FOR ONE SPARK EXCITING IN SEG ? 


By Don Smith 
FL 
Addition al ——» Resonance coil is 
capacitor secondary coil 


Primary coil, 
placed in the 


Excitation spark middle of the 
secondary 


round 


Resonance coil 
is secondary coil | 


Version 2 


Eod core 
_<—— 


~ 


Excitation spark — 
Primary 


Prototype coil 


Additional 
capacitor Rr 
la 


Secondary (resonance) 


bitilar or long line coil 


p round 
YYY NS ml 
Po N Eod core 
a spark Primary (excitation) 
coil 


COMMENT: This arrangement becomes more asymmetrical after excitation 
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EXPLANATION 
Symmetry is destroyed by a spark 


If the impedances of Ra and Rc are the same at the frequency produced by signal generator F1, then the 
resulting voltage at points A and B will also be identical which means that there will be zero output. 


e G osite l 
PA - Ordinary CQpposite Ordinary 
— winding y winding winding 
a, C. 
Generator C | l ZERO ( 
Fl © | OUTPUT a fron- ZERO 
C > OUTPUT 


L, 


If the circuit is excited by the very sharp, positive-only, DC voltage spike produced by a spark, then the 
impedances of Ra and Rc are not the same and there is a non-zero output. 


Here is a possible alternative. Please note that the position of the output coil must be adjusted, its best position 
depending on value of resistor Rc and the frequency being produced by signal generator F1. 


Opposite | 
Ordinary Opposite Ordinary 


winding winding winding 
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Here is another possible arrangement. Here, the position of the output coil depends on L1 and L2: 


= Opposite l 
Ordinary | Opposite Ordinary 


| g ene adi ae 
| ] Winding | a Winding winding 


vane Y/ m | P A 

A = 

Generator 3 a s, 
spar 


i \ C * ZERO C 
y ll OUTPUT 


Af 
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A NOMOGRAPH 
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Using a nomograph: Draw a straight line from your chosen 30 kHz frequency (purple line) through your chosen 
100 nanofarad capacitor value and carry the line on as far as the (blue) inductance line as shown above. 


You can now read the reactance off the red line, which looks like 51 ohms to me. This means that when the 
circuit is running at a frequency of 30 kHz, then the current flow through your 100 nF capacitor will be the same as 
through a 51 ohm resistor. Reading off the blue "Inductance" line that same current flow at that frequency would 
occur with a coil which has an inductance of 0.28 millihenries. 
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MODERN OPTIONS IN SEG 


Back EMF suppression in resonance coil 
Version 3 
By Don Smith 


— : -— O d 
Globe device for energy generation 


COMMENT: Please note that a long wire is used and one-spark excitation, where additional capacitors are 
used to create non-symmetry (???) 


Version??? 
By Don Smith 


Multi coil system for energy multiplication 
Version??? 
By Tariel Kapanadze 


—— 
No description, so read the following section... 
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5/22/2018 How lon harvesting Works On Earth - lon Power Group 


(https://11.wp.com/ionpowergroup.com/wp- 


content/uploads/2016/09/lon-Collector-harvesting-ions-PLAIN.jpg?ssl=1) 


me e 
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- Material being tested => | 


(https://i1.wp.com/ionpowergroup.com/wp- 


content/uploads/2016/10/lon-Harvesting-Table-Top-Assembly-annotated.jpg?ssl=1) 


lon collectors can be composed of carbon/graphite/graphene, while not metallic, are 
electrically conductive, flexible and durable. Electric fields are known to coalesce at 
conductive points known as the “Corona Effect”. The solution of Poisson's equation to 
determine electric field intensity around the collectors shows us that the highest 
electric fields will be around sharp points; the sharper the point, the greater the electric 


https: //ionpowergroup.com/how-it-works-on-earth/ 10/23 


KAPANADZE PROCESS 
The process requires only 4 steps: 


STEP 1 


An L-C (coil-capacitor) circuit is pulsed and it's resonant frequency determined (possibly by feeding it power 
through a spark gap and adjusting a nearby coil for maximum power collection). 


a Uit) 


STEP 2 


The SEG process causes the energy level in the L-C circuit to rise. Power is fed via a spark gap which produces 
a very sharp square wave signal which contains every frequency in it. The L-C circuit automatically resonates at 


its own frequency in the same way that a bell always produces the same musical frequency when struck, no 
matter how it is struck. 


a U(t) rn 


STEP 3 


The output waveform from the L-C circuit is then manipulated to provide an output which oscillates at the 
frequency on the local mains supply (50 Hz or 60 Hz typically). 


Fesonant : | 


H H ih i | H p 
: l | i i | i \ i 4 j | i | i 
frequency A A i MA a Fi A J 50 Hz \ K e Ny A / 
y $$ 
STEP 4 


COMMENT: All of these processes are described in Kapanadze’s patents and so, no state or private confidential 
information is shown here. Kapanadze’s process is the SEG process. 


COMMENT: As | see it, the main difference between the designs of Don Smith and Tariel Kapanadze is the 


inverter or modulator in the output circuit. At mains frequency you need a huge transformer core in 
a powerful inverter. 


Read the following parts to discover more secrets... 
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MODERN OPTION 
Lowering the L-C frequency to mains frequency (Modulation) 


Sa wow 


Output filter 
(Generator 
HF HV 50 (60) Hz 
| Mains-frequency 
output 


COMMENTS: It is possible to use square waves instead of sine waves to ease the loading on the transistors. 
This is very similar to the output sections of Tariel Kapanadze’s patents. This method does not require a powerful 
transformer with a huge core in order to provide 50 Hz or 60 Hz. 


Slep-down transformer 
(current amplification) 


Don Smith’s option (guessed at by Patrick Kelly) 


step-down 
2,000 volts transformer Mains voltage 


Storage 


Varistor 


Mains-frequency 
oscillator 


High-voltage 
semiconductor 


COMMENT : There is no high-frequency high-voltage step-down transformer, but a step-down transformer is 
used for mains frequency which means that it will need a huge core. 


FOR BOTH SCHEMATICS: 
You must choose the load in order to get the maximum power output. Very low, and very high 


loads will give almost no energy in the load (because the current flowing in the output circuit Is 


restricted by the current flowing in the resonant circuit). 
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From Tariel Kapanadze 
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ENERGY GAIN 
(REMARKS on 1.1 and 1.2 SECRETS) 


We must consider two options: 
1. Back-EMF suppression..... (1.1) 
2. Excitation by a spark....... (1.2). 


THESE OPTIONS ARE DIFFERENT 


However, in both cases, an increase of energy occurs due to the charges being pumped in from the 
ground. In the terminology of Mr. Tesla — “a charge funnel” or in modern terminology “a charge pump”. 


1. In the first case, the problem for the oscillating circuit is to "create" an electromagnetic field which has a high 
intensity electrical component in ambient space. (Ideally, it is only necessary for the high-voltage capacitor be 
fully charged once. After that, if the circuit is lossless, then oscillation will be maintained indefinitely without the 
need for any further input power). 


THIS IS A "BAIT" TO ATTRACT CHARGES FROM THE AMBIENT SPACE. 


Only a tiny amount of energy is needed to create such a "bait"... 


Next, move the "bait" to one side of the circuit, the side which is the source of the charges (Ground). The 
separation between the “bait” and the charges is now so small that breakdown occurs. The inherent parasitic 
Capacitance of the circuit will be instantly charged, creating a voltage difference at the opposite ends of the circuit, 
which in turn causes spurious oscillations. The energy contained in these oscillations is the energy gain which we 
want to capture and use. This energy powers the load. This very useful electromagnetic field containing our 
excess power oscillates in a direction which is perpendicular to the direction of oscillation of the "bait" field and 
because of this very important difference, the output power oscillations do not destroy it. This vital factor happens 
because the coil is wound with two opposing halves. The parasitic oscillations gradually die out, passing all of 
their energy to the load. 


This energy-gaining process is repeated, spark by spark. The more often a spark occurs, the higher the excess 
power output will be. That is, the higher the spark frequency (caused by a higher voltage across the spark gap), 
the higher the power output and the greater the efficiency of the process. Hardly any additional "bait" energy is 
ever required. 


2. In the second case we must charge the capacitor circuit to an energy level higher than that of the source 
energy itself. At first glance, this appears to be an impossible task, but the problem is solved quite easily. 


The charging system is screened, or "blinded", to use the terminology of Mr. Tesla, so that it cannot “see” the 
presence of the charge in the capacitor. To accomplish this, one end of a capacitor is connected to the ground 
and the other end is connected to the high-energy coil, the second end of which is free. After connecting to this 
higher energy level from the energising coil, electrons from the ground can charge a capacitor to a very high level. 
In this case, the charging system does not "see" what charge is already in a capacitor. Each pulse is treated as if 
it were the first pulse ever generated. Thus, the capacitor can reach a higher energy level than that of the source 
itself. 

After the accumulation of the energy, it is discharged to the load through the discharge spark gap. After that, the 
process is repeated again and again indefinitely ... 


THIS PROCESS DOES NOT REQUIRE THE SUPPRESSION OF BACK-EMF 


3. It should be noted, that option 1 and option 2 above could be combined. 
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SECRET 2 
SWITCHABLE INDUCTANCE 


The inductance is comprised of two coils which are positioned close to each other. Their connections are shown 


In front. 
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CONSTRUCTION: When constructing this arrangement there are many different options due to the various 
types of core which can be used for the coils: 


1. Air-core 

2. A ferromagnetic bar core 

3. A ferromagnetic toroidal core 

4. A transformer style ferromagnetic core. 


PROPERTIES: (tested many times with a variety of cores) 
The value of the total inductance Ls does not change if you short one of the inductors L1 or L2 
(This may have been tested for the first time by Mr. Tesla back in the 19th century). 


APPLICATION TECHNIQUE: 

This energy generation is based on the asymmetrical process: 
1. Feed the total inductance Ls with a current | 
2. Then short-circuit one of the inductors (say, L1) 
3. Drain the energy from inductor L2 into a capacitor 


4. After draining L2, then remove the short-circuit from L1, short-circuit L2 and then drain the energy from L1 
into a capacitor 


QUESTION: Is it possible, using this method, to get twice the energy amount due to the asymmetry of the 
process, and if not, then what is wrong? 


AN ANSWER: We need to start winding coils and performing tests. 
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EXAMPLES OF COILS ACTUALLY CONSTRUCTED 


A coil was wound on a transformer ferromagnetic core (the size is not important) with permeability 2500 (not 
important) which was designed as a power-supply transformer. Each half-coil was 200 turns (not important), of 
0.33 mm diameter wire (not important). The total inductance Ls is about 2 MH (not important). 


E 


A coil was wound on a toroidal ferromagnetic core with permeability 1000 (not important). Each half-coil was 200 
turns (not important), of 0.33 mm diameter wire (not important). The total inductance Ls is about 4 mH (not 


important). 


An ordinary laminated iron core transformer intended for 50-60 Hz power supply use (size is not important) was 
wound with a coil placed on each of it's two halves. The total inductance Ls is about 100 mH (not important). 


THE OBJECTIVE OF THE TESTS 


To make tests to confirm the properties of the coils, and then make measurements of the Ls inductance both with 
coil L2 short-circuited and coil L2 not short-circuited, and then compare the results. 


COMMENT: All of the tests can be done with just the toroidal coil as the other coils have been shown to have the 
same properties. You can repeat these tests and confirm this for yourself. 
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OPTION 1 


These simple inductance measurements can be carried out with the help of an ordinary RLC (Resistance / 
Inductance / Capacitance) meter, such as the one shown here: 


The measurements taken: 


The total coil inductance Ls was measured without short-circuited coils, the figure was recorded. The L2 coil was 
then short-circuited and the inductance Ls measured again and the result recorded. Then, the results of the two 
measurements were compared. 


The result: The inductance Ls was unchanged (to an accuracy of about a one percent). 


OPTION 2 


A special set-up was used, consisting of an analogue oscilloscope, a digital voltmeter and a signal generator, to 
measure a voltage on the inductance Ls without L2 being short-circuited and then with L2 short-circuited. 


After the measurements were made, all of the results were compared. 
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Schematic of the set-up: 


Oscilloscope 


Generator 


Frequency 10 kHz 


— Voltmeter 
~ 
~ G 
L1 = 
~ 
O 
O 
L2 = 


The order in which the measurements were taken 


The voltage on the resistor was measured using the oscilloscope and the voltage on the inductor was measured 
using the voltmeter. Readings were taken before and after short-circuiting L2. 


The result: The voltages remained unchanged (to an accuracy of about one percent). 


Additional measurements 


Before the above measurements were taken, the voltages across L1 and L2 were measured. The voltage on both 
halves was a half of the voltage on the total inductor Ls. 


COMMENT: The frequency of about 10 kHz was chosen because the coil did not have parasitic resonances at 
this frequency or at low frequencies. All measurements were repeated using a coil with a ferromagnetic E-shaped 
transformer core. All of the results were the same. 
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OPTION 3 
Capacitor recharging. 


The objective was to match voltages on a capacitor, both before and after it being recharged by interaction with 
an inductor which could be connected into the circuit via a switch. 


ino erica | 


single pole 
Double throw 


Gan 


The experiment conditions 


A capacitor is charged from a battery and is connected to the inductor through the first diode (included to give 
protection against oscillations). At the moment of feedback, half of the inductor is shunted by the second diode 
(due to it’s polarity), while the inductance must remain unchanged. If after recharging the capacitor the capacitor 
voltage is the same (but with reversed polarity), then generation will have taken place (because a half of the 
energy remains in the shunted half of the inductor). 


In theory, it is impossible, for an ordinary inductor consisting of two coils to do this. 


The result : 
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The result confirms the prediction — the remaining energy is more than the capacitor gives to the coil 
(with an accuracy of 20%). 
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Test components: Capacitor 47 nano Farads, inductor LS is about 2 mH , Shotky silicon diodes BAT42, 
voltage used: 12 V. 


THE RESULT VERIFICATION FOR OPTION 3 


For verification of these results and in order to improve the accuracy, all measurements were repeated using 
alternative components. 


Test components: Capacitor: 1.5 nano Farads; total inductance: 1.6 mH, germanium diodes: (Russian) 
D311, charging voltage: 5V. 


The result: Confirmation of the previous measurements (a) shown below: 


(b) 

The recharging accuracy was improved to 10 percent. Also, a check measurement was made without the 
second diode. The result was essentially the same as the measurement which used the shunting diode. The 
missing 10 percent of the voltage can be explained as losses due to the spread capacitor’s inductance and in it’s 
resistance. 


CONTINUED TESTING 


The shunting diode was reversed and the test performed again: 


The result: It seems that the charge is spot on... 
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field. lon collectors offer millions of microscopic electrically conductive points and 
protrusions which readily couple to the electric fields of near-Earth ions transferring 
high-voltage electricity from the atmospheric ions to the ion collectors. 


p 
V9 = —5. 
? E 


Ground based circuitry maintains the ¡on collector material at a voltage considerably 
lower than the surrounding atmospheric ions thereby employing the electrostatic 
attraction principle causing nearby ions to migrate to the ion collectors. High 

voltage wire connected to the ion collectors convey the harvested high voltage DC 
electricity to a storage medium or electrical load to produce work. Measurements have 
shown that ion collectors made of graphite are more efficient at harvesting electricity 
from airborne ions than all other tested metals. In some tests, by as much as 55x 
greater efficiency. Some of the tested metals include highly conductive silver, copper, 
and aluminum wire - aluminum spheres - copper and aluminum sheets. 


The below graphs show voltage and current coupling characteristics comparing metal in one test 
(indicated as red and green) to carbon/graphite (indicated as purple). 
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Further testing 


An oscilloscope was connected to the coil instead of to the capacitor, in order to avoid influence of the first diode 
so the oscillations viewed were based on the inductance of the spread capacitors. 


PHAN 


The result: The accuracy of capacitor recharging was improved to 5 percent (due to the removal of the 
influence of the first diode). After the main capacitor was switched off (by the diode), you can see oscillations 
caused by the spread capacitance of the inductors. Based on the frequency of the oscillations which were 4 to 5 
times higher than that of the main capacitor, one can estimate the spread capacitance as being 16 to 25 times 
lower than the main capacitor. 


Still further testing 


Testing of the oscillation circuit shunting, with the two cases combined (and without the first diode): 


The result: A contour (oscillation circuit) is not destroyed, but it is shunted a lot. One can explain it by 
considering the moments when both diodes are conducting and so, shunt the circuit. As an addition, the voltage 
on the down diode is shown (the time scale is stretched). The negative voltage is close to maximum. 
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Still further testing 


Charging a capacitor by shunting current in oscillation mode. 


Conditions: The addition of a charging capacitor of 47 nano Farads. 


The result: A capacitor is charging without shunting the circuit. The final voltage on it is 0.8 V, and rises an falls 
of the voltage depend on the value of the capacitor. 


THE OVERALL RESULTS OF THE TESTS (OPTIONS 1, 2 and 3) 


The symmetry of interaction in systems with electromagnetic field feedback (as with switched inductance) appears 
to be violated, and this implies that this arrangement could be used to generate energy. 


COMMENT: You need to choose the load in order to get the maximum power output. Very low, and very high 
loads, will send almost no energy to the load. 
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ILLUSTRATION FOR SWITCHABLE INDUCTANCE 


lrutially—charged capacitor 
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EXPLANATION: The circuit has two kinds of currents: the main current and the shunting current. 


\ current | 


The main and the shunting currents run through the same output capacitor in one direction, if the output capacitor 
is discharged. 


| Main \- 
| current > Maii 
i A unting | y 
Shunt 
a C current = 


=> f >f current 


There is no shunting current, if the output capacitor is charged. 
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ILEUSTRATION FOR SWITCHABLE INDUCTANCE 


From Don Smith 


EXPLANATION As Don Smith said, two detector receivers were combined, and one FE device was constructed. 


COMMENTS: Don Smith produced this explanation as a PDF file: www.free-energy-info.com/Smith.pdf 
The resistance of the load must be chosen so as to get the maximum possible power in it. 


The “board” does not contain an output circuit, because a couple of spark gaps and one step-down 
transformer can be used instead of diodes and a capacitor (this was pointed out before, so read 
the part which describes the suppression of back EMF). 
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MECHANICAL (INERTIAL) ANALOGUE OF SWITCHABLE INDUCTANCE 


From Tariel Kapanadze 


Spring {helix} Transmission 


Controlling mechanism 


EXPLANATION: When one pendulum is stopping the other is accelerating. The controlling mechanism connects 
the pendulums to the output generator one after the other and so maintains the oscillations. 
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CONNECTING EXTRA MASS TO A MECHANICAL OSCILLATOR 


EXPLANATION: Mechanical energy can be stored in any spring by compressing it or stretching it (1). It 
corresponds to two positions in a mechanical oscillator (2), when only potential energy takes place in an 


oscillating process 
l i 
Hi | hI j 0///1//o Potential energy 
i 
¡ | 


MAA) No force DINANO Kinetic energy 


Potential energy 


EXPLANATION: If extra mass is connecting periodically to one side or the other, of a mechanical oscillator, it 
will be shifting without any energy loss during the oscillation process 


Change 
position 


COMMENT A grounded Tesla coil is an 


Change analogue of a spring with one side fixed 


position 


Change 
position 


(Change 
position 


(Change 
position 


E,p=k(dx)*/2 — Potential energy of deformed 
spring (helix) 


Change 
position 


And so on... 
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THE PRINCIPLE OF AMPLIFICATION OF MECHANICAL ENERGY 


Explanation: The principle is based on an asymmetrical flywheel (1) consisting of a small mass and a large 
mass. These masses are balanced across the centre of rotation, that is, are located at a distance proportional to 
their weights, from the center of rotation. This helps to avoid vibration when they are rotating (the same principle 
used when balancing a car wheel). 


Fy=0.5*My Vi? | 
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The inertial moment of such a flywheel (1) is analogous to the inertial moments of flywheels (2) and (3), consisting 
only of large or small masses. However, from the point of view of kinetic energy, all of these examples, (1), (2) 
and (3) are different. This is because the kinetic energy of every mass depends on the direction and speed at 
which it moves (if is released during rotation). The highest common kinetic energy is in the masses of flywheel 
(3), as less energy is contained in flywheel (1) and the smallest kinetic energy is in flywheel (2). In order to get an 
increase in energy one needs to achieve a set-up which is based on a spring (for energy transformation from 
kinetic energy to potential energy and back again) and a lever of Archimedes (for changing the point where the 


force is applied). 
El Mm nx. 


0 —+ 


Wi 


Kinetic energy Potential energy Change mass Kiñetic energy 
and point force 


Comments: 
1. The simplified schematic diagrams shown here are for explanation purposes only. 
2. In an actual device, you can use a spring in rotation mode (as Tariel Kapanadze did). 
3. You can use disks and rings as flywheel masses (as Tariel Kapanadze did). 
4. Altering one mass to another is actually achieved by connecting them in various ways. 
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*— 0 


Comment: Any asymmetrical mechanical oscillator behaves as indicated above, when the potential energy of a 
compressed spring is transformed to the kinetic energy of moving masses. 


EE, 


l Wai 


The potential energy of the spring is distributed unequally between the small and large masses. A small mass 


acquires more energy relative to its size than a large mass does. The sum of the kinetic energies of both masses 
is equal to the potential energy of the spring. 


Comment: This is based on Tesla's asymmetrical schematic: 
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FLYWHEEL - A HIDDEN FORM OF ENERGY 
(Clarifications on mechanical energy amplification) 


EXPLANATION: If you don't want to lose mechanical energy when doing work, then this work must be done by 
an imaging force. This force is absent in an inertial coordinate system, but it is present in a non-inertial coordinate 
system. When in a rotational coordinate system this force is called ‘centrifugal’ force. 


TOP VIEW 
TOP VIEW Angular velocity 
Wee Wi Track of one mass 
| during a work in 
Centrifugal force | rotation system 
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COMMENT: After the work is done, the centrifugal force is low and if you want to continue producing mechanical 
work, you have to use the other coordinate system where centrifugal force is high again. This is possible because 
linear velocity does not change. You have to provide the other support point only (and a cord) in order to 
produce mechanical energy again. 


COMMENT: If you want to make this mechanical work continuous, then the end of the first track must also be the 
beginning of the second track. You have to change coordinate system periodically. 
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the first track 
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the second track the first track 


COMMENT: In a real situation, you have to compensate for energy loss due to friction and so a part of the excess 
energy must be used to maintain the process. 
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ILLUSTRATION FOR SWITCHABLE INDUCTANCE 
From Alfred Hubbard 


External resonance 


coll 


Peripheral coils 


serial connected 


EXPLANATION: The center coil and all of the peripheral coils can “grasp” the same flux coming from the 
resonance coil. All other details are the same as in Smith’s version. 


COMMENTS: In other words, you can use rods as the coil core, instead of a closed ferromagnetic core. 


But, this is not the only option in Hubbard’s device. He may have had another one, based on a 


different principle, perhaps the principle of energy amplification in an LC circuit as described 
earlier, but with switchable inductance being used. 
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MODERN OPTIONS? 


In switchable inductance 


Version 1 
A coil has more inductance when some of it’s parts are short-circuited: 


LL 


a—— FEodcore 


EXPLANATION: The central section of the coil and it’s two end sections are wound in opposite directions. 


COMMENT: The coil shown in the picture above has twice the inductance, when it’s end sections are short- 
circuited (measurements made with the Chinese-built RLC test meter shown here): 
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16.34 mar ralia 
Version 2 a 
By Don Smith 
i For shunting, not 
0 to mains voltage 0 to 9,000 volts £ 
21 60 Hz @ 35.1 kHz or resonance 
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voltage 


But, this looks like resonance in an asymmetrical transformer 22222 


Version 3 
By Tariel Kapanadze 


switchable mductance, 
or symmetry destroyed 
| by spark ? 


No description ...??? 


Read on for further details.... 
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THE BASIS OF SWITCHABLE INDUCTANCES 
(Tesla patent) 


(No Model.) 2 Bheats—Sheet i 
_ N. TESLA. 
RESULATOR FOR DINAMO ELECTRIC MAQHINSES. 
No. 336,961, Patented Mar, 2, 1886, 
Fiz Al 
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SECRET 3 
THE ASYMMETRICAL TRANSFORMER 
With a magnetic field feedback loop (evolution of the 2nd secret) 
LENZ LAW IS VIOLATED IN AN ASYMMETRICAL TRANSFORMER 
(Therefore it is not possible to use it as an ordinary transformer) 


An asymmetrical transformer can have two coils: L2 and Ls. Coil L2 is wound on one side of the toroidal core 
while Ls is wound so that it encloses both the toroid and the coil L2 as shown here: 


Optionally, this arrangement can be implemented with a wide range of styles of transformer core: 


Now that you understand the operational principles of this system, you can use any configuration which you need. 
For example: 
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ILLUSTRATION FOR AN ASYMMETRICAL TRANSFORMER OF SOME KIND 
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THE MECHANICAL EQUIVALENT OF AN ASYMMETRICAL TRANSFORMER 


This example shows an ordinary transformer, wound on an E-core plus an external excitation magnet: 


E y 


The magnet orientation may be different 


In other words: L2 is still used, but instead of Ls the exciting magnet is used. 


The result: 
1. The voltage developed across coil L2 depends on the number of turns in L2, but the short-circuit current 
through L2 does NOT depend on the number of turns in coil L2. 


2. You need to choose the load connected to L2 in order to get the maximum power output. Very low, and very 
high loads, will give almost no power output. 
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RESONANCE IN AN ASYMMETRICAL TRANSFORMER 


The first coil is used as a transmitter of energy, and the second coil as a receiver of energy. 


It is very like radio broadcasting, where the receiver is located far away from the transmitter, and has no feedback. 
The first coil works in parallel resonance and the second coil in serial resonance (although the two schematic 
diagrams look alike). 


EQUIVALENT SCHEMATICS 


Parallel serial 
Resonance Resonance 


K == AAN 


Transmitter Receiver 


Ls C L> 


Sumulated long distance 
_— ooo 


FOR TRANSMITTER 


CONSEQUENTLY: You can get much more voltage on L2 than on Ls 
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An experiment: 
Generator Voltmeter 


Frequency 10 kHz 


S 
n 
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Conditions: 
The resonance frequency is about 10 kHz. The total inductance Ls is 2.2 mH, the L2 inductance (same as the L1 
inductance) is 100 mH, the ratio Ls:L2 is 1:45 with an E-shape core, permeability is 2500. 


The result: 
At the resonance frequency, there can be a voltage which is 50 times more on any parts (L1 or L2) matched with 
the total coil LS, and voltage changes on R are no more than 15 percent. 


The phase shift in voltage is about 90 degrees between LS and L2. 


(The amplitudes were equalised) 


Further 
An additional step-down coil Lo was wound around L2, turns ratio 50:1 (matched with L2), and the load resistor 
RL = 100 Ohms was connected to it. 


The result 
Changes in current consumption (estimated by measuring the voltage across R) are no more 15 percent. 
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MODERN OPTIONS IN USAGE OF AN 
Asymmetrical transformer 
By Don Smith 


The schematic is like this: 


Resonance Output 7» 


circuit spark 


step-up transformer 


COMMENTS: Between sparks, L2 has a voltage on it’s ends. If RL is connected directly to L2 then there will 
be no output current without resonance and there will be no output current without a spark. 


MORE ACCURATE: 
ss 
Resonance F, A A a 
circuit 


Ri 


Output spark 


ee 7) 


Step-up transformer i 


COMMENTS: L2 has no voltage on it’s ends (without a spark). This is ordinary back-EMF suppression, 
invented by Nikola Tesla. 


MORE USEFUL 


Resonance a EE can 
circuit 


s im j Output spark 
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i 
rro) 
Step-up transformer L 


COMMENT: Lzhas no voltage on it’s ends (without a spark). 
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Secret 3.1 
THE ASYMMETRICAL TRANSFORMER BASED 
ON THE SHORT-CIRCUITED COIL 
INTRODUCTION 
Remark: Voltage distribution on the shorted coil depends on the position of the exciting coil. 


DESCRIPTION 


CASE 1 The excitation coil is centered: 
Result: We have the full period of the voltage distribution on the short-circuited coll 
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CASE 2 Excitation coil is on onégide | 
Result We have half period of the voltage distribution on thé short-circuited coil 
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CONSTRUCTION OF THE ASYMMETRICAL TRANSFORMER 
based on the short-circuited coil 


CASE 1 The short-circuited coil is wound in one direction 
Output coil 
y Short-circuited 


> | | | \ Core inside is 
o] | optional 


Input coil 


shunt 


Result: The output does not influence the input in any way. 
Explanation: The signal from the output coil generates zero voltage difference on the input coil. 
Remark: The position of the coils should be adjusted in order to give the best result. 


CASE 2: The short-circuited coil is wound in opposite directions from the centre outwards, and only half of the 
coil is short-circuited: 


“hunt 


A short-circuited 
i \ \ coil D ue 
= | ore inside 15 
\ optional 
Me j 


Output 
Result: The output has no influence on the input coil 
Explanation: The signal from the output coil generates zero voltage difference on the input coil. 
Remark: The position of the input coil needs to be adjusted to get the best result. 


Remark: The coil's position depends on permeability of the core. More permeability means more alike with 
distribution pointed at the beginning. 


Best Position: To find the best coil position, connect the signal generator to the output, and then find the coil 
position which shows zero at the input terminals. Alternatively, use an RLC meter connected to 
the input terminals and then find the coil position which gives no change in reading when the 
output terminals are short-circuited (for both case 1 and case 2). 


Comment: The length of the wire, the total length of the coil, and the diameter of the coil are not important. The 
number of turns in the input and output coils plays the same role as in an ordinary transformer, for 
both case 1 and case 2. 
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MODERN APPLICATIONS FOR SHORT-CIRCUITED COILS 


By Don Smith 
CASE 1 


ELECTRICAL ENERGY GENERATNG SYSTEM 
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CASE 2 
ELECTRICAL ENERGY GENERATING SYSTEM 
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REMARK: The position of the coils must be adjusted until the output has zero influence on the input. 


REMEMBER: None of the (input) energy used for exciting ambient space should appear in the load. 
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content/uploads/2016/07/lon-Coupling-Characteristics-CURRENT.jpg) 


Below is a picture of carbon, a key element in ion collectors, taken at the microscopic level 
by an electron microscope. 
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AN EXAMPLE OF CASE 2 
By Don Smith 


0 to mains voltage 0 to 9,000 volts 


( 60 Hz g 35.1 kHz 
Mains 
voltage 


COMMENTS: The output coil can be adjusted to resonate with the input coil, but this is not important for 


understanding the principle. Excitation with just one spark is possible (not in resonance), but the 
frequency of the sparks influences the output power directly. 
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COMMENT: Don Smith used the simplest doubling excitation frequency 


HF HY 


30-35 KHz 


Ss 60-70 kHz 


COMMENTS: Resonance frequency of the circuit is about 60-70 kHz, but dimmer is for 30-35 kHz. 
For adjusting the excitation frequency, voltage/frequency technology was used. 
You have to adjust two parameters: the position of the slider and the excitation frequency. 
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MODERN APPLICATION FOR SHORT-CIRCUITED COILS 
By William Barbat 


US Patent Application number 2007/0007844 


Self-Sustaining Electric-Power Generator Utilizing Electrons of Low Inertial Mass to Magnify Inductive Energy 
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Fig. 1(A) 
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COMMENT In order to understand this device, you have 
to read Barbat's patent application US 2007/0007844 Al: 


www.free-energy-info.com/PatD25.paf 


COMMENT | would like to point out that externally, it 
looks very much like Alfred Hubbard's device. 
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AN EXAMPLE OF CASE 1 


By Tariel Kapanadze 


L/4 coil 
(OUTPUT) 


Excitation coil 


L/4 coil 
(OUTPUT) 
L/4 coil 
(OUTPUT) 


Li4 coil 
(OUTPUT) 


COMMENT: Adjust the positions of the coils to get the best result. 
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AN EXAMPLE OF CASE 1 
By Steven Mark 


TPU 


REMARK: An idea - an asymmetrical transformer based on the shorted-circuited coil: 


, Output - 


REMARK: The positions of the coils must be properly adjusted, in order to have no transmission feedback from 
the output to the input. To understand this better, read the part which is devoted to switchable inductance. 


EXPLANATION: 
The first layer (shunted coil wound around the whole core) The second layer (coils for input and output) 


Begin 


Middle 


VOLTAGE DISTRIBUTION 


Length 
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THE BASIS OF THE TPU 
(Tesla Patent) 


SYSTEM OF ELECTRICAL DISTRIBUTION. 
No. 381,970, Patented May 1, 1888, 


(get 


T 


Y Ml Aunen. A (al Nikola Iziba. 


ACTUAL TPU 


Asymmetrical transtormer CASE 2 


Li? shunted coll 


REMEMBER: Input 


The position of the coils must be adjusted. 
The easiest way to do this is to add or remove 


turns at the ends of the coils. 


AN EXAMPLE OF CASE 2 
By Tariel Kapanadze 


Mechanical device 


yohort-circuited coll 
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MODERN USE OF SHORT-CIRCUITED COILS 


by Cherepanov Valera (‘SR193’ in Russian forum) 


COMMENT: This arrangement can be used for back-EMF suppression in resonance (spark excited) mode to 
get a laser effect (very exciting summation effects). 


COMMENT: This was copied from this device of Tariel Kapanadze (?7?7). 


Don Smith 


carr ary Excitation sp ark 


COMMENT: Mr. Tesla said: “The optimum relation for the main and additional coil is 3/4L and L/4”. Is that ratio 
used here? 


COMMENT: If you don’t understand this schematic, look at simplest version of the coil. 
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THE SIMPLEST VERSION 


where the output has zero influence on the input 


Huge 
capacitor 


Position of 


Excitation | the coll must | | 

spark be adjusted C= Position of 
Excitation aN‘ OF the coil must 
spark be adjusted 


It can be used 
like this... 


Comment: This is an instance of case 1 where the output coil was removed, and some of the turns from the 
short-circuited coil were used instead. 


THE ASYMMETRICAL TRANSFORMER (BASED ON A SHORT-CIRCUITED COIL) 


COMBINED WITH A STEP-DOWN TRANSFORMER? 
Don Smith 
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Not important??? 


Short - circuite d 
coil??? 


THE RELATIONSHIPS of Don Smith's TPU size and position are important. 


REMARK: Those relationships are used to produce an asymmetrical transformer 


MECHANICAL ANALOGUE OF THE 
ASYMMETRICAL TRANSFORMER 


CASE 2 
By Don Smith 


Schematic: 
Output 


Mowing 


REMEMBER: Any asymmetrical transformer must be adjusted. 


REMARK: Don Smith placed magnets inside the coils, but that is not important for understanding the process 
as his device does not match the schematic. 


SOME REMARKS ON ASYMMETRICAL IN-FRONT CONNECTION 


(Useful remarks) 


Some turns were added on one half of the coil, and some turns were removed from the other half. An additional 
magnetic field H3 was created, with inductance - LD. 


H+ H; H- - Ha 
—————— SS 
Li+Lp La-Lp 
O 
Armature ( penerator ) H; “O 


taking place of the L-1 
yiehis desired Amperage 
Ls 


RESULT: A large part of the total inductance acts as an inductor, and a small part acts as a capacitor. 
This is a well known fact (read books). The total voltage on the coil is less than on it’s halves. 


Yellow — The voltage on the total coil 
Red — The voltage on the large section of that coil 


RESULT: The voltage on it’s halves is 4 times the voltage on the total coil 


The measurements were made in the frequency band 10 kHz to 100 kHz. 
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Here is the result of a capacitor discharging into this coil: 


SECRET 4 
CURRENT AMPLIFICATION 


If a lot of asymmetric transformers are placed with a common flux flow through them, they will have no influence 
on this flux flow, as any one asymmetric transformer does not have any influence on the flux flow. If the 
secondary L2 transformer coils are then connected in parallel, this produces current amplification. 


1 2 N 
Flux 

-— E 

> Æ 

o E 
An asymmetric An asymmetric An asymmetric 
Transformer with Transformer with Transformer with 
the second coil the second coil the second coil 

Receiver 


Transmitter 


Simulated long distance 


AS A RESULT 


You have an asymmetric transformer iin in a stack: 


SEES RSS 
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How lon harvesting Works On Earth - lon Power Group 


Electricity is produced by providing sufficient altitude to the 

ultra lightweight ion collector through the use of long-duration aerial 
platforms including tethered balloon, kite or tower. Atmospheric voltage 
increases at the rate of approximately 90-150vdc per meter of altitude above 
ground level or sea level and many orders of magnitude greater during 
disturbed weather. Experiments have demonstrated that the electric charge of 
atmospheric ions can be harvested by ion collectors and stored in capacitor 
banks, super-capacitors, lithium-iron (LiFePO4) batteries, directed to a water 
electrolyzer to produce hydrogen and oxygen gas or converted to 
120VAC/60hZ ‘house style’ output power. An equally important role of 
atmospheric ions is that ions cause the atmosphere to be electrically 
conductive allowing ion collectors to harvest more electricity during disturbed 
weather or increased altitude above ground level. The atmosphere's electrical 
conductivity increases with altitude. For example, when a storm or active cloud 
formation is nearby, the harvested DC power can skyrocket many orders of 
magnitude by reason of the conductivity of the atmosphere. This is often 
referred to as a peak ion period or disturbed weather. 


Ion Collector capture radius increases with altitude 


` 


Atmospheric voltage increases about 90-150vdc per meter of altitude 


Additionally, the Triboelectric Effect plays a role in how much electricity is 
harvested. Geographic areas with Radon gas can tend to have greater ionic 
airborne densities closer to the ground due to the gas leaking up from the 
Earth. To a degree not yet defined, man-made air pollution can also raise the 
level of airborne ion densities. Cities with polluted air may prove to enjoy an 
extra benefit from ion harvesting. Galactic Cosmic Rays (which are actually 
particles) travel at enormous speed through outer space and impact the 
Earth's atmosphere. Many of the GCRs are attenuated by the atmosphere, but 
some are energetic enough to penetrate into the atmosphere where they can 
impact electrically neutral oxygen and nitrogen atoms with such intense kinetic 
energy that a particle cascade is produced that creates electrically imbalanced 
atoms (ions) all along a downward path allowing some of the ions to cascade 
nearer to the Earth's surface. The imbalanced atoms (ions) created all along 
the particle cascade can extend down nearer to the Earth’s surface where ¡on 


https://ionpowergroup.com/how-it-works-on-earth/ 
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EXAMPLES OF COILS WHICH WERE ACTUALLY CONSTRUCTED 


The coils are constructed from 5 sections, made from E-type ferrite core with a permeability of 2500, and wound 
using plastic-covered wire. The central sections L2 have 25 turns, and edge sections have 36 turns (to equalise 
the voltage on them). All sections are connected in parallel. The coil Ls has field-flattening turns at it’s ends, and 
a single-layer winding Ls was used, the number of turns depending on the diameter of the wire used. 


The current amplification for these particular coils is 4 times. 


Changing Ls inductance is 3% (if L2 is short-circuited) 


SECRET 5 
The power source in Nikola Tesla car “Red arrow” is 
FERROMAGNETIC RESONANCE 


| | | 
2 3 I 5 N+] H 
q 


06000060 


— ae 


COMMENT: To understand electromagnetic feedback, you must consider the action to be like that of domains 
which have a group behaviour, or alternatively, spin waves (like a row of standing dominos falling 
over where each one is toppled by the previous one hitting it). 
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THE BASIS OF FERROMAGNETIC RESONANCE 


When a ferromagnetic material is placed in a magnetic field, it can absorb external electromagnetic radiation in a 
direction perpendicular to the direction of the magnetic field, which will cause ferromagnetic resonance at the 
correct frequency. 


Ferromagnetic rod 


This is an energy-amplifying transformer invented by Mr. Tesla. 


QUESTION: What use is a ferromagnetic rod in Free-Energy devices? 


AN ANSWER: It can change magnetisation of the material along magnetic field direction without the need for a 
powerful external force. 


QUESTION: Is it true that the resonant frequencies for ferromagnetics are in the tens of Gigahertz range? 


AN ANSWER: Yes, it is true, and the frequency of ferromagnetic resonance depends on the external magnetic 
field (a strong magnetic field produces a high frequency). But with ferromagnetics it is possible 
to get resonance without applying any external magnetic field, this is the so-called “natural 
ferromagnetic resonance”. In this case, the magnetic field is defined by the local magnetisation 
of the sample. Here, the absorption frequencies occur in a wide band, due to the large variations 
possible in the conditions of magnetisation, and so you must use a wide band of frequencies to 
get ferromagnetic resonance 


A POSSIBLE PROCESS FOR ACQUIRING FREE-ENERGY 


1. Subjecting a ferromagnetic to a short electromagnetic pulse even without an external magnetic field, causes the 


acquisition of spin precession (domains will have group behaviour, and so ferromagnetics can easily be 
magnetised). 


2. Magnetisation of ferromagnetics can be by an external magnetic field. 


3. Energy acquisition can be as a result of strong sample magnetisation caused by an external magnetic field of 
lesser strength. 


COMMENT: You must use synchronisation for processes of irradiation and magnetisation of the sample. 
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USEFUL COMMENT: A ferromagnetic shield will not destroy the inductance of any coil placed inside it, 
provided that the ends of that coil are positioned on one side of the coil. 


Ferromagnetic 


Two ends are on — A | Pe shield (pipe) 


one side of the coil 


But, this coil can magnetise the ferromagnetic shield. 


SECRET 5 CONTINUATION ... 


TWO PERPENDICULAR COILS ON A COMMON AXIS 
(Standing waves, spin waves, domino effect, laser effect, open resonator, etc...) 


EXPLANATION: Standing waves can be excited not only in Tesla’s “horseshoe” magnet, but also in Tesla’s 
ferromagnetic transformer (excited by sparks...) 


Magnetic field 
= = i, 


Ferrite rod 


Spark excitation 


Excitation coll ge mnt field Excited coil 
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Spark excitation 


COMMENT: Excitation can be arranged in different ways, by coils connection. The frequencies of oscillations in 
a coil depends on the number of turns in it (a big variation is possible due to this factor). 
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ACTUAL COILS 


COMMENT: The positions of the coils on the rods depends on whatever ferromagnetic material is being used, 
and on it's size. The optimum arrangement has to be determined through experimentation. 


A transformer can have two pairs of coils: exciting (tubes), resonance or load (inside 
— see Tesla’s picture 


TOROIDAL VERSION OF AN ASYMMETRIC STACKED TRANSFORMER 


An inductor L2 is placed on the central ring between the short-circuits of the core, and the coil Ls (not shown) is 
wound around all three rings, covering the whole of the toroid - this is an ordinary toroidal coil. 


The number of short-circuits depends on your requirements, and influences on the current amplification. 


THAT IS ALL, GOOD LUCK ... 


CONCLUSIONS 
1. The Energy-Conservation Law Is a result (not reason) of symmetrical interaction. 
2. The simplest way to destroy symmetrical interaction is by using electromagnetic field feedback. 
3. All asymmetrical systems are outside the area covered by the Energy-Conservation Law. 


THE ENERGY CONSERVATION LAW CANNOT BE VIOLATED 
(The field covered by this law is only symmetrical interactions) 


No Private or State secrets are contained in this document. 


There are no ready-to-use schematics in this document, as all diagrams are only provided as an aid to 
understanding the principles involved. 
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Preface 


Static electricity became a fashionable science in the early 1700 
century and several investigators drew a parallel between the sparks 
produced in the laboratories to that of lightning and thunder produced 
during foul weather. It is surprising, however, that even today with 
our highly advanced technology in electronics and space science we 
still do not know what causes thunderclouds to charge. The purpose of 
this book is to give a general overview on atmospheric electricity and to 
discuss several proposed charging mechanisms including resent 
important discoveries in atmospheric electrochemistry. The aspects of 
atmospheric electrochemistry becomes important when we realize that 
the atmosphere, due to the constant bombardment of cosmic rays, 1s 
ionized and behaves very much like an electrolyte. Electrochemical 
potentials are produced on material surfaces that are exposed to our 
ionized atmosphere and are as common _ as contact potentials 
generated when dissimilar conducting materials touch each other. 


This book is not a review of the most current publications on 
atmospheric electricity but serves as overview of the basic problems 
still at large and the purpose is to try to inspire new fresh blood into 
the oldest field of electricity. Two excellent textbooks are 
recommended for those interest in a detailed picture of the electrical 
structure of our atmosphere: H. Israel, Atmospheric Electricity Vol. 1, 
(1970), and Vol.2 1973. J.A. Chalmers, Atmospheric Electricity, 
(1957). 


The author is thankful to the Burndy Library; The High Voltage 
Research Institute, Uppsala University, Sweden and the High Voltage 


Laboratory, T.U. Munchen for supplying historic illustrations. 


Thanks is also due to Dr. John Hughes for initiating this work and 
for editing and facilitating the publishing of this book. 


Boulder, January 1985. Lars Wahlin 


CHAPTER 1 


HISTORICAL BACKGROUND 


1.1 PRIMITIVE BELIEFS 


An electric storm is one of nature's most spectacular phenomena, and its 
display of lightning and thunder has fascinated and frightened man 
throughout time. In ancient times it was believed that the great gods 
were responsible for hurling thunderbolts that could kill, upturn 
boulders, split trees or kindle fires. Man's early steps towards 
civilization began when he learned how to control fires started by 
lightning and use it against predatory animals. Tales from American 
Indians explain how the world was a cold place before the first fire was 
started by the thunderbird god. As recently as the 1870's German 
soldiers were convinced that magic power from the donnerkeil, or 
lightning stone, would protect them from French bullets. Lightning 
stones, believed to be spearheads of lightning bolts, could be found 
buried where lightning had struck. The lightning stones and their 
fragments were sold throughout Europe for many hundreds of years and 
were thought to protect from illness and evil. We know now that most of 
the stones and fragments found were old relics and artifacts from the 
Stone Age (Lundquist 1969). 


Today we smile at old superstitions, yet we too bend to the mystery of 
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lightning and its atmospheric implications, for modern man has yet to 
understand it. 


1.2 EARLY ELECTROSTATICS 


The first person on record to have suggested a relationship between 
electricity and lightning was an Englishman named D. William Wall 
(1708). He noted a similarity between lightning and the crackling 
sparks produced by the rubbing of amber. S. Gray (1735) and A.G 
Rosenberg (1745) both mention the similarity between lightning 
phenomena and electric fire produced by electricity machines in the 
laboratory; and in a book published in Leipzig 1746, J.H Winkler 
describes several resemblances between lightning and electricity. 
During this time improved electricity machines and Leyden jars became 
readily available and a new era of electrical science was born. Many 
more scientists, among them Benjamin Franklin, also questioned the 
nature of lightning, recognizing its similarity to the snapping sparks 
produced in the laboratory. "How loud must be the crack of 10,000 acres 
of electrified cloud!" exclaimed Franklin. In a letter to Dr. John Mitchel 
of the Royal Society in England, he enclosed a treatise, "The Sameness 
of Lightning and Electricity". According to Mitchel, the paper was read 
by the Society amidst laughter from its professed experts on electricity. 
Another paper dated July 1750, was sent to the Royal Society through a 
friend, a Mr. Collinson. In this paper Franklin described how electric 
"fluid" is attracted to pointed conductors. "Might not the same 
principles be of use to man in teaching him to protect houses, churches, 
ships and other structures from damage occasioned by lightning?" he 
asked. Thus the idea of the lightning rod was born. 


As yet no experimental tests had been performed to prove that 
lightning was an electrical phenomenon. Franklin therefore proposed an 
experiment to answer the question once and for all. On a high tower or 
steeple a sentry-box was to be erected large enough to contain a man 
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and an electrically-1nsulating platform. A long pointed rod or antenna 
would be attached to the sentry-box by means of insulators and would be 
connected to the insulated platform inside (Fig. 1). A man standing on 
the insulated platform would thus become charged from the rod when a 
thundercloud passed overhead. At will he might then draw sparks from 
his fingertips to the surrounding grounded wall. 


co 
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Fig. 1  Franklin's proposed sentry-box experiment. 


In principle it was just another lightning rod. From laboratory 
experiments Franklin knew that charge could be drawn from a nearby 
charged body by means of a pointed rod, which attracted electric "fire" 
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How lon harvesting Works On Earth - lon Power Group 


collectors harvest the electrical field potential of the ions to receive and store 
usable high voltage DC electricity. Since the ions effectively cause the air to be 
electrically conductive, they create an electrical path for storms occurring in 
other locations of the globe to contribute to the Earth's overall ambient 
atmospheric electrical voltage. lon Power Group's remote test site (est. 2005) 
located on a 300 acre Florida pasture, uses tall poles (130 feet) to elevate ion 
collectors for research purposes. A wire conveys the harvested energy down to 
the remote research lab. The act of harvesting the electric charge from 
atmospheric ions harmlessly reverts the ions back to their original state of 
neutral atoms. The former ions, now neutral atoms, are once again free to 
migrate through the atmosphere - available to be converted back into 
electrically charged ions by natural processes. lon harvesting results in the 
generation of clean, natural, renewable energy that will not pollute Earth. 


https://ionpowergroup.com/how-it-works-on-earth/ 
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Fig. 2 D'Alibard's version of Franklin's sentry-box experiment. 


The experiment was never to be performed by Franklin, due to the 
lack of financial aid, yet with time Franklin's ideas gained increasing 
approval from the Royal Society. In 1751 several of his papers were 
published in England in book form and soon thereafter translated into 
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French by the naturalist D'Alibard. So intrigued was D'Alibard by the 
sentry-box experiment that he decided to put it to the test himself. An 
experimental structure slightly different in design was erected outside 
Paris at Marly. (Fig. 2). By the 10th of May, 1752 D'Alibard (1752) 
had successfully determined that thunderclouds are indeed electrically 
charged. 


In America a few weeks later Franklin, unaware of D'Alibard's 
success, performed his famous kite experiment. It was a poor man's 
experiment, simple and brilliant. It demonstrated that lack of financial 
help is an insufficient deterrent to genius. (One wonders if Dr. Franklin 
was advised, when looking for financial support, to go fly a kite). In his 
kite experiment Franklin not only confirmed the electrical character of 
lightning but also, more importantly, found clouds to be negatively 
charged at the base and positively charged on top, thus forming glant 
electric dipoles floating around in our atmosphere. 


1.3 FRANKLIN VERSA NOLLET 


It is interesting to note that Franklin spoke of positive and negative 
electricity. This is a product of his own theory on electricity and the 
concept of positive and negative charge is still being used today. 
Franklin envisaged electricity as a kind of fluid where a body could have 
either an excess or a deficit of fluid. For example, if a person standing 
on an insulated stool were to touch the glass cylinder of an electricity 
machine he would lose some of the fluid. A deficit or loss of fluid 
represents a minus state and excess fluid equals a plus state. The sum 
of positive and negative electricity is always nil. The plus state of the 
fluid was determined by Franklin as follows: A positively charged pith 
ball would snuff out the flame on a candle 1.e. the flame will retreat 
from the ball while the ball is trying to rid itself of excess fluid. A 
modern explanation is that the flame, which contains a great number 
of positive ions produced by the heat and combustion, will be repelled by 
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any other positive charge in 1ts vicinity. One consequence of Franklin's 
theory 1s the convention of labelling the direction of electric current. 
Although in metals the charge is carried by electrons flowing from 
minus to plus, we are now forced to assume that electric current or 
charge is flowing from plus to minus in order to keep things 
algebraically consistent. 


The Abbe Nollet (1700-1770) of Paris was the authority on electricity 
in Europe during the time of Franklin's discoveries. Nollet was aware of 
two different kinds of electricity, namely glass electricity and resin 
electricity. He believed that the two different kinds of electricity were 
liquid streams flowing in and out of electrified bodies in opposite 
directions, effluence and affluence. Nollet maintained a very negative 
attitude towards Franklin's ideas on electricity and especially to the 
lightning rod. This is perhaps one reason why it took so long for the 
lightning rod to become established in Europe. The Abbe Nollet, 
however, was a master of experimental electricity. He often performed 
electricity demonstrations before Louis XV and his court. A typical 
demonstration would be to pass a high voltage static charge from a 
Leyden jar, through seven hundred monks holding hands, causing them 
to jump in perfect unison, to the King's delight. Nollet was often 
criticized for activities such as this. His theories on electricity were 
eventually abandoned in favour of Franklin's ideas which, to a certain 
extent, still are used today. 


1.4 THE LIGHTNING ROD 


A year after the famous tests of D'Alibard and Franklin a Russian 
professor named Richmann attempted to repeat the sentry-box 
experiment. The result is pictured in Fig. 3. Professor Richmann was 
killed instantly when lightning struck his antenna on the roof of the 
laboratory in St. Petersburg. As a result of this accident the general 
public grew skeptical of the lightning rod as a protective device. 
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Fig. 3 Professor Richmann is killed when lightning strikes his experimental 
antenna in St. Petersburg, 1753. 


Did not the death of Professor Richmann prove that lightning rods 
attract lightning? Some twenty years later Europeans finally accepted 
Franklin's invention, but the arguments against 1t were many. One 
such argument, advanced by a number of scientists spearheaded by 
Nollet, ran as follows: 


If a large structure like a church steeple is not spared by lightning, 
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how much larger must the lightning rod itself be to withstand the 
devastating power of a severe bolt? 


The argument seemed valid at the time, for church steeples literally 
exploded when struck by lightning (Ohm's Law had not yet been 
formulated). The electric resistance of a church steeple is perhaps one 
megohm, and since the average lightning bolt carries about 25,000 
amperes, it dissipates a peak power of R xI” =6.25x10° megawatts. 
Although the duration of the lightning bolt is short, its total energy is 
considerable. The function of the lightning rod is, of course, to lower the 
resistance across the structure a million or more times and thus to 
permit the energy to dissipate into the ground. 


Fig.4 Hat pin and umbrella lightning rods (Paris, 1778). 


Eventually the lightning rod became a common sight on both sides of 
the Atlantic. Europeans, who had once strongly rejected the notion, 
embraced it with an enthusiasm that led to extravagant measures for 
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protecting life and limb from the perils of lightning (Fig. 4). 


Ironically, Europeans today are occasionally amused by the different 
shapes and designs of American lightning rods which they feel are costly 
and only of psychological importance, see Fig. 5. (Muller-Hillebrand 
1968). 


Fig. 5 Points according to American standards (1959) not cheap and only of 
psychological importance. 


1.5 LATER DEVELOPMENTS 


The D'Alibard-Franklin experiments were repeated by many 
investigators and most noteworthy 1s perhaps L. Lemonnier (1752) who, 
with his more sensitive apparatus, discovered that weak electrical 
charges could be detected in the atmosphere in the absence of clouds. 
He also noticed a difference in electric intensity during night and day. 
The discovery of Lemonnier 1s important because it gave birth to a new 
field of research in atmospheric physics, namely "Fairweather 
Electricity". 
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In 1775 the Italian scientist Beccaria (1775) confirmed Lemonnier's 
findings with one important addition, that pointed rods and insulated 
wires suspended in the atmosphere became positively charged relative 
to the earth's surface during fine weather, under cloud-free skies. This 
meant that an electric field 1s present in the atmosphere even when no 
thunderclouds are near. Beccaria also noticed a polarity reversal when a 
thundercloud passed overhead, indicating the introduction of negative 
charge from above. Thus he substantiated Franklin’s earlier finding 
that thundercloud are generally charged negatively at the bottom and 
positively at the top, an observation that can be readily confirmed today. 


The first notable attempt to explain the origin of fairweather 
electricity was made by Lord Kelvin (1860). He was first to envisage the 
fairweather field as electric field lines which must stretch from the 
earth's surface and terminate on charges in the atmosphere. The 
direction of the field is towards the earth's surface. He theorized that the 
charged atmosphere forms a giant capacitor with the earth's surface. 
The capacitor model was later expanded by Kennely and Heavyside 
(1902) who suggested that the conducting layer in the atmosphere is the 
ionosphere which forms a spherical capacitor with the earth's surface 
where each "plate" of the capacitor carries a charge of nearly one million 
coulombs. A charge of this magnitude will, of course, produce an 
electric field of a few hundred volts per metre at the earth's surface. 
This is the normal value of the persisting fairweather field and Lord 
Kelvin, not knowing what process had charged the capacitor plates, at 
least seemed to have a reasonable idea explaining the structure of the 
fairweather field. Unfortunately for the attractive theory, later 
discovery of ions and cosmic rays proved the atmosphere to be 
electrically conducting. Lord Kelvin's capacitor model would therefore 
lose its charge in less than 10 minutes at a rate of nearly 2000 
coulombs per second (=2000 amperes). It should be mentioned that C.A. 
Coulomb, the father of the electrostatic force law, discovered in 1785 
that alr is slightly conducting, an observation that was not understood 
at the time. 
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Where does the atmospheric fairweather charge come from? How is it 
replenished at the rate of 2000 coulombs per second? Many answers 
have been proposed, the most popular being that of C.T.R. Wilson 1n 
1925. Wilson suggested that all thunderstorms around the world are 
electrical generators which by their violent discharges continusally 
supply electricity to the earth-ionosphere system. More recent evidence, 
however, weighs heavily against this evocative idea. Insufficient charge 
is available from worldwide thunderstorms to drive such a global electric 
circuit. Furthermore, data presented by Imyanitov and Chubarina, 
among others, demonstrate that annual variations of the fairweather 
field are not in phase with typical thunderstorm activity throughout the 
world for the same period. Despite the argument against Wilson’s 
proposal and the lack of evidence to support it, many investigators still 
favour the idea since, until very recently, there has been no other 
explanation available. Now there is a new theory in competition with 
Wilson’s concept based on the electrochemical properties of the 
atmosphere. This theory 1s discussed in Chapters 2 and 3. 


Serious research on lightning and thunderclouds started late. With 
the birth of electric power in the early 20th century and the many 
power failures due to lightning, a better understanding of lightning and 
thundercloud charging was necessary. Charles Proteus Steinmetz, a 
German immigrant to America who worked as an engineer at General 
Electric Laboratories to develop lightning arrestors, might be considered 
as one of the early pioneers of modern lightning research. His work led 
to the construction of high-power high-voltage generators which could 
simulate lightning flashes. The machines consisted primarily of a large 
capacitor bank which was charged by a high voltage transformer via 
rectifiers or diodes. For the first time research could be performed on 
large electric discharges under controlled conditions. Much information 
was gathered by Steinmetz and his lightning machine which has helped 
us understand electric transients and has aided in the design of 
lightning protectors. The invention of the oscilloscope increased our 
knowledge on the lightning discharge because of its fast response to 
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electrical transients. H. Norinder at the University of Uppsala High 
Voltage Research Institute was first to obtain such oscilliograms from 
lightning surges in 1925. Parallel with electric research during the first 
part of the 20th century was the development of high speed cameras 
which would record the optical properties of lightning. The first camera 
suitable for recording the rapid changes in lightning flashes was created 
by Sir Charles Boys who himself, unfortunately, did not obtain any 
satisfactory pictures of lightning flashes. It was not until 1933 that the 
Boys camera became a main contributor to what we now know about 
lightning discharges. It was B.F.J. Schonland and his team in South 
Africa who discovered the different sequences of a lightning flash with 
the aid of a Boys camera (Fig. 6) and revealed the initial process of the 
stepped leader. Boys' pictures show that a bright-tipped leader works 
its way down from the 
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Fig. 6 Boys' camera photograph of cloud to ground discharge. 


cloud in steps. When the leader gets near ground it is met by the main 
return stroke which carries the main discharge current through the 
ionized conducting path provided by the leader. Normally the stepped 
leader is invisible to the naked eye and only the main stroke can be seen. 
The return stroke therefore, appears to start from ground explaining 
the saying that lightning travels from ground up. 


At the present time much is still unknown about atmospheric 
electricity and its origin. What mechanism is responsible for the build 
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up of cloud charges and what generates the electric fairweather field? 
How is charge drained from a cloud or how does the lightning bolt 
connect up to all the myriads of charged drops in the cloud? These are 
still valid questions and, in the author's opinion, 1s the reason why 
Atmospheric Electricity 1s one of the most challenging fields in science 
today. 
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The peak electrical power generated in real-time by lon Power Group's proof- 
of-concept prototype during peak ion periods with the ion collectors at 130 
feet above ground level is 1,236 watts (1.236kW). Derived from 41,200 volts @ 
30.ma directly measured through a 1000x probe during peak ion periods. 


https://ionpowergroup.com/how-it-works-on-earth/ 
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ATMOSPHERIC ELECTROSTATICS 


CHAPTER 2 


THE ELECTRIC STRUCTURE OF THE ATMOSPHERE 


2.1 IONS 


The existence of ions in the atmosphere is the fundamental reason for 
atmospheric electricity. An absence of ions would mean zero electric 
field in the atmosphere and most probably no thunderstorms or 
lightning. The concept of positive and negative ions as charge carriers 
in the atmosphere was first put forward by J. Elster and H. Geitel 
(1899) in order to explain the electric conductivity of air. Much work has 
since been done on ions and their role in atmospheric electric 
phenomena. Today we know there are mainly three classes of ions, 
namely small ions, intermediate ions and large ions. Most important 
are the small ions since their higher mobility allows them to take a more 
active part in the transfer of charge throughout the atmosphere. The 
mobility of ions can be measured in metres per second per volt per metre 
which signifies the velocity that an ion will reach when subjected to an 
electric field of one volt per metre. For small ions the mobility is of the 
order of 0.0001 with a slight edge of the negative ion over its positive 
counterpart. In fact, the negative to positive mobility ratio of small 
ions is about 1.25 (Wahlin 1985) which is a paradox since negative ions 
are believed to be more massive than positive ions. One explanation 
(Papoular, 1965) is that for part of its lifetime a negative ion is really an 
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electron jumping from molecule to molecule. Molecules such as NO and 
NOo9 are believed to dominate the negative small ion population while 
oxonium and water might make up the positive small ions in the 
atmosphere. Their true molecular structure and mass are not well 
known because it is difficult to get spectroscopic mass analysis of small 
ions in the lower atmosphere. The problem is their relative short life 
time, about 100 seconds, which is much shorter than the transit time 
required for molecules or ions to reach the source end of a mass 
analyser. 


The ionization in the lower atmosphere is mostly caused by cosmic 
rays and natural radioactivity. lons are also produced in and near 
thunderclouds by lightning and corona processes. Cosmic rays originate 
from solar flares and other galactic objects such as supernovas and 
exploding stars. One interesting thought is; do stellar events affect our 
lives here on earth? We know that cosmic rays are by far the major ion 
producers in the lower atmosphere and if thunderstorms need ions to 
feed on in order to charge, we certainly would not have thunderstorms 
if there were no cosmic rays. Ancient man would not have had access to 
fires and the many thousands deaths each year from lightning strokes 
would have been avoided. 


Cosmic rays originate from deep space and usually consist of very 
high-velocity atoms that have been stripped of their orbiting electrons. 
There are also electrons present in space that travel with near-light 
velocities, but such particles are usually absorbed at very high altitudes 
in the earth's atmosphere. However, heavy cosmic rays penetrate the 
atmosphere quite far and often reach the earth's surface. During such 
an encounter numerous secondary electrons are produced (electron 
showers) along its track from ionizing collisions with atmospheric 
molecules. The secondary electrons in turn might ionize a fair amount 
of molecules themselves before they slow down and attach themselves to 
atmospheric molecules to form negative ions. The result is that one 
cosmic particle could be responsible for the creation of as many as one 
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billion ion pairs. Fig. 7 shows the rate of ion production by cosmic rays 
as a function of altitude (Wahlin 1994). The average production 
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Fig. 7 Ion production as function of altitude. 


rate at sea level is about ten million ion pairs per cubic metre per 
second. However, the average ion population at any given time is nearly 
one hundred times more, and ion mobility with altitude as air gets 
thinner has a drastic effect on the electric structure of the atmosphere. 
Typical conductivity data as a function of altitude are shown in Fig. 8. 
The conductivity is the inverse of specific resistance and is usually 
measured with a Gerdien cylinder (Gerdien 1905). The Gerdien 
apparatus consists of a cylinder with a coaxial mounted electrode (see 
Fig. 9). Air is drawn through the cylinder at a velocity of a few metres 
per second by means of a fan. The centre electrode is biased to a few 
volts via a sensitive electrometer. The amount of current registered on 
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the electrometer relates to the amount of ions per unit volume of air. 
Care must be taken not to over-bias the inner 
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Fig. 8 Conductivity as a function of altitude (Rocket data). 


electrode in order to avoid saturation currents. When properly 
calibrated, the Gerdien instrument can read both the positive and 
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Fig. 9 Gerdien conductivity apparatus. 
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negative conductivity of air depending on the polarity applied to the 
centre electrode. A typical ion current plot is shown in Fig. 10 where 
two identical Gerdien cylinders were tested, the only difference being 
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Fig. 10 Typical ion current readings from a Gerdien cylinder. 


that one was made of stainless steel and the other of aluminium. Three 
important features appear from the results shown in Fig. 10. First, the 
slopes of the two curves are different for negative and positive lon 
currents. This is due to the difference in 10n mobility between negative 
and positive ions; therefore, the ratio of the slopes equals the ratio of the 
ion mobilities. Secondly, there is still a negative ion current going to 
the centre electrode when the electrode is at zero volt bias. Thirdly, the 
negative ion current at zero bias is higher for a Gerdien instrument 
made of aluminium than stainless steel. In order to obtain a zero ion 
current on the electrometer one needs to bias the stainless steel at 0.4 
volts and the aluminium at about 1 volt. These results led to the 
discovery of electrochemical potentials in the atmosphere (Wahlin 1971) 
which appear on material surfaces in contact with ionized air. The 
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reason why stainless steel and aluminium have to be biased at 
different positive potentials, to achieve zero ion current, 1s to cancel out 
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Fig. 11 Electrochemical equilibrium potentials for different materials as a 
function of ion concentration ratios. 


the electrochemical or oxidaion-reduction potentials which are 
characteristic of each material and appear when exposed to an ionized 
environment. The effects of contact potentials are eliminated since both 
the inner and outer electrodes of the Gerdien instrument are made of 
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the same material. The graphs in Fig. 11 show electrochemical 
potentials on different materials as a function of positive to negative 
ion concentration ratio. Electrochemical and contact potentials will be 
discussed further in Chapter 3. 


2.2 THE FAIRWEATHER ELECTRIC FIELD 


The fairweather electric field discovered by Lemonnier and Beccaria 
(see Chapter 1.2) is almost entirely due to the excess of positive ions 
over negative ions in the atmosphere. 


The fairweather field 1s best understood if we assume that the earth's 
surface has absorbed a certain number of negative ions from the 
atmospheric ion pair population. It will create a slight excess of 
negative charge on the earth's surface with an equal excess of opposite 
charge in the form of positive ions left behind in the atmosphere. If we 
imagine that each captured charge on the earth's surface will produce 
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Fig. 12 The fairweather electric field in the atmosphere. 
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an electric field line which must terminate on a positive excess ion left 
behind in the atmosphere one obtains a fairly accurate picture of the 
electric fairweather field in the atmosphere, such as shown in Fig. 12. 
The excess positive ions are more or less uniformly mixed in the lower 3 
km of the atmosphere which, to the meteorologist, 1s known as the 
"Austauch" or mixing region. The mixing is produced by convection 
and eddy-diffusion and the ionic distribution follows the mixing 
patterns of other constituents in the atmosphere such as radon for 
example. Radon is a radioactive gas emitted by the earth’s surface and 
is constantly released into the atmosphere. Fig. 13 shows the vertical 
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Fig. 13 Relative distribution of radon atoms and excess positive ions as a 
function of altitude. 


distribution profile of excess positive ions compared to that of the radon 
gas. The positive ion distribution is determined from electric field 
measurement at varying altitudes and by applying Poisson's equation. 
The radon profiles are obtained from airborne radioactive counters that 
detect the daughter products of the decaying radon gas. 


The number of field lines per unit surface area produced by the 
positive charge or space charge above the earth's surface 1s also a 
measure of the electric field strength. Obviously the electric field 
strength reaches a maximum at the earth's surface since it contains the 
largest number of field lines per unit area. The average field 
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strength at the earth's surface 1s on the average 100 volts per metre and 
decreases to less than 10 volts per metre at an altitude of 3 km. If one 
integrates the electric field as a function of altitude one obtains the total 
potential difference V at different heights. A typical value of V at 3 km 
is 200 kV with respect to the earth's surface. The total charge Q on the 
earth's surface 1s 


Q = ABE, > (1) 


where A is the surface area of the Earth, E the electric field 
strength at the surface and €, the permittivity of free space 
(£, = 8.85 x 10" Farad m`). The total energy of the fairweather field is 


W =1VQ. (2) 


Fig. 14 shows the total electric energy, charge and potential in the 
atmosphere as a function of altitude. More than 90% of the energy is 
confined to an altitude below 3 km which together with the charge 
distribution curve in Fig. 13 seems to indicate that convection and eddy 
diffusion play a predominant part in the distribution of the fairweather 
electric field and that the bulk of its energy is distributed throughout 
the mixing region by the so called "Austauch Generator" (Kasemir 
1950). 
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Fig. 14 Electric energy, charge and potential vs. altitude. 
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Bank of 10 General Electric high voltage capacitors at the Florida research and development test site 


The above General Electric capacitor bank, rated at 75.uf, has repeatedly been 
charged up to >29,000.vdc (29.kV) equating to >31,000 Joules (31.kJ) of energy 
by harvesting the electric charge of airborne ions in real-time during peak ion 
periods with the ion collectors at 130 feet above ground level. The stored 
energy has been used for demonstrations including powering 32 feet of 
florescent lights, motors and producing hydrogen gas from water. 


Hydrogen Gas produced from Water: lon Power Group has demonstrated that it 
is possible to harvest atmospheric ions to generate electricity that can be utilized in 
electrolysis to produce hydrogen gas and oxygen gas from water (in proof-of- 
concept quantities so far). Hydrogen gas is used by next generation, non-polluting, 
hydrogen powered cars produced by worldwide automobile manufacturers 
including the world's largest automaker - Toyota. lon Power Group has been 
awarded a patent for a novel approach to producing hydrogen gas from water 
utilizing power obtained from ion harvesting. 


Electricity harvested from Airborne lons + Water = Hydrogen 
Gas 


https://ionpowergroup.com/how-it-works-on-earth/ 17/23 
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One crucial question still remains to be answered. What causes the 
positive space charge in the atmosphere and how is the opposite 
negative charge maintained on the earth's surface? As mentioned 
before there are two schools of thought on this 
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Fig. 15 Diurnal variations in the fairweather field compared to world-wide 
convection. 


one in which all thunderstorms around the world are believed to charge 
the earth-atmosphere system (Wilson 1929) and a more recent theory 
proposed by the author (1973) which considers the electrochemical 
effect as a charging mechanism where negative atmospheric ions are 
preferentially captured by the earth's surface leaving a space charge of 
positive ions behind in the surrounding atmosphere. Both theories 
might be supported by the evidence of a small systematic diurnal 
variation in the fairweather field, which is believed to be related to the 
world-wide atmospheric convection activity. The effect was first 
discovered in Lappland 1905 by Simpson whose findings were later 
augmented by Hoffmann (1923) and Mauchly (1923). The effect is 
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illustrated in Fig. 15 where the average variation in the world-wide 
potential gradient is compared to the estimated world-wide convection 
activity at different times of day (by GMT). The top graph shows the 
global variations in the electric field measured at sea in the absence of 
local disturbances such as pollution, fog, etc. The top graph seems to 
coincide with the lower graph which gives an estimate of the world-wide 
convection activity produced by the heat of the sun during a diurnal 
period. The steady convection over oceans, however, is thought to 
smooth out the electric field variations as is evident from the top 
graph. Before discussing the electrochemical and global thunderstorm 
circuits as possible generators of the fairweather field, it is necessary to 
examine the global leakage current and its implications. 


2.3 THE AIR TO EARTH CURRENT 


As already mentioned, the atmosphere is conducting and the earth's 
electric potential or field must cause a current to flow in the 
atmosphere. Since there is an excess of positive ions residing in the 
atmosphere and an opposite negative charge bound on the earth's 
surface, charge must flow to earth in the form of a positive ion current. 


Direct measurements of electric currents in the atmosphere are 
difficult if not impossible. Therefore, ion current values at different 
altitudes are almost always computed indirectly from conductivity and 
electric field data by the use of Ohm's law. Direct current 
measurements can be made, however, at ground level by isolating a 
portion of the earth's surface and measure the charge collected over a 
given time. Several methods can be used (Wilson 1906, 1916, Simpson 
1910, Muhleisen 1953 and Kasemir 1951) but in almost all cases the 
indirect current gives a value often twice as large as the direct method 
(Lutz 1939, Israel 1954). Whipple (1932) pointed out that the 
discrepancy in currents can be explained by the fact that there is always 
convection and eddy diffusion in the atmosphere which will mechanically 
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move charges upwards in the atmosphere thus generating a mechanical 
or convection current in the opposite direction of the leakage current 
(the Austauch generator). As later explained, the question whether or 
not the convection and leakage current on the average are equal is 
crucial to the electrochemical charging theory and is a problem which 
has not yet been settled. 


From direct current measurements it 1s possible to estimate the total 
fairweather current over the whole earth to be nearly 2000 amperes 
which corresponds to a current density of about 4x10" amperes per 
square metre. Other charge transfer mechanisms in the atmosphere of 
importance are point discharges, precipitation currents and lightning 
discharges. 


2.4 POINT DISCHARGE CURRENTS 


It is difficult to determine the total charge brought to the earth's surface 
by means of point discharge currents under electrified clouds. Wormell 
(1930) has made some estimates from the amount of charge brought 
down by a single point over a period of 4 years. He made a guess that 
the total point discharge current around the world brings negative 
charge to the surface at a rate of about 1500 amperes which would 
supply about 75% of the total fairweather leakage current. Other 
investigators give slightly lower values for the average point discharge 
current but not less than 25% of the fairweather current. The source of 
point discharge currents are the electrified clouds which of course also 
bring charge to ground by lightning. The point discharge current is, to 
a certain extent, canceled by the large amount of positive lightning 
flashes to ground and through positive charge reaching the earth's 
surface by precipitation. 
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2.5 PRECIPITATION CURRENTS 


The electricity of precipitation has played an important role in 
atmospheric research due to the belief that charging of precipitation 
particles in some way must relate to whatever charging mechanism is 
active in clouds. Paradoxically, this is not always true because the 
final charge on a cloud drop is determined in the space between the 
cloud base and ground and is usually of opposite sign to the charge of the 
cloud base where it came from. This peculiar phenomenon is called the 
mirror-image effect and is demonstrated in Fig. 16 by the two curves 
which show the change in electric field strength and amount of 
precipitation charge reaching the earth's surface as a function of time. 
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Fig.16 The mirror-image effect. 


One can easily see that when the electric field goes negative 
(negative charge in the cloud base) the precipitation current becomes 
positive and vice versa. As pointed out by Chalmers, a drop must take 
several minutes to fall from the cloud base to ground. Since the 
precipitation charge changes with the potential gradient below the 
cloud, 1t must mean that the drops also obtain their final charge below 
the cloud or very near ground. The electrochemical charging process can 
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possibly explain the mirror-image effect if one assumes that the positive 
to negative ion concentration ratio near ground is affected by the strong 
electric field under the cloud. For example, a positive charge on the 
earth's surface, caused by a strong negative cloud charge above, would 
attract and remove part of the negative ion population near the surface. 
The result would be a higher than normal positive to negative ion 
concentration ratio at lower levels. When the positive to negative ion 
ratio exceeds 1.2 (see Fig. 11) 1t will produce a positive electrochemical 
potential on water drops falling through such a region as demonstrated 
by the Gerdien apparatus experiments in section 2.1. On the other 
hand, a positive cloud charge above would reverse the effect because 
drops now fall through an environment containing a higher negative to 
positive ion concentration ratio which will generate negative 
electrochemical charges on their surfaces. Other explanations of the 
mirror-image effect take the Wilson charging mechanism into 
consideration. This charging mechanism is based on the idea that rain 
drops become electrically polarized when immersed in an electric field 
such as under an electrified cloud. A negative cloud charge above will 
induce a positive charge on the top surface of a drop and the bottom 
surface will acquire a negative charge induced by the positive charge on 
the earth's surface. The total net charge on the drop, however, would 
remain zero. As the drop falls through the ionized region below a cloud 
it would preferentially sweep up positive ions by its negatively-charged 
bottom. Calculations, however, show that the Wilson mechanism is 
too feeble to account for the amounts of charge normally collected by 
drops (the Wilson charging mechanism is discussed further in Chapter 
3). In contrast to rain, precipitation currents carried to ground by snow 
are usually always negative under potential gradients between +800 
V/m (Chalmers 1956). The total precipitation current around the earth 
is estimated to be about +340 amperes. 
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2.6 LIGHTNING CURRENTS 


The charge brought to earth by lightning is estimated to average -340 
amperes which would cancel the precipitation current. It must be 
remembered that a mean current of —340 amperes represents the 
excess of negative charge over positive charge reaching ground by 
lightning and that the ratio of negative to positive ground strokes equals 
about 10:1. The average current in a negative lightning stroke to ground 
is about 25,000 amperes but the total charge averages only 25 coulomb. 
Positive ground strokes usually carry as much as 10 times more charge 
and current than do negative strokes although they are outnumbered by 
10:1. The ratio of negative to positive ground strokes seems to vary with 
global location. 


It is believed that about 2,000 thunderstorms are active at one time 
around the earth which amounts to a total number of 50,000 
thunderstorms per day. 


2.7.1 THE ELECTRIC BUDGET 


Where does the energy of nearly 200 million watts come from that is 
required to maintain the earth-atmosphere electric fairweather field? 
Are thunderstorms generating the falrweather field by leaking off 
positive charge from cloud tops to the conducting ionosphere and by 
bringing negative charge to earth in the form of negative ground strokes 
and point discharge currents? Or is the electric charge on the earth's 
surface maintained by the electrochemical charging mechanism in close 
collaboration with convection and eddy diffusion? These are some of the 
basic questions that are still in need of answers. Both mechanisms are, 
in the author's opinion, certainly capable of supplying enough charge 
and energy to the earth-atmosphere system, but new ideas and more 
sophisticated measuring techniques are needed in order to find the 
right answers. 
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2.7.2 THE GLOBAL THUNDERSTORM CIRCUIT 


The concept that all thunderstorms around the world generate charge 
to the earth-10nosphere system was first suggested by C.T.R. Wilson in 
1920. The diagram in Fig. 17 shows the global thunderstorm system 
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Fig. 17 The global electric circuit by C.T.R. Wilson. 


as interpreted by Wilson. Electric field lines extend from the top of a 
cloud to the highly conducting upper layers of our atmosphere (50km 
and higher). Charge is presumed to leak along the field lines from the 
top of the cloud to the surrounding ionosphere. Note that field lines also 
go from the top of the cloud to ground thus leaking positive charge to 
ground. Negative charge 1s brought to ground mainly by lightning 
strokes and point discharge currents. The number of field lines between 
the cloud top and ionosphere compared to the number between cloud 
top and ground is an unanswered but crucial question which will 
determine the amount of charge supplied to the global fairweather 
circuit. For example, if the number of field lines going from the top of 
the cloud to earth would equal the number of field lines returning from 
earth to the bottom of the cloud, no current can flow to the ionosphere. 
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Another problem presents itself when one examines the charge 
distribution of the fairweather field. Figs. 12 and 14 illustrate that 
about 90% of the fairweather field and charge is confined within an 
altitude of 2 km which is far below the conducting ionosphere. The 
situation is usually explained as follows: consider two conducting 
surfaces such as the ionosphere and the earth's surface carrying 
opposite charges at a potential difference of several hundred kilovolts, 
the earth's surface being negative and the ionosphere positive (see Fig 
17). A current driven by thunderstorm generators is flowing in the 
form of negative ions towards the ionosphere and positive ions towards 
the earth's surface. Since conductivity and ion mobility increase with 
altitude, it is believed that negative ions (which flow upwards) will 
disappear faster on the positive electrode, the ionosphere, than 
positive ions can disappear on the earth's surface. Positive ions which 
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Fig. 18 Variation in fairweather field and current compared to thunderstorm 
activity. 


face an increase in resistance are believed to slow down and congregate 
in a space charge cloud near the earth's surface. This is believed to 
produce an excess of positive ions near the earth's surface and could 
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explain the observed positive space charge distribution of the 
fairweather electric field. Plasma physics does not allow ions of one kind 
to disappear faster on one of the electrodes because it would mean that 
one of the electrodes or conductors in question would carry more current 
than the other, which is impossible. Theory and experiments require 
that an opposite and equal amount of space charge must build up near 
the other electrode as well (see Papoular 1965). In the case of the 
fairweather electric field, such a negative space charge near the 
ionosphere or near tops of thunderstorm generators, have never been 
found. 


Data presented by Imyanitov and Chubarina (1967) provides little 
support for the closed circuit idea since they show that annual 
variations in the fairweather field are not in phase with typical 
thunderstorm activity throughout the world for the same period (see 
Fig. 18). Furthermore, Kasemir has pointed out that the curve showing 
diurnal variations of the fairweather field in Fig. 15 1s much too smooth 
to fit the world-wide thunderstorm activity data, because recent satellite 
data show that thunderstorms are mainly active over continental land 
masses rather than over oceans (Turman, 1978, Turman and Edgar, 
1982). The smooth curve in Fig. 15 might be more representative of the 
world-wide atmospheric convection and follows the field variations of 
the Austauch generator, a situation which would favour the 
electrochemical charging theory. 


2.7.3 THE ELECTROCHEMICAL MECHANISM 


The electrochemical charging mechanism considers the earth as an 
electrode immersed in a weak gaseous electrolyte, the naturally ionized 
atmosphere. The earth's surface will adsorb negative ions and achieve 
an electrode potential of about -0.25 volts which will appear at the earth- 
atmosphere interface in form of an electric double layer. This is 
analogous to a battery cell where an electrode becomes charged relative 
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to an electrolyte. The thickness of the electric double layer 1s very 
small, about 1mm in the normally ionized atmosphere. The double 
layer can be pictured as containing field lines which connect each 
captured negative ion on the earth's surface with an excess positive ion 
left behind in the atmosphere. As convection and eddy diffusion lift the 
excess positive ions to higher elevations the field lines stretch thus 
increasing the potential with altitude. The result is an electric field 
build-up which will follow a pattern completely dictated by the mixing 
and diffusion mechanisms in the atmosphere such as shown in Figs. 12 
and 13. The field strength at the earth's surface will equal the 
electrochemical potential divided by the double layer thickness 
(0.25 volts/mm =250V/m) which is in close agreement with 
measurements. With a few exceptions (Griffiths and Vonnegut (1975), 
Moore and Vonnegut (1977) and Willet (1980)) no serious criticism has 
yet been directed against the electrochemical charging mechanism 
perhaps because it is relatively new theory. The above investigators 
believe that contact potentials rather than electrochemical potentials 
are responsible for the results reported by the author and that such a 
charging mechanism is too insignificant to play any major part in 
atmospheric electricity. 
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lon Power Group has been awarded patents for installing ion collectors on 
automobiles to generate electricity including through the Triboelectric Effect. 
Preliminary field tests in which a truck, equipped with lon Collectors, 
demonstrated that the concept can generate >500 volts when the vehicle is in 
motion. Initial tests are encouraging, however, further development is 
required in order to realize automobiles that generate their own supplemental 
electricity (or onboard hydrogen gas from water) through use of lon Collectors. 
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CHAPTER 3 


CHARGING MECHANISMS 


3.1 SUMMARY 


There are several basic charging processes proposed which in one way 
or another might contribute to atmospheric electric phenomena. 
Some of the more important are contact electrification, electrochemical 
charging, influence charging, diffusion charging and mechanisms 
involving freezing and splinting of ice particles. Most of the above 
charging mechanisms were devised to explain the charging of thunder 
clouds. Some theories, such as those involving influence charging for 
example, will not operate in the earlier stages of cloud growth, and 
others, which involve freezing and ice, cannot be considered 
dominating since warm tropical thunderstorms exist which do not 
contain ice. There are numerous other theories which will not be 
mentioned here and there are even theories which argue that a 
combination of all charging mechanisms might be at play at one and 
the same time. The situation is very challenging. The latest theory 
to be proposed is that of the electrochemical process put forward by the 
author. The electrochemical charging mechanism has the advantage 
of being able to explain both thunderstorm charging and fairweather 
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electricity. So far 1t 1s the only charging mechanism that can be readily 
demonstrated by working laboratory models. Contact electrification 
involves mechanical contact between solids where electrons from a 
lower work function material spill over to a higher work function 
material. Contact potentials are of the order of a few tenths of a volt 
and might occur in the atmosphere when solid precipitation particles of 
different temperatures collide or when solid precipitation particles 
bounce off material surfaces either on the ground or in the atmosphere. 


Any process in which charge is captured or transferred by ions is by 
definition an electrochemical process. Charge transfer by ions can be 
referred to as oxidation-reduction reactions. An ion which gains an 
electron is reduced and an ion that loses an electron is oxidized. 
Electrochemical potentials are encountered in everyday life and can be 
found in batteries and dry cells for example, and has been known to 
chemists and included in their text books for centuries. One problem, 
however, 1s that the language and conventions used by chemists are not 
exactly tailor-made for physicists who therefore, in the author's 
opinion, seem to shun the electrochemical effect and often confuse it 
with contact electrification. An attempt will be made later to explain 
the difference between contact potentials and electrochemical 
potentials as seen by a non-chemist. 


Influence charging deals with charges that appear on material 
surfaces which are exposed to an electric field. For example, dust 
resting on the earth's surface will be negatively charged during normal 
fairweather conditions since the electric field lines from the positive 
space charge in the atmosphere above must terminate on the 
negatively charged earth's surface (the surface in this example being 
covered with dust). During strong winds the negative charged dust 
particles can become airborne and form highly electrified dust clouds. 
Dust and sandstorms are most often found to be negatively charged. 
The same explanation can be applied to waterfall electricity where the 
negative charge, induced by the fairweather field on a surface of water, 
is being carried over the edge of a waterfall. As the electrified water 


CHARGING MECHANISMS ƏT 


falls over the edge 1t breaks up into small drops and forms a mist of 
negative space charge, referred to as the Lenard effect or waterfall 
electricity, first discovered by Tralles of Bern in 1786. Induction 
charging in thunder clouds has been considered by several 
investigators and is based on the idea that cloud drops, which are 
polarized while subject to the electric fairweather field, preferentially 
capture negative charge from smaller drops. As large drops fall and 
collide with smaller drops a transfer of charge is believed to occur 
where the upper half or negative pole of a smaller drop gives up its 
charge during the encounter. Negative charge collected in this manner 
would descend and occupy the lower portion of a cloud while the 
smaller drops with excess positive charge would remain behind to form 
an upper positive region. 


3.2 CONTACT CHARGING 


There are many excellent books and papers on contact potentials or 
Volta potentials, such as Loeb (1958) and Lord Kelvin's famous paper 
presented at the Bakerian lecture to the Royal Society (1898). But ever 
since Voltas original observations there has been confusion between 
contact potentials and electrochemical potentials, a situation which 
persists even today. For example, Lord Kelvin became very upset 
when Professor Lodge presented his paper "On the Seat of the 
Electromotive Force in a Voltaic Cell" (1885) and later in a private 
letter to Lord Kelvin he expressed his belief that contact potentials are 
related to the difference in oxidation energies of different materials. 
Loeb in his book warns, "Volta potentials must never be confused with 
electrolytic potentials". | With due respect to both Kelvin and Loeb 
(the latter was a colleague of the author's) the author believes that 
Professor Lodge was also right. 


38 ATMOSPHERIC ELECTROSTATICS 


Kelvin's condenser system which 1s shown in Fig. 19 demonstrates 
how volta or contact potentials are measured. It consists of two large 
capacitor plates made of dissimilar metals (copper and zinc) which are 
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Fig. 19 Lord Kelvin's condenser system. 


separated by an adjustable air gap. A switch and an electrometer are 
connected in parallel with the capacitor plates. The plates are 
connected to an electrometer. At first the switch k is momentarily 
closed which will allow electrons to flow from the zinc plate to the 


copper plate because zinc has a lower work function than copper. An 
electric field with a total potential of Vo which is the difference in 


work function between the two metals, will appear between the two 
surfaces. When the spacing between the plates is increased from a to b 


the field lines will extend and the potential across the electrometer will 
increase to V = V (atb)/a. In the above example the effects of fringing 


fields and stray capacitance were neglected. The diagram in Fig. 20 
illustrates the relationship between work functions and contact 
potentials. Fig. 20a shows a typical potential well diagram for a metal 
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surface where the conduction and valence electrons are trapped at an 
energy level which is equal to the work function of the material in 
question. The potential barrier set up by the work function is 
represented in Figs. 20b and 20c by small electric cells between the 
conduction band of the material and its outermost surface. At first, 
before the switch k has been closed, there is no field between the zinc 
and copper surfaces. On closing the switch electrons will spill over 
from the zinc, having the lower workfunction to the 
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Fig. 20 Contact potential between zinc and copper. (a) Potential well 
diagram of a metal surface. (b) Electric field before contact 1s made. (c) 
Electric field after contact 1s made. 
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higher or deeper potential well of the copper. Bringing the conduction 
bands of both materials in electric contact will cause the difference in 


work function potential to appear across the gap of the plates. The 
amount of charge transferred 1s VOC, where C is the capacitance of the 


plates. One characteristic feature of contact charging is that the 
current ceases as soon as the capacitance C is fully charged; 1.e. 
contact potentials are not current driving sources such as galvanic 
cells, for example. The total amount of energy dissipated in the 
contact charging process 1s 


W=1V°C (3) 


It is interesting to note that in his lecture to the Royal Society, 
Kelvin mentioned one experiment in which he placed a drop of cold 
water between the plates in his condenser apparatus and found the 
electrometer swing toward the opposite direction to that of the contact 
potential, but with the same magnitude. He attributed this effect to 
electrolytical conduction and not to contact potential charging. 
Experiments by Maclean and Goto in Glasgow in 1890 proved that zinc 
and copper, with fumes from flames passing up between them, gave, 
when connected to an electrometer, deviations in the same direction, as 
if cold water had been in place of the flame. Kelvin also mentioned 
that beside the wonderful agency in fumes from flames, there were 
reports by other investigators that ultraviolet light and x-rays 
traversing the gap between the plates caused the same effect as that of 
cold water. These effects, Kelvin thought, would to some degree fulfill 
Professor Lodge's idea of some potentially oxidizing process, but, "each 
one fails wholly or partially to maintain electric force or voltaic 
potential difference in the space between them". Further 
communication between Kelvin and Professor Lodge broke down when 
Lodge, in a letter, said that Kelvin was unrepentant. 


Are contact potentials related to the chemical properties of the 
materials in question or are they purely a physical phenomenon? To 
clarify this problem one first needs to ask; where does the energy come 
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from that causes contact potentials to build up? The contact potential 
which equals the difference in work function between two materials 1s 
also equal to the binding energy difference between the electrons in 
the materials. For example, the electrons in copper are more tightly 
bound to the atoms in the surface lattice than the electrons in zinc. 
Therefore, 1t will require more work to remove an electron from the 
copper surface than from the zinc surface, thus the name "work 
function". The chemical binding forces between the metal atoms can 
be pictured as hooks bonding the atoms together in all directions. 
However, at the surface there will be dangling bonds because the 
outermost atoms will have nothing to attach to outside the surface 
boundary. These dangling bonds make up for the surface energy or 
work function potentials which are simulated by the electric cells in 
Fig. 20 b and c. Since the energy of dangling bonds are chemical in 
nature then any transfer of charge, due to this energy, could 
technically be classified as an electrochemical process. 


What will happen if the space between the plates in Fig 20c is filled 
with an equal amount of positive and negative ions either in form of a 
liquid or an ionized gas such as air? Will the negative ions go to the 
positive plate and the positive ions to the negative plate of the 
condenser and will there be a continuous current flowing in the circuit 
as long as the ion supply lasts? The answer is yes. But does the energy 
that drives the current in the circuit come from the contact potential 
(potential difference in work function between the materials)? The 
answer is no. First, the energy available from the contact potential is 
too minute (see Equation (3)) and cannot sustain a current for very 
long. It is therefore very clear that the energy driving the current must 
come from the ions themselves as they interact and recombine with the 
surfaces. Recombination here means the neutralization of an lon as it 
loses its charge to a material surface. The electric field between the 
plates, set up by the contact potential, see Fig. 21a, will draw negative 
ions to the zinc and positive ions to the copper. Once negative ions 
enter the zinc, charge is brought to the surface in the form of electrons. 
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These new electrons will immediately spill over from the zinc to the 
deeper potential well of the copper work function. However, no 
constant current can flow unless other electrons are allowed to leave 
the copper electrode at the same rate new electrons spill over from the 
zinc; 1.e. the rate of negative charge brought to the zinc by negative ions 
must equal the rate of negative charge leaving the copper to combine 
with the positive ions drawn to the copper plate. 
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Fig. 21 Contact potentials in an ionized environment. (a) Jon current with 
switch k closed. (b) Potential build-up with switch k open. 


What is the source of energy that 1s capable of lifting the electrons 
back out of the potential well of the copper work function? It is 
obviously not the work function or contact potential itself because that 
would be analogous to lifting oneself by the hair. The energy supplied 
must come from the ions residing in the spacing between the plates. 
The ionization or recombination energies of the ions will provide the 
necessary energy and a current will flow as long as the supply of ions 
lasts unless switch k in Fig. 21a is opened. If the current is interrupted 
by the switch, ions will continue to flow and charge the electrodes until 
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a back-emf is built up that cancels the original field of the contact 
potential across the plates, at which point the flow of ions ceases. A 
potential equal to the contact potential will now appear across the 
switch and a situation such as shown in Fig. 21b will be reached. 


The presence of ions between two electrodes of dissimilar materials 
and their ability to generate a steady current is nothing less than a 
galvanic cell. The primary source of energy is the ionization agency 
which might be radioactivity or cosmic rays as in the case of our 
ionized atmosphere. lons are also produced in liquids where one or 
both electrode materials might slowly go into solution in the form of 
ions. The dissolved ions supply the energy that drives galvanic 
currents through circuits and usually at the cost of the lower work 
function material itself. A typical example is the flashlight battery or 
dry cell. Most charging processes involving ions are electrochemical 
processes. 


3.3 ELECTROCHEMICAL CHARGING 


Electrochemistry has played a major part in both industry and science 
for the last two hundred years. It might come as a surprise, however, 
to discover that the function of the familiar dry cell, such as used in 
portable radios, 1s not yet perfectly understood. The chemical reactions 
taking place are believed to be as follows: zinc metal from the outside 
casing is dissolved by the acidic electrolyte and leaves the container 
wall as positive metal ions. The charge removed by the positive ions 
going into the solution will cause a back- emf to build up between the 
zinc and electrolyte. When the back-emf has reached the same value as 
the solvation energy, the process stops because the electric field of the 
back-emf will prevent more ions from going into the solution. The 
result is an electric half cell with the positive metal ions in the 
solution forming a tightly bound electric double layer with the negative 
charged zinc. The other half of the cell 1s the carbon rod which has the 


5/22/2018 How lon harvesting Works On Earth - lon Power Group 


Illustrations (below) of proposed experimental ion power plants using long- 
duration aerostats (aerostats or balloons) or kites or towers to provide altitude 
to the ion collectors to harvest ions for electricity, day and night. Future lon 
Harvesting Technology embodiments that use long-duration aerostats 
(balloons) to provide great altitude to ion collectors offer a theoretical energy 
producing duty-cycle approaching 99%. 


Tethered aerostats covered with patented carbon/graphite nanofiber to harvest clean electricity day and night from atmospheric ions. The 


harvested electricity is conveyed down the conductive tether for use on the ground. 


Kites used to provide altitude to patented ‘strip’ carbon/graphite nanofiber to harvest clean electricity day and night from atmospheric ions. The 


harvested electricity is conveyed down the conductive tether for use on the ground. 


https://ionpowergroup.com/how-it-works-on-earth/ 19/23 
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function of supplying electrons to the electrolyte during operation but, 
the exact chemical reaction involved 1s not known. The voltage of the 
cell is determined by the difference in potential between the two half 
cells. The absolute energy or voltage of each half reaction is not known 
and no method has yet been devised to measure half cell potentials 
separately. The problem is how to electrically connect a voltmeter 
across the double layer without introducing another half cell reaction. 
Chemists have therefore settled for a compromise method whereby all 
types of half cells are compared to the voltage produced by a standard 
cell, the hydrogen half cell. This arbitrary method considers the 
potential of the hydrogen half cell as equal to zero and the difference in 
potential between the hydrogen half cell and any other half cell can be 
found in tables under the heading of Electromotive Force Series. One 
difficulty is that the potentials listed in the Electromotive Force Series 
refer to electrodes which are immersed in their own individual 
solutions containing their own ions, whereas in the dry cell both 
electrodes are in the same solution; 1.e. a solution which contains 
zinc ions but no carbon ions. Another important question is what part 
does contact potential play in the electrochemical cell? The contact 
potential is often equal to or very near the potential of the cell itself 
and contact potentials are hardly ever mentioned in electrochemistry. 
Are electrochemical and contact potentials so closely related that when 
Professor Lodge argued with Lord Kelvin 100 years ago, he was right 
stating that they are of the same nature? It is now known for certain 
that the valence electrons, which determine the magnitude of contact 
potentials in metals, also determine the energy involved in 
electrochemical reactions. 


In order to understand the electrochemical charging mechanism, 
especially as applied to atmospheric electricity, 1t might be helpful to 
describe a few laboratory and field experiments which were carried 


out in an attempt to clarify some of the above problems. Consider the 
following tests, which can readily be performed in the laboratory, and 
which are shown in Figs 22 a and 22 b: 
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1. Lower into an empty glass beaker two electrodes of differing 
materials (e.g. gold and magnesium) and connect an electro- 
meter across the two electrodes. When a suitable radio-active 
source (e.g. Po 210, 500 x Cu) 1s placed at the bottom of the beaker, 
a potential of 1.2 volts will be registered between the electrodes, 
magnesium being negative with respect to gold. 


2. Remove the radioactive source and fill the beaker with 
sufficient water to partially immerse both electrodes. The 
electrometer will again register a potential of 1.2 volts and the 
same polarity. 


Air 


Alpha 
source 


Fig. 22 Experiment demonstrating electrochemical charging. (a) Galvanic 
cell with ionized air as electrolyte. (b) Galvanic cell with water as electrolyte. 


Both experiments deal with an electrochemical cell, using water for 
electrolyte in one case and air in the other. The fact that water 
contains 1on pairs makes it an electrically conducting electrolyte which 
is vital for an electrochemical cell. In the first case, Fig. 22a, the beaker 
contains air instead of water, but the air is slightly ionized by the 
radioactive source, and although the number of ion pairs is relatively 
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low, the ionized air is electrically conducting and exhibits the same 
properties characteristic of an electrolyte. 


The average number of ions in the atmosphere is of the order of one 
billion pairs per cubic metre. The atmosphere is thus very much like 
an electrolyte. Its ion pairs are produced mainly by the constant 
bombardment of cosmic rays that reach our atmosphere from solar and 
stellar sources. Other ions are produced by radiation from radioactive 
materials in the atmosphere and in the earth's crust (see section 2.1.). 


That material surfaces in contact with the ionized atmosphere are 
subject to electrochemical charging can also be shown by simply 
probing the atmosphere with electrodes and it can be easily 
demonstrated that in the absence of external electric fields negative 
ions rather than positive ions have a tendency to adhere to material 
surfaces. It can also be observed that when the probes are ventilated 
by strong winds, more ions are supplied and the negative ion current to 
the probes increases accordingly. At first, when such measurements 
were performed it was not at all clear what caused this type of 
charging although it was believed at the time that work function 
potentials might play an important part in the charging process. 
Experiments were therefore set up in the laboratory in an attempt to 
duplicate the field measurements described. Surfaces of diverse 
materials were ventilated by artificially ionized air. The results 
revealed a marked difference in activity among various materials in 
contact with the ionized air. For example, a small sheet of magnesium 
metal will absorb negative ions and continue to charge until it reaches 
a potential of -1.6 volts with respect to its surroundings. Each material 
tested was found to reach its own characteristic potential. An abridged 
list of these materials with their potentials appears in Table 1. The 
potentials in Table 1 agree with the potentials measured by the 
Gerdien cylinder shown in Fig. 11 section 2.1. 
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Material Work function Equilibrium Potential Volts 
Magnesium 3.66 -1.6 
Wet Filter Paper - -1.05 
Aluminium 4.24 -1.0 
Cadmium 4.22 -1.0 
Tantalum 4.25 -0.65 
Molybdenum 4.50 -0.6 
Copper 4.65 -0.45 
Stainless Steel 4.75 -0.4 
Ice - -0.4 
Gold 5.35 -0.22 


Table 1. Work function and electrochemical equilibrium potentials for 
different materials. 


At first it was disappointing to discover that the potentials in Table 1 
were not at all proportional but rather inversely proportional to the 
work function potentials of the different materials in question. 
However, Table 1 has a very familiar appearance to the chemist; it 
resembles a chemical activity series in which the electrical potentials 
are values related to the oxidation energies of the materials in 
question. To further prove the electrochemical effect, the same 
materials were immersed in distilled water, two at a time. Differences 
of potential between the two materials were then measured and found 
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to be directly proportional to the respective differences between their 
values in Table 1. From the experiments and the results of Table 1 it 
became clear that we were dealing with an electrochemical effect and 


the following conclusions were drawn: negative lons in alr are formed 
from acidic molecules such as 09 and NO3. These molecules are 


electrophilic (electron seekers) and capture free electrons produced in 
air by the various ionization processes. The molecular ion, with its 
valence slightly reduced by a captured electron, still remains acidic and 
very active as an oxidizer. When the molecular ion with its piggy back 
electron oxidizes a surface material, negative charge is transferred by 
the captured electron to the surface. As more ions reach the surface, a 
negative back-emf will build up, eventually repelling any incoming ions 
until no more can reach the surface. Just as in the case of the dry 
cell an electrical equilibrium potential is achieved. The 
electrochemical reaction halts when the back-emf has reached a value 
equal to the oxidation potential, or the energy of the chemical 
oxidation-reduction reaction involved. Oxidation- reduction reactions 
can be described as follows: if two elements combine where one wants 
to share one or more of its electrons with another element which is an 
electron acceptor, then an oxidation-reduction reaction has taken 
place. The electron donor is said to be oxidized and the electron 
acceptor is reduced. It is interesting to note that in Table 1 the 
elements on top of the activity list are the elements with the lowest 
work functions. These elements freely share their valence electrons 
and become easily oxidized because of their lower electron binding 
energies or lower work functions. Electronegative elements or 
compounds are the electron seeking oxidizers that want to react with 
and oxidize material surfaces. The oxidizers or electron seekers 
appear most commonly as negative ions in the atmosphere and 
solutions because of their tendency to pick up free electrons in the 
surrounding environment. When the oxidizer reacts with a material 
surface it brings a captured electron along. The electron will charge 
the surface and the chemical reaction can therefore be classified as an 
electrochemical reaction. 
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The fact that oxidizers in general appear as negative ions forms the 
basis for electrochemistry in the atmosphere and in solutions. It is 
very important to remember, especially in the case of atmospheric 
electrochemistry, that the process which brings the negative ion to a 
material surface 1s the chemical reaction and not the electric field of 
the ionic charge itself. In an electrochemical reaction the electron 
simply enjoys a piggy-back ride to the surface and the image force 
produced by its charge is too feeble and short in range to compete with 
chemical processes. Also, the strength of the image forces are equal 
for both positive and negative ions so that no preferential charging of 
elther sign can be expected. Nevertheless, a theory put forward by 
Phillips and Gunn (1954) considers the difference in mobility between 
negative and positive ions as possible mechanism for preferential 
charging. This theory will be discussed in section 3.4. 


Numerous experiments in lonized air revealed that all metals and 
conductors tested proved to be oxidized by negative ions and achieved 
negative equilibrium potentials. No positive equilibrium potentials 
were ever encountered. In cases where two electrodes are immersed in 
an ionized medium, both electrodes become negatively charged relative 
to the electrolyte, the lower work function material being more 
negative. The potential between the electrodes equals the difference in 
oxidation potentials between the materials which also seems to equal 
their difference in work function except for the reversal of sign. The 
results were the same for electrodes immersed in ionic solutions where 
the electrodes did not go into solution. No tests were performed 
involving solvation energies. 


One striking feature of the electrochemical charging process is the 
formation of the electric double layer. The oxidiation potential and 
the thickness of the double layer determines the charge density on the 
oxidized surface. In normally ionized air the double layer thickness is 
about 1 mm which means that a surface of water, for example, which 
has an oxidation potential of -0.25 volts, will charge to 
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Q/m? =V., /d (4) 


where d is the double layer thickness and V, the oxidation potential. 


The value of d was derived from laboratory experiments which proved 
that the average thickness of the double-layer in air, to the accuracy of 
the measurements, 1s equal to the average distance between the ions. 
It appears that each time a negative ion reaches the surface, 1t leaves 
behind a positive ion at a distance equalling the average ion spacing. 
This distance for normally ionized atmosphere is about one millimetre. 
In an experiment that followed, isolated spheres (to simulate cloud 
drops) were ventilated by ionized air for the purpose of studying the 
charge collection on their surfaces. Negative ions reacting with the 
surface of a drop or a sphere leave behind positive ions in the 
surrounding air, thus building up a diffuse space-charge cloud around 
the sphere. This cloud of positive ions forms an electric double-layer 
with the charged surface of the sphere. The double-layer, formed by 
the charged surface of a sphere surrounded by its diffusion cloud of 
opposite charge, constitutes a spherical capacitor with a capacitance of 


C = 4m RA +R/d) (5) 


R is the radius of the sphere, and d 1s the mean thickness of the double- 
layer. The charge on the sphere can then be calculated from the 
electrostatic expression 


Q=VC =V 4r, R(Q +R/d) (6) 


where the double-layer voltage, V,» is also the oxidation- reduction 


potential of the reaction between the ions and material in question. 
The sphere with its attached double- layer 1s, of course, electrically 
neutral with regard to 1ts surroundings. No drastic charge separation 
has yet occurred. 


The fact that the sphere or drop is ventilated (by falling through the 
atmosphere for example) is of the utmost importance because the flow 
of air will partially strip away and remove the outer positive layer of 


CHARGING MECHANISMS 91 


the double-layer, a process that not only increases the potential of the 
sphere but also makes it appear to be negatively charged relative to its 
general surroundings. For example, removing the outer-charged layer 
to infinity will increase the potential on the sphere to 


V=$=V,0+R/d) (7) 


Common experimental values for charged water drops are shown in 
Figure 23. These values were obtained from actual measurements in 
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Fig. 23 Charge-size measurements of rain drops compared to values 
predicted by the electrochemical charging process. 


the atmosphere by several investigators and are compared here to the 
predicted values represented by the solid curve. The curve is 
constructed from Equation (6), using a double-layer thickness of one 


millimetre, a distance that equals average ion spacing in the normally 
ionized atmosphere. An oxidation potential of y, = -0,26 volts for water 


was chosen from the experimental results of Chalmers and Pasquill 
(1937) who, in their laboratory, measured the equilibrium potentials on 
water drops. The oxidation potential for water in Table 1 is _(4 volts 
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which is the value obtained for water when ventilated by an equal 
amount of positive and negative ions. In the normally ionized 
atmosphere there are more positive than negative ions. A typical ratio 
is N+ /N- =12 which will lower the equilibrium potential to about one 
third (see the results in Fig. 11) and which agrees with Chalmers and 
Pasquill's results. 


3.4.1 OTHER CHARGING PROCESSES 


Except for the well established effects of contact and electrochemical 
potentials there have been several other charging mechanisms 
proposed in order to explain atmospheric electric phenomena. Some 
involve influence charging in combination with colliding drops such as 
the Elster-Geitel theory, or influence charging and the capture of ions 
as proposed by Wilson. There are charging mechanisms which 
consider ice splintering and freezing of water drops to be important in 
producing charge on precipitation in clouds. The process of evaporation 
and recondensation of water has intrigued many investigators, 
including Volta, as a possible source of positive and negative charge in 
clouds. Takahashi (1973) has recently carried out work along these 
lines. The validity of the above charging mechanisms are difficult to 
verify since they lack rigid experimental proof. Recent years have seen 
many sophisticated computer models which will work if the right 
parameters are plugged in. This is especially true for influence 
charging mechanisms involving collision between polarized drops in 
strong vertical electric fields. Some mathematical computer models are 
often conceptually difficult. Since mathematics is only a tool of science 
it is more desirable to have a conceptual theory that is mathematical 
sound than a mathematical theory that 1s not conceptually sensible. 
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3.4.2 THE ELSTER-GEITEL PROCESS 


The Elster-Geitel (1885) process deals only with the charging of 
precipitation particles such as drops in clouds. It is based on the 
assumption that cloud drops, which are polarized ın the electric 
fairweather field, collide with each other and exchange surface charges 
in a manner that will enhance the fairweather field to a magnitude 
found in thunderstorms. The proposed charging mechanism is shown in 
Fig. 24 where a smaller drop which is still light enough to be swept 
upwards by the updraft winds in the cloud, collides with a much 
larger and heavier drop falling down through the 
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Fig. 24 The Elster-Geitel charging process of cloud drops. 


cloud. Since the large drop is polarized in the electric fairweather field 
its upper surfaces will attain a small excess of negative charge while 
the same amount of positive charge will appear on the lower surface. A 
small drop bouncing off the lower surface will pick up some of the 
positive charge at the moment of contact, and bring it along to the top 
of the cloud while the heavier and larger drop, now negative from 
the loss of positive charge, will continue to fall and bring negative 
charge to the lower region of the cloud. It can easily be seen that as 
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Long duration weather balloons used to provide altitude to ion collectors made of patented carbon/graphite nanofiber to harvest clean 


electricity day and night from atmospheric ions. The harvested electricity is conveyed down the conductive tether for use on the ground. 


Theoretical vs Real-World: 


There are a number of technical reports and peer reviewed journal articles 
available for viewing on the internet that do an excellent job of characterizing the 
Earth's Electric Circuit addressing fair weather (the load of the circuit) as well as 
perturbed conditions (the generator part). These reports tend to model the Earth's 
Fair Weather Circuit as a ‘whole’ averaging the energy produced by thousands of 
storms over the entire atmosphere. One might conclude from such reports that the 
atmosphere offers a maximum of 2 pA/m2 of electrical current. lon Power Group 
has oftentimes measured significantly greater power during peak ion periods - 
many watts of harvested power - as great as 1,236 watts (41,200vdc @ 30ma) with 
ion collectors at 130 feet altitude. What accounts for the very wide discrepancy 
between theoretical models presented by some reports available on the internet 
and lon Power Group's real-world measurements? Answer: Localized disturbed 
weather can greatly increase the electrical component of the /oca/ atmosphere 
thereby significantly increasing the level of electricity available to ion harvesting by 
many orders of magnitude. In addition, for estimating the available power, the 
voltage increase with altitude, air conductivity (e.g. with respect to Radon emissions 
from the surface), and characteristics of the instrumentation (conductivity of the 
material, insulation) need to be considered. Because of these complexities, there 
are hardly any realistic studies or even measurements on the available power 
locally outside of research conducted by lon Power Group. Also, the total power in 
the electric circuit is still an open research question. Most researchers who have 
published reports about the Fair Weather Circuit intentionally do not focus on the 
local effects of disturbed weather or Radon gas components. With regard to 
harvesting electricity from the atmosphere, the absence of modeling the beneficial 
effect of localized disturbed weather and the effects of Radon gas may lead readers 
to a conclusion that drastically underestimates the actual electrical power available 
to be harvested during localized disturbed weather. During real-world testing, lon 
Power Group has repeatedly demonstrated that localized disturbed weather greatly 
increases the electrical power output of ion harvesting technology, many 
thousands of times greater than 2 pA/m2 when using carbon/graphite 
nanomaterials in the harvesting process. The solution to increasing electrical power 
is to provide greater altitude to the carbon nanomaterial ion collector, via long 
duration tethered balloon, thereby increasing the harvested voltage. The electrical 
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charge is being separated the electric field strength will increase which 
in turn intensifies the charging process. 


Although sophisticated computer models of the Elster-Geitel theory 
have been studied (Sartor (1954), Levin (1975) and (1983)) the general 
feeling is that the charging mechanism is too weak. The theory might 
possibly work if the initial electric field strength was equal to that 
found in thunderstorms in which case some other process must prevail 
(Pathak 1980). Unfortunately there is no laboratory support for the 
Elster-Geitel theory and some of the unanswered questions are: do 
small drops really bounce off larger drops at a reasonable rate or do 
they simply coalesce? How important is the grazing angle of the 
impact? 


3.4.3 THE WILSON EFFECT 


The Wilson (1929) effect is similar to the Elster-Geitel process with the 
exception that instead of small drops colliding with larger polarized 
drops negative ions are believed to be swept up by the larger drops as 
they fall through the normally ionized air. The positive charge induced 
on the bottom half of a large drop is believed to preferentially collect 
negative ions as the drop falls down to lower altitudes thus leaving an 
excess positive charge behind at higher levels. One serious objection to 
the Wilson theory is that there are not enough ions produced inside a 
thunder cloud to account for the amount of charge separated. 


3.4.4 DIFFUSION CHARGING 


Gunn (1957) considered a charging mechanism which is based on the 
difference in mobility between positive and negative ions. He assumed 
that since negative ions display a higher mobility in an electric field 
than do positive ions they must be less massive and therefore also 
have a greater diffusion coefficient in the absence of electric fields. 
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The expected result is that negative ions will diffuse on to cloud drops 
at a higher rate than positive ions can. Cloud drops 
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Fig. 25 Phillip's and Gunn's Experiment with metal spheres. (a) Equilibrium 
potentials for different dia. spheres. (b) Equilibrium potentials for different 
air velocities. 


will therefore become more negatively charged and as they fall down 
to the lower region of the cloud they leave an excess of positive charge 
behind in the upper region. Experiments with metal spheres ventilated 
by ionized air were carried out by Phillips and Gunn (1954), see Fig. 25. 
They confirmed that chrome plated metal spheres exposed to ionized 
air indeed charged negatively and reach certain equilibrium potentials. 


What is interesting about Phillips' and Gunn's experiment is its 
similarity to the experiments which demonstrate the electrochemical 
charging mechanism by the use of Gerdien cylinders, see Figs. 10 and 
11. In fact, some investigators argue that the equilibrium potentials 
in Table 1 and the results shown in Figs. 10 and 11 can be explained 
by the diffusion theory. But this is hard to believe since the diffusion 
theory does not predict that different materials charge to different 
equilibrium potentials as shown in Table 1. Also, the energy of the 
diffusion process relates to the thermal agitation of the ions in their 
atmospheric environment and is determined by the air temperature. 
This means that the equilibrium potential, using Boltzmann's constant 
k and a maximum air temperature of T = 20 C, cannot exceed 
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RT x 0.25 or 0.008 volts where 0.25 represents the 25 percent higher 


mobility of negative ions over positive ions. This is only 3% of the 
values shown in Table 1 and the graphs of Phillips and Gunn (Fig. 25). 


3.4.5 FREEZING POTENTIALS 


Although it is known that warm clouds (clouds that do not contain ice 
or frozen precipitation) can charge to considerable potentials and 
occasionally produce lightning, there is still a great deal of attention 
devoted to charging processes that might involve icing. One reason for 
this is the observation by Simpson and Scrase (1937) who noticed that 
separation of charge in thunderclouds seems to occur in regions where 
the temperature is below freezing. They thought that colliding ice 
particles might charge negatively and leave positive charge behind in 
the air in the form of positive ions. The idea was further developed by 
Reynolds (1954). Workman and Reynolds (1950, 1953) have also 
discussed a theory 1n which glazing processes were assumed to produce 
charge. Many theories have been put forward which involve freezing of 
water, but again there are, unfortunately, no convincing laboratory 
experiments. 


CHAPTER 4 


THE THUNDERCLOUD 


4.1 THERMAL DYNAMICS 


On a warm and sunny day heat is absorbed by the earth's surface 
causing both water vapour and hot air to rise to higher atmospheric 
levels. The warmer the air the more water vapour it can hold before 
saturation. The secret of a thunderstorm and its devastating power 
lies in the amount of water vapour present. The latent energy of water 
vapour is the key factor in thunderstorm formation and electrification. 
At the beach most of us have experienced the sensation of cold after 
getting out of the water. The explanation is that water takes away 
heat from the body surface at a rate of about 540 calories or 2250 
joules per gramme when it evaporates. When water condenses to form 
drops, the same amount of energy, in the form of heat, is released. 
When a cloud is formed by warm humid air reaching higher and cooler 
levels, condensation will create small drops between 5 - 10 microns 
dia. During condensation latent heat is released warming the 
surrounding air which will rise further (the hot air balloon effect) to 
considerable heights pulling more humid air up from below to take its 
place. A chain reaction starts when humid air is fed in from below 
pumping more and more energy into the cloud in the form of heat and 
convection. A cloud might grow up to 60,000 feet or 20 km in height in 
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very narrow columns. Updraft velocities can easily reach 30 m/s. Each 
column is called a cell and a thundercloud usually consists of several 
cells. Each cell has an average life time of 30 minutes. When a cell 
reaches a maximum altitude it 1s in a so-called mature stage, at which 
time the cloud top usually flattens out to form the typical anvil shape 
often associated with thunder heads. The flat top is believed to occur 
when a cloud reaches the stratosphere or the boundary in the 
atmosphere where air temperatures begin to rise with altitude which 
will cause the cloud to evaporate again. In the growing stage of a cloud, 
drops increase in size as they reach higher levels and eventually 
become heavy enough to overcome the updraft velocities of the 
convection. At this point rain or precipitation starts to fall down and 
the cell has reached its dissipating stage. At greater latitudes, 
thundercloud precipitation without exception always reach 
temperatures below freezing. Hail and sleet are formed which often 
fall down and reach ground before melting. The cold precipitation will 
cool the air in the cell which becomes heavy and begins to move 
downward as well. The cold heavy air might cause considerable down 
drafts which, when reaching ground, supply the outward rush of cool 
air often felt as a relief to most of us after a hot day. When 
precipitation and down drafts occur the cell is said to be in its 
dissipating state and although some lightning activity 1s still going on 
its life is nearly over. New cells are formed adjacent to the old ones and 
often while observing their growth one can see small bubbles or turrets 
developing above and around each cell. The thunder cloud described 
is a typical heat cloud or isolated storm. Also common are lines of 
thunderstorms or squall lines. Lines of thunderstorms are formed 
when a cold front wedges in under the warm humid air mass along a 
warm front and squall lines can extend for several hundred miles. The 
energy source is the same, namely condensation of water and release of 
latent energy. Thunderstorms along a squall line often seem to lean 
over on their sides because of the heavier and cooler air wedging in 
underneath the warm front. Although there 1s considerable 
entrainment of air through the sides of such storms, the main energy 
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1s still being supplied by the updraft winds caused by condensation and 
convection. 


4.2 THE ENERGY OF THUNDERSTORMS 


The energy of a thunderstorm is determined by the amount of water 
vapour present. Typically, a single cell contains 8x10° kg of water 
(Israel 1973) of which about 60% is converted into heat and 
precipitation. The total energy dissipated by a cell is therefore 1.4 x 10” 
joules per cell. If the average life time of a cell is 30 minutes then the 
average power per cell equals 7.8x10' watts. Since it is estimated that 
about 2,000 thunderstorms are active at the same time around the 
earth then the total energy dissipated must equal about 16x10” watts 
which is about 0.1% of the energy reaching the earth's surface from the 


sun. 


4.3 THE ELECTRICAL ENERGY IN THUNDERSTORMS 


The electric energy of a thunderstorm can be determined in several 
ways. Schonland (1950, 1953) for example, estimated the potential 
difference involved in a typical lightning flash to be about 10° and 10° 
volts while the average charge transferred is about 20 coul. The total 
amount of free charge separated in a thundercloud is about 1400 coul 
according to Wormell (1953). From the above information we can 
determine the total electric energy involved to be of the order of 
3VQ=7x10" joules. A more realistic method presented by Israel 
(1973) yields a larger value of 1.7 x10” joules. In Israel's approach 
the average thunderstorm cell is compared to an electric circuit 
diagram (Kasemir 1965) such as shown in Fig. 26. According to Wait 
(1950), on the other hand, a thunderstorm cell generates on the 
average 2.5 amperes of current and from Ohm's law one then finds 
that the total power output of a cell is RI” =9.4x10° watts, which 
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when integrated over the duration of a cell (30 min.) amounts to 
1.7 x10” joules. 


Fig. 26 Electric circuit diagram of a thunderstorm (Kasemir). 


There is at least one serious objection to the use of Ohm's law in 
determining the electric power of a thunderstorm. There is no doubt 
that the internal resistance of a thundercloud, such as represented in 
Fig. 26, 1s an accurate measurement since it has been determined in 
situ by conductivity measurements. The problem is that the 
conductivity or resistance depends on the number of ions available in 
the cloud. lons are the charge carriers in the cloud and solely 
responsible for the flow of electric current. | Considering that the 
normal ion production in the atmosphere is about ten ion pairs or 
16x10 coul of charge per cubic centimetre per second and that the 
average thunder cloud cell measures fifty cubic kilometres in volume, 
then the total charge production within the cell is only 0.08 coul per 
second which translates to a meagre saturation current of 80 mA. 
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Ohm's law will not hold once a state of saturation has been reached. 
An ohmic current of 2.5 amperes used by Israel might, therefore, not 
be a representative value. If the charging current in thunderstorms is 
non-ohmic the only other alternative is a mechanical transfer of charge 
by means of convection and updraft currents or by the process of 
gravitation in which charge is transported by falling precipitation 
particles. The author has reason to believe that when Israel 
calculated the average electric power involved in charging of clouds he 
not only considered the ohmic current but also took the mechanical 
currents into account. 


An interesting thought is that 1f one could harness a lightning bolt 
there would be 100 kW hours of energy available, enough to keep a 100 
watt light bulb burning for a month and a half. There are nearly 
50,000 thunderstorms active around the world per day, and if each 
storm produced 100 lightning bolts, there would be close to 20,000 
megawatts, which is only enough power to satisfy the needs of a large 
city such as New York. 


4.4 THE LIGHTNING DISCHARGE 


There are two types of lightning discharges, namely cloud to ground 
lightning and intracloud lightning or cloud to cloud discharges. As the 
reader recalls from section 1, Benjamin Franklin observed that 
thunderclouds tend to form gigantic electric dipoles in the atmosphere 
where the lower portion of the cloud is predominantly negative and 
the top positively charged. Occasionally a small pocket of positive 
charge can be found in the lower cloud section during the clouds 
dissipating stage in the vicinity of the precipitation shaft. There is 
about three times as many intracloud discharges as cloud to ground 
flashes, a ratio which seems to vary somewhat with geographical 
location. Normally negative charge is brought to ground by lightning 
that originates from the lower section of a cloud. However, as more 
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and more negative charge is drained by successive lightning bolts to 
ground, the more the positive charge in the upper half of the dipole 
becomes dominant. The imbalance of the dipole will eventually cause 
a positive discharge to appear from the upper region of the cloud to 
sround. The ratio of positive to negative ground strokes is about 1 to 
10 but a positive discharge from the upper region of the cloud is as a 
rule ten times more powerful and carries ten times more charge. 


A lightning flash to ground might consist of several ground strokes 
which appear in such a rapid sequence not distinguishable to the 
naked eye but easily observable with the aid of a Boys camera (see Fig. 
6). In fact, pictures taken with a Boys camera reveal quite a 
complicated discharge mechanism of lightning. It appears that 
lightning is triggered by faint pilot streamers (Schonland, 1938) which 
provide the initial ionized path from cloud to ground by weak corona 
discharges. 


The pilot streamer is usually followed by a stepped leader which can 
be described as small current surges catching up with the pilot 
streamer in small steps averaging 50 metres in length. As the pilot 
streamer works its way down to ground, followed by the stepped leader, 
charge is brought down at a rate of 600 to 2,600 amperes (Hodges, 
1954). As soon as the pilot streamer and stepped leader reach ground 
a conducting path between cloud and earth is established and the main 
stroke starts. The main stroke will transfer charge between the cloud 
and earth at a rate of 20,000 or sometimes 400,000 amperes. One 
peculiar behaviour of the main stroke is that it starts from ground and 
travels upwards which means that large amounts of charge are 
transferred from the earth's surface to the cloud. This is why it is 
often said that lightning travels up to the cloud rather than down. 
Although the main stroke only lasts for a thousandth of a second, it is 
visible to the naked eye and the sound or acoustic shock wave that 
follows is unmistakably that of a lightning bolt. The main stroke 
often breaks up into several subsequent strokes usually three or four 
per lightning flash. Lightning flashes having as many as 42 


THE THUNDERCLOUD 63 


subsequent strokes have been reported. There are usually no pilot 
streamers or stepped leaders present between ensuing strokes in a 
multi-stroke flash since an lonized path has already been established 
after the first stroke. The stepped leader is replaced by a so-called dart 
leader which works its way down from the cloud in one single jump. 


One of the most challenging problems in lightning research is the 
mystery of how lightning bolts drain charge from the thunder cloud. 
How does the lightning bolt connect up to the myriads of charged drops 
involved, and how can this be accomplished in a small fraction of a 
second? This is a question that has not yet been answered satisfactory. 
One of the best solution so far, in the author's opinion, is offered by 
Kasemir (1950b) who believes that the mechanism involved 
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Fig. 27. Lightning discharge theory by Kasemir. (a) Start of return stroke. 
(b) Charge transfer by induction. 
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conductivity and voltage of the atmosphere increases with altitude by 
approximately 90-150vdc per meter, therefore, the effective capture-area increases 
as the lon Collector is raised higher in altitude (see the above image titled “lon 
Collector Capture Radius Increases with Altitude”). Voltage (and sometimes current, 
depending e.g. on orography) have been observed to increase as an ion collector is 
raised in altitude. However, assuming a situation in which the atmospheric current 
Stays constant while voltage increases (due to the ion collector being raised to a 
higher altitude) the result is a net power increase as shown in this formula. 


P=VxI. Therefore, if | is constant, as V increases, P increases proportionately 


lon Harvesting Technology addresses the problem of low atmospheric current 
during fair weather conditions by increasing the altitude of ion collectors thereby 
increasing overall harvested power. It is noteworthy that none of the reports 
presently available via the internet address the harnessing of atmospheric 
electricity for power production based on using more efficient carbon 
nanomaterials such as Graphite and Graphene. Therefore, present reports do not 
reflect the most recent advancements in technology for harvesting atmospheric 
electricity. For the reasons stated herein, previous reports available prior to lon 
Power Group's research (while most are very good when read in context) should 
not be considered an accurate representation of the actual electrical power 
available to advanced lon Harvesting Technology because the reports do not model 
available power based on the complex current flow considering the local 
atmospheric conductivity, potential distribution, and how utilizing carbon 
(https://¡0npowergroup.com/wp-content/uploads/2018/04/Aerostat-Deployed-v2.0- 
with-output-cable-v2.5.jog) nanomaterials (https://io0npowergroup.com/wp- 
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(https://ionoowergroup.com/wp-content/uploads/2018/03/T ether-images-with- 
border-v3.0-100.jpg) as (https://¡i0npowergroup.com/wp- 
content/uploads/2018/03/Aerostats-WWII-montauge-v1.0.jpg) Graphite 
(https://¡0npowergroup.com/wp-content/uploads/2018/04/Trailer-Cost-per- 
Watt.jpg) and Graphene alter (https://ionoowergroup.com/wp- 
content/uploads/2018/03/lon-Harvesting-Power-Estimator-v6.0.jpg) the 
(https://¡0npowergroup.com/wp-content/uploads/2018/02/Electrical-Power- 
Differential-Estimator-v5.0.jpg) process. 
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1s that of induction. For example, consider a negative charge centre in 
the lower portion of a cloud (see Fig. 27a.) from which a leader stroke 
has just reached ground. Not much charge is brought down because 
the negative charge in the cloud 1s bound on small drops or 
precipitation particles. On the other hand the earth's surface, which is 
a good conductor, can easily supply positive charge up to the cloud 
through the ionized channel provided by the stepped leader. When 
the positive charge in the return stroke reaches the cloud it will 
penetrate the charge centre lke a giant lightning rod which causes the 
cloud potential to drop drastically since many field lines now are much 
shorter (see Fig. 27b). In this way much of the electric energy is 
drained without contact or charge being removed from the drops in the 
cloud. Another way to look at Kasemir's lightning mechanism is to 
compare the electric potential and capacitance of the cloud before and 
after a lightning bolt has penetrated the cloud. A 25 coul charge 
centre measuring 1 km in diameter and located several kilometres 
above ground has a capacitance of roughly 


C=4Hn8,R=6x10* Farad, (8) 


which yields an electrical potential of 
gQ, s 
V=¿=4tx10 volts (9) 


If one assumes that the charge centre 1s cylindrically shaped and 
extends ¢=1km in height then the capacity between the charge 
centre and the ionized channel of the lightning bolt can be estimated 


from 


ZE L 


C= In(b/ a) 


x 9x10” Farad, (10) 
where a is the radius of the lightning channel and b the average 
distance of the charges in the charge centre with respect to the 
lightning channel. The radius of the lightning channel was taken as 
1.5m. The result is that the capacity is lowered by about 15 percent 
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which corresponds to a charge transfer of approximately 3.5 coulombs. 
Since there are on average three or four main strokes per lightning 
flash, then the total charge transferred by a lightning flash can easily 
be between 10 to 15 coulombs. In fact, Kasemir's capacitor model does 
not only explain why the bulk of charge 1s moving upwards, from 
ground to cloud under the influence of induction, 1t also presents us 
with a RC circuit which might explain the occurrence of multiple 
strokes. The time constant of the circuit (average 200 micro seconds) 
is the product of (9) and (10) divided by the average discharge current 
of 20,000 amperes. Once the capacitor is charged the lightning current 
will cease and the time elapsed is of course determined by the time 
constant. After an average length of 0.07 s (Bruce and Golde, 1942) 
the next stroke will follow but this time triggered by a dart leader. 
The ensuing stroke will form a branch which will penetrate the cloud 
in a different direction. More strokes might follow until the negative 
potential of the entire region has been drastically lowered. The induced 
charge transferred in this manner must slowly leak off to the individual 
drops by means of corona and quiet discharges that will produce 
numerous 1on pairs inside the cloud. 


In an intracloud discharge a lightning bolt starts between two 
charge centres where the electric field 1s high and where electric 
breakdown of air first occurs. After a small parcel of air becomes 
conducting from the electric break-down of the air, it will grow rapidly 
in length under the influence of induction. As the lightning rod type 
discharge grows and becomes more and more polarized, positive charge 
will rush towards the end facing the negative charge centre while 
negative charge collects at the end nearest the positive charge centre. 
Once the lightning bolt penetrates both charge centres, enough charge 
is transferred by the polarization effect to account for the observed 
electric field changes. 
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One important implication of Kasemir's discharge mechanism is that 
the electric breakdown of air, and formation of small ionized air 
parcels in the strong field region between two charge centres, can 
trigger lightning bolts. This means that aircraft flying in the high 
field region between two charge centres can become electrically 
polarized and trigger lightning as well. The risk of damage is 
therefore much greater than previously thought when it was believed 
that lightning would only strike aircraft in a random fashion. Pilots 
usually refer to two kinds of lightning strokes; the "static discharge" 
when lightning seems to originate from the aircraft when it is trying 
to rid itself of excess charge or the direct hit when lightning is believed 
to come from a nearby charged cloud centre. The "static discharge" is 
controversial in that the charge on an aircraft, as pointed out by many 
scientists, is by far to small (about 0.1 coul) to create a lightning bolt. 
Kasemir's induction mechanism, however, explains that the strongly 
polarized electric field on the aircraft, which causes corona discharges 
and electric break down of air, will supply all the charge necessary for 
the lightning bolt. For example, although the net charge on the 
aircraft 1s small, the amount of ionic charge produced in the 
surrounding air by corona is enough to feed a lightning bolt by the 
inductive mechanism. One cubic centimetre of completely ionized air 
contains as much as 5 coulomb of ionic charge. 


The size of a lightning bolt or the diameter of the lightning channel is 
not well known. A rough idea of the channel diameter can be 
obtained if one uses Gauss's law to determine the maximum radius of 
electric break down of air due to the strong field and corona produced 
by the charged lightning channel. For example, an average lightning 
bolt which carries a current of I = 25000 amperes and propagates ata 
typical velocity of v= 10° m/s will contain a charge of 


4A=1/V ~25x10* coul/m, (11) 


which by the use of Gauss's law equals a channel radius of 
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R=A/(2ne,E), (12) 


where £ =3x10* volts / meter is the breakdown field of air. It is 
believed that the bulk of the lightning current is confined within a 
small core having a cross section of about 0.15 m in diameter. The 
lightning channel can be pictured as narrow current core surrounded 
by a large ionized envelope. 


4.5 PROTECTION AGAINST LIGHTNING 


Modern lightning research has proved that the function of a lightning 
rod is not necessarily to attract lightning and lead it to ground in order 
to dissipate its power. Careful studies show that large amount of 
corona discharges occur at the point of a lightning rod before lightning 
strikes. The corona discharges produce numerous ions which often 
develop a protective dome around structures fitted with lightning rods. 
A large conductive dome or sphere has a smoothing effect over 
protruding surfaces and will lower the electric field strength in its 
vicinity. Experiments by Vonnegut and Moore have shown that a 
conducting wire supported between two mountain tops did not get 
struck by lightning as often as the mountain sides. In fact, the 
lightning seemed to avoid the wire which can be explained by the 
above effect that corona must produce a large diameter ion cloud 
around wire. This has the effect of lowering the field strength in its 
vicinity. 


The lightning rod is an important device for protecting houses and 
other structures from lightning. This is accomplished in two ways. 
First, corona from the sharp tip of a lightning rod creates a protective 
ion cloud above the structure and secondly, in the event of a direct hit 
by lightning, the lightning rod will force the electric power to dissipate 
into ground and prevent damage to the building. When protecting a 
house or structure from lightning damage, some fundamental rules 
should be followed. Basically, there are two types of protection 
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internal and external. External protection concerns the safety of the 
roof and sidings of a house while interior protection deals with sparks 
between metal object inside the house including appliances, radios and 
telephone lines. An effective exterior lightning protection can be 
described as follows: 


1. Lightning rods and guard wires must be symmetrically placed 
over the roof to ensure uniform distribution of the discharge 


current. 


2. Lightning rods and guard wires should be symmetrically 
attached to vertical conductors which distribute the discharge 
current to ground. 


3. A good ground connection, far away from under-ground cables 
and pipes, must be established in order to let the energy dissipate 
into the earth's surface as effectively as possible. 


4. No point on a roof should be further than 10 m (30 feet) away 
from a lightning rod or guard wire. 


5. All large metal objects on the roof should be electrically 
connected to the system. 


6. Any large protruding non-conducting structures or objects on the 
roof should be fitted with an individual lightning rod. 


7. A building should have at least two vertical conductors to 
ground. 


8. Sharp bends or curves in the conductors should be avoided since 
they might cause unnecessary induction and build-up of sparks. 


9, Large metal objects on the outside walls such as balconies and 
fire escapes must be connected to the system. 
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The recommended cross sectional area of guard wires and vertical 
conductors should be at least 2.5 mm” (0.04 m*)and twice that area for 


the buried wires that serve as ground connections. Fig. 28 shows 
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Fig. 28 Lightning protection for houses. 


several different ways of protecting houses and similar structures. 
Fig. 29 demonstrates a simple lightning protection for sail boats. 
Thousands of people around the world are killed by lightning every 
year. Most fatalities occur in open fields and usually when lightning 
strikes within a range of 50 to 100 metres of a victim. The danger 1s 
that when lightning strikes ground a tremendous amount of current 
radiates out in all directions from the point of impact. Since the 
current travels on the surface, which offers a certain electric resistance, 
a voltage drop will develop which can easily reach 1,000 volts per metre 
100 metres from the point of impact. A person walking might bridge a 
lethal voltage in one step or could easily be thrown off his feet by 
muscular contractions from the electric shock. It has often been said 


70 ATMOSPHERIC ELECTROSTATICS 


that 1t 1s safer to run than to walk across a field during an overhead 
lightning storm. This might not be far from 
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Fig. 29 Lightning protection for sail boats. 


the truth since only one foot would be in contact with ground in case 
lightning strikes. Lightning often strikes trees, consequently one 
should never take shelter under trees, near power lines, etc. 


4.6 THE ELECTRIC CHARGING OF CLOUDS 


Numerous observations and measurements have shown that a 
thundercloud theory must satisfy certain conditions: 


1. It must explain a positive charge in the upper region of the 
cloud and a negative charge in its lower portion and during the 
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later stage in the cloud's life cycle it must justify the appearance of 
a small pocket of a positive charge near its base. 


2. The theory must clarify why it takes approximately 20 min. to 
generate enough charge for the first lightning flash and only a few 
second for the ensuing flashes. 


3. The process must be capable of separating a charge of at least 
1,000 coulomb per thunder cloud during an average life time of 30 
minutes. A typical diagram of a thunder cloud 1s shown in Fig. 30. 
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Fig. 30 Typical charge distribution in a thundercloud. 


Many theories have been developed ever since Franklin’s and 
D’Alibard’s discoveries over 200 years ago. A theory must resort to 
some kind of energy source and most thundercloud theories seem to fall 
within two such categories, namely that of gravitational energy and 
energy provided by convection. Gravitational mechanisms rely on the 
gravitational potential energy available as precipitation particles fall 
from the upper part of a cloud to its lower region. Convection 
mechanisms make use of energy supplied by the intense updraft winds 
in thunder clouds. 
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Most theories such as the Wilson mechanism, influence charging, 
icing and ice splintering mechanisms all fall under the gravitational 
process. Charge is produced on precipitation particles by one of the 
above processes in which negative charge is preferentially attached to 
larger and heavier drops which fall down and separate from the 
smaller drops causing a large build up of the electric field within the 
cloud. One serious problem with gravitational mechanisms is that 
according to the data presented by Israel (see sec. 4.2 and 4.3) an 
average thunderstorm cell which contains 810° kg of water must 
produce 17x10” joules of electric energy, which is not possible. 
Simple calculations show that the gravitational energy available in a 
cell which contains 810° kg of water has a potential gravitational 
energy of 0.6mgh/2=12x10" joules (g is the gravitational 
acceleration, h the average vertical separation of roughly 5 km between 
the charge centres and m is the total water content). This means that 
there is not enough gravitational energy available to account for the 
electric energy present in the cell. If the above reasoning holds true 
then all charging mechanisms which rely on gravitational potential 
energy can be ruled out. However, more careful evaluation of existing 
data and more measurements are needed before such a decision can 
be made. 


Convection mechanisms on the other hand can easily provide the 
energy and charge needed through the continuous ventilation of near 
stationary drops. There are essentially only two theories developed so 
far which are based on convection, the theory by Grenet (1947) and 
the electrochemical mechanism (Wahlin 1978). Grenet and later 
Vonnegut (1955) suggested that natural positive space charge is 
brought in from below the cloud and carried to the top by convective 
updraft currents. The positive charge at the top of the cloud will 
attract negative ions from the outside air volume which are captured 
by down draft currents and thus assumed to be brought to the bottom 
of the cloud. As the process continues, the increased electric field will 
produce more positive ions under the cloud by corona point discharges 


THE THUNDERCLOUD 13 


at the earth's surface which in turn are carried through to the top by 
updrafts. One objection (Chalmers, 1957) is that 1t 1s difficult to 
understand how the updraft and downdraft currents can distinguish 
between negative and positive ions in a way that only negative ions 
can be transported by down drafts and positive ions by updrafts. 


In the electrochemical charging mechanism convection currents 
simply bring natural ions of both signs in from outside and ventilate 
them through the drop population of the cloud. However, negative ions 
which are extremely reactive attach themselves to drop surfaces at the 
bottom of the cloud while the inert positive ions sieve through and are 
carried by the updrafts to the upper regions. The electrochemical 
charging mechanism, which is described in Chapter 3, is very effective 
and despite criticism by Vonnegut, Moore, Griffith and Willet (see 
section 2.7.3) is the only process which can easily be modelled in the 
laboratory. The diagram in Fig. 31 shows such a model constructed 
from two clumps of steel wool. The two sections of steel wool, one 
representing the bottom and the other the top of a thunder cloud, are 
electrically insulated from each other. A fan blows air through the 
cloud model to simulate the updraft winds inside a thunder cloud. A 
radioactive alpha particle source (Po 210, 500 micro Cu) near the fan 
feeds positive and negative ions at equal number into the cloud model. 
Negative ions are immediately captured by the electrochemical process 
in the bottom section while the inert positive ions pass through and 
reach the upper steel wool section where they stop together with the air 
flow. Ina model the size of a large football over one hundred volts of 
charge separation is readily achieved. A small neon light, connected 
across the cloud model, demonstrates the lightning discharge in a 
realistic manner. The polonium 210 is readily available from several 
mail order suppliers and does not require a license. 
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Fig. 31 Laboratory model of thundercloud. 


The electrochemical charge separation in clouds has been 
theoretically scrutinized by Pathak, Rai and Varshneya (1980) who 
determined that enough charge can be separated from atmospheric ions 
within 10 minutes to trigger the first lightning discharge. Once 
lightning has occurred numerous ion pairs are created by the 
discharge itself which will increase the charge rate drastically to allow 
for ensuing lightning discharges to occur within seconds of each other. 
In the dissipating stage when down drafts begin to appear in an 
organized way, the charging process can reverse and form a small 
positive charge centre near bottom of the cloud. This explains the 
small pocket of positive charge near the cloud base which is often 
observed by investigators (see Fig. 30). 
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4.7.1 BALL LIGHTNING 


Ball lightning is a controversial subject and such a rare phenomenon 
that many investigators in the field still doubt its existence. Many 
sightings have been reported dating back hundreds of years, but no 
convincing photographs or scientific records have ever been produced. 
Nevertheless, ball lightning has intrigued a great number of reputable 
scientists and has resulted in many exotic theories. Certain 
fundamental characteristics of ball lightning has been agreed on which 
can be described as follows: The geometrical shape of ball lightning is 
that of spheroid with a diameter of 10 - 20 cm although diameters as 
small as 2 cm and as large as 150 cm have been reported. The colour of 
ball hghtning varies from white, bluish-white, greenish-white, red or 
orange-red. The light or glow seems to be steady throughout its 
duration which might be a few seconds to several minutes. Ball 
lightning might decay slowly and faint out or disappear in a sudden 
explosion often causing severe damage. Ball lightning has been 
reported to pass through window panes and walls, a phenomenon 
which is difficult to conceive. In most cases 1t moves silently above 
ground or along fence wires and power lines. Occasionally it is 
accompanied by small sparks and corona discharges which indicate the 
presence of electrostatic charges. Ball lightning appears only during 
severe thunderstorms that produce intense lightning discharges. Itis 
believed that ball lightning might originate from the ionized lightning 
channel of super bolts. 


Small electric plasma balls have often been observed in submarines 
when battery banks have been accidentally shorted out. The high 
short-circuit currents cause intense arcs to appear across contacts of 
reverse current relays which are fitted with magnetic blow-out coils. 
Occasionally a fire ball is blown out which will float off into the engine 
room and remain visible for a short time while decaying by the normal 
electron-ion recombination process. 
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As previously mentioned, there are many theories proposed in order 
to explain ball lightning (Barry, 1980). One such theory is the ring 
current plasmoid model which is derived from observations and 
experiments performed with submarine batteries (see Silberg, 1965). 
The ring current model does not mention what mechanism creates a 
ball lightning but deals more with the decay time of the plasma itself. 
Other more exotic theories are the standing wave model which is based 
on microwave resonance and the crystal model which treats the 
problem from a quantum mechanical point of view. 


4.7.2 THE QUANTUM MODEL 


The quantum model is interesting in that it tries to explain how a 
completely ionized plasma is maintained at very low temperatures, 
less than 340 C. Neugebauer (1937) used quantum mechanical 
arguments, derived from well-known free-electron gas models, to show 
that once a plasma ball has been created it will require very little 
energy too sustain itself. For example, from the black body radiation of 
such a plasma it can be determined that a completely ionized ball of 10 
cm in diameter would require less than 24 watts and a 20 cm ball about 
90 watts to remain completely ionized. The quantum model does not 
explain where the power comes from that generates the heat or how 
the plasma was created in the first place. 


4.7.3 THE STANDING WAVE MODEL 


Cerrillo (1943) and Kapista (1955) advanced a model of ball lightning 
in which the ionized plasma is produced and maintained by radio 
frequency oscillations. It is believed that a standing wave is created 
inside a plasma where the size of the plasma is equal to one quarter 
wavelength of its cavity frequency. If the radio frequency is suddenly 
cut off, the ball will produce a weak shock wave when collapsing. If the 
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RF energy is gradually diminishing then the ball will slowly faint away 
without any drastic after effects. How to explain the mechanism that 
is responsible for producing such a high intensity RF field remains a 
problem. 


4.7.4 THE RING CURRENT MODEL 


Fire balls formed in engine rooms of submarines have led to the 
speculation that ring currents might be responsible for the production 
of plasmoids with reasonable long life times. The long life time is 
based on the idea that a plasmoid must have a very low ohmic 
resistance R and a certain amount of induction L, due to the magnetic 
field of the ring current. The time constant t = L/R is therefore a 
measure of the plasmoids life time. Fig. 32 shows a diagram of the 


Fig. 32 The ring current model of ball lightning. 


plasmoid itself. Also, it is not clear how such a ring current might be 
produced and how it can obtain a spherical shape. 
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4.7.5 THE PINCH EFFECT 


The pinch effect is a well known phenomenon. It explains how 
lightning bolts sometimes break up into small balls called bead 
lightning or pearl lightning, an event which has been observed by the 
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Fig. 33 Two parallel wires which carry currents in the same direction attract 
each other. 


author in both Africa and Sweden. The strong magnetic field produced 
by the lightning bolt current can force the flow of charge to bend 
inward towards the centre of the lightning channel to such an extent 
that 1t will choke and pinch itself off. The pinch effect can be better 
understood if one examines Ampere's law, see Fig. 33, which states 
that the attractive force between two parallel conductors, which carry 
currents 1' and 1" respectively, 1s equal to 
iip 


F = SAR = (1'B, (13) 


where / is the length of the current elements which are separated by a 
distance R. The magnetic field generated by one current at the site of 
the other is B and #, 1s the permeability constant. 
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Fig. 34 The pinch effect causes the lightning core to break up into small 
segments (bead or pearl lightning). permeability constant. 


In a lightning channel, where numerous charges or current 
elements move in the same direction, a mutual attractive force 1s 
developed which will cause the lightning channel to contract, see Fig. 
34 a. The force of contraction can reach a magnitude where the 
lightning channel gets pinched off and becomes separated into small 
spherical sections (beads or pearls) see Fig 34 b. Once the flow of 
charge is pinched off, the electric current will cease which causes the 
magnetic field to collapse. The collapse of the magnetic field, on the 
other hand, will induce eddy currents in the ionized plasma, isolated by 
the electromagnetic pinch effect, which will maintain the electric 
discharge and prevent the magnetic field from rapid decay. The 
plasma ball formed can be pictured as a magnetic ring field trapped 
inside a toroid electric plasma current, see Fig. 35. One of the 
conditions required is that the plasma must be completely ionized and 
super-conducting in order to offer minimal resistance or ohmic loss. 
Any presence of neutral particles will cause recombination and rapid 
decay. A collision with a conductive object such as an iron stove, for 
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example, could drastically neutralize the plasma ball in an explosive 
manner. The theoretical model described implies that that a ball 10 cm 
in diameter, completely ionized, would contain an ionization energy o 7 
kilo joules and eight times that amount for a 20 cm diameter plasma 
ball. The field of induction set up by the plasma current is 


B = HL, (14) 


where / is equal to the lightning current at the moment of pinch-off. 
The energy density of the trapped magnetic field 1s 


U, =i—. (15) 
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Fig. 35 Magnetic ring field model of ball lightning. 


The energy of the magnetic field in a 20 cm diameter ball, produced by 
a super bolt delivering 400 kA peak current, is equal to about 400 
joules. Using Neugebauer's argument that 20 watts is sufficient to 
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maintain a 20 cm plasma ball (see 4.7.2) means that 400 joules will 
make the plasma ball last for about 20 seconds. 


82 


ATMOSPHERIC ELECTROSTATICS 


CHAPTER 5 


FAIRWEATHER PHENOMENA 


5.1 EXPERIMENTS AND OBSERVATIONS 


After Lemonnier and Beccaria discovered the fairweather electric field 
by probing the atmosphere with poles and stretched wires, the first 
considerable advance was made by de Saussure (1779) who introduced 
several new methods of measurements. De Saussure constructed an 
electrometer consisting of two elder pith balls suspended from silver 
wires inside a glass jar with metallic shielding. When the balls were 
charged to the same polarity they repelled one another and the 
amount of deflection was a measure of the electric intensity from a 
source brought in contact with the silver wires. By raising and 
lowering an antenna which was connected to the electrometer, de 
Saussure could show that the electric potential in the atmosphere 
increased with altitude. Another clever experiment by de Saussure 
was to throw a lead ball, which was connected to the electrometer by a 
thin wire, straight up in the air braking the wire and electric 
connection. The ball, after reaching a certain potential, would take its 
charge with it and leave an opposite charge behind on the 
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electrometer. De Saussure realized that the electrostatic charge 
induced on his antennas was caused by a positive static charge in the 
atmosphere above. He is also believed to have been the first to 
discover the systematic annual change in the fair weather field, see 
section 1.5. 


One interesting experiment involving the use of kites was performed 
by Mahlon Loomis, a Washington D.C. dentist, during the period 1862 - 
1873. Loomis used two kites at the end of stranded bronze wires about 
600 feet in length. The wires were both grounded through sensitive 
galvanometers but the ground connections could be broken by means of 
telegraph keys. Loomis was able to transmit morse code messages 
from one antenna to the other over a distance of up to 16 miles 
without the use of any external electric source. In the early 1870's 
Loomis was supposed to have achieved voice communication using a 
Berliner's microphone. He applied for government funds for a classified 
military project, but since the Civil War was over, Congress would not 
appropriate the money. What is important is that Loomis must have 
been first to achieve wireless communication but obviously not by radio 
but by disturbing the electric fairweather field. A member of the 
family, Thomas Appleby, has published a book on Loomis' experiments 
and copies of patents issued (Appleby 1967). 


In the beginning of this century 1t was discovered that ions cause 
the atmosphere to be conductive and new theories were needed to 
explain how charges on the earth-atmosphere system are maintained. 
It has been suggested that the earth's rotation in 1ts own magnetic field 
could produce a magneto effect which would drive the electric 
fairweather circuit, or that evaporation of water from the earth's 
surface might charge the earth negatively and the water vapour 
positively by some unknown process. In fact, Volta (1800), advanced 
an electrification theory based on vapourization and condensation of 
water in order to explain charge production in thunderclouds. Today, 
although the question still remains open, there are primarily two 
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theories dealing with the problem of the origin of the electric 
fairweather field. One is the closed circuit hypothesis which asserts 
that all thunderstorms around the world recharge the earth-ionosphere 
system. The other theory is the electrochemical process which is an 
electrostatic mechanism based on the preferential capture of negative 
ions by the earth's surface. The amount of charge produced by all 
thunderstorms around the earth at any given time is certainly 
adequate for replenishing the fairweather charge and the variations of 
the fairweather field as a function of GMT seems, to a certain extent to 
follow the variation in the world-wide convection pattern as shown in 
Fig. 15. The electrochemical charging mechanism, on the other hand, 
suggests that if a sphere the size of our earth is ventilated by ionized 
air then, by extending the curve in Figure 23, it will charge to 
approximately one million coulombs, a value that conforms with the 
measured charge on earth. The curve, of course, shows the charge on 
water surfaces, but it should be remembered that two-thirds of the 
earth is covered by water. Also, the earth's surface 1s constantly being 
ventilated by winds carrying natural ions which are supplied at a 
steady rate by cosmic and radioactive decay. The excess positive ions 
left behind near the earth's surface are carried aloft by convection and 
by eddy diffusion, thereby mixing through the atmosphere to heights of 
several kilometres. Lifting the positive ions from near ground to 
higher altitudes stretches the electric field lines and increases the 
potential. This is analogous to the contact potential experiments 
performed by Lord Kelvin (see section 8.2) in which the potential is 
increased by separating the two metal plates in his condenser 
apparatus. The electrochemical charging mechanism is strongly 
dependent on convection and is also expected to follow the world-wide 
convection pattern as shown in Fig. 15. 


About 90% of the electric fairweather field is confined to altitudes of 
less than two kilometres, or that part of the atmosphere referred to by 
meteorologists as "the mixing region". Integrating electric field 


strengths up to a variety of heights will give the values of electric 
85 


86 ATMOSPHERIC ELECTROSTATICS 


potentials at varying altitudes. At an altitude of two kilometres, for 
example, this potential is normally about +200 kilovolts with respect to 
earth. At the University of West Virginia a team of physicists have 
managed to build an electric motor driven by the electric fairweather 
field utilizing an antenna extended high into the atmosphere 
(Jefimenco, 1971). 


Since the electric fairweather field 1s enhanced by convection and 
mixing in the fine weather atmosphere, measurements of electric field 
strength at varying altitudes and at diverse locations may give 
important information about the atmospheric mixing processes in 
terms of local weather forecasting. Large scale forecasts might also be 
possible because the electric falrweather field exhibits a slight 
variation every twenty-four hours that is synchronous for all parts of 
the world. The diurnal fluctuation is linked to the fact that continental 
land masses of various sizes are exposed by the daily rotation of the 
earth to the heat of the sun and this results in convection and 
enhancement of the electric field (see Fig. 15). 


Many other phenomena in the atmosphere can be explained by the 
electrochemical effect. For example, airplanes in flight, are subject to 
ventilation by atmospheric ions and thus charge accordingly. A 
Boeing 747 should reach a potential of over -100 kV by rough 
estimation based on Equation (7). A large body such as a zeppelin 
could reach a potential of several hundred thousand volts in the 
naturally ionized atmosphere, making a voyage in a hydrogen airship a 
highly dangerous venture, as proved by the mysterious disintegration 
of the Hindenburg in 1987. 


Charging also occurs inside combustion chambers of engines where 
ions are formed at high temperatures. By means of the 
electrochemical process, lons of one sign (normally negative) are 
preferentially captured by engine walls, permitting those of opposite 
charge to escape in the exhaust stream. Exhaust charging is a common 
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phenomenon in our modern world. Not only do aircraft charge by this 
process but motor vehicles on rubber tyres become electrostatically 
charged even at stand still while idling. Exhaust gas from engines and 
smoke stacks produce excessive positive space charge over heavily 
populated areas. Aircraft flying through such areas during landing 
approaches become positively charged in contrast to what is normally 
experienced during regular fairweather flights. The explanation is 
that if an aluminium fuselage is subject to ventilation of an abnormally 
high positive to negative ion ratio, where V*/N” =1.3 or more then, 
according to Fig. 11, the aircraft must charge positively. 


Exhaust charging also plays an important role in geophysical 
phenomena such as volcanic eruptions which often produce lightning 
and during earthquakes where a glow or earthquake light is emitted 
along fissures and cracks. 


It is difficult to say whether atmospheric electricity has any practical 
applications at the present time. The structure of the fairweather field 
and how it 1s linked to convection and turbulence in the atmosphere 
might be of meteorological interest. The fairweather field as an energy 
source is too feeble for practical purposes and will only yield about 
ljiwatt per m’ at the earth's surface, or approximately one billion 


times less than solar power. 


Also worthy of consideration is the fact that for the past 50 years 
scientists have been looking for physiological effects caused by ions and 
electric fields in the earth's atmosphere. Many experiments have 
already been performed that seem to show such a relationship. 
However, one still lacks concrete physical evidence and much more 
work is needed before one can determine the significance of 
atmospheric electricity with respect to one's state of health. There is 
also a growing interest in planetary atmospheric electricity as a 
consequence of data sent back from space probes. 
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5.2.1 EXHAUST CHARGING 


Lord Kelvin was aware of the "wonderful agency in flames and fumes" 
causing deviations in his electrometer readings when passing through 
his condenser plates. Earlier (c. 1800) Volta discovered that static 
charges on conductors changed rapidly when exposed to candle flames 
or lit fuses. Modern science explains that ions produced from 
combustion increase the conductivity of the surrounding air causing 
potential gradients to change more rapidly. An increase in ion 
population also enhances the electrochemical charging effect. In 
combustion chambers of engines, where numerous ions are formed, 
the electrochemical charging effect often becomes a nuisance and in 
some cases a hazard. For example, fuel might ignite while attempting 
to refuel a charged vehicle or aircraft. During combustion negative lons 
are usually captured by the engine walls while the positive ions are 
carried away by the exhaust stream. The result 1s an accumulation of 
negative charge on the vehicle. Fig. 386 shows an experiment 
performed by the author with a diesel car blocked up on insulators. A 
charging current of 2 micro amperes was registered 
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Fig. 36 Exhaust charging of a motor car. 


at fast idle of the 2.25 litre engine. Similar experiments were carried 


out on small aircraft and negative charging currents of up to 10 micro 
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amperes were measured. Exhaust charging can easily produce static 
potentials of several thousand volts. Severe electric shocks can be 
obtained from large aircraft not fitted with static eliminators or by 
touching metal hooks lowered from hovering helicopters. 


5.2.2 VOLCANIC ERUPTIONS 


Volcanic plumes charge to high potentials and, just like thunderstorms 
are accompanied by a display of lightning discharges. Not much is 
known about the charging mechanism involved and very few 
measurements are available that can shed light on the electric 
structure of such plumes. Space charge measurements at ground level 
near volcanic eruptions reveal negative charge on precipitating ash 
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Fig. 37 Electrostatic charging of volcanic plume. 


particles which, according to the mirror-image effect (sec. 2.5), means 
that there 1s positive charge on the plume above. Opposite signs have 
been reported and the conclusion is that ash particles from different 
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volcanoes charge differently. It is difficult if not, impossible to 
determine the dominating sign of charge in plumes from ground 
measurements because sign reversals, due to lightning discharges and 
mirror-image effects, are always present. 


It has been suggested that volcanic plumes charge by frictional 
effects between small and large ash particles and that separation of 
charge 1s enhanced when larger particles fall out of the plume. Other 
charging effects to be considered are convection mechanisms and 
exhaust charging. Convection and condensation of water vapour as in 
regular thunderstorms can also explain the build-up of charge in the 
plume. Exhaust charging might play a dominating role since numerous 
ions must be present in the hot interior of the volcano. Negative ions 
can be expected to be adsorbed to the inside walls before reaching the 
earth's surface while the more inert positive ions are carried up with 
the plume, see Fig. 37. 


Electric measurements during volcanic eruptions are obviously very 
difficult to perform if not dangerous. Also, volcanic eruptions are not as 
common as ordinary thunderstorms and data is, therefore, very 
sparse. 


5.2.3 EARTHQUAKE LIGHT 


Earthquake light is a rare phenomenon and its existence 1s still being 
questioned by some scientists. It was not before 1965, during the 
Matsushiro earthquakes in Japan, that actual photos were obtained of 
earthquake light (Yasui, 1968 and 1971). Earthquake light has been 
observed as a faint red and white glow for hundreds of miles around 
just before the earth begins to shake and crack along a fault zone. 
There has been much speculation on what might cause earthquake 
light. One fact is certain, that the ight must come from atoms that 
have been ionized or excited by some mechanism triggered by the 
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earthquake. The light is emitted when a detached or excited electron 
falls back again into its stable orbit around the atomic nucleus. 
Ionizing collisions in air, between atoms and particles or between 
atoms and photons, by far outnumber exciting collisions. Ionization of 
air molecules, to the extent where the sky will glow for miles around, 
could be caused by corona discharges near the earth's surface or by 
ionized exhaust gas escaping from the hot interior below the earth's 
crust. It has been suggested that frictional heating of a shear zone will 
occur during an earthquake and that the frictional heat will lead to 
vaporization of water in and near the shear zone (Lockner et al, 1979). 
The result would be a drastic increase in the electric resistivity of the 
rock throughout the shear zone coupled with some sort of charge 
separation due to the evaporation of water. After enough charge has 
been collected in the shear zone, corona discharges along its top edge 
would stream into the atmosphere like St. Elmo's fire. One problem, 
however, is that corona discharges draw a great deal of current 
( 10044 per cm’) and it is difficult to understand how such a current 
can be supplied over a highly insulating rock surface. Also, corona is 
quite a noisy phenomenon unlike silent earthquake light. 


Other theories take into account the piezoelectric effect in which 
strong electric fields are presumed to form in quartz rich crustal rocks 
subject to high mechanical pressures (Mitzutani et al 1976). Again 
high electric fields along the fault zone would create corona and St. 
Elmo's fire. One interesting idea is that the sparks and crackle from 
piezoelectric discharges in the interior would create electromagnetic 
radiation, similar to that of old spark transmitters used before the 
invention of vacuum tubes and transistors, to the extent that the air 
above the earth's surface would ionize and glow. The power of the 
electromagnetic radiation must be high enough to ionize air and make 
it glow. One would expect that such a powerful electromagnetic 
radiation, that will cause electric breakdown of air, would cook 
everything else in sight and heat the earth’s surface to extreme 


temperatures. 
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Perhaps the explanation of earthquake light has nothing to do with 
electrostatic charging but simply the escape of gases such as the 
radioactive element radon. According to the Handbook of Chemistry 
and Physics there is about 1 gramme of Radium per square mile of soil 
to a depth of 6 inches which releases radon into the air. During an 
earthquake, radon is released from considerable depths and brought to 
the earth's surface in large amounts. Each radon atom is capable of 
producing one million ion pairs. The handbook states that when radon 
is frozen below its melting point it will exhibit a brilliant 
phosphorescence which becomes yellow as the temperature is lowered 
and orange-red at the temperature of liquid air. The light is from 
ionizing collisions between alpha particles and atoms. It can be 
expected that when large quantities of radon escape it might be 
accompanied by other foreign gases trapped far beneath the earth's 
surface. The gases, unnoticed by humans, could easily be detected by 
animals and the unfamiliar scent might have a disturbing effect on 
their behaviour. It is believed that the Chinese are able to predict 
earthquakes and it 1s well known that they are monitoring animal 
behaviour for this purpose. 


5.3 BIOLOGICAL EFFECTS 


The exposure of human and animals to ions and strong electric fields 
has only very recently become an important issue in many countries. 
The Soviet Union, for example, has very rigorous rules and regulations 
concerning the exposure of workers to electric fields in power stations. 
In Sweden studies have been carried out on the effects of ions and 
strong electric fields on humans under different working environment 
(Lovstrand et al 1978 and Backman, 1979). Many other countries are 
and have been involved in similar research. The exposure to electric 
fields 1s in itself not considered important, but the production and 
movement of ions in electric fields are of chief concern. lons carry 
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charge to the body; they are also inhaled and trapped in the respiratory 
system. The question is; do ions effect our physiological or 
psychological well being? So far, numerous tests have been performed 
in different environments where ion concentrations and electric fields 
have been changed under controlled conditions. ECG and EEG 
recordings, blood and urine tests as well as blood pressure and 
neurasticthenics (headache, nausea, insomnia, tiredness) have been 
monitored by many investigators but no conclusive results have ever 
been reported. There are many who believe that negative ions affect 
them in a pleasant way and that an excess of positive ions have an 
adverse effect. The author knows of physicists who installed negative 
ion generators in their cars and which are turned on during long trips 
in the event their wives and children become rowdy. One atmospheric 
electrician confided that occasionally he turns on a positive ion 
generator, which puts his wife to sleep, so that he can watch a TV 
programme of his own choice! It 
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Fig. 38 A person exposed to the electric fairweather field. 


has been established that ion currents produced on the human body as 


a consequence of the electrostatic fields, are too insignificant to 
93 


4/11/2018 How lon Harvesting Works On Mars - lon Power Group 


f (https://www.facebook.com/lonPowerGroup/) Y (https://twitter.com/ionpowergroup) in (https://www.linkedin.com/company/ion-power-group-llc) 
(https://www.youtube.com/user/lonPowerGroup) 


(https://ionpowergroup.com/) (https://¡0npowergroup.com/) 


lon Power Group 


(https: //¡i0npowergroup.com/) Electricity from Atmospheric lons 


DOCUMENTARY REPORT ABOUT IONPOWERGROUP COM V1 5 fl... 


Highly energetic Galactic Cosmic Rays (GCRs) arriving from deep 
space impact Mars' atmosphere on a consistent basis creating 
electrically charged ions throughout the atmosphere. 


https://ionpowergroup.com/how-it-works-on-mars/ 1/13 


94 ATMOSPHERIC ELECTROSTATICS 


cause any noticeable effects (Backman, 1979). A person exposed to the 
normal fairweather field, see Fig. 38, will perhaps collect a positive ion 
current of 10” ampere on his head. Internal brain currents are 
millions of times larger and it is hard to believe that the external ion 
current will have any effect on the function of the brain. The effect of 
inhaled positive and negative ions on the respiratory system is 
unknown. It is possible that negative ions might have a stimulating 
effect on the cilia in the alveoli. The amount of ions inhaled and the 
sign, whether negative or positive, is strongly dependent on the 
electrostatic charge carried by the person in question. For example, a 
person walking across a carpet in an office might charge negatively to 
several hundred volts. The strong electric field will repel negative ions 
and allow only positive ions to enter the respiratory system. In fact 
Bach (1963) has demonstrated this effect using an insulated 
mannequin head biased at different electric 
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Fig. 39 Apparatus intake through the respiratory system. 
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potentials, see Fig. 39. The result is shown in Fig. 40 where N' 
represents the increase in either positive or negative ions as 
compared to the normal ion ratio at zero bias. 


The belief that 1ons might have a bioelectric effect on humans and 
animals probably started in the Alps of Europe. It has always been 
noticed that during the fohn when dry winds sweep down the 
mountainside some people become depressed or develop head-aches 
and that dogs and chicken tend to hide away. It has also been observed 
that the positive space charge or positive ion concentration 
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Fig. 40 Ratio of charged ions inhaled at different bias voltages. 


in the atmosphere during the fohn is very high which is probably one 
reason why positive ions are blamed for causing discomfort amongst 
mountain villager. Another observation is that warm mountain winds, 
like the fohn, are very dry which can cause considerable discomfort as 
explained by Tromp (1969). 


Warm mountain winds occur when cold alr masses pass over 
mountain ranges, and when the cold heavy air reaches the other side it 
falls down, compresses, and heats up again. When cold air warms up 
it 1s capable of holding more water vapour and its relative humidity 


decreases. The warm dry air will take up water from the surrounding 
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environment and dry everything in sight. The Indians in the Rocky 
Mountain region call the dry mountain wind "the Chinook", or snow- 
eater, because of the rapid disappearance or vaporization of the snow in 
its path. 


Fig. 41 Dry mountain winds (föhn or Chinook) and positive ions. 


The high positive ion concentration can be explained by the fact that 
winds ventilating the other side of the mountain loose negative ions 
which are depleted by the electrochemical effect while the excess inert 
positive ions will follow the air stream over the top, see the diagram in 
Fig. 41. As the positive space charge moves down the mountain side 1t 
is followed by an induced negative image charge along the earth's 
surface. The induced negative charge is particularly noticeable on 
telegraph lines going up and down the mountain side. A protruding 
telegraph line will carry induced negative charge down the mountain 
which is registered as an electric current in the line flowing up the 


mountain. 


5.4 THE ELECTRODE EFFECT 


The electrostatic fairweather field near the earth's surface exhibits 
some very peculiar variations ascribed the so called electrode effect. 
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For example, the electric fairweather field can be slightly higher just a 
few metres above the earth's surface than at the earth's surface itself. 
This is due to a sudden increase of negative ions in a thin layer above 
the earth's surface. From Fig. 12, section 2.2, 1t was explained that 
the fairweather field can be thought of as electric field lines which 
connect the excess positive ion population in the atmosphere with 
trapped negative charges on the earth's surface. If, however, a cloud of 
negative ions was suddenly formed near the earth's surface it would 
mean that some of the field lines in Fig. 12 do not reach ground but 
will terminate on those negative ions. The number of field lines per 
unit surface area would, therefore, be less at 
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Fig. 42 The electrode effect. 


the surface and higher just above the thin negative ion cloud see Fig. 
42. A sudden increase in negative ion concentration near the earth's 
surface could be caused by the passage of a cloud above with a strong 
positive charge centre. The passage of a positive charge above would 
temporarily force positive ions to the earth's surface leaving an excess 
of negative ions behind in a thin layer above ground. ‘The reverse 
effect 1s also possible when a negative charge centre passes overhead 
in which case there is a considerably stronger than normal electric field 
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very near the earth's surface. It is also believed that an electrode 
effect exists even in the absence of clouds. The idea is that, since 
positive ions congregate towards the earth's surface because of the 
normal fairweather field and since there is no supply of negative ions 
leaving the surface, an imbalance must occur with a higher than 
normal positive ion concentration near the earth's surface. Numerous 
measurements, however, do not clearly show such an effect. 


5.5 INTERPLANETARY STATIC ELECTRICITY 


That static electricity 1s present on other planets has been established 
by instrumentation carried on board unmanned space probes. For 
example, lightning discharges have been observed on Jupiter by the 
Voyager spacecraft (Smith et al, 1979, Cook et al, 1979 and Gurnett et 
al, 1979). There is also a strong belief that lightning might occur on 
Venus. 


The rate of current carried by cosmic ray particles to the earth is 
about 0.2 amperes. This means that the earth will charge 280 volts 
per second positively unless there is a flow of electrons to the earth at 
the same rate. The electrons might come from the sun, in which case 
the sun must charge positively. The existence of strong electrostatic 
fields in interplanetary space is an untouched field of research. There 
are problems with orbiting spacecraft building up electrostatic charges 
which can have adverse effects on measuring instruments and data 
collected. Extreme charging might occur on space vehicles when 
returning to earth through the highly ionized layers of the ionosphere. 
The ventilation of ionospheric ions in combination with the 
electrochemical charging effect might cause the plasma discharge 
observed during re-entry, This makes radio communication to from the 
space vehicles impossible. 
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CHAPTER 6 


INSTRUMENTATION AND MEASUREMENTS 


6.1 MEASUREMENTS 


Atmospheric electricity is a field that 1s very easy to get into because it 
does not require a large capital investment for measuring equipment. 
It is a difficult field, however, when it comes to the understanding and 
interpretation of the various measurements. For example, despite vast 
data collected over two centuries, there is still no agreement on how 
thunderclouds charge or how the earth-atmosphere fairweather field is 
maintained. 


Today's advanced technology offers eloquent and accurate 
instruments with fast response time. It is now possible to construct 
simple electrometers and electromagnetic radiation detectors using 
chip circuitry. Video recording equipment is becoming a household 
item that also has great potential for lightning research, making it 
possible to view flights of lightning bolts in micro-second intervals. 


6.2 ELECTRIC FIELD MEASUREMENTS 


Most common are measurements of the electric field at or near the 
earth's surface. The potential gradient at the earth's surface varies in 
many ways but usually averages about +100 volts per metre during 
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fine weather in the absence of clouds. Except for the normal diurnal 
variations of the fairweather field (see sec. 2.2), strong rapid changes 
are often registered which might be due to electrically charged dust or 
heavy pollution. Marked changes in the fairweather field have been 
observed before the onset of fog or during temperature inversions in 
the lower atmosphere. Many of the above field effects and their causes 
are still not fully understood. The electric field below thunderclouds 
are usually very strong and easy to detect. Rapid field changes occur 
during lightning discharges and field reversals are common. Field 
measurements below thunderclouds reveal such features as charging 
rates, electric polarity and discharge rates to 
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Fig. 43 Different antenna configurations for electric field measurements in 
the atmosphere. (a) Disc antenna. (b) Whip antenna. (c) Whip antenna with 
radioactive probe. (d) Long wire antenna. 


mention a few. There are several ways one can measure the electric 
field in the atmosphere. A simple approach 1s to connect an 
electrometer to an antenna of some sort such as shown in Fig. 43. The 
antenna can be a conducting disc placed at a predetermined height 
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above ground (Fig. 43a). The disc will charge and reach a potential 
which is equal to or very near the potential of the atmosphere at that 
height. The diagram in Fig. 43b shows an electrometer connected to 
a short whip antenna which gives voltage readings that are difficult to 
calibrate since the antenna whip will protrude through many levels of 
electric potential. An lon-producing radioactive alpha source at the 
tip of the whip antenna, see Fig. 43c, will increase the electric 
conductivity in the air near the tip and ensure a better accuracy of 
potential measurement as a function of height. A long wire, 
suspended above ground at predetermined levels, will give accurate 
readings of atmospheric potentials as a function of height, see Fig. 43d. 


6.3 THE ELECTROMETER 


There are many excellent electrometers commercially available, but 
since the electronic market of today can offer a variety of sophisticated 
integrated circuits, 1t makes simple home made devices nearly as 
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Fig. 44 Electrometer circuit. 
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effective. For example, the circuit in Fig. 44 has been used by the 
author in many experiments including the Gerdien cylinder 
measurements described in section 2.1. It uses two 9 volt batteries 
and is portable, which makes 1t convenient for experiments in the field. 
The electrometer is mounted in an electrically shielded metal box. 


Measuring electric fields and field changes during thunderstorms 
will produce many interesting results. Lightning discharges cause 
rapid field changes and polarity reversals which can be registered on a 
chart recorder. The recovery time of the electric regeneration process 
in clouds is also a very interesting feature that can be studied with the 
help of a recorder. During thunderstorm measurements it is 
recommended that the electrometer in Fig. 44 be fitted with an R C 
network which increases the time constant of the circuit to several 


seconds. Because of the strong fields produced by thunderstorms, it is 
also advisable to decrease the sensitivity of the circuit, by changing Ri 


and Rf. A typical circuit modification for thunderstorm measure- 


ments 1s shown in Fig. 45. 
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Fig. 45 Circuit for electric field measurements of thunderclouds 
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6.4 THE FIELD MILL 


The electric field mill 1s a device based on electrostatic induction. It 
consists of one or two electrodes which either rotate in an electrostatic 
field or become periodically exposed to a field by rotating vanes. Fig. 
46 illustrates a cylindrical field mill which consists of two cylinder 
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Fig. 46 Cylindrical electric field mill. 
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halves that are electrically insulated from each other. An electric 
motor rotates the two halves in the electric field to be measured so that 
they become alternately exposed to both the positive and negative 
direction of the field. The result is that an alternating (ac) signal is 
generated across the two halves which can be easily amplified. The 
rotating shutter field mill, on the other hand, comprises a stationary 
electrode, which becomes periodically exposed to the external electric 
field through a rotating grounded disc (see Fig. 47). A variation on this 
type of field mill is a stationary grounded cover plate with a rotating 
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Carbon/graphite nanomaterials have been shown to be effective at 
harvesting electricity from atmospheric ions on Earth. Likewise, it is 
anticipated that carbon nanomaterials elevated into the Martian 
atmosphere can also harvest electricity from Mars’ ion-rich 
atmosphere day and night and particularly during dust storms. 


On Earth, experiments have demonstrated that high voltage 
electricity harvested from airborne ions can power lights, motors or 
produce hydrogen & oxygen gas via water electrolysis or place a 
charge on lithium-iron (LiFePO4) batteries and be converted to 
120VAC/60hZ ‘house style’ current. Mars has an ion-rich 
atmosphere believed to be even more advantageous for lon 
Harvesting Technology. See ‘Concept Clips’ for videos. 


GCRs penetrate deeply into Mars’ thin atmosphere as depicted below. 
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disc electrode. Although not commonly used, the cylindrical field mill 
has the advantage that when mounted in a fixed position it can also 
indicate the direction of the field. This 1s accomplished by measuring 
the phase shift of the ac signal relative to the orientation of electric 
fields need to be measured. The rotating 
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Fig. 47 Rotating shutter electric field mill. 


shutter type field mill has to be pointed towards the source of the field 
in order to obtain a maximum reading. This feature is useful when 
searching for static charges that might cause problems in the 
laboratory or industrial plant. The rotating shutter field mill is 
commercially available in several countries. 


6.5 ELECTROMAGNETIC DETECTION 


The crackling sound of atmospherics generated by lightning 1s familiar 
to everyone who listens to radio. "Sferics" interference is usually 
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stronger in the low frequency band (10 - 500 kHz) were the 
electromagnetic energy spectrum of lightning 1s most powerful. There 
is also an interest in the higher frequency bands of lightning radiation, 
around 10 - 30 MHz, relating to corona discharges and fast field 
changes. An attractive feature of atmospherics is that it enables long 
distance detection of lightning storms. Radio receivers with 
directional antennae are used to determine the position and 
movement of thunderstorms. Several stations can accurately pin-point 
storms by triangulation. Loop or frame antennae, such as seen on 
ships, are used and a typical electric block diagram is shown in Fig. 48. 
Experience has shown that the shape of electromagnetic pulses 
received from lightning changes with distance, which makes it possible 
to estimate the distance from the antenna to the discharge. Some 
aircraft are fitted with "stormscopes" utilizing the above principles to 
determine the direction and distance of nearby intracloud discharges 
in order to avoid dangerous confrontation with lightning. Radar 
echoes of lightning bolts can be seen as reflections superimposed on 
echoes of heavy precipitation in clouds. It is believed that the 
ionized channel, produced by lightning, is large enough to cause 
reflection of radio waves. Radar observations of 
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Fig. 48 Loop or frame lightning detection. 


106 ATMOSPHERIC ELECTROSTATICS 


thunderstorms bring out many interesting features which might aid in 
the understanding of the physical processes at work in clouds. For 
example, radar reflections from precipitation appear several minutes 
before any visible electrical activity. The radar reflections rise at first 
together with the cloud top but start to descend as soon as lightning 
occurs. At the same time lightning commences, precipitation becomes 
visible and starts to fall out of the cloud. One question often asked is 
whether lightning induces gushes of precipitation; or vice versa. 


6.6 THE FUTURE 


There are still many problems outstanding in the field of atmospheric 
electrostatics. New and better measuring devices will help solve some 
of the problems still at large, but equally important is the 
development of new ideas and techniques. 


Electrostatic fields and ions in the atmosphere and their effect on our 
well being 1s still an open question. There are no conclusive results yet 
available and more research is needed. It is known, however, that both 
positive and negative ions reduce the life of bacteria (Serratia 
marsescens) residing in aerosols and that high negative ion 
concentrations seem to offer relief to persons suffering from bronchial 
disorders. 


Static electricity in the atmosphere might not offer much practical 
value but it has intrigued many of the best theoreticians and 
experimentalists throughout time. There is no shortage of 
thunderstorms and lightning but the problem is how to safely 
penetrate a cloud and study its micro structure. One alternative 1s to 
use large cloud chambers capable of producing convective clouds. Some 
of the problems might be solved with the aid of orbiting space 
laboratories or unmanned satellites. The world wide thunderstorm 
activity and lightning distribution can be monitored from space and 
correlated with electric field measurements at earth. This could help 
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Long distance reception 
with crystal radios is once 
again becoming a serious 
pursuit among hams and 
other radio hobbyists. 
They are discovering that 
the DX capabilities of 
these receivers have 
been greatly underrated. 
I've been particularly 
interested in crystal sets 
since 1959, when | first 
discovered you could 
actually DX with them. 
The Internet has aided 
crystal set DX activity by 
making exchange of 
ideas between like- 
minded enthusiasts 
much, much easier. This 
article only touches the 
surface from a personal perspective. The reader is encouraged to pursue the online 
resources, described below, covering all aspects and providing further examples of 
this fascinating hobby. 

In this article I'll cover general design considerations for building DX crystal sets, 
but will leave the actual construction specifications up to you. 

Equipment 

Figures 1 and 2 show an example of a DX crystal set. | call it the "Lyonodyne-1 7." 
The design evolved from an earlier version described in the November, 1978 OTB. 
As you can see, this is not your grandfather's crystal set. 

Antenna (right) and detector (left) tuners are mounted on the middle board. Wave 
traps are located fore and aft on separate boards, making it possible to adjust the 
coupling by moving the boards. The antenna coil (L1) is wound on a short ferrite 
rod. The matching transformer unit for my RCA "Big Cans" sound powered phones 
is at front, left. 


Fig. 1. The 'Lyonodyne-17,' an example of a well-designed DX crystal set. 


So, what makes a crystal 
radio a "DX" set? Well, 
this one is double-tuned 
(L1-C1 and L2-C2) for 
selectivity to tune weak 
DX stations in the RF 
jungle we now live in. 
some DX sets resort to 
triple tuning for even 
more selectivity -- 
depends on how many 
hands you have to do the 
tuning. The wavetraps 
(L3-C3 and L4-C4) can 
be tuned to reject strong 
unwanted stations in the Fig. 2. Schematic of the 'Lyonodyne-17.' 

manner of the notch filter 

on a communications receiver. 

Coils L2 through L4 are basket-wound litz wire for low loss and high Q. Variable 
capacitors C1 through C4 are highest-quality, silver-plated, ceramic-insulated units- 
-as perhaps only the military could specify. All these components are isolated from 
the mounting board by ceramic standoff insulators. Overkill maybe, but why take 
chances? 

Design Principles 

Two fundamental principles underlie DX crystal set design and construction: use of 
low-loss components and proper impedance matching between stages. 

Avoid the temptation to construct the set with vintage components. The result may 
be a handsome set that is only a fair performer. | have such sets, and they sit up on 
the shelf and look nice. However, for ultimate performance, one should rely on top 
quality (usually modern) components and materials. 

This is especially important for tuning capacitors, coil wire and forms, and detector 
diodes. Layout and construction, particularly in the RF-carrying sections (antenna 
through detector), should follow good HF practices: short direct leads, careful 
insulation of components, and avoidance of switches, taps and other trappings in 
the 'hot', RF-carrying sections. 

The crystal set, like any other radio, consists of a series of stages--each with a 
function, each coupled to the next. The stages of a simplified crystal receiver are 
diagrammed in Figure 3. The resistances shown are used for detailed circuit 
analysis that will not discussed here. 


We have, 


from left to 
right: 
antenna- 


ground 
system, 
900 front-end 
G (antenna) 
piani pje OR LL A nes] | tuner, 
— — secondary 
(detector) 
tuner, 
diode 
detector, audio matching and finally, phones. Maximum transfer of available signal 
power from one stage to the next happens when the impedances of these stages 
are matched to each other--from antenna to phones--and indeed, from phones to 
one's ears. 
Components 
A good outside antenna-ground system is essential for DXing. Loop antennas do 
not have enough pickup to be effective. An inverted L longwire 20 to 30 feet high 
and 50 feet long is a good start. The one truth to antenna design is, "higher is 
better." Any effort expended to raise the antenna, even a few feet, will be amply 
rewarded. In the most recent crystal set DX contest a third design principle 
emerged: A huge antenna can overcome shortcomings in the first two principles. 
The winner suspended 140 feet of litz wire near vertically using helium-filled 
balloons. Another high-scorer just happened to have a 140-foot tall base-insulated 
tower and four 1000-foot Beverage antennas to complement his junk box set. Most 
of us have neither the real estate nor the rigging capability to put up one of these 
'mega' antennas. So it behooves us to 
heed principles 1 and 2. 
The front-end (antenna tuner) design 
shown here is one of several that can 
be used. This particular design tunes a 
wide variety of antenna-ground 
systems. Other DX crystal sets use a 
simple series tuning circuit effectively-- 
especially on long antennas. 
The diode detector provokes more 
mystery, controversy and debate than 
any other component. Some folks favor 
low-resistance germanium diodes like 
the 1N34A or rock stands with galenas. 
Others swear by high-tech Schottky 
diodes. The emerging truth is, there is 
no universally perfect diode. Fig. 4. RCA balanced-armature phones, with 
The 'best' diode depends specifically iiini 


Fig. 3. The stages of a typical DX crystal set (see text]. 


upon the set it is used in. Per the second principle, the diode needs to match the 
tank circuit feeding it and the transformer and phones that it feeds. With some care, 
a high-Q tank with litz wire coil and a modern, military-grade variable capacitor can 
attain a resistance of from several hundred kilohms up to a megohm. Only Schottky 
diodes and a few modern germanium diodes have resistances this high. The old 
catswhisker-rock stand detectors have far lower resistances. 

The most practical approach to selecting the right diode is to apply an A-B listening 
test to a number of them. Two diodes are mounted in a test stand arranged to 
quickly switch between them. Using a fairly weak station, one can test a pile of 
diodes, pair-wise, keeping the winner after each test, until the ultimate one is found. 
But it's most important to realize that this diode is 'best' for the particular set it was 
tested in. lt may be a quite poor performer in a different set. 

Surplus, sound-powered (more properly, balanced-armature) phones have become 
the industry standard for DX crystal sets. Baldwin Type C's were an early example. 
Now, post-WWII surplus units made by RCA and US Instruments Corp. (USI) are 
preferred. 

These phones are low impedance and 
must be matched to the high- 
impedance tank (L2-C2) and detector 
diode by an audio transformer having, 
typically, 50- to 600-ohm and 50- or 
100-kilohm windings (Figure 4). The 
quality of the transformer is very 
important, so that its insertion loss is 
small. UTC input transformers have a 
good reputation for low loss. The final 
touch is a comfortable set of 
headphone cushions for good 
acoustical coupling to the ears and 
exclusion of outside noise. 

DX Experiences 

Under favorable conditions, medium 
wave or broadcast band DX crystal sets can receive hundreds of stations--some of 
them thousands of miles distant. In fact, DX crystal set performance is comparable 
to any other radio (powered or not) short of a full-blown communications receiver 
with its own outside antenna. The rule of thumb is, if you can hear them on a radio, 
you can hear them on a crystal set. 

The best times to listen are at sunrise and sunset, when stations are signing on or 
off, raising or dropping their powers, and changing their antenna patterns. These 
circumstances make for a jumble of regional stations ripe for the picking. Deep 
night is usually the best time for flat-out DX. 

In 15-year stints at two locations in Maryland, | accumulated logs of over 600 and 
400 stations, respectively. The most distant receptions, at 1800 to 2200 miles, were 
a few powertul stations in the Caribbean area and adjacent South America. | was 
aided, no doubt, by the largely water path between them and me. The farthest 
overland station was in Denver at about 1500 miles. 


Fig. 5. 4'12 O00-mile' short-wave receiver. 


When | moved to Hawaii, | wasn't sure what to expect. The local Honolulu stations 
were givens. But what about the outer islands? And all-importantly the next 
stations, mainlanders, the closest some 2400 miles away? As it turns out, Hawaii is 
an ideal DX location--for distance if not for sheer numbers of stations. With no 
regional stations, sunrise-sunset 
activity is non-existent. 

West coast 500-watt stations, 2500 
miles distant, have been heard here. 
High-power stations in Cuba (4800 mi.) 
and the Caicos Islands (5500 mi.) have 
also been heard, thanks to a mostly 
water path. Stations from the "interior" 
also make it over. Last year, it was 
neat to hear KRVN in snowbound 
Nebraska (3600 mi.) using a 
homemade cat's whisker mineral 
detector. This must be what it was like 
in the old days. 

With low station powers and crowding, Fig. 6. Schematic of the '12,000 mile-er. 
medium-wave broadcast band DXing 

represents the greatest challenge. On short wave there's no limit to the distance-- 
reception is truly worldwide. | occasionally hear the South African broadcasts nearly 
12,000 miles away; Johannesburg and Hawaii are nearly at antipodes. From the 
mainland, Australia (11,000 miles) was a routine catch. Figures 5 and 6 show my 
"12,000-mile" crystal set. 

Crystal Set DX Activities 

Crystal set DX activities include discussion forums sharing ideas and results, an 
annual DX listening contest now into its sixth year, and the occasional set-building 
contest where some remarkably high-caliber craftsmanship comes to the fore. All of 
these activities are served up on the Internet. 

The following site is a highly recommended grand portal to the wonderful world of 
crystal set DXing: Owen Pool's Crystal Radio Resources at 
http:/Awww.thebest.net/wuggy. The comprehensive set of links here covers all 
aspects of the hobby. This site is headquarters for the annual crystal set DX 
(XSDX) contests open to everyone. The contest usually takes place in late January. 
Watch for announcement of specific dates and rules. 

My own experiences over the years have led me to shed my skepticism of the 
incredible DX reports made by old-timers back in the early days. Component 
technology was not what it is today, but circuit technology was, and the sparsely 
populated bands back then had to be a lot more DX-friendly. You may want to pull 
an antique crystal set off the shelf and give it a spin. I'd encourage tt. 

Some of these old sets are extremely well built. The construction of the military BC- 
14A/SCR-65 never ceases to amaze me--and others were built just as well. But to 
start out, I'd recommend conceding to modern technology by using a good, modern 
diode and sound-powered phones with matching transformer. With just a little luck, 
prepare to be amazed all over again! 
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The More Standard Parts Crystal Set - V2 


Update September 2011; If you're looking for a kit of modern parts that will reproduce the design below quite closely | recommend the 
Useful Components Choccy Block Crystal Set Radio Kit. 


In another page on this site | describe how to make a pretty good loud crystal set which I'm calling the version 1. This uses fairly high 
impedance, fairly sensitive magnetic headphones, an OA81 diode, a transistor radio ferrite rod and some other parts that were a bit 
awkward to find. 


Parts That | Used 


1 Standard 120mm ferrite rod with pre-wound MW/LW coils 
1 aerial coupling coil that you make (or, see text) 

1 output coil that you make (or, see text) 

1 1N60 or BAT48 low Vf diode 

1 AM variable capacitor from an old transistor radio 
1 standard ceramic high impedance earpiece 

1 1nF capacitor 

1 100nF capacitor 

1 100k Ohm variable resistor 

1 LT44 interstage audio transformer. 

1 20 metres or so of aerial wire 

1 2 metres earth connection wire 

1 choccy block terminal block connector 

1 lump of offcut pine 


Some more background 


As a kid | played with crystal radios using the little brown crystal earpieces and various circuit configurations with some limited and 
variable success, but always with quite poor aerials. | couldn't reproduce this limited success using my V1 set and a wire aerial sloping 
down from an upstairs room to the end of the garden, a mere few metres. This suggested to me that | might be able to get something 
even louder going using those crystal earpieces, even if they are a bit uncomfortable. l'm calling them crystal earpieces, and so they used 
to be. When | took one apart in the 1970s they consisted of a light foil diaphragm with two stiff wires leading from the wire terminals to 
what | assume was a piezo crystal lump, bonded to the middle of the diaphragm with glue at the apex. The new versions contain 
something which is more like a standard piezo sounder element so might be more accurately described as ceramic earpieces. | suspect 
that they will have more capacitance than the old ones, which | can't confirm without finding a vintage part. They do seem to work just as 
well as the old ones though, and are probably more consistant. 


Here's the circuit: 


http://www.interestingelectronics.com/old/henrys_interesting_electronics/crystal_radio_v2/crystal_set_radio_v2.htm 
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On February 10th 2016, Senior Scientist of Atmospheric Physics Dr. Andreas J .G. 
Baumgaertner PhD published a technical report titled ‘Power to Mars’. To read the 
report, click the below Power To Mars report image or read it on Zenodo by 

clicking here (https://zenodo.org/record/1045600#.Wgm41 Bte6Uk). The report 
recommends that ion harvesting technology be combined with solar panels to provide 
reliable power day and night for future Mars missions. With a theoretical power 
generation duty-cycle approaching 99% ion harvesting technology is designed to 
continue to produce electricity during conditions that cause solar panels to fail such as 
nighttime and dust storms. 
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In the picture at the top of the page and the one directly above, you can see that | ended up taking the output coupling off as a tap from 
the main tuning coil rather than having a separate coil, for this set with the output transformer and ceramic earpiece. In the end it didn't 
make much difference and the final arrangement with the tap was just more convenient. 


Navigate Up 
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Alrnit Technology Lia 


e HAND SOLDERING TRAINING 
COURSE 


Almit Technology Ltd 


Aim 
— Review the whole soldering process to improve soldering quality. 
— Arm for high first time pass rates. 


How to approach soldering 


— Regardless of what product an electronic assembler makes, we can say 
they really only make solder joints. It’s the process that brings everything 
electrical together. 


— Every joint should be made with care. If not then you may be able to 
‘weed’ out the poorest during inspection/test but some will pass and they 
will be the weakest bit of the product and will fail in service, especially in 
automotive products where temperature & vibration can be considerable 


— Inservice failures are expensive to repair and always have other negative 
effects on the business. 


All customers know the solder joint is potentially the weakest part of 
the product. 


ae AA A a 


Contents 


What is soldering? 
Cored Solder Wire 
Soldering Irons 
Soldering Workstation 
Soldering Process 
Inspection +Handling 


Practical Training 


What is soldering? 


1-1. What 1s soldering’? 


e Formation of a “metal to metal” joint using 
solder. 


e The joint is made by alloy formation of base 
metal and solder. 


e In soldering, there are three key elements : 
Heat , Solder , Flux , they are all important. 


Flux cored solder wire 1s used for hand 
soldering. 


What is soldering? 


1-2. Flux Function 
What does it do? 


7 na 


“| 


= 
Remove oxide Prevent from re- || Reduce surface Solder finish 


Remove metal oxidation tension Make smooth 


oxide to support || Coat metal Reduce surface surface finish 


wettability of surface to tension of solder to | | of solder and 
solder. prevent from re- || allow it to spread prevent 
oxidation. onto pad/lead. solder bridges. 


During soldering a chemical reaction takes place. The flux removes , 
all the surface tarnish leaving clean metal underneath. 


What 1s soldering? 


1-3. Solder Wetting 


Check the wetting angle 


Not wetted Wetted 


Not soldered soldered 


(dry joint) 


What is soldering’? ~ ; / sen ; y 
1-4. Melting and Diffusion 


e Alloy is formed by melting and diffusion of metals 
e Tin and copper alloy together 


Alloy layer in good 
condition 


Diffusion 


Melting 


It takes a certain amount of time to create the Thin and even thickness 
perfect solder joint. Too slow a process can oralay ayei 
damage pcb/components and too fast will 
not create a ‘sound’ joint. 
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Solving the Po | Ue 
for electrostatics 


lel AV Potential distribution and 
EN °) A | =0 m Current density distribution 


pAlm 


Dr. Andreas J. G. Baumgaertner PhD + Atmospheric Physicist, Senior Scientist - German Aerospace Center + Author of POWER TO MARS 


(https://zenodo.org/record/1045600+.Wgm41Bte6Uk) 


Power to Mars 


A technical report evaluating the use of 
ion harvesting technology for electrical 
power generation on Mars 


Dr. A. Baumgaertner, Ph.D. 


January 2016 


(CLICK TO READ FULL REPORT) 


(https://zenodo.org/record/1045600+.Wgm41Bte6Uk) (https://zenodo.org/record/45877+*. WP58tU2yUk) 
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Cored Solder Wire 


2-1.Cored Solder Wire 


Solder type Diameter 
Solder name 0.5P-1.60 


Always confirm before use. (Use of different solders and 


diameters depends on the products being soldered) . 


Cored Solder Wire 


2-2. Construction of Cored Solder 


| 7 ™~ 3 < < 
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Cored Solder Wire IRA 


2-3. Solder Wire Variables 


e Solder Alloy 
e Most use Sn60/Pb40 or Sn62/Pb36/Ag2 or LEAD FREE 


e Flux Type. 
e No-Clean RMA (ALMIT KR19 SH) 


e Flux residues are safe to leave on pcb. They will not cause corrosion or 
electrical breakdown of cct during its’ lifetime. 


e Flux % 


e 1,2 or 3. Higher flux % makes soldering easier but can leave more 
flux residue which can make solder joint look cosmetically ‘dirty’ 


e Wire Diameter 

e Select the right one for the job. 
e Reel Size 

e Generally 500g 


Cored Solder Wire 


2-4. Handling method 
for cored solder wire 


Easy feeding for Not suitable for 


continuous process. continuous process. 


Soldering Irons 


3-1. Soldering Irons 


Soldering station Iron holder 


Temperature setting 
differs depending on 
application. 


Necessary to check the 
temperature before 
starting the process. 


Soldering Iron 


Sponge for cleaning soldering 
iron tip. 


Soldering Irons 


3-2. Soldering Irons 


Differences in power capacity, size 
and ability. 
Use one depending on the type of work . 80 W 
Weller better for Pb Free or large joints 

Iron tip 


Iron tip shape 1s different for each process. 
Choose correct iron tip for application. 


Internal part of soldering iron 


Ceramic heater 


Weak to impact / shock. 


Soldering Irons 


3-3. How to hold Soldering Iron 


| 
MN 


Pen-holder type Grip type 
For normal operation For large component 


14 


Soldering Irons 


3-4. How the tip 1s made 


The most important part of the soldering iron is the TIP. 

The main part of the tip is made of copper. To extend the lifetime 
of the tip, it is iron coated . 

Before the iron is added the copper is nickel plated. The non 
wettable part of the tip is chrome plated. The chrome stops the 
solder flowing up the tip. The tip is pre-tinned with lead free solder. 


Nickel coating: ca.10 - 20um 
Iron coating: ca.150 - 300um 
Chrome Coating:ca. 3 - 6um 


Chrom 


Eisen 

! . 

+— mit Lot benetzt 
1 


Kupfer 


= = 
=- ” 
s 


Nickel 


Soldering Irons 


3-5. How to clean Soldering Iron 


Cut sponge in V. 
Use the cut part to clean 


Use water or Tip Cleaning 
Fluid to clean. 
Do not use to much ot 
% to little. Keep tip tinned with 
Tip Cleaning Tin. 


If tip not properly cleaned this can cause flux splatter, solder waste 
and poor heat conduction to joint area which can cause defects. 


May need to increase the number of cleaning times when using Pb Free solder. 


Soldering Irons 


3-6. Temperature when cleaning 


450 
400 
(Ex) 
35pL Ideal range of 
| operation 


Good condition 


To start operation after temperature back 


Too much water 


| Need longer time if temperature reduce too much. 
to normal and consistent.. 
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GCRs (which are actually microscopic particles traveling at enormous velocity) arriving 
from deep space impact neutral atoms in the Martian atmosphere knocking electron(s) 
away producing electrically charged atoms known as ions. Each of the billions of 
microscopic atmospheric ions acts as a charge carrier conveying a high voltage electric 
charge. The production of atmospheric ions is a natural process occurring day and 
night across the entire planet of Mars. 


How Atmospheric Ions are Produced by Nature 


Neutral 
Atmospheric 
Atoms 


Galactic Cosmic Rays 
Knock Electron Away 


Produces Electrically - 
Charged Atmospheric # 
Ions S L 


Free 
electron 


Dust storms occurring on Mars generate strong electrical fields that propagate 
throughout the Martian atmosphere conveyed by the ions constantly present in the 
atmosphere. Dust storms can cover large regions of the planet blotting out the sun and 
can persist for days or weeks. Because the ion-filled Martian atmosphere is electrically 
conductive, electricity generated by remote dust storms elsewhere on the planet is 
permitted to propagate throughout the Martian atmosphere. NASA Scientist, Michael 
Smith, who works at the NASA Goddard Space Flight Center told Space.com “The dust 
is electrostatic, like foam peanuts.” |n an interview with NewScientist.com, Brian 
Jackson with the Physics Department at Boise State University says “It's possible that 
all of the dust grains clattering together in these storms could produce a lot of 
electricity..." interview seen here (https://www.newscientist.com/article/214321 7- 
marss-surface-hosts-millions-of-towering-dust-devils-every-day/). 
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Soldering Irons 


3-7. Temperature Stability 


Each time a solder joint is made the heat in the soldering 
iron 1s depleted especially if joints are made ‘quickly’ 


450 


80 Watt 


400 


Soldering irons 


3-8. Solder Iron Tip Condition 


This tip has soldered 20000 
joints. Still in perfect 
condition 


This tip has soldered 1000 joints. The tinned area 1s still shiny and smooth. 

There is no charred flux adhering to 1t. Only use the tinned area to heat up 

joint area. It helps the heat to be transferred quickly/consistently. Using the 
none tinned area of the iron will cause soldering problems 19 


Soldering irons 


The tinned area is dull and inconsistent and there is lots of charred flux 
adhering to it. The ability of this tip to transfer heat to the solder joint 1s 
significantly impaired by its poor condition. 
20 


Soldering Workstation 


4-1. Soldering Workstation 


Working table Ventilation Check 
Always keep mcłean conditior duc temperature 
Take note of solder waste. Iron 
Tweezers ,etc Fix the 
| holder and 
check the 
iron tip. 


solder 
Check the 
Sn%o, type, 
diameter . Nie Check 
Jig the water or 
cleaning fluid 
qty 


21 


Soldering Workstation 


4-2. Correct posture when 
soldering 


Correct Bad 


Above 20cm J 


Must have clear view of work. Not suitable. Poor position for 
Feeding in wire and iron movement “back pain’. Flux fumes could 
must be smooth and easy. be inhaled. 


22 


Soldering Workstation F) l fgg | ʻi 


4-3. Considerations to create best 


workstation 
ESD Bench 


— Must be ESD safe to eliminate static 
— Keep it clean/tidy 
Lighting 


— Keep it as natural as possible. 


Fume Extraction 
— Keep the filters clean 
[ron/wire Position 


— Must be positioned to allow smooth access to 
solder joint area. 


Work Jig 


— Must be free from flux residues etc 


23 


4-4. Summary so far.. 


Check the solder type 
Check the solder iron 


Check the cleaning sponge 


Soldering posture 


Soldering 


5-1. Soldering 


solder 


> 
Y 


preparation heat Insert solder Pullout Pull out 
Use iron tip to Melt properly solder iron tip 
heat the 


soldering part. 


Solder will not alloy if the parts and solder are not fully heated. 


The soldering iron is not just to heat and melt the solder, but to heat the part being soldered. 25 


Soldering 


5-2. Soldering 


preparation Heat up to @ Insertsolderto Pull out Pull out 
over 100°C. hot joint area. . À 
solder iron tip 


Flux melts and 
pi asea covers joint. Flux 


helps melt solder 

and it flows over 

clean pad/lead. 

Solder area @ 

230-240°C. ae 


Soldering 


5-3. Heating Large Joint 


Use iron tip body to heat 
up the joint, but the area 
. o in contact with the joint 
Solder large terminal/area by moving iron tip wise beamed and clean: 


Handling method of iron tip differs by 
shape of terminal. 27 
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lon Power Group's ion collectors, elevated in the Martian atmosphere by tall poles or 
specially designed aerial platforms (balloons), are designed to harvest the electric 
charge conveyed by near-Mars ions to produce clean renewable high-voltage electricity 
day and night and during dust storms as depicted below. 
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Soldering 


5-4. Solder Wetting 


Good 


Solder wets to lead 
and land. 


Smooth and shiny 
surface. 


No holes, no spikes. 


No good 


Poor wetting to lead. 


Rough surface. 


Holes. 


28 


Soldering 


5-5. Solder Quantity 


|Nogod | | OOK | |LNogood | 


Excess amount Lack of solder 


Apply correct solder amount. 
Solder joint 1s 

No good 1f too much or too little. weak, and 
leads to crack. 


Unable to 
confirm whether 
solder is wetted. 


29 


Soldering 


5-6. Solder Quantity 


and Surface Condition 1 
Sn60 


Small amount Large amount 


Soldering 


5-7. Solder Quantity 
and Surface Condition 2 


Sn60 


Pb Free 


Soldering 


5-8. Key Points for Heating 


e What is the appropriate temperature for soldering’? 

Joint area temperature = The M.P of solder alloy+40-50 Degree C 
e Sn60% Solder (190Degree C) +40-50 Degree C =230~240 Degree C 
e However the iron will be set much hotter @350-450 °C 


e The hotter the iron the faster the joint can be made providing 
the heat transfer from it is good. 


e Must try to heat up both/all parts to be soldered at the same time. 
e If itis difficult to do this then evaluate special solder iron tips. 
e Heating up more than needed, will cause overheating defects. 


e Using a very hot iron will increase the risk of soldering defects and 


component damage. Soldering 1s a balance of time/temperature. 
32 


Soldering 


5-9. Incorrect Heating 


Locate iron tip and solder feeding spot carefully. Solder cannot flow onto cold 


areas or areas not cleaned by flux. Here flux has been used up on iron. m 


Soldering 


5-10. Movement before solder 
solidifies 


e Crack occurs when soldering point moves. 


Crack due to vibration Crack due to movement 
before solidification. before solidification. 


Do not move parts until solder has solidified. Liquid solder 
has no strength. Large parts may take a few seconds to cool. |, 


Soldering 


5-11. How to release the iron tip 
e Common defects caused by iron tip releasing 


Projection/solder spike 


Too slow release speed of iron tip 


Solderbal! 
Wrist twisting 
Adhesion of scrap/flux residue 


Bad direction when releasing iron tip 
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Soldering 


5-12. Process Completion 


Caring for the soldering iron tip 


(Dsome scrap on iron tip. 
cover older plated part by solder 


Fi 


> 


add new solder 


@use sponge to clean 


(5)put soldering iron back in iron holder . 
36 


Soldering 


5-13. Soldering Summary 


No success in soldering with poor heating, 
Heat all parts at once. 

Apply correct amount of solder 

Don’t move part until solder has solidified. 


Pay attention when releasing iron. 


Visual check to confirm soldering quality. 


4/11/2018 How lon Harvesting Works On Mars - lon Power Group 


lon collectors composed of Graphite and/or Graphene, while not metalic, are electrically 
conductive, flexible and durable. Electric fields are attracted to conductive points, 
known as the ‘Corona Effect’. lon collectors offer millions of microscopic 

electrically conductive points and protrusions which readily couple to the electric fields 
of nearby ions transferring high voltage electricity from the atmospheric ions to the ion 
collectors. Measurements have shown that ion collectors made of graphite are more 
efficient at harvesting electricity from airborne ions than tested metals. In some tests, 
by as much as 55x greater efficiency. Some of the tested metals include highly 
conductive silver, copper, and aluminum wire - aluminum spheres - copper and 
aluminum sheets. 
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Inspection 


6-1. Inspection + Handling 


Inspection point 

(1) Correct position (part, lead etc) 
(2) Correct shape (part,lead etc) 
(3) Wetting (lead, land) 


(4) Solder amount (qty) 


(5) Solder surface 
(smooth,shiny,no-hole,etc) 


Inspection 


- - 


6-2. TRB Product 


Inspection of this part; Solder has wet 
well to pcb pad and to pin. This 
shows the flux has cleaned the 
pad/lead well. The wetting angle 1 
good. The solder surface is 
smooth/shiny. There is no charred flux 
or noticeable flux residue. The 
solderability of pcb and component 
seems good. 


Inspection 


6-3. TRB Solder Defect 


Pin 5 from right has solder slither on. 
Solder ball on pcb resist. 


Inspection 


6-4. TRB Solder Defect 


» 
>t A 
gt e - 
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B .. 
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t 
s 
$ 
- 
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Solder process starts on right. First 2 pins are thick and soldering iron 1s at its 
Peak temp. As iron is moved onto pins 3,4,5, which are thinner pins, the iron 
temperature falls but is still hot enough to heat joint and solder. As it reaches pin 6, 
which 1s a thicker pin, the iron is quite a bit cooler than its’ ideal temp. and does not 
heat up the joint area before the solder is fed onto joint. The ‘warmed’ solder wire is 
squeezed through pcb hole and onto pin shoulder. 


41 


6-5.Solder Ball 


Apply solder material Speed of withdrawing When iron-tip “slip” 
forcibly while the solder-iron too fast.. on to PCB 
base metal is heated 


Withdraw solder-iron 
with smooth sweeping 
movement. 


insufficiency. 


Inspection 


6-6. Other Defects that require attention 


al 
Non-wetting Non-wetting Solder ball 


a Piya 


AA 
WE E 


tunnel Forget to solder Land peeled off Over heat 4 


Instruction 


6-7. Reminder (1) 


Handling PWB 


No good 


Do not touch the solder pad 
side of the PCB before it is 
soldered. 


Instruction 


6-8. Reminder © 


Handling PWB 


The crackoccurs at the solder interface even 
with small impacts. 


Do not ; pile up 
PWB 
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Instruction 


6-9. Cleanliness 
Parts to be soldered must not be contaminated. 


Contaminated lead Drrty substrate Poor cleaning of 
Didn’t wet on the pollution. The pad on substrate was iron tip 
polluted by touching it with Working with poorly 
bare hands. cleaned iron tip causes 


soldering defects. 
46 


Practical training 


7. Practical training 
Training | 


Soldering copper wire to pad 


Inspection 


47 
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lon Harvesting Materials Test Fixture y | — m ne 


“al, 


Material being tested ===>” 


== Insulated Wire 


lon Emitters ==> 


Multimeter 


Earth Electrical 
Ground Connection 


Below is a picture of carbon, a key component of ion collectors, taken at the microscopic level by an 
electron microscope. 


Carbon 


+ 


Hd 
| Y. 4 
By 
re 


Atomic mass: 12.011 ‘> VLE SCRA 
SEM MAG: 41.54 kx DET: SE Detector 


Electron configuration: HV. 10.0 KV 


VAC: Hivac Digital Microscopy Imaging 
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Practical training 


7-1. Operation procedure 
MTI! rem) 


k 


Practical Training 


7-2. Practical Training 


Tinned 
pad? 


(solder qty, must be able to see 
wire outline/shape 


Pad 


centre 


@)fillet curve in shape of a bow 


(Ssmooth and shiny solder surface 
without holes and spikes etc 


Wire position 


correct position 


correct shape 


Practical Training 


7-3. Surface of copper soldering 


Good sample of Sn60 Condition of Pb Free 


Poor wetted parts occur 
because spreadability of 
lead free is poor. 50 


Practical Training 


7-4. Soldering Wire to Metal Pad 


Poor example of Sn60 solder 


Poor wetting occurs because 
insufficient heat on pad 
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Foreword by Series Editor 


We are pleased to introduce this new book by Steve Hughes 
in our ongoing Quick Guide series. Intended for inspection 
engineers and technicians the Quick Guide to Welding and 
Weld Inspection will provide a useful reference for those 
involved in the plant inspection discipline. 

Steve Hughes provides valuable lecturing input to our 
ASME Plant Inspector and API 510/570/653 Certified 
inspection training courses run by Matthews Engineering 
Training Ltd, bringing his technical knowledge underpinned 
by sound engineering practical experience. As a discipline, 
Plant Inspection incorporates many subjects, but welding 
and weld inspection forms a common thread running 
through the majority of them. For pressure systems in 
particular, weld joining design, welding techniques, NDE 
and defect acceptance are prime considerations in equipment 
repair and assessing the risk of existing equipment. 

The documentation aspects of weld inspection often 
remain a bit of a mystery to plant inspectors (even 
experienced ones). In assessing the quality of weld repairs it 
becomes all too easy to assume that the necessary WPS/PQR 
weld documentation and welder qualifications are in place, 
without properly checking. Equally it is easy to be 
intimidated by the technical detail and terminology symbols 
and acronyms. You should find this book useful in helping 
you through such situations. 

Despite the predominance given in technical publications 
to advanced technology-intensive NDE and inspection 
activities, it remains a fact that 90% of all pressure 
equipment inspections include only well-proven established 
inspection activities. In writing this book, Steve Hughes has 
addressed these real issues of most practical weld inspections, 
distilling a wide subject into a simplified and digestible 
format. You don’t have to be a qualified welding engineer or 
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4/11/2018 How lon Harvesting Works On Mars - lon Power Group 


lon Power Group's internationally patented ion collectors, elevated between two poles 
in the below depiction, are specially designed to couple to the energetic electrically 
charged ions in the Martian atmosphere. lon collectors are designed to harvest the high 
voltage DC electric charge from naturally occurring atmospheric ions day and night and 
during dust storms and are not dependent on sun or wind. Ground based circuitry has 
been designed to maintain the ion collector material at a voltage considerably lower 
than the surrounding atmospheric ions thereby employing the electrostatic attraction 
principle causing nearby ions to migrate to the ion collectors. Wires will convey the 
harvested electricity to the base camp where it is routed to a storage medium (such as 
Super Capacitors, graphene batteries, lithium-ion batteries, hydrogen gas fuel cells) to 
be used for life support, light, heat, the production of oxygen for breathing and rocket 
fuel (hydrogen) from Martian water, communications, fisheries, agriculture and 
transportation. 


Artists rendering of a tethered aerostat providing altitude for graphite nanofibers to harvest electricity from ions in the Martian atmosphere day and night. The 


harvested electricity is conveyed down the conductive tether for use on the ground. 


Below is a genuine image of Mars’ surface. Superimposed is an artist's image of lon 
Power Group's ion collectors (thin black material dangling between the two poles) 
providing electrical power to a conceptual Mars base camp similar to those planned by 
governments, private and corporate aerospace organizations. Long duration aerial 
platforms (tethered balloons) may also be used to provide altitude to lightweight ion 
collectors. 


https://ionpowergroup.com/how-it-works-on-mars/ 9/13 


Foreword by Series Editor 


metallurgist to read this book, and you may still benefit from 
it if you are. 

Finally, we are always interested in hearing from people 
who are interested in writing a Quick Guide book (like this 
one) in an inspection-related subject. You don’t have to be an 
experienced author or an acknowledged expert on the subject 
(all experts are self-appointed anyway — we know that), 
just have sufficient experience to know what you are talking 
about and be able to write it down in a way that other 
people will understand. We’ll do the rest. Contact me on 
enquires@matthews-training.co.uk or through our website 
www.imatthews-training.co.uk. 


Cliff Matthews 
Series Editor 
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Introduction 


This book was written to provide a quick guide to welding 
inspection which is easy to read and understand. There are 
many books covering all aspects of welding (many of them go 
into great detail on the subject) but 1t 1s difficult to find books 
specifically covering weld inspection requirements. This 
book’s subjects are purposely not covered in great detail 
because it is assumed that the reader is able to find detailed 
books on specific subject areas of particular interest. What 
this book will do is give you a basic understanding of the 
subject and so help you decide if you need to look further. In 
many cases the depth of knowledge required for any 
particular welding-related subject will be dependent on 
specific industry requirements. In all situations, however, 
the welding inspector’s role is to ensure that welds have been 
produced and tested in accordance with the correct code 
specified procedures and that they are code compliant. Code 
compliance in this sense means that the weld meets all the 
requirements of the defect acceptance criteria specified within 
the code. 

Inspectors considering training to achieve certified welding 
inspector status under certification schemes such as CSWIP 
(Certification Scheme for Welding Inspection Personnel) or 
PCN (Personal Certification Number) will find the book a 
useful pre-course learning aid giving coverage of the ‘body of 
knowledge’ they are expected to be familiar with. Non- 
welding personnel will find it a useful introduction to the 
world of welding inspection. Some people believe that a 
welding inspector must have previous welding experience, 
but this is not necessarily true as welding and welding 
inspection are two totally different subjects. Welding is 
naturally a mainly practical ‘skill of hand’ process and 
requires dexterity and good hand-to-eye coordination from 
the welder. The inspector does not require this practical skill 
but must be able to oversee the welding process, take 
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Introduction 


accurate measurements, interpret the requirements of codes 
and standards, and ensure that completed welds are in 
compliance with the relevant code requirements. A good 
inspector is one who does not take shortcuts and ensures that 
procedures are properly followed. 


S. E. Hughes 
Author 
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A 10 Minute Guide 


Here are some frequently asked questions about welding 
inspection subjects. You can answer them if you spend ten 
minutes reading the following information. 


1. What is the difference between the main 
welding processes? (four minutes) 

MMA has an arc struck between a consumable flux-coated 
electrode and the workpiece. The electrode melts and fills the 
joint with weld metal. The flux coating melts and produces 
gas to shield the arc. The melted flux also helps to remove 
impurities from the weld and forms a layer of slag on top of 
the weld. This slag must be removed between runs or it can 
cause slag inclusions within the weld. This is the most 
commonly used outdoor site welding process. 


MIG/MAG has an arc struck between a reel-fed consumable 
solid wire electrode and the workpiece. It does not produce 
slag because the arc is shielded by an inert gas (active gas for 
MAG). It deposits weld metal quickly and can be used semi- 
automatically, mechanized or automated. This process can 
achieve fast weld metal deposition rates. 


FCAW is similar to MIG/MAG but the consumable reel-fed 
electrode is hollow with a flux contained inside. The arc can 
be self-shielded using only the melting flux or a secondary gas 
shield can be used. Slag will be produced and must be 
removed between runs. Basically, this process gives a 


combination of the advantages (and disadvantages) of 
MMA and MIG/MAG. 


TIG has an arc struck between a non-consumable tungsten 
electrode and the workpiece. Filler in wire or rod form is 
added separately. It does not produce slag because the arc is 
shielded by an inert gas. It is a very slow process but 
produces very high quality welds. 


xii 
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SAW has an arc struck between a reel-fed consumable solid 
wire electrode and the workpiece. The arc 1s formed 
underneath a layer of flux and is therefore not visible to 
the operator. This is a deeply penetrating process requiring 
good penetration control. It has very fast deposition rates but 
is generally restricted to welding in the flat or horizontal- 
vertical positions (otherwise the flux would fall out). 


Spend four minutes reading through the welding processes, 
noting the differences and making sure you recognise the 
acronyms used for each process. 


2. Why use welding symbols? (one minute) 
Construction drawings need to pass on information clearly 
and within a limited space. Welding information is passed on 
by a method of conventions and symbols. 


Spend one minute looking over the different symbols for butt 
welds and fillet welds. 


3. What are codes and standards? (one minute) 
Construction codes and application standards contain the 
rules that must be followed when providing a specific product 
or service. They contain information on design, manufactur- 
ing method, acceptable materials, workmanship, testing 
requirements and acceptable imperfection levels. They do 
not contain all the relevant data required for the design, 
manufacture, testing and inspection but will reference other 
standards and documents as required. 


Spend one minute reading the definitions of codes and 
standards. 


4. What is welding procedure qualification? (one 
minute) 

Welding procedure qualification 1s carried out to prove that a 
welded joint meets the mechanical, metallurgical and physical 
properties required by a code or specification. It also enables 
repeatability by encouraging a systematic approach. The 
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welding procedure qualification documents consist of a 
Welding Procedure Specification (WPS) and a Procedure 
Qualification Record (PQR) containing essential and non- 
essential variables. 


Spend one minute reading about essential, non-essential and 
supplementary essential variables. 


5. Why does a welder need qualification? (one 
minute) 

Welders require qualification to prove that they have 
sufficient knowledge and skill to produce a weld in 
accordance with a welding procedure and achieve a result 
that meets the relevant specification. A welder qualification 
test form records the range of variables qualified from the 
essential variables. 


Spend one minute looking at the variables contained in a 
WPQ form. 


6. What are welding defects? (two minutes) 
There is no such thing as a perfect weld because all welds 
contain imperfections of some sort. These imperfections need 
to be assessed to determine if they will have a detrimental 
effect on the welded joint. They are normally assessed against 
the acceptance criteria specified in the relevant code or 
standard but only an imperfection found to be outside the 
acceptance criteria limits will be classed as a defect and 
require action to be taken. The action to be taken could 
include: 


e rejection of the component; 

e removal of the defect and re-welding of the joint; 

e a fitness-for-purpose analysis being carried out with a 
concession being granted allowing the defect to remain. 


Spend two minutes determining what defects can occur in 
welds. 


XIV 
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Chapter 1 


Abbreviations, Terminology and 


Welding Symbols 


Abbreviations 
It is useful to have an awareness of abbreviations used within 


the world of welding and welding inspection. 


Some 


commonly used ones are: 


API: 
ASME: 
BM: 
BS: 
BSI: 
CVI: 
DT: 
EN: 
GVI: 
HAZ: 
ISO: 
LCT: 
MT/MPI: 


NDE/NDT: 


PQR: 
PT/LPE: 


PWHT: 
RT/RAD: 
SWI: 
UCT: 

UT: 

UTS: 

VI: 

VWI: 


American Petroleum Institute 

American Society of Mechanical Engineers 
base metal 

British Standard 

British Standards Institute 

close visual inspection 

destructive testing 

European standard (Euro Norm) 

general visual inspection 

heat affected zone 

International Standards Organisation 
lower critical temperature 

magnetic testing/magnetic particle inspection 
non-destructive examination/non-destructive 
testing 

Procedure Qualification Record 

penetrant testing/liquid penetrant 
examination 

post-weld heat treatment 

radiographic testing/radiography 

senior welding inspector 

upper critical temperature 

ultrasonic testing 

ultimate tensile strength 

visual inspection 

visual welding inspector 
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WI: welding inspector 

WM: weld metal 

WPS: welding procedure specification 

Common terms 

Longitudinal direction: along the length of the weldment 
(parallel to the weld) 

Transverse direction: along the width of the weldment 


(perpendicular to the weld) 
Short transverse direction: through the weldment thickness 


Weldment: the combined weld, HAZ and 
base metal 

Fusion weld: a weld produced by joining 
materials in a molten state 

Yield point: the point at which plastic 


deformation starts in a material 


Joint terminology 

Before welding takes place the parts to be joined must be 
prepared and arranged into the required form. The most 
common forms of joint are butt (or groove) joints, T joints 
and lap joints. Butt joint members are fitted edge to edge, T 
joints are fitted edge to surface and lap joints are fitted 
surface to surface (see Fig. 1.1). 


Weld terminology 
Types of weld used on the joints are butt (or groove) welds, 
fillet welds, edge welds, plug welds and spot welds. The type 


A 


Butt joint T joint Lap joint 
Figure 1.1 Common joint forms 
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of weld will be determined by the joint set-up but the most 
commonly used welds are butt or fillet welds. 

Full penetration butt welds are normally the strongest type 
of weld with the strength contained within the throat of the 
weld, as indicated in Fig. 1.2(a). The throat is equal to the 
thinnest of the parent materials to be joined. 

Fillet welds also contain their strength in the throat and 
the design throat size is normally (but not always) based on 
the leg size, as shown in Fig. 1.2(b). In visual inspections we 
can normally work out the design throat size of a mitre fillet 
with equal leg lengths by multiplying the leg length by 0.707. 
Conversely, the leg length can be calculated by multiplying 
the design throat by 1.414. 

Butt weld joint preparation consists of preparing both 
edges and then arranging them together to permit the 
required depth of weld penetration to be achieved. Full 
penetration welds are the most common but many applica- 
tions will only require partial penetration if the welded joint 
is either lightly loaded or is just a sealing weld. 

The main purpose of the joint preparation is to permit the 
required level of fusion between the joint faces. The type of 
weld preparation applied will therefore be dependent upon 
the thickness of the material and the welding process to be 
used. Some typical butt weld joint preparations are shown in 
Fig. 1.3. 

Single-sided preparations allow welding to take place from 
one side whereas double-sided preparations require welding 
to be done from both sides. A major disadvantage of having 
access to only one side is that the other side of the initial root 
run cannot be accessed to carry out removal of welding- 
induced defects. An example of this would be where a large 
gap was required to permit fusion throughout the whole 
cross-section of the weld but excessive penetration then 
occurred. Good control and formation of the root weld must 
therefore be maintained at the time of welding, and this can 
be assisted by using the root control measures shown in Fig. 
1.4. 
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Figure 1.2 Butt and fillet weld throat measurements 
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4/11/2018 How lon Harvesting Works On Mars - lon Power Group 


Ion Collectors made of patented nanomaterials carbon/graphite/graphene 
designed to produce high voltage electricity day, night and during dust 
storms by harvesting the electric charge of ions in the atmosphere of Mars 


“Solar power... cannot be used at night and during dust storms. It has been shown 
(in the Power to Mars technical report) that ion power and solar power can be 
combined to provide a reliable and safe power generation concept.” PhD 
Atmospheric Physicist and Senior Scientist with the German Aerospace Center, 
Dr. Andreas J .G. Baumgaertner 


https://ionpowergroup.com/how-it-works-on-mars/ 10/13 
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Double bevel 
Figure 1.3 Common butt joint types 


sjoquiÁs Buipjam pue AÁBojouiule] “suoljeina1qqy 


A Quick Guide to Welding and Weld Inspection 


{ 
i 


(c) Fusible insert (EB) 


(b) Backing strip (fusible) 


Figure 1.4 Penetration control methods 


(a) Backing bar (non-fusible) 
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e Non-fusible backing bars. These are always removed and 
are normally made of copper (often water cooled) or 
ceramic and help form the root weld shape. It is important 
to ensure that the copper bar does not melt and 
contaminate the weld as this could cause weld metal 
cracking. 

e Fusible backing strips. These are made of a material 
similar to the parent material and are tacked on to the 
parent material. They are fused into the root and are 
normally ground off, or occasionally left in place. 

e Pre-placed filler such as EB inserts. These are used on pipe 
and welded using a TIG (tungsten inert gas) process. The 
EB stands for Electric Boat and is the name of the 
company that first supplied them. Use of EB inserts is a 
specialised procedure used in specialist applications such 
as the nuclear industry. 


Fillet weld shapes are either mitre, concave or convex, as 
indicated in Figure 1.5. 


e Mitre fillets are the most common and normally have 
equal leg lengths. They give a good combination of 
maximum design strength and toe blending for fatigue 
resistance. 

e Concave fillets have a reduced throat measurement for 
their leg size, which gives them a reduced strength. The 
smoothly blended toe design gives them very good fatigue 
failure resistance. 


Mitre fillet Convex fillet Concave fillet 


Figure 1.5 Types of fillet weld 
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e Convex fillet welds have sharp toes, which give very poor 
fatigue resistance but the excess weld metal they have on 
the throat gives maximum design strength (although it will 
increase the weight of the weld). The excess weld metal will 
also increase cost due to the extra consumables required 
and increased welding time. These welds are only used 
where strength is paramount and fatigue loading is not an 
issue. 


Drawing rules and weld symbols 

Weld symbols on drawings are a very efficient way to transfer 
fabrication information from the designer to the fabricator 
by showing the joint and welding information as a symbolic 
representation. This reduces the amount of information that 
would have to be put on the drawing in written form or as 
sketches. An inspector must have a good working knowledge 
of weld symbols as a large proportion of inspection time is 
spent verifying that the welder is complying with the 
approved fabrication drawing. Weld symbols themselves 
are similar between the major standards but there are some 
differences in how they are presented. It is important to 
understand the basic differences between the major standards 
and to be able to recognise any drawing standard being used. 
Reference should always be made to the applicable standard 
for specific symbolic information. 

Common standards in use today are BS EN 22553 (which 
replaced BS 499) and AWS A2.4. Reference is still made to 
BS 499 because many old fabrication drawings will have been 
done to this standard. Most drawing standards follow a basic 
set of rules or conventions when formulating welding 
symbols. A weld symbol is composed of five main 
components common to most standards, consisting of an 
arrow line, a reference line, the welded joint symbol, 
dimensional information and finally any supplementary 
information. 
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Arrow points to joint 
edge to be prepared 


Figure 1.6 The arrow line 


The arrow line 

The arrow line is a single, straight, solid line (there is an 
exception to this in AWS A2.4 for single plate preparations 
where the arrow line 1s staggered) (Fig. 1.6). It touches the 
joint intersection and points to the plate edge that is to be 
prepared. For symmetrical joints it can point to either plate 
edge as they are both prepared in the same way. It must not 
be parallel to the bottom of the drawing and must always be 
finished with an arrow head. 


The reference line 

The reference line is a solid line that touches the arrow line 
(Fig. 1.7). It is preferably drawn parallel to the bottom of the 
drawing, but if this is not possible it is drawn perpendicular 
to the bottom. There must be an angle between the arrow line 
and reference line where they join. In BS EN 22553 a dashed 
line is also placed either above or beneath the solid reference 
line and relates specifically to the ‘other side’ of a joint. 


The welded joint symbol 
The joint symbol is used to represent the different joint 
categories and is generally similar in shape to the weld that it 


BS 499 and rito: 
AWS A2.4 BSEN 22553 


Figure 1.7 The reference line 
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represents. Depending on the standard used, it is normally 
positioned below or above the reference line to specify 
whether the weld is on the ‘arrow side’ or ‘other side’ 
respectively. In BS 499 and AWS A2.4 the symbol is placed 
below the reference line to represent the fact that the weld is 
made from the arrow side (i.e. the side that the arrow is 
touching). If the symbol is on top of the line it indicates that 
the weld will be made from the opposite side (i.e. the other 
side) to which the arrow is pointing (or touching). This often 
causes confusion and can lead to welds being put in the 
wrong position. 

To avoid this confusion the ‘other side’ is represented by a 
separate dashed line in BSEN 22553 (see Fig. 1.8). It 
therefore does not matter if the symbol is above or below 
the solid line because it will always be on the arrow side 
except when placed on the dashed line. A symmetrical joint 
such as a double V, which is the exact same size on both 
sides, does not require a dashed line to represent the other 
side because both sides are the same. 

Supplementary symbols may be used to complete a joint 
symbol with additional information such as a flat, concave or 
convex finish (Fig. 1.9). The absence of a supplementary 
symbol indicates that the weld is left in the ‘as-welded’ 
condition with no precise weld surface finish required. 


Dimensions 

Dimensions that relate to the joint cross-section, such as weld 
depth or fillet sizing, are positioned on the left of the symbol. 
If no weld depth is specified before the symbol on a butt weld 
it is assumed to be a full penetration weld. Fillet welds will 
always have a dimension relating to the leg length and/or 
throat dimension. Longitudinal dimensions such as weld 
lengths are positioned on the right of the symbols in most 
standards (see Fig. 1.10). If no longitudinal dimensions are 
specified after the symbol then the weld extends the full 
length of the joint. 


10 
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Square edge butt 


Single V butt 


Double Y butt 


Single U butt 


Double U butt 


Single bevel butt 


Double bevel butt 


Single J butt 


Double J butt 


Fillet weld 


f : Double fillet weld 


Figure 1.8 Typical weld drawing symbols 
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Supplementary Symbols (from BS EN 22553) 


D Shape of weld surface or weld Symbol 


Flat (usually finished fush) 


comes a 
o 


(d) Toes shall be blended smoothly 


Permanent backing strip used md 
Removable backing strip used A [MR] 


Concave finish 


Permanent backing Removable backing 


strip AN strip 


(b) 
Figure 1.9 (a) Supplementary symbols; (b) examples of 
supplementary symbol use 
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Leg and/or 


throat size n 1 le) 


¡100 ; 100, 
4 = 100100) l ——— 


a? #10 


ar ee 210 


< 100 (100) 


a: Throat size 

z: Leg length 

n: Number of welds 

l: Length of cach weld J ; 
(e): Space between each weld (ye 1” 


(always shown in brackets) 


Indicates 


stapgered welds 100 100 


© 100100) 


The value of s in a butt weld 
denotes the throat measurement 
$ taken from the base material 
Los surface to the bottom of the 
pas Ja penetration. As there is no 
value placed to the right of the 
symbol the weld is continuous 

for its full length. 


Figure 1.10 Weld dimensioning examples (BSEN 22553) 


Supplementary information 

Supplementary information specifying NDT, welding pro- 
cesses or special instructions can differ between standards 
and may be shown at the end of the reference line or adjacent 
to it (see Fig. 1.11). BSEN 22553 refers to this as 
complementary information. A site or field weld is indicated 
by a flag positioned at the joint between the arrow and 
reference lines. A circle at the same position is used to 
indicate that a peripheral weld is required all around a part. 


Other common rules 
When a symbol has a perpendicular line (single bevel, single 
J, fillet weld, etc.) 1t will always have the line positioned to the 
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left. When the same symbol is shown on the top and bottom 
of the reference line (double V, double bevel, etc.) 1t will be a 
mirror image of itself (based on the reference line being the 
mirror). 


BSEN 22553 specifics (Fig. 1.12) 


e BSEN 22553 does not have a single reference line with the 
symbols placed above and/or below it to specify if the weld 
is on the ‘arrow side’ or ‘other side’, but adds a dashed line 


Complementary information can be added to a tail at the end of 
the reference line. This information could include (in order of 
priority and separated by a solid line) 

e Welding process 

e Acceptance level 

e Working position 

e Filler materials 


MIG 


A closed tail at the end of the reference line is also possible 
and indicates a specific instruction such as the use of a 
particular procedure. 


Site welds and peripheral welds are indicated on the junction 
of the arrow line and reference line 


Site/field weld 


T. 
Weld all round 


Figure 1.11 Supplementary information 
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4/11/2018 How lon Harvesting Works On Mars - lon Power Group 


The conditions on Mars including a weak magnetic field, frequent dust storms around 
the planet and constant bombardment of the Martian atmosphere by GCRs provide an 
ideal electrical environment for lon Power Group technology to harvest the electric 
charge of naturally occurring atmospheric ions to produce reliable, environmentally 
friendly, electrical power without reliance on sunlight, wind, nuclear or fossil fuels. The 
highly ionized Martian atmosphere will provide an extremely fertile electrical 
environment for lon Power Group's technology to generate clean renewable pollution- 
free electrical energy day and night and during dust storms. The ability of ion 
harvesting to generate electricity day/night/dust storms will prove valuable to power 
robots, rovers, drones, vehicles, living quarters, lights, communications, entertainment 
equipment, heat to melt Martian ice for drinking, trenchers for extracting water from 
soil, water for agriculture and fisheries as well as producing hydrogen gas to use for 
rocket fuel and oxygen for breathing through electrolysis of Martian water. 


Nearly 100 countries have some level of space program. A growing number of 
governments, as well as many private and corporate organizations, are developing 
plans to send robots and hardware to be followed by people to colonize Mars in the 
foreseeable future. All of these campaigns will require a reliable source of electrical 
power on the surface of Mars. 


https://ionpowergroup.com/how-it-works-on-mars/ 11/13 


Abbreviations, Terminology and Welding Symbols 


A 


VY Other side 


‘a 
7 


Figure 1.12 Specifics of BSEN 22553 


to specify the “other side”. This makes good sense because 
engineering drawings represent what you cannot see as a 
dashed line and obviously you cannot see the “other side” 
of a joint. It helps reduce the risk of drawings being read 
wrongly and welds being incorrectly placed on the wrong 
side of a joint. 

The dashed line specifying ‘other side’ can be omitted if a 
double-sided weld is symmetrical about the reference line. 
Fillets leg sizes must be prefaced with the letter z. 
Nominal fillet throats are preceded by the letter a. 
Effective throat thickness for deep penetration fillet welds 
and partial penetration butt welds is preceded by the letter 
S. 


AWS A2.4 specifics (Fig. 1.13) 


AWS A2.4 may use more than one reference line from the 
arrow line to indicate the sequence of welding. 

Weld dimensions may be given as fractions or decimals 
and in metric or imperial units. 

Welding processes are indicated using standard AWS 
abbreviations. 

Single plate preparations are indicated by a directional 
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Indicates Graw _ !st Operation 


single plate 
preparation 


| 2nd Operation 
GMAW 


3rd Operation 


a— Length of weld 
40) — 100 


40 E? 
| Pitch to weld centres 


Misaligned fillet weld symbols 
indicate welds are staggered 


Figure 1.13 Specifics of AWS A2.4 


change of arrow line but the arrow remains pointing to the 
plate edge requiring preparation. 

e When plate preparation within a joint is obvious (1.e. a T 
joint) then the direction of the arrow line is optional. 

e AWS A2.4 dimensions the pitch of intermittent fillet welds 
and plug welds to the centre of each weld. (The BS and BS 
EN codes dimension these to the start of each weld.) 
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Chapter 2 


Duties of a Welding Inspector 


A welding inspector has the responsibility to monitor all 
aspects of the welding process before, during and after 
welding to ensure that the finished weldment is fit for 
purpose. Fitness for purpose in this sense normally means 
that the finished weldment has been produced in accordance 
with a code or specification and complies with the stated 
requirements of that code or specification. The inspector 
must therefore be proficient in carrying out visual inspections 
and assessing his or her findings in accordance with the 
relevant code or specification acceptance criteria. The 
following checks are commonplace. 


Before welding 

Before welding 1s carried out the inspector checks that all of 
the welding variables specified on the weld procedure 
specification (WPS) can be achieved and that the correct 
equipment and documentation is available. The level of 
checking will vary depending on the code requirements but 
may involve the following checks. 


Documentation 


e Drawings, codes, specifications and standards are avail- 
able and at the correct revision state. 

e Correctly qualified welding procedures are in place cover- 
ing the welding processes to be used in production. 

e Welders are correctly qualified for the welding processes 
and the WPSs to be used in production. 

e Correct NDE procedures and techniques are in place. 

e NDE and heat treatment personnel are suitably qualified. 

e Correct preheat and post-weld heat treatment procedures 
specifying temperatures, holding times and temperature 
measurement methods. 
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Equipment 


Welding machines are in date for calibration or validation 
(welding machines with meters are normally calibrated 
while machines without meters are validated). 

All ancillary equipment such as ovens, quivers, remote 
controls, torches, cables, etc., are in good condition. 
Any heat treatment equipment is in good condition and in 
date for calibration if required. 


Materials 


Verify the correct materials are being used and are in an 
acceptable condition. 

Ensure the material certificates are the correct grade and 
the batch or heat numbers correspond to the actual 
material. 

Verify the correct consumables (covered electrodes, wires, 
fluxes or gases) are being used and have been correctly 
prepared. 

Verify any consumables certificates match consumables 
batch numbers. 


Safety 


Ensure all safety precautions are being adhered to and that 
any work permits required are in place. 

Ensure all electrical equipment is in date for test. 

Ensure correct and sufficient ventilation is in place. 
Ensure the correct PPE is being used. 


Weld joint preparation 


Ensure the correct weld joint preparation has been formed 
in accordance with the specified procedure using an 
approved method (flame cut, ground, machined, etc.). 
Ensure the joint is correctly sized (groove angles, groove 
radius, root face, etc.) and the fit-up is within tolerance 
(root gap, alignment, etc.) using correct restraints. 
Ensure any required pre-heat is applied using the correct 
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heating method and temperature measurement methods 
are approved for use. 

e Ensure temperatures are in accordance with the WPS. 

e Ensure any tack welds are correctly applied after any pre- 
heat requirement. 


During welding 

The inspector must monitor all aspects of the actual welding 
to check that the correct heat input 1s applied to the weld and 
that the weld is formed correctly in accordance with the 
WPS. Realistically, it is pointless making all the necessary 
preparations and checks before welding and then simply 
assuming that the welder will strictly adhere to the procedure. 
Many a weld has failed because a welder has taken a shortcut 
without appreciating the detrimental effect to the mechanical 
properties of a welded joint. One of the functions of the 
inspector is therefore to police all the parties involved in the 
formation and testing of the weld. Checks to be carried out 
include: 


e Monitor and record the welding variables such as 
amperage, run-out lengths and voltage. 

e Monitor and record environmental conditions (rain, snow, 
wind, etc.) that could affect the finished weld. 

e Monitor and maintain pre-heat temperatures. 

e Monitor the interpass temperatures and maintain them as 
required. 

e Ensure interpass cleaning 1s carried out correctly. 

e Inspect critical root runs and monitor hot pass times. 


After welding 

Once all welding is completed it is the responsibility of the 
inspector to ensure that the required quality inspections and 
tests are carried out by qualified personnel and meet the 
relevant code or specification acceptance requirements. The 
main checks are to: 


e Ensure any required PWHT is correctly applied and 
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maintained by suitably qualified persons using suitable 
procedures and equipment. PWHT may be required 
before and after NDE when hydrogen cracking is a 
possibility. 

e Ensure required NDE is carried out and review the results. 

e Visually inspect and measure the completed weld and 
assess any imperfections in accordance with the relevant 
code acceptance criteria. 

e Maintain weld records with weld identification. 

e Ensure any required pressure testing of piping and 
pressure vessels is carried out after PWHT and results 
recorded. 

e Take final dimensional checks after pressure testing. 

e Collect and collate all the relevant documentation and 
pass the completed package to the relevant acceptance 
authority. 


Repairs 

When a defect is identified during the inspection, three main 
options exist, depending upon the severity of the defect and 
the component being welded. The component can be 
scrapped, it can be given a concession or it can be repaired. 


e A concession is a situation where a defect is deemed not to 
have too detrimental an effect on the component and the 
client agrees in writing that the defect can remain in place. 
In some cases the concession conditions may mean a 
limitation is placed on the component service conditions 
and/or a repair is required at a more convenient time. 

e A repair can in some cases require a different welding 
process, different consumables or some other change to 
the original procedure to be used. There may be 
limitations on the number of repairs or thermal cycles 
applied to the component depending on the material used. 
A repair procedure should be in place detailing what 
actions are required. 
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The simplest way to think about carrying out a repair 1s that 
the inspector monitors all aspects of the repair process 
before, during and after welding the component. This gives 
the best possible assurance that the weld is fit for 1ts specified 
purpose. 
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Chapter 3 


Analysis of a Fusion Weld 


Components of a welded joint 

A welded joint comprises the weld, the heat affected zone 
(HAZ) and the base metal. The components of the weld and 
HAZ are shown in Fig. 3.1. The main features are as follows. 


Excess weld metal 

This is excess to requirements and does not add to the 
strength of the weld. It is also known as the cap (a slang 
term), reinforcement (BS term) or crown (US term). 
Reinforcement is a poor term because 1t implies that adding 
reinforcement strengthens the weld, which is not the case. In 
practice, the addition of reinforcement (or excess weld metal) 
can effectively weaken the weld by increasing the stress 
concentration at the weld toes, hence reducing the fatigue life 
of the joint. 


Weld 
toes 


Excess weld metal height 


Actual 
throat 


| 


ARAT SE SAPE a hi DA a AAS OO a AS E g Excess penetration 


Weld 
toes 


Figure 3.1 Components of a welded joint 
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Weld toes 

These are the points where the weld metal adjoins the base 
metal. There will normally be four weld toes on a full 
penetration butt weld (two on the face and two on the root) 
and two on a fillet weld. The greater the angle at the weld toe, 
the greater the risk of a fatigue failure if the component is 
subjected to cyclic stress. 


Fusion line 

This is where fusion takes place between the melted and 
unmelted material. It is commonly referred to as the fusion 
boundary or weld junction. 


Fusion zone 

The fusion zone is the region within the weld that contains 
the greatest dilution of filler metal with melted base metal. 
This region of highest dilution can contain defects owing to 
impurities or contaminants contained in the base metal being 
drawn into the weld. The centre of the weld will be the area of 
the lowest dilution and may consist of filler metal only. 


HAZ 

This is the region of the base metal that has not been melted 
but has been affected by the heat and had a change made to 
its grain structure. Cracks often occur in the HAZ after 
welding has taken place owing to it being hardened by the 
formation of a martensitic grain structure on cooling. 


Excess penetration 

Excess penetration is excess weld metal formed in the root of 
the weld. Some codes may specify a limit to the penetration 
due to the toe blending and/or the bore restriction caused in 


piping. 
Design throat thickness 
The throat is where the strength is contained within the weld. 


It is equal in size to the thinnest of the base materials being 
joined. 
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Actual throat thickness 

This is the actual measurement made from the weld face to 
the root. The actual strength of the weld can be calculated 
using this actual throat measurement (but any measurement 
in excess of the design throat is ignored). This is more 
relevant for partial penetration welds or where root 
concavity 1s present. 


What makes a good fusion weld? 

There are four factors that must be satisfied to produce a 
good fusion weld. If any of these factors is not achieved then 
the result will be a weld that may not be fit for purpose. The 
four factors are as follows: 


e Heat input. This is the heat that melts the parent material 
and filler (if required) to give the required fusion between 
the parts being joined. The heating could be from an arc, a 
laser, an electron beam or an oxyacetylene gas mixture. 
The most common process is arc welding. 

e Protection from atmosphere. If exposed, a welding arc will 
pick up gases such as oxygen, nitrogen or hydrogen from 
the atmosphere and pass them into the weld pool. These 
gases can have a detrimental effect on the finished weld so 
the arc needs to be protected from them. Common 
methods of atmospheric protection used in arc welding 
processes include the use of: 

o a shielding gas for processes such as TIG, MIG, MAG 
and PAW; 

o a gaseous shroud, which is produced as the flux coating 
on the electrode melts in MMA or FCAW; 

o a flux blanket, which covers the arc in SAW; 

o acombination of a shielding gas and a gaseous shroud 
from melting flux in secondary shielded FCAW. 

e Protection from external and internal contaminants 
(cleaning). The weld metal can pick up contaminants 
from the surface of the material so it is important that the 
material surface is free from scale, rust, paint, grease, 
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4/11/2018 How lon Harvesting Works On Mars - lon Power Group 


Additional information regarding lon Harvesting Technology's Principle-of- 
Operation can be found on the page titled “How it works on Earth. (/how-it- 
works-on-earth/) 


https: //ionpowergroup.com/how-it-works-on-mars/ 12/13 


Analysis of a Fusion Weld 


moisture and other possible weld contaminants. Internal 
contaminants such as sulphur or oxides can be present 
within the material and may also have to be removed or 
neutralised during welding. In effect, the process must be 
able to ‘clean’ the material and weld pool during welding 
to afford the correct protection. Protection from con- 
taminants can be achieved by: 

o mechanical cleaning of the component (grinding, wire 
brushing, abrasion, etc.); 

o chemical cleaning of the component and filler wire/rods 
(acid, acetone, etc.); 

o use of a flux (containing deoxidisers); 

o use of correct polarity (d.c. +ve or a.c. when welding 
Al or Mg alloys to remove the surface oxide layer, 
called cathodic cleaning). 

e Adequate mechanical properties. The finished welded joint 
must have adequate properties such as strength, tough- 
ness, hardness and ductility in the base material (including 
the HAZ) and weld metal. These properties are achieved 
(depending on the welding process) by: 
© using the correct base materials; 

o using the correct consumables (filler wire, electrodes, 
shielding gas, flux); 

o using correctly prepared consumables (correctly heat- 
treated electrodes, etc.); 

o using the correct pre-heat and/or post-weld heat 
treatments; 

o using the correct heat inputs (voltage, current and 
travel speeds). 


All of the above factors can be achieved by adhering strictly 
to the requirements of an approved welding procedure 
specification, which contains the essential, supplementary 
essential (ASME IX only) and non-essential variables 
necessary to produce a sound weld. 

In practice, when welders get lazy, take shortcuts and do 
not fully comply with a correctly tested and qualified welding 
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procedure, problems can arise. A common example is when 
tack welds are done without applying the specified pre-heat. 
This leads to the tacks and HAZ around them being harder 
than they should be because they cool down too quickly 
(remember, the main reason for pre-heat is to retard the 
cooling rate and reduce temperature variations across the 
weldment). These hardened areas within a highly stressed 
region can then suffer cracking, with possible catastrophic 
consequences if they are not found. 


Weld joint: preparation methods 
The type of joint preparation and how it is made can have an 
effect on the final weldment properties. For example: 


e Weld preps made using thermal cutting processes can be 
affected by the heat of the cutting process. This can lead to 
a possible loss of toughness or cracking in the HAZ, so 
approximately 3 mm of material is normally removed 
from the prep by mechanical means after thermal cutting. 
Typical thermal cutting processes (used to form straight- 
sided preps such as square edged or bevelled) include 
plasma, oxy-fuel gas or oxy-arc processes. 

e If cutting is by an oxygen fuel gas process such as 
oxyacetylene then the weld preps can gain excess carbon 
from the process, leading to cracking in the weld (the 
carbon increases the weld metal hardness and therefore the 
risk of cracking). This is another reason to remove 3 mm 
from the prep by mechanical means after cutting. 

Remember that oxy-fuel gas cutting does not actually 
melt and blow away the molten material like plasma or 
oxy arc cutting does. What it actually does is to heat up 
the material to its ignition temperature and then 
introduces a stream of oxygen, turning the metal into 
instant rust, which is then blown away. This is why 
stainless steel (a rust-resistant material) cannot be cut by 
oxy-fuel gas unless special powders are added to the 
process. 
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e If mechanical cutting such as machining (normally 
required for weld joint preparations containing a radius 
such as a U or J prep) or shearing is used then 
consideration must be given to the possibility of having 
cutting fluids trapped in the cut edges. These can cause 
porosity or other weld defects unless they are properly 
cleaned out (the edge may look smooth but under a 
microscope it will be full of peaks and troughs). 


Weld joint: shape 
The shape of the joint (joint type) can affect not only the final 
mechanical properties of the weldment but also the level of 
distortion produced in it. The mechanical properties can be 
affected because a change of joint type may affect the overall 
heat input. This is due to the possible requirement for more 
(or less) weld metal to be welded into the joint. The actual 
level of final distortion is determined by factors such as the 
weld metal shrinkage direction (based on the angle of the 
groove) and whether the weld is formed from one or both 
sides. 

Figure 3.2 shows the components of a typical single V joint 
and U joint, and some advantages of the single U over a 
single V in thicker materials. 


Residual stress and distortion 

Residual stresses are those stresses that remain in a 
component after a procedure such as bending or welding 
has been carried out. If a plate is bent then bending stresses 
will be introduced into the bend and the maximum tensile 
stress will be at the outer convex surface. This stress remains 
in the plate and can cause failure, especially if a defect or 
stress raiser is present in the stressed region (this of course is 
how bend tests are carried out). 

Residual welding stress in a welded joint comes from the 
uneven expansion and contraction of the joint coupled with a 
restraint. Consider the following example. 

An unrestrained strip of metal is heated up and expands. If 
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Some benefits of single U versus single Y in thicker materials 
e Less volume to fill 
e Less filler required 
e Lower heat input 
e Less distortion 
Figure 3.2 Single V and U preparations 
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Material at ambient 
temperature 


' Ex pands with increased 
ee temperature 


If the expanded material is 
i now restrained, failure can 

occur on cooling down 

Tensile stress remains within the 

material resulting in elongation or 

fracture, depending on material 

properties 

Residual stress is caused by unequal 

expansion and contraction coupled with 

restraint 

Figure 3.3 Unequal expansion and contraction 


it is then allowed to cool it will shrink back to its original size 
and there will be no residual stress present. If, however, the 
expanded metal was to be restrained by jigs (see Fig. 3.3) to 
try and prevent it shrinking when it cools, then a tensile stress 
will be introduced into the material and can cause the 
material to deform plastically or fracture. This, in effect, is 
residual stress induced through uneven expansion and 
contraction coupled with restraint. 

Now consider the mechanics of welding where a pool of 
molten weld metal cools down and contracts (shrinks). The 
base material acts as a restraint and tries to prevent the weld 
pool contracting, providing the ideal conditions required to 
leave residual stress in the completed weldment. It can be 
deduced from this that there will always be residual stresses 
present in welded joints. In some cases this may be high 
enough to approach the yield point. 

Mechanical restraints such as jigs and clamps increase 
restraint stresses further by preventing the movement that 
would normally occur as the molten weld metal cools down 
and shrinks. This causes the joined components to distort. 
Allowing distortion to take place helps to reduce the overall 
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stress in the component, but may make the final dimensional 
criteria unacceptable with the code requirements. Methods 
can be employed that can reduce both residual stress and 
distortion (see later). 

Residual stress in a weld acts in many directions in a 
complex pattern because any weld will change volume and 
shape in all directions. There are three main stress directions 
caused through weld metal shrinkage to consider: the 
longitudinal, transverse and short transverse directions (see 
Fig. 3.4). 


Distortion 

If an unrestrained material is heated and cooled uniformly 
then there will be no distortion produced within it. If, 
however, the material is subjected to localised heating and 
cooling then distortion will occur due to the different rates of 
expansion and contraction experienced throughout the 
material, caused by temperature gradients. Welding does 
not heat and cool the material uniformly because the weld 
region will always be hotter than the surrounding region and 
the weld metal will therefore expand and contract at a much 
greater rate than the adjoining base material. The base 
material can be pre-heated to reduce the temperature 
gradient spreading from the weld outwards but obviously 


Transverse 


A 
AA direction 


Longitudinal 
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Figure 3.4 Main stress directions in a weld 
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Longitudinal distortion 


Transverse distortion 


Angular distortion 
Figure 3.5 Distortion caused by the effects of shrinkage 
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cannot be uniformly heated to the melting temperature 
required to weld. The net effect of this 1s that some distortion 
will always occur because the weld effectively acts as a form 
of localised heating. 

The coefficient of thermal expansion of a material plays a 
large part in how much welding stress is introduced into a 
material and how much distortion can occur. The higher the 
coefficient of expansion, the higher the distortion level, which 
is why stainless steels suffer higher distortion levels than plain 
carbon steels. 

Simplistically, the main distortions to consider are caused 
by the weld metal shrinkage in the longitudinal, transverse 
and short transverse directions. In reality, the shrinkage and 
distortion will follow a very complex pattern but a simplified 
exaggerated view of the effects is shown in Fig. 3.5. 

The shape of a weld preparation will affect how much 
distortion is produced, because bevel angles will help to 
direct the distortion direction. The material thickness, 
amount of weld metal required and size of individual weld 
runs also affect stress and distortion levels. A single V butt 
will suffer considerable distortion, especially during the 
initial root runs when there is no restraint, because of the 
high level of weld metal shrinkage. Although further runs 
add to the distortion, the overall effect is not cumulative 
because the previous runs will help to restrain the joint from 
moving. A square-edged closed butt will actually suffer very 
little distortion. Figure 3.6 compares distortion levels based 
on the bevel angle of two single V butt welds and a square- 
edged closed butt weld. 


Minimising stresses and distortion 
There are various ways to counteract the effects of residual 
stress levels and distortion depending upon the type of 
welding process and joint type that is being used. 

Offsetting (Fig. 3.7) is where plates are offset to a preset 
angle and welded without restraint. As the weld solidifies and 
shrinks it distorts the plates and pulls them into the correct 
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Figure 3.6 Distortion and bevel angles 


position. It can be used on fillet welded T-joints and butt 
welds but the amount of offset required by welding is 
normally only determinable by trial and error. It is a very 
cheap and simple way to control distortion if carried out 


Offset before welding After welding 


Offset before welding After welding 


Figure 3.7 Offsetting 
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Back step welding 


Weld 1 Weld 2 Weld 3 Weld 4 Weld 5 Weld 6 


Welding direction 


General progression SSS. 


Back skip welding 


Weld 5 Weld 6 
Weld | Weld 3 
Welding direction 


Balanced welding (on pipe diameter) 


Step | — Weld A-B 
Step 2 — Weld D-C 
- Step 3 — Weld A-D 
Step 4- Weld B-C 


A 
Figure 3.8 Sequential welding examples 
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Analysis of a Fusion Weld 


correctly. By allowing the plates to move and not restraining 
them the level of residual stress in the welded joint is reduced. 

Sequential welding (Fig. 3.8) is a technique utilised to 
control the level of distortion by welding the joint in a 
specific way. There are various sequential welding techniques 
including balanced welding (welding about a neutral axis of 
the weld), back skip welding or back step welding (a short 
length is welded and the next weld starts a short distance 
behind the previous weld length). 

Mechanical restraints including clamps and jigs allow 
accurate positioning of the component parts. They are 
normally left in position until the components are tack- 
welded together and then removed to allow the welder full 
access. Restraints will reduce the level of distortion by 
physically holding the components in position but will 
increase the stress levels introduced into the weld. 

Flame straightening uses an oxyacetylene torch (but not a 
cutting torch) to give a localised intense heat. The distortion 
caused by this localised heating can be used in some cases to 
straighten or modify the shape of a component. Typical 
examples of this method would be straightening flanges or 
removing bulges from insert plates. 

Heat treatment methods such as post-weld heat treatment 
stress relief can remove a high percentage of residual stresses. 

Mechanical stress relieving methods include: 


e using ultrasound to stress relieve fabrications; 

e peening weld faces using pneumatic needle guns, to 
redistribute residual stresses by placing the weld face in 
compression. 
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Materials and Their Weldability 


There are many different definitions concerning the weld- 
ability of steel because 1t often means different things to 
different people. Simplistically 1t can be defined as the ability 
of a material to be welded and still retain 1ts specified 
properties. This ability to be welded successfully depends on 
many factors including the type and composition of the 
material, the welding process used and the mechanical 
properties required. Poor weldability generally involves 
some type of cracking problem and this is dependent upon 
factors such as: 


e residual stress level (from unequal expansion and con- 
traction due to welding); 

e restraint stress level (from local restraint such as clamps, 
jigs or fixtures); 

e presence of a microstructure susceptible to cracking (the 
base material may have a susceptible microstructure or the 
HAZ and/or weld metal may form a microstructure 
susceptible to cracking owing to the welding). 


Carbon equivalency 

The susceptibility of a microstructure to cracking is heavily 
influenced by the amount of carbon and the type and amount 
of other alloying elements present in the steel. The carbon 
and other alloying elements can be put into a formula that 
determines the carbon equivalency value (Cev) of the 
material. This Cev is a measure of the hardenability of the 
steel. The higher the Cev, the more susceptible the material 
will be to cracking by brittle fracture. 

Other factors affecting the likelihood of cracking include 
the base metal thickness and the combined joint thickness 
(i.e. a butt weld has two thicknesses whereas a fillet weld has 
three). The combined joint thickness is important because 
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Mn Cr+Mo+V  Ni+Cu This is not the full formula but 
To Sor de a contains as much as a welding 
inspector will need to use. 


Figure 4.1 Simplified carbon equivalency formula 


Cev =C + 


ü 5 15 


each material thickness acts as a heat sink and can cool the 
weld area more quickly, making 1t harder and therefore more 
susceptible to cracking. 

Figure 4.1 shows the formula used to determine the Cev 
for a material. As a general guide the following Cev levels 
determine the weldability of steels: 


e up to 0.4%: good weldability; 
e 0.4 to 0.5%: limited weldability; 
e above 0.5%: poor weldability. 


Classification of steels 

Low carbon steel: contains 0.01-0.3% carbon 
Medium carbon steel: contains 0.3-0.6% carbon 
High carbon steel: contains 0.6-1.4% carbon 


Plain carbon steels contain only iron and carbon as main 
alloying elements. Traces of other elements such as Mn, Si, 
Al, S and P may also be present. It can be seen from the 
carbon diagram in Fig. 4.2 that an increase in carbon causes 
the ductility of steel to decrease while the tensile strength and 
hardness increase. Note also how the maximum tensile 
strength of plain carbon steel is achieved at 0.83% carbon 
content. 

Alloy steels contain alloying elements such as Mn, Mo, Cr 
and Ni and are divided into two groups: 


e Low alloy steels contain < 7% total of other alloying 
elements. 

e High alloy steels contain > 7% total of other alloying 
elements. 
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Figure 4.2 Carbon diagram 


Alloying elements 
The following are some basic properties of alloying elements 
added to steels: 


Iron (Fe) This is the basic constituent of steels. 

Carbon (C) Increases tensile strength and hardness 
but reduces ductility. 

Manganese (Mn) Improves toughness and strength when 


alloyed at levels of < 1.6% in steels. 
Can control solidification cracking in 
steels by neutralising the detrimental 
effects of sulphur. 

Chromium (Cr) Alloyed at levels > 12% to produce 
stainless steels. Gives corrosion resis- 
tance and promotes through-thickness 
hardenability. Hardenability is the 
ability of steel to harden at slower 
cooling rates when alloying elements 
are added to it. Do not confuse this 
term with hardness. 

Molybdenum (Mo) Gives high temperature creep resis- 
tance and strength in low alloy steels. 

Nickel (Ni) Improves strength, toughness, ductility 
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and corrosion resistance of steels when 
alloyed at levels > 8%. It promotes 
austenite formation at temperatures 
below the lower critical temperature. 


Silicon (Si) Alloyed in small amounts as a deox- 
idiser in ferritic steels. 

Aluminium (Al) Used as a grain refiner in steels and a 
deoxidising agent in triple deoxidised 
steels. 

Niobium (Nb) and Used to help carbide formation to 

Titanium (Ti) stabilise stainless steel. 

Titanium 


Titanium is becoming more widely used in industry because 
of its excellent properties. These are: 


e high strength to weight ratio (strong as steel but half the 
weight); 

e excellent corrosion resistance; 

e good mechanical properties at elevated temperatures. 


Types of titanium in use are: 


e Commercially pure (98-99.5% Ti). May be strengthened 
by small additions of Oz No, C and Fe and is easily 
welded. 

e Alpha alloys. Mainly single-phase alloys with up to 7% Al 
and a small amount of O», Nə and C. These can be fusion 
welded in the annealed condition. 

e Alpha-beta alloys. Two-phase alloys formed by the 
addition of up to 6% Al and varying amounts of beta- 
forming constituents such as V, Cr and Mo. Can be fusion 
welded in the annealed condition. 

e Ni-Ti alloys that contain a large beta phase, stabilised by 
elements such as Cr, are not easily welded. 


Commercially pure grades and variants of the 6% Al and 4% 
V alloy are widely used in industry. 
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Welding problems 

There are many problems with welding titanium because it 
reacts readily with air, moisture, grease, dirt and refractory 
to form brittle compounds. It is therefore absolutely essential 
that the weld joint surfaces and filler wire are free of any 
contamination before and during the entire welding opera- 
tion. Titanium cannot be welded to most other metals 
because embrittling metallic compounds that lead to weld 
cracking are formed. 

Above 500 °C, titanium has a very high affinity for 
hydrogen, nitrogen and oxygen so an inert atmosphere 
protection must be maintained until the weld metal cools 
below 426 °C (800 °F). This normally means that a trailing 
gas shielding is required, i.e. a process utilising inert gases, 
and welding must be slow enough to enable the trailing gas 
shielding to be utilised. 


e Improper welds might be less corrosion-resistant com- 
pared to the base metal. 

e Reaction with gases and fluxes makes common welding 
processes such as gas welding, MMA, FCAW and SAW 
unsuitable. 


Typical imperfections 
Titanium welding imperfections are: 


e Porosity, caused by gas bubbles trapped during solidifica- 
tion. The gas is hydrogen from moisture in the arc 
environment or from contamination on the filler and/or 
parent metal surface. 

e Contamination cracking, caused by iron particles present 
on the material surface dissolving in the weld metal and 
reducing its corrosion resistance. They can also cause 
embrittlement at high iron concentrations. Iron particles 
present in the HAZ can melt and cause microcracking and 
corrosion. 

e Embrittlement, caused by weld metal contamination from 
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gas absorption (due to poor shielding) or by dissolving 
contaminants such as dust (iron particles) on the surface. 


On the positive side, solidification cracking and hydrogen 
cracking are not normally found in titanium or its alloys. 

A thin layer of surface oxide generates an interference 
colour at the weld that can indicate whether the shielding was 
adequate or not. Typical colours are as follows: 


e Silver or light straw is acceptable. 

e Dark blue may be acceptable for certain service condi- 
tions. 

e Light blue, grey, white or yellow powders are not 
acceptable. 


Defect avoidance 
Titanium is very expensive and many defects can be avoided 
if the following precautions are taken: 


e Avoid steel fabrication operations near titanium compo- 

nents. 

Have dedicated tools used only for titanium. 

Scratch-brush the joint area immediately before welding. 

Do not handle the cleaned component with dirty gloves. 

Cover components to avoid airborne dust and iron 

particles settling on the surface. 

e Maintain adequate shielding gas, trailing gas and purging 
gas levels. 

e In short — keep it clean. 


Duplex stainless steel 

Duplex stainless steels have a two-phase structure consisting 
of almost equal parts of austenite and ferrite. They have 
become very popular because they are approximately twice as 
strong as common austenitic stainless steels but less 
expensive, owing to the lower levels of nickel they contain. 
The characteristic benefits of duplex stainless steels (strength, 
toughness, corrosion resistance and resistance to stress 
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corrosion cracking) are achieved when there is at least 25% 
ferrite, with the balance being austenite. 

The ferrite in a duplex weld metal is typically in the range 
of 25 to 60%. In some welding processes utilising a flux, the 
phase balance of the filler is biased to increased austenite to 
offset the loss of toughness associated with oxygen pickup 
from the flux. Thermal expansion and conductivity of a 
duplex stainless steel are between that of carbon steel and 
austenitic stainless steel. The operating temperature is 
normally kept below 300°C to avoid a degradation mechan- 
ism called ‘475°C embrittlement’. 


Typical defects 


e The problems most typical of duplex stainless steels are 
associated with the heat affected zone (HAZ) rather than 
the weld metal. The HAZ can suffer from: 

o loss of corrosion resistance; 
o loss of toughness; 
o post-weld cracking. 

e The duplex structure is very sensitive to contaminants, 
particularly moisture. 

e Detrimental reactions occur to the material properties if 
heat input times keep temperatures within the 705 to 
980 °C range for too long. 

e Rapidly quenched autogenous welds (welds without filler) 
such as arc strikes and repairs to arc strikes tend to have 
ferrite levels greater than 60%. These welds can have low 
toughness and reduced corrosion resistance. 


Defect avoidance 


e Allow rapid (but not extreme) cooling of the HAZ. 

e Limit the temperature of the workpiece because it provides 
the most effective cooling of the HAZ. 

e Limit the maximum interpass temperature to 150°C 
(300 °F). 

e When a large amount of welding is to be performed, plan 
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the welding to provide enough time for cooling between 
passes. 

e Avoid PWHT stress relief because duplex steels are 
sensitive to even relatively short exposures to temperatures 
in the 300 to 1000*C range. 

e PWHT stress relief in the 300 to 700°C range may cause 
precipitation of the alpha prime phase (‘475 °C embrittle- 
ment”), causing a loss of toughness and corrosion 
resistance. 

e Stress relief in the range of 700 to 1000 °C leads to rapid 
precipitation of intermetallic phases, resulting in loss of 
toughness and corrosion resistance. 

e Heat treatment of duplex steel, for whatever reason, 
should be a full solution anneal followed by water 
quenching. 


In summary, the best way to avoid problems with duplex 
steels is to avoid excessive ferrite levels and limit the total 
time at temperature in the HAZ. 


Material properties 
Materials are chosen for service use based on the properties 
that they possess. 

Ductility is the ability of a material to be drawn or 
plastically deformed without fracture. It is therefore an 
indication of how ‘soft’ or malleable the material is. The 
ductility of steels varies depending on the types and levels of 
alloying elements present. An increase in carbon, for 
example, will increase the strength but decrease the ductility. 

Hardness is the ability of a material to resist abrasion or 
penetration on its surface. The harder the material, the 
smaller the indentation left by an object such as a ball or 
diamond being impressed upon it. As a general rule there will 
be a higher risk of cracking as hardness increases. 

Toughness is the ability of a material to resist impact (1.e. 
absorb the energy of an impact). The general rule is that a 
higher toughness will lessen the risk of cracking. 
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Heat treatment of steels 

Metallic materials consist of a microstructure of small 
crystals called grains. The grain size and composition help 
determine the overall mechanical behaviour of the metal. 
Heat treatment provides an efficient way to manipulate the 
properties of the metal by controlling the formation of 
structures, changing the metal properties or controlling the 
rate of cooling within the microstructure. All heat treatments 
cycles contain three parts: the rate of climb to the hold 
temperature (including any hold points), the hold (or soak) 
time and the cooling rate (see Fig. 4.3). 

Heat treatment methods include the use of open flames, 
electric resistance heating blankets, furnaces and autoclaves. 
Temperature measurements are taken using indicating 
crayons (tempil sticks), thermocouples, pyrometers or other 
methods depending on the level of accuracy required. An 
inspector should ensure that all heat treatments are carried 
out in accordance with a specified procedure, make a record 
of all parameters and ensure that all documents are retained 
within the quality files. 


Annealing 

Annealing is a heat treatment carried out to soften and 
reduce internal stresses on metals that have been work- 
hardened. The first stage of the annealing process is the 


Holding 


Heating Cooling 
g E 


Temperature 


Time 
Figure 4.3 Heat treatment cycle 
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softening of the metal by removal of crystal defects and the 
internal stresses that they cause. The second stage is 
recrystallisation, where new grains replace those deformed 
by internal stresses. Further annealing after recrystallisation 
will lead to grain growth, which starts to coarsen the 
microstructure and may cause poor mechanical properties 
such as a loss of strength and toughness. In work-hardened 
non-ferrous metals, annealing is used to recrystallise work- 
hardened grains and the cooling rate is not always critical. 

For steel, there are two basic kinds of annealing: full 
annealing and subcritical annealing. 


Full annealing 

This is commonly carried out on large castings. The steel is 
heated to around 50°C above its upper critical temperature 
(UCT) and held in a furnace for sufficient time to allow the 
temperature to become uniform throughout the steel. It is 
then slowly cooled, causing grain growth. The tensile 
strength will not be particularly improved but toughness 
and ductility will increase. The upper critical temperature 
(UCT) of plain carbon steels ranges from 723 to 910°C 
depending on carbon content, so the actual annealing 
temperature will be dependent upon the carbon content of 
the steel. Above the UCT the steel structure will be an 
austenite structure. 


Subcritical annealing 
Subcritical annealing methods are used to increase the 
machinability of high carbon steels or for softening 
worked-hardened mild steels to allow further cold work to 
be applied. The steel is heated to a temperature above which 
recrystallisation will take place but below the lower critical 
temperature (LCT) of 723 °C. This recrystallises the distorted 
ferrite grains so that the structure becomes softer again. The 
recrystallisation temperature and time held at temperature 
will be dependent on the carbon content of the steel. 
Annealing generally puts a metal, or alloy, into its most 
ductile condition. In steels the resultant large grain structure 
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means a reduction in toughness with low impact strength. 
The lower critical temperature (LCT) is the temperature 
below which the austenite forms into ferrite and cementite. 


Normalising 

When an annealed part is removed from the furnace and 
allowed to cool in air, it is called ‘normalising’. It is often 
used for hardenable steels to regain toughness after high heat 
input processes have formed large grain structures. The steel 
is heated to just above its upper critical temperature, held for 
a specified period and then allowed to cool in air. Small 
grains are formed, which give a harder and much tougher 
metal with normal tensile strength rather than the maximum 
ductility achieved by annealing. 


Hardening (quenching) 

Hardening of steel is achieved by heating the alloy to above 
its upper critical temperature until it is a fully austenitic 
structure and then cooling it rapidly with forced air, oil, 
water or brine. Upon being rapidly cooled, a portion of 
austenite (dependent on alloy composition) will transform 
into martensite. Martensite is very hard and strong but too 
brittle for most applications. It must therefore be subjected to 
a process called tempering, which will temper the martensite 
into a very strong and tough structure. Most applications 
require that quenched parts be tempered, to impart some 
toughness and further ductility, although some yield strength 
is lost. 


Tempering 

Tempering of steel is used to transform a hard and brittle 
martensitic structure into a tougher, more ductile structure. 
There is always a trade-off between ductility and brittleness, 
and the precise control of time and temperature during the 
tempering process 1s necessary to achieve a structure with the 
correct balance of these mechanical properties. The steel is 
normally tempered after thermal hardening by heating 
between 150 and 650°C (300 and 1200°F) dependent upon 
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the material properties and the specific mechanical properties 
required. Tempering can continue up to the lower critical 
temperature of 723°C, at which point most of the extra 
hardness produced by thermal hardening will have been 
removed, but the fine grain structure produced by the 
hardening process will remain. Quenched and tempered 
(QT) steels are normally tempered from between 550 and 
650°C giving them good toughness and strength 


Quenching and tempering of ‘precipitation hardening’ 
alloys 

Precipitation hardening metal alloys have their alloying 
elements trapped in solution during quenching, resulting in a 
soft material. Ageing a ‘solutionised’ metal will allow the 
alloying elements to diffuse through the microstructure and 
form intermetallic particles, which fall out of solution and 
increase the strength of the alloy. Alloys may age naturally at 
room temperature, or artificially at elevated temperatures. 
Some naturally ageing alloys can be prevented from age 
hardening until needed by storing at subzero temperatures. 

Precipitation hardening alloys include 2000, 6000 and 7000 
series aluminium alloys, some superalloys and some stainless 
steels. An age hardening alloy can be tempered after 
quenching by heating at temperatures below the solutionising 
temperature. During tempering, the alloying elements will 
diffuse through the alloy and react to form intermetallic 
compounds. These precipitate out and form small particles 
that strengthen the metal by impeding the movement of 
dislocations through the crystal structure of the alloy. 

The mechanical properties of an alloy can be determined 
by careful control of the tempering time and temperature, 
affecting the size and amount of precipitates. Artificially aged 
alloys are tempered at elevated temperature, while naturally 
ageing alloys may be tempered at room temperature. Some 
superalloys may be subjected to several tempering operations 
where a different precipitate is formed during each operation. 
This results in a large number of different precipitates that 
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are difficult to drive back into solution. This contributes to 
the high temperature strength of precipitation hardened 
superalloys. 


Stress relief 

The primary function of post-weld heat treatment (PWHT) 
stress relief is to relieve internal stresses in welded fabrica- 
tions by permitting the steel to creep slightly at an elevated 
temperature. This elevated temperature lowers the material 
yield point and allows any high residual welding stresses to 
exceed the new yield stress, causing localised plastic 
deformation. When the material is cooled down, the yield 
point increases again but the residual stresses have now been 
reduced to a lower level. 

Stress relief is also used to reduce the hardness of 
hardenable steels after welding to help prevent brittle 
fracture. The procedure is basically a form of subcritical 
annealing and most steels are stress relieved in the 550- 
700 °C temperature range depending upon their composition. 
The holding temperature, holding time and cooling rate are 
critical and must be sufficient to permit the required changes 
to take place throughout the whole material thickness. For 
this reason most codes that specify PWHT stress relief will 
normally specify the minimum holding time in minutes per 
millimetre thickness (min/mm) or hours per inch (h/in). 
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Welding Processes 


Welding processes usually utilise heat and/or pressure to 
form the welded joint. The heat can come from various 
sources such as an arc, flame, laser beam, electron beam, 
friction, etc. We will look at the most commonly used arc 
welding processes in this chapter. 


Manual metal arc (MMA)/shielded metal arc 
welding (SMAW) 


Process description 

Figure 5.1 shows the equipment used in this process. Fusion 
is obtained from the heat of an arc formed between a 
consumable flux-coated electrode and the workpiece. The arc 
is protected from the atmosphere by a gaseous shroud 
produced from the melting flux while the weld metal is 
cleaned of contaminants by the flux, which forms a slag that 
floats to the top of the weld (Fig. 5.2). This slag must be 
removed after each weld run before the next pass is added to 
prevent slag inclusions within the completed weld. 
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Lead Cable a 
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™ Plug to 
\ Power 


“ah Source 
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Figure 5.1 MMA welding equipment 
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Figure 5.2 MMA welding process 


Polarities 

Welding can be done by using an alternating current (a.c.) or 
direct current (d.c.). When direct current 1s used the welding 
electrode will be connected to either the positive or negative 
pole. This is referred to as direct current electrode positive 
(DCEP) or direct current electrode negative (DCEN). The 
type of current and polarity is determined by the electrode 
characteristics. The power source has what is termed a 
‘drooping’ or constant current characteristic (Fig. 5.3). This 
means that a change of arc length (which controls voltage) 
will have only a small effect on the welding current as 
follows: 


e As arc length increases, voltage increases and current 
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Figure 5.3 Constant current characteristic 


decreases. The current decrease 1s very small and will have 
little effect on the burn-off rate of the electrode. 

e As arc length decreases, voltage decreases and current 
increases. The current increase is very small and will have 
little effect on the burn-off rate of the electrode. 


Consumables 
The only consumables are flux-coated electrodes. These are 
three main types: 


e Basic electrodes. Basic electrodes contain calcium com- 
pounds such as calcium carbonate and calcium fluoride in 
the flux coating. These compounds are helpful for all 
positional welding as they help produce a fast freezing slag 
covering on the weld metal. The shielding gas produced 
from the melting flux to protect the welding arc is mainly 
CO». 
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Basic electrodes contain low levels of H», and are 
therefore used where high quality welds with good 
mechanical properties are required (especially high 
strength welds in high restraint situations, which are 
susceptible to hydrogen-induced cold cracking (HICC). 
Basic electrodes require baking at temperatures above 
150°C, storing in an oven at temperatures up to 120°C, 
and being used from heated quivers at about 70°C to 
ensure they maintain the low H, levels required. A modern 
option is to use electrodes straight from vacuum packs, 
which give low H> levels as long as they are used in 
accordance with the manufacturer’s instructions. 

e Rutile electrodes. Rutile electrodes contain titanium oxide 
in the flux coating. As with basic electrodes the shielding 
gas produced is mainly CO >. The rutile coating makes this 
electrode very welder-friendly due to its ease of use, low 
fume levels, low spatter levels and smooth weld beads. 
They are not baked or preheated before use but may be 
heated for a short period at temperatures up to 120°C to 
ensure they are dry before use. 

e Cellulosic electrodes. These are electrodes that contain 
cellulose (which is an organic material) in the flux coating. 
The shielding gas produced has high levels of Hb, 
producing a hotter burning arc than CO3. This hotter 
arc gives deeper weld penetration and faster welding 
speeds and is commonly used in the stovepipe welding 
technique (which entails welding pipes in the vertical down 
direction). 

One problem is that high levels of H, are introduced 
into the weld from the shielding gas, leading to an 
increased risk of H, cracking. To reduce this risk the 
welding procedures specify that timed hot passes are 
required; i.e. applying further passes over the root pass 
while the weld is still hot. This acts as a ‘H> soak’ 
technique and allows the H, to remain as atomic H and 
dissipate out of the weldment. 
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Applications 

Common uses of MMA are welding of pipelines, nozzles and 
nodes and medium to heavy fabrications. MMA is com- 
monly used outdoors owing to the good gas shielding 
supplied from the melting flux. 


Typical defects 
Typical defects include slag inclusions, porosity, undercut, 
lack of fusion and profile defects. 


Metal inert gas (MIG)/metal active gas (MAG)/gas 
metal arc welding (GMAW) 


Process description 

Figure 5.4 shows the equipment. An electric arc is struck 
between a continuously fed consumable solid electrode wire 
and the workpiece. The arc is protected by a shielding gas, 
which can be either inert or active, depending on the material 
being welded (Fig. 5.5). An inert gas such as argon or helium 
does not affect the weld pool properties but an active gas 
such as CO, does have an effect. MIG is known as a semi- 
automatic process because the welding wire is continually fed 
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Figure 5.4 MIG welding equipment 
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Figure 5.5 MIG welding process 


from a reel by the machine but with the travel speed 
controlled by the welder. 


Polarities 

MIG/MAG almost always uses a d.c. power source with the 
polarity electrode positive. The power source has what is 
termed a ‘flat’ or constant voltage characteristic (Fig. 5.6). 
This means that a change of arc length (which controls 
voltage) will have a large effect on the welding current as 
follows: 


e As arc length increases, voltage increases and current 
decreases. The current is controlled by wire feed speed and 
affects the burn-off rate of the wire so the wire will burn 
off slower and extend out back to its original length. 

e As arc length decreases, voltage decreases and current 
increases. This causes the wire to burn off more quickly 
until it burns back to its original length. 


This is referred to as the ‘self-adjusting’ arc (because the arc 
length is adjusted by the machine and not the welder). 


Modes of metal transfer 

The MIG/MAG process has varying modes of transferring 
the filler metal across the arc, dependent on what wire feed 
speed (current), voltage and shielding gas are being used. The 
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main modes are short-circuiting transfer, globular transfer 
and spray transfer. 


Short-circuiting (dip) transfer 
When voltage and current are low the wire feed speed exceeds 
the burn-off rate of the wire. The wire ‘dips’ into the weld 
pool causing the arc to extinguish and short circuiting takes 
place. This short circuit increases the current in the wire and 
the end of the wire becomes molten. A magnetic effect takes 
place causing the wire to ‘neck’ and fall off into the weld pool 
as a molten droplet. The arc then re-establishes and the 
whole procedure starts again. 

In this mode the welding current must be high enough to 
prevent the wire sticking and the voltage must be high 
enough to re-establish the arc. Because this mode of transfer 


55 


Woodhead Publishing Ltd — A Quick Guide to Welding and Weld Inspection 
Data Standards Ltd, Frome, Somerset — 17/9/200905QG Welding chap5.3d Page 55 of 66 


A Quick Guide to Welding and Weld Inspection 


has a low heat input 1t is best suited to the welding of thin 
materials and for all positional welding due to the small weld 
pool formed. The downside to this is that lack of fusion can 
occur in thick section materials. 


Globular transfer 

Globular transfer takes place between short circuiting and 
spray transfer modes at medium current and voltage levels. 
The molten droplets are larger than the wire diameter and 
some intermediate short circuiting can take place, leading to 
the arc being unstable and producing high spatter levels. This 
mode is rarely used except for some filling passes in the flat 
position. 


Spray transfer 

Spray transfer takes place with higher currents and voltages. 
As the current increases there is an increased flow of droplets 
across the arc and the diameter of the droplets become 
smaller. The transfer therefore takes place in the form of a 
fine spray, giving a high deposition rate coupled with deep 
penetration and a large weld pool. This can lead to difficulty 
using spray transfer with a thin sheet owing to the risk of 
burn-through. The large weld pool is also too difficult to 
control and maintain during all positional welding so it is 
mainly used with thick sections in the flat or horizontal- 
vertical positions only. Aluminium can be welded in all 
positions in the spray mode because the weld pool solidifies 
quickly, maintaining a smaller more manageable pool. 


Pulse transfer 

The ‘all positional’ thickness limitation of the spray transfer 
mode can be overcome by pulsing the arc to reduce the 
overall heat input to the work and allow the weld pool to 
shrink before it gets too large and collapses. This 1s achieved 
by regulating the current and voltage to operate in the spray 
mode for a set period of time, but then immediately reducing 
them to a level that just keeps the wire tip molten for an 
equivalent time. An example of this would be to operate on 
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the spray mode for one second, giving deep penetration, but 
then reduce the amps/volts for one second to allow the weld 
pool to reduce in size before increasing back up to the spray 
mode, and so on. In this way the likelihood of getting a lack 
of fusion-type defects found with the short-circuiting mode is 
reduced. 


Consumables 

The only consumables used in a MIG/MAG process are solid 
wires between 0.6 and 2.4 mm and gases consisting of argon, 
helium, argon/helium mixtures, CO2, Ar/CO, mixtures, Ar/ 
O, mixtures or other proprietary mixtures. It is worth noting 
the following points in relation to gases: 


e Pure CO, can be used with steels < 0.4% C and low alloy 
steels using triple deoxidised wire, but it is not usually used 
in the spray mode. 

e Argon produces a better arc in the spray mode and is 
better with non-ferrous metals and alloys. 

e Ar/O, (1 or 2%) mixtures are used for stainless steels. 

e Helium is normally mixed with argon, oxygen or CO». The 
higher helium contents produce higher arc voltages and 
heat inputs and give deeper penetrating welds with higher 
welding speeds. 

e Argon/CO, (5 to <20%) mixtures are normally used to 
give a combination of good penetration, a stable arc, less 
spatter and a flatter weld profile. The lower 5% CO, is 
used in the spray mode and the higher 20% CO, is used in 
the short-circuiting mode. The higher CO, level is required 
to give better penetration in what is a low heat input 
transfer mode. 


Applications 

MIG/MAG is commonly used for the welding of structural 
steels, aluminium alloys and stainless steels. It combines 
good weld properties with fast deposition rates in light, 
medium and heavy fabrications. 


57 


Woodhead Publishing Ltd — A Quick Guide to Welding and Weld Inspection 
Data Standards Ltd, Frome, Somerset — 17/9/200905QG Welding chap5.3d Page 57 of 66 


A Quick Guide to Welding and Weld Inspection 


Shiclding gas 
regulator 
1S a 
DE 


Wire feeder 


Electrode 
supply 


Power source 
Shielding gas 
supply 


Welding gun 


or oF j | 
o 
Workpiece 


Secondary gas shielded FCAW 


Wire teeder 


Electrode 
supply 


Power source 
Welding gun 


Workpiece 


Self shielded FCAW 
Figure 5.7 FCAW equipment 


58 


Woodhead Publishing Ltd — A Quick Guide to Welding and Weld Inspection 
Data Standards Ltd, Frome, Somerset — 17/9/200905QG Welding chap5.3d Page 58 of 66 


Welding Processes 


Typical defects 

Porosity, lack of fusion defects (particularly in the short- 
circuiting mode), solidification cracking in the spray mode 
and crater pipes are typical defects. 


Flux-cored arc welding (FCAW) 


Process description 

The equipment is similar to MIG/MAG but uses a flux-cored 
wire (Fig. 5.7). An arc 1s formed between a continuously fed 
tubular electrode wire containing a flux and the work. The 
arc is protected by a gaseous shroud formed by the flux 
melting. An external secondary shielding gas can also be 
supplied through the torch (Fig. 5.8). Using a flux-cored wire 
enables the addition of alloying elements and the production 
of a shielding gas more tolerant to outdoor use than MIG/ 
MAG. This means that the benefits of the MMA process can 
be combined with the speed of the MIG/MAG process. The 
downside is that it requires slag removal between runs, a 
backing material for root runs and suitable equipment to 
remove the large volumes of fume produced from the self- 
shielding process. 


Polarities 
DCEP or DCEN is dependent on the wire being used. The 
power source has a ‘flat’ or constant voltage characteristic 
(Fig. 5.6). 


Consumables 

Cored wires may be self-shielded or gas shielded. Gases may 
be CO», Ar/CO, mixtures or Ar/O, mixtures. The Ar/O, 
mixture 1s often used to replace Ar/CO, to keep carbon levels 
at a minimum when welding stainless steels or high alloy 
materials. 


Applications 

This process is used in shipyards, structural applications, and 
other medium and heavy fabrications where positional 
welding would not be possible with solid wire welding. 
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Typical defects 
Typical defects are slag inclusions, porosity, undercut, 
spatter, lack of fusion and profile defects 
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Tungsten inert gas (TIG)/gas tungsten arc 
welding (GTAW) 


Process description 

Figure 5.9 shows the equipment. Fusion is obtained from the 
heat of an arc formed between a non-consumable tungsten 
electrode and the workpiece. The arc and weld pool are 
protected from the atmosphere by a gas shield supplied 
through the welding torch. Filler metal can be supplied 
separately into the weld pool (Fig. 5.10). If a joint is welded 
without the addition of filler it is called an autogenous weld. 


Polarities 

Steels are TIG welded using direct current with the welding 
electrode connected to the negative pole (direct current 
electrode negative, or DCEN). The reason for this is to keep 
most of the heat in the workpiece and less in the electrode 
and so prevent the electrode from overheating and possibly 
melting. 

Aluminium alloys and magnesium alloys are welded using 
alternating current (a.c.). The positive cycle removes the high 
temperature oxide layer (known as cathodic cleaning) while 
the negative cycle helps to keep the electrode from melting. 


Inert AC or DC 
, Gas Supply Power Source 


Fool Pedal 
Current 


Work Cable 


Figure 5.9 TIG welding equipment 
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Figure 5.10 TIG welding process 


The power source has a ‘drooping’ or constant current 
characteristic (see Fig. 5.3). 


Consumables 

The gas consumables used in the TIG process are mainly 
inert gases such as argon or helium. Active gas mixtures such 
as 95% Ar/5%H> may also be used in certain applications 
such as welding stainless steels or nickel alloys. Although this 
is actually tungsten active gas (TAG), it 1s generally still 
referred to with the generic TIG term (except by those trying 
to sound like they are offering something special). 

Filler in wire or rod form is used in the majority of cases to 
fill the joint, but in some applications a fusible insert (often 
referred to as an EB after the Electric Boat Company who 
first supplied them) may be used. This is actually pre-placed 
filler used for the root run in pipe butt welds, but tends to be 
used in more specialised applications such as the nuclear 
industry. 

Although the TIG electrode is non-consumable it is often 
classed as a process consumable owing to the fact that it 
becomes slowly ‘consumed’ over time as it 1s cleaned and 
shaped by grinding. 


Applications 
Because manual TIG is such a slow and expensive process it 
is generally not used on thick materials where high deposition 
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rates are required. On thick materials it is commonly used for 
the initial root run(s) because the welder has such good 
control of the weld pool and can therefore achieve a better 
quality weld than with most other manual processes. 
Common uses are high quality welds in the aerospace 
industry, critical root welds in pipe and general light 
fabrications. 


Typical defects 

Typical defects are tungsten inclusions caused by touching 
the electrode into the weld pool during welding, porosity 
from the loss of gas shielding or surface contamination, 
oxidation from insufficient purging gas, root concavity from 
excess purging gas and crater pipes from breaking the arc too 
quickly. 


Submerged arc welding (SAW) 


Process description 

Figure 5.11 shows the equipment used for SAW. An electric 
arc 1s struck between a continuously fed consumable solid 
electrode wire and the workpiece. The arc is formed and 
protected within a blanket of flux, which is partially 
consumed within the process. The flux is supplied from a 
hopper attached to the weld head and fed through a tube to 
form a continuous layer in front of the torch deep enough to 
contain the arc (Fig. 5.12). The weld metal is formed from a 
combination of the base metal, filler metal and flux 
constituents, and will therefore be affected by changes to 
currents or voltages. The weld metal can be cleaned of 
contaminants by flux additions and then protected by the 
slag that forms at the top of the weld. This slag must be 
removed after each weld run before the next pass is added to 
prevent slag inclusions within the completed weld. Any 
unused flux can be collected, mixed with new flux and re- 
used, provided it is not contaminated. Because a flux layer is 
used, SAW is normally restricted to the flat or horizontal- 
vertical positions, although some very specialised equipment 
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Figure 5.11 SAW equipment 


does enable some other positions to be used. Root control is 
critical and some form of root backing is required. 


Polarities 
Polarities typically used are as follows. 


e Alternating current is used for multihead systems using 
high currents to prevent magnetic arc-blow problems. Arc- 
blow is where the magnetic field surrounding the electric 
arc 1s affected by another magnetic field causing the arc to 
deflect. This is not a problem with a.c. because the 
magnetic field changes direction with each cycle. 

e DCEP is used for welding applications to give deep 
penetration. 

e DCEN is used for surfacing or cladding applications 
(DCEN gives shallow penetration). 

e Multihead systems of two or more heads often use 
combinations of polarities to increase penetration and 
deposition rates without causing arc-blow. It 1s common 
for the leading head to be d.c. while the trailing head(s) are 
on a.c. The power source normally has a ‘flat’ or constant 
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_- The present invention relates in general to mass spec- 


trometry and, more particularly, to an ion collector for 
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2 | | 
cations, the ions are separated on the basis of the maxi- 
mum or peak altitudes they attain in the electrostatic 
deflecting field. For example, in one prior ion collector, 
used in an instrument which imparts the maximum energy 
level to the selected ions, these ions are collected. at the | 
crest of their parabolic trajectory by means of a collect- 
ing electrode which intercepts only the ions attaining the 
highest peak altitude, but. which dóes not intercept ions 
having lower maximum or peak altitudes. On the other 
hand, if the analyzer means of the instrument is such that — 
it imparts the minimum energy tó the selected ions, an 
electrode is provided in the region of maximum trajectory 
altitude for intercepting all ions attaining higher altitudes © 


_ than that of the selected ions, the latter attaining only a 
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radio frequency mass spectrometers, which may, for ex- © 


ample, be of the type disclosed and claimed in the co- 
pending applications of George H. Hare and David R. 
Margetts, Serial No. 370,582, filed July 27, 1953, and 
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Serial No. 378,756, filed September 8, 1953, now U.S. f 


Patent 2,769,093 granted October 30, 1956. 
As general background, mass spectrometers of this 


general type include: an ion source; ion analyzer means 


for selectively varying the kinetic. energies of the ions 
emitted by the source in accordance with their respective 
masses, Or more accurately, in accordance with their 


respective charge-to-mass ratios; and selective ion collec- 


tor means. The analyzer provides selected ions of a 
selected charge-to-mass ratio with an optimum kinetic 
energy level while providing nonselected ions of other 
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charge-to-mass ratios with other kinetic energy levels - 


differing from the optimum. The ion collector separates 
the selected ions from the non selected ions on the basis 
of the energy level differences produced by the analyzer 
means, the ion collector providing a collecting electrode, 
or collecting electrode means, for collecting the selected 
ions. The optimum kinetic energy level with which the 
selected or preferred ions are provided may be either 
a maximum or a minimum, the ion collector of the 
present invention having particular utility with an instru- 
ment which maximizes the kinetic energy of the preferred 
ions, although it is useful also with one which minimizes 


the kinetic energy thereof. Further, while the ion col- 


lector of the invention is particularly applicable to a 
radio frequency mass spectrometer, and is considered 


_ with particular reference to a radio frequency instrument . 


herein, it will be understood that it may be utilized in 
any instrument which selectively alters the kinetic energy 
level of ions of a preferred mass, or preferred mass-to- 
charge ratio, relative to nonpreferred ions of other charge- 
to-mass ratios. — Se pies | | 


Basically, the operation of an ion collector of the type 


to. which the present invention relates involves project- 
ing the ion beam emerging from the analyzer means into 
a substantially uniform electrostatic deflecting field at 
an angle of substantially 45° to the equipotential planes 
of such field and at an initial position in a plane of low 
field potential so that the ions traverse planes of suc- 
cessively higher field potentials. The ions constituting the 
beam accordingly execute parabolic trajectories within 
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minimum peak altitude and clearing the mentioned inter- 
cepting electrode to impinge on a separate, collecting 
electrode. an : E 

The foregoing prior ion collectors take advantage of 
a focusing action which causes parallel, equal-energy 
rays of the ion beam to converge within a narrow band 
at the crest of the trajectory. The lateral separation of — 
such parallel rays results from the finite width of the ion 
entrance aparture through which ions are admitted into 
the electrostatic deflecting field. However, it has been 
found that while this focusing action compensates effec- 
tively for lateral displacements of the selected ions in 
the ion beam, it does not compensate for slight deviations 
in the angle at which the selected ions, or any single-en- 


ergy ions, enter the deflecting field. In fact, the effect of 


such entrant angle deviations on resolution, and on the 
useful ion current obtainable at the collecting electrode, 
may be much more serious than the effect of lateral spac- 


ing due to the width of the entrance aperture. Thus, in 


an instrument wherein the maximum energy is imparted to 
the selected ions, it is possible for ions of lower energy 
than that of the preferred ions to impinge on the collect- 
ing electrode if they enter the field at an angle of less. 
than 45° with respect to a line perpendicular to the 
equipotential planes of the field. Similarly, in an instru- 
ment which imparts the minimum energy to the preferred 
ions, ions of an energy higher than the selected ions, but 
entering the deflecting field at an angle of more than 45°, 
may miss the intercepting electrode adapted to block 
the nonpreferred ions and may impinge together with the 
preferred ions on the collecting electrode. In either event, 
mass resolution is seriously impaired. In some instances 
(in instruments wherein selected ions attain maximum 
energy) it has been necessary in order to fully resolve ad- 


joining masses above mass 40, for example, to reduce the 
deflecting potential and accept only the 10% of the avail- 


able ions of the selected mass which attain the maximum 
trajectory altitude and which are free from interfering 
ions of the adjoining mass. Obviously, this drastically re- 


_ duces the ion current available at the collecting electrode. 
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the deflecting field space varying in altitude and range -. 


in accordance with the respective entrant kinetic energies 
thereof. An ion having a high entrant energy level tends 
to attain both a higher altitude and a greater range than 
one of low entrant energy. This variation in trajectory 
“makes it possible to separate ions having a selected en- 
trant kinetic energy from those ions having different en- 
trant kinetic energies, the selected entrant energy level 
corresponding to the preferred charge-to-mass ratio, 

In the ion collectors of this general character which 
-are described in the aforementioned copending appli- 
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Another disadvantage of prior ion collectors which oper- 
ate on the basis of ion trajectory altitudes is that when a 
mass spectrum is scanned, i.e., when the instrument is 
made responsive to successive masses as by varying the 
resonant frequency in radio frequency instruments, the 
ions of successive masses may enter the ion collector at 


a continuously varying angle, the reasons for this 
phenomenon being only incompletely understood at the 


present time. Thus, when collecting on the basis of 
variations in trajectory altitude with ion mass, the propor- 
tion of the preferred ion beam collected varies somewhat — 
with mass. This would not be objectionable except for 
the fact that it is desirable to vary the deflecting potential 
in order to change the resolution, e.g., in order to collect 
a larger portion of the available current where the mass 


resolution is inherently high, as at low mass numbers. 


When this is done, it is found that the fractionating pat- 
fern, or distribution of ion fragments of various masses 
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voltage characteristic (Fig. 5.6) but can have a ‘drooping’ 
or constant current characteristic (see Fig. 5.3) in certain 
applications. 


Consumables 
Consumables consist of reel-mounted bare wire or flux-cored 
electrodes and granular fluxes. 


Fluxes 

The main types of SAW fluxes are agglomerated or fused. 
Agglomerated fluxes are of light colour, globular and of 

irregular size. They are easily crushed and feel dry and smooth 

to the touch. Deoxidisers and additional alloying elements are 

added during manufacture. They are also hygroscopic 
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Schematic representation of submerged-arc welding 


A Finished weld F Flux 

B Slag G Flux supply 
C Powder removal H Root bead 
D Electrode holder | Parent metal 
E Filler wire 


Figure 5.12 SAW process 
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(absorb moisture) and therefore must be kept dry and pre- 
heated before use to remove the moisture. Agglomerated 
fluxes give better mechanical properties to the welded joint 
than fused fluxes and are used in low hydrogen applications. 

Fused fluxes are formed by melting their constituents 
together at high temperature and then cooling them to form a 
glass-like flux. The granules are solid and feel like grains of 
sand when rolled between the fingers. They are moisture 
resistant, easy to use, give good weld profiles and have good 
slag detachability, but the weld metal properties are not as 
good as those using agglomerated fluxes. These are ideally 
used in general purpose applications. 

Fluxes are also classified as basic or acidic, which refers to 
the ratio of basic oxides to acidic oxides that they contain. 
The higher the basicity then the greater the flux moisture 
absorption and related difficulty in removing it. 
Agglomerated fluxes will be basic whereas the fused fluxes 
will tend to be acidic. An increase in basicity will increase 
toughness but reduce arc stability, reduce weld profile and 
make slag removal more difficult. The flux with the highest 
basicity giving good arc stability, acceptable weld profile and 
slag removal should normally be chosen. 


Applications 

Because of the deep penetration and high deposition rates 
achievable with SAW it is commonly used in heavy 
fabrication environments such as shipbuilding and pressure 
vessel manufacture. 


Typical defects 

Typical defects associated with this process are shrinkage 
cavities formed where high weld depth/width (> 2:3) ratios 
are present, solidification cracking caused by high dilution 
levels with parent material or a high depth/width ratio, 
porosity due to damp fluxes or insufficient flux depth, 
hydrogen cracking from damp flux and lack of fusion from 
arc-blow or an incorrect technique. 
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Chapter 6 


Non-destructive and Destructive 
Testing 


Liquid penetrant testing (PT) 

Liquid penetrant examination, often called dye penetrant or 
penetrant testing (PT), is used to find surface breaking 
defects only. It involves the use of a cleaner (degreaser), a 
liquid penetrant and a developer. The most common PT 
system on site involves the use of these three materials from 
cans and is referred to as the “three can system’. Figure 6.1 
shows the idea. 

A typical colour contrast procedure involves preparing the 
surface to remove any spatter, slag or other imperfections 
that could retain the penetrant and mask relevant indica- 
tions. The surface is then thoroughly cleaned, using the 
cleaner, to remove any surface oil or grease, which could 
prevent the red liquid penetrant being drawn into surface 
breaking cracks or indications. It is then dried using air or 
lint free cloths. 

The penetrant is then applied by spray or brush and left for 
a dwell time as specified in the procedure. This dwell time 
must be long enough to enable the penetrant to be drawn into 
surface breaking defects by capillary action. Excess penetrant 
is then removed using cloths dampened with the cleaner. The 
cleaner must not be sprayed directly on to the component 
otherwise penetrant could be washed out of relevant 
indications. 

Developer (a white chalk like substance) is then lightly 
sprayed on to the surface causing the red penetrant to be 
drawn out of any indications by reverse capillary action and 
the blotting effect of the developer. Any indication high- 
lighted by the red penetrant against the white developer can 
then be assessed. In effect, PT is a form of enhanced visual 
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Follow these steps for accurate results 


Use the cleaner then 
dry thoroughly with 
rags or airline 


Wait for 15 minutes 


Remember 

e Dye penetrant testing is only an enhanced 
visual technique 

e Relevant standards are ISO 3452, ASTM 
E165, or BS 6443 

e This technique is unlikely to detect indica- 
tions of less than 0.1mm in length 


Wait 30 minutes for 
any indications to ‘develop’ 


Describe any indications Take 
that find photographs | 


Figure 6.1 Liquid penetrant testing 


technique that is often used to confirm visual uncertainties. 
Viewing is done under good lighting conditions of 1000 lux 
(100 ft candles). 

Typical colour contrast penetrants used are solvent 
removable,  post-emulsifiable or water washable. 
Fluorescent penetrants can also be used in solvent remov- 
able, post-emulsifiable or water washable form but are 
viewed under ultraviolet (UV) light and tend to be more 
sensitive than the colour contrast methods. Viewing is done 


68 


Woodhead Publishing Ltd — A Quick Guide to Welding and Weld Inspection 
Data Standards Ltd, Frome, Somerset — 17/9/200906QG Welding chap6.3d Page 68 of 87 


Non-destructive and Destructive Testing 


in a darkened room with a light intensity of 1000 W/cm? on 
the surface being viewed. 


Advantages 


e Can test most materials including non-magnetic ones. 
e Cheap and simple to use. 


Disadvantages 


e Can only find surface breaking defects. 
e Good surface preparation and cleaning is required. 


Magnetic particle testing (MT) 

Magnetic particle testing is used to find mainly surface 
breaking defects in ferromagnetic materials. Sometimes it is 
possible to find slightly subsurface defects when used with a 
permanent magnet or d.c. electromagnet. A magnetic flux (or 
field) is introduced into the material and any defects cutting 
across the magnetic flux can be detected when ink or powders 
containing ferromagnetic particles (iron filings) are applied to 
the material. What happens is that a flux leakage occurs at 
the defect, which effectively makes the defect a magnet in its 
own right. This ‘magnet’ attracts the ferromagnetic particles, 
which take the shape of the defect. Figure 6.2 shows the 
arrangement. 

The magnetic flux can be introduced from: 


e a permanent magnet; 

e an electromagnet (either a.c. or d.c.); 

e electric prods (either a.c. or d.c.) between which a current 
flows (and the current flow is surrounded by a magnetic 
field). 


Ferromagnetic particles can be applied to the material as: 


e a black ink (viewed against a pre-applied white contrast 
paint); 

e fluorescent ink (viewed under UV light conditions); 

e red or blue dry powders (used at higher temperatures). 
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The magnetic flux 1s applied in two mutually perpendicular 
directions. The reason for this is that 1f the flux direction runs 
parallel to the defect then magnetisation of the defect will not 
take place and the ferromagnetic particles will not be 
attracted to it. Testing in two directions ensures that the 
flux cuts any linear defects by at least 45 degrees. The 
magnetic field strength can be checked using a checker such 
as a “pie gauge’ or “burma castrol strip”. 


1. Black magnetic ink and white contrast paint 


Quick-drying white 
contrast paint 


Magnetic yoke 


Weld 


Black magnetic ink 


2. Fluorescent ink and UV light | 


~~ UV light source 
“es nn. 
"o j D pi 


l 

l 

| 

| 

| 
hi 


Surface ‘as-cast’ 
ortas-welded' 


Covered enclosure to 
give dark conditions 


strong light source 


Surlace ground/polished 
to aid visibility 


Dry powder spray 
Figure 6.2 Magnetic particle testing 
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Advantages 


e Quick and simple to use. 

e Can find slightly subsurface defects (under certain condi- 
tions). 

e Portable when permanent magnets used. 


Disadvantages 


e Can only be used on ferromagnetic materials. 

e Cannot be used on austenitic stainless steels (non- 
magnetic). 

e Electric prods can cause arc strikes. 

e The component may need demagnetising on completion of 
testing. 


Ultrasonic testing (UT) 

Ultrasonic testing is used to find internal defects within a 
weld or body of a component being tested. A probe emits a 
sound wave that is passed through the material. If this sound 
wave hits a defect then all or part of it gets rebounded back 
to a receiver in the probe and the size and position of the 
defect can be plotted on a graph by a skilled operator. Figure 
6.3 shows the arrangement. 

Angled probes send the wave into a weld at angles suitable 
for the weld preparation bevel angles used. A zero degree 
“compression” probe is used first to check for any laminations 
in the parent material that could deflect angled waves and 
mask defects in the weld. 

The surface of the component must be clean and smooth 
and a couplant applied to exclude air from between the probe 
and component. The couplant must be suitable for use on the 
material being tested and then be thoroughly cleaned off 
afterwards to prevent any risk of corrosion or degradation of 
the component in service. Wallpaper paste is often used as a 
couplant because when it dries it can be easily peeled off. 
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Defect position (depth) is 


The basic A-scan pulse echo technique shown as a function of time 
Delect echo 
Signal Black wall 
A ‘pulsed’ wave is used. amplitude echo 


It ratlecis off the back 
wall and any defects 


The probe transmits and 
receives the waves 


ARA 


This combines (he A-acan method with movement of 
the probe along the surface. it gives a detailed sectional 
view of lhe component as shown 


The B-scan technique 


The C-scan technique 


Typical C-sean display 


The C-scan displays echo 
amplitudes in relation to the 
probe position 


Figure 6.3 Ultrasonic testing 


Advantages 


e Can find linear type defects in most orientations. 
e Is portable. 


e Is safe and therefore does not require production to be 
stopped or the area cleared. 
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Disadvantages 


e Surfaces must be smooth and free of all spatter and arc 
strikes. 

Very dependent on skill of the operator. 

Normally limited to materials above 6 mm thick. 

Basic technique does not give a permanent record. 

Not so good on coarse grained materials. 


Radiographic testing (RT) 
Radiographic testing is used to detect internal defects in 
welds. Although it can find planar (two-dimensional) defects 
such as cracks or lack of fusion it will not find them in all 
orientations. It will, however, more easily find volumetric 
defects such as porosity or slag inclusions or shape defects 
such as undercut or excess root penetration. It can also be 
used for profile surveys of pipework and components to 
check for loss of wall thickness caused by corrosion and/or 
erosion. Figure 6.4 shows the basic technique. 

Gamma rays (from a radioactive isotope) or X-rays (from 
a machine) are passed through the material and strike a film 
causing it to darken. The film gets darker the more radiation 
that hits it so volumetric defects such as porosity that allow 
more radiation through the material will show as areas 
darker than the surrounding area. Conversely, areas such as 
excess penetration, where more radiation is absorbed by the 
material, will show as lighter than the surrounding area. 
Gamma radiography is commonly used on site because it is 
portable and does not require a power source. It 1s inherently 
dangerous, though, because the radioactive isotope (source) 
cannot be ‘turned off and is always radiating. Storage, 
transportation and use of the source must therefore be 
closely controlled to ensure the safety of the radiographers 
and workplace personnel. 

The type of isotope used will depend on the thickness of 
material to be tested. The most common gamma isotope is 
iridium 192 but thinner materials may use other isotopes 
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a 


Figure 6.4 Radiographic testing 


such as yturbium and (for thicker materials 40 mm +) cobalt 
60. Cobalt 60 is incredibly dangerous and should only really 
be used when iridium 192 is impracticable. It is a good idea to 
finish having all the children you want before using cobalt 60 
or, better still, get someone else to use it and keep well back. 
On a more serious note — treat it with great respect. The 
sources are contained in carriers made from depleted 
uranium and are only wound out for the required exposure 
time. 

Quality of the radiographic film is measured using four 
main parameters: 
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fora given simple oleada changes also. For maximum 
operating convenience however, this should remain inde- 
pendent of resolution. l 

A primary object of the present invention is to eliminate 
the foregoing and various other disadvantages of prior 
ion collectors, irrespective of the type of mass spectrom- 
eter with which the ion collector of the invention is used. 
- More particularly, an important object of the present 
invention is to provide an ion collector which separates 
the selected ions from the nonselected ions on the basis 
of the differences in the range of the trajectories which the 
jons execute, instead. of on the basis. of the differences 
in the altitudes thereof. 

In other words, an important object of the present in- 
vention is to separate the selected and non-selected ions 
at the ends of their trajectories: within the deflection space, 
instead of at the crests thereof: As will be shown herein- 
after, variations in trajectory range. with variations. in. en- 
trant angle are much smaller than variations. in: trajectory 
altitude with such angular variations. This permits. the 
ion collector of the invention to. achieve superior resolu- 
tion and increased ion current, these. being. important fea- 
tures of the invention. 

Another object of the invention is to provide an ion 
collector which includes electrode means defining a sub- 


stantially uniform electrostatic deflecting field, means for. 


admitting ions into such field in a beam at a. mean in- 
clination of substantially 45° to the equipotential planes 
of the field and at an initial. position in a plane of low 
potential, whereby ions of different masses. execute dif- 
ferent trajectory ranges in returning to terminal positions 
in a plane of substantially the same low field potential, 
means adjacent the terminal position of the trajectory 
range executed by the selected ions for intercepting ions 
deviating therefrom in range by more than a predeter- 
mined small amount, and collecting electrode means ad- 
jacent such intercepting means for collecting selected ions 
which are not intercepted by the intercepting means. 

_ A further object is to provide an ion collector which in- 
cludes two spaced, parallel electrodes disposed at an 
angle of substantially 45° to the ion beam, one of these 
electrodes being maintained at a lower potential than the 
other to provide a substantially uniform electrostatic de- 
flecting field therebetween. A.related object is to provide 
the lower-potential electrode with an ion entrance aperture 
and to provide it with an ion intercepting edge spaced from 
the ion entrance. aperture, such ion intercepting edge pref- 
erably. being formed. as an edge of an ion exit aperture. 
Still another object is. to provide an ion collecting elec- 
trode external to the space between the deflecting elec- 
trodes and so positioned with respect to the ion exit aper- 
ture that ions not intercepted by the ion intercepting edge 
of such.deflecting electrode i impinge on the collecting elec- 
trode as a beam of substantially selected ions only. 

The. foregoing objects, advantages, features and new 
results of the. present invention, together with various 
other. objects, advantages, features and new results thereof 
which will be. evident to those skilled in this art in the 
light of the present disclosure, may be attained with the 
exemplary embodiment of the invention illustrated in the 
accompanying drawings and described in. detail herein- 
after. Referring to the drawings:. 

Fig. 1 is a semidiagrammatic, longitudinal sional 
view of a mass spectrometer which POr the ion 
collector of the invention; 

Fig. 2 is a graph: comparing variations in ion trajectory 
altitude and ion trajectory range with variations in entrant 
angle. into.an electrostatic deflecting field; 
Fig. 3 is a graph illustrating the distribution of ion 
Current density in the region of the ion trajectory. peaks 
in the electrostatic deflecting field; and 
Fig, 41s a graph illustrating the variation in ion. cur- 
Tent: density. near. the position of maximum ion trajectory 
Tange. in the: electrostatic deflecting field. 

An instrument 9 embodying an ion collecter 10 of the 
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- be termed the ion source. 


as shown. 


E 4 
present invention is illustrated in Fig. 1 of the drawing, 
this instrument being similar in principle to that described 
in said applicaton Ser. No, 370,582. The means for 
ionizing the sample, for imparting different energies to the . 
ions of different mass, and for collecting a selected ion 
species are enclosed in a vacuum-tight housing 11 con- 
nected to a vacuum pumping system, not shown, via a duct 
12. More specifically, the sample, i in the form of a gas or 
vapor, is introduced into an ion chamber 14 at a suitable 
pressure through an inlet tube 13: A filament 15 powered 
by a transformer isa provides an electron stream 16 which 
is directed through the ion chamber 14 and collected by a 
positively charged electrode 17. A portion of the sample 
material is ionized under bombardment by the electron 
stream. Two sets of perforated electrodes, 19 to 21, and 
2 to 24, connected to points of suitable potential on a 
power supply 32’, draw the ions out of the ion chamber, 
giving them an initial acceleration and collimating them 
into a narrow beam 18. The perforations in these and 
all subsequent electrodes may either be holes. or, pref- 
erably, elongated slits. Thus, Fig. 1 may be interpreted 
as showing slits which. are oriented perpendicularly to the 
plane of the drawing. In this case, however, it would be 
preferable to reorient the electron beam so that it too: is 
perpendicular to the plane of the drawing. 

The ion chamber 14, the electron beam forming means 

17 and the electrodes 19 to 24 constitute what may 
This is followed by a so-called 
analyzer means or analyzer section. which comprises an 
array of perforated plates, 25, 25a, .. . 25n, connected 
alternately to one terminal of a variable radio frequency 
oscillator 27’ and an oscillator return point. e.g., ground, 
For a. given accelerating potential at the ion 
source, and. any given frequency and amplitude of the 
radio frequency oscillator 27’, only. particles of a partic- 
ular mass, or, strictly speaking, of a particular charge-to- 
mass ratio, will pass through the analyzer plates in 
resonance with the radio frequency signal. Jons of this 
selected mass are accelerated in phase with the alternating 
voltage through each of the successive analyzer stages 
and thus acquire a maximum Kinetic energy, whereas 
particles of different mass, higher or lower, fall out of 
phase and either do not emerge from the analyzer section 
or, at best, emerge with. energies less than that. of the 
preferred particle. 

The ion: collector 10 of the invention comprises two 
parallel electrodes or plates 26 and 27 inclined at an 
angle of substantially 45° to. the entrant ion beam 18. 
The base plate 26 is at a low potential, for example, 
ground, and may be connected to the last analyzer plate 
25n as shown. The plate 27 is at a relatively high poten- 
tial, e.g., about one-half the ion beam energy in electron 
volts, or about 500 volts. Thus, there is provided between 
the plates 26 and 27 a substantially uniform electrostatic 
field having a plane of minimum field potential at. the 
base plate 26.. The ions from the analyzer section. enter 


15, 


the space between. the plates. 26. and. 27 through a rela- 


tively narrow entrance slit 28 in the plate 26, each ion 
traversing a parabolic trajectory and returning to the 
base plate 26, where ions of the predetermined: charge-to- 
mass ratio pass through: an ion-selective exit slit 29 in 


the plate 26. positioned at the point of maximum range. 


Particles traversing the slit 29 impinge on a. collecting 


electrode or electrode means 30 at or near ground 


potential. Ions of lower or higher mass, and: therefore 
of lower energy, fall short of the slit 29. and impinge on 
an jon intercepting means formed by the base plate 26 
adjacent an edge 29a of the slit 29. The numerals 32 
and 33:represent, respectively, the paths of preferred and 
nonpreferred. ions. An indicating and/or recording 
means 31, connected to the electrode 30, indicates and/or 
records the relative abundance. of the selected: ions. 
The ion. collector 10 operates on the principle that, 
for ions.of any given: energy, those which enter at 45° 
attain the maximum. range. Particles of the same given 
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1. Density is a measure of how much light passes through 
the film. The higher the density number, the darker the 
film. Normal acceptance levels are densities of between 
1.8 minimum to 4.0 maximum for X-ray and 2.0 to 4.0 
for gamma, but it varies between standards. The density 
measurement is normally taken along the area of interest 
(i.e. the weld length) using a piece of equipment called a 
densitometer. 

2. Sensitivity is an indication of the smallest defect that can 
be seen on the image. A wire type or hole type image 
quality indicator (IQI) is used to determine the smallest 
defect visible on the image. The wire type IQI is the more 
common type used and consists of either six or seven 
wires depending on the standard used (see Fig. 6.5). The 
American ASTM standard specifies six wires but the 
European standard specifies seven. Sensitivity is 
expressed as a percentage derived from the thinnest 
wire visible divided by the material thickness. The 
acceptable percentage will vary depending on material 
thickness. To save calculations ASME V and EN 
standards give tables specifying the smallest wire that 


The European standard for lis is BS EN 462 


A hard plastic envelope 
holds the wires 


ASTM 
The ASTM-type KH has 
6 wires. The DIN 54110/54109 
types have 7 wires in 

0.2 mm diameter steps. 
| 0.08 OF“. 013016 0.2 00.25 
A 

This shows the material group This shows the wire ‘set’ 


that the MÍ can be used for. size. In this case, the ‘set A’ 
Group 1 is carbon/alloy/stainless steels. wire sizes are: 0.08 mm, 0.1 mm, 
0.13 mm, 0.16 mm, 0.2 mm, and 0.25 mm. 
Sets B,C,D have larger wire diameters. 


Figure 6.5 Image quality indicator (IQI) 
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must be visible to give the correct sensitivity value for 
different material thicknesses and different radiographic 
techniques. 


3. Geometric unsharpness (Ug), also known as penumbra, is 
a measure of the ‘fuzziness’ of the radiographic image. 
Geometric unsharpness (Ug) 1s calculated from the 
formula 
Ug = Fd/D 
where 
F = effective source size or focal spot 
d = object to film distance 
D = source to object distance 
Acceptance is based on the relevant code requirement. 
ASME V Section 2 gives recommended maximum limits 
for Ug ranging from 0.020 in (0.51 mm) for material 
thicknesses below 2 in to 0.070 in (1.78 mm) for materials 
greater than 4 in. 

4. Backscatter is stray radiation that can expose the film. A 
lead letter ‘B’ is placed on the back of the film and if 
excessive backscatter is present a light image ‘B’ will be 
visible on the film, which should then be rejected. A 
darker image, on the other hand, is not a cause for 
rejection. 

Advantages 


Gives a permanent record. 
Surface condition is not so critical. 
Lagging does not require removal. 


Disadvantages 


Safety 1s an issue. 

May require production to be shut down. 
Personnel must be excluded from the vicinity. 
Will not find linear defects in all orientations. 
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section 
Figure 6.6 Tensile specimen: reduced section transverse 
test 


Tension tests 

The main objective of a tension test on a welded joint is to 
measure the yield and tensile strengths of the sample under 
test. A pulling force (load) is applied to the sample and the 
yield and ultimate tensile strength (UTS) are measured and 
recorded on the test form along with the material type, 
specimen type, specimen size and location of the fracture. 
Weldments are normally subjected to a reduced transverse 
tensile test (see Fig. 6.6). 

Manufacturers of welding consumables carry out a long- 
itudinal ‘all weld metal’ tensile test to measure the tensile 
strength, yield point and percentage elongation (E%) of the 
deposited weld metal. The sample is taken from the centre of 
the weld and consists of weld metal only. 


Bend tests 

Bend tests give an indication of weld quality and a rough 
indication of ductility by putting the weld and HAZ under 
tension. The weld and HAZ must be included within the bent 
portion and a limit given to the size of linear openings 
permitted on the surface under test. Bend tests are normally 
transverse tests taken across the weld and include the weld, 
HAZ and base material. Longitudinal tests are more unusual 
but can be used where dissimilar base materials with widely 
differing properties are welded or where the weld metal is of 
greatly differing properties to the base metal. Guided bend 
tests are those that have the sample bent into a guide (see Fig. 
6.7). 
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Former 


Specimen 


Guide 


Figure 6.7 Guided bend test 


Bend tests are classed as face, root or side bends (see Fig. 
6.8) depending on which surface is under tension; a face bend 
will have the face under tension while a root bend will have 
the root under tension. A side bend test is used where the 
sample 1s too thick to form a face or root bend. With a side 
bend test the cross-section of the whole weld is put under 
tension and checked for internal defects such as lack of 
sidewall fusion or inter-run fusion. It is worth keeping in 
mind that the side bend is just a snapshot of the weld at one 
particular point within the weld length. 


Charpy tests 

Material impact toughness can be measured by various types 
of test such as the Charpy V-notch impact test, Izod test or 
Kyc test. The most commonly used test is the Charpy impact 
test (see Fig. 6.9), which gives an indication of the toughness 
of a material at a specified temperature. It is not a 
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Weld face under tension 


Weld root under tension 


Weld profile under tension 


Side bend 
Figure 6.8 Types of bend test 


particularly accurate test but can give a general indication of 
the ability of a material to resist brittle fracture at its 
minimum design material temperature. The test consists of 
holding a machined specimen, of a specified size (normally 
55 mm x 10 mm x 10 mm) containing an accurately 
machined notch of specific dimension, at both ends as a 
simple beam. A pendulum impacts on the specimen and the 
start and finish heights of the pendulum are measured. The 
difference in height equates to the energy absorbed by the 
specimen before it fractures. This absorbed energy is usually 
measured in joules on a scale attached to the machine. 
Three Charpy specimens are tested at each specified 
temperature and the final result taken as an average of the 
three. Tests can be done at various temperatures and 
recorded in a graph to form the Charpy curve (see 
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Figure 6.9 Charpy V-notch impact test 
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Toughness 
(Joules) 


Ductile fracture 


Transition temperature 
range e 
47 Joules 


Ductile to brittle 
transition point 


f 27 Joules 
Brittle fracture 


-40 -30 -20 -10 0 10 20 30 40 
Temperature (°C) 


Figure 6.10 A typical Charpy curve 


Fig. 6.10) and determine the ductile-to-brittle transition 
temperature. The ductile-to-brittle transition temperature is 
the temperature at which the test specimen will start to 
become more brittle than ductile. You would therefore not 
want to use the material at design temperatures below this as 
1t would have an increased risk of failing in a brittle manner. 
Remember that this is not an accurate test reflecting the 
material behaviour under actual service conditions, so the 
results should therefore be used with caution. 

A more accurate test to check a material’s likelihood of 
failing in a brittle manner is the crack tip open displacement 
(CTOD) test, sometimes referred to as a Kjc test. 


Hardness testing 

The most common hardness tests are Vickers, Rockwell and 
Brinell. Hardness is defined as the ability of a material to 
resist indentation on its surface. Hardness tests consist of 
impressing a ball (Brinell or Rockwell) or diamond shape 
(Vickers or Rockwell) into the material under a specified 
loading and measuring the width of the indentation to give a 
relative hardness reading (Fig. 6.11). The smaller the width of 
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the indentation the harder the material. Hardness testing 
normally encompasses the weld and HAZ and is usually done 
to confirm that PWHT has been carried out correctly. When 
hardness testing is done for weld procedure qualification 
purposes it is often done through the weldment thickness as 
hardness levels can vary considerably through the thickness. 

The various types of hardness testing have their own units: 


e Vickers test: HV (Vickers hardness); 
e Brinell test: HB (Brinell hardness); 
e Rockwell: HR (Rockwell hardness). 


A Shore Schlerescope is a portable dynamic hardness test 
using equipment similar in size to a ballpoint pen. It drops a 
welght from a height on to the test surface and measures the 
height of the rebound. The higher the rebound the higher the 
hardness value, which can be read off in any selected unit. It 
may be used by the welding inspector to gauge hardness 
values on site, but the accuracy depends on the condition of 


Brinell or 
Rockwell 


Vicker pe Width of indentation 
Rockwell measured and compared to 


| | relevant scale 


Hardness measurements taken 
through thickness on a macro 
sample 


Figure 6.11 Hardness tests 
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Weld 
metal 


Double V butt macro sample 
showing 
a. A pore 
b. A lack of sidewall fusion 
c. A crack 
Figure 6.12 Macro sample 


the test surface and the support of the test piece during the 
test. 


Macro samples 

Macro tests (Fig. 6.12) are used to check the internal weld 
quality of a welded test coupon and so are used in welder 
performance qualification tests (welder approval tests). A 
section is removed from the test coupon and then the surface 
to be inspected is made smooth and polished by lapping to a 
finish of approximately 600 grit before etching it with ‘nital’ 
(a mixture of around 10% nitric acid in industrial alcohol). 
The mixture will depend on the material being tested. 

The macro specimen is then inspected at a magnification of 
x5—x10 for welder-induced imperfections such as porosity, 
slag inclusions, cracks, lack of fusion etc. It is common for 
the macro to be taken at a stop/start location (particularly in 
the root runs) as this is where defects are most likely to be 
found. Obviously any stop/starts in root or hot passes would 
have to be marked on the sample by an inspector before 
subsequent runs obscured them. 

The sample should also be inspected when it is first 
removed to check for any imperfections which may then be 
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Figure 6.13 Fillet weld fracture test 
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. When more than 


- €nergy, but of an initial entrant. angle either larger or 
smaller than 45°, return to the base plate 26 within a 
= Shorter distance. 


the corresponding variation in the maximum attained al- 


titude. Accordingly, iby. collecting atthe position of 
overlapping ‘of the paths of ions:of 


maximum range, the 
adjacent masses due to deviations in the entrant angle, 
one ion species enters the collector, is 
greatly reduced and resolution and useful ion current 
are corrpesondingly increased. __ anta ; 
The foregoing principle is illustrated in Fig. 2.. The 
origin, lower-left, corresponds to a point on the entrance 
slit 28, and the base line y=0 corresponds to the surface 
of the base plate 26. - The curve a.is the trajectory of a 
- particle entering at a==45°, and the curves b and c are 
the trajectories for particles of the same energy deviating 
in either direction by 0.1 radian, or about 5.7°. This is 
a relatively large angular deviation and is shown for pur- 
poses of illustration only. Taking the peak trajectory 
value of y for a=45° as unity, the: range, or maximum 
value of x, is 4. For particles entrant at any angle a, 

A X=V tsin æ, | i 
Y= a-v, t cos a, , 
where vo is the entrant velocity, £ is time and a is the 
acceleration, a being equal to —Ee/m where E is the de- 
flecting field strength, and e/m the ionic charge-to-mass 
ratio. | 


Eliminating £, expressing a in terms of the deflection — 


field and v, in terms of the effective total voltage V ac- 

celerating the ‘ion before entering the collector 10, the 

following equation results: 1 | gat 2,78 
44 y sin? a" tan a 


It is found that y has a maximum value, or altitude, at 


the peak of the trajectory given by 

o = Veot a 
eas E 
and that Xmax, or maximum range, is 


Ymax=— 


sin e COS e 


an 


Cmax E 


The trajectory for a value of « less than 45° crosses 
the trajectory for «=45° at a value of x given by 


a _ —4V / cos a—sin a ) | 
°? E ÑQ? sin a—ese e 


The incremental changes of maximum altitude and 


by | 

mas Y sin 20 
and | 

Tes Y cos 2a 


- It is noted that at a=45°, dXmax/do is zero, i.e., x is 
a maximum, and that for even relatively large devia- 
tions from a=45", only very small changes in Xmag may 
be expected. On the other hand, dYmax/do has a finite 
value at «=45°, and for given deviations of a, the devia- 
ation in Ymaz may be many time that of Xmax This is 


borne out in Fig. 2, where, for the entrant angle devia- 


tion of +0.1 radian, the total deviation in Ymax 18 0.396, 
and the total deviation of xmag is only 0.08, a ratio of 
approximately five to one. Taking smaller angles of 
deviation, closer to those encountered in practice, the 
ratio of the total deviation of Ymax to that of xmax is 
rapidly increased. Thus, at a deviation of +1 °, total 
deviations in Ymax And Xmax are 0.068 and 0.0024, respec- 
tively, a ratio of approximately 28 to 1. 


‘However, the variation in range, for | 
-varying entrant angle, is extremely small compared with 
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stricting attainable resolution or ion current. 


2,011,582 


It will be noted that for any pair of rays deviating ini 
entrant angle symmetrically from 45 °, the deviation in 
Ymax is symmetrical, and the range, or Xmax, Values are 
identical. Thus the curves b and c of Fig. 2 have a 
common terminus on the x axis. a | 

Other conditions being equal, the collector 10 of the 
present invention makes possible, in a typical instru- 
ment of the type described, an increase in the ion signal ` 
current by a factor of five or more, or for the same cur- 
rent, a substantial increase in resolving power, The rea- 
son for the current gain is explained by the schematic 
curves of: Figs. 3 and 4. In Fig. 3, the curves my and 
ma show the ion current density distribution, attributable 
to each of two adjoining masses, along the “vertical” or 
y direction, in the vicinity of the trajectory peaks, where 
prior ion collectors have operated. The preferred mass 
is represented by m; and, for simplification, the relative - 
total abundance of the masses is assumed equal. The 
long “skirts” on these curves are largely the effect of 
ions entering the deflection space at angles which deviate 
in either direction from 45°. To obtain a signal for the 
ion mı which is substantially independent of the ion Mo, 
only that portion of the mı current may be collected 
which falls to the right of the dotted line and is indicated 
by the shaded area. Thus, because the right-hand skirt 
of ma overlaps a major portion of the range of m, 
only a small portion of my may be collected to give a 


useful signal, 


Fig. 4 shows the improvement achieved in the present 
invention by collecting in the region of maximum range. 
Since the distribution for each ion species tails off pri- 
marily in one direction only, i.e., to the left as shown in 
this figure, a much larger portion of the available cur- 
rent of the preferred ion, again shown by the shaded area, 
may be collected without interference by the adjoining 
ion. The leading (right-hand) edges of the curves of 
Fig. 4 are not perfectly vertical because particles of a 
given mass entering the collector 10 at 45° vary slightly 
in energy, and because of the particular shape of the 
energy distribution curve for such particles. NTE: 

The effect of the invention is that aberration due to 
angular deviation is no longer a dominant factor in re- 
Instead, 
this effect is made at least comparable to, and usually 
smaller than, other effects which limit performance, such 
as energy separation of adjacent mass peaks, energy 
spread for a given mass, collector slit-width effects, etc. 

Referring again to Fig. 1, it will be seen that addi- 
tional advantages result from the fact that the collecting 
or sensing electrode 30 is now adjacent the deflection 
plate, 26, which is at the lower potential, i.e., at or near 
ground potential, rather than near the high voltage plate 
27. For example, transients formerly appearing when 
the deflection voltage was changed, due to capacitive 


‘coupling between the deflector plate and the sensing elec- 


trode, are substantially eliminated. The fractionating 
pattern becomes substantially independent of the deflec- 
tion voltage, because of the relative insensitivity to varia- 
tions in the entrant angle. Moreover, the electrostatic 
deflection field in the vicinity of the sensing electrode 30 
is now substantially free of distortion, and this further 
improves resolution. Additionally, the problem of elec- 
trical leakage between the relatively high-potential de- 
flection electrode and the low-potential sensing electrode 
is substantially eliminated, since the sensing electrode 
now adjoins the deflection plate of lower potential. 
Finally, the lower potential deflection plate 26 may, if 
desired, be made about 20 volts negative with respect to 
the collector electrode 30. This permits the plate 26 to 
act as a suppressor for secondary electrons originating 
at the collector electrode 30 by returning them to this 
electrode. 

Because the present invention increases the ion cur- 
rent available at the sensing electrode, it is possible, if 


Non-destructive and Destructive Testing 


removed during subsequent preparation. It is common for 
macro samples to be varnished and mounted in plastic to 
preserve them and avoid direct handling of the prepared 
surface. 


Micro samples 

A micro sample is prepared to permit examination of the 
grain structure under much higher magnifications than that 
used for macros. Magnification is normally in excess of x 100 
and can be up to x2000+ using electron microscopes. The 
sample is prepared in a similar manner to a macro but the 
surface is finished with diamond paste to give a much more 
polished finish of around 1-3 um before etching with a nital 
solution (see macro preparation). Micro samples are 
normally used for research purposes or investigations into 
the cause of defects or failures. 


Fillet fracture test 

Fillet fracture tests are used for welder approval testing using 
fillet welded test coupons. A typical test coupon will range 
from 150 mm (6 in) to 300 mm (12 in) long and will ideally 
contain a stop/start in the centre. The end 25 mm (1 in) will 
be removed either side and discarded (although it is a good 
idea to make one or both cut ends into macros). The central 
vertical section will be loaded in the direction shown in Fig. 
6.13 until the specimen either fractures or bends flat. A 
common method of applying loading is to strike it sharply 
with a hammer in the loading direction. Fracture can be 
assisted by cutting a groove 2 mm deep along the centre of 
the weld to act as a fracture initiation point. The fracture 
surfaces can now be inspected for any internal defects such as 
porosity, slag inclusions or lack of fusion defects. The root 
can also be inspected to ensure root penetration along the full 
length has been achieved. 


Butt weld fracture test (nick break) 
Another welder approval test is the nick break test (Fig. 
6.14), which is similar to the fillet fracture test but is used to 
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assess a butt weld. The weld has a notch cut along the weld 
length and is then either put under a tensile loading until 
fracture occurs or is placed in a vice and fractured with a 
hammer blow. The fracture faces are then inspected for 
internal imperfections. 
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Chapter 7 


Fracture Modes and Welding Defects 


Imperfection categories 

Imperfections can be broadly classified as those formed 
during fabrication and those formed during service. 
Fabrication imperfections include: 


Cracks 

Porosity and cavities 
Lack of fusion 

Solid inclusions 
Profile imperfections 
Wrong sizes 


Service failure modes include: 


Brittle fractures (cracks) 
Fatigue fractures (cracks) 
Stress corrosion cracking (SCC) 
Re-heat cracking 

Creep failure 


Cracks 

Cracks can be classified by shape (longitudinal, transverse or 
branched) and position (HAZ, base metal, centreline, crater). 
An inspector will rarely classify a crack as a particular type 
(i.e. fatigue, HICC or SCC) because in most cases it will not 
be possible to determine the precise cause of a crack until an 
examination is carried out. The shape and position are facts, 
anything else is supposition. 


Hydrogen-induced cold cracking (HICC) 

HICC may occur in the HAZ of all hardenable steels (i.e. C, 
C/Mn) or in the weld metal of high strength low alloy 
(HSLA) steels that are microalloyed with small amounts of 
titanium, vanadium or niobium (typically <0.05%). The 
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hydrogen breaks down at increased temperatures into atomic 
hydrogen (which has a small atomic size) and escapes to the 
atmosphere through the steel microstructure. When the 
temperature reduces to below around 300°C the hydrogen 
starts reforming to the hydrogen element and will no longer 
be able to escape from the material. As the H» reforms it may 
build up an internal pressure stress within the material 
structure itself. 

A ductile metal structure can absorb this H» without 
penalty as the metal is able to plastically deform. If, however, 
the metal is of a hardened (i.e. martensitic) structure less able 
to deform, then the stress level built up in the material may 
be enough to cause a fracture to occur. The four critical 
factors involved in a hydrogen crack are: 


e A hydrogen content of > 15 ml/100 g weld metal. The 
hydrogen comes from moisture, paint, oil, grease, damp 
electrodes or fluxes, loss of shielding gases or cellulosic 
electrodes (H3 is the shield gas). 

e A stress level > 50% yield. The stress comes from residual 
welding stress, restraint stress, etc. 

e A hardness > 350 Vickers. The hardness refers to a crack- 
sensitive microstructure and is related to the Cev of the 
steel and the formation of martensite, a hard structure 
caused by rapid cooling of steels. 

e A temperature < 300°C. There is nothing that can be done 
to stop the temperature eventually falling below the 
critical level on completion of the welding and any 
required PWHT, so NDT needs to be carried out for up 
to 72 hours after welding to check for delayed cracking. 


All of the four factors must be present at the same time for a 
crack to occur, so if any factor is reduced below its critical 
level a crack will be avoided. Each factor can be reduced as 
follows: 
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Reduce the hydrogen level by: 


e use of correctly heat treated low H, electrodes; 

e removal of moisture, oil, grease, paint, etc., from 
materials; 

e use of a low H> welding process; 

e carrying out a hydrogen soak. 


Reduce the stress level by: 


e removal of restraints; 
e ensuring a good joint fit-up; 
e carrying out PWHT stress relief. 


Reduce the hardness by: 


e preheating the joint; 
e carrying out PWHT. 


Carry out delayed NDT: 


e The temperature will eventually fall below the critical level 
but a crack may not occur until days afterwards, so carry 
out delayed NDT. 


Solidification cracking 

Solidification cracking (also known as centreline cracking or 
hot cracking) is a fracture that occurs in the weld metal of 
ferritic steels with a high sulphur or phosphorus content or in 
joints with a large depth/width ratio. 

It occurs in ferritic steels with a high sulphur content 
because during welding the sulphur joins with iron to form 
iron sulphide (FeS). This FeS has a lower melting point than 
steel and therefore remains as a liquid as the steel solidifies. 
The centre of the weld is the last place to cool so this liquid 
FeS is pushed to the centre of the weld and forms a liquid 
film on the grain boundaries, causing a lack of adhesion 
between the grains. The weld metal contraction due to 
cooling leaves a high tensile stress, which can pull the weld 
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Figure 7.1 Solidification cracking 


apart along the weakened centre of the weld bead (see Fig. 
TL): 

Solidification cracking can be avoided by the following 
methods: 


Adding manganese (to form manganese sulphide). The 
manganese combines with the liquid sulphur to form 
manganese sulphide (MnS), which has a melting point 
similar to steel. The manganese sulphide structure is spherical 
and forms between the solidifying weld metal grains without 
forming a liquid film. This maintains the cohesion between 
the grains and prevents a crack occurring. 


Keep sulphur levels low: 


e Specify low sulphur content material with a content 
<0.03% S. 

e Keep surfaces clean of contaminants such as oils, paints 
and grease. 

e Use welding processes that have a low dilution level of 
parent plate to weld metal (to reduce the levels of sulphur 
being introduced into the weld metal from the parent 
plate). 

e Ensure temperature indicating crayons used close to welds 
do not contain sulphur. 
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Keep stress levels low: 


e Reduce restraints to decrease restraint stress and residual 
stress levels. 
e Keep heat inputs low. 


Maintain low carbon levels. An increase to the carbon content 
can rapidly increase the manganese to sulphur ratio required 
to minimise cracking. Therefore use low carbon fillers and 
low carbon materials. 


Solidification cracking occurs in austenitic stainless steels 
because the austenitic grain structure is intolerant to 
contaminants such as sulphur or phosphorus between the 
grains in the weld metal. A high level of these contaminants 
can cause the weld to crack. 

This cracking can be avoided by making the weld metal 
about 5% ferrite because the ferrite structure is more 
accommodating to contaminants. Weld metal can be 
partially ferrite by the addition of a filler metal chosen 
using a Schaeffler diagram. It is worth noting that although 
austenitic stainless steel is non-magnetic the weld metal may 
be found to be slightly magnetic due to the slight ferrite 
content. 

In welds with a large depth/width ratio (usually in excess of 
around 2:3) the centre of the weld is the last place to cool and 
therefore contains large columnar-shaped grains at this 
point. These grains impinge on each other as they form 
from both directions within the weld, leading to voids 
forming in the centre of the weld that cannot be filled with 
the molten filler being added from above. These voids 
weaken the weld metal, which is then subjected to severe 
contraction stresses caused by the shrinkage of the large weld 
metal volume, producing a centreline crack. Processes with 
deep penetration or large deposition rates such as SAW are 
particularly susceptible to this type of failure. 
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Reheat cracking 

Reheat cracking occurs primarily in the HAZ of thick-section 
high strength low alloy (HSLA) steels, 300 series stainless 
steels and nickel-based alloys. During PWHT or elevated 
service temperatures intergranular cracking can occur due to 
stress relaxation in coarse grained regions under high 
restraint or residual stresses. The failure normally initiates 
at a stress concentration such as a notch or change in cross- 
section. Reheat cracking can be avoided by: 


e adequate preheating to reduce the stress levels in the HAZ; 

e using joint designs that require less restraint during 
welding in thick sections; 

e removing stress concentrations caused by sharp changes in 
cross-section, such as sharp undercut, mechanical damage 
and poorly blended weld toes. 


Lamellar tearing 

Lamellar tearing occurs mainly in thick-section T-joints and 
closed corner joints in carbon and carbon manganese steels 
with a high sulphur content and/or high levels of restraint. It 
does not occur in cast or forged steels; only in rolled plate. It 
has the appearance of a ‘steplike’ crack (Fig. 7.2) and occurs 
in wrought (rolled) plates due to a combination of: 


e contraction stresses from the cooling weld acting through 
the parent plate thickness plus 


Weld Lamellar tear 


T butt joint Closed corner joint 


Figure 7.2 Lamellar tearing 


93 


Woodhead Publishing Ltd — A Quick Guide to Welding and Weld Inspection 
Data Standards Ltd, Frome, Somerset — 17/9/200907QG Welding chap7.3d Page 93 of 107 


A Quick Guide to Welding and Weld Inspection 


Use an open corner joint 
instead of a closed corner. 
The shrinkage stresses are 
now in the rolling 
direction 


Figure 7.3 Change of joint design 


e poor through-thickness ductility due to impurities in the 
steel (such as sulphides, sulphur, microinclusions and 
small laminations). 


The main ways to avoid lamellar tearing occurring are to: 


e Change the joint design (Fig. 7.3) to reduce the stress level 
across the rolling direction (through the thickness). 
Cracking does not occur when contractional stresses are 
in the rolling direction. You can relate this to a plank of 
wood where the grain is running down the length. If you 
apply a load in the grain direction then the wood is very 
strong. Apply a load across the grain, however, and the 
wood fractures more easily. 

e Use a buttering layer around the joint. A buttering layer 
(Fig. 7.4) can be applied using a more ductile filler 


Buttering 
layer 
Figure 7.4 Weld buttering layer 
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desired, to reduce the width of the entrance slit 28 ap- 
preciably, and thereby reduce the lateral spread in initial 
ion position, A suitable entrance slit width may be 
0.015 inch. The collector or exit slit 29 is made some- 
what larger, e.g., 0.040 inch, so that the beam of pre- 
ferred ions may still impinge on the collector electrode 
30 despite any residual angular deviation effect and the 
- small energy spread for preferred ions entering at 45°. 
The resolution, in general, of the collector 10 is a func- 
tion of the ratio of the entrance slit width to the distance 
between the slits 28 and 29. - S 

It will be apparent that the significant functional por- 
tion of the exit slit 29 is the inner edge 29a thereof. For 
example, the base plate 26 could terminate at 29a; and 
the outer edge, 29b, of the slit could be omitted. in 
general, however, it is desirable to use an actual slit and 
thereby maintain a more nearly undisturbed deflection 
field in the exit slit region. | . 

It will be apparent also that in a mass spectromeier 
where the analyzer section decelerates the selected ions 
instead of accelerating them, the collector of the inven- 
tion may also be useful in certain cases. The exit slit or 
exit slit edge of the collector in this case is positioned to 
select ions of minimum, rather than maximum, energy. 

Although 1 have disclosed an exemplary embodiment 
of my invention herein for purposes of illustration, it 
will be understood that various changes, modifications 
and substitutions may be incorporated in such embodi- 
ment without departing from the spirit of the invention 
as defined by the claims hereinafter appearing. 

I claim as my invention: 

- 1. In an ion collector for an ion sorting device com- 
prising an ion source and analyzer means for imparting 
maximum energy to selected ions of a particular charge- 
to-mass. ratio emitted from said source relative to non- 
selected ions emitted therefrom; the combination of: 
means providing a substantially uniform electrostatic de- 
flecting field; means for admitting a beam of ions from 
said analyzer means to said field at a mean inclination of 
substantially 45° to the equipotential planes of said field 


Rr 


10 


15 


20 


and at an initial position in a plane of low field potential, 


the ions of said beam executing varying trajectories in 
said field and returning to terminal positions in a plane 
of substantially the same low field potential, said selected 
ions attaining a particular, maximum range greater than 
the range executed by said non-selected ions; means ad- 
jacent the terminal position of said maximum range for 
intercepting ions executing ranges shorter than said maxi- 


“mum by more than a predetermined small amount; and 


collecting electrode means adjacent said intercepting 
means for coliecting substantially only said selected ions. 

2. An ion collector as defined in claim 1 wherein said 
means providing said deflecting field comprises a pair of 
spaced, parallel electrodes and means for maintaining 
said electrodes at different electrode potentials, respec- 
tively, said ion admitting means including an ion en- 
trance aperture in that electrode of said electrode pair 
which is at the lower of said electrode potentials. - 

3. An ion collector as defined in claim 2 wherein said 
ion intercepting means comprises an ion intercepting edge 
of said lower-potential electrode. | 

4, An ion collector as defined in claim 3 wherein said 


ion intercepting edge comprises an edge of an ion exit 


30 


40 


aperture located in said lower-potential electrode and 
spaced from said ion entrance aperture. 

5. An ion collector as defined in claim 4 wherein said 
collecting electrode means is located external to the space 
defined by said electrodes and adjacent to said ion exit 
aperture. | | 


. | | References Cited in the file of this patent 
UNITED STATES PATENTS 


2,633,539 Altar _--.--.._.--..-.- Mar. 31, 1953 
2,660,677 Niet sti Nov. 24, 1953 
2,769,093 Hare et al. mm Oct. 30, 1956 
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to rolling direction 
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welds 
Figure 7.5 Use of pre-formed T joint 


material. This allows plastic strain to be absorbed within 
the buttering layer and so reduce the contractional stress 
through the parent material thickness. 

e Reduce restraints to reduce the restraint stress. This can be 
done by offsetting the parent material instead of using jigs 
or fixtures that reduce distortion but increase the restraint 
stress. 

e Use pre-formed T joints (Fig. 7.5) which are then joined 
with butt welds. The butt welds can be designed to reduce 
the through-thickness stress by keeping most of the 
shrinkage stresses in the rolling direction. 

e Pre-heat on the base material. Pre-heat will retard the 
cooling rate, reducing both the shrinkage stress and 
hardness of the base material. The reduction in hardness 
will decrease the risk of fracture in the material. 

e Use material that has been STRA tested. STRA stands for 
short transverse reduction in area test. This is a tensile test 
for material that checks for ductility in the through- 
thickness (short transverse) direction. The greater the 
ductility, the less chance there is of lamellar tearing 
occurring. A measure of the ductility is the %E (% 
elongation) or %A (% reduction in area) properties of the 
base material. 
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structure showing reduced Cr in grain 


Figure 7.6 Grain depletion 
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Weld decay 

Weld decay is a form of intergranular corrosion that occurs 
in the HAZ of unstabilised stainless steels. Within the 
temperature range of around 600—850 °C chromium comes 
out of solution (Fig. 7.6) to join with free carbon and form 
chromium carbides. The chromium was in the grain to help 
prevent corrosion so corrosion can now occur where it has 
been depleted. Once this chromium depletion occurs the 
depleted area is said to be sensitised (meaning it is susceptible 
to corrosion) and will corrode in the presence of an 
electrolyte. The critical region is usually in the HAZ parallel 
to the weld toes (Fig. 7.7) and once the area is sensitised, 
corrosion can lead to rapid failure. Weld decay can be 
avoided by: 


e Using low carbon grade stainless steels. These steels have 
less carbon available to form chromium carbides. 
Reducing the carbon content also reduces the tensile 
strength, however, so 304L is used instead of 304 and 316L 
instead of 316. The L indicates low carbon grade stainless 
steel which may contain about 0.3% carbon rather than 
0.8% carbon. 

e Using stabilised stainless steels instead of unstabilised 
grades. To prevent the loss of strength associated with 
using low carbon grades of stainless steels, stabilised 
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Weld decay 
Figure 7.7 Weld decay 
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stainless steel grades such as 321 or 347 are used. These 
have stabilisers such as titanium (321) or niobium (347) 
added. The titanium and niobium are stronger carbide 
formers than chromium and form titanium carbide and 
niobium carbide thereby leaving the chromium in the 
grain. 

Quench cooling. Austenitic stainless steel is not hardened 
by quenching and is not generally susceptible to hydrogen 
cracking so cooling rapidly to reduce the time in the 
critical heat range can be done without detrimental effects. 
Keeping heat inputs and interpass temperatures low. These 
actions reduce the time that the material is held in the 
critical temperature range. 

Solution heat treatment after welding. This involves heating 
to around 1100 °C and quenching, which will dissolve the 
chromium carbides and restore the chromium to the grain. 
Do not carry out this procedure without consulting a 
metallurgist for advice because other problems can be 
induced in the material if you get the temperatures/timing 
wrong. Also, be aware that a major disadvantage of this 
method is the high level of distortion it causes. 


Porosity 

Porosity (Fig. 7.8) is the entrapment of gases (H2, O», No, 
etc.) within the solidifying weld metal. Causes of porosity 
include: 


Loss of gas shield. Nitrogen and oxygen contamination 
result from poor gas shielding. As little as 1% air 
entrainment in the shielding gas will cause porosity. 
Draughts, leaks in the gas hose or incorrect gas flow 
rates are frequent causes of porosity. 

Damp electrodes or fluxes. Hydrogen can originate from 
moisture in insufficiently dried electrodes and fluxes. 

Arc length too large. 

Damaged electrode flux. 

Moisture or contamination on the parent material or 
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Cluster porosity 
(surface breaking) 


Cluster porosity 


(internal) 


Figure 7.8 Porosity 
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Figure 7.9 Solid inclusions 


Slag inclusions 
(surface breaking) 
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consumables. Moisture, grease, paint or oil on the 
material surface or filler wire are common sources of 
hydrogen leading to porosity. 


Solid inclusions 

Solid inclusions (Fig. 7.9) can be metallic (i.e. tungsten, 
copper, etc.) or non-metallic (i.e. slag) and are formed within 
the weld metal. Causes of solid inclusions include: 


e inadequate cleaning of slag originating from the welding 
flux; 

e inadequate removal of silica inclusions in ferritic steels 
during MAG or TIG welding; 

e touching the tungsten to the weld pool during TIG 
welding; 

e the melting of the copper contact tube into the weld pool 
during MIG/MAG welding. 


Lack of fusion 
Lack of fusion (Fig. 7.10) is weld metal not correctly fused to 
the parent material or the previous weld bead. Causes of lack 
of fusion include: 


e incorrect joint preparation (narrow root gap, large root 
face); 

e incorrect welding parameters (current too low); 

e poor welder technique (incorrect electrode tilt or slope 
angles); 

e magnetic arc blow; 


Lack of inter-run fusion 


Lack of . Lack of root 


sidewall fusion fusion 


Figure 7.10 Lack of fusion 


101 


Woodhead Publishing Ltd — A Quick Guide to Welding and Weld Inspection 
Data Standards Ltd, Frome, Somerset — 17/9/200907QG Welding chap7.3d Page 101 of 107 


A Quick Guide to Welding and Weld Inspection 


Incomplete penetration 
(both edges are unfused) 


Figure 7.11 Incomplete root penetration 


e poor surface cleaning. 


Incomplete root penetration 

Incomplete root penetration (Fig. 7.11) 1s where both edges 
of the root faces are not fused. Causes of incomplete 
penetration include: 


e incorrect joint preparation (narrow root gap, large root 
face); 

e incorrect welding parameters (current too low); 

e poor welder technique (incorrect electrode tilt or slope 
angles); 

e magnetic arc blow; 

e poor surface cleaning. 


Root concavity 

Root concavity (Fig. 7.12) is a groove in the root of a butt 
weld, but with both edges correctly fused. It is sometimes 
referred to as ‘suck back’. Causes of root concavity include: 


l 


Root concavity 
(both edges are fused) 


Figure 7.12 Root concavity 
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Penetration excess to | 
code requirement 


Figure 7.13 Excessive root penetration 


e the root face or root gap too large; 

e excessive purge pressure being applied when welding using 
the TIG process; 

e excessive root bead grinding before the application of the 
second weld pass. 


Excessive root penetration 

A protruding penetration bead is classed as excess penetra- 
tion because it is excess to requirements and does not 
contribute to the weld strength. If the level of root 
penetration is in excess of the design code acceptance criteria 
it is then classed as excessive penetration (Fig. 7.13). Do not 
confuse excess penetration (which may be acceptable to code 
requirements) with excessive penetration (which by definition 
is not acceptable to code requirements). Causes of excess/ 
excessive penetration include: 


e root faces too small; 

e root gaps too large; 

e excessive current leading to deeper than expected penetra- 
tion; 

e electrode travel speed too slow. 


Overlap 
Overlap (Fig. 7.14) is filler metal lying on the surface of the 
parent metal but not fused to it. Causes of overlap include: 


e incorrect travel speed; 
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Overlap Overlap 


Figure 7.14 Overlap 


e incorrect welding technique; 
e current too low. 


Underfill 

Underfill (Fig. 7.15) is the term given to a joint that has not 
been completely filled to the parent metal surface but the 
edges of the joint have been fused. Causes of underfill 
include: 


e too small an electrode being used; 
e too few weld runs; 
e poor welder technique. 


Undercut 

Undercut (Fig. 7.16) is an unfilled groove left at the toe of the 
weld following melting of the parent material. It can also be 
found in previously deposited weld metal. The problem with 
undercut is that it causes a reduction in material thickness 
and is a stress concentration from which failures such as 


Underfill (both 
edges are fused) 


Figure 7.15 Underfill 
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28th June 2013 FM Crystal Radio 


Build a battery free FM crystal radio using 1mm silver plated copper wire 


ot 


[http://2.bp.blogspot.com/-Ly TLmJOD5ao0/Uc2SwAO- 
O2/AAAAAAAABL4/¡kHYmvlimcE/s1600/IMG_2535.JPG] 


This FM radio runs without battery and you can listen to FM radio by just 


http: //billydiy.blogspot.com/2013/06/fm-crystal-radio.html 


1/6 


Fracture Modes and Welding Defects 


Undercut 


"A 


Undercut 


Figure 7.16 Undercut 


fatigue fracture can propagate. Undercut is normally 
assessed by length, depth and profile (sharp or smooth) 
with acceptance specified by the design code. Causes of 
undercut include: 


excessive amps/volts; 
excessive travel speed; 
incorrect electrode angle; 
incorrect welding technique; 
electrode too large. 


Crater pipe 

A crater pipe results from shrinkage of the weld pool on 
solidification. It is usually caused by switching off a high 
welding current or breaking the arc resulting in the rapid 
solidification of a large weld pool. It can be effectively 
prevented when using the TIG process by progressively 
reducing the welding current (using a slope-down control) to 
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reduce the weld pool size before breaking the arc and/or by 
adding filler to compensate for the weld pool shrinkage. 
Other processes may require run-off plates to be used at the 
end of weld runs or special techniques to be utilised to reduce 
the effects of breaking the arc too quickly. 


Burn-through 
Burn-through is a localised collapse of the weld pool during 
the root run indicated by excessive root penetration or an 
irregular cavity in the root bead. It is normally assessed on 
radiographs by looking at the density. Causes of burn- 
through include: 


e excessive welding current; 

e having a small or uneven root face; 
e having a large or uneven root gap; 
e using too slow a travel speed. 


Root oxidation 

Root oxidation (sometimes referred to as “coking”) is most 
common when welding stainless steels and leaves a blackened 
poorly fused root. It is caused by insufficient back purging 
gas. 


Arc strike 

An arc strike (or stray flash) is accidental arcing on to the 
parent material. This can lead to cracking on crack-sensitive 
materials due to the fast quenching of the arc strike, causing 
localised hardened regions. These hardened regions are 
susceptible to brittle fracture. They can also cause stress 
concentrations leading to in-service failures such as fatigue 
fractures. Arc strikes caused by poorly insulated cables or 
loose earth clamps may introduce copper or other dissimilar 
materials into the weldment, causing liquation cracking or 
other contamination problems. Arc strikes on susceptible 
materials require removal and PT or MT to ensure no 
cracking is present. 
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Spatter 

Spatter is molten globules of consumable electrode that are 
ejected from the weld and quench quickly wherever they land 
on the weldment. They can therefore cause cracking on 
susceptible materials so they should be removed and then the 
area tested with PT or MT. Other problems caused by spatter 
include prevention of UT (because UT needs a smooth 
surface for the probes), unwanted retention of penetrant 
during PT and problems with paint retention. Causes of 
spatter include: 


excessive current; 

damp electrodes; 

surface contamination from oil, paint, moisture or grease; 
incorrect wire feed speed during MAG welding. 


Magnetic arc blow 

Magnetic arc blow is an uncontrolled deflection of the 
welding arc due to magnetism. This causes defects such as 
lack of root fusion or lack of sidewall fusion. Causes of 
magnetic arc blow include: 


e deflection of the arc by the Earth’s magnetic field (can 
occur in pipelines); 

e poor position of the current return cable (the magnetic 
field surrounding the welding arc interacts with the current 
flow in the material to the current return cable and is 
sufficient to deflect the arc); 

e residual magnetism in the material causing distortion of 
the magnetic field produced by the arc current. 


Some methods of avoiding arc blow are: 


e welding towards or away from the clamp; 
e using a.c. instead of d.c.; 
e demagnetising the steel before welding. 
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Codes, Standards and Documentation 


Codes and standards 
Reference is often made in books (including this one) and 
quality documentation to “compliance with the relevant 
specification, code or standard” but a common question is 
‘what is the difference (if any) between them?’ Unfortunately 
there is no universally agreed definition of what specifically 
constitutes a code or standard but the following loose 
definitions are acceptable. 
A code is generally: 


e A set of rules that must be followed when providing a 
specific product or service. 


A standard may: 


e refer to standard procedures such as examinations and 
tests of materials and personnel; 

e bea specification for a material or manufactured product 
and may either be written by companies for internal use or 
by national and international bodies for public use; 

e be a document referred to by a code and contain optional 
or mandatory manufacturing, testing or measurement 
data. For example, a pressure vessel will be manufactured 
to a code using materials meeting the quality levels 
contained in a standard. In reality it is often not that 
simple because many standards are actually codes in all 
but name. 


A code of practice is normally legally binding and contains all 
the rules required to design, build and test a specific product. 
Compliance with the ASME Boiler and Pressure Vessel 
(BPV) code, for example, is a legal requirement in most states 
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of the USA and pressure vessels manufactured in accordance 
with Section VIII of the BPV code must comply with all 
aspects of the code before they can have the ASME stamp 
applied to them. 

Conversely, compliance with the European unfired pres- 
sure vessel standard BS EN 13445 is not a legal requirement 
in the UK (unless it is a contractual requirement) but is the 
British equivalent to Section VIII of the BPV code (and is 
therefore realistically also a code). 

The term code of practice (or code) is often used by ASME 
and API, or by individual companies or organisations for 
their own applications, but the term is not normally used by 
the British and European standards organisations. The term 
application standard is often used to describe a construction 
standard in the UK. The best way to look at this is to accept 
that the construction document may be called a code, an 
application standard, recommended practice or specification 
depending upon its country of origin and/or the organisation 
that released it and the inspector’s job is to ensure the 
required compliance with it. 

When all is said and done, a standard or code is a 
document of best practice that contains the lessons learned 
over time about the best method of manufacturing a product 
to meet an acceptable level of quality. Generally the higher 
the level of quality required then the more stringent the code/ 
standard will be in terms of: 


design; 

the manufacturing method; 
acceptable materials; 
workmanship; 

testing requirements; 
acceptable imperfection levels. 


Be aware that codes generally do not contain all the relevant 
data required for the design, manufacture, testing and 
inspection but will reference other standards and documents 
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as required. Common construction code/application stan- 
dards covering vessels, piping and pipelines are as follows: 


e ASME VIII: Rules for Construction of Pressure Vessels 
One of the major construction codes used throughout the 
world is the ASME Boiler and Pressure Vessel (BPV) 
code. It is divided into 12 different sections, but when 
referring to a section within the ASME BPV code it is 
normal to just preface the section number with ASME. 
Therefore, Section V of the ASME BPV code is normally 
just referred to as ASME V, Section VIII as ASME VIII, 
Section IX as ASME IX and so on. 

e BS EN 13445: Unfired Pressure Vessels 
This is the European harmonised standard for the 
construction of unfired pressure vessels. It superseded BS 
5500 Manufacture of Unfired Pressure Vessels, which had 
such good technical information within it that the BSI 
reissued it as a Published Document (PD 5500) for 
reference purposes. 

e ASME B31.1: Design and construction rules for power 
piping 

e ASME B31.3: Design and construction rules for process 
piping 
These are the two most commonly used piping construc- 
tion codes from the ASME B31 series and are used 
worldwide. 

e BS EN 13480: Metallic Industrial Piping 

e API 1104: Welding of Pipelines and Related Facilities 
This is a very common standard used throughout the 
world for pipeline construction. 

e BS 4515-1:2009: Specification for Welding of Steel 
Pipelines on Land and Offshore 
This is the specification for carbon and carbon manganese 
steel pipelines. 


110 


Woodhead Publishing Ltd — A Quick Guide to Welding and Weld Inspection 
Data Standards Ltd, Frome, Somerset — 17/9/200908QG Welding chap8.3d Page 110 of 124 


Codes, Standards and Documentation 


The PED and UK PER 

The European Pressure Equipment Directive (PED) is a 
directive that specifies the minimum essential safety require- 
ments (ESRs) required for pressure equipment and any 
pressure equipment to be used within the EU must comply 
with these requirements by law. The PED is implemented in 
the UK by means of the UK Pressure Equipment 
Regulations (PERs). 

Do not confuse the PED (a European directive) and PER 
(a UK regulation) with construction standards/codes. They 
are totally different entities. Directives and regulations are 
laws whereas construction codes and standards are normally 
taken to be ‘arbiters of good practice’ or guidelines. A 
manufacturer can choose to build a product following the 
requirements of a code or standard but the final product 
must also comply with the law (directive/regulation). 


European harmonised standards 

European harmonised standards are those that are consid- 
ered to satisfy the relevant essential safety requirements 
(ESRs) specified in European product directives such as the 
Pressure Equipment Directive (PED). Harmonised standards 
contain an appendix Z, which defines which directives and 
ESRs the standard meets. The idea of building to a 
harmonised standard is that it gives a ‘presumption of 
conformity’ with any relevant European directive. Products 
demonstrate their compliance with relevant directives by 
having a CE mark affixed by the manufacturer. Not every 
European standard will necessarily be a harmonised standard 
but it is worth noting that when a European standard is 
released it replaces the relevant competing national standard 
from all the countries making up the EU. 

If pressure equipment is manufactured to a non-harmo- 
nised standard it does not automatically have ‘a presumption 
of conformity’ with the PED and will therefore need to show 
compliance by other means. This usually entails utilising the 
services of a ‘notified body’ (NoBo) to prove conformance. 
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The notified body is an organisation that has been notified to 
the EU as having sufficient knowledge and experience to be 
able to ascertain compliance with the directive. 


NDE standards 
There are many standards dealing with all methods of NDE 
but it is worth being familiar with the following: 


e EN 970: Non-destructive Examination of Fusion Welds — 
Visual Examination 
This European standard covers the visual examination of 
fusion welds in metallic materials. It is normally, but not 
always, performed on welds in the as-welded condition. 

e EN 1206: Non-destructive Examination of Welds — General 
Rules for Metallic Materials 

e ASME V: Non-destructive Examination 
This is actually Section V of the ASME BPV code and 1s 
also specified by other ASME and API codes for their 
NDE requirements. 


European quality system requirements 


e EN 719: Welding Coordination — Tasks and Responsibilities 
Welding is a special process that requires the coordination 
of welding operations in order to establish confidence in 
welding fabrication and reliable performance in service. 
The tasks and responsibilities of personnel need to be 
clearly defined. This standard identifies the quality-related 
responsibilities and tasks included in the coordination of 
welding-related activities. 

e EN 729: Quality Requirements for Welding — Fusion 
Welding of Metallic Materials 
This standard contains guidelines to describe welding 
quality requirements suitable for application by manufac- 
turers and is composed of the following parts: 

o Part 1: Guidelines for selection and use 
o Part 2: Comprehensive quality requirements 
o Part 3: Standard quality requirements 
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o Part 4: Elementary quality requirements 


Welding procedure qualifications 

Welding procedure qualification 1s carried out to prove that a 
welded joint meets the mechanical, metallurgical and physical 
properties required by a code or specification. It also enables 
repeatability by allowing a systematic approach to making 
the welded joint to be recorded and then used by any 
qualified welder or welding operator. The welding procedure 
qualification documents consist of a welding procedure 
specification (WPS) and a procedure qualification record 
(POR). The PQR is also referred to as a welding procedure 
qualification record (WPQR) in the European procedure 
qualification standards. For the purposes of clarity this book 
will use the terms PQR and WPS. 

Common procedure qualification standards are: 


e ASME IX: Welding and Brazing Qualifications 
This specifically details the welding procedure qualifica- 
tion requirements for welding in accordance with the 
ASME BPV code but is also referenced by other American 
standard organisations including API. Although other 
standards will reference ASME IX they may specify 
additional essential variables or procedure qualification 
requirements. 

e EN 288-2: Specification and Approval of Welding 
Procedures for Metallic Materials — Part 2: Welding 
Procedure Specification for Arc Welding 
EN 288-2 is the only remaining part from a series of EN 
288 standards covering welding procedure qualification. 
The other parts have been superseded by EN ISO 15607 
through to EN ISO 15614, which are standards detailing 
the specification and qualification of welding procedures 
for metallic materials with respect to: 

e general rules; 
e guidelines for a metallic materials grouping system; 
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e welding procedure specification for both arc and gas 
welding; 

e qualification based on tested welding consumables; 

e qualification based on previous welding experience; 

e qualification by adoption of a standard welding 
procedure; 

e qualification based on pre-production welding test; 

e welding procedure test: arc and gas welding of steels 
and arc welding of nickel and nickel alloys. 


Procedure qualification record (PQR) 

The PQR is a record of the welding data and variables, which 
were used to weld a test coupon. It also contains the results of 
any NDE and/or mechanical tests carried out on the test 
coupon. Different qualification codes have different require- 
ments but the PQR will contain, as a minimum, the essential 
variables used in the production of the test coupon. In many 
cases the non-essential variables will also be recorded, but 
this is not necessarily a mandatory requirement. 

ASME IX is rather unusual in that it separates the 
toughness requirement of a welded joint from the other 
mechanical property requirements and assigns it a separate 
set of essential variables called supplementary essential 
variables, which are only required when impact testing for 
toughness is carried out and recorded on the PQR. 

Figure 8.1 shows an example blank PQR form which 
contains the requirements recommended by ASME IX. 

Note that the main procedure qualification codes (BSEN/ 
ISO) used within Europe have different requirements to the 
American (ASME/API) codes and they do not fit well 
together. Procedures may have to be separately qualified to 
both codes if production welding is specified to comply with 
both European and American construction codes. 


Welding procedure specification (WPS) 
A WPS contains all the information required by the welder 
or welding operator to produce a production weld that meets 
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placing this close to your window. 
If reception is not good, you can attach an external FM antenna (or with 
antenna amplifier), instead of using the 1.2M radio antenna. 


Parts you will need: 

A Diode that works in high frequency (200Mhz or above, e.g. AA112, 
1N34A, 1N48, Iss86 or Iss106. 

A 0-12 pf AIR Variable capacitor - you can get a 0-22pf one, then remove all 
the copper plates and leave just 4. 

50pf and 180pf fixed ceramic capacitor 

100K 1/4W resistor 

33uH Choke coil. 

Silver platted copper wire 1mm diameter 

1.2meter radio antenna. 

3.9mm mini headphone jack 

A high impedance 4K Ohm earphone or a crystal earphone. 


http://billydiy.blogspot.com/2013/06/fm-crystal-radio.html 
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Codes, Standards and Documentation 


OW 483 POR format 


Company Name_ 


Procedure Qualification Record Ho, 

WES No 

Welding Process es! 

Types (Manual, Automatic, Semi-Auto} __ 


JOINTS (OW 02) 


Groove Design of Tea Coupon 
(For combination qualifications, the deposited weld metal thickness that shall be recorded for cach filler metal or process used) 


BASE METALS ((4W 403) 
Material speg, 
| Type or Grade 


Psa ee |) PN 


| Thickness of test coupon 
| Diameter of tesi coupon 
| Ohhes 


| FILLER METALS (QW A04) 
| SFA Specification 
AWS Classification 
Filler metal F-No ___— — 
Weld Metal Analysis A-Mo 
| Size of Filler Metal 
Diher 


Weld Metal Thickness 


| POSITIONS (W045) 
| Position of Groove 


Welding Progression (1 Iphall, Downhill 


| Other 


| PREHEAT (W106) 
| Preheat Temp. 

| Imterpasa Temp. 

| Cher 


1 GAS (OW fi) 


POSTWELD HEAT TREATMENT (024-407) 
Temperature 

Time 
Other _ 


Percent composition 

Gades) (Mixture) Flow Kate 
Shbelbing 
Trailing 
Backing 


ELECTRICAL CHARACTERISTICS (QW-409) 


Curren 


| Polarity 
| Amps Volts 
Tungsten Ebectrode Size 


| Other 


TECHNIQUE (410) 


| Travel Speed 
| String or Weave Head 


Oscillation 
Multiple or Single Pass (per side) 
Single or Multiple Electrodes 


! Other 


Figure 8.1a PQR example (ASME IX) 


the required mechanical and metallurgical properties. All the 
required essential and non-essential variables will be 
recorded in the WPS forming the instructions to the welder 
(and also to the inspector). The WPS will contain the 
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QW 483 POR (Back) 


TENSILE TEST (QW-150) 


‘Ulimate Ultemare Type of 
Total load Limit Stress Failure de 


TOUGHNESS TESTS (QW-170) 


Specimen Moich Specimen Tesi Drop Weight 
—E— Lenta — "= He Break Be. 
¡A 


Comments 

FILLET WELD TEST (01-180) 
Result - Satisfaciony?: Yes No Penetration into Parent Metal? : Yes, 
Macro — Results | 


OTHER TESTS 
Type of Test _ 


Deposit Analysis 


Ahèr 


Welders Name Clock No Stamp No 
Tesis conducted by: Laboratory Tesi No- 


We certify that ihe satemena in thie record are correct and that the tests welda were prepared, welded, and 
tested in accordance with the requirements of Section IX of the ASME Code. 


Manufacturer 
Date By 


(Detail of record of tests are illustrative only and may be modified to conform to the type and] 
number of tests required by the Code.) 


Figure 8.1b PQR example (ASME IX) 


qualified range of a variable based on the actual value, 
recorded in the PQR, which was used to weld the test 
coupon. The qualified range of a variable specified in the 
WPS is known as the ‘range of approval’ or ‘extent of 
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ASME IX QW 482 WPS format 


Company Name By : 
Welling Procedure Specification No Dime Supporting POR No 
Revision Ho Date 


Welling Procesales) Twpels) 


iomaj, Maraal, machos ar Semi Alone 


JOINTS (W402) 
Details 
Joint Design _ 
Backing (Wes) [Ao] 
Backing Material (Type) 
Heber ho both backing and retainers 


Metal Nonfusing Metal 
Nonmetallic Other 


Sketches, Production Drawings, Weld Symbols or Written Desorption should show the general arrangement of the 
parts to be welded. Where applicable, ihe root spacing and the details of weld groove may be specified At the 
opiion of the manufacturer, sketches may be attached to illustrate joint design, weld layers and bead sequence, eg 
for notch toughness procedures, for multiple process procedures ete 


BASE METALS (i) Wiis) 


P-Mo, Group Ma, to P-Pio, Group Na, 
OR 

Specification type and grade 

to 

Specification type and grade 
OR 

Chemical Analysis and Mechanical properties 

10 

Chemical A maly ss and Mechanical properties i 


Mickness Range: 
Base Metal: Groove _Filbet_ 


‘Other 


FILLER METALS (QW 404) Coch base metal-filler metal c 
Spec. Ho (SFA) 

AWS No Class) 

F No 

P a] 

Size of filler metals 

Weld Metal 

Thickness range 


binata should be recorded indivi lly 


Lirit 

Fillet 
Eletvirode- Flux (Class) 
Flux Trade Name 
Consumable Insert 
Uiher 


O A ee 


Figure 8.2a WPS example (ASME IX) 
approval’. Figure 8.2 shows an example blank WPS form 
that contains the requirements recommended by ASME IX. 


Welder qualifications 
A welder is qualified by welding a test coupon in accordance 
with an approved welding procedure. The main purpose of 
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ASME IX QW 482 (Back) 


WES No Rev 
POSITIONS (PW 4085) POSTWELD HEAT TREATMENT (0Y 407) 
Positicnd of Groove Temperature Range 

Welding Progression: Lp Down Time Range 

Postion(s) of Fillet 


CAS (CW is) 
PREHEAT (0-406) Percent compostion 
Castes) (Misture) Flow Kate 
Preheat Temp. Min Shichiing 
Interpass Temp, Max Trailing _ 
Preheat Maintenance Backing 
dh 


ELECTRICAL CHARACTERISTICS (QW-409) 

Current AC or DE _ Polarity 

Amps {Range} __ = o= Volts (Ramey _ 

(Amps and volts range should be recorded for cach electrode sizeposition, amd thickness, ete. ihis 
information may be listed in a tabular form similar to that shown below) 


Tungsten Electrode Size and Type 
(Pure Tungsten, 2% Thonated, eie) 


Mode of Metal Transfer for GMAW Pe RT eT Se A 
(Spray arc, short croata, gici 


Electrode Wire feed speed range 


TECHNIQUE (QWA10) 

Sinng or Weave Bead 

Orifice or Gas Cup Sie _—_—_ č  çčć _ 
Initial and Interpass Cleaning (Brushing, Grinding, ete) 
Method of Back Gouging _ 

(Cscillation l = 

Contact Tube to Work Distance 

Multiple or Single Pasa (per side) 

Multiple or Single Electrodes 

Travel Speed (Range) 

Peening 

Other 


Current Other 
| (remarks, commenis. 
hot wire addition, 
Type Amp technique, torch angl 
Layens] | Process _| Diameter | Polarity | Range | = etc) 


Figure 8.2b WPS example (ASME IX) 


this qualification test is to prove that the welder has the 
knowledge, skill and dexterity necessary to produce a weld 
that meets the requirements of the relevant standard or 
specification. 

Welder qualification testing is generally the responsibility 
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of the manufacturer or contractor but some standards 
require the test to be witnessed by an independent third 
party examiner. One of the duties of a welding inspector 1s to 
oversee a welder qualification test being carried out and 
ensure that it is being done in compliance with the 
requirements of the relevant code or specification. 

A common question asked is whether a welder who welds a 
test coupon to qualify a new welding procedure is 
automatically qualified to weld that procedure (even though 
the coupon has in effect been welded using an unqualified 
procedure). If not, it means that the welder would have to 
weld to the procedure once it was qualified to gain the 
qualification. The answer is very simple; it depends on what 
the standard says. European standards will normally permit 
this but others may not. 

It is important to be aware of the differences between 
standards in how welders are qualified. The two main 
standards are ASME IX and BSEN 287. Many fabricators 
require their welders to be qualified to both if they are 
required to comply with the requirements of ASME and the 
requirements of European directives such as the Pressure 
Equipment Directive (PED). The ideal situation would be to 
qualify welders to both standards on the same form using the 
same test coupon, but unfortunately this is not possible 
because the qualified thickness ranges, pipe diameters and the 
non-destructive testing and destructive testing requirements 
are different. It is therefore better to qualify the welder 
separately to each standard and apply the relevant qualifica- 
tion in production. 

Common welder qualification standards are: 


e ASME IX: Welding and Brazing Qualifications 
Article II contains welder qualification requirements for 
welding done in accordance with ASME or API require- 
ments. Requirements may also be referenced within other 


standards or specifications. 
e EN 287-1:2004: Approval Testing of Welders — Fusion 
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Welding of Steels 
This is the welder qualification standard used within 
Europe for fusion welding steels in accordance with 
European standards. 

e EN ISO 9606: Approval Testing of Welders — Fusion 
Welding 
This is the welder qualification standard used within 
Europe for fusion welding of materials other than steels in 
accordance with European standards. EN ISO 9606 1s 
divided into Parts 2 to 5 covering aluminium, copper, 
nickel, titanium, zirconium and their respective alloys. 
There is no Part 1 because agreement could not be reached 
for EN 287-1 to be replaced by it. 


Figure 8.3 shows the suggested welder qualification form 
for ASME IX while Fig. 8.4 shows the welder qualification 
form for EN 287-1. An interesting point to note is that the 
ASME IX qualification lasts indefinitely as long as the welder 
is involved in the use of the specified process and the 
manufacturer signs his qualification history to this effect 
every six months. This 1s different to the EN287-1 qualifica- 
tion, which also requires signing every six months but 
normally only lasts for two years (although it can in some 
circumstances be extended for a further two years). 


Essential variables 
Essential variables are those that will affect the mechanical or 
metallurgical properties of a weldment. If they are changed 
outside their qualified range a new procedure has to be 
qualified. The essential variables will be determined by the 
code that is being used so you do not need to guess what they 
are. It is also worth bearing in mind that what is an essential 
variable in one code may very well not be an essential 
variable in another code so it is important to read the code 
requirements closely. 

The essential variables are recorded in the PQR and it is 
from these values that the range (or extent) of approval will 
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QW-484A WELDER PERFORMANCE QUALIFICATION 
See OW-401, Section IX, ASME Boiler and Pressure Vessel Code 
Welder’s Name Identification No 
Test description 
Identification of WPS followed _ i o test coupon O production weld 
Specification of base metals Thickness 


Testing Conditions and Qualification Limits 
Welding variables Actual Values Range Qualified 


Welding processies} 

Type (ic. Manual, semi-auto) used 

Backing (metal, weld metal, double welded etc) 

o Plate. o Pipe (enter diameter if pipe or ube) 

Base metal P- or 5-Xumber to P- or 5-Number 

Filler metal or electrode specification(s) (SFA) (info only) 
Filler metal or electrode classification(s) (info only) 

Filler metal F-Number(s} 

Consumable insert (GTAW or PAW) 

Filler type (solid'metal, fux cored! powder) 

Deposit thickness for cach process 

Process | _ _ Slayers minimum? o Yes o No 
Process 2 3 layers minimum? o Yes o No 
Position qualified (26, 06, 3F etc) 

Vertical progression (uphill or downhill) 

Type of fuel gas (OFW) 

Inert gas backing (OTAW, PAW, GMAW) 

Transfer modelsprav'plobular or pulse to short circuit-(iMAW) 
GTAW current type/polarity (AC, DCEP, DCEN) 


RESULTS 


Visual examination of completed weld 

OBendtest O Transverse root and face (462.3a) O Longitudinal root and face (462.36) © Side 462.2 
o Pipe bend specimen — corrosión resistant overlay D Plate bend specimen — corrosión resistant overlay 

o Macro test for fusion (CW-462,5b) o Macro test for fusion ((W-462 56] 


Alternative radiographic examination (QW-191) 

Fillet weld — fracture test (QW-180). ; A Length and percent of defects f 
Micro examination (QW-184) Fillet size (in) x Concavity/convextty {in} 
Other tests _ 

Film or specimens evaluated by Company 
Mechanical tests conducted by _ Laboratory test mo. 
Welding supervised by _ 


We certify that ihe statements in this record are correct andihat the test coupons were prepared, welded and 
tested in accordance with the requirements of Section IX ofthe ASME Boiler and Pressure Vessel Code 


Organisation 


By 


Figure 8.3 WPQ form (ASME IX) 


be determined and recorded on the WPS. Again, the ranges 
will be specified by the code. 


Non-essential variables 

Non-essential variables are those that do not affect the 
mechanical or metallurgical properties of a weldment. If 
changed outside their qualified range a new procedure will 
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Annex A 
(informative) 


Welder’s qualification test certificate 


Desigrationds i: 


WPS — Reference: Examiner or examining body — Reference No ........ 


Welders Mame: 
Identification: 


Method of identification: 
Date and place of birth: Photograph 
Employer: (if required) 


Code Testing Standard: 


Job knowledge: Acceptable Mot tested (delete as necessary) 


Range of qualification È 


Welding processies) 
Product type (plate or pipe) 
Type of weld 
Material groupis) 
Welding consumable ( Designation) 
Shielding gas 
Auxiliaries (e.g. backing gas) 
Material thickness {mmi} 
Outside pipe diameter {mm} 
Welding position 

_ Weld details 


| Type of qualification tests Name of examiner or examining 
Visual testing body 
Radiographic testing Place, date and signature ol 
Fracture test examiner or examining body 
Bend test Date of welding 
Notch tensile test Validity of qualification until: 
Macroscopic examination 


Prolongation for qualification by examiner or examining body for the following 2 years (refer to 9.3) 


[Dae (Sige | Position or title 


Figure 8.4 WPQ form (EN 287-1) 


not be required but the WPS has to be amended to reflect the 
new range before production welding takes place. Non- 
essential variables have to be addressed on the WPS but are 
not necessarily required on the PQR (again, the code will 
specify what is required). 
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PROCEDURE QUALIFICATIONS 
OW-253 
WELDING VARIABLES PROCEDURE SPECIFICATIONS (WPS) 
Shielded Metal Are Welding (SMAW) 


eer PS — 
Paragraph Brief of vaniables Essential Essential Nonessential 
|! |aGroovedesign | | sd X 
Qw-402 | 4 |- Backing | X 
Joins |10 | a Root spacing | | | X 
4-11 | + Retainers _ ee APN X 
-5 [Group Number | | X | 
6 | T limits impact E E ee 
QW-403 Tt limits >8 in (203mm}| xXx | 
Base -8 (eT Qualified | X | | 
Metals | 9 | T pass >! in (13mm) a: -—— 
L1 |a P-No qualified x | 
L13 [9 P-Nos/ano | X | f 
|4 [oF-Number OJ Xx | | 
-5 [e A-Number___ | X | | 


Qw-404 |6 | 5 Diameter O X 
Filler 7 |e Diameter > Vain (6mm) 


Metals a AWS classification |] x >] 
olee ë +i| +x T yý 
33 o AWS classification 
f 5 : = L 
Sl 
i Vertical welding | 
l 


quos Treat 
Preheat len z 

| 
TARE 

Saf Tims | x 
OW-409 | | > Heat mput 
Electrical [4 Ta Current or polarity | 
Characteristics | 8 [e1&Erange | 
qwa oMi wale 

: — | pass/side 


AA] « [Al ad ad Pe 


Legend 
+ Addition > Increase'greater than tu phill «Forehand 2 Change 


= Deletion < Decrease/less than } Downhill + Backhand 
Figure 8.5 Brief of variables for SMAW 


Supplementary essential variables 

These are only found in ASME IX and become essential 
variables when toughness testing is required as part of the 
procedure approval. ASME IX contains tables called the 
‘Brief of Variables’ for most of the common fusion welding 
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processes and these tables specify whether a variable is 
essential, non-essential or supplementary. The “Brief of 
Variables” table does not fully explain what the actual 
variable is but gives direction to the relevant code paragraph 
that does give a full explanation. Figure 8.5 shows the table 
for the SMAW welding process. 
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Chapter 9 


Health and Safety 


Health and Safety at Work Act 

The Health and Safety at Work Act (HASAWA) is a piece of 
legislation that states that your employer has a duty under 
the law to ensure, so far as 1s reasonably practicable, your 
health, safety and welfare at work. In particular, your 
employer must: 


e Assess the risks to your health and safety. 

e Make arrangements for implementing the health and 
safety measures identified as being necessary by the 
assessment. 

e If there are five or more employees, record the significant 
findings of the risk assessment and the arrangements for 
health and safety measures. 

e Make sure that the workplace satisfies health, safety and 
welfare requirements, e.g. for ventilation, temperature, 
lighting, and sanitary, washing and rest facilities. 

e Make sure that work equipment is suitable for its intended 
use, so far as health and safety is concerned, and that it is 
properly maintained and used. 

e Prevent or adequately control exposure to substances that 
may damage your health. 

e Take precautions against danger from flammable or 
explosive hazards, electrical equipment, noise and radia- 
tion. 

e Avoid hazardous manual handling operations, and, where 
they cannot be avoided, reduce the risk of injury. 

e Provide health surveillance as appropriate. 

e Provide free any protective clothing or equipment, where 
risks are not adequately controlled by other means. 


As an employee you have legal duties too. They include: 
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e Taking reasonable care for your own health and safety 
and that of others who may be affected by what you do or 
do not do. 

e Co-operating with your employer on health and safety. 

e Correctly using work items provided by your employer, 
including personal protective equipment, in accordance 
with training or instructions. 

e Not interfering with or misusing anything provided for 
your health, safety or welfare. 


A welding inspector 1s not a Health and Safety Officer but 
must be aware of the dangers associated with welding and 
cutting operations and comply with their legal duty under 
site procedures and/or national legislative requirements (1.e. 
HASAWA) to ensure the safety of themselves and other 
workers. Some dangers will be common to any workplace 
environment and some will be specific to the welding/cutting 
environment. The following sections contain some typical 
dangers associated with an environment where welding and 
cutting operations take place. 


Electrical safety 
When welding, electrical safety practices must be followed 
including identifying all electrical equipment and having it 
tested for electrical safety on a planned basis. Equipment 
must have the correct insulation, be in good condition and be 
suitably earthed. A low voltage 110 V supply should be used 
where appropriate for all power tools and the correct fittings 
and connections must be fitted to the cables and equipment. 
A duty cycle is an important consideration and refers to 
the amount of current that can be safely carried by a 
conductor in a period of time. The time base is normally ten 
minutes and a 60% duty cycle means that the conductor can 
safely carry this current for six minutes in ten and then must 
rest and cool for four minutes. At a 100% duty cycle the 
equipment can carry the current continuously. Generally 
60% and 100% duty cycles are given for welding equipment. 
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An example would be a welding machine that can operate at 
350 amps at a 60% duty cycle but only 300 amps at a 100% 
duty cycle. 

Do not confuse a duty cycle with a welding process’s 
operating factor. They are often confused because both are 
given as a percentage. A process operating factor is multiplied 
by its deposition rate in economic calculations to calculate 
welding costs including process down time. The down time is 
the time when an arc is not struck and no welding is taking 
place. 

Some typical process operating factors are: 


e MMA: 30%; 

e MIG/MAG: 60% (hence the possible confusion with a 
duty cycle); 

e MIG/MAG mechanised/automated: 90%. 


Remember that the operating factor percentage refers to the 
percentage of time that an arc is struck. 


Welding/cutting process safety 
The safety considerations required for cutting and welding 
operations are there to ensure: 


e Suitable ventilation and extraction is in place and 
operating correctly. 

e There are no combustible materials such as oily rags in the 
area. 

e Confined spaces are gas and fume free with gas free 
certificates in place. 

e PPE is worn at all times. 

e Permits to work are in place and complied with. 

e Oil and grease is kept away from oxygen gauges and 
fittings (it can ignite). 

e Fittings with a high copper content are not used with 
acetylene gas systems because explosive copper acetylyde 
can be formed. 
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Personal protective equipment (PPE) 

PPE is defined in the Personal Protective Equipment at Work 
Regulations (1992) as “all equipment (including clothing 
affording protection against the weather) which 1s intended 
to be worn or held by a person at work and which protects 
him against one or more risks to his health or safety”. 
Hearing protection and respiratory protective equipment are 
not covered by these regulations because other regulations 
apply to them, but they do need to be compatible with any 
other PPE provided. The main requirement of the regulations 
is that PPE is to be supplied and used at work wherever there 
are risks to health and safety that cannot be adequately 
controlled in other ways and that it 1s: 


Properly assessed before use to ensure it is suitable. 
Maintained and stored properly. 

Provided with instructions on how to use it safely. 
Used correctly by employees. 


Arc welding can cause injury in many ways so the correct 
PPE protection is essential and includes: 


e Fire retardant overalls to protect skin from burns caused 
by the powerful visible and ultraviolet light emitted. They 
also protect from spatter (globules of burning metal) 
which is thrown out during welding. 

e Gloves to protect hands from burns from hot metal. 

e A welding mask with dark filter where the mask itself can 
afford direct protection from fumes and spatter. The 
correct grade of filter will protect the eyes from the visible 
and ultraviolet (UV) light emitted from the welding arc. 
This UV light can lead to a severe eye irritation called ‘arc 
eye’ (which feels like sand has been thrown into your eyes). 
Any welder who has experienced arc eye will tell you how 
painful it is and how little they would wish to repeat the 
experience. 

e Boots with steel toecaps to protect from falling objects. 
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e Goggles/face mask for eye protection when grinding or 
chipping. 

e Gaiters and spats can give protection from burning metal 
or spatter falling into boots and burning feet. Otherwise, 
ensure overalls are outside boots. 

e A leather apron may be required depending on the process 
used. 

e A welder’s hat is especially useful when performing 
overhead welding. 


Gases and fumes 

Exposure to the dangerous fumes and gases produced by 
welding can lead to many health problems, ranging from 
minor respiratory problems to major respiratory problems 
(such as no longer breathing at all). Metallic fumes (fumes 
containing metal particles) and/or gases can come from 
electrodes, plating or base metals used during the welding 
cycle. Metallic fumes produced from welding cadmium and 
zinc are extremely toxic and can result in death, so the 
importance of removing coatings or plating before welding 
cannot be overemphasised. The use of the correct extraction 
or breathing system is essential to maintain a safe welding 
environment. 

Dangerous gases that may be produced during the welding 
process include ozone, nitrous oxides and phosgene (a form 
of mustard gas caused by the breakdown of some degreasing 
agents in arc light). These gases are all extremely poisonous 
and overexposure can result in death. Other gases used in 
welding cause problems by displacing air or reducing the 
oxygen content and so cause death by asphyxiation or 
suffocation. An example is the use of inert argon gas in a 
confined space; the argon is heavier than air and will sink to 
the bottom of the space and reduce the oxygen content as it 
slowly displaces the air and fills the space from the bottom 
up. Helium, on the other hand, will fill a space from the top 
down. 

Gases such as oxygen or acetylene can build up in a space 
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and then ignite, causing a flash fire or explosion. Oxygen is 
particularly dangerous as 1t has no smell, but will cause a 
flash fire to occur if an ignition source is brought into an 
oxygen-rich atmosphere. In particular, 1f clothing 1s con- 
taminated with oxygen, 1t will catch fire easily and burn very 
fiercely, resulting in severe injury. Even fire-retardant 
clothing will burn if contaminated with oxygen. Also, oxygen 
can cause explosions if used with incompatible materials. In 
particular, oxygen reacts explosively with oil and grease. 

Most gases are stored under high pressure and gas 
cylinders should be stored and used in accordance with 
recognised practices. All fittings such as pressure regulators, 
flashback arrestors, flowmeters, gas hoses, etc., should be 
inspected at regular intervals and maintained in good 
condition. 


COSHH and workplace exposure limits (WEL) 
The Control of Substances Hazardous to Health (COSHH) 
Regulations require employers to prevent exposure to 
substances hazardous to health, if it is reasonably practicable 
to do so. If prevention is not reasonably practicable, the 
employer must adequately control exposure by putting in 
place measures including, in order of priority, one or more of 
the following: 


e Use processes that minimise the amount of material used 
or produced, or equipment that totally encloses the 
process. 

e Control exposure at source (e.g. local exhaust ventilation) 
and reduce the number of employees exposed to a 
minimum, the level and duration of their exposure and 
the quantity of hazardous substances used or produced in 
the workplace. 

e Provide personal protective equipment (PPE), e.g. face 
masks, respirators, protective clothing, but only as a last 
resort and never as a replacement for other control 
measures that are required. 
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Examples of the effects of hazardous substances include: 


e Skin irritation or dermatitis as a result of skin contact. 

e Asthma as a result of developing allergy to substances 
used at work. 

e Losing consciousness as a result of being overcome by 
toxic fumes. 

e Cancer, which may appear long after the exposure to the 
chemical that caused it. 


The Health and Safety Commission (HSC) in the UK has 
established workplace exposure limits (WEL) for a number 
of substances hazardous to health, including fumes or gases 
that may be produced through welding. These limits are 
intended to prevent excessive exposure to the substances by 
keeping exposure below a set limit. A WEL is the maximum 
concentration of an airborne substance, averaged over a 
reference period, to which employees may be exposed by 
inhalation. The WELs are listed in document EH40/2005: 
Workplace Exposure Limits. The reference periods used are 
eight hours for the long term exposure limit (LTEL) and 15 
minutes for the short term exposure limit (STEL). The 
toxicity of a substance can be gauged by the value of the 
exposure limit, so applying good practice will mean actual 
exposures are controlled below the WEL. Advice on applying 
the principles can be found in the COSHH Approved Code of 
Practice (ACOP). Be aware that the values given in 
Guidance Note EH40 can change annually. Table 9.1 
contains examples of substances that may be present in 
welding under certain conditions. 
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Table 9.1 Workplace exposure limits (WELs) 


Fume or gas Long term exposure Short term exposure 
limit (LTEL) (8 hour limit (STEL) (15 
reference period) minute reference 
period) 

Aluminium 4 mg/m? Nil 

(respirable dust) 

Cadmium oxide 0.025 mg/m? 0.05 mg/m* 

fume 

Iron oxide fume 5 mg/m? 10 mg/m? 

(as Fe) 

Ozone Nil 0.4 mg/m*/0.2 ppm 

Phosgene 0.08 mg/m?/ 0.25 mg/m*/ 
0.02 ppm 0.06 ppm 

Argon No WEL value 


Air O2 content 
to be controlled 


Lifting equipment/pressure system requirements 
Many items of site welding equipment will require lifting 
equipment to place them into position for the site welding to 
take place. The correct lifting equipment and practices will 
therefore be required for all slinging and lifting operations. 
Lifting equipment is normally subject to regular inspection in 
accordance with a country's published regulations. In the 
UK the regulations governing lifting equipment and lifting 
operations 1s the Lifting Operations and Lifting Equipment 
Regulations (LOLER), which lays down mandatory inspec- 
tion periods for lifting equipment and accessories ranging 
from strops and shackles to cranes. 

Fixed gas systems in Great Britain are subject to the 
requirements of the Pressure System Safety Regulations 
(PSSR: 2000), which deal with the in-service inspection of 
pressure systems containing a relevant fluid. Gases above 0.5 
barg are included in the relevant fluid classifications. Another 
set of UK regulations that welding equipment will be subject 
to 1s the Provision and Use of Working Equipment Regulations 
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(PUWER), which covers tools and equipment used in the 
workplace. 


Hand tools and grinding machines 

Hand tools must be kept in a safe and serviceable condition 
and only used by persons trained to use them correctly. 
Portable cutting and grinding equipment should have the 
correct disc fitted for cutting or grinding suitable for the 
material in use. Fixed grinding machines should only have 
their wheels changed by a suitably qualified and approved 
person and must always be used in a safe and correct manner. 


Other precautions before welding starts 


e Ensure persons in the area are shielded from welding arcs 
(use screens). 

e Give a warning to persons in close proximity before 
striking an arc. 

e Do not arc weld close to degreasing baths as UV 
decomposes the vapour into a toxic gas. 

e Ensure firefighting equipment is in good order and close to 
hand. 

e Ensure fire sentries (if required) are briefed and in 
position. 


Causes of accidents 
Accidents do not just happen but are usually attributable to 
one of the following: 


e Poor communication (by the spoken or written word). 

e Unfamiliarity (with the equipment, workplace or working 
practices). 

e Just doing something wrong (because you haven’t checked 
if it’s ok to do it). 

e Complacency (you reckon it will be fine — but based on 
what?). 


Do not leave things to chance. If in doubt — check it out. 
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Permit-to-work 

Many companies operate a written permit system for hot 
work. The permit details the work to be carried out, how and 
when it is to be done, and the precautions to be taken. A 
written permit system is likely to result in a higher standard 
of care and supervision and must be adhered to. 


Tanks and drums 

Flammable liquids and vapours such as petrol, diesel, fuel 
oil, paints, solvents, glue, lacquer and cleaning agents are 
found in many places of work. If welding or thermal cutting 
is used on a tank or drum containing a flammable material 
the tank or drum can explode violently. People have been 
killed and seriously injured by such explosions. Tanks and 
drums that are ‘empty’ usually still have residues in the 
bottom, and in seams and crevices. Just a teaspoon of 
flammable liquid in a drum can be enough to cause an 
explosion when heated and turned into vapour. 

You must never weld or thermally cut a drum or tank that 
has contained or may have contained flammable material 
unless you know it has been made safe. If it contains 
flammable material, it will need thorough cleaning or inerting 
(see the HSE guidance note CS15: The Cleaning and Gas 
Freeing of Tanks Containing Flammable Residues). It may be 
safer for a specialist company to carry out the work. If in 
doubt, ask. 
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1/1/2017 FM Crystal Radio | Billy's DIY Dream Shop 


Loop FM Crystal Radio Circuit - http://billydiy.blogspot.hk 


1.2M Antenna 


C2: 50pf Ceramic Capacitor with logs cut down to ¿mm 


1N34A or l5s86 


Li: 8mm diameter Copper Tube - 1 turn - inner diameter - 130mm, opening 50mm 
31: High Impedance 4000 Ohm earphone or Crystal Earphone 


[http://2.bp.blogspot.com/-84ZQcpL- 
¡IDM/Uc2DeEbsVzl/AAAAAAAABLE/vF4um1tHpws/s763/Screen+Shot+2013-06- 
28+at+8.36.46+PM.png] 


http://billydiy.blogspot.com/2013/06/fm-crystal-radio.html 
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44—48 

Hydrogen induced cold 
cracking (HICC) 88-90 
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Lack of fusion 101-102 

Lamellar tearing 93-95 
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lamellar tearing 93-95 
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GETTING STARTED 


Kenneth Vito Zichi 


3018 Moyer Road 
Williamston, MI 48895-9566 


The ABC’s of Propagation 


As children, a lot of us thought of radio as 
a "magic" box. Just by turning a switch, 
voices and music from across the city, or 
state, would come drifting into our room. 
By the time most of us discover shortwave, 
we've outgrown the idea that supernatural 
forces were at work in our radios. Still, we 
remain awestruck at the idea that 
someone in Australia or South Africa 
could whisper into a microphone and we 
could hear it half a world away. 


This decidedly non-supernatural method 
by which radio waves travel from point "A" 
to point "B" is called propagation. It is a 
concept basic to all radio communications. 
And despite popular myth, you do not 
need a Ph.D in physics to understand it. 


Radio is a form of "electromagnetic radia- 
tion." That is a fancy way of saying that 
radio waves have both electrical and 
magnetic properties. If they are energetic 
enough, they can leave the confines of a 
conductor and travel freely through the 
air, a vacuum (like outer space), or other 
similar media. In this way, radio waves act 
much like light, which is another form of 
electromagnetic radiation, albeit higher in 
frequency than radio. In fact, light 
provides a very good analogy for 
explaining how radio waves propagate. 


Types of Propagation 


Like light, radio waves can propagate 
(travel) in several different ways. We’ve 
sketched out some of the most common 
types of propagation, how they work and 
on what band(s) you’re likely to encounter 
them. 


GROUND WAVE 


The most common and reliable way for 
radio waves to travel is called "ground 
wave." This is a form of propagation that is 
common to all radio bands from VLF 
(Very Low Frequency) to radar. Simply 
put, when a radio wave travels directly 
from the transmitting antenna to the 
receiving antenna without bending, 
reflecting, or otherwise being diverted, it 
is traveling by ground wave. 
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Using the light analogy, imagine a light- 
house shining in the distance. So long as 
there is nothing between you and the light 
-- and you are not so far away that the 
curvature of the earth would place the 
lighthouse below the horizon -- you can 
see it. (Sce figure one, wave A). 


You can increase the distance you can see 
the lighthouse by elevating either yourself 
(a receiver) or the light (a transmitter), 
but once these variables are fixed, there is 
a finite distance at which the light will be 
visible because of the earth's curvature. 


Reception distance is therefore limited 
when using this form of propagation. 
However, this limitation is offset by the 
fact that groundwave reception is very 
reliable. Some examples of transmissions 
using ground wave reception are local AM 
and FM broadcasters, police communica- 
tions and CB radio. 


IONOSPHERIC ("Skip") 


Another very common form of propaga- 
tion is ionospheric propagation, which is 


also known as "skip" or "skywave." This 
common phenomenon of long distance 
communications on frequencies between 
.3 and 30 MHz is the result of the bending 
of radio waves in the earth’s ¡onosphere. 


The ionosphere is several regions of 
charged oxygen (and other gases) located 
some 60 and 200 miles above the ground. 
These layers have a number of unique 
properties, not the least is their ability to 
refract radio waves that enter it back 
toward the earth’s surface. 


To use the light analogy again, it is as if 
someone placed a huge mirror in the sky, 
and radio waves, which would ordinarily 
shoot off into space, are re-directed back 
to the earth’s surface. (See figure one, 
wave B.) 


Actually, this analogy is not quite correct 
since the ionosphere refracts radio waves 
and a mirror reflects light. At any rate, if a 
radio wave of the right frequency enters 
the ionosphere, it will be bent back to 
earth. The result is reception of the signal 
hundreds of miles away from the 


Figure One 


Like the light from this lighthouse, 
radio waves travel only in straight 
lines. As a result of the curvature of the 
Earth, they can therefore only travel a 
finite distance (Wave "A”). 

Reception past the horizon can 
take place, but only if the radio waves 
are refracted or reflected off some 
surface, akin to someone in space 
holding amirror to allow you to see the 
lighthouse, as illustrated by wave "B." 


MONITORING TIMES 


Kenneth Vito Zichi 


3018 Moyer Road 
Williamston, MI 48895-9566 


transmitter and well beyond the range 
possible by ground wave propagation. 


Unfortunately, the ionosphere is also 
capable of absorbing or blocking recep- 
tion of radio waves. Depending on the 
density of the ionosphere at a given time, 
the angle of the wave entering the iono- 
sphere, and the frequency of the wave, 
long distance reception will be either 
enhanced or destroyed. 


Too, the gap between where ground wave 
reception ends and the spot where the 
skywave signal hits the earth is also an 
area of non-reception. It is called the skip 
zone and the phenomenon is illustrated in 
figure two, with "S" denoting the skip 
zone. 


Depending on the time of day and solar 
conditions (solar radiation is one of the 
major factors that cause gases in the upper 
atmosphere to ionize and form the iono- 
sphere), different layers of ionized gas of 
varying intensity will be formed. Each 
layer affects radio waves slightly differ- 
ently. 


Lower frequency shortwave signals (eg. 2 
through 9 MHz) will be absorbed if they 


“Ground wave” 
Signal 


Figure Two 
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pass through the ionosphere at low angles 
during the daylight hours. During this part 
of the day, there are more layers to the 
ionosphere and these layers are thicker. 
Thus, during the day, low frequencies do 
not propagate as well as higher frequen- 
cies (eg 11 through 25 MHz). Similarly, at 
night, the ionosphere is thinner and the 
low frequency waves are refracted without 
being absorbed. Then, the higher frequen- 
cies pass freely into space. 


MULTI HOPS 


Radio signals making the journey from 
transmitter to ionosphere to earth are said 
to have completed a "one hop" circuit. 
However, this is not necessarily the end of 
the trip. That same signal can be reflected 
from the earth, back up to the ionosphere 
once again, and down to earth, this time 
even further from the transmitter. If 
conditions are just right, a signal can go all 
the way around the world and double back 
on itself. 


The "multi-hop" circuits do increase 
distances dramatically, but are less than 
single hops since they are subject to the 
uncertainties of the ionosphere more than 
once. 


"S" = the "skip zone": the area between ground wave and sky wave propagation where 
reception of radio signals is difficult at best. 
Drawing is not to scale! Actual distances for ground wave reception on the Earth would be 
about 300 km depending on effective height of transmitter and receiver antennae, not 1/4 of 
the planet’s surface as indicated here! 
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EXOTIC STUFF 


Lastly, there are numerous, less common 
ways that a radio wave can get from point 
A to point B. 


One of these is called sporadic E. If it is 
sufficiently charged, the "E Layer" of the 
ionosphere is capable of refracting 
relatively high frequency radio waves. 
Occasionally, there will be "pockets" of 
highly charged particles within the E layer 
which allows for unusual reception. 


This so called "sporadic E reception" is 
just that: sporadic. It is fairly common 
around local dusk and can boost reception 
of FM and TV signals well beyond their 
intended range. Sporadic E is also most 
common during the late spring and early 
summer in temperate latitudes but it is 
possible at any time of the year. 


Moonbounce is a form of reception that’s 
fascinating but rarely used now that man- 
made satellites populate the skies over 
planet earth. Pioneered by radio amateurs, 
it is a form of propagation in which signals 
are intentionally reflected off the moon’s 
surface and back to earth. 


Tropospheric Ducting is most common at 
relatively high frequencies and affects 
transmissions heard on FM, TV and 
scanners. It results when radio waves 
follow patterns of high and low pressure in 
the atmosphere (much the way weather 
patterns do). It allows for reception of 
signals slightly beyond the range you 
might otherwise expect. 


Lastly, Meteor Scatter is probably one of 
the most unusual forms of propagation. 
Here, radio waves are bounced off the 
ionized trails of meteors. Like sporadic E 
reception, this results from a region of the 
atmosphere becomming supercharged, 
and thus refracting higher frequencies 
than normal back to earth. Reception of 
VHF signals using metero scatter can be 
very brief -- lasting in the order of 
seconds. 


In short, there are a plethora of exotic 
reception techniques, but the ones 
outlined in the first part of this article are 
the ones you are most likely to run into, 
and should aid you in planning your 
listening to best enjoy the hobby. 
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FM Crystal Radios? 


I have heard, even from a physicist, that it is impossible to build FM crystal radios. On the other hand some experimenters 
claim that they have built them. This argument intrigued me to try and build an FM crystal radio, which I have done 
successfully. To my surprise, the result is an astounding performer, pulling in four local stations in Tucson. When 
connected as a receiver to a good sound system the sound fidelity is as good or better than more expensive AM radios. In 
fact, it sounds "high-fidelity". 


This picture shows the Solomon FM Crystal Set in an acrylic display case. I made the set specifically to fit inside this case 
(the case came first). 


My definition of a crystal radio is one that is not powered, except by the radio transmission itself and employs a crystal 
detector. So, 1t should work without any batteries or AC power. An FM crystal receiver must be able to detect and receive 
FM signals well enough to be heard in earphones without any such extra power. 


This FM receiver is an amazing performer. It has crystal clear reception (pun intended), good sensitivity, but only 
fair selectivity. This set was a discovery for me. I started out by designing and building the normal AM sets. Then 
one day while testing the "Mystery" set (see my other web links), to my surprise, in addition to the expected 
panoply of AM stations, I heard a very faint signal that I could not tune out. At first, it seemed too weak to identify. 
When I tuned out all the AM stations, I was astonished to hear the announcement "KiiM FM, 99.5"! This is a 
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country music FM station here in Tucson. It was all over the dial, untunable, but the much louder AM signals 
masked it when they were tuned in. 


I set myself the task of trying to improve the FM reception. I tried some simple circuit modifications that did not 
seem to improve anything. Then I connected a dipole antenna instead of the AM antenna I normally use. Suddenly, 
the FM signal was much clearer, although still weak. By using the audio output and sound system amplifier, I was 
even more amazed that four different FM stations came in loud (or rather medium) and clear. I found that changing 
the telescoping antenna length and position I could tune the stations in and out. They were KRQ, KLPX, KiiM, and 
KHYT all local FM stations with transmitters nearby. Their reception was also affected by the length and position 
of the audio output cable. 


After doing some research, I discovered that there was a physical theory that claimed that FM reception was 
possible and even probable using the same circuit as an AM receiver. The theory is called "slope detection". So, I set 
out to find circuit improvements. A web search yielded little, mostly theory. But there was enough information that 
I thought I could make some modifications to the AM circuits to make them more tunable to FM signals and less 
tunable to AM. Since FM operates at higher frequencies, all I had to do, I thought, was make the coil and caps 
smaller. After much "tinkering" I arrived at the current circuit. 


The circuit looks identical to a classic AM crystal circuit but is even simpler to build. The components were reduced in 
dimension to resonate at higher frequencies. This was done by experimenting with smaller and smaller coils and capacitors. 
The antenna is also much reduced in size (from that of AM) to resonate at higher frequencies (the antenna is crucial). The 
air variable capacitor I used has two trimmers in it which should be adjusted for best reception.I have found that a 
commonly available vernier dial and knob will fit the capacitor nicely. See end of article for a picture of the variable. C3 1s 
a ceramic capacitor of 18 pf, but may be anywhere from 10 to 50pf. A detected FM signal is converted to AM due to an 
effect called slope detection that modulates amplitude. 


This FM Crystal Set works best near the transmitter (I have not tested it beyond about 10 miles). Secondly, the sound level 
is quiet, especially without an amplifier. A quiet room is needed for listening with earphones. One must be willing to move 
the set around to find a location for the best reception of signals. However, in addition to listening with high impedance 
earphones (crystal or otherwise), the set can be connected directly to an audio amplifier's low level magnetic input which 
can then play amplified through a sound system at any volume -- sounds GREAT. In fact, I recommend starting tests with 
the FM crystal set by connecting it to the low-level phono inputs of a receiver or preamplifier. (Nowadays, many receivers 
don't even have a phono input!) That way you can crank up the volume, which makes it more likely to find the FM stations. 
If no signals are detected, I also recommend connecting an external "rabbit ear" antenna or hanging a short wire (12 inches 
Or SO) in various positions next to the internal antenna. The variable length of rabbitt ears can help to tune in stations. 


No additional wiring or antenna is necessary (the antenna is optimized in length for FM.) 
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Out 


L - 4 turns #18 copper or silver wire, 12mm inside diameter, tapped at 2.5 turns 
Ant - 7 inches of #18 bare copper wire 

Cl - 18 pf ceramic capacitor 

C2 - 50 pf air variable capacitor 

D - 1N34 diode or rock crystal 

R - 150K resistor 


The diode is tapped directly to the antenna. The vernier dial fits directly on the tuning capacitor. The antenna parallels the 
perimeter of the acrylic face plate. "Military style" #18 AWG wiring is used without any insulation. It is important to keep 
the components physically close together. The component specifications are the same as in circuit #2. The coil is silver 
rather than copper, but copper does just as well. I think that the contrast of the silver and copper is beautiful. The coil was 
wrapped around a Sharpie Permanent Marker, then slipped off and expanded slightly. The wooden base is made from 
lacquered, polyurethane padouk. 


I consider this set a work of art as well as science and think it 1s the most elegant crystal receiver I have created. I love the 
contrast of the silver coil, the copper antenna, the clear acrylic faceplate, the black vernier dial, the white and 

transparent variable capacitor, and the subtle colorings on the resistor, the diode, and the lucite base. Yet the circuit is so 
ridiculously simple that some will not believe it is possible without building it themselves. No shielding is necessary, and 
there is no problem with hand capacitance. However, the output cable position may affect reception sensitivity. 


Photos of wired circuit 
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A hand is included in this photograph to show scale. Note the military style wiring, diode, and antenna. I wanted the wiring 
to create a modern design similar to a Mondrian painting. Not only is this set beautiful, 1t works! No power and no long 
antenna! It looks like a work of fiction. 
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Is this thing imaginary -- science fiction? Well, imagination did play a part, but it is definitely not science fiction. This shot 
shows the elegance of the FM set best, I think. There 1s only one resistor and one fixed capacitor. 
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The inside of the tuning capacitor and the phono jack/output can be seen here. Can you spot the fixed ceramic capacitor? 
Note the polished edge of the face plate and the reflection in the wooden base. 
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A quarter-inch piece of lucite was fitted under the tuning capacitor to anchor it. Note the two tiny trimmers on the back of 
the tuning capacitor. Brass screws were used to enhance appearance. 
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The vernier dial is large to accomodate ease of tuning, and the vernier makes it easy to separate stations. Two golden 
(brass) wood screws fix the face plate to the base. Holes for the face plate were made with special plastic drills, but 
ordinary drills may be used if drilled very SLOWLY. The knob is removable. 


FM Crystal Circuit #2 
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L - 5 turns AWG#18 bare copper or silver wire, 12mm inside diameter, tapped at 2.5 turns 
D - 1N34 or rock crystal diode 

Cl - 82 pf capacitor 

C2 - 80 pf air variable capacitor 

C3 - 18 pf capacitor 

R - 150K resistor 


The following photographs show the circuit wired with the handmade Saturn Dial. and knob. It is perhaps not as visually 
striking as set No. 1, but 1t works just as well. In fact, this set was the original version. Notice that all the wiring and coil 
are copper. 


http://solomonsmusic.net/FM_CrystalRadio.html 9/12 


10/27/2017 FM Crystal Radio 


The Saturn dial and knob were fashioned from a "doll's head" from Michael's Arts and Crafts, a piece of lucite cut with 
two circle cutters, and a brass paper fastener. The knob is fixed to the tuning capacitor with a small machine screw that fits 
in the hole below the brass fastener. The most difficult part of this was fashioning "Saturn's rings". This must be done very 
carefully and slowly. The inside edge should be cut slightly undersized and then sanded with a drum sander to fit snugly. 
The outside edges can be sanded with fine sandpaper and polished with a plastic polisher. 
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The air variable capacitor may be obtained from Electronix Express at http://www.elexp.com/. Part number 14VCRF10- 
280P. The 80 pf side 1s recommended for the second circuit, contacts 2-3. Contacts 1 and 3 were used for the first circuit 


(SOpf). 


e OSC: 5-59 pf 
e ANT: 5-142 pf 
e OSC and ANT Trimmer 10pf range 
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A Practical Guide to Free-Energy Devices Author: Patrick J. Kelly 


Chapter 7: Aerial Systems 


Note: If you are not at all familiar with basic electronics, you might find it easier to understand this chapter if you 
read chapter 12 first. 


It is generally thought that aerials are not capable of gathering much power. The popular conception is that the only power available is low 
level radio waves from distant radio transmitters, and while it is certainly true that radio waves can be picked up with an aerial, the real 
sources of power are not radio transmitters. 


For example, we will be looking at information from Hermann Plauson and he considered any aerial system of his which did not produce 
more than an excess power of 100 kilowatts, as a “small” system. Thomas Henry Moray demonstrated his system to audiences repeatedly, 
pulling in power levels of up to 50 kilowatts. These power levels are not produced by radio station signals. 


Nikola Tesla’s System. Nikola Tesla produced an aerial device which is worth mentioning. It was patented on May 21st 1901 as an 
“Apparatus for the Utilisation of Radiant Energy”, US Patent number 685,957. 


The device appears simple but Tesla states that the capacitor needs to be “of considerable electrostatic capacity” and he recommends using 
the best quality mica to construct it as described in his 1897 patent No. 577,671. The circuit draws power via an insulated, shiny metal 
plate. The insulation could be spray-on plastic. The larger the plate, the greater the energy pick-up. The higher the plate is elevated, the 
greater the pick-up. 


Insulated Shiny Metal Plate 


Vibrating switch 


%, High-quality 
capacitor 


Transtormer 


— Earth 


+ 


This system of Tesla’s picks up energy day and night. The capacitor gets charged up and a vibrating switch repeatedly discharges the 
capacitor into the step-down transformer. The transformer lowers the voltage and raises the current available and the output is then used 
to power the electrical load. 
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It seems probable that this device operates primarily from static electricity, which some people believe is a manifestation of the zero-point 
energy field. Tesla's equipment might well operate when fed by a motor-driven Wimshurst machine instead of a large aerial plate. Details 
of home-built Wimshurst equipment are available in the book ‘Homemade Lightning’ by R.A. Ford, ISBN 0-07-021528-6. 


However, it should be understood that Tesla described two different forms of energy pick-up. The first is static electricity, picked up from very 
slight interaction of the pick-up plate with the zero-point energy field flowing through it, and the other being pick-up of dynamic radiant 
energy events, typically from lightning strikes. At a casual glance, the average person would not consider lightning as being a viable source 
of energy, but this is not the case as there are about two hundred lightning strikes per second - mainly in the tropics - and what is generally 
not understood is that they are radiant energy events and their effects are felt instantly everywhere on earth as transmissions through the 
zero-point energy field are instantaneous at any distance. To clarify the situation a little more, here are two of Tesla's patents, one on pick-up 
of the static field which Tesla remarks appears to be unlimited in voltage, and one patent on pick-up of dynamic energy. 


This is a slightly re-worded copy of this patent, as some words have changed their meaning since this patent was issued. If you wish to see 
the original, then http://www.freepatentsonline.com will allow you to download a copy without any charge. 


Patent US 685,957 5th November 1901 Inventor: Nikola Tesla 


APPARATUS FOR THE UTILISATION OF RADIANT ENERGY 


To all whom it may concern: 

Be it known that I, Nikola Tesla, a citizen of the Unites States, residing at the borough of Manhattan, in the city, county and State of New 
York, have invented certain new and useful improvements in Apparatus for the Utilisation of Radiant Energy, of which the following is a 
specification, reference being had to the drawings accompanying and forming a part of the same. 


It is well known that certain radiations - such as those of ultra-violet light, cathodic, Roentgen rays, or the like - possess the property of 
charging and discharging conductors of electricity, the discharge being particularly noticeable when the conductor upon which the rays 
impinge is negatively electrified. These radiations are generally considered to be ether vibrations of extremely small wave lengths, and in 
explanation of the phenomena noted, it has been assumed by some authorities that they ionise, or render conducting, the atmosphere 
through which they are propagated. However, my own experiments and observations lead me to conclusions more in accord with the theory 
heretofore advanced by me that sources of such radiant energy throw off with great velocity, minute particles of matter which are strongly 
electrified, and therefore capable of charging an electrical conductor, or, even if not so, may at any rate discharge an electrified conductor, 
either by bodily carrying off its charge or otherwise. 


My present application is based upon a discovery which | have made that when rays or radiations of the above kind are permitted to fall 
upon an insulated conducting-body connected to one of the terminals of a capacitor, while the other terminal of the capacitor is made to 
receive or carry away electricity, a current flows into the capacitor so long as the insulated body is exposed to the rays, and under the 
conditions specified below, an indefinite accumulation of electrical energy in the capacitor takes place. After a suitable time interval during 
which the rays are allowed to act, this energy may manifest itself in a powerful discharge, which may be used for the operation or control of 
mechanical or electrical devices, or rendered useful in many other ways. 


In applying my discovery, | provide a capacitor, preferably of considerable electrostatic capacity, and connect one of its terminals to an 
insulated metal plate or other conducting-body exposed to the rays or streams of radiant matter. It is very important, particularly in view of 
the fact that electrical energy is generally supplied to the capacitor at a very slow rate, to construct the capacitor with the greatest care. | 
prefer to use the best quality of mica as the dielectric, taking every possible precaution in insulating the armatures, so that the instrument 
may withstand great electrical pressures without leaking and may leave no perceptible electrification when discharging instantaneously. In 
practice, | have found that the best results are obtained with capacitors treated in the manner described in Patent 577,671 granted to me on 
23rd February 1897. Obviously, the above precautions should be the more rigorously observed the slower the rate of charging and the 
smaller the time interval during which the energy is allowed to accumulate in the capacitor. The insulated plate or conducting-body should 
present to the rays or streams of matter, as large a surface as is practical, | having ascertained that the amount of energy conveyed to it per 
unit of time is, under otherwise identical conditions, proportional to the area exposed, or nearly so. Furthermore, the surface should be clean 
and preferably highly polished or amalgamated. The second terminal or armature of the capacitor may be connected to one of the poles of a 
battery or other source of electricity, or to any conducting body or object whatever of such properties or so conditioned that by its means, 
electricity of the required sign will be supplied to the terminal. A simple way of supplying positive or negative electricity to the terminal is to 
connect it to an insulated conductor supported at some height in the atmosphere, or to a grounded conductor, the former, as is well known, 
furnishing positive, and the latter negative electricity. As the rays or supposed streams of matter generally convey a positive charge to the 
first terminal of the capacitor mentioned above. | usually connect the second terminal of the capacitor to the ground, this being the most 
convenient way of obtaining negative electricity, dispensing with the necessity of providing an artificial source. In order to use the energy 
collected in the capacitor for any useful purpose, | also connect to the capacitor terminals, a circuit containing an instrument or apparatus 
which it is desired to operate, and another instrument or device for alternately closing and opening the circuit. This latter device can be any 
form of circuit-controller with fixed or moveable parts or electrodes, which may be actuated either by the stored energy or by independent 
means. 


My discovery will be more fully understood from the following description and drawings, where Fig.1 is a diagram showing the general 
arrangement of the apparatus as usually employed. 
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Fig.1 shows the simplest form, in which C is the capacitor, P the insulated plate or conducting-body which is exposed to the rays, and P" 


another plate or conductor which is grounded, all being connected in series as shown. The terminals T and T" of the capacitor C are also 
connected to a circuit which contains a device R which is to be operated, and a circuit-controlling device d as described above. 


The apparatus being arranged as shown, it will be found that when the radiation of the sun, or any other source capable of producing the 
effects described above, fall on plate P, there will be an accumulation of energy in capacitor C. | believe that this phenomenon is best 
explained as follows: The sun, as well as other sources of radiant energy , throws off minute particles of positively electrified matter, which 
striking plate P the capacitor being connected to the ground, which can be considered to be a vast reservoir of negative electricity, a feeble 
current flows continuously into the capacitor, and since these supposed particles are of an inconceivably small radius or curvature, and 
consequently, charged to a very high voltage, this charging of the capacitor may continue as | have actually observed, almost indefinitely, 
even to the point of rupturing the dielectric. If the device d be of such character that it will operate to close the circuit in which it is included 
when the capacitor voltage has reached a certain level, then the accumulated charge will pass through the circuit, operating the receiver R. 


In illustration of this effect, Fig.2 shows the same general arrangement as in Fig.1, and the device d is shown composed of two very thin 
conducting plates t and t' which are free to move and placed very close to each other. The freedom of movement can be either through the 
flexibility of the plates or through the character of their support. To improve their action they should be enclosed in a housing which can have 
the air removed from it. The plates t and t' are connected in series in a working circuit which includes a suitable receiver, which in this 
example is shown as an electromagnet M, a moveable armature a, a spring b, and a ratchet wheel w, provided with a spring-pawl r, which 
is pivoted to armature a as illustrated. When the radiation falls on plate P, a current flows into the capacitor until its voltage causes the 
plates t and t' to be attracted together, closing the circuit and energising the magnet M, causing it to draw down the armature a and cause a 
partial rotation of the ratchet wheel w. When the current flow stops, the armature is retracted by the spring b, without, however, moving the 
wheel w. With the stoppage of the current, the plates t and t' cease to be attracted and separate, thus restoring the circuit to its original 
condition. 


“4 


SOD 
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Fig.3 shows a modified form of apparatus used in connection with an artificial source of radiant energy, which in this case may be an arc 
emitting copious ultra-violet rays. A suitable reflector may be provided for concentrating and directing the radiation. A magnet R and circuit- 
controller d are arranged as in the previous figures, but in this case, instead of performing the whole of the work, the magnet performs the 
task of alternately opening and closing a local circuit, containing a source of current B and a receiving or translating device D. The controller 
d may, if desired, consist of two fixed electrodes separated by a minute air gap or weak dielectric film which breaks down more or less 
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suddenly when a definite voltage difference is reached at the terminals of the capacitor, and returns to its original state when the discharge 
occurs. 


Still another modification is shown in Fig.4, in which S, the source of radiant energy is a special form of Roentgen tube devised by me, 
having only one terminal k, generally of aluminium, in the form of half a sphere, with a plain polished surface on the front side, from which 
the streams are thrown off. It may be excited by attaching it to one of the terminals of any generator with sufficiently high electromotive 
force; but whatever apparatus is used, it is important that the tube has the air inside it removed to a high degree, otherwise it might prove to 
be entirely ineffective. The working, or discharge circuit connected to the terminals T and T" of the capacitor, includes, in this case, the 
primary winding p of a transformer, and a circuit-controller comprised of a fixed terminal or brush t and a moveable terminal t' in the shape 
of a wheel, with conducting and insulating segments, which may be rotated at an arbitrary speed by any suitable means. In inductive relation 
to the primary winding p, is a secondary winding s, usually of a much greater number of turns, to the ends of which is connected a receiver 
R. The terminals of the capacitor being connected as shown, one to an insulated plate P and the other to a grounded plate P". When the 
tube S is excited, rays or streams of matter are emitted from it and these convey a positive charge to the plate P and capacitor terminal T, 
while the capacitor terminal T" is continuously receiving negative electricity from plate P". As already explained, this results in an 
accumulation of electrical energy in the capacitor, and this continues as long as the circuit including the primary winding p is interrupted. 
Whenever the circuit is closed by the rotation of the terminal t', the stored energy is discharged through the primary winding p, giving rise to 
induced currents in the secondary winding s, which operates the receiver R. 


It is clear from what has been stated above, that if the terminal T' is connected to a plate supplying positive instead of negative electricity, 
then the rays should convey negative electricity to plate P. The source S may be any form of Roentgen or Leonard tube, but it is obvious 
from the theory of action that in order to be very effective, the impulses exciting it should be wholly, or mainly of one sign. If ordinary 
symmetrical alternating currents are employed, then provision should be made for allowing the rays to fall on plate P only during those 
periods when they can produce the desired result. Obviously, if the source radiation is stopped or intercepted, or the intensity varied in any 
manner such as periodically interrupting or rhythmically varying the current exciting the source, there will be corresponding changes in the 
action upon the receiver R and thus signals may be transmitted and many other useful effects produced. Further, it will be understood that 
any form of circuit-closer which will respond, or be set in operation when a predetermined amount of energy is stored in the capacitor, may 
be used instead of the device already described in connection with Fig.2. 


The second patent requires the equipment to be tuned to one quarter of the wavelength of the energy pulses being collected. This patent 
shows a transmission method as well as a receiving method, but our main concern here is the receiving section shown on the right of the 
diagram as that can receive naturally occurring energy pulses in the environment and so provides free usable energy. 


As it may be a little difficult to visualise the coil arrangement in this patent as many people are familiar with the "Tesla Coil" arrangement 
where a few turns of thick wire or copper tubing are used as a winding placed around an ordinary cylindrical coil, much like, this illustration 
from Tesla's patent US 568,178: 


In this case it should be understood that Tesla is speaking about his flat "pancake" coil design and not the well-known Tesla Coil 
configuration. 


Patent US 649,621 15th May 1900 Inventor: Nikola Tesla 


APPARATUS FOR THE TRANSMISSION OF ELECTRICAL ENERGY 


To all whom it may concern: 

Be it known that I, Nikola Tesla, a citizen of the Unites States, residing at the borough of Manhattan, in the city, county and State of New 
York, have invented certain new and useful improvements in Apparatus for the Transmission of Electrical Energy, of which the following is a 
specification, reference being had to the drawing accompanying and forming a part of the same. 
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This application is a division of an application filed by me on 2nd September 1897, US 650,343 entitled "Systems of Transmission of 
Electrical Energy" and is based on new and useful features and combinations of apparatus shown and described in that patent application. 


This invention comprises a transmitting coil or conductor in which electrical currents or oscillations are produced and which is arranged to 
cause these currents or oscillations to be propagated by conduction through the natural medium from one location to a remote location, and 
a receiving coil or conductor adapted to be excited by the oscillations or currents propagated by the transmitter. 


This apparatus is shown in the accompanying diagram where A is a coil, generally of many turns and of a very large diameter, wound in 
spiral form, either around a magnetic core or not as may be desired. C is a second coil formed by a conductor of much larger size and 
smaller length, wound around and in proximity to coil A. 


The apparatus at one point is used as a transmitter, the coil A in this case forming a high-voltage secondary of a transformer, and the coil C 
the primary which operates at a much lower voltage. The source of current for the primary winding is marked G. One terminal of the 
secondary winding A is at the centre of the spiral coil, and from this terminal the current is led by a conductor B to a terminal D, preferably of 
large surface, formed or maintained by such means as a balloon at an elevation suitable for the purpose of transmission. The other terminal 
of the secondary winding A is connected to earth, and if desired, to the primary winding also in order that the primary winding may also be at 
substantially the same voltage as the adjacent portions of the secondary winding, thus ensuring safety. 


At the receiving station, a transformer of similar construction is used, but in this case the coil A" constitutes the primary winding and the 
shorter coil C' is the secondary winding. In this receiving circuit, lamps L, motors M, or other devices for using this current, are connected. 
The elevated terminal D' connects with the centre of the coil A' and the other terminal is connected to earth and preferably, also, to the coil 
C' again for safety reasons as mentioned above. 


The length of the thin wire coil in each transformer should be approximately one quarter of the wave length of the electric disturbance in the 
circuit, this estimate being based on the velocity of propagation of the disturbance through the coil itself and the circuit with which it is 
designed to be used. By way of illustration, if the rate at which the current flows through the circuit containing the coil is 185,000 miles per 
second, then a frequency of 925 Hz would maintain 925 stationary nodes in a circuit 185,000 miles long and each wave would be 200 miles 
in length. 


For such a low frequency, which would only be resorted to when it is indispensable for the operation of ordinary motors, | would use a 
secondary winding wound from a wire 50 miles in length. By adjusting the length of wire in the secondary winding, the points of highest 
voltage are made to coincide with the elevated terminals D and D', and it should be understood that whatever wire length is chosen, this 
length requirement should be complied with in order to get the best possible results. 
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It will be readily understood that when these relationships exist, the best conditions for resonance between the transmitting and receiving 
circuits are attained and owing to the fact that the points of highest voltage in the coils A and A’ are coincident with the elevated terminals, 
the maximum current flow will take place in the two coils and this implies that the capacitance and inductance in each of the circuits have 
the values which produce the most perfect synchronism with the oscillations. 


When the source of current G is in operation and produces rapidly pulsating or oscillating currents in the circuit of coil C, corresponding 
induced currents of very much higher voltage are generated in the secondary coil A, and since the voltage in that coil gradually increases 
with the number of turns towards the centre, and the voltage difference between adjacent turns is comparatively small, a very high voltage is 
generated, which would not be possible with ordinary coils. 


As the main objective is to produce a current with excessively high voltage, this objective is facilitated by using a current in the primary 
winding which has a very considerable frequency, but that frequency is in a large measure, arbitrary, because if the voltage is sufficiently 
high and the terminals of the coils be kept at the proper height where the atmosphere is rarefied, the stratum of air will serve as a 
conducting medium with even less resistance then through an ordinary conductor. 


As to the elevation of terminals D and D', it is obvious that this is a matter which will be determined by a number of things, such as the 
amount and the quality of the work to be performed, the condition of the atmosphere and the character of the surrounding countryside. 
Thus, if there are high mountains in the vicinity, then the terminals should be at a greater height, and generally, they should be at an altitude 
much greater than that of the highest objects near them. Since, by the means described, practically any voltage which is desired may be 
produced, the currents through the air strata may be very small, thus reducing the loss in the air. 


The apparatus at the receiving station responds to the currents propagated by the transmitter in a manner which will be well understood 
from the description above. The primary circuit of the receiver - that is, the thin wire coil A' - is excited by the currents propagated by 
conduction through the intervening natural medium between it and the transmitter, and these currents induce in the secondary coil C', other 
currents which are used to operate the devices connected to that circuit. 


Obviously, the receiving coils, transformers, or other apparatus may be moveable - as for instance, when they are carried by a vessel 
floating in the air or by a ship at sea. In the former case, the connection of one terminal of the receiving apparatus to the ground might not 
be permanent, but might be intermittently or inductively established. 


It should be noted that Tesla's suggestion of using the conductive envelope of a specially constructed balloon as a good method of 
increasing the active area of the elevated receiving plate, is one that was taken up by Hermann Plauson when he was building power 
stations operating on naturally occurring energy. 


Jes Ascanius’ Version of Nikola Tesla’s Aerial System 

This sort of information may seem confusing and maybe a little too technical for you, so let me tell you about the practical and useful 
applications used by Jes Ascanius, a Danish developer, to whom thanks is due for sharing his design. Initially, he set up a system to charge 
his mobile phone battery overnight from an aerial. Then he went on to produce a full-size Tesla Aerial System as described at the start of 
this chapter. Let’s start with the very simple system and progress from that to the more powerful arrangements. 


The initial circuit uses one strand of solid wire which rises vertically to a 700 mm diameter drum where there are some twenty turns. The 
arrangement is like this: 


— Drum 700 x 100 mm 
with 20 turns on it 


— Single-strand 
aerial 


200 nF] 200 nF 
200% | 200% 


100 pF Sov 100 pF SOV 


connection 


The aerial wire is several metres long, and in the prototype, was supported by (and insulated from) the eaves of a house. The aerial should 
be vertical or near vertical and a proper earth connection provided by driving a metal rod into the ground or connecting a wire to a metal 
plate and burying the plate in the ground as a good electrical connection is needed here. The earth connection used here is a 12 mm copper 
pipe 3 metres long, driven into the ground and the ground around it saturated with water: 
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The wire used to connect with the earthing rod is very important and should not be less than 8 swg copper wire, that is, 4 mm diameter and 
13 sq. mm. cross-sectional area. As with all free-energy devices, the exact constructional details are vital. 


The diodes used are germanium 1N34 or 1N34a as germanium diodes drop far less voltage than do silicon diodes and the 1N34 types are 


low-loss diodes, particularly suited to this application. Ceramic disc types are recommended for the 200 nF capacitors. The prototype build 
looked like this: 


Lies a en . 
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Now, consider this circuit as described, to be one modular building block which can lead to unlimited power from an aerial. | will represent 
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the circuit shown above as a rectangle, showing the above circuit as: 


While it is possible to use more than one module with the aerial to get more power, the Danish developer then switched to the full-blown 
Tesla arrangement by attaching a 800 x 600 x 2 mm aluminium plate inside the sloping roof of his house: 


The plate being suspended using nylon cord to prevent it touching the roof or anything else: 


The plate is positioned between 3 and 3.5 metres (10 to 12 feet) above the ground and the attachment to the plate is also heavy-duty 8 swg 
cable: 


The cable is connected to the aluminium plate using a brass bolt and nuts which the builder thinks may be significant, quite apart from 
avoiding any galvanitic connection to the circuit. The cable is then run vertically downwards to the circuit. For this arrangement a second 
earthing point is also used. This is a galvanised iron pipe 3 metres long, driven vertically into the ground which is saturated with water. The 
second earth is 2 metres away from the first earth. 


This arrangement provides serious power, enough to cause injury to, or kill a careless human. With two modules, it will light an LED 
very brightly, driving it to 2.6 volts. If the LED is removed, then the voltage climbs to about twenty volts and is easily sufficient to charge a 


http://www.free-energy-info.com/Chapt?7.html 9/62 


1/4/2017 Free-Energy Devices - Power gathering from aerials 


12V battery or battery bank although that takes time. With twenty modules as 12V battery can be charged over night. It is estimated that 
with two hundred modules, the power would be sufficient to power a household although that has not yet been done. It should be borne in 
mind that each module is easy and cheap to make, so arranging for a stack of them where additional modules can be added at a later date 
for more power, is an ideal arrangement. The circuit is like this: 


This circuit looks completely mad as the aerial input to the circuit appears to be directly short-circuited by the second earth connection. In 
spite of this, the circuit works very well when connected this way. Additional modules can be added without any known limit. Increased 
power can be had by either raising the aluminium plate higher above the ground, to say, 10 metres (33 feet), or by adding one or more 
additional aerial plates. As you have a good aerial connected through to a very good earth, there has to be the possibility of the equipment 
being hit by lightning, and so it is suggested that a protective spark-gap is installed between the aerial and the earth, close to the circuit, so 
that if high-voltage is suddenly applied to the aerial, the spark gap will fire and shunt the excess power through to the earth. Alternatively, 
possibly a better solution is to install a standard lightning rod system a few metres away from the aerial and a metre or two higher up, so 
that it forms a more attractive point for a lightning strike. 


Further experimentation has shown that altering the connection point for the aerial has a significant effect on the results. If the connection is 
made at the mid point between the aerial plate and the earth connection, it produces a greater output: 


With this arrangement a single module produces around 30 volts while the original method of connecting near the earth was giving about 26 
volts with two modules. Jes Ascanius has carried out further experimentation and he states that diodes with response times under 30 
milliseconds produce a greater output and he recommends the use of BYV27 diodes which have a 200-volt 25nS rating as he gets three 
times the output from them. He also recommends using them in Joule Thief circuits. 


Dragan Kljajic has been experimenting with this circuit and has started by building many of these modules on a printed circuit board like this: 
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Using two of these boards, Dragan is pulling 96 watts continuously from his aerial plate. He intends to extend this arrangement much 
further, but is being hindered at present by a local civil war. 


Here is a forum where some builders of this system share comments. One comment is that there is an increased risk of a lightning strike 
where you have an earthed aerial, and so it is advisable not to place the aerial plate inside a house, but perhaps suspended between two 
trees. Also, using a car spark plug connected across the module set can protect against lightning strikes damaging the circuitry. 


As a result of queries, Jes stresses the following points: 


1. The plate must be high off the ground. 

2. The plate must be polished and insulated. 

3. The wire must be single-strand solid wire. 

4. There must not be any part of the wire above the circuit, which is not insulated. 


He further comments: you can use aluminium foil and cling film to make many collector plates 0.4 m x 5 m and connect them close together 
to feed the aerial wire. Remember, no uninsulated wire anywhere. Any queries should be asked on the forum shown above. 


A modification of this circuit of Jes Ascanius by a developer who prefers to remain anonymous, doubles the output of each module by 
adding a mirror image of the circuit like this: 
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As can be seen, the addition is of four diodes and two ceramic capacitors. 


Thomas Henry Moray In this field, Thomas Henry Moray is outstanding. By 1936 he had developed a piece of apparatus which was 
capable of putting out high power with no human-generated input power at all. 


Moray's equipment is said to have contained a germanium diode which he built himself in the days before solid-state devices became 
readily available. The equipment was examined and tested many times. On dozens of occasions, he demonstrated the equipment driving 
a bank of twenty 150W bulbs, plus a 600W heater, plus a 575W iron (a total of 4.175 kW). The power picked up by this device needed only 
small diameter wires and had characteristics different from conventional electricity. One demonstration which was repeated many times, 
was to show that the output power circuit could be broken and a sheet of ordinary glass placed between the severed ends of the wire, 
without disrupting the supply. This type of power is called “Cold electricity” because thin wires carrying major power loads, do not overheat. 

This form of energy is said to flow in waves which surround the wires of a circuit and not actually through the wires at all. Unlike 
conventional electricity, it does not use electrons for transmission and that is why it can continue through a sheet of glass which would stop 
conventional electricity dead in its tracks. 


On one occasion, Moray took his equipment away from all urban areas to a place chosen at random by a critic. He then set up the 
equipment and demonstrated the power output, well away from any man-generated electrical induction. He disconnected the aerial and 
showed that the power output stopped immediately. He connected the aerial again to generate the output as before. He then 
disconnected the earth connection which stopped the output again. When the earth wire was connected again, the output power returned. 
He found that the power output level fell somewhat at night. The aerial used in his demonstrations was reported to be like this: 
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From which it can be seen that even a relatively short aerial wire suspended not far from the ground, is capable of collecting substantial 
amounts of usable electrical power. The earth used in the remote demonstrations was a length of gas pipe which was hammered into the 
ground. lt was noted that as each hammer blow drove the pipe deeper into the earth, the light bulbs (which formed the electrical load) shone 
more brightly, indicating that the quality of the earth connection is very important when serious power is being drawn from an aerial. 


He developed various versions of the device, the latest of which did not need the aerial or earth connections, weighed 50 pounds and had 
an output of 50 kilowatts. This device was tested in both an aeroplane and a submarine, thus showing the device to be fully self-contained 
and portable. It was also tested in locations which were fully shielded from electromagnetic radiation. 


With his later devices, Moray leaves the area of aerials and moves into the same category as Barbosa and Leal, those two Brazilian men 
extracting 192 kilowatts of power directly from the ground. If you read Moray’s book “The Sea of Energy in which the Earth Floats” (The Sea 
of Energy in which the Earth Floats) you will discover that Moray moved past the scientific thinking of his day, stating that the Earth is being 
bombarded with cosmic energy particles which cause atoms to change from matter into energy, enter the aether and there revert to matter 
again. This process is governed by frequency. Moray developed energy diodes which act like electrical diodes on the energy flow of the 
aether. He used a chain of these ‘tubes’. Each tube was tuned to one of the harmonics of the oscillating frequency of the aether. Each tube 
produced lower frequency waves and the following tube is tuned to those waves and is driven by a resonant harmonic of the aether 
oscillations, thus producing a device with no need of any power input from the user. Also, the aerial was replaced by a small, internal copper 
plate. So in true aerial mode — four kilowatts. In earth-only mode — 50 kilowatts. Moray’s ideas are supported by the work and books by 
Gustav Le Bon (The Evolution of Matter and The Evolution of Forces). 


Moray was shot and wounded in an assassination attempt in his laboratory. This caused him to change the glass in his car to bullet-proof 


glass. He was threatened many times. His demonstration equipment was smashed with ahammer. When threats were made against his 
family, he stopped rebuilding his equipment and appeared to have turned his attentions to other things, producing a device for ‘therapeutic’ 


http://www.free-energy-info.com/Chapt?7.html 14/62 


1/4/2017 Free-Energy Devices - Power gathering from aerials 


medical treatment. 


In his book “The Energy Machine of T. Henry Moray”, Moray B. King provides more information on this system. He states that Moray was 
refused a patent on the grounds that the examiner couldn't see how the device could output so much power when the valve cathodes were 
not heated. Moray was granted US Patent 2,460,707 on 1st February 1949 for an Electrotherapeutic Apparatus, in which he included the 
specification for the three valves used in his power device, apparently because he wanted them to be covered by a patent. As far as can 
be seen, the valve shown here is an oscillator tube. Moray claimed that this tube had the very high capacitance of 1 Farad when running at 
its resonant frequency. Moray liked to use powdered quartz as a dielectric in the capacitors which he made, and he had a habit of mixing in 
radium salts and uranium ores with the quartz. These materials may well be important in producing ionisation in these tubes and that 
ionisation may well be important in tapping the energy field. 


Capacitor plate 
Dielectric 


Brush-discharge electrode 


: 


The tube shown above has a six-layer capacitor formed from two U-shaped circular metal rings with the space between them filled with a 
dielectric material. The plates are shown in red and blue, while the dielectric is shown in green. Inside the capacitor, there is a separate 
ring of dielectric material (possibly made from a different material) and an inside ring of corrugated metal to form an ion brush-discharge 
electrode. The capacitor and electrode connections are taken to pins in the base of the tube. 


Quartz is suggested for the material of the outer covering of the tube and the wire element numbered 79 in the diagram is said to be a 
heating element intended to be powered by a low-voltage current source. However, as Moray had an earlier patent application refused on 
the grounds that there was no heating element in his tubes, it is distinctly possible that the heating element shown here is spurious, and 
drawn solely to avoid rejection by the examiners. In his patent, Moray refers to the capacitor in this tube as a “sparking” capacitor, so he 
may have been driving it with excessively high voltages which caused repeated breakdown of the capacitor material. 


http://www.free-energy-info.com/Chapt?7.html 15/62 


1/4/2017 Free-Energy Devices - Power gathering from aerials 


-ray tube 


Plate 


ES 
a 


X-Tay window 


rs ey 


TERNG 


loa [|1%,. LE 
 — ——— il “LF E Se SSE LBs Pe 
rena i > os yo Ps E Tari a 


Electrode 


SS KSA RT 


The tube of Fig.16 above, uses a different technique where an X-ray tube is used to bombard a corrugated electrode through a screen 
containing an X-ray window. Itis thought that a brief burst of X-rays was used to trigger very short, sharp bursts of ions between the anode 
and cathode of the tube and these pick up extra energy with every burst. 


An alternative version of this tube is shown in Fig.18 below. Here the construction is rather similar but instead of an X-ray window, a lens 
and reflector are used to cause the ionisation of the switching channel between the anode and cathode. In both tubes, the corrugated 
electrode supports a corona build-up just prior to the short X-ray switching pulse, and it is thought that the ions contribute to the intensity of 
the resulting pulses which emerge from the tube. Very short uni-directional pulses are capable of causing conditions under which additional 
energy can be picked up. From where does this extra energy come? In 1873, James Clerk Maxwell published his “Treatise on Electricity 
and Magnetism” and in it he pointed out that the vacuum contains a considerable amount of energy (Vol. 2, p. 472 and 473). John Archibald 
Wheeler of Princeton University, a leading physicist who worked on the US atomic bomb project, has calculated the flux density of the 


vacuum. Applying Einstein's E=mC? formula indicates that there is enough energy in every 1 cc of “empty” space, to create all of the 
matter in the visible universe which can be seen with our most powerful telescopes. That amount of energy is so great as to be beyond 
imagining. This energy field is referred to as “Universal Energy”, “Cosmic Energy” or “Zero Point Energy”. At this time, we do not have any 


instrument which responds directly to this energy and so it is almost impossible to measure. 


The existence of this energy field is now widely accepted by mainstream science and it is borne out by the situation found at quantum 
levels. It is generally thought that this energy is chaotic in form and for useful energy to by drawn from it, it needs to be restructured into a 
coherent form. It appears that uni-directional electromagnetic pulses of one millisecond or less, can be used to cause the necessary 
restructuring as they generate an outward coherent wave of radiant energy, from which energy can be extracted for use in most electrical 
devices, if a suitable receptor system is used. Tom Bearden states that at the quantum level, the seething energy of this field appears 
continuously as positive and negative charges. As these are evenly distributed, the net charge at any point is always zero. Ifa “dipole” 
(two opposite charges near each other) is created anywhere, then it polarises the energy field disrupting the previously even distribution of 
charges and causing massive streams of energy to radiate outwards from the dipole. 


A voltage pulse acts as a dipole, provided the voltage rise is fast enough, and that is what causes a wave of radiant energy fanning out from 
the location of the voltage pulse. Batteries and magnets create continuous dipoles and so cause the local quantum energy field to send out 
continuous streams of massive power which can be utilised if (and only if) you Know how to do it. The search for mechanisms to capture 
and use even a tiny fraction of these energy streams is what the “free-energy” field of research is all about. Some people say that there is 
no such thing as “free-energy” because you have to pay for the device which captures it. That is like taking a bus trip to a car dealership 
where they are giving away new cars, and saying that your new car was not a “free” car because you had to pay a bus fare to reach the car 
dealership. 
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Moray King suggests that the circuit used by Thomas Henry Moray was as follows: 
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There can be little doubt that Thomas Henry Moray built several versions of his apparatus, each of which produced output power well in 
excess of any input power needed. It seems highly likely that most of them used no input power whatsoever, and if there were any others, 
they will have been powered by a tiny fraction of the output power. If mild radioactive material was used as described, then the output 
power could in no way be attributed to that source alone, since the output power was thousands of time greater than any power available 
from the radioactive materials. 


It is perhaps time to explain a little more about, voltage, power and current. We have been raised with the notion that it is necessary to 
“burn” a fuel to get power, that batteries “run down” when used and that you have to keep turning the shaft of an electrical generator to be 
able to draw current from it. These things are not actually true. The relatively recent field of Quantum Mechanics shows that if a charge, 
such as an electron has, is positioned in what is supposed to be “empty” space, it is not alone. The “empty” space is actually seething with 
energy, to the extent that “virtual” particles are popping into existence for a fraction of a second and then disappearing again. They are 
called “virtual” because they exist for such a short time. 


Because of the negative charge of the electron, the particles appearing and disappearing around it will all be positive in charge. The 
electron has “polarised” the space around itself because it has a charge. The instant that a positive “virtual” particle appears, there are two 
charges near each other - minus on the electron and plus on the particle. When you have two opposite charges near each other, they form 
a “dipole”. Dipoles form a gateway through which energy from the environment flows continuously. An instant later, the particle 
disappears, but it’s place is immediately taken by another virtual particle. The result is a continuous stream of energy flowing out from the 


dipole. 


Batteries with their positive and negative terminals are electrical dipoles, so too are generators when the input shaft is soun. Permanent 
magnets with their North and South poles are magnetic dipoles. Both of these have continuous streams of energy flowing through them. 
So, why then do batteries run down and lose their charge? The reason is that we power circuits using a closed loop. The energy flowing 
out of one terminal flows into the opposite terminal and instantly destroys the dipole. A new dipole has to be created every split second if 
the circuit is to deliver power, and it is that self-destructive method of use which causes the battery to discharge or which needs the 
generator shaft to be rotated continuously. 


If a different operating technique is used, where the dipole is not continuously destroyed, then devices which can provide a continuous 
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stream of energy drawn from our natural environment can be constructed. This is not magic, just the next step in conventional science and 
engineering. Thomas Henry Moray managed it, initially with an aerial and earth like a crystal set to provide the dipole, his device was able 
to draw many kilowatts of power from the environment. No fuel was needed, the energy is already there surrounding us all, all of the time. 
As far as | am aware, nobody has managed to replicate Moray’s device (which was the reason for it being violently suppressed) but knowing 
that it existed and was repeatedly demonstrated to work perfectly well, is useful in that it shows that it is possible to tap the massive zero- 
point energy field with a practical, home-constructed device. 


Here is a collection of additional items of information gathered from several different sources: 


Moray started his experiments with 'the taking of electricity from the ground’, as he described it, during the summer of 1909. By autumn 
1910 he had sufficient power to operate a small electrical device, and demonstrated his idea to two friends. The early stages of this 
demonstration consisted of operating a miniature arc light. It soon became clear to him that the energy was not static and that the static of 
the universe would be of no assistance to him in obtaining the power for which he was searching. 


During the Christmas Holidays of 1911, he began to realise fully, that the energy with which he was working, was of an oscillating nature. He 
also realised that the energy was not coming out of the earth, but instead, was coming to the earth from some outside source. These 
electrical oscillations in the form of waves were not simple oscillations, but were surging like the waves of the sea, coming continually to the 
earth but more in the daytime than at night, but always arriving as vibrations from the reservoir of colossal energy out there in space. By this 
time Moray was able to gather enough power to light a 16-candlepower carbon lamp to about a half of it's capacity, but he did not manage to 
gain any further improvement until the spring of 1925. 


In 1912 Moray was called to go on a mission for the Church of Jesus Christ of Latter-Day Saints, and under a visitor's visa was allowed to 
enter Sweden during the Exhibition of 1912 in Stockholm. In his notebook, dated November 1, 1913, he included a note saying that he had 
obtained material from a railroad car at Abisco, Sweden the previous summer, also Some more material from the side of a hill. He made 
electric tests of these materials, taking them home to try each as a detector for his energy machine. Tests indicated that this soft, white 
stone-like substance might make a good "valve-like detector". This "valve-like detector" is what led him to do research into semi-conductive 
materials, and from this soft white stone he developed his first valve and the valve which was used in some of his early Radiant Energy 
devices (silver wire touching a stone can act as a rectifier). 


Moray demonstrated that energy was available by its actions on a resistive load, such as a flat-iron or a space heater, and by lighting bulbs. 
A resistive device acts as a load which is directly proportional to the amount of energy delivered to it. In heating a heater, or lighting a bulb, 
the number of watts produced can be calculated as equal to the number of watts provided to the device. This energy is fed into a load to 
give either heat, light, or power. A motor can be operated but it must be designed to run on a high frequency power supply. The Radiant 
Energy device used an antenna and a ground connected to his solid state Radiant Energy circuit: 
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The diagram shown above is reproduced from a rough sketch drawn from memory after seeing Moray's circuit diagram. The person who 
drew it does not understand how the circuit works, so please treat this diagram as being just an overall suggestion as to what Moray's circuit 
might have been like. It is actually much more likely that is was a cascade of pairs of tank circuits containing Moray's valve, each pair being 
one series tank circuit followed by one parallel tank circuit, the oscillating frequency dropping with each tank pair and the output power rising 
with each tank pair. Moray's circuit was started oscillating by stroking the U-shaped coil with a permanent magnet for a few seconds, and 
when the circuit started operating, then switch 'S' was closed, effectively removing the U-shaped coil from the circuit. 


Moray was able to demonstrate that none of the output energy came from within his device. Internally the device was electrically dead when 
it had not been connected and tuned to the antenna. When his device was set up, he could connect it to an antenna and ground, and by 
priming it first and then tuning it as he primed it, the device would draw in electrical energy. This high frequency electrical energy produced 
up to 250,000 volts and it powered a brighter light than witnesses had ever seen before. Heavy loads could be connected to the device 
without dimming the lights already connected to it. This device worked many miles from any known source of electrical energy such as 
power transmission lines or radio signals. The device produced up to 50,000 watts of power and worked for long periods of time. 


Moray initially assumed that this energy was electromagnetic in nature however, he never claimed that it was. He assumed at first that this 
energy came from the earth but later he believed it was flowing in from the universe. Finally he began to believe that it was present 
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throughout all space, intermolecular space as well as terrestrial and celestial space. He did not necessarily understand how his detectors 
operated, only that if he built the device very carefully according to his calculations it would work. He was able to demonstrate the existence 
of an energy that today, though it has not been identified or proven, has been theorised by many researchers. 


The largest instrument was about 6 inches high, circular in shape and about 8 inches in diameter. We went out on the roof of the chicken 
coop carrying the device on a small drafting board, erected an antenna upon the roof of the coop, the antenna being about 100 feet from the 
house. We pulled the main line switches in the house before going out upon the roof. Mr Judd had Moray move the drafting board from 
place to place and he also examined the inside of the coop for hidden equipment. The machine was then assembled in his presence and 
the device was started. Mr Judd timed me to see how long it would take to bring get the light operating. | was able to light the CGE lamp to 
its full brightness and to heat an old-style Hotpoint electric flat iron to sizzling point, which required 655 watts. Mr Judd asked for the antenna 
to be disconnected. When this was done, the light went out. The aerial was connected again and the light reappeared. We drove a new 
grounding rod at a spot selected by Mr Judd, made a connection to the new grounding point and the light burned dim, but came brighter and 
brighter as the new grounding rod was driven deeper and deeper into the ground. 


If the ground or antenna is left disconnected for too long a time, the device becomes electrically dead and must be retuned in order to regain 
the energy flow. Dr Eyring found no fault with the demonstration and the worst that he could say about it was that it might be induction, but 
that if Moray would take the device out in the mountains away from all power lines, a distance of three or four miles, and it then operated, he 
would then acknowledge that it could not be induction and that his theory was wrong. 


At last they decided to go up Emigration Canyon, as there are no power lines in that canyon. All three gentlemen were very well satisfied 
and pleased with what they saw. The antenna wire was put up without any aid or instructions whatever from Mr Moray, except that he 
suggested that the wire be stretched tighter to prevent so much sag at the centre. This was done and the wire then appeared to clear the 
ground by about 7 or 8 feet at its lowest point. The ground pipe was of half-inch water pipe consisting of two sections. The lower section was 
pointed at the end to make its driving into the creek bed easy. It was about 6 feet long and after being driven down about 5 feet the second 
section, which was about 4 feet long, was screwed on with a wrench and the pipe driven further down until it struck a hard object, so about 7 
feet of pipe was in the ground. 


The antenna wire was insulated from the poles with two glass insulators about 6 inches long and having holes in both ends. A piece of wire 
about 2 feet long connected each insulator with the pole. The lead-in wire was fastened to the antenna wire at a point about 10 or 15 feet 
from the east pole. | helped Mr Moray solder the connection. | paced the distance between the two antenna poles and estimated it to be 87 
feet. Mr Moray's equipment, apart from the antenna and ground wires, consisted of a brown box about the size of a butter box, another 
slightly smaller unpainted box, a fibre board box about 6" x 4" x 4", which Mr Moray referred to as containing the tubes, and a metal 
baseboard about 14" x 4" x 1" containing what appeared to be a magnet at one end, a switch near the middle and a receptacle for an 
electric light bulb at the other end. There were also several posts for connecting wires on the baseboard. 


When all of the wires were connected and everything was ready, Mr Moray began tuning in. Before tuning, he placed the key on the post: he 
said it would be in contact while the light burnt, but no light appeared. The tuning consisted of stroking the end of a magnet across two metal 
projections protruding from what | referred to above as being 'a magnet’. After tuning for slightly more than 10 minutes the key was put on 
the operating post and the light appeared immediately. Mr Moray put the key on the operating post two or three times before during the 
tuning operation but no light appeared. We allowed the light to burn for 15 minutes. In my opinion, the brilliance of the light coming from the 
100-watt bulb, was about 75% as bright as a 100-watt bulb connected to an ordinary house socket. It was an steady light, without 
fluctuations of any kind. 


While the light was burning Mr Moray disconnected the antenna lead-in wire from the apparatus and the light went out. He connected it 
again and the light appeared. He also disconnected the ground wire and the light went out. He then connected it and the light appeared 
again. 


In another demonstration, Mr Moray opened the device and let everyone see everything except one small part that he placed his hand over 
and hid in his fist. This part he cut off and put in his vest pocket. Everything else, people were allowed to examine to their hearts' content. "If 
that part is able to make such power itself, then it's some device and worth selling. Such a battery would be worthwhile", were some of the 
remarks made. 


On several occasions Dr Moray would disconnect the antenna wire momentarily, but not long enough to lose the light. In disconnecting and 
connecting the antenna wire a flash of electricity could always be seen at the 


At a demonstration in 1928, the aerial used was about 200 feet long and positioned about 80 feet above the ground: the wire is a copper 
cable approximately a quarter of an inch in diameter, and well insulated. The earth connection used was the water pipe in the basement of 
Dr Moray's home. The device was assembled in a trunk through the sides of which were holes for the connections to ground and to the 
antenna and for observation; the holes were about one-half inch in diameter. There were two boxes about 10 by 20 by 4 inches, one on top 
of the other; both were closed and the covers fastened with screws. On the upper box was lying an insulating panel about an inch thick by 
15 inches long and 3 inches wide; it was made of slate or hard rubber or some material of similar appearance. On this were two binding 
posts which could be connected together by a small switch; also mounted on this panel was an object about 2.5 inches square, wrapped in 
friction tape, from which protrude two poles about 1/4-inch in diameter, apparently of sift iron. Two light bulb sockets were connected in the 
circuit. In one of these there was a 20-watt bulb, and in the other a 100 watt bulb. 


Dr Moray then took a magnet, which was a very broad, short limbed U, and began to stroke one pole of it on the poles in the taped body. Mr 
Jensen placed his fingers on the binding posts several times, and at last received a rather vigorous shock. Mr Moray then threw the switch 
and the bulbs lit up. As a further proof that the conversion of the energy was due to the mechanism in the box, Dr Moray hit the table on 
which the trunk was standing, a moderate blow with a hammer whereupon the light flickered and went off, due to the detector being shaken 
out of adjustment. The boxes, in which the mechanism had been housed during the test, were opened and the contents examined. There 
were capacitors, the detector, a transformer, and two tubes in them but nothing else. Nothing that in the least resembled a battery. 


It is to be noted that after a total run of 158 hours the device supplied 635 watts; inasmuch as a horsepower is but 746 watts this equals 
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0.878 of a horsepower or slightly more than 7/8 horsepower. This alone is sufficient to dispose of any suggestion of a battery. 


A report from 1929 says: It is now more than 2 years since | first became acquainted with Dr T. H. Moray and the work he is carrying on, and 
in that time he has demonstrated inventive ability of an exceptional order. Perhaps the most wonderful of his inventions is a device whereby 
he is able to draw electric power from an antenna. This energy is not derived by induction from power lines, as has been suggested by 
some, nor is it derived from radio stations, as has been demonstrated by taking the apparatus more than 26 miles from the nearest power 
line and over a hundred miles from the nearest radio station and showing that it operates just as well as anywhere else. 


This device was subjected to an endurance test in which it was operated continuously for a week, and at the end of that time a 100-watt 
lamp was lighted simultaneously with the heating of a 575 watt standard Hotpoint flat iron, making a total of 675 watts; it is very evident that 
no batteries could sustain such a drain as this. 


He has also invented a very sensitive sound detector whereby it is possible to hear conversations carried on in an ordinary tome of voice at 
a distance of several blocks. He has also worked out numerous radio hook-ups which eliminate many of the parts now considered 
necessary for good reception, yet there is no diminution in quality or volume; in fact, there is a notable elimination of interference from static 
when some of these are used. He has devised a means by which he is able to measure with some degree of accuracy the energy evolved 
during mental activity; that is, he gets definite, variable deflections of the needle of a sensitive galvanometer which appeared to be related to 
the vigour of mental activity. There are a great many other equally remarkable things which he has done, such as reducing old rubber from 
truck tires to the state of a viscous fluid which is readily vulcanisable without the addition of smoke sheet as is necessary with other 
processes; also a high frequency therapeutic device, and numerous other devices which show great ingenuity. 


The 6 lamps are set up in parallel and a small diameter wire is used as the current enters the tube prior to and connecting with the step- 
down transformer, this takes the very high voltage to the transformer. This voltage will jump across a spark gap of at least six inches. The 
operating frequency is so high that | have no instrument in my laboratory that is able to measure the amperage or the voltage at this 
frequency. (Signed, Murray O. Hayes, PhD.). 


Dr Milton Marshall was attempting to identify the material that Moray called his "Swedish Stone". Moray described the radio detector which 
he had developed. He compared it to what was commonly known as the crystal of a crystal set. However, his detector was superior since it 
could drive a loudspeaker without the use of a battery. He used the most easily demonstrated device, the germanium diode, that worked on 
the same principle to illustrate how he thought the Radiant Energy Detector worked (Moray originally built the radio simply for the purpose of 
showing how he was able to pick up radio signals with a solid-state device, producing sufficiently strong signals which could drive a 
loudspeaker, which was something unheard of in that day. His circuit did not have batteries, and it was very similar to the old crystal-set 
circuitry. 


The device was housed in a wooden box something like 12" by 18", with an antenna and a ground going into it. Wires leading out of the box 
led to a bank of some forty 100-watt light bulbs and to an electric iron. Moray touched a switch at the top of the box with a hand electrostatic 
plate and the globes all lit up brilliantly. We all noted that the bulbs burned cold except each had a hot spot about the size of a dime on the 
top slightly off centre. | also recall that | could turn the lights on and off by approaching and retreating to and from the device, either with my 
whole body or my hand. If my memory is clear, the machine had to be tuned with a dial to be placed in this condition. (Chester M. Todd, 
1971) 


In 1938, after examining the transformer of the device, Mr E. G. Jensen stated that he considered that the amount of current which he had 
seen taken from the device was positive proof that the current developed by or in the machine was different to any in use at that time. This 
was because the transformer would have burned out if it had been carrying normal current, but the transformer showed no signs of even 
ever having been warm. He was informed by Dr Hayes that the transformer had been in use under the same loading conditions during many 
demonstrations in the past. 


The "Number 1" capacitor consisted of two small sheets of aluminium of about 30 gauge, separated by and making contact with a piece of 
one-quarter inch thick plate glass. The plate glass was larger than the aluminium sheets and overlapped them. 


The "Number 2" capacitor was a commercial unit manufactured by Igred Condenser € Mfg. Co. and had a capacity of 0.025 mfd. 
They were used as shown here: 


Aerial antenna 
60 watt light bulb 


"Number 1° capacitor 


I 


“Number 2" capacitor 


rE) 100 watt light bulb 


— Earth connection 


With the 60 watt lamp and the two capacitors attached to the antenna and the antenna and ground attached to the box containing the 
Radiant Energy equipment as shown in the sketch, the 100-watt lamp on the secondary or output side was lighted. Unscrewing the 60-watt 
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lamp from its socket caused the 100-watt amp to go out, but it immediately lighted when the 60-watt lamp was screwed into its socket again. 
The 60-watt lamp did not light. Shorting the antenna and ground by placing a wire across them, caused the 100-watt lamp to go out. Similar 
shorting with the hands also caused the 100-watt lamp to go out. No electricity could be felt when shorting with the hands. If either the 
ground or the antenna wires were disconnected from the box, the 100-watt lamp would go out. Neither of the capacitors or the 60-watt lamp 
on the primary side of the box were necessary but were simply put there to show that the high frequency power will jump or pass through 
them. 


Moray's patent application on this device was filed in 1931 and rejected on a number of grounds. Firstly, "Because no means was provided 
for causing the cathode to emit an appreciable number of electrons, the current produced in the cathode by the antenna will not heat the 
cathode to a temperature at which an appreciable number of electrons per second are emitted". In other words, according to Thomas E. 
Robinson, Commissioner of Patents, a solid state device, such as a transistor, cannot possible work. Secondly, because "No natural source 
of electric wave energy is known to the Examiner and proof of the existence of such a source is required". In other words, it was not enough 
for Moray to demonstrate the effect of the energy source; he also had to identify it, which he could not do. None of the original patent 
applications that Henry made are any longer available at the US Patent Office. Although their file jackets are there, the contents and 
applications themselves are gone. 


In 1942, Moray attempted to rebuild a Radiant Energy device, using the remaining bit of what was known as the "Swedish Stone". This 
material, which was the heart of his original RE detector, he had never managed to duplicate, and the shortage of this material limited the 
amount of power which he could draw. Consequently, in the large unit, he developed a second detector that forced him into extensive 
research involving nuclear materials and radioactive reactions. He became deeply involved in the study of synthetic radioactivity as 
described by Gustave LeBon in his book "The Evolution of Matter". The years slipped by and Moray spent most of his time working on what 
he called the "counter-balance" to eliminate the need for an aerial antenna. 


Moray said: 

Enough energy is coming to the earth to light over 1,693,600 100-watt lamps for every human being on the earth today. No fuel of any kind 
need be taken as this energy can be picked-up directly by ocean liners, railroads, airplanes, automobiles, or any form of transportation. 
Heat, light and power can be made available for use in all kinds of buildings and for all kinds of machinery. An example would be to pump 
water onto the desert lands, the power source being only a fraction of the weight of any steam plant or any kind of engine in use today and 
all this at a fraction of the current cost. 


The total energy involved in "cosmic" radiations is very large. The mechanism of its generation involves a basic relationship with the total 
structure and action of the universe. Today it is believed that cosmic radiation consists primarily of protons and some heavier nuclei. At 
times this cosmic energy packs a wallop of around 100 quadrillion volts. Coming continuously with slight variations in time, the radiations 
have a uniformly directional isotropy. The earth is, therefore, surrounded in an atmosphere of radiation with cosmic rays coming continually 
to the earth from all directions, although there may be a slight deflection of the weaker rays by the earth's magnetic field. There is every 
indication that our sun is not the source of any appreciable amount of this radiation. The origin, therefore, is from the universe as a whole. 
The total energy of cosmic radiation is more than the entire luminous output of all the stars and nebulae of the universe combined. Unlimited 
power is being delivered to everyone's doorstep. 


The Moray Radiant Energy discovery, using radiations from the cosmos as its power source, gives the greatest amount of energy per pound 
of equipment of any system known to man. Electrical power through an electric motor or an electric jet far exceeds any form of energy in 
any engine in the delivery of power. There is no dead centre of lost motion in an electric motor nor loss of push in an electric jet. Also, the 
starting torque is much higher in the electrically powered engine than in the combustion engine. 


Harnessing cosmic energy is the most practical method yet discovered by man. Furthermore, it is possible to utilise this vast source of 
energy from the universe without a prime mover at any point on the earth --- on the ground, in the air, on the water, under the water, or even 
underground. If one considers that an electrical generator is not in the true sense a generator - as electricity is not made by the generator - 
but is merely an electrical pump, the Moray Radiant Energy device may then be referred to as a cosmic ray pump: that is, a high speed 
electron oscillator serving as a detector of cosmic radiations which causes a pumping action or surging within its circuitry. 


To account for the propagation of heat and light - two of the forms of Radiant Energy - man has postulated the existence of a medium filling 
all space. But, the transference of the energy of radiant heat and light is not the only evidence in favour of the existence of such a medium. 
Electric, magnetic, and electromagnetic phenomena and gravitation itself point in the same direction. 


Attractions and repulsion take place between electrified bodies, magnets, and circuits conveying electric currents. Large masses may be set 
in motion in this manner, acquiring kinetic energy. If an electric current is started in any circuit, corresponding induced currents spring up in 
all very closely neighbouring conductors. To originate a current in any conductor requires the expenditure of energy. How, then, is the 
energy propagated from the circuit to the conductors? If we believe in the continuity of the propagation of energy - that is, is we believe that 
when it disappears at one place and reappears at another it must have passed through the intervening space and, therefore, have existed 
there somehow in the meantime - we are forced to postulate a vehicle for its conveyance form place to place. 


When a particle is electrified, wnat one must first observe is that a certain amount of energy has been spent; work has been done. The 
result is an electrified state of the particle. The process of electrifying a conductor is, therefore, the storing of energy in some way in or 
around the conductor in some medium. The work is spent in altering the state of the medium, and when the particle is discharged, the 
medium returns to its original state, and the store of energy is disengaged. Similarly, a supply of energy is required to maintain an electric 
current, and the phenomenon arising from the current are manifestations of the presence of this energy in the medium around the circuit. It 
used to be that an electrified particle or body was supposed to have something called "electricity" residing upon it which caused electrical 
phenomena. An electric current was regarded as a flow of electricity travelling along a wire (for example), and the energy which appeared at 
any part of a circuit (if considered at all) was supposed to have been conveyed along the wire by the current. But, the existence of induction 
and electromagnetic interactions between bodies situated at a distance from each other leads one to look upon the medium around the 
conductors as playing a very important part in the development of these electrical phenomena. In fact, it is the storehouse of the energy. 


It is upon this basis that Maxwell founded his theory of electricity and magnetism, and determined the distribution of the energy in the 
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various parts of an electric field in terms of electric and magnetic forces. The medium around an electrified body is charged with energy and 
not of an imaginary electric fluid distributed over the electrified body or conductor. When we speak of the charge of an electrified conductor 
we are referring to the charge of energy in the medium around it, and when we talk of the electric flow or current in the circuit we are 
referring to the only flow we know of, namely, the flow of energy through the electric field within the wire. 


The work in producing the electrification of a conductor is spent on the medium and stored there, probably as energy of motion. To denote 
this we shall say that the medium around the conductor is polarised, this word being employed to denote that its state or some of its 
properties have been altered in some manner and to a certain extent depending on the intensity of the charge. If the charge is negative the 
polarisation is in the opposite sense, the two being related, perhaps, like right-handed and left-handed twists or rotations. 


Now consider the case of a body charged alternately, positively and negatively in rapid succession. The positive charge means a positive 
polarisation of the medium, which begins at the conductor and travels out through space. When the body is discharged the medium is once 
more set free and resumes its former condition. The negative charge now induces a modification of the medium or polarisation in the 
opposite sense. The result of alternate charges of opposite sign is that the medium at any point becomes polarised alternately in opposite 
directions, while waves of opposite polarisations are propagated through space, each carrying energy derived from the source or agent 
supplying the electrification. Here, then, we have a periodic disturbance of some king occurring at each point, accompanied by waves of 
energy travelling outwards from the conductor. 


The phenomenon of interference leads to the conclusion that light is the result of periodic disturbances or vibrations of the medium, but as to 
the nature of these vibrations, as to the exact nature of the periodic changes or what it is that changes them, we possess no knowledge. We 
know that alternating electric charges are accompanied by corresponding changes of state or vibrations of the medium, and if the charge is 
varied periodically and with sufficient rapidity, we have a vibration at each point analogous to, perhaps identical with, that which occurs in the 
propagation of light - a combination of wave and particle properties. This then is the electromagnetic theory of the luminous vibration. 


In the older elastic-solid theory, the light vibrations were supposed to be actual oscillations of the elements or molecules of the medium 
about their positions of rest, such as takes place when waves of transverse disturbance are propagated through an elastic solid. Such 
limitation is unwarranted to some extent, but one cannot afford to entirely disregard the particle theory of light either. A combination of the 
theories has merit. We know that the change, disturbance, vibration, polarisation, or whatever we wish to term it, is periodic and transverse 
to the direction of propagation. The electromagnetic theory teaches us nothing further as to its nature, but rather asserts that whatever the 
charge may be, it is the same in kind as that which occurs in the medium when the charge of an electrified body is altered or reversed. It 
reduces light and heat waves to the same category as waves of electrical polarisation. The only quality of the later required to constitute the 
former is sufficient rapidity of alteration. These speculations were given the strongest confirmation by experiments of Prof. Hertz many years 
ago. 


When a resilient substance is subjected to strain and then set free, one of two things may happen. The substance may slowly recover from 
the strain and gradually attain its natural state, or the elastic recoil may carry it past its position of equilibrium and cause it to execute a 
series of oscillations. Something of the same sort may also occur when an electrified capacitor is discharged. In ordinary language, there 
may be a continuous flow of electricity in one direction until the discharge is completed, or an oscillating discharge may occur. That is, the 
first flow may be succeeded by a backrush, as if the first discharge had overrun itself and something like recoil had set in. The capacitor 
thus becomes more or less charged again in the opposite sense, and a second discharge occurs, accompanied by a second backrush, the 
oscillation going on until all the energy is either completely radiated or used up in heating the conductors or performing other work. 


When capacitors are filled with energy captured by the Moray Radiant Energy device and then discharged through a circuit of proper 
impedance, reactance and inductance, thereby synchronising the oscillation of the device with those of the universe, electrical inertia is set 
up. In the reversal of the current, the capacitors are charged, discharged and recharged slowly until the energy stored in them is radiated in 
kinetic energy through the device, and this energy can be kept alive indefinitely by establishing resonance with the oscillations of the 
universe. 


Considering oscillations from a mechanical, electrical and mathematical point of view, we find that electrical resistance is the same as 
mechanical friction and current is comparable to mechanical velocity. Inertia and inductance may then be considered analogous terms. In 
mechanics the greater the inertia of a body, the longer it will stay in motion. In the Radiant Energy device's resistance-inductance-capacity 
(REC or RLC) circuit, the greater the electrical inductance, the longer the current continues to flow once it is established by synchronisation 
with cosmic surges. 


Expressed mathematically, the equations are the same for electrical or mechanical phenomena. Which means, that R < square root(4L / C), 
where R is the resistance in ohms, L is the inductance in henries, and C is the capacitance in farads. When this is true, an oscillatory 
discharge will occur and a very powerful inductance inertia will assert itself. For low values of R, the frequency of the oscillations can be 
shown by f = 1/2 x pi x square root(CL). The rapidity of the oscillations is governed by the capacitance and inductance. 


In the vibrational forces of the universe, we find the key to the source of all energy. How we can utilise this energy for modern industry 
without being limited to mechanical prime movers is the question. And, the answer may be an energy generator, balanced so as to oscillate 
in synchronisation with the oscillations of the universe. 


Dr Ross Gunn, a civilian scientist for the US Navy, stated years ago that the earth is a huge generator, generating over 200 million amperes 
of electric current continuously. For example, the aurora borealis is considered to be a very large definite electrical phenomenon produced 
by the passage of electric charges through the rarefied gases of the higher atmosphere. The earth has since been shown, by Dr Gunn and 
others, to have a negative charge amounting to 400,000 coulombs. Yet, six feet above the ground the air is charged with more than +200 
volts with respect to the ground. 


It is known that air conducts electricity away from charged objects. This being true, how does the earth maintain its charge since it is a 
charged object exposed to the surrounding atmosphere? If the air conducts electricity, the earth's charge must be constantly passing into 
the atmosphere. And it has been calculated that the earth has a continuous discharge into the atmosphere of 1,800 amperes. At this rate, 
the earth should lose 90% of its charge into the air in one hour, yet the earth's charge does not diminish. From where does the earth's 
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if . . . Antena 
Simple FM Crystal Radio Circuit | 84cm of#16 
Copper Wire 


1N60 Germanium 


Output to 
Amplifier 
4 Turns of #18 copper 
wire tapped at 2.5 
tums. 12mm inside 
diameter. 


Parts List (some of these parts you can buy from our online store): 


e 1N60 Germanium Diode 


e 15pF Ceramic Capacitor 
e 50pF Variable Capacitor 


e 150K Ohm Resistor 
e #16 & #18 Copper wires 


This simple FM Crystal circuit works best near the transmitter (around 15 kilometers range). You must move the circuit around to 


find the best signal reception. 


You can listen to FM radio stations by connecting high impedance earphones (crystal preferable) to its output or otherwise connect 


the circuit directly to an audio amplifier Aux input. 


It is recommended to connect a "rabbit ear" antenna or hanging a short wire (15cm or so) in various positions next to the internal 
antenna if no signal is detected. The variable length of rabbit ears can help to tune in more stations. 


Enjoy! 


Information 


e Our Return Policy 
e About Us 


e Delivery Information 
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energy come? 


The conversion of matter to energy in the stars is accepted, and, reasoning from what occurs in radioactive disintegration during which 
energy waves are radiated, one may conclude that energy waves of very high frequency are sent out from the stars (one of which is our 
sun). Now, of course, the conversion of energy into matter must equally be accepted. 


It has been found that ionisation, which could be the medium for the flow of energy, increases with increasing altitude, instead of decreasing 
as would be expected. Since the source of energy is the universe, the generation of energy by rotary action and by all prime movers is an 
effect and not a cause. Oscillatory energy action, be it in a Leyden jar, another man-made capacitor, or in what we may call natural 
capacitors, always behaves the same. The oscillations will continue until they have reach their cycle of height and then there will be a 
backrush returning to where the oscillations originated. Every oscillation, whether large or small, is completed during the same interval of 
time. These oscillations all prove the same great fact, that they are governed by the same cycle of time, completed during the same interval 
of time. Waves of energy have a regular beat note, coming and going as the waves of the sea, but in a very definite mathematical order - 
coming to the earth from every direction with a definite rhythm. 


Energy has a definite elastic or resilient rigidity and density, which is subject to displacement and strain. When strain is removed, the 
medium will spring back to its old position and beyond, surging back and forth, and will continue to oscillate until the original pressure is 
used up. If the internal impedance is too great, there will be no oscillations, but it will merely slide back in a dead beat to its unrestrained 
state. 


By cutting down resistance to a minimum and synchronising the resilient ionic actions of the Moray device with the wave actions of the 
universe, periods of oscillation can be made to come quicker and quicker until inertia asserts itself, thus lengthening out the time of final 
recovery. This is done by carrying the recoil beyond the natural oscillations and prolonging the vibrations by capturing the in oscillatory 
action. When the recovery becomes distinctly oscillatory, a harmonic pattern is initiated and the oscillations continue, resonance thereby 
being established with the universe. 


In the universe we see the same laws being obeyed as in our laboratories. As one traces down to the almost infinitesimal constituents of the 
atom, one finds that matter does not exist at all as the realistic substance which we have supposed it to be. There at the very foundation, it 
consists of nothing more than energy charges emitted at various wavelengths or frequencies. It is becoming more and more certain that the 
apparent complexity of nature is due to our lack of knowledge. And, as the picture unfolds, it promises a marvellous simplicity. 


One of the most marvellous relationships that has ever been revealed in the entire science of physics is that between light and electricity 
and the existence of electronics in atoms of matter. Knowing what we do at the present time with regard to the structure of atoms, this 
relationship is not quite so surprising. However, considering the total absence of this knowledge about a half century ago, the discovery that 
light, and radiation in general, are vibratory phenomena was revolutionary. 


Speaking of radiation, "Radiant" here means proceeding from a centre in straight lines in every direction. Energy is internal and inherent. 
"Energy" is defined as a condition of matter, by virtue of which, any definite portion may affect changes in any other definite portion. This 
was written in 1892, and discoveries since confirm it. Energy then is a state of matter, or rather, the result of a particular state or condition in 
which matter may be when any observed phase of energy appears. 


In addition to possessing kinetic energy, the atom is capable of absorbing energy internally. This internal energy is associated with the 
configuration of the particles of which the atom is composed. Under ordinary conditions an atom is in what is known as a state of 
equilibrium, in which there is neither a giving off, nor an absorbing of energy. But, the internal energy of the atom can be altered. When the 
internal energy of the atom exceeds that of its normal state it is said to be excited. Excitations may be caused in several ways, e.g., the 
collision of an atom with rapidly moving positive or negative particles or the breaking of lines of force in an electromagnetic generator. 
Kinetic energy is released when excitation causes a particle to give up some or all of its kinetic energy to the atom during collisions. This is 
taking place in the universe all the time. 


The electric motor and generator would never have been discovered if a dielectric (insulator) had not been discovered. If one discovers a 
dielectric valve for the energy of the universe, one has the answer to harnessing the energy of the universe! A limiting case of excitation is 
ionisation, wherein energy is absorbed by the atom sufficiently to allow a loosely bound electron to leave the atom, against the electrostatic 
forces which tend to hold it within the atom. An atom which has given up one or more electrons is said to be ionised. It is possible that 
ionisation, ¡.e., excitation, may take place in successive steps through absorption of quanta energy. The return of an ionised atom to a state 
of lower energy is associated with electromagnetic radiation. Also, from the process of ionisation, electrical energy may become associated 
with the vibrational forces of the universe coming into the earth as cosmic radiation. The higher the frequency, the greater the ionisation or 
excitation, a form of energy which is kinetic in nature. There are tremendous energies coming to the earth from outer space. These energies 
are only different manifestations of the energies we see in operation all around us. In most cases we are not even aware of their existence. 
They penetrate everything including our own bodies. Every one of us is alive by virtue of these energies. Every part and particle of the 
universe is alive with them. The generators that now furnish our electric power do not create or originate any power or electricity; they 
merely direct, pump, the existing energy or electricity. 


As in musical notes of high and low "C", the vibrational rates (frequencies) are different, but all "C" notes are essentially the same 
(harmonically related). This is the foundation upon which much of my investigation of vibratory phenomena is based. 


It has been agreed that all forms of matter are vibrating at a particular rate or frequency. And, so it is with the various forms of energy - heat 
and light, magnetism and electricity. These are but forms of vibratory motion connected with and being generated from the same source, the 
universe. Matter vibrates at a particular rate, according to its character, and may be transmitted into other substance by lowering or raising 
its rate of frequency. If the frequency is raised high enough, the molecules will separate and the atoms become free. Raising the frequency 
still higher, the atoms resolve themselves into their original components. Matter then becomes a form of energy. Frequencies may be 
developed which will balance the force of gravity to a point of neutralisation. One can then go beyond the force of gravitation. Understanding 
the principles of vibration is truly understanding energy. 
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In gamma rays, we find potentials which are equivalent to as much as 1,000,000 volts, yet their wave lengths are not the shortest known. In 
octaves still higher there are rays which are known as "cosmic rays". Who can draw a definite line and say how much higher other octaves 
exist than those knows as the cosmic rays? Our starting point from the discovery of these different waves was electrical conductivity of the 
air, and it has been found that this conductivity is just as strong by night as by day. Radiations emitted by the sun can scarcely be the sole 
cause of this energy. All space is saturated with vibration, energies, which are no doubt electrical in character. The relation of matte to 
energy and energy to matter then becomes the potential of the universe - one continuous series of oscillations. 


Atoms maintain an equilibrium by oscillations, rotations, attractions and repulsions, but this does not interfere with a transformation of 
equilibrium, which, when the transformations of equilibrium are rapid enough, become energy, i.e., matter is turning into energy and energy 
into matter. 


There can be no generation of electrical current and no kinetic energy if there is no disturbance of equilibrium, ¡.e., change of potential or 
change of energy levels. When one thinks of the oxygen and nitrogen molecules of the air all about us moving with the speed of bullets and 
striking us and everything else at this speed, one can form some idea of the agitation taking place here and in the universe. 


The oscillations from outer space are emitting electromagnetic waves of many wavelengths and frequencies. The Moray device is so 
constructed that the frequency is very much lower on the secondary side than on the primary side, and almost complete resonance is 
established. | am convinced that the energies from the universe are active radiations produced by the evolution of matter into energy and 
energy into matter. 


Dr Anderson's cloud chamber at the California Institute of Technology, in which the positron was discovered, has furnished much information 
about cosmic ray energies. He found that some positrons are born of cosmic rays smashing into matter. The cosmic ray energies deduced 
from the tracks left in the Anderson cloud chamber range from 100 volts to 3,000,000,000 volts. The Lemaitre-Vallarts theory, together with 
Dr Johnson's asymmetry measurements, give definite values for the energy of half of the cosmic radiation, and shows it continuously 
distributed between 5 billion and 50 billion volts. 


The figure of 100 billion volts is a result of Dr W. Kolhorster's measurement of penetrating radiation in the depths of the Strassfurt salt mines. 
He found that the minimum energy of these rays had a penetration which was greater than ever before demonstrated. Dr Axel Corlin of 
Sweden's Lund Observatory found radiation that still had energy after passing through somewhat greater depths and, therefore, the voltage 
figures can be made even higher. Energies of 100 billion volts or more are indicated by the great bursts set off by cosmic ray collisions, 
called the stosse, which have been observed particularly in Germany. The Moray RE devices have worked equally well in deep mines, 
under water or high in the mountains and in an airplane. 


It is about 100 years since science began to consider light, heat, magnetism, galvanism, and electricity as natural forces. In the early part of 
the 19th century school books termed these things "imponderable substances". The corpuscle theory of light was taught, the sun was 
supposed to provide an endless supply of those corpuscles. After the corpuscle theory faded, scientists turned to the wave theory, but even 
that was based on a crude concept of movement of the ultimate principles or atoms, of matter. The electron theory has superseded the 
earlier ones now, and while the electron theory explains the observed and theoretical "facts" better than the previous concepts did, could it 
be that, as the greater light of knowledge leads us on, the electron theory in turn will fall short of providing "absolute" knowledge? The 
Einstein Theory may stand in need of revision or amendment; or, in time, it may join the theories of corpuscles and waves on the back shelf. 


A specific case, in which the electric field performs the double function of molecular excitation and the creation of intermolecular and atomic 
ions, is being given by the system used by the inventor. It is a system utilising the principles of the wire corona with a concentric cylinder at 
different pressures. The system is modified in conformity to the concept that chemical reactions must take place when the oppositely 
charged molecular ions from an appropriate activated catalyst are accelerated against one another in the wire corona. It consists of a 
cylinder made of a suitable catalyst from which positive ions are emitted. The reactants (gases) streaming through the chamber parallel to 
the length of the wire attain the polarity of the negative molecular ions by the high electric field close to the wire. As these negative 
molecular ions are accelerated at the right angles to the wire in the direction of the electric field toward the positively charged catalyst 
cylinder, they are met by an avalanche of onrushing atomic ions from the catalyst. A certain amount of reaction takes place in that instant, 
10-8 seconds. However, some of the negative molecular ions outside the mean free path of the positive atomic ions are free to rush 
headlong toward the positive cylindrical field where they are neutralised, and instantly given a positive charge by the avalanche of 
outrushing positive ions. These positive molecular ions are accelerated back into the field and collide against the negative molecular ions 
coming from the direction of the negative electrode corona. This melee continues until the reaction has come to a point where the individual 
participants are either all gone or the mixture is outside of the electric field: backrush oscillations. 


The Moray apparatus combined with other equipment, consists of a combination of specially constructed tubes which we will refer to as 
valves, "pressure transmitters", interceptors and oscillators. The valves are not rectifiers in the sense that they operate as radio valves in 
changing Alternating Current or High Frequency oscillations into Direct Current. They have an actual valve action in stopping the "flow" of 
energy which may be thought of as oscillatory action similar to the waves of the sea, without rectification, from returning to the outer circuit, 
much as a retaining wall could stop the waves of the sea from returning. The other modalities and "tubes" of the device are equally unique in 
their performance. Although no new laws of energy are being advanced or claimed as having been discovered, the application in the 
method of utilisation of the energy throughout space is unique in that "generation" is accomplished by oscillatory utilisation rather than by 
the conventional prime mover. These detector tubes have a synchronised pull with the specially developed oscillators of high faradic 
capacity and provide a means through which oscillating energy may pass to specially constructed valve oscillators whose relation to the first 
stage valve is such as to permit oscillations to come in from but not return to the outer circuit with an automatic variable relation to the 
oscillations from the universe, and capable of setting up within their circuits initial oscillations which coincide with the oscillations of the 
universe. 


Special provision is provided to stop RE tubes from becoming blocked in their dissipation of the charges created by the oscillations that 
continually accumulate based on the oscillatory capacity backrush effect common to capacitors and are herein applied in vacuum tubes. 
This action of these devices has the effect of enlarging and prolonging the time of charge and discharge of the capacitors and the capacity 
energy in the circuit to an appreciable interval in perfect harmony with the natural energy wave through the interceptor's valves and 
oscillators in the circuit which set up in the circuit electrical pulsations corresponding to the energy waves captured by the interceptor and 
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again kept from returning to the second outer circuit by "multi-walled" valves. The final tubes act as energy pressure transmitters with a 
means to prevent "shunting" condensation by a special form of "getter". This stops condensation accumulating at the base of the tubes 
which would block their ionic action. 


One must "split" the energy discharge band into lines of variation (call this what you will), lines of energy or lines of light beyond the "light 
rays". The oscillations, therefore, do not become simple oscillations but through the action of the universe set up an energy flow which might 
be referred to as the assertion of inertia. When inertia sets in, the action will continue because of the oscillations of the cosmos, otherwise 
one would have a complete dissipation of energy and no oscillations. The oscillation will vibrate during the same period of time regardless of 
the potential, but the rate of vibration of the device depends on the "capacity" of its modalities, i.e., condensers, etc. 


Put together in pure energy resonance, certain energy responding apparatus which synchronise with the resonance of certain vibrations in 
the universe, and what do you have? Useable energy from the universe. This energy may come to the planets as oscillations similar to the 
oscillations and tides of the sea. The Radiant Energy tubes receive this energy in surges which may last only a few microseconds by the 
pressure and current in those surges are so strong that sufficient energy is delivered to the equipment in resonance to be useable in 
multiples of flashes and in a magnitude which competes with the light of day. Remember resonance and pressure can do a lot to amplify 
energy. Also remember that the vibrations going out from the sources in the universe must also return to their sources. Nothing is lost. There 
is only a lowering of potential like water flowing over a water wheel. 


The Radiant Energy tubes present no new laws of physics. They simply expand the application of known laws, thereby obtaining results not 
at first thought possible. This is the history of science. Radiant Energy tubes possess greater ability to obtain "saturation" and thus charge 
the accompanying capacitors at a more steady rate. When a certain voltage is reached, ionisation occurs in the gases of the discharged 
tube and causes the capacitors of the valve circuit to discharge into other capacitors of the valve circuit, to discharge into other capacitors of 
the oscillators and the other modalities of the circuit. 


When ionisation in the preceding tubes is no longer possible because of the reduced voltage, the process starts all over again. The first 
valve passes vibrations of energy into an oscillatory circuit; ionisation sets in, a discharge occurs, and energy passes through another valve 
into other oscillators. The process is repeated from the first stage on to the second stage, on to the third and so on, much like a bucket 
brigade. That is why | asked years ago, "Cannot a steady flow of water be obtained from the waves of the sea or energy from the vibrations 
of the cosmos?" 


When a vibration of any kind strikes a boundary between two media of different vibratory impedances at an angle of less than 90 degrees, a 
transformation of the vibratory rate may be changed into another vibratory rate. The Radiant Energy device therefore will continue to capture 
energy by resonance, or call it what you will, as long as the "keep alive" vibration of the cosmos continues to oscillate the various stages of 
the valves and oscillators in the circuit. Simple, is it not? Just a case of the trapping of energy which is everywhere present in the primary 
circuit and causing it to oscillate through the secondary circuits through a blocked circuit of no return. 


Our experiments have proved that there is an energy which exists in the universe which, by proper development of equipment, can be made 
available for commercial use. 


Such an energy transformer or converter has been built. It has been operated, at full load continuously with no expenditure of fuels of any 
type, without a mechanical prime mover, kept alive by the oscillations of the energies from the cosmos; an energy converter, or transformer, 
which would be capable of converting the high frequency, high level energy of the cosmic radiation into current of usable frequency and 
voltage. 

Basically the theory of operation is as follows: 

Oscillations are started in the first stage or circuit of the device by exciting it with an external energy source. 


The circuit is "tuned" until the oscillations are sustained by harmonic coupling to the cosmic wave frequencies. 


The reinforcing action of the harmonic coupling increases the amplitude of the oscillations until the peak pulses "spill" over into the next 
stage through a special detector or valve which prevents the return or feedback of energy from succeeding circuits. 


These "pulses" drive this stage, which oscillates at a lower frequency and is again reinforced by harmonic coupling with the ever present 
cosmic waves. 


The second stage drives a third stage, and additional stages are coupled until a suitable power level at a useable frequency and voltage is 
obtained by means of special transformers. 
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The specific information on Moray's system is very limited, especially since his patent application has been removed. The diagram above 
and the diagram below have been reproduced from what is alleged to be the notes from which the patent application was composed. These 
notes are not very clear both in wording and in the quality of reproduction, however, the diagrams shown here are an attempt to show clearly 
anything which is reasonably certain in those diagrams. 
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TOP VIEW CROSS-SECTION 


This is supposed to be the construction information on the Moray Valve which was capable of being set to either rectify a signal or to amplify 
a signal. The casing is a metal cup which also forms one of the contacts for the valve. inside the cup there are four pellets attached to the 
side. The outer two pellets are made of bismuth and are fused directly on to the metal case. The two inner pellets are attached to the case 
with tin instead of solder. Judging from the drawing, it looks as if the metal arm contacting the pellets can only connect with the inner two 
pellets. The arm presses sharply against the pellets in the same way that the "cat's whisker" diodes of the time were touched with a silver 
wire to make a point contact and produce rectification. 


If it is correct that the rotatable arm only contacts one of the two inner pellets, then the reason for those outer bismuth pellets must be as an 
indirect part of the valve. So, this section of the case is an arrangement of the metal of the case, tin, bismuth and five junctions between 
different materials, not counting the contact arm. One of the two inner pellets is made of purified germanium with the addition of very small 
amounts of a doping material. Iron Sulphide (FeS), Molybdenum Sulphide (MoS), Bismuth, Uranium and Silver have been mentioned as 
possible doping agents. Another material mentioned is Lead which has had it's structure altered by the process described in Moray's patent 
US 2,460,707. The pellets are said to be produced under high pressure. 


From this it can be seen that we do not have anything remotely like the full information on Moray's system. However, there are a number of 
important things which we can learn from this. Firstly, using just a good earthing connection and an aerial of just ninety feet (30 m) or so in 
length suspended only some eight feet off the ground, it is possible to draw significant current from the environment. The photograph shows 
35 light bulbs being lit by Moray and that is a substantial amount of power. It is unlikely that we will be able to reproduce Moray's exact 
method of extracting power, but it is highly unlikely that his method is the only possible way of achieving efficient power extraction. So, if we 
experiment with the components and materials to hand today, it is distinctly possible that we could extract major amounts of power from a 
relatively small aerial wire positioned at quite a convenient height above the ground, and a good quality earth. 


Moray's book "The Sea of Energy in which the Earth Floats" can be downloaded as a free 64-page eBook from here 


Hermann Plauson’ Systems. Hermann Plauson was granted US Patent 1,540,998 in June 1925. The patent is similar in style to Tesla’s 
pick-up system and it illustrates the principle with a system which is very much like Paul Baumann's “Testatica” device hidden away in a 
Swiss religious commune. The patent is very detailed with 37 drawings showing different arrangements, and it is shown in full in the 


Appendix. In fact, the patent reads more like a tutorial rather than a patent. 


A system of this type should most definitely be taken seriously: Hermann considers one of his systems with an output of 100 kilowatts as 
being a “small” system. However, it needs to be understood that each of Hermann’s aerials, unlike those of Thomas Henry Moray, 
contributed less than one kilowatt each, and when Hermann speaks of a 100 kilowatt installation, he is referring to an array of more than 
one hundred separate aerials. 


Hermann illustrates several different methods of energy capture and several methods of increasing the effectiveness of the captured energy. 
While an installation to capture a continuous supply of 100+ kilowatts is unrealistic for an individual, requiring amny tall aerials, there is the 
distinct possibility of making a scaled-down version which is capable of providing serious levels of free power. Reading his patent through 
carefully is definitely to be recommended. 
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Herman starts by illustrating how working electricity can be taken from a Wimshurst machine. The Wimshurst output voltage is very high 
and the current capacity is very low and most people would dismiss it out of hand as being totally inadequate for any kind of practical work. 
However, Hermann boosts the power level by feeding the output into a step-down transformer which lowers the output voltage to a 
convenient level and raises the available current in proportion to the reduction in voltage. This is the same technique patented by Nikola 
Tesla. The apparatus which Herman illustrates is shown here: 


You will notice how simple this circuit is. Three capacitors “a1”, “b1” and “c1” in a chain, form a single high-voltage capacitor. The blobs 
shown connected across these capacitors are emergency discharge spark gaps put there to deal with unusual events like the aerial being 
hit by a lightning strike. This circuit is very much like the Wimshurst machine circuit which Hermann uses as an illustration of the principle 
of operation of these kinds of circuits. In this circuit, he shows a special motor marked “M” which is driven by the circuit and he also shows 
output terminals which can have other equipment connected across them. 


His patent says: “By suitably selecting the ratio between the number of turns in the primary and secondary windings, with regard to a correct 
application of the coefficients of resonance (capacitance, inductance and resistance) the high voltage of the primary circuit may be suitably 
converted into a low voltage high current output. It should be remembered that a spark produces a very sharply rising voltage pulse and 
that unbalances the local quantum energy field, as described earlier, producing very large energy flows as the local environment returns to 
its balanced steady-state. The spark, which is produced by relatively low power, is used as a trigger for vastly larger energy flows, which 
feed the step-down transformer, producing serious current at reasonable voltage, capable of doing useful work, without the requirement for 
any input power from the user. 


When the oscillatory discharges in the primary circuit become weaker or cease entirely, the capacitors are charged again by the static 
electricity until the accumulated charge again breaks down across the spark gap. All this is repeated as long as electricity is produced by 
the static machine through the application of mechanical energy to it. Herman states that without the spark gap arrangement across the 
three capacitors connected between the aerial and the earth, “it is impossible to collect and render available large quantities of electrical 
energy.” 


In addition to the use of spark gaps in parallel, a second measure of security is also necessary for taking the current from this circuit. This 
is the introduction of protective electromagnets or choking coils in the aerial circuit as shown by S in the diagram below. A single 
“electromagnet” having a core of the thinnest possible separate laminations is connected with the aerial. In the case of high voltages in the 
aerial network or at places where there are frequent thunderstorms, several such toroidal-wound coils may be connected in series. 
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In the case of large units, several such magnets can be employed in parallel or in series parallel. The windings of these electromagnets 
may be simply connected in series with the aerials. In this case, the windings should be made up from several thin parallel wires, which 
together, make up the necessary cross-sectional area of wire. The winding may be made of primary and secondary windings in the form of 
a transformer. The primary winding will then be connected in series with the aerial network, and the secondary winding more or less short- 
circuited through a regulating resistor or an induction coil. In the latter case it is possible to regulate, to a certain extent, the effect of these 
choking coils. 


Fig.5 shows an arrangement for producing large currents which can be used direct without motors, to provide heating and lighting. The 
main difference here is that the spark gap consists of a star-shaped disc 7 which can rotate on its own axis and is rotated by a motor 
opposite similarly fitted electrodes 7a. When separate points of the stars face one another, discharges take place, thus forming an 
oscillation circuit with capacitors 5 and 6 and inductor 9. A motor may also be connected directly to the ends of inductor 9. 


The patent continues by showing many ways to increase the power of the aerial system and many ways of applying the output to practical 
electrical devices. It contains 37 diagrams, a wealth of practical information, and a copy of it is in the Appendix. 


Roy Meyers’ Device. Roy Meyers was granted UK Patent 1913,01098 in January 1914. The patent, which is included in the Appendix, 
shows an extremely simple device which produces an electrical output without any form of visible input whatsoever. This intriguing device 
was discovered when testing a very simple form, where two horseshoe magnets were interconnected with soft iron wire and two bars of zinc 
placed between the legs of the magnets. Roy found that he got an output of 8 volts using just two 4-inch magnets with 1-inch square legs 
and zinc bars of similar size. The physical orientation of the device is very important. The patent says that current is collected if the open 
ends of the magnets are pointing in a North - South direction and not if they are positioned in the East - West direction. However, 
replication attempts seem to indicate the reverse of this with energy pick-up occurring when the alignment is East-West. Indications are 
that this is not an easy device to get operating correctly. 


The first arrangement is shown in the following diagram: 


 — — Zinc bar 


Magnetic North —— 


TO 
RECTIFIER sow WIRE 


Roy developed his system further and found that while it works indoors, it does perform better if located outdoors and raised to a height of 
fifty or sixty feet. However, that is by no means essential, and the output power and voltage can be increased by increasing the number of 
collector units. Roy developed these to produce the style shown here: 
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The zinc acts more effectively if installed as sheets bent into a V shape. The magnets and zinc sheets can be stacked vertically and/or 
horizontally and the greater the number used, the greater the electrical output. A good earth connection is recommended and presumably, 
the average cold water pipe of any house provides a more than adequate earth connection which is convenient to use, provided the 
pipework is made of metal. 


Raymond Phillips Snr. 

Presents an interesting patent US 4,685,047 of 4th August 1987, entitled “Apparatus for Converting Radio Frequency Energy to Direct 
Current”. While this patent speaks of radio-frequency energy, | can see no particular reason why that would be the only energy which could 
be picked up by this circuitry. The patent information is as follows: 


Abstract: 

This patent describes an apparatus and methods for converting radio frequency energy into direct current for generating electric power. It 
includes a dipolar antenna for receiving radio frequency energy and a circuit for converting the radio frequency energy to direct current. The 
circuit has a positive output line connected to one pole of the antenna and a negative output line connected to the other pole of the antenna. 
A positive transmitting diode is in the positive output line and a negative transmitting diode is in the negative output line. First and second 
bus lines and a pair of tuned circuits of opposite polarity couple the positive output line and negative line to the bus line with one of the bus 
lines being connected to ground. Each tuned circuit includes a first bridging line connecting the positive output line to the first and second 
ground lines and a second bridging line connecting the negative output line to the first and second ground lines. Each bridging line has in it, 
a diode connected with a polarity which is reversed with respect to the input diode. The bridging lines of each tuned circuit are connected to 
one another by an inductor and have capacitors placed between the diode and the bus lines. A Direct Current device is connected to the 
positive line of the circuit. 


Background of the Invention: 
This invention shows an apparatus for converting radio frequency energy to Direct Current of sufficient magnitude to power devices such as 
battery chargers and electric motors without the use of amplification. 


There has long been interest in technology directed to transmitting electrical energy over a distance without using wires. Development of 
such a technology has enormous potential. This was first recognized by Nikola Tesla who in 1899 constructed a 200 foot Tesla coil rated at 
300 kilowatts at 150 kilocycles. Tesla hoped to set up standing waves of electrical energy around the whole surface of the earth, so that 
receiving antennas set at optimum points could tap the power when needed. Tesla was able to light hundreds of lamps at a distance of 
about 40 kilometers with his device without using wires. The scheme has generally remained a scientific curiosity but has provided the initial 
groundwork for current developments wherein attempts are being made to transmit power using microwaves. However, power transmitted 
by microwaves is envisioned in the form of a beam of very high intensity which is focused from a microwave generator to a receiving 
antenna. This technology is envisioned as being used for many types of purposes, however, the focused microwave beam is not suitable for 
many applications because the beam must be directed toward a receiving antenna and cannot be transmitted through most objects, 
including living objects, without destroying those objects. 


This invention relies on converting energy from standing waves which are emitted from radio frequency antennas in the RF range rather 
than the microwave range. Of particular interest are very low frequencies which are not used in communications and are available for 
transmitting power. Also of interest are the low frequency waves emitted by the earth due to pulsing of its magnetic field. These low 
frequency standing "earth" waves can be picked up by receivers tuned to them. 
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Summary of the Invention: 

This invention shows an RF antenna for receiving radio waves. The RF antenna connected to a circuit configured to convert the RF signals 
to Direct Current. The radio frequency signals received by the antenna are transmitted to two leads, one being rectified to produce positive 
voltage and the other rectified to produce negative voltage. The positive voltage lead is connected directly to a positive output line and the 
negative voltage lead is connected directly to a negative output line. The positive output line is connected to a pair of bus lines through a 
first pair of capacitors, while the negative output line is connected to the pair of bus lines by a second pair of capacitors. Placed between the 
first bus line and the positive output line is a reverse diode of negative polarity, while placed between the negative output line and first bus 
line is a reverse diode of positive polarity. The positive and negative output lines are connected to one another through an inductor which is 
in parallel with the capacitors of the first and second pair connected between the second bus line and the positive and negative output lines. 


To similar 


In one implementation of the invention this circuit is duplicated for each positive and negative output line. In another the circuit is coupled to 
additional identical circuits in order to increase the direct current output of the arrangement. In another implementation, the antenna used is 
a dipolar antenna of aluminium wire arranged in a "butterfly" configuration. 


This invention uses these elements to generate direct current of sufficient power to perform tasks such as charging batteries, lighting lamps 
and powering direct current electric motors without the use of amplifiers. 


Brief description of the drawing: 
The reference characters used show the same or similar parts in each views, and what is shown is a diagram of a circuit, a driven device 
and a dipolar antenna which receives radio frequency waves which are then converted to DC current for powering the driven device. 


Description of the preferred embodiment: 
Referring now to the drawing below, there is shown a dipolar antenna, designated generally by the numeral 10, which receives radio 
frequency waves from an RF transmitter. 
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To similar 


These waves are passed to the conversion circuit through a coaxial cable 13 and the DC output current of the circuit is used to power an 
output device 15, which may be, for example, a battery charger, DC motor, or lighting device. The circuit has no other power inputs and so 
has no amplifiers for boosting the RF energy. 


The source of frequencies which can be converted to Direct Current by the circuit shown may include sources of high frequency (HF), low 
frequency (LF), very low frequency (VLF) and extremely low frequency (ELF) radio waves as well as seismic vibration of the earth's 
magnetic fields. 


Preferably, the dipolar antenna 10 is formed of two triangular loops of aluminium wire 16 and 17, one of which is connected to the annular 
conductor 21 of the coaxial cable 13 and the other of which is connected to the centre conductor 22 of the coaxial cable. The size of the 
bipolar antenna 10 is dependent on the particular application to which it is put. In one embodiment of the invention, the antenna 10 is 
approximately 12 inches in width and 18 inches in length. Such an antenna is used to receive five watt energy, such as that generated by a 
walkie-talkie or citizen-band radio. 


The outer conductor of the aerial is connected to positive lead 21 and the centre conductor of the coaxial cable is connected to the negative 
lead 22 of the circuit. A positive transmitting diode D1 is placed between the lead 21 and the positive output line 25. A negative transmitting 
diode D2 is placed between the lead 22 and the negative output line 26. 


In order to provide a DC output of sufficient power, a number of inductance-capacitance RF tuned circuits 30, each forming a positive cell, or 
a negative cell, are used to connect the positive output line 25 and negative output line 26 to the first and second bus lines 31 and 32, 
respectively. Bus line 32 is connected to ground while bus line 31 can be connected to similar circuits. Inductor 35 serves as a radio 
frequency choke. As is seen of the drawing, the RF tuned circuit cell 30 is repeated a plurality of times. In the specific example shown, the 
circuit has separate cells 30, 37, 38 and 39. The cells 30 and 38 are of opposite polarity and balance one another, while the cells 37 and 39 
are of opposite polarity and also balance one another. In order for the system to function, a pair of opposite polarised cells must be used. 
The particular number of cells 30 and the value of the components in it, are determined by the configuration of the dipole antenna 10 and 
the power and frequency of the RF transmitter. 


This radio frequency to direct current conversion circuit may itself be connected to a duplicate circuit via pin 41 so as to provide additional 
direct current output on lines similar to positive output line 25 and negative output line 26 the output lines may be connected together in 
order to boost the total output of the system. 


An operative embodiment of the invention uses the following elements: 


Diodes: D1, D2, D3 and D4 - Germanium Diodes, type 1N34A, 

Inductors: 35 - 47 millihenry R. F. Choke 

Capacitors: C1 and C2 - 0.47 Pico Farad at 200 volts 

Coaxial Cable: 13 - 50 ohms 

Dipolar Antenna: aluminium wire triangular loops approximately 12 inches by 18 inches. 


From the foregoing description, one skilled in the art can easily ascertain the essential characteristics of this invention, and without departing 


from the spirit and scope of it, can make various changes and modifications of the invention to adapt it to various uses and conditions. 


The “Alexkor” Aerial system. ‘Alexkor’ who provided some of the charging circuits shown in chapter 6, also uses an aerial system for 
charging batteries in the 1.5V to 6V range. It is a simple system which uses an aerial of the type used by Thomas Henry Moray, that is, the 
bulk of the aerial is horizontal: 


http://www.free-energy-info.com/Chapt?7.html 31/62 


1/4/2017 Free-Energy Devices - Power gathering from aerials 


¿m or more 
Circuit 


== — Battery being 
= charged 


| Earth 
connection 


The suggestion is that the aerial is suspended between the eaves of a house and a nearby tree, but | don’t know anybody who would be 
able to do that. The longer the aerial or the greater the number of aerials connected, the greater the charging power available. The aerial 
wire should be not less than 0.5 mm in diameter and it needs to be insulated from it’s supports — plastic cord can be used for that. 


The circuit used is: 


60m horizontal aerial 


y 


Diodes are 1N34A HE to GY 


Earth 
connection 


A more powerful version of the circuit is: 


Horizontal aerial 60 metres long 
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Here, there are three sets of diodes placed between the aerial and the earth. Let me stress again that the earth connection is a thick copper 
wire connected to a long rod or pipe driven into the ground or a large metal plate buried in dampened ground. 
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As the circuit operates, the three sets of diodes with their isolation capacitors, build up an increasing voltage on capacitor “C1”. The voltage 
at point “B” will also increase and be about twelve volts less than the voltage on capacitor “C1”. Eventually, that voltage will rise high enough 
to cause a discharge through the tiny neon tube and that current pulse flows through the Gate connection “G” of the thyristor, switching it on. 
Once switched on, the thyristor stays on until capacitor “C1” has been discharged, after which, the thyristor switches off and the process 
starts all over again. The amount of power in these pulses is considerable and the thyristor gets quite warm when the circuit is running. The 
BT151-800R thyristor can handle as much as 800 volts and pass 7.5 amps of current continuously. 


An important point to note is that the power available from this circuit increases with additional aerials. With two aerials connected, the 
power is doubled and with three aerials the power is tripled. That is, each additional aerial provides as much power as the first aerial did and 
there does not appear to be any limit to the number of aerials which can be connected. 


The TREC 

There is a powerful aerial system which has been developed by Lawrence Rayburn of Canada. Initially, Lawrence intended to market kits to 
make it easy for people to replicate his aerial design which was providing him with ten kilowatts of power. However, Lawrence shelved that 
idea as he decided that the risk to users was just too high. He was also concerned that the aerial/earth combination might attract lightning 
strikes, causing considerable local damage. So, it is VERY important that you understand that this is a dangerous and potentially LETHAL 
aerial system which is quite capable of killing you if you are careless. If you are not already experienced in working with high-voltage/high- 
current devices, then this is NOT something for you to experiment with, and anyone who does fool around with this design does so wholly at 
his own risk as this material is presented “for information purposes only” and there is no recommendation whatsoever that you should 
actually construct one of these aerial systems. 


The technique used is quite different from the other aerial systems mentioned earlier in this chapter. Here, the objective is to create a tuned, 
resonant cavity reaching up to the ionosphere where there is a massive amount of excess energy supplied by the sun. 


The tuning mechanism consists of two spirals of 3/4-inch (20 mm) copper pipe wound so that they cover a four foot (1220 mm) diameter 
area. These spirals are covered above and below with a sheet of Lexan plastic. The diameter of the copper pipe is important and smaller 
diameter should not be used even though it would be much easier to bend into shape. Actually, bending the large-diameter copper pipe is 
unlikely to be an easy task. Presumably, a pipe-bending machine would be used and a conical spiral produced and then the cone flattened 
to form the flat spiral. The spiral has even spaces between the turns, at all points along it’s length. 


http://www.free-energy-info.com/Chapt?7.html 33/62 


1/4/2017 Free-Energy Devices - Power gathering from aerials 


Lexan sheet 
top and bottom 


la in 3/4" 


copper pipe 


LETHAL VOLTAGES HERE 
Three sets of coils, 24" long 
10", 8", E and 4" diameters 


Spark gap 


The two spirals are mounted, one vertically above the other with thirty feet (9145 mm) between them and the lower spiral being one foot 
(305 mm) above the ground. This means that this aerial system is only suited to people who can erect a structure of this height without 


inconveniencing neighbours or contravening local planning regulations. 


— 4 AWG wire wooden 
sliding batons spiral wound, 24" long 


10" diameter, 4 AVG, spiral wound, 24" long 


e” diameter, 10 AVG 
and 16 AWG bi-filar 
wound, 24" long 


6" diameter, 4 AG, 


4" diameter, 10 AnG 
and 16 AWG bi-filar 
wound, 24" long 


Output transtormer: 
o" diameter, 100 turns of solid 4 Avy 
6" diameter, 6.25 turns of solid 8 A 


Power rating 10 kW"! 


The tuneable cavity is created by connecting the innermost ends of the two spirals together using 4 AWG wire which has a 5.19 mm 


diameter copper core. The outer end of the lower spiral is then connected to a large ground plate buried two feet (600 mm) below the 


surface of the ground, with four separate strands of the 4 AWG wire. 


An adjustable spark gap is used. It can be positioned in the vertical wire between the two spirals, or in the middle of an extra 4 AWG wire 
run vertically between the outer ends of the two spirals. The power take-off is from the middle of the central vertical wire. 


The cavity is tuned by sliding coils inside each other. This arrangement not only tunes the cavity but it also steps down the very high aerial 


voltage and raises the available current at the same time. This is where the danger comes in. The intermediate parts of this step-down 


tuning arrangement can have voltages of 600 volts at high current, and those voltages can easily kill you, which is why this is NOT a system 
for beginners and why Lawrence did not go ahead with selling kits for this aerial system. 


The aerial output is fed into a final step-down transformer and a 50 Hz (cycles per second) or 60Hz signal from a signal generator is used to 
modulate the incoming power and allow it to be used with normal mains equipment which may need that frequency of AC. Resistive heaters 


and lights don’t need AC or care about the frequency of any AC which they are fed. 


The tuning of the system is very sharp and whatever is being used as the load affects the tuning. The wire used for the tuning array is 


insulated, single solid-core copper wire. 4 AWG has a core diameter of 5.19 mm, 8 AWG has a core diameter of 3.26 mm, 10 AWG has a 


core diameter of 2.59 mm and 16 AWG has a core diameter of 1.29 mm. Page 1 of the Appendix shows other characteristics for these 


wires. These heavy wires are an essential part of this design. 


You will notice that two separate earth connections are needed for this aerial system. The second earth connection should be a long copper 


rod driven deep into the ground and some distance away from the buried plate earth. For the separation of two earth connections, ten 


metres (eleven yards) is generally considered to be a reasonable distance between them. The main earth is a 4-foot x 4-foot plate buried 


exactly under the lower spiral and the connection runs to the centre of that plate. 
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It is suggested that the spark-gap be constructed using copper-clad carbon welding rods, mounted in a nylon housing which allows the gap 
to be adjusted with a nylon screw. Remember that this is not a connection which you can disconnect from the power supply when making 
connections or adjustments. Also, on one occasion when a 500-watt light bulb was connected across the spark gap, it burned out instantly 
with a bright flash of light. This system is not a toy so thick rubber gloves and rubber footwear should be used. 


The 4 AWG copper wires can be connected to the copper rods forming the spark electrodes, using copper pipe clamps. A tapered nylon rod 
could be used to adjust the spark gap screw while keeping well away from the copper. The spark gap should start at a one-inch (25 mm) 
gap and adjusted to no less than a half-inch gap. The spark gap and it's adjusting gear should be enclosed in a weather-proofing container 
and it has been suggested that it could be and advantage to fill that container with helium gas. 


Please remember that coils, such as those in the tuning section of this system, have capacitance as well as inductance. The coil insulation 
is a dielectric and you standing on the ground form a good earth connection, so please don't imagine that you can't get a serious shock from 
handling an insulated coil carrying high-voltage high-frequency AC current, and in one implementation after modulation in the mixer at 60 
hertz the pre-output transformer was measured at 3496 volts! 


If you are not experienced in working with high-voltage circuitry, and still decide to try building and using this circuit, then please put your 
affairs in order and pre-pay your funeral expenses before you start building. (That statement is not intended to be humorous). 


It is said that if the upper spiral is positioned at a height of just four feet (1200 mm) then the output is much lower and suited to charging a 
battery bank. As far as | am aware, this system has not been replicated and so there has been no practical feedback on building or using it. 


The TREC appears to be not unlike the Patent Application US 2008/0191580 from Harold Deyo: 


Harmonic Energy Exchange Device 
Patent application US 2008/0191580 Inventor: Harold Stanley Deyo 14th August 2008 


ABSTRACT 

This invention converts inertial impulses into electric currents. Specifically, it converts impulses created by the impacts of high-energy 
particles from the Sun and other cosmic sources into the Earth's Magnetosphere and the varying D, E, F1 and F2 layers of its lonosphere to 
controlled electric currents. This invention presents a new method of utilising energy from the Sun and other sources of high energy articles 
as a virtually, inexhaustible, alternative-energy source for the world. 


BACKGROUND OF THE INVENTION 

This invention relates to the conversion of impact energies created by the collision of high-speed cosmic particles and electromagnetic 
radiations with “Earth's Outer Layers” to produce inertial waves in the dielectric Troposphere which are subsequently converted into 
electricity by this invention. 


The term “Earth's Outer Layers” refers to: Earth's Magnetosphere, Van Allen Belts, lonosphere, Mesosphere, and Stratosphere as illustrated 
in Fig.2: 
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FIGURE 2 
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DESCRIPTION OF THE PRIOR ART 

One day while reading an old scientific magazine | saw a small article on the research of Dr. John Trump of MIT (the basis for an 
electrostatic generator patented later by Onezime P. Breaux in U.S. Pat. No. 4,127,804). The article talked about a series of experiments 
which Dr. Trump had performed with a 2-plate, capacitor in a vacuum dielectric. Briefly, he discovered that by varying the distance between 
the two plates one could produce current flows in one direction or the other between either of the plates and ground. 


The Solar Wind strikes “Earth's Outer Layers” constantly as do many other cosmic particles. At any given instant of time, the vector product 
of these impacts produces either a net pressure increase or decrease in the Troposphere. This creates random waves of pressure in the 
“Earth's Outer Layers” as one charged “plate” moves in relation to the oppositely-charged Earth's surface as the other “plate”. This variation 
of pressure in the “Earth's Outer Layers” is equivalent to moving an outer “plate” back and forth toward the Troposphere and the Earth's 
surface as the inner “plate” - thus giving rise to variations in voltage on both “plates”. In this case the Troposphere (see Fig.2) acts as the 
dielectric medium instead of the vacuum in the Trump experiments. Furthermore, the Troposphere, itself, is also compressed and 
decompressed by these random waves of pressure on the “Earth's Outer Layers”. Thus, | reasoned that if one could create a charged 
envelope or field of sufficient voltage within the Troposphere, one could convert these random pressure waves in the dielectric Troposphere 
into current flow on the Earth's surface. 


As “Earth's Outer Layers” surround the planet, any impact waves propagate throughout all of them when they are present - even to the 
night-time side of the planet. Thus, | also reasoned that one could extract power from these impacts anywhere on Earth's surface or in it’s 
atmosphere whether it be day or night. The pressure waves on the dark side of Earth would be less energetic than those occurring on the 
day-time side, because the night-time layers of the lonosphere are compressed so much that the D-Layer of the lonosphere disappears at 
night and the F1 and F2-Layers of the lonosphere combine into one F-Layer. | calculated that the available energy from these impact waves 
would be significantly less by 30-45% depending upon one's location on the night side of the planet in respect to the terminator. 


Many years ago, around 1900, Dr Nikola Tesla built and tested a device to extract energy from the Sun using an apparatus which forms part 
of my own invention (see U.S. Pat. Nos. 685,957 an 685,958 dated 5 Nov. 1901). 


Subsequently, Dr. Thomas Henry Moray, another inventor and student of these Tesla patents made a device which apparently accessed the 
same source of energy but with a method different than my own. As Dr. Moray was never granted a patent for his device | cannot be certain 
that his work is considered prior art but | list it here as part of my due diligence. Apparently, he had trouble explaining to the patent reviewer, 
the source of energy which his device was converting, and thus, was not granted a patent for his impressive work. Dr. Moray's public 
disclosure of certain aspects of his invention are public knowledge through his published lectures and his book, “The Sea of Energy in 
Which the Earth Floats’ - published in 1931. 


Since the beginning of the 20th century, mankind has been looking for new sources of electric power to feed the ever-increasing energy 
demands of the human population. In the last half of the 19th century, coal, whale oil, human and animal labour, moving water, wind and 
wood were the main sources of energy. However, in the first quarter of the 20th century, mankind began to use more electricity produced by 
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hydroelectric generators and generators producing electricity by combustion of hydrocarbon fuels. With increasing use of petrol engines and 
the increasing use of electrical appliances the demand for electricity accelerated the addition of heat and greenhouse gasses into the 
Earth's ecosystem. 


In the last half of the 20th century, many forward-thinking individuals began looking for alternative energy sources to reduce the emissions of 
greenhouse gasses. All of the alternative energy systems investigated and/or developed in the last 56 years have had significant drawbacks 
to their usage as the main energy supply for the needs of humanity. 


Some of those alternative energy systems were nowhere near as efficient as the existing systems. Some of the alternative energy systems 
still introduced extra heat into the environment like the existing fossil fuel and nuclear energy systems. And others produced even more 
greenhouse gasses than the existing energy systems. Some of the new systems used food resources to produce combustible fuels which, 
consequently, reduced the food resources of the planet. Among the leaders in the new energy sources was, and is, nuclear energy which 
produces extra heat, toxic wastes and materials which can be used in nuclear weapons. Hydroelectric energy sources do not add heat to 
the ecosystem but they are not an inexhaustible resource as they depend upon rainfall which is diminishing as global warming increases. 
Wind energy resources do not add heat to the ecosystem but they are not constant and require expensive conversion and storage 
equipment. 


The ideal energy source for mankind will not add heat to the planet's ecosystem, will not produce by-product green house gasses; will not 
deplete our food and water resources; will not produce toxic wastes; however, it will be portable, self-replenishing and constantly available in 
real time anywhere on Earth and in useful quantities. 


Our major source of natural energy on Earth is the Sun. Energy from the Sun enters the Earth's ecosphere by particle bombardment, 
radiated electromagnetic energy, gravitational variations and magnetic processes. Mankind has developed various methods of capturing 
energy from the Sun already. Silicon-based solar cells convert light in a narrow bandwidth into electron flows. These cells are, at most, only 
50% efficient and only work when the Sun is shining on them at an optimum angle. Wind turbines only work when there is wind to power 
them and are, for the most part, not portable. Devices to convert wave action in the oceans only work when there are waves created by the 
wind and tidal effects caused by gravitational variations; and they are not portable enough to be used in common transportation devices. 


| concluded therefore, that if mankind could find an inexpensive method of obtaining electricity from the Sun in some form which worked 
both day and night and which was already flowing into the Earth's ecosystem, we might be able to develop a clean and self-replenishing 
energy source which would add no extra heat to our ecosystem, would not alter our planetary albedo and might well be made in a portable 
form. 


SUMMARY OF THE INVENTION 

The Harmonic Energy Exchange Device (or “HEED”) offers an interim solution to Earth's fossil fuel resources. It utilises a previously 
untapped energy resource which exists throughout the known Universe. By the very nature of the invention, it only interrupts the flow of 
energy from the Sun and all the other cosmic sources of high-energy particles on their normal journey to the Earth by way of The Outer 
Layers. 


The invention does not add energy to the normal thermodynamic equilibrium of the planet and its associated outer layers. The invention 
does not produce wastes - toxic or otherwise. It does not produce harmful gasses; and in some embodiments it could even assist in the 
rebuilding of our thinning ozone shield. Use of this invention will eventually remove mankind's dependence on fossil fuels and create new 
occupations. It will be cheap enough that homeowners will be able to install their own HEED and sell back energy to the grid until such time 
as every home has their own HEED and civilization has completely weaned itself from the use of fossil fuels and nuclear energy in its 
current form. 


BRIEF DESCRIPTION OF DRAWINGS 
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FIGURE 1 


1 .* *. 
ne 14 "e, 


a i a a a a aa a E a a a a a a a a a a a a a a a a a a + F 
a È 
= 


=- g 


Fig.1: Is the preferred embodiment of the circuit diagram of my invention incorporating references to external stimuli which are used to 
activate the circuit. It represents a parallel tuned circuit to store the energy. 


FIGURE 2 
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Fig.2: Is an illustration of the Earth and it immediate environment as a global capacitor where The Outer Layers form one plate and the 
Earth's surface form the other plate and both are separated by the Troposphere as a dielectric medium. 
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FIGURE 3 
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Fig.3: Is an alternative embodiment of the circuit diagram of my invention incorporating references to external stimuli which are used to 


activate the circuit. It represents the use of a series tuned circuit to store the energy. 


DETAILED DESCRIPTION OF A PREFERRED EMBODIMENT OF THE INVENTION 


Be it known that I, Harold Stanley Deyo, Jr, a citizen of both The United States of America and The Commonwealth of Australia, residing in 
the community of Pueblo West in Pueblo County, Colorado have invented a Harmonic Energy Exchange Device which converts dynamic 


pressures in the ambient media around Earth into controlled electric currents. 
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FIGURE 1 
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This invention as represented in Fig.1 is unique in that it is designed to extract electricity from random pressure waves propagated in the 
Troposphere 14 by impacts of the solar wind and other cosmic particles with the Earth's “The Outer Layers” 22 of Fig. 2. 


In Fig.1, the Troposphere 14 in its rest state is represented by the line of “+” marks 14. The convergent or compression state 12 of the 
random waves in the Troposphere 14 is represented by the lower line of dots while the divergent or decompression state 13 of the random 
waves in the Troposphere 14 is represented by the upper line of dots. The preferred embodiment of my invention Fig.1 is a method of 
coupling a parallel, resonant, electrical circuit to these random pressure waves to extract electricity from them. 


As Dr John Trump's research and Onezime P. Breaux's U.S. Pat. No. 4,127,804 show, when one plate of a charged capacitor is moved 
closer to or farther from the other plate of that capacitor a voltage change appears on both plates of that capacitor. Furthermore, the electric 
field gradient between those plates changes as the plates are moved in this manner. Thus they have described a method of converting 
mechanical energy into electrical current by simply varying the plate spacing over time which can be expressed as ds/dt where “ds” is the 
change in spacing and “dt” is the change in time. 


As illustrated in Fig.2, The Outer Layers can be viewed as one plate of a capacitor comprised of the Earth's surface itself as one plate 21 
and Earth's outer layers as the other plate 22 where the Earth's Troposphere 23 serves as the dielectric medium separating the two plates. 
There is a charge between these plates which varies extremely rapidly but not with a constant period. At any given instant, the vector 
product of all the impacts by the cosmic particles with The Outer Layers 22 will create a pressure wave in The Outer Layers 22 which will 
manifest in the Troposphere 23. Whatever that vector product is, it will alter the field gradient in the dielectric Troposphere 23. That 
alteration will either increase or decrease the effective spacing between “plates” 22 and 23. 


In order to capture and convert the resulting voltage variations produced at or near the Earth's surface 21 of Fig.2, this invention creates its 
own, localised stress field 3 of Fig.1 established in the Troposphere 23 of Fig.2 with a charged, conductive surface 1 of Fig.1 which is 
encased in high-voltage insulation 2 of Fig.1 and extending into the Troposphere 23 of Fig.2. 


In Fig.1, a series of high-voltage, starting pulses is applied across points 4 and 6 on opposite sides of a capacitor 5 to create the localised 
stress field 3. As these high-voltage starting pulses are applied, the parallel resonant circuit formed by inductor coil 7 and variable capacitor 
11 both referenced to ground 8 is stimulated into resonance within the bandwidth determined by the values of these circuit components. 
Tuning of this circuit is effected through variable capacitor 11. The high voltage charge on conductive surface 1 of Fig.1 is maintained by the 
parallel tuned circuit formed by inductor coil 7 and variable capacitor 11. 


Then as the random, pressure waves propagate throughout the Troposphere 23 of Fig.2, the localised stress field 3 of Fig.1 is oscillated by 
the compression wave front 12 and the decompression wave front 13 (both in Fig.1) which creates voltage changes on capacitor 5. 


In Fig.1, the resulting voltages changes on capacitor 5 will add energy to the parallel resonant circuit formed by inductor coil 7 and variable 
capacitor 11 which acts as a tank circuit to store the energy which has been passed to it. As energy builds in the parallel circuit the voltage 
of the circuit rises until a spark discharge occurs across the gap 9 also referenced to ground 8. The current will only discharge in one 
direction as determined by diode 10. The circuit will work without diode 10 but a diode is used here as one method to keep from draining all 
the energy from the tank circuit when a discharge occurs. 
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This resonant circuit can be tuned to various bandwidths to maximise the efficiency of the conversion process depending upon the location 
of the device, the time of day, temperature variations, relative humidity and other variables in the ambient Troposphere 23 of Fig.2 around 
the conductive surface 1 of Fig.1. A resistive load to extract power from the resonant circuit can be used instead of the spark gap 9 of Fig.1. 


This preferred embodiment uses a parallel, tuned circuit to access a wide range of frequencies usually to be found in the range of 4.5 to 7 
MHz. This range encompasses the major, naturally-occurring, resonant frequencies found in the ionosphere. 


FIGURE 3 
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A second embodiment of this invention as shown in Fig.3 replaces the parallel tuned circuit formed by inductor coil 7 and variable capacitor 
11 in Fig.1 placed in parallel to each other and referenced to ground 8. This second embodiment forms a series-tuned circuit formed by 
inductor coil 7 and variable capacitor 11 in Fig.3 placed in series to each other and referenced to ground 8. It differs from the preferred 
embodiment only in the placement of variable capacitor 11 so that it is in series with coil 7. 


This embodiment limits the frequency range and, hence, the energy which the system will store when compared to the preferred 
embodiment. It produces higher voltages across the spark gap 9 than those produced in the preferred embodiment across the spark gap 9 
of Fig.1. 


kkkkk 


What is said in this patent application adds some interesting factors to the TREC design of Lawrence Rayburn which pre-dates the Deyo 
patent by some years. His comment about replacing the spark gap with a resistive load suggests some alternative arrangements which 
might be tried out with the TREC system. 


Also, somewhat along the same lines: 

Translated from a Spanish-language original: 

Many people think that it is not possible get power from the Earth magnetic field because that field intensity is too low and so the energy 
levels aren't high enough for any form of useful application. this is not the case. | have built many coils and | get many kilowatts for useful 
purposes from Earth's magnetic field and here | present the basic concept and some formulas fundamental to all of this. 

The influence of the Earth's magnetic field should not be ignored. In times of strong sun activity, the Earth's magnetic field oscillates and in 
any long power transmission line there are voltage surges and over-voltages which can cause technical troubles, breakdowns and 
stoppages of the electrical sources. The Faraday law for that induction is given for the following: 


V=2xpixfxBxA 


Where: 
B is the Earth's magnetic field, 
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f the frequency of the fluctuations, and 
A the surface area across which the field flows. 


For calculation purposes we can approximate the Earth's magnetic field as being 1 Gauss (or 10% Teslas) 

If we consider an ordinary, long transmission line of about 10 Km in length with the power lines spaced 1 metre apart, then we have: 

V = 6.28 x 10-4 x 104 x f which equals 6.28 x f 

If the fluctuations are f = 10 Hz, that produces an over-voltage of 63 V. If the fluctuations are 100 Hz then the over-voltage is 630 V, etc..... 
So if the Earth's magnetic field is lower in intensity, the effect is considerable in a great surface and volume range. 

For energy and power considerations, we can see that the Earth's magnetic field is lower than common permanent magnets, but the volume 
of space which it covers is very large. The energy in a magnetic field is not just the field intensity alone, but it depends also on the volume 


across which that field acts. 


The energy stored in a magnetic field B across a space volume V is: 


U = 1 / (2muo) x BÊ x V o... (1) 
Where muo is the magnetic permittivity of the vacuum. 


Common permanent magnets channel energy. If we can use them to get unlimited power like the Bearden's MEG, then the Earth's magnetic 
field across an air core coil can achieve the same result. 


Now we can do a comparison between a permanent magnet and a coil oriented to the Earth's magnetic field to get the same energy levels. 


Let's consider a powerful permanent magnet, as used in a MEG, of 5,000 gauss and dimensions of 50 mm x 20 mm x 10 mm. According to 
the equation (1) above, the energy stored in the permanent magnet will be: 


U = 1 / (8 x pi x 107%) x (0.5)2 x (5 x 10%) x (2 x 10%) x (107%), so 

U = 0.995 Joules - that is to say, roughly 1 Joule of energy. 

Devices like the MEG with permanent magnets don't get too many kilowatts, the reason is because that magnetic energy is constant. If we 
close that magnetic field in a core or magnetic circuit and we pulse that field we get 1 joule of energy at any desired time rate because the 
permanent magnet stores that energy unlimited and so if we want a power output of 1 KW as the power P we calculate: 

P = dU/dt 


For P = 1 KW, we need pulse 1 joule of energy for only 1 millisecond. 


In the same way, if we can get power of the same levels from Earth's magnetic field, we must calculate the volume of the air core coil. By 
using the same equation, we see that 


(0.5)? x (5 x 10%) x (2 x 102) x (102) = (10%) x V 
V is the volume of the coil we need for get the same magnetic energy levels, and in this case, V = 250 m3 


That is to say, a coil of 6.3 m diameter and 6.3 m length, placed parallel to the Earth's magnetic field, can store the same energy as that little 
5,000 gauss permanent magnet which we considered for a MEG device. 


But it is not necessary build a huge coil, we can use a smaller coil. The enclosed magnetic energy will be lower, but as P = dU/dt we must 


raise the frequency of the pulses to obtain the same power level coming from a bigger coil. For example, an air core coil of 1 meter diameter 
and 1 meter length according to equation (1), stores an energy of: 


U = 1 / (8 x pix 107%) x (10% x pix 1/4 x 1 = 0.003 Joules 

If we pulse that energy level at 330 kHz, then we will get 1 kW, and at 660 kHz, 2 kW, etc., thus a higher frequency yields more power. 
Then the question becomes, how can we pulse the constant magnetic field inside the coil? The answer is simple: by using an external 
source, we can cancel the Earth's magnetic field inside the coil. There must be power and energy amplification with respect to the external 
input source. To realise that power amplification, we must do the following: 

Let the magnetic field variation inside the air coil be given by: 

B(t) = Bo + Bf x Sin( w xt) 

Where 


Bo is the constant of Earth's magnetic field, 
Bf is the magnetic field in the coil created by the external power source, and 
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Crystal radio and surroundings - Sophie's Radio - Crystal sets 


Simple crystal receiver for FM 


Carlo Bramanti 


After the success obtained in the realization of the "galena" FM with the resonant cavity, I had promised myself to 
try also with a simple LC resonant circuit. One of my galena mates favored what he had built without success and I 
set about making it work. 


Operation 
With the experience that the audio signal resulting from this detection is very low, I immediately applied the two- 


transistor amplifier I have already described on these pages. With the fully extended stylus it did not actually work, 
but by lowering it, you already felt something. 


The link 


When I connected it to the J antenna it worked fine. The connection that gave me the best results was a simple 
conductor loop over eighty cm (about 1⁄4 wave), passed through the resonant coil. If we use a cable to move the 
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w is the angular frequency of the external source. 

Replacing B(t) from equation (1) we get the energy variation with time, U(t), and then we can calculate the power as P = dU/dt resulting in: 
P(t) = Bf x w x V x (Bo + Bf x Sin(w x t) x Cos( w xt ) )/ muo........ (2) 

Remember that V is the volume inside the coil. 


We see here that the output power depends on Bo, the Earth's magnetic field, just as in the case of Bearden's MEG it depends on the 
magnetic field intensity of the permanent magnet in the circuit. 


So we can now calculate a COP value with Bo and without Bo, or Bo = 0 


Calculating the RMS power for both cases (not reproduced here because it corresponds to a case of basic differential calculus) and using 
the ratio, the result for the COP is: 


COP =(1+(2xBo/Bf)#)°° 


We see then power amplification, and of course if Bo=0 and not a permanent magnetic field, the maximum COP is 1, input and output 
powers are equal. In the case of Bearden's MEG, the condition is Bo = Bf for not degaussing the permanent magnet and in that case we 
have a COP = square root of (5), which is a value between 2 and 3 which corresponds to the practical results for this classic calculation. 


But for the Earth's magnetic field, we can get higher values because we can never cause a demagnetisation of the Earth's magnetic field. 
How many turns on the coil, pulsing frequency, coil diameter, coil length, etc., do we need? 


The input power to cancel the Earth's magnetic field inside the coil, or the condition Bf = Bo , we calculate using the RMS component of 
equation (2) above, setting Bo = 0, so we have: 


P=0.05xfxAxL, (where P is in watts). 
A is the section of the coil in m2, 
f the frequency in Hertz, 

L the coil former length in metres 


To cancel the Earth's magnetic field inside the coil, the condition based on Ampere's law is: 
Nxi/L= 100 

Where N is the number of turns on the coil and 

i is the current in amperes. 


Finally, the induced voltage in the coil will be: 
V=2xpixfxNxBoxA 
So, with the following values, we have for example: 


N = 1000 turns, 

f = 100 kHz, 

Coil diameter = 1 m, 

Coil length L = 1 m, 

i= 100 mA or 0.1 A, 

Bo = Earth's magnetic field 


This gives V = approximately 4,000 Volts. 

The input power for this example is about 4 kW, the output power for the COP factor will be a maximum of 12 kW. In closed-loop operation 
we provide the input 4 kW from the generated output and we get a self-powered generator producing 8 kW of output power. My practical 
results match these calculations. 

How is a practical device built? 

Using a large plastic pipe, we wind the primary input coil for use with the external source. For extracting the output power, we use another 
pipe placed inside the first pipe, and of approximately the same diameter and length with an adequate number of turns and wire size to step 
down the voltage, to, for example, 110 VAC. For the high voltage oscillator of the input source | use a resonant LC circuit taken from a ferrite 


power transformer. 


It is very interesting to see this device work, and on days of geomagnetic storms, power levels go too high and | must use protective devices 
to prevent damage to the system and the loads connected to it. 


Any questions to the following email: enertec2200@yahoo.es (which may not still be operational as this information is quite old). 
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Electrostatic Generators 


Electrostatic generators are not at all unlike aerial systems in that a conversion to ordinary current is needed. The Swiss device designed by 
Paul Baumann (chapter 13) which has kilowatts of conventional electricity output power and which is self-powered demonstrates that very 
useful systems can utilise electrostatic charge. Paul's design is built around a Wimshurst machine which is self-revolving due to the sloping 
charge-collection strips which form an electrostatic motor as well as collecting the charge which is passed on to the remainder of the circuit. 


Quite a number of electrostatic generators have been designed and used. They generally use a small, low-power motor to repeatedly alter 
the capacitance between a series of metal plates and so, create alternating current flow. Some of these designs are really clever in the way 
in which they operate. For example, the following patent from Charles Goldie has an input voltage source which is generated by the device 
itself and the voltage used can be adjusted by the user, while the device provides two separate DC outputs in series, which can be used as 
a single higher voltage if desired. 


The Le May patent shown below has useful techniques which raise the output power to more than five times what it would have been 
without the use of those techniques. The general impression of electrostatic generators is that they are cumbersome and generally 
ineffective. That may be the case for some of them, but it is certainly not the case for all of them. For example, the electrostatic generator 
design of William Hyde, shown in chapter 11, has a COP=10 performance where the electrical output is ten times greater than the 
mechanical power needed to make it operate, and I’m told that the generator output can be 10 kilowatts which is a more than respectable 
output. 


A particularly clever design comes from Onezime Breaux (US 4,127,804) where a high-voltage charge is generated briefly, and then that 
same charge is shuttled backwards and forwards through the output load, without that charge ever being ‘used up’ (to put it in layman’s 
terms). As no system is ever 100% perfect, every ten minutes or so, the high-voltage charge is very briefly reinforced. A system of that type 
has to be capable of being a self-sustained generator. In a minimal prototype which was not perfectly constructed by any means, the power 


needed to spin the rotor was 0.8 watts, while the electrical output was 20 watts. This shows clearly, that electrostatic generators can be 
seriously useful, especially if built in the larger sizes. 


The Charles Goldie Electrostatic Generator 


US Patent 3,013,201 12th December 1961 Inventor: Charles H. Goldie 


SELF-EXCITED VARIABLE CAPACITANCE ELECTROSTATIC GENERATOR 


This invention relates to electrostatic generators wherein the charge transfer mechanism makes use of capacitive effects between charged 
bodies and electrodes upon which charge is to be induced, and in particular, to the self- excitation of such generators. 


The invention may best be understood from the following detailed description, having reference to the accompanying drawings in which: 


Fig.1 is a diagram illustrating one form of a variable-capacitance electrostatic generator; 
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Fig.2 is another diagram further illustrating the arrangement of Fig.1; 


CIB 


Fig. 3 


Fig.3 is a diagram illustrating a modification of the apparatus of Fig.1 and embodying the invention; and 


Fig.4 is a diagram illustrating a portion of the apparatus of Fig.3. 


http://www.free-energy-info.com/Chapt?7.html 45/62 


1/4/2017 Free-Energy Devices - Power gathering from aerials 


2 Figs / 


Looking at the drawings in more detail, Fig.1 shows a rotor 1 and a stator 2. The rotor 1 has a positive charge on it. A power supply 3 
maintains the charge on rotor 1. 


Fig.2 


In Fig.2 it can be seen that the stator 2 is connected to ground by a resistive path 4 which is connected in parallel with at least one rectifier 5 
so that current can only flow in one direction between the stator 2 and ground. 


"JE 


Fig 3 


In the device shown in Fig.3 and Fig.4, the rotor serves as a capacitive link between a stationary charging electrode and a stator. A rotor 11 
periodically passes close to a stator 12. However, instead of carrying it's own charge as in the device shown in Fig.1 and Fig.2, the 
necessary inducing charge on rotor 11 is itself induced on rotor 11 by the charging electrode 13. So, when one end of rotor 11 is near the 
stator element 12, and the opposite end of rotor 11 is close to the charging electrode 13, a negative charge is induced on that portion of 
rotor 11 which is near the charging electrode 13 with the result that positive charge appears at the opposite end of rotor 11 since rotor 11 
must itself be electrically neutral. 


The invention will now be described with reference to the apparatus shown in Fig.3 and Fig.4, but it will be clear from the comments above, 
that the invention could equally well be used with a device of the type shown in Fig.1 and Fig.2. The principle advantage of the device 
shown in Fig.3 and Fig.4 is the fact that it eliminates the necessity of a brush on the rotor to supply it with charge, as the charge on the rotor 


is induced capacitively. 
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Referring back briefly to Fig.1 and Fig.2, it will be recalled that the invention is concerned with the construction of a self-excited generator 
with no external energy other than shaft power supplied. That is to say, the objective is a completely self-charging generator. Referring to 
Fig.1 and Fig.2, it will be seen that direct feedback of the output to the induction plate is ruled out by the polarity switch inherent in this type 
of machine. The difficulty is avoided by the two-section unit shown in Fig.3 and Fig.4. Here, a fraction of the output voltage of each section 
is fed to the induction plate of the other. 


The action of the circuit is best understood by looking first at the lower section only. Rotor 11 is an electrically isolated, flat fan-like rotor 
mounted on an insulating shaft 14 which is driven by a suitable motor 15. As rotor 11 rotates, it periodically covers stator 2 and the charging 
electrode 13, both of which are insulated and sector-shaped. Charging electrode 13 is maintained at a positive DC voltage with respect to 
ground. As rotor 11 rotates into a position where it covers both the charging electrode 13 and the stator 12, the capacitance between the 
charging electrode 13 and stator 12 increases and negative charge is induced from the ground through diode 16 and on to stator 12. As 
rotor 11 rotates away from stator 12 and charging electrode 13, the capacitive coupling decreases and the voltage on stator 12 rises, 
negative with respect to ground. Diode 16 blocks any flow of negative charge from stator 12 and as the negative potential of stator 12 rises, 
current flows through a second diode 17 to the load 18. A fraction “V2” of this negative load voltage is applied to the charging electrode or 
induction plate 13’ of the second or upper section by means of the variable resistor 19. The charging action of this second section is 
identical to that in the first section except for reversed polarities, and the output of the second section is correspondingly fed back to 
induction plate 13 of the first section via a second variable resistor 20. Variable resistors 19 and 20, control the output voltage and power by 
adjusting the feedback ratios. 


The circuit is regenerative and so it is only necessary to supply a small reference voltage to start in the right direction. The use of stator and 
rotor materials with suitable contact potentials is one solution. Another solution is using a small battery 21 in one induction line. Suitable 
voltage-limiting devices 22 would be added either across induction plate 13, or across the load 18 to prevent excessive voltage build-up. 


A number of features in this circuit are of interest. The usual slip rings and brushes are eliminated by the use of stator 12 and charging 
electrode 13 and an isolated rotor 11 rather than a single stator 2 and a rotor 1 maintained at constant induction potential as shown in Fig.1 
and Fig.2. 

In spite of the fact that the second section was added for the purpose of self-excitation, both output voltages are added together across the 
load 18, 18’. The arrangement shown in Fig.3 is merely for explanation of the self-excitation principle. The ground shown, for example, is 
not required and for higher voltages, the units may be cascaded with a common insulating drive shaft 14. For a given total voltage output, 
the number of rotor/stator sets is the same for this self-charge generator as for a generator requiring auxiliary charging supplies. 


Two poles are shown for simplicity. In an actual machine a greater number would be more practical. The system applies equally well to other 
geometrical arrangements, such as the concentric or segmented drum design mentioned in US Patent application 829,823. 


The Le May Electrostatic Generator 
US Patent 3,094,653 18 June 1963 Inventors: D. B. Le May et al. 


ELECTROSTATIC GENERATOR 


The present invention relates to an energy conversion machine of the type in which a variable capacitor is cyclically driven while being 
charged and discharged in synchronism with the cyclic variations in capacitance. 


There are several different types of electrostatic machines which, for example, function to generate electrical energy from kinetic energy or 
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kinetic energy from electrical energy. One broad classification for these machines is based on whether conductive or non-conductive 
apparatus is used to transport electrical charge within the system. The present invention relates to the class of machines in which electrical 
charge is transported through conductive apparatus. More specifically, the present invention relates to electrostatic systems in which a form 
of variable capacitor is mechanically driven to provide a cyclically-varying capacitance which is charged during intervals of high capacitance 
and discharged at intervals of low capacitance, to provide electrical energy. 


In general, previously-proposed variable-capacitor electrostatic generators (sometimes called electrostatic induction generators) have been 
capable of very high efficiencies and could be embodied in relatively light apparatus. These considerations result primarily from the fact that 
electrostatic fields may be sustained in air, vacuum, or other very light medium, while electromagnetic fields necessitate the use of heavy 
ferrous material. Further, the electrostatic fields are caused by charges carried on surfaces, rather than by currents in conductors, so that 
the relatively heavy copper requirements of electromagnetic machines may be avoided. It has been found that electrostatic machines 
operating in a vacuum, do not have the iron loss, copper loss or windage loss of electromagnetic machines, thereby achieving their 
extremely high efficiency. 


However, other considerations have prevented these machines from coming into widespread use. Specifically, prior electrostatic machines 
of this class have normally been of large size relative to their power capacity. Furthermore, practical use of prior machines has normally 
required extremely high voltage operation. Both of these drawbacks result from the nature of the electrostatic field, it’s requirement of high 
potential gradients for field strengths comparable to electromagnetic fields, and the limitations on potential gradients imposed by the 
breakdown of the dielectric medium. Therefore, considerable insulation and safety equipment has been required in prior electrostatic 
systems, and operation at moderate voltages has not been practical. Still further, certain forms of electrostatic induction generators have 
necessitated rather complex switching systems to charge and discharge the capacitors; these systems have not been commercially 
feasible. 


In general, the present invention comprises an efficient electrostatic induction system capable of economical operation which may be 
embodied in a unit that is small in size relative to power capability. The system includes two sets of rod-like members, one set of which is 
revolved relative to the other, so that certain of the relatively-moveable rods provide a variable capacitance. The other rods in the structure 
are then used to shape the electrostatic field in a manner which produces a greater difference between the minimum and maximum 
capacitance of the apparatus, resulting in increased power conversion capability for the size of the unit. The variable capacitance structure 
is connected to an electrical system which charges and discharges the capacitance in a cyclically-varying manner. Reactive elements are 
then coupled to the system to cause voltage phase shifts in the system relative to the variable capacitance, to increase the charge applied 
to, and taken from, the capacitance structure during the operating cycle, thereby further increasing the power-conversion capabilities of the 
system. 


Another object of the present invention is to provide an improved electrostatic induction system. 


Another object of the present invention is to provide an electrostatic induction generator or motor which has a higher power conversion 
capability relative to it’s physical size. 


Still another object of the present invention is to provide an electrostatic energy conversion system which may be embodied economically in 
a relatively small size apparatus. 


A further object of the present invention is to provide an electrostatic induction motor or generator in which energy is more effectively 
converted to another form by improving the shape of the electrostatic fields in the system. 


Still a further object of the present invention is to provide an electrostatic induction generator or motor in which energy is effectively 
transformed to another form by the provision of reactive elements to tune the capacitive elements that are inherent in the system. 


One further object of the present invention is to provide an improved system for efficiently converting energy from one form to another, 
wherein an electrostatic field is used to inter-couple the different forms of energy. 


These, and other objects of the present invention will become apparent from a consideration of the following, taken in conjunction with the 
drawings, wherein: 


IF 


Fig.1 is a schematic diagram illustrating the basic operation of a preliminary system to which the present invention may be applied; 
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Fig.2 is a perspective and diagrammatic representation of one form of variable capacitor which may be incorporated in an apparatus of the 
present invention; 


Fig.3 is a perspective view of another form of variable capacitor which may be incorporated in an apparatus of the present invention; 
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Fig.4a, 4b and 4c are diagrammatic representations illustrating an aspect of the operation of a system incorporating the present invention; 
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Fig.5 is a circuit diagram incorporating one form of the present invention; 
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Fig.6 is a set of graphs illustrating the operation of the system shown in Fig.5. 
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Fig.7 is a circuit diagram of another system incorporating the present invention; 
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Fig.8 is a series of curves illustrating the effectiveness of systems constructed in accordance with the present invention; 
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5/18/2018 Crystal receiver for FM 


antenna away, the loop connects directly to the cable. I have no particular experience on these frequencies and I 
think that those who have more can still improve performance. In any case they are already adequate, even if 
slightly inferior to that of the cavity, with the advantage that everything 1s much more comfortable and pleasant. 


The theory 


Normal AM revelation can not reveal weak signals with the consequence that it is useless to amplify after the 
revelation, since it increases only the volume and not the sensitivity. Instead the detection of the FM also handles 
very weak signals: therefore, amplifying after the detection, all the weakest stations appear. The amp that I made 
amplifies a lot (in AM it also acts as a detector, but in FM it must be preceded by a diode); it can be powered by a 3 
V lithium drain and it consumes very little: 1t is even sufficient to disconnect the earphone for almost zero 
consumption. This makes the use of a switch superfluous. 


J antenna 


It is an antenna that is easy to realize by bending a copper pipe by fontaniers, with a diameter of 6 o 8 mm. Fixing 
to a pole or base does not require isolation. 


The diode 1N32 


I obtained an additional advantage by replacing the germanium diode OA85 with the one with contact tip silicon 
1N32, a little old but available and used as a mixer for the K band. 


NOTE 


In the aforesaid realization the frequencies from 88 to 104 Mc are listened with a rotation of the variable of only 45 
degrees, or half of the excursion. Above I hear nothing. 


The excursion with trimmers and padders should therefore be extended, while maintaining the optimal L / C ratio. 
Realization: 


Coil in silver wire from 2 mm. 
Average diameter 14 mm 
Length 19.5 mm 
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Fig.9 is a vertical sectional view and diagrammatic representation of an apparatus constructed in accordance with the present invention; 


Fig.10 is a vertical sectional view along line 10 --- 10 of Fig.9; 
Fig.11 is a vertical sectional view along line 11 --- 11 of Fig.9; 


Fig.12 is a horizontal sectional view along line 12 --- 12 of Fig.9. 
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Referring initially to Fig.1, there is shown a preliminary form of an electrostatic induction generator. A variable capacitor 20 is connected in a 


serial loop with a battery (or other source of voltage) 22 and a diode 24. A series circuit including a diode 26 and a resistor 28 is then 
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connected across the diode 24. The diodes 24 and 26 are connected in a way which allows current flow in opposite directions through the 
battery 22. Variable capacitor 20 is driven by a motor to provide a cyclically-variable capacitance, with the result that the mechanical energy 
used to drive capacitor 20 is converted to electrical energy supplied to the load resistor 28. 


Considering the operation of the system of Fig.1 in detail, capacitor 20 is driven to vary between maximum and minimum levels of 
capacitance. At a maximum level of capacitance, capacitor 20 is charged to a charge level “Q” by the battery 22 through diode 4. The 
voltage across capacitor 20 then equals Q/C where C is the capacitance of capacitor 20. Of course, this voltage coincides substantially with 
the voltage of battery 22 minus the voltage drop across diode 24. 


As the capacitance C of capacitor 20 decreases towards it’s minimum value, the charge Q remains constant; therefore the voltage across 

the capacitor increases to accommodate the decrease in capacitance as V = Q/C. The increased voltage across capacitor 20 produces a 
current through battery 22, load resistor 28 and diode 26. This current tends to recharge battery 22 as well as providing energy to the load 
resistor 28. 


In this manner, the mechanical energy used to drive capacitor 20 cyclically, is manifest in the form of electrical energy passed to the load 
resistor 28. Therefore, in general, this basic operation of the electrostatic generator is similar to an electromagnetic generator, except that 
the field which couples the mechanical input energy to the electrical output energy is electrostatic rather than electromagnetic. 


A wide variety of structures may be used as the variable capacitor in an electrostatic generator. However, in the selected structure, it is 
normally desirable to reduce the ratio of the peak field voltage gradients to the average gradients by using rounded capacitor elements, e.g. 
tubes or bars, rather than capacitor plates with sharp corners. Two variable capacitor structures using these conductive bars are shown in 
Fig.2 and Fig.3 and will now be considered in detail. 


The structure of Fig.2 is a radial-bar variable capacitor configuration where rows of radially-extending bars are mounted to be relatively 
moveable and so provide a variable capacitance between the rows. Specifically, a first row of bars 30 is mounted in a hub 32 which is 
carried on a fixed shaft 34. Similarly, another row of radially-extending bars 36 is supported in a hub 38 which is mounted on fixed shaft 40, 
which telescopically receives a concentric shaft 42 which is coupled to motor 44 and which carries hub 46 supporting the row of bars 48 
which is positioned between rows 30 and 36. The bars in each of the rows 30, 36 and 48 may be interconnected electrically by a conductor 
supported in the respective hubs. However, as the individual hubs 32, 38 and 46 are formed of insulating material, the separate rows are 
not interconnected electrically. Therefore, a variable capacitance exists between the individual rows 30, 36 and 48. This capacitance is 
somewhat similar to a common rotating plate capacitive structure, however, in order to reduce the peak field voltage gradients between the 
rows, the bars or capacitive elements are rounded to avoid sharp corners. 


At a time when the row of bars 48 is in angular alignment with the bars in rows 30 and 36, the bars are closest and there is maximum 
capacitance. As the row 48 revolves it reaches a position of least alignment of the bars in rows 30 and 36 (as shown in the drawing) and 
there, the capacitance between the rows is at a minimum. Therefore as motor 44 rotates the bars in row 48, a cyclically varying capacitance 
is provided between these bars and the bars in rows 30 and 36. In the application of this structure to the present invention, certain of the 
bars may be used to shape the electrostatic field as described below, while the remaining bars provide the desired variable capacitance. Of 
course, the number of rows provided in a configuration of this type may be varied to increase the capacitance, as may the size of the bars. 
Of course, these considerations are determined by the particular application of the system. 
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Fig.3 shows another form of variable-capacitance structure which may be used in a system of the present invention. The structure shown in 
Fig.3 includes two concentric cylindrical structures 50 and 52, which are mounted so that they rotate relative to each other. These two 
structures are similar except for their size. The smaller structure 50 is telescopically fitted concentrically into the larger structure 52. The 
smaller structure 50 includes a pair of insulating rings 54 and 56 which are held spaced apart by conductive bars 58 and are angularly offset 
in a circular configuration. A pair of insulating rings 60 and 62 of the structure 52 are concentrically mounted outside the rings 54 and 56 
respectively and are held spaced apart by angularly offset conducting bars 64. The structure 52, comprising the rings 60 and 62 and the 
bars 64 is held fixed, while the structure 50, comprising the rings 54 and 56 and the bars 58, is revolved making bars 58 and 64 pass each 
other in parallel relationship. As a result of this movement, a variable capacitance exists between the bars of the two structures. As in the 
structure shown in Fig.2, the individual bars in the separate structures may be interconnected electrically to provide a composite 
capacitance, or alternatively certain of the bars may be used for field shaping as described below. Thus the structure shown in Fig.3, as well 
as the structure shown in Fig.2, may be used as the cyclically-varying capacitance in the system shown in Fig.1 to provide electrical energy 
from kinetic energy. In such a system, the energy would be provided by motors 44 or 66, however, the source of the kinetic energy is not 
important for the present invention. 


In the operation of an electrostatic generator as shown above, the ratio of power conversion per unit size (and weight) of machine may be 
increased by increasing the maximum capacitance, or by decreasing the minimum capacitance of the variable capacitor. Of course, it is 
apparent that as the energy conversion is accomplished in systems of the present invention by a varying capacitor, the effectiveness of the 
conversion depends on the range over which the capacitor varies. In general, the efficiency of these systems is quite high even when 
operating with a small capacitive range, however, in such systems the energy conversion capability or power rating of the system is low 
relative to it’s physical size. One major aspect of the present invention resides in a structure for increasing the range of capacitive change, 
and will now be considered in detail. For purposes of illustration, a moveable plate variable capacitor will be considered with reference to 
Figures 4a, 4b and 4c. The flat plate capacitor provides a good example of the universal principle to be described because of the simple 
electrostatic field present in such a structure. 


pa A h 
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Fig.4a shows a pair of spaced-apart conductive plates 70 and 72 in face-opposing relationship and individually connected to the terminals of 
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a battery 74 or other voltage source. The electrostatic field between plates 70 and 72 is indicated by lines of equal potential, and orthogonal 
flux lines which indicate the capacitance between the plates. Fig.4b shows plates 70 and 72 in an offset position, displaced out of face- 
opposing relationship to result in reduced capacitance between the plates. Again, the electrostatic field between plates 70 and 72 is 
indicated by lines of equal potential and the orthogonal flux lines which indicate the capacitance between the plates. 


As previously mentioned, any arrangement which can result in greater capacitance for the plates in the configuration shown in Fig.4a, or 
reduced capacitance between the plates in the position shown in Fig.4b, results in more effective energy conversion in an electrostatic 
generator. The system of the present invention includes a structure for shaping the electrostatic field between plates 70 and 72, to reduce 
the capacitance between them when these plates are in their position of minimum capacitance. This field-shaping is accomplished by 
adding extra conductors to influence the field between the plates. 


Referring to Fig.4c, plates 70 and 72 are again shown in their position of minimum capacitance, however, another plate 76 is shown in face- 
opposing relationship to plate 70. Plate 76 is connected to ground or other independent potential. As a result of this, and electrostatic field is 
provided between plates 70 and 76, altering the field shape and the potential gradients, as shown in Fig.4c. The electric field and the 
capacitance between plates 70 and 72 is reduced substantially, while the maximum capacitance between these plates (when aligned in 
face-opposing relationship as shown in Fig.4a) remains substantially unchanged. 


These same considerations apply in a similar fashion to bar conductors or other configurations of variable capacitors. Of course, the 
grounded or field-shaping plates as the plate 76 may be provided in both the stator and the rotor of a variable capacitor, or may be carried 
by only one of these structures. 


Referring now to Fig.5, there is shown a system incorporating field-shaping electrodes and utilising capacitive structures comprising bars 
which may take the form generally illustrated in Fig.2 and Fig.3. 


Boo, 
DI 4 H8BEb 


In Fig.5, the stator bars are diagrammatically represented aligned in one row 78 and the rotor bars are similarly shown to be aligned in an 
adjacent row 82. Of course, either of the rows 78 and 82 may comprise a stator while the other comprises the rotor since relative motion is 
all that is necessary. However, in the prior art it has become somewhat common to term the rotor conductors as charge inductors while 
describing the rotor elements as charge conveyors. 


In the system shown in Fig.5, grounded field-shaping electrodes or conductors are provided in both the row 78 and the row 82, and are 
designated bars 78a and 82a shown shaded. The electrodes 82a are connected directly to ground, however the electrodes 78a are 
connected to ground through an inductor 86. the function of this coil will be discussed later. 


The conductive bars serving as capacitance elements in the two rows are designated 78b and 82b respectively. The bars 78b (in the row 
78) and the bars 82b (in the row 82) are connected in a circuit configuration somewhat as shown in Fig.1. Specifically, the bars 78b are 
connected in a serial loop with a diode 88 and a battery 90. The junction point 91 between diode 88 and battery 90 is grounded, and a diode 
92 serially connected with a load resistor 94 is connected across diode 88. A capacitor 96 is connected across the load resistor 94, and 
serves as a filer for the load current. 


In the operation of the system, relative movement is provided between row 78 and row 82 producing a cyclically variable capacitance to 
cause the system to function as the system shown in Fig.1. That is, during the interval of high capacitance between the rows 78 and 82 (as 
shown in Fig.5), the capacitive structure is charged by battery 90 through diode 88. Then, as the bars are separated to reduce the 
capacitance, the voltage across them increases, causing a current to flow in the opposite direction through battery 90, the load resistor 94 
and diode 92. As alternate bars in each of the rows 78 and 82 are grounded, the electrostatic field is shaped to reduce the minimum 
capacitance between the bars 78b and 82b as disclosed in Fig.4. As a result, the capacitance variation is greater and more charge is 
transferred through the load during each electrical cycle. 


In the operation of the system shown in Fig.5 to convert mechanical energy into electrical energy, a generally capacitive electrical system is 
provided. Therefore the phase relationships within the system are generally those of a capacitive apparatus. In view of this, the present 
invention includes the provision of inductors to produce phase shifts and resonant voltage amplifications which increase the effective power- 
conversion capabilities of the system. In Fig.5, such an inductance 86 is connected between the bars 78a and ground. The operation of the 
system of Fig.5, including the inductor 86 is graphically illustrated in Fig.6 which includes plots of capacitance, voltage and electrical current 
versus the position of the capacitive structure. 
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The upper family of curves are capacitance plots, in which, curve C1 is a plot of varying capacitance between the conductive bars 78b and 
82b. The curve C2 is a plot of the capacitance between bars 78a and 82a, while the curve C3 is a plot of the capacitance between bars 78a 
and bars 82b. These curves are plotted against a uniform variation in relative positions between row 78 and row 82, the curves beginning at 
a point of minimum capacitance for the structure. Fig.5 illustrates the relative position marked as 3 in Fig.6. 


The voltage curves in Fig.6 are plotted on the same base as the capacitance curves, and include a curve V1 which represents the voltage 
across coil 86, and a curve V2 which represents the voltage on the bars 78b relative to ground potential. The curve I, illustrates electrical 
current flow through inductor 86, and it is also plotted with respect to capacitative displacement. 


Considering the operation of the inductance 86; in view of the capacitance between the grounded bars 78a and the capacitively-charged 
bars 82b (connected to battery 90) a charge is deposited on the bars 78a. Of course, in the absence of the inductance 86, this charge would 
be immediately passed to ground. However, by providing the inductance 86, the voltage of curve V1 is developed across this element. This 
voltage serves to produce further field shaping between the bars and results in more efficient power conversion. That is, the voltage of curve 
V1 appears on the bars 78a in phase with the capacitance C1 so that the field influence of bars 78a serves to increase the charge induced 
at or near the maximum of capacitance C1 and also serves, by reducing the field strength to reduce the minimum charge held on bars 78b 
and 82b at, or near the instant of minimum capacitance. Thus the variation in the electrostatic field causes the system to absorb more 
torque, resulting in increased power-conversion capability for the system. 


In addition to the provision of inductor 86 as shown in Fig.5, other circuit configurations using inductors are to further affect resonant current 
surges which increase and decrease the field voltages in proper phase relationship with the capacitance variation, and so increase the 
amplitude of the capacitor alternating current. One such other variation is shown in Fig.7 which uses bars similar to those of Fig.5 and in 
which, like elements are similarly identified. 


In the system shown in Fig.7, an inductor 98 is connected between diode 88 and the junction point 99 between diode 92 and the bars 78b. 
Furthermore, a capacitor 100 is connected across diode 88. In general, the added resonant circuit provides further current surges in the 
desired phase relationship with the variation of capacitance. Also, the resonance between inductor 98 and capacitor 100, tends to produce 
higher voltages in the electric field of the variable capacitor relative to the voltages across the excitation source 90 and the load 94. The 
capability of the machine to achieve high power from a small size of variable capacitor is thereby greatly improved. 
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A graphic indication of the improvement to a system resulting from the application of certain principles of the present invention may be seen 
in Fig.8 which includes several curves descriptive of various apparatus, and wherein speed is plotted along the horizontal axis versus 
specific power which is plotted along the vertical axis. Specific power is herein defined as the power output per unit of excitation voltage 
squared (P/Eo2) for a given size and configuration of machine. 


The curve E1 indicates the operating characteristic of the simple system shown in Fig.1. The curve E2 (indicating a substantial improvement 
in performance) is indicative of the system shown in Fig.5. The curve E3 indicates the improvement of the system of Fig.7 (without the 
aspect described with respect to Fig.5), while the curve E4 indicates the operation of the system shown in Fig.7 as illustrasted there. 


It is apparent that the power conversion capabilities of the system of Fig.7 (indicated by the curve E4) are greatly improved over the simple 
system which does not include these aspects of the present invention, particularly if the generator is operated at a fixed speed, or if means 
are provided to adjust the inductance or capacitance values of components 86, 98 and 100 to give the tuned peak power at whatever speed 
the machine is being operated. 
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Although various aspects of the present invention may be differently applied to electrostatic machines, to accomplish the desired results, 
one specific illustration of an operating machine is shown in Figures 9,10, 11 and 12, and will now be considered in detail. 


The system is mounted in a housing 110 which is sealed and maintained evacuated by a vacuum pump 112. By operating the cyclically- 
variable capacitor apparatus in a relatively high vacuum, insulation problems are reduced and windage losses are minimised. The housing 


110 has a flat cylindrical form and consists of a circular plate bolted to a cup-shaped member 116 with an annular seal 118 provided at the 
junction between these members. 


A mechanical shaft 120 passes concentrically through housing 110 and is journal led into bearings 124 and 126, which incorporate vacuum 

seals 124a and 126a. The shaft 120 has a rotor 128 coaxially fixed on it and is connected to a mechanical apparatus 130 by which the shaft 
is driven. Shaft 120 (made from insulating material) has a conductive section 132 formed in it, which electrically connects rotor 128 through 

a brush 134 and a lug 136 to one terminal of a battery 138, the other terminal of which is grounded. 


In general, the basic electrical system is similar to that of Fig.7 with the stator elements being connected by lugs 146 and 148 to a junction 
point 150 which is connected through an inductor 152 and a capacitor 154 to ground. A diode 156 is connected in parallel with capacitor 
154. The junction point 150 is also connected through diode 158 to a filter 160 which is in turn connected to a load 162. The field-shaping 
electrodes in the stator elements 140 and 142, are connected from lugs 164 and 166 through an inductor 168 to ground. 


Considering the cyclically-varying capacitance apparatus in greater detail, the rotor comprises a pair of plates 170 and 172 (Fig.12), which 
are formed with angularly-offset radiating grooves 174 which are interconnected by spot welds 176 so that the grooves 174 essentially form 
radiating bars 175. In this structure, the rotor is entirely conductive material, e.g. metal, formed to comprise radiating tubes 175 (Fig.11) 
which are connected through the shaft conductor 132 and the brush 134 to the battery 138. 


The stator components 140 and 142 are similar and comprise a plurality of tubes 180 (Fig.10) radiating in a plane from an axial location in 
the stator element and supported in a circular stator mounting 181 by being imbedded therein. Tubes 180 are formed of metal and the 
mounting 181 supporting the tubes is formed of insulating material as a casting of epoxy material. Alternate of the tubes 180 are designated 
180a and are connected electrically to a terminal 184 which is contacted by one of the lugs 146 or 148 at a point 186. 
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The lugs 164 and 166 are connected to ground through inductor 168, with the bars 180a used as field-forming bars while bars 180b are the 
actual variable-capacitance elements. In this structure, only the stator is provided with field-shaping electrodes; however, it is to be 
understood, that in various other embodiments, field-shaping electrodes may be provided in both the stator and the rotor, or in only one 
structure, as taught with respect to Fig.5 and Fig.7. Also, in the system shown in Fig.9, only a single rotor plate is provided; however it is to 
be clearly understood that a large number of intermeshed rotor and stator plates may be provided in systems of the present invention, 
depending on the rated power conversion capability of the system. 


In the operation of the system shown in Fig.9, rotor 128 is revolved relative to the stator elements 140 and 142 by the mechanical apparatus 
130. Therefore, the tubular rotor bars are driven in and out of alignment with the radiating stator bars 180b. Therefore the connections to 
these elements (lugs 146 and 148, and brush 134) experience a cyclically-varying capacitance. The stator bars 180a extend the range of 
this capacitance in the manner described with respect to Fig.4. 


During intervals of high capacitance, the cyclic capacitive structure is charged by battery 138 through inductor 152 and diode 156. As the 
capacitance of the structure decreases, the voltage therein increases, providing a current through diode 158, and filter 160 to the load 162. 
Thus, mechanical energy from the mechanical apparatus 130 is efficiently converted into electrical energy and supplied in that form to the 
load 162. 


While the previous discussions have pertained primarily to electrostatic generators, it is to be understood that the important features of the 
present invention apply equally to electrostatic motors. 


An important feature of the present invention resides in the structure disclosed in Fig.9, which may be economically manufactured and used 
in practical electrical systems. 


Another important feature of the invention resides in the use of field-forming electrodes in the stator or rotor, or both the stator and the rotor 
to accomplish more effective energy transitions. 


One other important feature of the invention resides in the provision of inductance elements to further increase the effectiveness of the 
system. 


The Onezime Breaux Electrostatic Generator 


US Patent 4,127,804 28 Nov. 1978 Inventor: Onezime Breaux. 
ELECTROSTATIC ENERGY CONVERSION SYSTEM 


This is an important design, but as the physical details in the patent seem rather limited, instead of reproducing the patent here, | will 
attempt to provide a description which should be more understandable for the average person. 


The Principle 

For there to be a greater energy output than the energy input required to make any generator operate, that extra energy must come from 
somewhere. There is no magic about any of these systems as we ourselves are immersed in a massive energy field. We do not notice this 
any more than we notice the radio waves which pass by, and through us, all the time. This energy field is very powerful as Thomas Henry 
Moray demonstrated many times by gaining fifty kilowatts of electrical power from just a simple aerial and a ground connection. We don't 
know how he did that, but we would very much like to know how. Nevertheless, Moray demonstrated that there is massive power all around 
us — power which is free for the taking if we know how to do it. Unfortunately, most of the large number of people who do know how to 
extract this energy, refuse to share that information, leaving us to work out from basic principles, how to gain this free-energy. It should be 
noted in passing, that we already use this free energy when we use “mains electricity” as none of the energy supplied by the local Power 
Company actually comes out of your mains wall socket since all of the current supplied by the Power Company flows directly back to that 
company. All the Power Company does is to set up the conditions which cause some of the free-energy in your location to flow through the 
electrical equipment which you plug into that wall socket. What free-energy devices do, is to set up those same conditions to draw in 
electricity from our massive surrounding energy field, without the need for any help from the local Power Company. 


The Design 

When you try to start a car engine, you connect the car battery to an electrical Starter Motor which turns the engine over and causes sparks 
to be generated inside each of the cylinders of the engine. The current draw from the battery passes through the Starter Motor and is lost for 
ever. If the car engine starts, then some of the energy stored in the fuel burnt by the engine is used to replace the electrical current taken 
from the battery. If the car engine does not start, then after a fairly short time, all of the electrical energy stored in the car battery will be fed 
to the Starter Motor and the battery will no longer be able to supply any more current to turn the engine over. 


The generator described here is a very clever design as any output power which it provides, it keeps and does not lose any of it. It is 
somewhat like that car Starter Motor returning the current to the battery, allowing any number of attempts to start the engine. The way that it 
operates is to pass current backwards and forwards between two capacitors. That current is made to pass through the primary winding of an 
output transformer, exactly mimicking the signal which the Power Company charges you for. However, with our generator, that current is 
never lost and can be used over and over and over again. A battery is used to create that initial current, and when the generator starts 
operating, it recharges the battery and if desired, the battery can be removed completely and the generator is then self-sustaining. The 
battery is only used to start the generator running and is not used at any other time. 


The outline design is very straightforward and can be visualised as shown here: 
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21 Rotor vanes 
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Here, the motor marked M in the diagram, spins a metal shaft 23. The shaft is mounted on ceramic roller bearings (as used on skateboards) 
and nothing on the shaft touches any other part, which means that the shaft spins very freely and very little power is needed to spin it. 


Shaft 23 has metal ‘vanes’ or plates 21 attached to it and these pass though somewhat similar metal vanes 25 which are fixed in place and 
do not move. These four sets of metal vanes form two separate variable capacitors. 


The vanes 21 are arranged so that when one set reaches it’s maximum capacitance (being fully inserted into the non-moving vanes 25 as 
shown on the right of the diagram) then the other set of vanes is at it’s minimum capacitance being as far away as possible from it’s 
matching set of vanes 25. 


Initially, at start-up, both of the sets of vanes marked 25 are fully charged to a high positive voltage by an electrical system (not shown here) 
and the output transformer is connected between these two sets of vanes, producing this arrangement: 


Output 
= 


— AC MAINS OUTPUT © 


The sets of vanes 21 are connected to a strongly Negative charge, passed to them through the metal shaft 23. When the negative plates 21 
are inserted between the Positively charged plates 25, all of the positive charge on the unmeshed plates 25 gets sucked towards the 
negative charge on the meshed plates 21, but that charge is forced to flow through the output transformer on it’s journey. This arrangement 
causes the positive charge on the fixed plates to shuttle backwards and forwards through the output transformer, never getting ‘used up’ in 
the process. This means that the generator has an electrical output of 220 volts at 50 cycles per second and the only input power needed is 
the tiny amount required to spin the rotor shaft. The force needed to spin the rotor shaft is not affected in any way by the intensity of current 
drawn from the output transformer, which means that the generator is wholly independent of the load. While this is a very clever design, a 
number of practical construction details can be altered to improve the performance. 


The Breaux patent shows a vane shape which doubles the frequency at which the drive motor spins and which is balanced on the shaft, 
producing no shaft vibration when spun rapidly. The vane shape is shown here: 
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You will notice that the rotor vanes (shown in grey), are positioned ninety degrees apart, providing even better shaft balance. All of the rotor 
vanes have the same shape and all of the stator vanes have the same shape, which is helpful for mass production. While just two rotor 
vanes and two stator vanes are shown in this introductory diagram, there can be as many pairs of rotor/stator plates as desired. Each 
additional pair of plates increases the output power of the generator. 


This design calls for the vanes to be in a vacuum, which strongly suggests that this device was never prototyped as operating in a vacuum, 
unless all conducting surfaces have exceptional insulation, would be a major disaster as the coronal discharge would be massive — after all, 
that is how thermionic valves or ‘vacuum tubes’ are made and they carry large electrical currents through a vacuum. For this design to 
function properly, it needs to be operated in dry air. 


The power output of a device of this nature increases with increasing vane area, and with decreased inter-vane gap and with increased 
voltage. Consequently, a working voltage considerably higher than 220 volts will be used when charging the vanes. This means that the 
output voltage will be much higher than is convenient. Generators of this type generally show a resistive load and only a resistive load. A 
practical implementation would require a step-down transformer on the output in order to reach a working AC voltage of 220V. It is generally 
thought that the inductive nature of the primary winding of any such transformer would create a major choking effect on the oscillating flow 
of charge between the vanes, due to the back-EMF of that winding. That is not the case if a Thane Heins style of transformer is used (as 
shown in chapter 3) as a transformer of that type does not have any significant back-EMF, making this a very interesting design, especially 
since the output current draw does not affect the input power which is solely used to spin the rotor shaft. 


In theory, the static charge initially placed on the capacitor vanes is never depleted. However, in this world, perfect conditions never seem to 
be encountered. In this instance, there is a very slight loss of charge over time, and that charge is boosted very briefly after a substantial 
time has elapsed. A brief high-voltage pulse once every ten minutes is likely to be sufficient. There is no corona energy loss as corona 
streamers only form at high frequency and this generator does not exceed an absolute maximum of 60 Hz which is a very low frequency 
indeed, so there is never any corona discharge at all. 


Patrick Kelly 


http://www.free-energy-info.co.uk 


http://www.free-energy-devices.com 
enapik@aqmail.com 
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5/18/2018 Crystal receiver for FM 
Number of turns 4 
1% coils outlet from the municipality 


Ground connection not necessary 

Proposal 

I would have made the coil with three turns of three millimeters, diameter three cm, length three cm. The Q would 
be one and a half times higher, which on balance, would improve performance slightly; except try, in this discipline 
you never know! 


See other Bramanti articles on FM Demodulation and Cavity Detector 


See also the Bramanti on Galene page 


Crystal radio 
Return to the Main Page 
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MOMTJ | Operating Conditions | Antennas / Aerials | /P Portable Operating | Accessories | Projects & Kits | 
Useful Information 
Links to Amateur Radio Sites | RSGB | QSL | The Amateur Radio 
Mini Site Map 
News, Developments, Events, Photographs and other 'Bits 'n' Bobs' | WSPR Weak Signal Propagation Reporter 
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AERIALS ( ANTENNAS ) 1 


Antennas 2 | Antennas 3 | Antennas 4 | Antennas 5 | Antennas 6 | Antennas 7 


"Success is 90% antenna and 10% rig. Hobby is 90% listening 10% transmitting" - MMOHDW. 


AERIALS used by MOMTJ 


This page shows some the antennas that | have used over the course of time. 


Index To Other Antenna Pages: 

Antennas 1 : Aerials used by MOMTJ 

Antennas 2 : Including ideas for compact aerials for Top Band /160 metres 

Antennas 3 : Felix Scerri VK4FUQ discusses Loop Aerials, baluns, masts & other antenna related topics 
Antennas 4 : Many antenna ideas from various sources particularly for multi-band operation & also gives 
information about 

antenna trimming, knots for wire antennas and useful aerial rigging accessory ideas. 

Antennas 5 : Half Wave (physically end fed) aerials for 144 MHz VHF / 430 MHz UHF and 50 MHz 6 Metre band & 
J-Pole Aerials 

Antennas 6 : Simple and effective H.F. Aerial ideas: The All Band Doublet, an All Band Sloper & a Ground Plane 
Aerial 

Antennas 7 : Omni-Directional - Circularly (Mixed) Polarized Aerial for VHF / 2 Meters. 


2014 : Current Set Up - as at September 2014: 


The Summer of 2014 has seen a few changes of aerials. The 
80m/40m Inverted L was removed and replaced with a newly 
constructed Doublet Antenna fed with ladder line via a 4:1 G-Whip 
current balun and an LDG "ATU". The Tecadi support pole originally 
used for the Inverted L is now used to support one end of the 
Doublet. You have probably read this elsewhere, but | can confirm 
that the All Band Doublet (fed with ladder line not coax) is a superb 
all round HF aerial. Highly recommended. 


The SGC-230 Automatic Antenna Coupler was moved from the 
original feedpoint of the Inverted L antenna to the second feed-point 
on the other side of the garden. This now feeds a sloping wire of 
approximately 20 meters length to ensure that the 80 Meter Band 
and Top Band (160 meters) remain available. This antenna will also 
tune' on most other bands, so remains a very useful second 
antenna, though the All Band Doublet is often considerably better, particularly on the higher frequencies. The old 
SGC-230 was also faulty and | replaced it with a new CG-3000 auto coupler from Martin Lynch and Sons. 


The J-Pole for 4 Meters (70 MHz) was removed since it wasn't used much, being only connected to a 4m hand- 
held radio - it seemed to be a waste of precious antenna space. This was replaced with a newly constructed Half 
Wave "CFR" Antenna (Coaxial Dipole) for 6 Meters (50 MHz) connected to the main HF radio via Westflex 103 
coax. The DK7ZB dual band Yagi antenna remains, as does the 10m / 6m Fan Dipole in the loft space. Also 
remaining in place at the apex of the house is the home-brew 2m / 70cm "CFR" Antenna (Coaxial Dipole) for 
VHF/UHF FM operation - this has been a particularly effective antenna. 


To sumarise: 

1) A 20 meter long doublet antenna fed with balanced ladder line for 40 meters to 6 meters. The ‘old timers' really 
knew their stuff, this an excellent all round antenna that is easy and cheap to make and should be quite easy to 
accommodate and install. See photograph below and read more here 


2) A Sloper Antenna consisting of two parallel wires - one wire being 20 meters long with a second parallel wire 


1/40 
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Get on the air with that is 10 meters in length. The first 2.5 meters (approx) of wire MØMTJ 
TOP QUALITY runs vertically up a non metallic post, then the remainder slopes 
BRITISH back towards the house being finished off with an insulator which”, SoperAnienna 
G-WHIP is attached to a Para-Cord lanyard that runs through a pulley on | 
ANTENNAS a pole at the apex of the roof. The antenna wire can therefore 


3.5 metre tall 
fibreglass pole 


easily be let down for maintenance or adjustment whenever 
required. For lowest possible loss, the antenna is fed via a 


\ 
\ 
Aluminium 
Pole 


GC3000 automatic antenna coupler located at the bottom of the ali lil 

garden. The antenna is primarily for lower HF bands including NE i 

160 meters, 80 meters and and 40 meters, but it also works very Halyard cates CG. cm 
well on some higher bands. The GC3000 itself is mounted in a src MOM Š Earth Stake— 


oupler 


waterproof IP56 rated enclosure near ground level at the bottom 1°" 10m using two parallel sloping wires & remote auto anten 
of the garden. Grounding is achieved from two 4 foot long copper ground stakes and several radial grounding 
wires. 


Read more about the Sloper Antenna and the CG3000 here. 


3) A 'home-brew' omnidirectional, vertical dual band, end fed antenna for 2 metres and 70cm. This is of the 
Controlled Feeder Radiation design (CFR) by VK2ZOl; effectively an end fed half wave dipole on 2m with an 
aluminium sleeve dipole section to achieve 70cms with a few extra dB's of gain. It is mounted on an aluminium 
mast. It's feed-point is about 11 metres a.g.l. read more here 


4) A DK7ZB design dual band Yagi antenna, with 5 elements for 2 metres and 8 elements for 7Ocms, mounted 
horizontally for SSB. A lightweight antenna rotator is employed and uses a push-up telescopic mast. Height above 
ground level is again approximately 7 metres. The DK7ZEB is an excellent twin band Yagi antenna. read more here 


5) A Half Wave End Fed / Controlled Feeder Radiation (CFR) antenna for 6 meters / 50 MHz. Supported by a 3 
meter long telescopic fibreglass fishing pole attached to the top of the aluminium push up mast that supports the 
DK7ZB dual band yagi and rotator. 


6) Dual Band Fan Dipole, made from thick loudspeaker wire, mounted horizontally in the loft space for 10 meters 
an 6 metres. Cheap & quite effective. 


SOTA Beams l 
Lightweight 2 metre & Other Options that can be deployed on an 'as required basis' : 


/Ocms Yagis, Dipole, l l E um 
Accessories & Poles 7) A half wave Wire J-Pole fixed to a telescopic fibreglass fishing pole for 10m. Cheap and effective. more about J- 


www .sotabeams.co.uk Poles here and also here on Antenna page 5 


8) Compact Loaded Top Band Antenna, based on a design idea by Stuart Craigen G4GTX more 


9 & 10) G Whip End Fed Zepps (EFZ's) for either 20m, 15m or 17m or the G-Whip "WideBander" which is an 
'UnTenna' style antenna that can be used for 20m through to 10m using good quality G Whip 9:1 UnUn; useful 
additions for antenna flexibility. more 


11) NOTAX Dual Band Slim Jim (J-Pole) antenna mounted in the loft as a back-up antenna for 2m and 70cms. Very 
good. more 


12) Delta Loop Antenna - 16 metre loop of wire in triangular Delta shape, hung from the top of the pole supporting 
the inverted L antenna and fed via RG213 coaxial cable via a 4:1 balun. The loop is really a single band antenna 
cut for one wavelength on the band of interest, however it also can be pressed into service for some higher bands - 
a good, cheap and easy to install aerial; Often works better than the inverted L on the higher bands, but on 10 
metres the tuned 10 metre dipole in the loft is sometimes better. more 


Knots: Knots for securing wire aerials and other things more here 


H.F. ANTENNAS used by MOMTJ 


All Band Doublet Antenna 


The Doublet Antenna consists of two 10 meter long top wires to form the 20 meter long 'dipole' section. The centre 
is fed with Ladder Line rather than coaxial cable. A dipole fed with coaxial cable is essentially a single band (mono 
band) antenna. Feeding such an aerial with ladder line, or open wire twin feeder makes a much more effective 
multi-band antenna. 


The ladder line runs down to a high efficiency 4:1 Current Balun (G-Whip) which is connected to an LDG AT-200 
automatic antenna matching unit via a very short RG213 patch lead to ensure lowest losses. The Antenna tuner 
and balun are housed in a box which is itself contained in a small garden shed to protect it from the weather. The 
LDG antenna matching unit is then connected back to the 'shack' via a run of RG-213 coaxial cable. Read more 
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about the All Band Doublet Antenna here. 


A view of part of the MOMTJ All Band Doublet Antenna 
Read more here 


ANTENNAS FOR VHF and UHF - 2 m 8 70 cms 


The main antennas are as follows: 


Home-Brew dual band end (physically end fed) half wave "Coaxial Dipole" for 2m & 70cm 


For 2m and 70cm FM | use a mounted on a lightweight aluminium telescopic pole on the apex of the hose. The 
base of the antenna (the bottom of the radiating element) is approximately 11 metres above ground level. This 
antenna is based on the Controlled Feeder Radiation principle (CFR) and is described by VK2ZOI. Read more 
about its construction here. Also seen in the photograph below are the ropes that support the H.F. wire aerials. 
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Home brew dual band vertical antenna for 2 metres and 70 cms 
Read more about its construction here 


Dual Band Yagi for 2m & 70cm 


For 2 metres and 70cms SSB there is a horizontal DK7ZB design dual band Yagi antenna. This has 5 elements for 
2 metres and 8 elements for 70 cms. A lightweight antenna rotator is employed and uses the same push-up 
telescopic mast that the Home-Brew 7OMHz J-Pole is mounted on. Height above ground level is again 
approximately 7 metres. The DK/ZB is an excellent twin band Yagi antenna. 
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Push up aluminium mast with rotator, 2m / 70cm DK7ZB Yagi and a 4m J-Pole at the top 
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The DK7ZB 5 + 8 element dual band yagi for 2m and 70 cm - designed by Martin Steyer DK7ZB 
Available from Arthur MOPLK (SQ2PLK) at Ham Radio Shop: 
http://stores.ebay.co.uk/urbasket-eu 


http://ham-radio.urbasket.eu 
Also available from VPA SYSTEMS by SQ9VPA http://www.vpa-systems.pl 


Kits available from NUXCOM.de : http://shop.nuxcom.de 


2 Meter J-Pole Antenna for the garden shed - and other J-Pole antennas for 6 metres and 
10 metres : 


While experimenting with antennas in the garden in the summer of 2012 | thought that it would be good to have a 
hand-held radio in the shed to do some monitoring and make a few contacts. To improve upon the performance of 
the 'rubber duck' antenna | quickly made a J-Pole antenna for the 2 metre band. 


It is made from a 47cm length of 450 ohm Wireman ladder line as the 1/4 wave matching section, plus a 97cm 
length of stranded wire as the 1/2 wave radiator. It is fed with 3 metres of Mil spec RG58 c/u coaxial cable that is 
soldered to the 1/4 wave matching section's impedance matching point at 3.5 cm from the bottom. The coax feeder 
is wound around some PVC tube to form a choke. The completed antenna is taped to a 2.2 metre long fibreglass 
fishing pole that | purchased from Poundland (for £1.00). It took about 20 minutes to make followed by some 
testing and adjustment with the antenna analyser. The fishing pole is lashed to the shed with some cable ties. 


This simple antenna works pretty well, but being so low down signal strengths are not huge, but it's pleasing to get 
on the air with something so simple and cheap! 


Find out how easy it is to construct J-Pole Antennas here 


Now, if it was at the top of my 10 metre long fishing pole. .... (!) 
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The Shed Antenna - a 2m J-Pole by MOMTJ 
Note the simple choke balun at its base made by winding 8 turns 
of the coaxial cable around a small off cut of white PVC water pipe. 
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The feed point of a J-Pole antenna made from Wireman 450 ohm ladder line. 
More here 


More Antemnas... 


Inverted L Antenna for 80m and 40m (and some other HF Bands from 80m to 10m) 


Monofilament 


7MHz trap 
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The basic layout of the Inverted L Antenna (Practical Wireless) 


The first antenna that | installed was for HF. | decided on an Inverted L that incorporates a 7MHz trap so that it can 
be used on both 7MHz (40 metres) and 3.5 MHz (80 metres). 


The design of this Inverted L is well known and a good design has been published previously in Practical Wireless 
by Len Paget GMOONX. It is based on one half of the famous W3DZZ trapped dipole antenna. 


It can be made entirely from scratch as a DIY project, or the 7MHz trap could be purchased commercially as a 
ready made item, or whole antenna can bought as a complete kit from Tony Nailer, G4CFY, at Spectrum 
Communications. | opted to buy the 7MHz trap from Spectrum Communications, as | already had most of the other 
materials required - rope, egg insulator, plastic box, and some good aerial wire. The Spectrum Communications 
trap is solid and well made and 'potted' to protect against the elements. 


This antenna is tuned for 40 metres and 80 metres, but the VSWR is acceptable on several other bands being in 
the region of 2:1 to 5:1. The designer anticipated that this antenna would be usable on five of the H.F. bands 
between 80m and 10m. 


| have found that with the use of the Antenna Tuning Unit it can be used on all of the H.F. bands. However the 
polar radiation pattern may very well be less predictable on bands other than the intended 40 and 80 metres, and it 
may well be less effective than might be desirable - but it does work! 


The antenna is in the back garden, while the shack (radio room) is in a bedroom at the front of the house. It is fed 
by a 30 metre length of RG213 coaxial cable (it is not possible to use twin feeder for this type of antenna as the 
Inverted L is an UN-Balanced aerial, whereas twin feeder is balanced). With this length of cable | estimate the loss 
in the feeder alone to be about 1dB at 7MHz. The feed point of the aerial is located at the base of a 16 foot high 
wooden pole near the bottom of the garden. The horizontal top wire returns to a fibreglass pole installed at the 
apex of the roof. 


+ 17 +160: | have since added a separate sloping wire element for the 17 Metre Band and a switchable loading 
coil for Top Band - see notes below... 
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Photograph showing the wooden support post and termination point of the Inverted L antenna 
The post is coloured green with green fence treatment to mast it somewhat. | have also placed 
it near the bush to provide further camouflage. 
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The low loss RG213 coaxial cable runs from the shack at the front of the house up into the loft and 

exits into the back garden down the rear wall, through some garden hose to offer some protection 

along the flower bed to the bottom of the garden where it is connected to the base of the Inverted L 
antenna. 
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The suspended Inverted L aerial with 7 MHz trap. 
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The Inverted L antenna - lower section now nicely camouflaged. The wooden 
support post is some 6 metres long. 
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The photograph above shows the Dacron ropes supporting the ends of the Inverted L and Dipole antennas are 
held in place at the top of the fibreglass support mast by a pulley - one pulley for each support rope. This facilitates 
rapid lowering of either antenna for adjustment or replacement. This photograph also shows a second rope and 
pulley system that was originally used to support the 20m dipole and is now used for the top band inverted L wire 
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aerial. 


| needed a good reliable knot for securing ropes when installing wire antennas and have found the Bowline to be 
one of the most useful, it is strong and easy to tie. A Bowline will not slip in any circumstances and, usefully, the 
more load that is put on it, the tighter it gets. 
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The Bowline Knot 


A Bowline can be used to tie two ropes together and should be used to tie a support rope to a pulley, dipole centre 
and other antenna items. 


It's important to use the correct knot for the job when fixing up wire antennas. | find the Bowline is a very useful for 
fixing end, egg and dog-bone insulators to the ends of the wire and/or ropes. The Round Turn & Two Hitches, 
Anchor Bend (Anchor Hitch) and Buntline Hitch knots are very good for tying a rope to a pole or a mast. A Double 
Sheet Bend can join two pieces of rope together - even if they are of unequal size. 'Animated Knots' will show you 
how to do them: http://www.animatedknots.com 
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Photo showing pulley fixed to the top of the wooden support post and the aerial support 
rope that it holds in place. 


The Spectrum Communications Trap 
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View of trap showing that the joints have been thoroughly sealed against the weather with 
self amalgamating tape and silicone sealant. 
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Just for good measure | sealed the internal side of the machine screw that forms the connection 
terminal against the weather with Watson sealant putty. 


Adding Top Band to the 80 / 40 metre Inverted L Antenna: 


Due to an aborted house move in 2010 | had removed all the antennas. While re-establishing the aerials in 2011, 
and considering space limitations, | decided to experiment with adding a loading coil to the 40m / 80m Inverted L 
aerial. The loading coil has a link wire to short it out of circuit when using the aerial for 80 metres and 40 metres. 
The link wire is removed when Top Band is required. 


| also took the opportunity to replace the original wooden post with a strong 6 metre tall fibreglass pole. 
The coil consists of approximately 37 turns of PVC covered antenna wire wound on a short piece of PVC pipe. 
Once the required points of resonance were set for 40 metres and 80 metres, the link wire was removed and 


number of turns on the coil were adjusted until the required point of resonance was found on the 160 metre band. | 
set it to around 1900 kHz - the bandwidth is quite narrow. 
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Once the work was done, the joints and connections were sealed with either Liquid Electrical Tape or self 
amalgamating tape, then the connecting box, V bolts and white PVC pipe were sprayed with green paint to help it 
all blend in with the surroundings a little better. 


Adding the 17 Metre (18 MHz) Band to the 80 / 40 metre Inverted L Antenna: 


The Inverted L is not too good for the 'WARC' bands so to obtain better performance on the 17 Metre band | added 
a single slightly sloping wire element cut for that band. The lower end of the wire is permanently connected to the 
feed terminal on the junction box, the other end is tied to a small dog bone insulator. This dog bone is then 
supported by a length of thin para-cord which is tied to the horizontal wire of the main Inverted L element. (N.B. 
The 17 metre modification is not currently shown in the photographs below.) 
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MOMTJ =<, 
Work In Progress! - September 2011 
Reconfiguring Inverted L with additional Top Band Loading Coil for 160 metres. 
A strong 6 metre tall fibreglass pole replaces the original heavy wooden post. 
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Adding 160 metre loading coil to the 80 
The loading coil has a link wire to short it out of circuit when using the aerial for 80 metres and 40 metres. 
The link wire is removed when Top Band is required. 
The coil consists of approximately 37 turns wound on a piece of PVC pipe. 
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Adding 160 metre loading coil to the 80m / 40m Inverted L Aerial. 
The loading coil has a link wire to short it out of circuit when using the aerial for 80 metres and 40 metres. 
The link wire is removed when Top Band is required. 

The coil consists of approximately 37 turns wound on a piece of PVC pipe. 
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ANTENNA 


Audio Out 


4 turns .5 diameter 1.5 long, tap at 1 turn or best signal, spread coil for band coverage 


By slope detection you can get FM. If you live close to the stations 
you should do well with Hi Z phones. I use an audio amp, I am far 
from the stations. I get three. 
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Photograph showing the Inverted L antenna with additional vertical wire element and position of Delta 
Loop 
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The commercial version of the basic 80m - 10m Inverted L is 
available from Tony Nailer at Spectrum Communications 


http://www.mds975.co.uk/Content/amateur_radio_antennas.html 21/40 


10/30/2017 


http://www.mds975.co.uk/Content/amateur_ radio _antennas.html 


ANTENNAS & AERIALS 1 - The Aerials Used by M@MTJ - MOMTJ 
Important notes on effective Grounding by Jim K8OZ 


Mike - | was reading about your work on the 160 meter Inverted L, and it makes me want to go out and build 
some more antennas! Congratulations. Your story is fascinating, and very well documented. 


The only thing | can offer as a suggestion is to get as much radial wire along the edge of your property as 
possible (assuming your XYL will not allow you to bury radial wire all over your yard). Even if you can only run 
multiple wires 1/8th of a meter apart from each other, and parallel to each other, your losses will be reduced. 
The ground lossses have quite an impact on your transmitted signal, so any wire you can "hide" along the edge 
of your property will help improve your signal strentgh - little, by little...! { lt may also affect your resonant 
frequency slightly, but that's easy to deal with by adjusting with an antenna tuner or slightly changing the loading 
coil. } 


Good luck OM, and keep up the refinements on your antenna system. You're doing great! 73, 


Jim, K80Z 
Albuquerque, NM 


Delta Loop Antenna - Tuned for the 17 metre band but also usable as a multi-band 
operation 


W20U 4:1 Balun 


6-8 turn coil of ----22 fi 
feedline choke 


at feedpoint 


50 ohm coax 
to shack 12-14 AWG antenna wire 


insulators and tie off ropes 


A typical Delta Loop antenna - diagram by W5SDC - gives multi-band operation with minimal cost. 
My Delta Loop is fed near the bottom corner - it cannot be fed at the top, as in the diagram 
above, due to unwanted interaction with the antenna wire of the Inverted L antenna 
which is supported on the same pole. 


My Delta Loop is fed near the bottom at one corner - it cannot be fed at the top, as in the diagram above, due to 
unwanted interaction with the antenna wire of the Inverted L antenna which is supported on the same pole. 


It consists of a 16 metre long loop of wire in triangular Delta shape, hung from the top of the pole supporting the 
inverted L antenna and fed via RG213 coaxial cable via a home-brew 4:1 balun. A loop is really a single band 
antenna cut for one wavelength on the band of interest, however it can also work on higher bands with an ATU - as 
a good, cheap and easy to install multi-band H.F. aerial. Performance is a little better than the inverted L on the 
higher bands, but on 10 metres the tuned 10 / 6 metre wire ‘fan’ dipole in the loft can still be better. 
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Inverted L wire 


Delta Loop wire 


Apex of Delta Loop by MOMTJ 


Small dog bone insulator pela Loop wire 


MOMT] 
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The Feed Point of the Delta Loop Antenna is at the bottom right hand corner 
The Antenna is fed via a 'home brew' 4:1 balun by MOMTJ 


Below are the VSWR measurements for the 16 metre long loop which has been measured an cut for resonance in 
the 17 metre band. For comparison are the measurements for the 12 metre long loop (which has not been 
optimised) and an 18 metre long loop which is of arbitrary length: 


16 metre long loop of wire for the 17 Metre Band (optimised for 17m band) 


12 metre long loop of wire for the 12 Metre Band (NOT optimised) 


10m 28.0 MHz = 5.0 29.5 MHz = 6.1 


18 metre long loop of wire (An arbitary length between 20m & 17m) 


BAND VSWR VSWR 
14.0 MHz = 2.1 14.35 MHz = 1.4 
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| 17m | 18.07 MHz = 2.6 | 18.16 MHz = 2.5 | 


Many users claim that loop aerials are quieter than typical vertical antennas. There are many plans available in the 
internet and given a suitable support or pole and a 4:1 balun it can take only a few minutes to install a loop 
antenna. 


Arthur MOPLK (SQ2PLK) at Ham Radio Shop supplies an interesting lightweight self supporting Delta Loop 
antenna: http://ham-radio.urbasket.eu - see the review on the Polonia DX Award here: 


http://pdxa.one.pl/articles.php?article_id=17 


LOOP ANTENNA LINKS: See lots more links to Loop Antennas on my links page here 


Dipole or Doublet Antenna for 20m and 10m 


This is an antenna trapped dipole for 20m and 10m. Currently it is fed by 75 ohm twin feeder to a 1:1 balun in the 
loft, then on to the ATU (AMU) via a short RG213 coaxial cable. Although it was initially installed horizontally, it is 
now installed with one leg supported vertically on a 7 metre fibreglass 'Sota' pole with the other leg supported 
horizontally about 2 metres above the ground. This is a rather unorthodox arrangement for a balanced dipole, but it 
seems to work ok and was inspired by another radio amateur's idea - although | don't recommend balanced feeder 
for this arrangement! 


It looks much neater than the horizontally strung dipole and offers a more omnidirectional radiation pattern too. 


Dipole Centre with PVC covered wire and 75 ohm twin feeder attached. 


Removable end support method for wire dipole using a plastic antenna insulator, 
snap-hook and Dacron rope. 
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Photo showing how the wooden support posts are held in the ground by the steel Met Post. 
This Met Post and wooden pole now supports the 7 metre high fibreglass Sota Pole (fishing pole). 


The ‘deformed dipole’. 
A Dipole for 20m and 10m. 


One leg is vertical, giving a more omnidirectional pattern and supported by the 7 metre long fibreglass fishing pole, 
while the other leg runs off horizontally at about 2 metres above the ground. 


This antenna is fed by 75 ohm twin feeder. 
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The Deformed Dipole 
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Compact Antenna for Top Band 
A Shortened Inverted L for 160 Metres 


Despite the dreadful noise on top band caused by modern electronic gadgets and the difficulty in accommodating a 
necessarily large aerial in a small garden, | was keen to try to get on to top band. | experimented with some 
different ideas during 2009, some of which are shown on this page. 


Eventually | settled on the design shown below. It is an Inverted L type aerial, shortened by the use of a loading 


coil. It uses a fibreglass telescopic fishing pole to allow it to be easily lowered out of sight when not in use. Read 
more on Antennas page 2 here> 


EN Telescopic fibreglass 
Le Egg insulator 


fishing pole -6m high 
Aerial wi 
Ñ dl fixed to wooden post 


> SS oasis mane 


Aluminium pole |} 


Counterpolse 
ground radials 


Hakan Connection box 


Coax to shack 


Wooden post 


Top Band Aerial by MOMT] | 
Earth roel 
Shortened Base Loaded Top Band Antenna For Small Gardens 
uses a fibreglass telescopic fishing pole to allow it to be easily lowered out of sight when not in use. 


Read more about Top Band Antennas on Antennas page 2 > 


Other Antennas: 


End Fed Zepp Antennas for 20m / 17m and 15m : 
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High quality commercially built Zepp antenna from G Whip Antenna Products. 
http://www.gwhip.co.uk/ 


Above is a high efficiency, high quality commercially built Zepp style antenna using a half wave radiator. However 
there is a difference - unlike the traditional Zepp antennas, G4ICD's design dispenses with the long trailing 1/4 
wave twin feeder matching section and counterpoise and, instead, uses a G-Whip's helical tuned unit. 


The end fed Zepp is extremely versatile - it can simply be hung from the fascia board or guttering just outside one's 
window: The 1/2 wave wire radiator made of high strength Kevlar is easily sloped down the garden and is a 
camouflage green in colour so as to be almost invisible. The G-Whip Zepp is supplied with a fascia board insulator, 
a throwing line with plus cable strain relief and fittings, the IP65 waterproof resin potted box fitted with UHF 
connectors (SO239) for coax feeder. The Zepp can be mounted vertically (e.g. using a telescopic fibreglass pole), 
horizontally or sloping and can be ready in a matter of minutes. 


| then decided to try an excellent new design developed by Geoff G4ICD - an End Fed Zepp antenna with a 
difference. The G-Whip End Fed Zepps are high efficiency, resonant mono band antennas utilising a half wave 
radiator, however this new G-Whip design by G4ICD dispenses with the long trailing 1/4 wave twin feeder 
matching section and counterpoise and, instead, uses a helical tuned unit. Using versions for 20m, 17m and 15m 
will enable me to get on the air with the minimum of fuss since the G-Whip end fed Zepp can simply be hung from 
the facia board or guttering just outside one's window. The high-strength Kevlar, camouflage green 1/2 wave wire 
radiator is easily sloped down the garden to be almost invisible. 


G-Whip Widebander : 


http://www.mds975.co.uk/Content/amateur_radio_antennas.html 30/40 


1/3/2017 FM Crystal Set 


FM Crystal Set 


http: //www.wa6botp.com/FM%20Crystal%20Set.html 1/2 


10/30/2017 ANTENNAS 8 AERIALS 1 - The Aerials Used by MOMTJ - MOMTJ 


GWhip Widebander antenna. 
Using the popular idea of feeding a large but non resonant antenna with an impedance converting 9:1 unun. 
The G Whip wideband antenna consists of a 9:1 unun of GWhip's customary high quality for best efficiency, two 
20metre lengths of kevlar wire for the radiator and counterpoise which provide operation from 3.6MHz to 50MHz. 
Feed with good quality low loss coax and use an ATU to match. The 20 metre radiator wire can be used as a 


sloper, or supported by convenient supports such as poles or trees in a straight line or 'dog legged". | use a shorter 
radiator wire run up a telescopic fibreglass pole for operation on 20 metres an above. 


Dual Band J-Pole : 


There is a dual band vertical J-Pole antenna in the loft as a back up for the 2m and 70cm bands. 


Em i = -_ ——- mm 


The excellent Dual Band N9TAX Slim Jim antenna that | use in the loft as a reserve antenna. 
More information from Joe N9ITAX at: www.n9tax.com 
www.ebay.co.uk/itm/VHF-UHF-Slim-Jim-J-Pole-Dual-Band-2m-70cm-Antenna-jpole 
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Previous Antenna installations: 


(2011 - 2013) 


1) A trapped Inverted L for 80m and 40m with an SGC-230 auto antenna coupler at its feed-point at the bottom of 
the garden. RG213 coaxial cable is used to feed the output of the auto-coupler back to the shack. This can be 
used on all bands from 160 through to 10 metres. The support post is installed at the bottom of the garden with the 
end of the antenna wire being supported by Dacron rope that is attached to a pulley on a pole at the apex of the 
roof. A simple, single sloping wire element provides use on the 17 metre band. Although too short to be really 
effective on 160 metres, Top Band can be tuned by the SGC coupler. A pretty good all-round antenna. more 


2) A half wave Wire J-Pole fixed to a telescopic fibreglass fishing pole for 10m. Cheap and effective. more about J- 
Poles 


3) A 'home-brew' omnidirectional, vertical dual band, end fed antenna for 2 metres and 70cm. This is of the 
Controlled Feeder Radiation design (CFR) by VK2ZOl; effectively an end fed half wave dipole on 2m with an 
aluminium sleeve to achieve 70cms with a few extra dB's of gain. It is mounted on an aluminium mast 10 metres 
a.g.l. more 


4) A DK7ZB design dual band Yagi antenna, with 5 elements for 2 metres and 8 elements for 7Ocms, mounted 
horizontally for SSB. A lightweight antenna rotator is employed and uses a push-up telescopic mast. Height above 
ground level is again approximately 7 metres. The DK7ZB is an excellent twin band Yagi antenna. more 


5) Dual Band Fan Dipole, made from thick loudspeaker wire, mounted horizontally in the loft space for 10 meters 
an 6 metres. Cheap & effective. 


6) (Installed late September 2013) Wire J-Pole antenna for 4 Metres (70 MHz) supported on a 3 metre long 
telescopic fibreglass pole to be attached to the top of the aluminium push up mast that supports the DK7ZB dual 
band yagi and rotator, 

Other Options that can be deployed on an ‘as required basis': 

7) Compact Loaded Top Band Antenna, based on a design idea by Stuart Craigen G4GTX more 

8 & 9) G Whip End Fed Zepps (EFZ's) for either 20m, 15m or 17m or the G-Whip "WideBander" which is an 


'UnTenna' style antenna that can be used for 20m through to 10m using good quality G Whip 9:1 UnUn; useful 
additions for antenna flexibility. more 


10) N9TAX Dual Band Slim Jim (J-Pole) antenna mounted in the loft as a back-up antenna for 2m and 7Ocms. Very 
good. more 


11) Delta Loop Antenna - 16 metre loop of wire in triangular Delta shape, hung from the top of the pole supporting 
the inverted L antenna and fed via RG213 coaxial cable via a 4:1 balun. The loop is really a single band antenna 
cut for one wavelength on the band of interest, however it also can be pressed into service for some higher bands - 
a good, cheap and easy to install aerial; Often works better than the inverted L on the higher bands, but on 10 
metres the tuned 10 metre dipole in the loft is sometimes better. more 


(2011) 


In mid 2011 | experimented with an excellent N9TAX designed dual band Slim-Jim (J-Pole) antenna for 2m and 
70cms. This is made from lightweight 450 Ohm ladder line which can be fixed to the top of a 10m tall fibreglass, 
telescopic, fishing pole. The N9TAX works extremely well indeed. More information from Joe N9TAX at: 

www.n9tax.com and buy at: www.ebay.co.uk/itm/VHF-UHF-Slim-Jim-J-Pole-Dual-Band-2m-70cm-Antenna-jpole 


N.B. | tried to home-brew the DJB-1 dual band J-Pole antenna using plans published by the ARRL in QST 
magazine. | wanted a neat antenna that could be enclosed in a protective tube to minimise weathering effects. 
However trying to tune this antenna at UHF frequencies proved to be frustratingly difficult to do and after two full 
days work | could not get the thing resonate accurately at the correct frequency. Sadly, for this reason, | cannot 
recommend the Dual Band J-Pole as a home-brew project. 


The N9TAX antenna on the other hand works very well. However it cannot be enclosed in a tube due to the 
velocity factor effect de-tuning the antenna's resonant frequencies. 


(Late 2011) 


Due to difficulties with the stability of a lightweight fishing pole as a support | moved back to using the lightweight 
aluminium telescopic mast, with stays, to support a Watson W-50 vertical dual band collinear for 2 metres and 70 
cms FM. 
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The excellent N9ITAX dual band Slim Jim is now installed in the loft. 


(Antennas used up until 2010) 


1) A trapped Inverted L for 80m and 40m fed by RG213 coaxial cable to the LDG Z-11 Pro antenna matching unit 
in the shack. This can be used on all bands from 80 through to 10 metres. The support post is installed at the 
bottom of the garden with the end of the antenna wire being supported by Dacron rope that is attached to a pulley 
on a pole at the apex of the roof. This excellent antenna is still use. more 


2) A trapped dipole for 20m and 10m. This was fed by 75 ohm twin feeder to a 1:1 balun then on to the AMU via 
RG213 coaxial cable. It was initially installed horizontally, but more latterly installed with one leg supported 
vertically on a 7 metre fibreglass 'Sota' pole with the other leg supported horizontally about 2 metres above the 
ground. A rather unorthodox arrangement for a balanced dipole, but it seemed to work ok, it looked much neater 
than a horizontally slung dipole and also offered a more omnidirectional radiation pattern. more 


4) A compact Inverted L for the 160 metre band - Top Band - shortened with a loading coil. more 


5) As N9TAX Dual Band Slim Jim (J-Pole) antenna for 2m and 70cms. This was fixed near the top of a 10m 
telescopic fibreglass fishing pole that | pushed up whenever it was required. more 


(2008) 


W-2000 - Vertical Collinear mounted on a temporary 10m telescopic pole: 


| no longer have the Watson W-2000 but this is how it was used previously: 


The Watson W-2000 covered VHF (2 metres / 144 MHz) and UHF (70 cms / 430 MHz) and also, rather usefully, 6 
metres (50 MHz) too. The W-2000 is 2.5 metres long and enclosed in white fibreglass with three radial elements at 
the base. 


Unfortunately | had nowhere practical to install a separate mast for the VHF / UHF antenna, so this was mounted 
on top of a 30 foot (10 metre) high telescopic aluminium mast in the back garden. The base of the mast was 
placed in a handy metal sleeved hole that was already present in a small wall in the garden. Very fortunate indeed! 


The antenna is connected to the radio via the very low loss Westflex 103 coaxial cable. The cable was left in place 
permanently, running from the shack in the front bedroom, up into the loft and out of a small hole in the back of the 
house, down a drain pipe into the back garden. From there the aerial can be connected as an when required: 


When VHF or UHF operation is required | have to connect the coaxial cable to the Watson W-2000, fix it to the top 
of the telescopic mast, which is very quick using two V bolts and 4 wing nuts, put the mast in the hole and raise it 
to a good height. | tend to extend it so that the bottom of the antenna is at about 24 feet in the air, the height of the 
apex of the house, so it is in fairly clear space. 


A VHF and UHF aerial needs to be as high as possible since at these frequencies communication is essentially 
local and "line of sight’ - unless heightened propagation conditions, such as Sporadic E or a Temperature Inversion 
is prevailing at the time. 


Even at 24 feet the mast is rather wobbly, so it was tied down using three nylon guy ropes. 
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The Watson W-2000 on to of the extended telescopic pole - about 8 or 9 metres high. 
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Photograph of a Watson W-2000 on Telescopic Mast at the lowest position. 


MORE ANTENNAS 


Our good friend in Australia Felix Scerri, VK4FUQ, uses Inverted V antennas but also highly recommends 
the Quad Loop style antenna for HF work. These are well worth investigating, and you can read more 
here: Antennas 3 with more antenna ideas on Antennas 2 and Antennas 4 and the Links Page here and here 


KNOTS FOR SECURING WIRE ANTENNAS 


| have found the Bowline to be one of the most useful, it is strong and easy to tie. A Bowline will not slip in any 


circumstances and, usefully, the more load that is put on it, the tighter it gets. Read more about good knots for 
amateur radio aerials here... 
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The Bowline Knot - Read more about knots here ... 


Antenna Trimming Chart and useful Antenna Rigging Accessory ideas 


On Antennas 4 | have included a helpful Antenna Trimming Chart and some useful ideas for Antenna Rigging 
Accessories 


More project ideas here> 
73 


Mike, MOMTJ 2011 / 2012 


Links to further reading: 


Introducing The All Band Doublet: http: //www.cebik.com/content/edu/edu6.html N.B. Create a free account at 
http://www.cebik.com 


The All Band Doublet - http://www.cebik.com/wire/abd.html 
The ALL Band HF Doublet on Ham Universe - http://www.hamuniverse.com/hfdoublet.html 


Multi Band Dipoles Compared - by ARRL on QST and DX Zone: 
http://www.arrl.org/tis/info/pdf/9611073.pdf http://www.dxzone.com/cgi-bin/dir/jump2.cgi?ID=7499 


PDF Document - The W3DZZ Antenna - 


http://www.users.icscotland.net/~len.paget/GMOONX%20trap%20dipole.pdf (**!!! But don't use coaxial cable with 
a 'choke balun’ at the centre of the dipole! Use twin feeder with the Choke Balun at the other end. Less power 
loss.!11***) 


See Practical Dipole Antennas Compared: http://www.gsl.net/ta1dx/amator/practical_dipole_antenna.htm 


Practical Antenna For 160 Metres - http://www. iw5edi.com/ham-radio/?a-practical-antenna-for-160-metres,32 
http://www.ikimnj.net/id202.htm 


More: 


The website of GMOONX http://www.gm0onx.co.uk/ 
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The Inverted L - PDF document: http://www.users.icscotland.net/~len.paget/5%20band%20Inverted%20L.pdf 


Adding Top Band To The Inverted L - PDF Document: 
http://www.users.icscotland.net/~len.paget/Inverted%20L%20adding%20top%20band.pdf 


The All Band Inverted L - http://www.antennex.com/preview/archive3/ltv.htm 


Q.T.H. Move in 2010 !%*?"*!?! 


We decided that we'd like to move house in 2009, we found a new property in early 2010. My amateur radio aerials 
were duly taken down and the ham shack packed away. However after months of delays we still had not moved by 
August 2010, but we were still hoping to move. However after months of messing about and stringing us along our 
buyer pulled out the very day before we were to exchange contracts later in August 2010. 


This cost us a lot of time and a great deal of wasted money. Thank you Mrs xxxxxx :-( 


After a wasted year we decided to stay where we were and take the house of the market. Instead we spent the 
next eight months remodelling and redecorating. No time for playing radio of course and besides everything was 
still all packed away in boxes! 


In mid 2011 | was getting frustrated that | had no radio. So | suppose it's time to think about re-establishing the 
station and to start planning the installation of some antennas. Of course Jules, my XYL, understandably questions 
my antennas and experiments! 


Due to time constraints | will probably start again with a somewhat temporary antenna. | was thinking along the 
lines of an "Untenna" - so | installed a 7.2 ish long wire supported on a vertical fibreglass pole with a horizontal 
'counterpoise' connected via a 9:1 balun to the coax back to the shack. Of course it is a fairly low efficiency multi- 
band (wideband) antenna, but easy to get going quickly. The GWhip Widebander antenna by Geoff Brown G4ICD 
is possibly the highest quality antenna of this type available, using a very high efficiency, top quality 9:1 UnUn with 
a 17 meter wire radiator and 10 metre long counterpoise - a very useful, versatile ‘all situations’ antenna. 


As time progressed | re-established my full size trapped Inverted L antenna for 80metres and 40 metres and added 
a switchable loading coil at its base for use on 160 meters, as described above. 


Then | gradually re-established the 2 metres and 70 cms antennas with the vertical W-50 and horizontal dual band 
DK7ZB Yagi - as detailed above. 


Antennas 2 | Antennas 3 | Antennas 4 | Antennas 5 | Antennas 6 


Index To Other Antenna Pages: 
Antennas 1 : Aerials used at MOMTJ 


Antennas 2: Including ..... Ideas for compact aerials for Top Band /160 metres 
Antennas 3 : Felix Scerri VK4FUQ discusses Loop Antennas, baluns, masts & other antenna related topics 
Antennas 4 : Including ...... Many antenna ideas from various sources particularly for multi-band operation & also 


gives information about 

antenna trimming, knots for wire antennas and useful antenna rigging accessory ideas. 

Antennas 5: Including ..... Half Wave End Fed aerials for 144 MHz VHF / 430 MHz UHF and 50 MHz 6 Metre 
band & J-Pole Aerials 

Antennas 6: Including .... Simple and effective H.F. Antenna ideas - Ground Plane and All Band Doublet 


G Whip 
~ Antenna 


G-Whip Antenna Products 
Geoff Brown G4ICD offers a multitude of high quality solutions for portable, mobile and permanent base 


installations 
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G-WHIP G Pro Whip antennas 
http://www.gwhip.co.uk/ 


G Whip New Products. 
ANÍenna "e toro arent den 
News 


http://www.gwhip.co.uk/ 


Just For Fun: 


A tower that we may like to have to attach our antennas to - but | don't think that Health And Safety was taken 
into account here: 
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MOMTJ | Operating Conditions | Antennas / Aerials | /P Portable Operating | Accessories | Projects & Kits 


Useful Information | Contact M@MTJ | Contact MORS | Links to Amateur Radio Sites 


RSGB | QSL | The Amateur Radio Mini Site Map 


WSPR Weak Signal Propagation Reporter 


News, Developments, Events, Photographs and other 'Bits 'n' Bobs' 


MDS975 Home 


Feedback 
= 
MAIL 


Mike Smith - MDS975.co.uk © 2003 - 2016 


MOMTJ 
Amateur Radio; Ham Radio; Radio; Transceivers; HF; VHF; UHF; Data Modes; Morse Code; RTTY; PSK31; SSTV; FSTV; Amtor; Sitor 
Antennas; Aerials; Cable; Coaxial Cable; Twin Lead; Masts; Poles; Propagation; Computer; PC; USB Computer Interface; Microphone 
Loudspeaker; Filters; Noise Reduction; DSP; Digital Signal Processing; Morse Key; SWR ; Inverted L; Inverted V; Dipole; Doublet. 


http://www.freeradio.co.uk/ 
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ANTENNA 


Audio Out 


4 turns .5 diameter 1.5 long, tap at 1 turn or best signal, spread coil for band coverage 


By slope detection you can get FM. If you live close to the stations 
you should do well with Hi Z phones. I use an audio amp, I am far 
from the stations. I get three. 


http://www.wa6otp.com/FM%20Crystal%20Set.html 
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Amateur Radio mom 


My Home Page MOMTJ | Operating Conditions | Antennas / Aerials | /P Portable Operating | Accessories | Projects & Kits | 
Useful Information 


Amateur Contact MO@MTJ | Contact MOORS | Links to Amateur Radio Sites | RSGB | QSL | The Amateur Radio 


Radio Mini Site Map 
Operating News, Developments, Events, Photographs and other ‘Bits 'n' Bobs' | WSPR Weak Signal Propagation Reporter 


Conditions "Everything should be made as simple as possible, but not simpler." - Albert Einstein 
Antennas 


Nees AERIALS (ANTENNAS) 4 - Notes and Queries 


Projects Antennas 1 | Antennas 2 | Antennas 3 | Antennas 5 | Antennas 6 | Antennas 7 


& Kits 
| Index To Other Antenna Pages: 
PELER Antennas 1 : Aerials used by MOMTJ 
7 Antennas 2 : Including ideas for compact aerials for Top Band /160 metres 
eukiela] Antennas 3 : Felix Scerri VK4FUQ discusses Loop Antennas, baluns, masts & other antenna related topics 
Antennas 4 : Many antenna ideas from various sources particularly for Multi-Band operation & also gives information 


Portable about... | o l 
antenna trimming, knots for wire antennas and useful antenna rigging accessory ideas. 
QSL 


Antennas 5 : Half Wave End Fed antennas for 144 MHz VHF / 430 MHz UHF and 50 MHz 6 Metre band & J-Pole 
Aerials 

Antennas 6 : Simple and effective H.F. Antenna ideas - Ground Plane and All Band Doublet 

RSGB Ltd Antennas 7 : Omni-Directional - Circularly (Mixed) Polarized Antenna for VHF / 2 Meters. 


Links 
Multi Band Aerial Options | Useful Aerial Rigging Accessories | Aerial Trimming Chart | Useful Knots | A few 
QRM antenna related Links 


A LES As G4ILO notes: An antenna may have two of the attributes: Small; Efficient or Broadband (works over a 
wide frequency range without retuning) but never all three. 


Contact 
Marconi spins in his grave every time a ham buys an aerial instead of building it ! (w1GFH) 
WSPR 
Weak Signal THE QUEST FOR MULTI - BAND OPERATION - In A Limited Space 
Propagation 
Reporter The aerial is arguably the most important part of any station. No matter what transceiver is being used it is the aerial 
that is the last and most vital link in the chain and needs to be efficient and effective to radiate the signal to best best 
PORTABLE effect. Some amateurs are quite content to operate on one or two bands while others might want to be able to 
PORTABLE operate on many or even all of the amateur HF bands. When | gained my licence | definitely fell into the latter camp! 
Site Map It seems, then, that the holy grail of many amateurs is the perfect multi-band aerial! 


MDS975 Home 


Luckily N4UJW has designed a new limited space 160m through to 70cm marvel antenna the plans of which 
can be found here: 
http://www.hamuniverse.com/antwish.html 


Feedback 


QRM from PLT 


Having experimented with various types of antenna | am of the opinion that, perhaps along with many other 

amateurs, for simplicity a resonant dipole is the most efficient and effective of aerial. A resonant dipole it is only a 
single band aerial of course, but it is extremely cheap and very simple to make - and it's a very efficient radiator. So 
one could make a dipole for every band of interest and simply swap aerials to work different individual bands. 
Unfortunately the aerial described by N4UJW does not exist and compromises, such as lack of bandwidth or poor 


radiation efficiency, have to be made. 


The principal of lowering a dipole cut for one band, removing it and hoisting another dipole cut for a different band 
in to place sounds pretty straightforward, but would the process become frustrating after a while. | think it could, so 
what about an antenna that will allow operation on several bands? 
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The Quest For A Multi - Band Aerial 


Here is a collection of commercial and 'home brew' (DIY) antenna ideas that will allow multi-band operation, many of 
which could also be used in a location that offers limited space. Perhaps this only scratches the surface, but 
hopefully will provide a good starting point and fuel the mind in a quest for a good multi-band HF aerial. Do check 
out the manufacturer and supplier websites given on this page for lots more options and details. 


Home Brew! It has been said that no radio amateur should ever buy an aerial - especially a wire aerial! Joe 
Tyburczy WB1GFH also comments about suitable antenna installing weather on his web pages: 


"When you put up your antenna is also crucial. | must mention here the importance of what many early hams called 


“antenna weather". That is, snow, sleet, freezing rain, or combination of all the above. It has been proven time and 


time again that any antenna installed in conditions better than abysmal will not function worth a darn. Or, put another 
way, it takes bad weather to put up a decent antenna. Dark and cold New England winter days are ideal for this 
activity. Any antenna erected on such a day will inevitably produce miracles." Joe Tyburczy WB1GFH 


Most of what is available commercially could be 'home-brewed' if one has 
the time and a few suitable mechanical skills. 


It's worth bearing in mind that Joe Tyburczy's $4.00 Special may well be 
more effective than a commercial antenna costing $400.00. Perhaps the 
equally inexpensive Zepp Antenna could produce far greater Value For 
Money than shelling out £$hundreds on a commercial antenna? 


| give no particular recommendation here, but a good rule of thumb is not 
to believe the marketing hype of any commercial company supplying 
antennas. 


A good place to start is, | think, the classic All Band Doublet Antenna, which is mentioned several times below. 
Plenty of links are also provide further down this page. 


As important as not believing any of the marketing hype is remembering the words of the Star Ship Enterprise's 
Chief Engineer Mongomery Scott; (paraphrasing) You cannae change the laws of physics! - Size matters. A coil 
loaded 5 foot long aerial probably won't be that much good on the H.F. bands. Indeed, a a 5 meter long antenna 
may be perfect for the 10 metre band but it won't be a great antenna on 20m, and certainly even less effective on 
40m and 80m 


So, before falling for all the marketing hyperbole its wise to read up on a little antenna theory and do some lengthy 
research into the antennas being considered before making an expensive decision. 


Below are a few clues and ideas listed in no particular order - some of the antennas will be great while some of the 
commercial designs shown below may promise great things but fail to meet high expectations. 


There is no "miracle antenna". If one understands the theory and the compromises made with shortened, under- 
sized, multi-band (and often very expensive) antennas there may not be so much disappointment. However most 
will be compromised in one way or another, so if one is happy to live with those compromises, understand what they 
mean, and are happy to have a lighter bank balance then that's fine! 


Low SWR across all the bands does not indicate a good antenna. My dummy load has very low SWR across all the 
bands but it is most certainly not a good antenna! 


Someone telling you that the antenna that they're using is great and that they've worked the world doesn't mean it 
really is a good antenna - it's just ‘hearsay’. One could quite possibly work around the globe on a coat hanger in the 
right conditions - it doesn't suddenly make a coat hanger the great antenna that should be widely heralded! 

The best way to learn about antennas is to go out and make some - well actually go out and make many antennas. 
Here are a few ideas. Some that are easily ‘home brewed’ and some commercial ideas that could be adapted to 
‘home brewing’. | don't have any particular recommendation, but | hope that this list will provide some good food for 


thought. (Some of the commercial antennas may be okay, some may be awful). 


Remember; Marconi spins in his grave every time a radio amateur buys an aerial instead of building it ! 


The Doublet Antenna - the classic all band / multi-band Aerial 


The Doublet Antenna is my favourite Multi-Band aerial. The main benefits of a Doublet Antenna are that it can be 
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used on whatever frequency it is cut for, and higher frequencies. Usefully, there can be some useful gain on higher 
frequencies, although there will be some petal shaped lobes on the higher frequency bands. 


In fact my 20 meter long Doublet for the 40meter band to the 6 metre band also works quite well on 80 meters! Not 
only a very good starter antenna for those looking to work as many bands as possible, but also an aerial that would 
be useful and efficient for years and years to come. 


Ladder line or open wire feeder must be used (NOT coaxial cable). Ladder Line or open wire ensures low loss at 
High Frequencies so that as much of your precious transmitter power as possible will be radiated. Likewise receive 
efficiency should be maximized. Assuming that the aerial is successfully balanced, the feeder should not radiate, 
even when there is (inevitably) high SWR 


High SWR is not an especially bad thing and will not reduce the aerial's performance, but note that high SWR on the 
balanced feeder does increase feeder loss compared to a when matched - but the losses will be a lot less significant 
then if coaxial cable were to be used. This ensures that efficiency should be better so that all the power that reaches 
the antenna wires will be radiated - save for any losses in the antenna tuning unit (AMU) or the balanced feeder 
cable. 


Remember: Ladder Line = Lower Loss - Read more about my MOMTJ Doublet Antenna HERE >> and more 
notes on this page here >> 


MGMT] Doublet Antenna 


| Pull 
pe ey Top Wires ii 
Sra ee dl \ A a 
Insulator a a __— 
: = Cant Insulator 
A a oe T piece 
A, +, 
\ l "Ladder Line A 
Aluminium ` A 
Pole Fibreglass support pole 
Halyard 
IP rated 
enclosure 
diia \ Ah. 'ATU Building’ Tie off 
o Shac — 
ae shed Support stake 


(Not to scale) 
The Classic All Band DOUBLET ANTENNA - Read More about my MOMTJ All Band Doublet Aerial Here >>> 


The G5RV and more about Doublets & Dipoles 
The G5RV - (Even Louis Varney himself said that a Doublet would be better!) 


Why the G5RV continues to remain popular is a mystery. The 'legendary' name, perhaps? That it can be 'thrown up' 
without too much thought? The fact that it' cheap and cheerful? Well, cheap anyway. There has been much written 
about the G5RV and the overall conclusion is that it's not a very good multi-band antenna. Certainly it will work quite 
well on, perhaps, a couple of bands, but there are better alternatives, especially when one considers the wide 
availability of remote automatic antenna matching units (remote auto 'a.t.u.'s) that will greatly assist in minimizing 
antenna feeder losses. 


Perhaps the best thing that can be done with a G5RV is cut off the coax, re-size the top wires and turn it into a true 
Doublet Antenna - or, better than that, don't buy a GSRV in the first place and simply make (home brew) a true All 
Band HF Balanced Doublet Antenna. 


The G5RV and its derivatives such as the Western HF-10 and the ZS6BKW are a bodge. In fact, Louis Varney 
G5VA himseld stated that a much better alternative to any of these 'G5RV"' designs is to run the open-wire line from 
the center of a dipole all the way to a balanced antenna tuner!! This aerial arrangement will work on ANY band from 
80 metres through to 10 meters. 
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The G5RV is, therefore, not the most efficient aerial and, as users report, may not always be the easiest to use, but 
because it is coax fed, it remains an ever popular choice because it's easy to feed the coax cable from the antenna's 
location back to the shack. Unfortunately this easy (lazy?) approach means lots of loss due to high SWR on the 
coaxial cable. 


One may say, Oh well, there's perhaps only 2 or 3 S points in it. (Cough!). A difference of 3 S points is the 
difference between radiating 100 watts or only radiating 1.6 watts. Um, - I'm sure we'd soon complain if our shiny, 
new 100 watt transceiver only produced 1.6 waits!! 


QRP and lower power portable operators should be especially keen to minimize antenna system losses so that as 
much power as possible is radiated. Losing 3 S points from a 5 watt FT-817 results in only 0.08 watts. QRP 
operators may likely favour resonant, single band antennas for greatest efficiency. 


Coaxial Cable is only ‘low loss' when the antenna impedance is similar to the cable's designed impedance of 50 
Ohms, or near 1:1 SWR (or at least less than 2:1). Coax cable is therefore fine for a Dipole antenna that is 
designed to be resonant on one band of choice, which will have a reasonably low SWR across that band, but coax' 
is entirely unsuitable when one wants to use the aerial on several bands. The G5RV will be used an multiple bands 
and will therefore present widely varying impedance values (and SWR) depending on the band of operation and so 
the power losses will be significant. 


Note: The antenna's true impedance (SWR) must be measured at the antenna's feed point (i.e outside and up in the 
air) not at the radio end of the cable, in the shack, where the coaxial cable's losses will mask the true SWR reading. 
Unfortunately 50 Ohms, or a near 1:1 match, will not be encountered on any band on a G5RV. The best band will be 
20 metres at typically 2:1 (100 Ohms), but on any other band the impedance will be very much higher. One might 
expect rersults like these: 80 metres 3:1 to 5:1, 40 meters 5:1, 30 metres 20:1 or more, 17 metres 15:1 or more, 
15 metres 6:1 to 12:1, 12 meters 3:1, 10 meters 10:1 to 20:1. 


1000 Ohms into 50 Ohm coaxial cable will result in a massive dumping of your power - lost as heat in the coaxial 
cable instead of being radiated as a useful signal. However, high SWR is not in itself a bad thing - it's just that the 
correct type of feeder and impedance transformation method needs to be used. The incorrect feeder is coaxial cable 
- the correct type of feeder is balanced Line or Ladder Line feeder. This can be the typical slotted 300 Ohm type or 
the 450 Ohm 'window line’ which are commercially available. Even better, make your own open wire, balanced line 
feeder. Spacers can be bought commercially or ‘home brewed’. The spacing for this parallel line should be about 2 
to 3 inches (50 to 80 mm) - the width of the spacing is not particularly critical, but whatever width is chosen should 
be maintained as accurately as possible along the length of the feeder - i.e. it should be parallel. 


The Doublet can take more time and effort to tune, prune and adjust. It will also need a good antenna matching unit 
(so-called "ATU") and low loss balun, but the reward will be more effective performance due to the much reduced 
loss in the balanced line feeder system. 

Doublet Aerials - a better alternative to a GSRV 

Check out the The classic All Band Doublet and the NorCal Doublet for very simple, effective and versatile antennas 
for multi band operation: 


The ALL BAND Doublet Antenna 


This could very well be the first antenna that one should try in order to get on at least one band very efficiently but 
also several other bands with the use of a good ATU. 


130 feet. Hot Critical! 
Feed with 600, 450, or 300 ohm 
open wire, (ladder or window type) 


II | O -Gae stranded o 
Total length, insulator to insulator, about = s à ee . 


sg any length to shack to tuner. HOT COAX! 
0 Mount in any configeration as high as e 
ss possible. HOTE: 130 foot length can be 
doubled for 160 meter operation. 
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All Band Doublet - http://www.hamuniverse.com 
See My All Band Doublet Antenna here 


The all band Doublet antenna is nothing more than a 1/2 wave dipole cut for your lowest operating frequency and 
fed with twin lead, ladder line, open wire, etc to a tuner that will accept a balanced line connection. IT MUST NOT 
BE FED WITH COAXIAL CABLE ! 


It can be designed for use from 160 through to 10 meters very easily using the standard 1/2 wave dipole formula: 


468/freq MHz = total length (ft) 
The exact length is not critical! 


If there is insufficient room for a lower frequency version (160m or 80m), then the Doublet can be designed to the 
shorter wavelength of the 40 metre band and used up to the 10 metre band. (Do not attempt to operate on a lower 
frequency than 7 MHz in that case since this could damage the a.t.u.) It may be possible to connect the ends 
together and tune it against earth - if you have a good enough earth - and use lower frequency bands. For best 
results a doublet should be mounted as high as possible (as with many aerials) and can be erected as a flat top or 
inverted V. 


A Doublet Antenna needs a good antenna matching unit with a wide impedance matching range (obviously not the 
one in the radio!). Preferably this should be a balanced antenna matching unit, but an unbalanced matching unit can 
also be used together with a good low loss current / Guanella balun, such as the extremely high quality items 
available from G-Whip Antennas. | use a 4:1 G-Whip guanella current balun with my Doublet, but many users 
recommend using a 1:1 ratio current balun - again, this is a case for individual experimentation. 


A more detailed description of the Doublet Antenna can be found here >> 


External Links 
The All Band HF Doublet can also be found on Ham Universe: http:/Awww.hamuniverse.com/hfdoublet.html 


Introducing The All Band Doublet by the late L.B. Cebik W4RNL: http://www.cebik.com/content/edu/edu6.html 
N.B. Create a free account at http://www.cebik.com 


The Norcal Doublet 


Snap Swivel 


ee Ft. | ee Ft. 


Feed Line 28 Ft. 
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The Norcal Doublet Antenna: http://www.norcalgrp.org/norcaldoublet.htm 


The Norcal Doublet is a simple antenna that is 44 feet (13.4 metres) long, 22 feet (6.7 metres) per side. The Norcal 
pages report "...that the antenna would have basically the same radiation patterns on all bands from 40 - 10 meters. 
This would be very handy to have for field operation..... You will need the following materials: 50 feet of 4 core 
stranded computer cable; 1 #0 Fishing Swivel; 1 Cable tie; 2 pieces of fishing cord." 


The antenna can be hung from trees or cheap telescopic 'roach' / Sota poles. Doubling the size would allow 
operation on 80 metres and even 160 metres by shorting the twin feed together at the transmitter end and feeding it 
against a good earth as a 'Marconi' type antenna. 


An effective multi-band "4 Dollar Special" by Joe Tyburcy - W1GFH (An Inverted Vee Doublet Antenna - super 
cheap - super effective - multi-band) 


Joe Tyburczy, W1GFH provides some sensible insight and advice, he writes: "I am a big fan of "balanced line" (twin 
lead, open wire line, etc.) vs. coax. By using balanced line and a tuner you can have one, single-element antenna 
that works well on all bands. You can't do that as easily with coax. The basic "W1GFH $4 SPECIAL" shown below is 
a variation on the type of versatile skyhook I've been using for years......Now at this point, some of you may be 
looking at the diagram and muttering, "Jeez Joe, that's just a dipole fed with twin lead and used with a tuner". Well of 
course it is. Virtually all antennas are "di-poles" (i.e. "two sides") in some form or another. This one just happens to 
be made from low-cost materials......1 won't go into the theory here, but trust me: balanced feed line, properly used, 
does not "leak" RF and is less lossy than coax. I've tried the commercial 450-ohm ladder line, but prefer 300-ohm 
TV twin lead, and the cheaper the better. Radio Shack TV twin lead is ideal. Home Depot has some good stuff, too. 
Forget all the obsessive junk about standing waves, impedance and velocity factor. What you really need to 
concentrate on is getting an interesting set of antenna insulators." 


Read Joe's excellent article in its entirety here: http://www.gsl.net/wb1gfh/antenna.html 
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Canter and and Insulators: 
Hacksaw 3" sactions from 
acrylic adjusting rod used 
on mini-blinds. Drill two 113" 
holes for wira. (Cost: $0) 


33 to 65 ft. of junk wire on 
each leg. (A 500 foot roll 
of #18 insulated cost me $3 
at a local surplus store) 


300 ohm twinlead. Cheap, brown 
indoor-type. 30 foot hunk bought 
at a local yard sale. (Cost: $1) 


Balanced line output 
(4-1 balun} 


3 feet of coax + RG | 


Stake Tuner GHD 


Groundwire to a lousy 
4 foot ground rod. 


4 Dollar Special by W1GFH 
http://www.gsl.net/wb1gfh/antenna.html 


Inverted L - 80 metres to 10 metres 


A typical Inverted L antenna will be trapped for 40m/80m using a 7.1 MHz trap. It is essentially one half of a W3DZZ 
dipole so can be accommodated very much more easily into a small plot or garden - especially as part of the 
antenna is running vertically up a wooden or fibreglass (non conductive) pole. This should allow it to be fitted into 
quite a small garden such as mine. It's a very useful antenna in this respect, and because there is a good length of 
wire in the air, it radiates quite well. 


The Inverted L is also a very effective aerial because it has the benefit of both vertical and horizontal radiation. 
While Inverted L's might make good TX aerials, like ground mounted vertical aerials they do have the potential to be 
a little noisy on RX. This will depend upon local circumstances and noise sources. However the fact that the feed 
point will generally at the bottom of the garden, well away from the house may help to keep QRM to a minimum. 


The Inverted L is extremely easy to 'home brew'. Spectrum Communications can also supply the complete aerial as 
shown below. It should give excellent performance on 80m and 40 metres, with 20 metres also being good but also 
allowing use on 15m and 10m and possibly one or two of the WARC bands. 


If you fancy home-brewing the complete antenna, except for the 7 MHz trap, traps are available to buy commercially 
from suppliers such as Spectrum Communications and Sotabeams who supply very neat and lightweight devices, 


Use a Remote Automatic Antenna Coupler : The use of a good Automatic Antenna Coupler, such as the CG 
Antennas CG-3000, at the feed-point with a simple inverted L wire will provide a very good Multi-Band aerial that 
could be used on all bands between 160m and 10m and should be very simple to deploy. 
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TRAPPED INVERTED L ANTENNA 


19% ki 7 I MHz 


COUPLING | 
Box 


SuPPORT 
A EARTH 


80-10 malta, Url a omo garden, STAKE 


Spectrum Communications Inverted L - benefits from both vertical and horizontal radiation 
http://www.spectrumcomms.co.uk 


More about Inverted L Aerials: 

The Inverted L for 40m/80m is shown below is essentially one half of a W3DZZ dipole fed against ground using one 
7.1 MHz trap. It's a very compact antenna and is simple to construct. It is most efficient, of course, on 80 metres and 
40 metres, but can also be used, with an a.t.u., on 20m, 15m and 10m. 


Find out how to make one here: http:/Awww.users.icscotland.net/~len.paget/5%20band%20Inverted%20L.pdf 


Monoafhilanvant 
TMH? trap = 


himber or non-metallis support 


=. Š 
= = 
-mS i 


a ae eS Coaxial cable 


Earth rod 
The basic layout of the Inverted L Antenna by Len Paget GMOONX (Practical Wireless) 


Adding 160m / Top Band to an Inverted L 


The 160 metre Top Band can be added to this aerial by connecting a 3.5 MHz trap at the end of the 80 metre wire 
(where to monofilament joins the 6.55m section of wire below) with another length of wire on the other side, 
increasing the overall length of the antenna. 


Find out how to do it here: http:/Awww.users.icscotland.net/~len.paget/Inverted%20L%20adding%20top%20band.pdf 
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sen 40m / 80m / 160m Inverted L 
2 E a By Len Paget GMOONX 
Practical Wireless Magazine 


5 e ll ‘insulated ie N 
' ] support pole ie Ree 


insulator 


Insulated 
Suppi picks 


Cosmecton to earth and to _ 
Ehi antenmes conductor i 
ea laxi for more detail 


Adding Top Band to an Inverted L by Len Paget GMOONX (Practical Wireless magazine) 


160m Top Band ‘Inverted L' Wire Antenna 


At the time of writing | am using a 40m/80m Inverted L aerial and in an attempt to get on Top Band | have also been 
experimenting with a shortened 160m antenna in an inverted L configuration that uses a wire about 19 metres long 
- about half the size of a full size inverted L for 160 Metres. 


A Top Band aerial of this type also needs a very good ground / counterpoise and can suffer the disadvantage, like 
ground mounted vertical aerials, of being rather noisy on RX . The drawing below shows the general idea. Read 


more here > 


rary Telescopic fibreglass 


a si Pag auar fishing pole -6m high 
Aerial wire 


Aluminium pole || 


A SA Inductor Puley 
E - \ i 


fixed to wooden post 


Counterpolse 
ground radials 


Connection box 


Coax to shack 


Wooden el 
Top Band Aerial by MOMT] Í 


Earth rod 


General layout of Top Band Aerial with fibreglass pole retracted to a height of 2 metres 
Wire lengths are approximate: Inductor 5cm dia with approx 40 turns of enamelled copper wire 


Full Wave Loops and Delta Loops - An easy to install and effective antenna for multi band 
operation 


Easy and low visual impact - a full wave loop: With a larger garden a full wave loop could be easily 
accommodated horizontally without the neighbours even noticing. A garden with a perimeter of 40 metres would 
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easily accommodate a full wave loop for the 40 metre band and would work up to 10 metres or even 6 metres with 
an 'ATU'. A garden with a perimeter of 80 meters would accommodate a full wave loop for the 80 metre band and 
would work up to 10 metres. 


Small Loop for 20 metres to 10 metres: A loop for 20 metres or 17 meters is relatively compact and could easily 
be installed in small '"postage stamp' sized gardens. A loop antenna could be triangular, square (Quad) or circular, 
but a square loop (and indeed a circular loop) would need more supporting points than a delta (triangular) loop, so a 
Delta loop is likely to be the easier option. 


The loop is really a single band antenna cut for one wavelength on the band of interest, however it can also work 
quite well as a cheap and easy to install multi-band H.F. aerial. A loop consisting of a 17 metre length of thin 
antenna wire, for example, will work well on 17 metres but may also give 15m, 12m and 10m with an ATU. My own 
loop is made from an 16 metre length of wire, tuned for the 17m band, but can work on higher bands. A 40 metre 
loop will be considerably larger, but it might still possible to accommodate in many fairly compact gardens. 
Performance will depend on height and orientation. 


Feeding the loop at the top or bottom will give horizontal polarisation, while placing the feed point on the side will 
give vertical polarisation. The apex can be at the top or the bottom, but performance should be better with the apex 
at the bottom with the flat wire across the top - however for ease it may be more convenient to support a Delta Loop 
on a single pole, meaning that the apex would be at the top. 


Ideally a loop should be fed with balanced line back to the shack, connected to a balanced line ATU or other ATU via 
a 4:1 balun. Alternatively use a 4:1 balun at the antenna end and run 50 ohm coax back to the ATU / txvr - though 
losses will be greater doing it by this method if the coaxial cable is quite long. 


If one can install a separate antenna for the lower frequency bands of say 160m, 80m and 40m, then a Loop 
Antenna could be a good partner to allow operation on the higher bands of 20 metres to 10 meters or even 6 
metres. 


A loop should be really very easy to install using a single support pole and very cheap too! All that's needed is the 
supporting pole, some cheap wire, a 4:1 balun which can be 'home brewed' and some thin cord and insulators which 
should not be an eyesore either. 


A2A0 4:1 Balun 
6-8 turn coil of ----7 2 Ti 
feedline choke 
at feedpoint 


50 ohm coax 
to shack 12-14 AWG antenna wire 


insulators and tie off ropes 


Diagram from the excellent article by W5SDC 
http://w5sdc.net/delta_loop_for_hf.htm 


Band mid band in metres 
| 
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Delta or Quad Loop Antenna - An ideal multi band antenna solution? 


SUPPORT ROPES SUPPORT ROPES 


RANDOM DELTA LOOP 


CIRCUMFERENCE COVERAGE GREAT FOR Dx! 
74" 70 METERS & UP 
150° 40 METERS & UP 


280" 80 METERS & UP 


450 OHM BALANCED LINE 
ANY LENGTH NEEDED 


WORKS WELL AT LOW HEIGHTS ! 


CAN BE INSTALLED HORIZONTAL 
FOR OMNI DIRECTIONAL COVERAGE 
OR MOUNTED LOW AND HORIZONTAL 
FOR NVIS WORK 


THIS ANTENNA MUST BE USED WITH 

A TUNER ! IF YOU HAVE A TRUE BALANCED 
TUNER, YOU CAN ELIMINATE THE 4:1 BALUN 
AND RUN BALANCED LINE ALL THE WAY TO 
THE TUNER. 


THE RANDOM DELTA LOOP 
IS A DIRECTIONAL ANTENNA 
WITH RADIATION BROADSIDE 
TO THE LOOP, ORIENT FOR 
DESIRED DIRECTION OF 
COVERAGE 


4:1 BALUN 


COAX - 25" OR SHORTER KCBAOM 2001 


A Multi Band Wire DX Loop Antenna by KC8AON 
http://www.i1warlinkradio.com/antype/ch10/chiave1827.htm 


Delta Loop by Arthur MOPLK (SQ2PLK) 
Details at http://pdxa.one.pl/articles.php?article_id=17 
Available at http://ham-radio.urbasket.eu and http://www.vpa-systems.pl/ 
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Using fibreglass fishing poles (Sota Poles) two 7 metre long poles can be erected in an inverted V shape and used 
to support a 20 metre delta loop which will be usable on 20m to 10m and also adaptable for use on the 40 metre 


band. 


The two aerial wires used are connected directly to a 4:1 balun which is, in turn, connected to an ATU such as the Z- 
11 Pro or Z-100 via coaxial cable. See this page which shows the W6ZO delta loop to get for the general idea of 
what will be achieved. The finished aerial will be very much like the commercially available ProAntennas DMV-Pro. 


a 


W6ZO Delta Loop - fed with 4:1 Balun - 40m to 10m 
http://www.fros.com/KIOGU/w6zodelta.htm 


The Loop Antenna. Ideal - cheap, easy, multi-band, simples! - 
Lots of links to other Loop Antenna information on the links page here 


Omni Directional Multi-Band Horizontally Polarized Delta Loop 
If all that can be erected is a single pole, masts or telescopic pole, here is an option that will provide a horizontally 


polarized signal on 20/17/15/12/10 metres - the Sandpiper Aerial Technology GM3 (designed by GM3VLB). A 
similar idea, providing omni-directional horizontally polarized signals, is the G3TPW Cobwebb Antenna from Steve 


Webb. 


These look like good ideas, though | have yet to make one to test. 
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Sandpiper GM3 


Sandpiper GM3VLB Antenna 
http://www.sandpiperaerials.co.uk/ 


/ 


G3TPW Cobwebb Antenna from Steve Webb - photo by G3TXQ 
http://www.g3tpw.co.uk  http://www.karinya.net/g3txq 


Resonant Vertical Antennas 


Low SWR: Having a low v.s.w.r. across the whole of HF may seem, at first glance, to be a good thing - but my 
dummy load has a very low v.s.w.r. from HF to UHF, it does not make it a good antenna! As far as aerial systems are 
concerned, having a low v.s.w.r. across the whole of HF is probably not the best way to judge an antenna - a wide 
band low v.s.w.r. could indicate a fault with the aerial or feeder system - or just that lossy matching transformer that 
is gently heated up by the power applied from the transmitter! 


A low v.s.w.r. is a good thing in a resonant antenna. It will help demonstrate the antenna's point of resonance - but 
the v.s.w.r. will rise either side of resonance. So: 
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The next commercial option is an antenna that is truly resonant on a number, but perhaps not all, 
bands. The Hustler and Butternut varieties are very well known and offer well reported good 
performance. 


Some vertical antennas use traps to achieve multi-band performance and as such are essentially 
one half of a trap dipole, fed against ground. A consideration is that the traps themselves, 
particularly if multiple traps are used, will introduce losses to the antenna system. It should also be 
noted as an additional consequence of using traps on a ground mounted vertical antenna, is that 
the highest frequency element will inevitably be positioned at the lowest position on the aerial - not 
a good position to be, especially for local ground wave radiation where signals will more easily be 
screened by local structures. Ground conductivity also needs to be good for verticals to operate 
efficiently. 


The Hustler 4-BTV, 5-BTV & 6-BTV aerials are examples of multi-band verticals that use traps; 
many amateurs report great success with Hustler aerials - and it is very low profile too, indeed an 
amateur friend of mine uses a Hustler with great success and has even modified an additional top 
resonator so that the aerial can be used on 160 metres.. 


Other manufacturers of resonant vertical antennas, using varying design methods, include GAP, 
Cushcraft, Diamond, HyGain, and the well known British names Moonraker and Sandpiper. 


Advisory: These are perhaps a good idea for limited space situations, but the shorter versions will 
not work well on the lower HF bands. A 6 metre tall antenna cannot possibly work terribly well on 
40m or 80m, but may work well on the 20 metre band and above. However one could easily ‘home 
brew' an equally effective antenna for a fraction of the cost of a commercial antenna. 


Sandpiper Aerials 


Sandpiper Aerial Technology offer an enormous range of amateur radio antennas from HF to UHF. For HF working 
Sandpiper offer numerous options including simple multi band resonant antennas supported on fibreglass telescopic 
poles using either changeable or plug-in coils for different bands to the famous V range and shorter and more 
compact MV range and the Portable MV antenna on its own tripod base. The V and MV ranges use a rather 
innovative design, seen above right. The V and MV antennas are available in versions that cover all the HF bands - 
or as cheaper versions that just cover the particular bands of interest. http://www.sandpiperaerials.co.uk/ 


Vertical antennas will be quite short when compared to the wavelengths of some of the longer wavelength bands 
(particularly 40m, 80m and 160m) and so will not radiate as efficiently as a full size resonant aerial. The bandwidth 
will also be quite narrow. Setting up a multi band antenna to be resonant at the required portion of each band can 
sometimes be a little time consuming, but for the convenience it might be a price worth paying. A vertical antenna 
will generally have a low angle of radiation which is a good thing for long distance DX but verticals can be very noisy 
on RX compared to a balanced dipole and as previously alluded to, radiation efficiency will be very low when 
compared to a full size single band resonant antenna. Attractive options? 


Alternatives: My favourite way of experimenting with aerials is using a 10 metre long fibreglass telescopic fishing 
pole as the support. These fibreglass poles are lightweight and easy to carry, put up and take down, ideal for 
supporting lightweight v.h.f. and u.h.f. yagis, wire dipoles and doublets and also for supporting vertical wire aerials. 


The telescopic pole must be made from fibreglass, not carbon fibre which is electrically conductive. 


One great design is by Dave G4AON who writes on his web page: "There seems to be a myth among many newly 
licensed radio amateurs that an antenna works better if it costs a lot of money..... The antenna shown here costs 
around one tenth the price of a commercial vertical, yet it will perform as well as (and in many cases better than) a 
trapped vertical antenna. This antenna is based on a 10 Metre long fibreglass fishing pole.....the poles will collapse 
inside the sections unless each joint is secured with PVC tape, for more permanent installations glue could be used. 


... The wire lengths are calculated from the formula L = 234/F, where F is the frequency in MHz and L is the wire 
length in feet. These lengths work out to around 33' 3", 23' 2" and 16' 7" for the 7, 10 and 14 MHz bands. The 
lengths for 7 and 10 MHz were more or less correct, however probably due to interaction between the wires the 14 
MHz wire needed lengthening by around 4" for minimum SWR. Wire size is not critical, but it is probably better to 
avoid the thinnest "hookup" wire. Note, ground conductivity/loss and elevated/buried radials make a significant 
impact on both the performance and tuning of a ground mounted vertical. In the case of buried radials the vertical 
may resonate significantly lower in frequency than expected." 


The antenna shown on the right is made for triple band operation on 7 MHz, 10 MHz and 14 MHz by the use of 
parallel wires, but an aerial based on a fibreglass pole could be single, dual, triple or even - at a push - quadruple 
band. 


The more bands included the more difficult it will be able to trim to tune for resonance (as with a fan dipole) so to 
keep interaction to a minimum the wires should be quite well spaced. Like all quarter wave verticals aerials a good 
ground plane will be needed. 
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See G4AON's excellent full article here: http://www.qsl.net/g4aon/vertical/ 


Horizontal Resonant Wire Aerials 


The great advantage of a vertical antenna is that they have a very small footprint, i.e. they 
can be installed in the corner of many small plots and gardens. True resonant verticals 
can properly cover many, if not all, the HF bands. However to be reasonably effective a 
vertical needs a very good ground and also must be quite tall, in the order of 6 to 9 meters 
in many cases (about 19 to 30 feet). This may cause objections from the XYL. Another 
disadvantage might be that a vertical has little near vertical incidence skywave radiation 
(NVIS), a consideration for the lower HF bands, so after the local ground wave coverage 
there will be little or no signal until after about 500 miles, not good for inter G working. (ref. 
G8JNJ) - So try some Dipole Antennas: 


Dipole Antennas 


The dipole antenna is possibly the simplest and cheapest antenna to make. It it cut for 
single band operation where it should make a very efficient radiator. The simple wire 
dipole should be quite discrete, though not entirely invisible, but should not raise too many 
objections from the XYL or neighbours. 


For some dipole ideas see this page: 
http://www.gsl.net/ta1dx/amator/practical_dipole_antenna.htm 


How to make a basic dipole by Marshall N1FN : http://www.morsex.com/dipole/index.htm = | 


Also see this detailed and useful page: http://www.dxzone.com/cgi-bin/dir/jump2.cgi? 
ID=7499 


Calculator: 
http://www.sean1226.pwp.blueyonder.co.uk/design_your_own_antennas%201.htm 


TRAP Dipoles: 


The next type of antenna to consider might, then, be a horizontal or sloping wire antenna. 
Perhaps the most familiar multi band wire aerial is the trap dipole. The traps, in simplest 
terms, divide a wire dipole into two or more resonant sections so that two or more bands can be covered. 


As far as commercial options go then there are quite a number. Tony Nailer of Spectrum Communications produces 
a great deal of useful equipment and accessories including some well designed and well made trapped dipole 
aerials based on the very effective W3DZZ design. In particular the Full Size G4CFY resonant on 80m and 40m and 
also allowing operation on 20m, 15m and 10m, also the Half Size G4CFY resonant on 40m and 20m and 
additionally allowing operation on 15m and 10m. 


Visit http:/www.spectrumcomms.co.uk/G2DYM.htm for more information. 


G4CFY Trap Dipole 80 - 10 metres 
Based on W3DZZ design. Side view. 


fou’ 


C ---—---- — A = - == T 


PIECI 
Te | an! T ECE a Tal pala Guy 
Mo ==" — 


70, or 90, or 108, 
or 128, or 140 ft 
750 twin feeder. 


Spectrum Communications G4CFY Trapped Dipole 
http://www.spectrumcomms.co.uk 
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Spectrum Communications G4CFY Trapped Dipole 
http: //www.spectrumcomms.co.uk 


More about Coaxial Trapped Dipoles 


A trapped dipole for 40m and 80m offers the advantage of being somewhat shorter than a full size single band 80m 
resonant dipole plus it offers 40m as a resonant band plus the possibility of working on 20m, 15m and 10m. There 
are several designs available on the web for this type of aerial so Google W3DZZ. One of the most comprehensive 
sets of instructions is by Len Paget GOONX. Fine out more here: 


http://www.users.icscotland.net/~len.paget/GMOONX%20trap%20dipole.pdf 


This would be my choice if | had the space, though since a dipole is a balanced aerial it would make more sense to 
use balanced twin feeder (as in the Spectrum Communications implementation of this design) rather than coaxial 
cable which is an un-balanced and more lossy feeder. 


A B Cc DE F G h 
- 0.7m: Trap'- Sam eoo 9.2m =: Trap = 6.7m . 


Choke 
balun 


MT 


Fig 1; The overall layout of the 
W3DZZ antenna. 


The W3DZZ Trapped Dipole - a balanced aerial, so use balanced twin feeder! 


Here is a variation on the W3DZZ antenna by the Maidstone Amateur Radio Society that adds a dedicated 10 meter 
(28MHz) resonant element as a ‘fan’. 
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W3DZZ£ MKUO 


32.9M Top 
16.45m 
¡Mhz Trap Y K “Mhz Trap 
Several dozen 6mm ferrite ae T 28 Mhz Twigs (2.70 ~ 1mm 
beads wire & fishing line supports 


16.77 735 ohm Sat TV coax 


50 ohm coax to he 


W3DZZ Dipole Aerial design by the Maidstone Amateur Radio Society 
http://www. btinternet.com/~shaun.scannell/club/w3dzz.htm 


Moonraker supply a whole range of wire trap dipoles covering from 2 to 5 HF bands (MTD1; MTD2; MTD3; MTD4; 
MTD5; MTD6). Diamond also produce trapped wire antennas, the W-721, W-728 and W735. Comet and Diamond 
each produce similar interesting 5 band wire dipoles that utilize both traps and a fan arrangement - the Diamond 
W8010 and the Comet CWA-1000. If space really is limited then look out for KZJ Communications (dongo1950 on 
ebay) - he produces ‘Limited Space Inductive Dipoles'. These are inductively loaded and shortened dipoles so they 
will have reduced efficiency, of course, but are very nicely made, so might be very useful in a tight spot. 


Alpha Delta Communications produce a couple of substantial parallel dipole models: http://www.alphadeltacom.com 


To obtain good efficiency and achieve a low angle of radiation, desirable for longer distance DX, a horizontal dipole 
needs to be installed at a good height - over 20 feet would be desirable and it is quite common to install horizontal 
dipoles at around 30 to 40 feet above ground level. This might be a problem at some QTH's, it certainly is at mine! 


Allan Copland, GM1SXX comments: "The dipole will operate well on the band it has been sized for , if placed ata 
suitable height, but will also operate as a’ three-half-wave’ aerial at three times the frequency and so on, so it’s not 
strictly a single band aerial. An 80M dipole (132 feet typical) will work nicely on 30 metres (three half waves) but 
not on 40m (two half waves)... because on 40M the feed-point is at a voltage node and not at a current node, for 
easy feeding. Most aerials are current fed. 


The radiation pattern changes when a dipole is not used on its design frequency. The pattern will break up into 
multiple ‘petals’. This can be either a disadvantage or an advantage depending on what you expect from it. Since 
most of us use co-ax, an UN-BAL should really be used to connect the unbalanced feeder to the balanced aerial, 
but how many people actually bother? Not many | suspect. It’s possible of course to use a balanced feed-line 
system instead with a dipole and just have a delta match (no centre insulator... none needed). There are many 
choices and permutations, but in general, dipoles are centre fed at a point of current maximum (and minimum 
voltage). 


A normal dipole is current fed but of course can be voltage fed instead. This is what’s done in the EFHWA or Fuchs 


aerial where a resonant half wave wire is fed at one end (max voltage / min current) from an L/C tank, against a very 
short counterpoise wire. 


Fan Dipoles (a.k.a. Parallel) Dipoles: 


Another design of multi band wire dipole is the fan dipole, or parallel dipole. A fan (or parallel) dipole will have, 
perhaps, two, three or four individual resonant dipoles with the arms arranged in a fan shape. 


A fan dipole is a very handy way of using a dipole that will be resonant on several bands - typically three or four. The 
fan dipole (a.k.a. Parallel Dipole) 


See MOWYM's page for a QRP Fan Dipole design: http://www.radiowymsey.org/FanDipole/fandiploe.htm 
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See this page for construction details: http://www.hamuniverse.com/multidipole.html 


Mylon rope 


or monofilament- 


80m 113.2 


40m 64.4 


20m 32.7 
10H 16.1 


copperreld wire 


Tension ropes each side 
E 


Tension rope is not tied to pully rope in picture. it is tied near location of 
pully rope down on supports within easy reach. it is tied last after final SWR. 
adjustment and the antenna is in it's final position. 


Suggested total lengths: 

40 meters - 120 feet 

40 meters - 65 to 66 feet 

¿0 meters - 34 feet 

10 meters - 17 feet 

These lengths are not exact. Some tuning may be required. Use the 
standard formula 468 'freqmhz for total feet for each band (freq) of 
interest, Adjust each length longer or shorter as needed. 


Fan Dipole shown on Ham Universe 


KI4NRH built a really neat fan dipole shown in the photograph below: 


http://www.mds975.co.uk/Content/amateur_radio_antennas_04.html 


Fan Dipole by ki4nrh 


18/52 


10/30/2017 ANTENNAS & AERIALS 4 - Notes and Queries - Amateur Radio by MOMTJ, Antenna Designs, Multi-Band 


a 


Fan Dipole by ki4nrh 
htto://forums.grz.com/showthread.php?t=159953 


Link Dipoles 


Link Dipoles (a.k.a Jumpered Dipoles) facilitate multi band operation by simply connecting the jumpers (one on each 
side of the aerial) to achieve the desired resonant band. Perhaps a bit bothersome for frequent band changes, but a 
very simple and effective aerial and very handy for portable operation, not to mention efficient for QRP. 


Band 3 


(Lowest Frequency) y 


Noncenductlve 
Support Line 
(Typleal) 


Inner Jumpers Closed (Outer Open) 
for Operotlon on Band 2 


Coax (a) 
Link Dipole - ref ARRL 


Sloper Aerials 
Alternatively a dipole can be installed as a sloper; one end fixed to a high point on the house or building, or a tall 


post maybe 8 to 10 metres high, with the other end attached to a lower point such as a post maybe 3 or 4 metres 
high. This will give the aerial some directivity. 
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Inverted V Aerials 


“Forward 
Direction” 


hak 
Tan 


As, 


Sloper configuration of a wire dipole 


Another option maybe to support the dipole at its centre on a tall pole, or roof apex, with each end sloping 
downwards to lower fixing points. This will give the aerial an upside down V shape. As with a sloper, the Inverted V 
arrangement will give the aerial some directivity - a different radiation pattern compared to a straight horizontal 


dipole. 


G4CFY Inverted V 


Side view. 


70, or 90, or 108, 
or 128, or 140 ft 
75Q twin feeder. 


Spectrum Communications G4CFY Trapped Dipole in "Inverted V" configuration 


http://www.spectrumcomms.co.uk 


The Classic Doublet Antenna Again. This time in an Inverted V formation: 


Using an Inverted V can help fit a dipole into a slightly restricted space. The Inverted V arrangement can be used for 
single band resonant dipoles, trapped dipoles and fan dipoles. The Doublet must be fed with Ladder Line or Open 
Wire balanced feeder for efficient Multi-Band operation. 
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Wooden Most 
for Tree Liab 


Insula tag 
W __— Block 
i 


Insulator 


Open— Wire 
Feeder 
JI- 80 OF 


po rte. ttt 


Eng 
Anchor 


“ae 


"to Transarmatch 


Multiband “Inverted Y" 


(4) 


to 
Feed Line 


154 pF | 150) pF 


Tron=muatch 


At A, details for an inverted V fed with open-wire line for multi-band HF operation. A Transmatch is shown at B, 
suitable for matching the antenna to the transmitter over a wide frequency range. The included angle between the 
two legs should be greater than 90° for best performance. [ref: QSL.net] 


Vee Configuration 


Comet and Diamond produce Vee antennas that can be mounted on the side of a building at roof height, or on a 
pole, telescopic pole or other suitable support. These are trapped dipoles in an upright V configuration, not made of 
wire but of aluminium tubing for solid construction. Typically covering 40m, 20m, 15m and 10m. The Comet model is 
H-422V. The Diamond Model is HFV5 which also covers 6m. 


These are shortened antennas so cannot be expected to have high performance on the lower HF bands, but if 
space is restricted the RF compromise may one that has to be taken. 


Comet H-422V 
http: //www.cometantenna.com 
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ra 
Diamond HFV5 Antenna 
Diamond HFV5 Antenna 
Thoughts from Martin G8JNJ on multi-band wire antennas: 
Approx å x 1425m of wine oul io bring antenna to resonance at 14. 1M 
[raza] 
= 
Approx Tm wire attached 
— to side of pole resonant 
on 10.4 hito 
Appna 126m of 450 ghm 
lacidor lino cut to he a 
wowvelengt lor at = 
22.54 RHE 
EA 
= 10m GAF fishing 
pala supporting oma 
| | end of antenna 
Appas 20 tums of 50 chm OO 
pank wound cn 01m a iranneeevar 
diameter pipe al botiam of —al 
450 ohm feeder. Adjusi for a 
rsonñance on 1.24 tz when = 
when feeders are strapped 
by amic bor Mao acts 3 Sunes der 
as Choke balun for HF bands i Wine th stapled 
‘when used in monnal Switching unit & 1:1 balun = i Tici a bin 
configuralian A D AiO spacy 


-7 1 25meapan 
a E 
| | i A Bakan 
| a 
l 


Tuned groundplames for 1604 Bm appro 06 x 4 Warsenglh slapled lo fenos al 2m height of 2m spaced 0. apart 


ZS GBR / GIGS) arñenna configuration wilh sviehing unil lor (EO operation E) M. Ehrenfried = GRIM 1/208 41.0 


Multiband Wire Antenna by Martin G8JNJ 
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Linear Loading 


Linear loading a dipole can reduce the length to help fit a ling dipole into a shorted space by essentially folding back 
some of the dipole elements. Here is a design by K4VX for a 7MHz Linear Loaded Dipole: 


http://www.arrl.org/files/file/Technology/tis/info/pdf/0207040.pdf 


End Loaded Dipole 


End loading can also help reduce the size of antennas, particularly useful for dipoles used on the 80m and 160m 
bands. 


An end loaded dipole will produce an antenna that is H shaped. There are several commercial designs available 
produced in designs that cover a single band and others that cover multiple bands. The version shown below is only 
3 metres tall so will be suitable for very unobtrusive, low profile use. It is the ProAntennas Multi-band I|-PRO: 20m 
17m 15m 12m 11m & 10m which uses a capacity hat with some loading at the centre. 


http://www.proantennas.co.uk/ 


Other similar antennas were available from Force12 Antennas in the form of, amongst others, the Sigma 5 and 
Sigma GT5. The Sigma design used T-bars at each end of the vertical dipole for loading technique and off-center 
loading coils. http://www.force12inc.com This was supplied supplied in the UK by Vine Antennas at one time 
http://www.vinecom.co.uk . Transworld Antennas also have produce antennaa using a similar concept - the TW2010 
Adventurer and Backpacker http://transworldantennas.com 


K9AY Notes that: "I have come to the conclusion from my experiments, readings and observations, that a capacity 
hatted vertical dipole, a few feet over ground, is less compromised than a 1/4 w/l vertical of the same height fed 
against a less than perfect ground. Let's face it, most amateur's ground systems are mediocre at best. Also, the 
dipole is easier and cheaper to rig, and is two dimensional..Very important in my situation, as | cannot run out radials 
on my neighbours property. Or, to quote W4RNL.."Since only a handful of hams can ever have 160-meter antennas 
high enough to yield a low angle DX signal, more practical are vertical arrays such as yours. Vertical dipoles with 
hats (or Tees) save a plethora of wire needed by monopoles." http://www.dxzone.com/cgi-bin/dir/jump2.cgi? 
ID=7466 


Dipole 


End loaded dipole 


Off centre fed End loaded dipole 


Vertical 
Off centre fed End loaded dipole 


Information by K9AY 
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ams = resonant length 


— 
é y = 468 /f 


ho aL | = 4A68/f 
| ij The smaller the radiating 


element, and the larger 
= Less than 468/f the capacity hat, the 


smaller will be the 
= Less again than 468/f 


resonant length. 
(compared to 468/f) 
Information by K9AY 


Top Capacity Hat wire 


Ny 


60 ft Timber Mast 


© = insulators 


Top & bottom capacity hat wires are 66 ft for 
80m and 130 ft for 160m approximately. 


Vertical wire connects to the centre point 
of both Capacity hats 


45ft Vertical Wire 


TA 


Choke Balun at Feedpoint 


Bottom Capacity Hat wire 


Interesting concepts from K9AY 


End Fed Half Wave Antenna 


The End Fed Half Wave Antenna (EFHWA) is fed at a voltage node via a parallel resonant circuit against a ‘short 


counterpoise’, it is a favourite of backpackers and outdoor types. It can be considered as a half wave dipole that’s 


end-fed at a voltage node rather than the current node, as is more usual. This is a very handy arrangement for 


portable QRP work. 
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EFHWA Link: http://www.aa5tb.com/efha.html 


0.054 
—| C — End Fed Half Wavelength Antenna — 


“Counterpoise” Return 


50 0 
Coaxial 
Cable 


AA5TB Ideal End Fed Half Wave Length Antenna 


End Fed Half Wave Antenna by AA5TB 
http://www.aa5tb.com/efha.html 


"| suspect that nothing new or radical has happened in the field of radio aerials in a VERY long time, like at least 
many tens of decades. Most of the new wonder aerials are really a con. Choke off the feed-line and then see how 
good they really are. Prime among the baddies is the CFA. It doesn’t really work, at least if you place a choke in 
the feed-line. With any real aerial, there should be minimal radiation from the feed system... so a choke should 
really make no difference at all, but for the CFA it does! The CFA is not alone, there are others. The popular G5RV 
is another design with a radiating feed, deliberately so, but of course G5RV planned it that way. He wasn't 
cheating... merely being a bit devious, to make it multi-bana". 


"Lots of stuff to pass on to my fellow radio club members, most of whom are of the ‘if it's not expensive, it can't be 
any good’ school of thought when it comes to aerials. Nothing of course could be further from the truth! Aerials are 
one area where it makes a lot of sense to build our own." : Website of GM1SXX - www.observations.biz 


Thanks for your email Allan. It's a good idea to point out that an antenna could be pressed into use on odd multiples 
of its resonant frequency, hence a 3.6MHz antenna for 80m could be useful near the 30 metre, 10.1MHz, band - 
near to the third harmonic of 3.5 MHz although, as you observe, the radiation pattern may be quite distorted from 
the traditionally expected dipole pattern and be more petal shaped. The same goes for a 7.1 MHz antenna for 40m 
being usable on its third harmonic of 21.3 MHz for the 15m band - a 40m dipole being three half waves an the 21 
MHz band. 


| have not experimented with a full size 80m dipole, but | would guess that it might be useful at 5 times 3.6Mhz in the 
18 MHz / 17m band? 


The point made about feeding a familiar dipole at the current node rather than the voltage node is obviously very 
important and, | imagine, sometimes overlooked. 


PLANS: Download the pdf plans produced by GOKYA here > More from GOKYA here: 
http://gOkya.blogspot.com 


W3EDP Antenna 


64 it 


rig 4 C 5 


counterpoise 


Frank, G3YCC comments on his website: The W3EDP needs a simple matching unit is needed to couple the wire 
to the rig and a counterpoise is required for some bands, however there is room for experimentation. It has been 
shown that different lengths or removal of the counterpoise altogether, can improve performance, as described in 
RadCom, August 1996 by G3LCK. 


http://www.mds975.co.uk/Content/amateur_radio_antennas_04.html 25/52 


10/30/2017 ANTENNAS & AERIALS 4 - Notes and Queries - Amateur Radio by MOMTJ, Antenna Designs, Multi-Band 


The Tuning capacitor in the AMU can be a 365 - 500pF broadcast type or a miniature version is OK for QRP use. 
Counterpoise lengths: 3.5 & 7.0Mhz - 17ft; 14Mhz - 6.5ft ; 28Mhz - none 


Tuning Unit: Values for coils in the unit, based on a 2 inch former and 16 swg wire: 
3.5Mhz 21 turns ; 7.0Mhz 7 turns ; 14.0Mhz - 5 turns. 


K3HRN Notes: "Some folks have told me the modifications below make the antenna something other than a 
W3EDP. I can tell you that it works very well with 5 watts. Create a "bundle" of counterpoise wires, 1/4 wave length 
for each band you will use. Attach the bundle to the tuner in place of the counterpoise pictured above. Be cautious, 
1/4 wave length elements can have high RF voltages present, even at QRP power levels. I've been able to work 
160-10, including WARC bands with this type of antenna". 


W3EDP or Zepp ? 
It's the antenna favoured by VA3QV for all band Portable QRP operating! 


VA3QV uses this home-brewed antenna with a small LDG Z100 antenna tuner for portable QRP work. 


The “W3EDP” Antenna 
As Homebrewed by VAIOV 
Http: www.va3dqv.wordpress,com 


None 


This is moi drawn to any seri of scale bui it 
you follow the plans shena it should work 
l have built one using 200 che twin lead, 1 
have built one using 420 ohm Ladder Line 
and mv last ome was built using 
“Spreaders” (open Ladder Line Sirle) 


Csing my FT 947 and a LIG 2100 Auto- 
z ae z = tuner this has Loaded up and made contacts 
Spreaders” (vour choice) on lòm t 160m SSB (including 12m and 
17m) To be honest never tried it on 30m. 


Tahoh October 17 20009 


17 Foot “Counterpoise 


33 Foot “Long Wire 


| 
Commercial 4:1 Balun F 


Homebrew antenna by VA3QV 
http://va3qv.wordpress.com 


Ye Olde Zepp 
Marconi spins in his grave every time a ham buys an aerial instead of building it ! (w1GFH) 
Here is a wonderful olde worlde style cartoon from WB1GFH that certainly inspires antenna experimentation with 
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antenna designs: 


Ye Olde W BIGFH 


RERIAL WIRE 
NAL ON KNOB 


“=... JUNKY 300 OHM 
TWINLEAD 
>. NAIL-ON KNOB 
a“ 
| 
T 


IT REALLY 
WORKS!" 


“==2~e2e-—-- DAMN GOOD GROUND 


Superb. | love it! 


See more inspiration from Joe Tyburczy, W1GFH, here: http://www.hamuniverse.com/fourdollarspecialw1gfh.html 


End Fed Zepp "Zepp" 


The End Fed Zepp consists of a 1/2 wavelength horizontal radiator wire connected to one conductor of a length of 
parallel open wire feeder, 300 ohm or 450 ohm twin feeder. The feeder is often quoted as being 1/4 wavelength 
long. 


Half Wavelength 
from Formula 


Open Wire 
Feeder 


Basic design of an end fed Zepp 


G Whip Antenna Products manufacture and supply a version of the Zepp antenna. Geoff G4ICD explains: "The end 
fed Zepp shown below has no counterpoise, just a tuned circuit in the feedpoint plus a half wave radiator. This is a 
most interesting antenna and can be used on other bands with the use of an Antenna Matching Unit." 
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G Whip New Products. 


A 
A n tenna mng Thr Loy angr wW anism 
i end ted amen apr elsoburrd gi ; 


A high quality End Fed Zepp style antenna: This variation uses a 
tuned circuit rather than a tuned twin feeder. 
Supplied by G Whip Antenna Products of the UK 


www.gwhip.co.uk 


The end fed zepp is a popular antenna often used to save space and gets its name from the fact that it was used as 
an end fed wire trailing out from the rear of Zeppelin airships. It consists of a 1/2 wavelength horizontal radiator wire 
connected to one conductor of a length of parallel 300 ohm or 450 ohm twin feeder, often quoted as being 1/4 
wavelength long. 


Half Wavelength 
from Formula 


Open- Wire 
Feeder 
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112 wave 


—— 1/4 wave 


50 fi feed point 


shorted 


— 50 fil coax 


drawing by kdefw 


Zepp Antenna by K4EFW 
http://www.hamuniverse.com/n4jaantennabook.html 


K4EFW notes: "...A half-wave resonant antenna can be fed from its end. When fed this way, it is also known as an 
end-fed zepp. An end-fed zepp will work on its fundamental frequency and on odd and even harmonic frequencies. 
The end of a half-wave antenna has very high impedance, and an antenna fed this way is said to be voltage fed. 
Feeding a half-wave resonant dipole in the center means it is current fed. The normal way of feeding the end-fed 
antenna is with ladder-line. One side of the ladder-line is connected to one end of the antenna and the other side of 
the ladder-line is connected to nothing. To secure the unconnected side of the ladder-line, it is connected to a short 
wire running between two insulators. Since the antenna is connected at its high impedance point, no current flows 
into an antenna, but there will be a large current in the center of this antenna. No current flows from the open side of 
the feed-line because it is at a zero current point. The end-fed zepp can be matched by cutting the ladder-line to a 
quarter wavelength with the bottom end of the ladder-line shorted. A certain distance above the short is a 50-ohm 
feet-point and it can be fed directly with coax. You will have to find the 50-ohm point by trial and error. This method 
of feed makes it a single band antenna". Quoted from K4EFW. 


Here is a commercial product made by G-Whip Antennas of the UK offering their version of a Zepp antenna design: 
http://www.gwhip.co.uk/ 


Martin G8JNJ highlights a very interesting antenna designed by Mike G7FEK here:- 


The G7FEK antenna goes several stages further than the simple single band End Fed Zepp. G7FEK has produced 
a design for Multi-Band operation claimed to offer much improved performance over a half sized G5RV or 'Windom 
antenna while additionally providing access to the 80 Metre Band. 
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G7FEK Limited Space Antenna 


G7FEK Multi-band “Nested Marconi” Antenna - 2008 Version (rev 5) 


A 46 ft multi band antenna for small gardens that works well on 80 meters 
Main bands (@~50 ohm) are 80m / 40m / 30m / 17m/15m/ 12m 
Other bands (see text): 20m / 10m 


6 ft (2.5m) 


Om 
Tune this end for resonance on 3.7 MHZ 


nc 
Tune this end for resonance just below 7.1 MHZ 


Support the antenna only at the ends if possible. 
Avoid using a metal mast directly alongside the vertical. 
if you need support at the feeder, use a fibreglass mast. 


24 ft (74m) 


(The Shack End) (Bottom of Garden) 


Twin feeder or ladder line. 
Impedance is not important, Spacing 
should not be too small. (> 20mm) 


Short both ends of vertical elements together 
and connect to coax inner 


50 Ohm Coaxial ( 


Gung If Counterpoise or earth connected to coax outer - see text 


G7FEK Limited Space Multi-Band Antenna 


3 


nylon siring 


== 
vines i ac eee. ees ee ee ee MAIN 
AAA oe Em 


A 


16.5 ft optional wire for 14 MHz 
see text. 


> 
mn 
a? 
r 


High Z y High Z 
Low Z 


Difficult match to main antenna as Hi-Z but energy is easily 
coupled at 14 MHz with additional Low Z optional element 


Adding 14MHz to the G7FEK Limited Space Multi-Band Antenna 


The G7FEK design will allow operation on 80m / 40m / 30m / 17m / 15m / 12m with the possibility to add the 20m 
band. 


G7FEK Plans: Download the plans for the G7FEK antenna from G7FEK's website here or from this website here 


Tuner Design For Half Wave Vertical and Similar Length End Fed Antennas by G4FGQ 


http://www. radioaficion.com/HamNews/articles/82 18-tuner-design-for-half-wave-vertical-a-similar-length-end-fed- 


antennas.html 


Off Centre Fed Dipole (OCFD) - so called 'Windom' Antenna 


The "Windom Antenna" was described by Loren G. Windom W8GzZ. It could be an ideal wire aerial for use in 
restricted spaces for multi-band operation. lt may also be an good candidate for portable work. 


It is a wire antenna, similar to a dipole, but unlike a dipole or doublet which is fed at the exact centre, a Windom or 
Off Centre Fed Dipole, as the name suggests, has the feed point off center. 


Current versions of the Windom are not actually Windom antennas at all - instead they are fed with coaxial cable 
and have a balun placed at the feed point. These are Off Centre Fed Dipole antennas - OCFD. They are similar in 
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appearance to a true wire Windom, but they are different. 


As with all aerials the aerial should be as high as possible. With the feed point at between 20 and 40 feet above 
ground the typical claimed impedance will be somewhere in the region of 200 Ohms so a 4:1 balun will typically be 
required. At greater heights, and depending upon the exact position of the feed point, the impedance may be higher 
and a 5:1 or 6:1 balun might be a better choice although balun losses will be greater. 


The point at which a Windom is fed in the original design, which used an open wire to feed the aerial, was 15 
percent off-centre. The current designs, which are fed with coaxial cable, are typically fed about 33 percent off 
centre, so one leg is 67 percent of the total length and the other leg is 33 percent of the overall length of the aerial. 


The bands that are covered depends upon the overall length of the aerial: 

11 metres long (approx) should cover 20m, 15m and 10m and the WARC bands with a tuner. 

21 metres long (approx) should cover 40m, 20m, 15m and the 10m bands and WARC with a tuner. 
41 metres long (approx) should cover 80m, 40m, 20m, 15m and 10m and WARC with a tuner. 

80 metres long (approx) should cover 160m, 80m, 40m, 20m, 15m and 10m and WARC with a tuner. 


Cut the aerial for the lowest band to be used. In imperial measurements using a familiar formula: 
The longer leg will be 468 divided by the frequency and multiplied by .67 = length in feet 
The shorter leg will be 468 divided by the frequency and multiplied by .33 = length in feet 


OCFD Formulas: 


The offset proportions differ according to which sources one refers. Some sources suggest 33% / 67% but other 
dimensions are also to be found: 


62.2% for one side and 37.8% for the other leg. So: 
The longer leg will be 468 divided by the frequency and multiplied by .622 = length in feet 
The shorter leg will be 468 divided by the frequency and multiplied by .378 = length in feet 


[Source: New Caroline Windom - http://www.hamuniverse.com/k4iwinewwindom.html ] 


Other ideas: 


The proportions of 69% / 37% are used by Buxcomm who say that "One third plus two thirds will not work. Use 
the formula below, as is: Do not be concerned with the off-set of the feed point, as this formula takes into 
consideration, the correct off-set for feeding the (BUXCOMM) Windom.for the other leg." So: 

The longer leg will be 468 divided by the frequency and multiplied by .69 = length in feet 

The shorter leg will be 468 divided by the frequency and multiplied by .37 = length in feet 


[Source Buxcom: http://www.buxcomm.com/windom_files/WINDOM.htm ] 


Given the fairly simple formula it should be quite easy to make an OCFD Windom - however a Windom can be 
purchased at very reasonable cost commercially, for example from MOCVO at http://mOcvoantennas.webs.com 
alternatively G-Whip Antennas of the UK supply extremely high quality, high efficiency 4:1 baluns (and other baluns) 
that could be used at the centre of any Off Centre Fed Dipole - just add the correct wire lengths to each side. 


Geoff G4ICD / GJ4ICD of GWhip highlighted his website which has an interesting page with comments concerning 
the quality and construction of balun products. This feature on the G-Whip site can be seen here: 


http://www.g4icd.co.uk/baluns.htm 


Here is a photograph of the very high quality G-Whip OCFD antenna product www.gwhip.co.uk : 
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An 'Off Set Centre Dipole' - OSCD - Fed made by G Whip Antennas 
G-Whip Antennas - www.gwhip.co.uk 


HW-20HP Off Centre Fed Dipole - produced by MOCVO 
6.76 metres long one side and 3.38 metres on the other side. 


http://mOcvoantennas.webs.com 


MOCVO produces a couple of off centre fed dipoles, the HW-40HP and the HW-20HP. Both antennas handle 400 
watts - the HP designation refers to high power. 


The MOCVO HW-20HP is 10.14m in length and covers 6 bands - 20, 17, 15, 12, 10 & 6m, no ATU, and is said to 
also work on 30m 8 40m with an ATU. Can be mounted as a horizontal, inverted vee or a sloper. VSWR is said to 
be 1.4 on 20m, 2.8 on 17m, 1.1 on 15m, 1.0 on 12m, 1.0 on 10m and 1.5 on 6m. The antenna ¡s6.76 metres long on 
one side and 3.38 metres long on the other side. This uses a 66.6% / 33.3% formula. 


The HW-20P was reviewed by Steve Nichols, GOKYA, in the January 2012 edition of RadCom. 
The HW-40HP is 20.28m in length and will operate on 40, 20 and 10m without an ATU and 80, 60, 15, 6 and WARC 


Bands with an ATU. (Presuably one leg is 13.52 metres long and the other 6.76 metres if it follows the same 66.6% / 
33.3% formula as the HW-20HP). 
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Here is a graphic of an Off Centre Fed Dipole typical of those available in the USA: 


BUX COMM, "WINDOM" 
BUXCOMM 3/18" or off-center fed flat-top 


UN resistant wire antenna 
Dacron Rope 


BUXCOMM 3116" 
UY resistant 
Dacron Rope 
Fact: Antenna feed-point impedance increases 


as antenna heigth above ground increases; 


¡Covers Ten (10) Ham bands 
| without an antenna tuner. 


| BUXCOMM Model 802134 


oven the above fact, a windom at 

20 to 40 feet above ground ¿=200 ohms, use a 4:1 BALUN 
40 to 55 feet above ground ¿=250 ohms, use a 5:1 BALUN 
55 lo 70 feet above ground 7=300 ohms, use a B:1 BALUN 


When ordering, please specify BALUN ratio. 


Visit wew Windomántenna.com 


RG8X 
or www.HamRadioExpress.com 


/RG=50 ohm coaxial cable 


{BUXCOMM (0) 1965-] 


10 band BUXCOMM Windom installed as an “Inverted V" 


4:11,JBALUN 
A 10 
degrees 
A | 
Y 35 ft. 


Typical BUXCOMM 802134 or 802134 "HP" 
8 fi Windom installed as an Inverted Y. 


8 ft 


C) 1992 BUXCOMM 
Windom total length is 134 ft, when installed as an Inverted Y, distance required is 118 ft. 


http://www.buxcomm.com 


13 21 


Matching Linit 


10 Vertical Radiator 


Line Isolator 


RG-BA to 


Transmatch 
Carolina Windom for 20 metres to 10 metres 


http://www.radioworks.com/ccwcover.html 
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== == 3 
A X T a 


a] Balun I-3OMIz - MOWKO 
MOUKD - 4:1 balun. It is 17 bifilar turns on a half inch ferrite rod. 500 - 2000, 1-30MHz 
http://www.mOukd.com/Carolina_Windom/index.ph 


MOUKD Line isolator - 10 turns RG8 on a half inch ferrite rod 
http://www.mOukd.com/Carolina_Windom/index.php 


NEW CAROLINA WINDOM 
By Len Carlson, K4IWL 
i— 6b Feet —————————_+ 


a eo 4:1 Balun | 


(«25 Feet ——+}e ——— 41 Feet >| 


<— 10 Feet RGS3 


}|<— Line Isolator (Choke) 


=— Coax To Transceiver 


Not to scale 


Windom design for 40m 20m 15m and 10m by K4IWL 
http: //www.hamuniverse.com/k4iwInewwindom.html 


More information on this general subject at BucksCom: http://www.packetradio.com/windom.htm or 
http://www.buckscom.com/pdfzips/windom.pdf 
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Commercial Suppliers: 


G-WHIP Antennas (UK) : http://www.gwhip.co.uk 
MOCVO OCFD Antennas (UK) : http://mOcvoantennas.webs.com 


In the U.S.A: 
Bux Comm Windom Antennas : http://www.buxcomm.com 
Buck Master OFC Dipole Antennas : http://hamcall.net/ 


Alpha Delta : http://www.alphadeltacom.com 
Carolina Windom : http://www.radioworks.com/ccwcover.html 


See some Windom - Off Centre Fed Dipole - designs at these links: 


http://users.erols.com/k3mt/windom/windom.htm 
http://www.dxzone.com/cgi-bin/dir/jump2.cgi?ID=7478 
http://www.radioelectronicschool.net/files/downloads/ocfdipole.pdf 
http://www.hamuniverse.com/k4iwInewwindom.html 
http://www.g4nsj.co.uk/windom.shtml 
http://www.mOukd.com/Carolina_Windom/index.php 


Semi-Permanent Antenna Installations 


If it impossible to install a permanent aerial, then another option is to use an antenna designed for portable or mobile 
work deploying it only as and when necessary in the back yard or garden - perhaps supported with a portable tripod 
and/or guy ropes. 


From the ideas above it should be possible to rig up a semi-permanent or removable antenna for low visual impact. 


There are also very many portable antennas produced commercially that might be very useful to utilize on a semi- 
permanent basis. Commercially bought antennas can be very expensive indeed, especially when compared to 
‘home brew' aerials, but examples that immediately spring to mind for consideration include: The DMV-Pro, I-Pro, G 
Whip or G Whip Backpacker, the TW2010 from Transworld Antennas, the Sigmad from Force 12 and aerials from 
SuperAntennas. Sandpiper Aerial Technology offer a very good choice of aerials such as the MV and MV-Portable, 
Buttie or Walkabout mk11 at very attractive prices. http://www.sandpiperaerials.co.uk There are very many other 
compact and portable antenna systems that are widely available. Check out all the amateur radio dealers for more 
ideas. 


ProAntennas DMV Pro 
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The DMV-Pro Antenna from ProAntennas (shown above) could be used in a back garden whenever required as 
could the company's I-Pro antenna. The DMV-Pro uses two fibreglass arms that allow the wire aerial to be 
supported in a number of different configurations such a "V" shaped, "L" shaped, "M" shaped and Delta. The aerial 
elements are fed to a 4:1 balun using low loss twin feeder, the balun is then connected to an auto ATU, such as the 
LDG Z-11 Pro, which is connected to the transceiver using coaxial cable. A versatile idea that could also be 
implemented on a DIY basis with a little experimentation! http://www.proantennas.co.uk 


Geoff G4ICD / GJ4ICD mentions the original design, the JJ1VKL published in CQ ham radio Sep' 2000 in Japan. 
"This one goes back to 2000 and is now copied by several antenna manufacturers in the UK" It is an HF multi-band 
Delta loop antenna for 3.5-50MHz 


http://www.geocities.jp/yoshiki_ja/deltae.htm 


a EE orien gil ay A Gi fis. © eat eave Corea 
An Original Delta Loop design by JJ1VKL 
Read more here: http://www.geocities.jp/yoshiki_ja/deltae.htm 
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ES A 
Delta Loop by Arthur MOPLK (SQ2PLK) 
Details at http://odxa.one.pl/articles.ohp?article id=17 
Available at http://ham-radio.urbasket.eu and http://www.vpa-systems.pl/ 


STEALTH / COVERT / HIDDEN or DISGUISED ANTENNAS: 


Ideas from G4ILO - Stealth Antennas: http://www.g4ilo.com/stealth.html 


VK2Z0I - "Flowerpot" Antennas 


Some ideas by VK2ZOI about producing inconspicuous antennas - perhaps disguised as a plant in a flower pot! 
There are ideas for 6 metre, 2metre and 70cm antennas including a dual band 2,/70cm design. 


VK2ZOlI Flowerpot Antenna projects 
http://vk2Zoi.com 


All Band HF Vertical Antennas (non resonant) - 'Untennas' 


So this is where the search for a multi-band antenna begins. It's a difficult task especially if space is limited. First 
considerations might lie with the commercially available options that are available. Commercially manufactured 
aerials are available at widely varying price points - perhaps from under £100 to many many £100's 
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One of the first commercial multi-band antennas that many keen new amateurs come across is 
something like the Comet CHA250B, or the Diamond BB7V or Moonraker GP2500 (pictured right). 
These are broad-band antennas and look like large CB antennas with a matching network at the 
base. Such antennas claim to allow operation of all bands between 80 metres and 6 metres with 
acceptably low v.s.w.r. Sounds like the perfect multi-band solution, especially as Comet and 
Moonraker are well known names that make excellent products. 


These multi-band antennas have their critics though: Sure enough, they exhibit a seemingly 
acceptably low v.s.w.r. across the whole of HF, but low v.s.w.r. isn't everything. Ctitics do, in fact, call 
these types of broadband antennas glorified dummy loads - a bit unfair possibly, but maybe they 
have a point when most of your transmitter's precious power is wasted as heat rather than radiated 
as a useful RF signal! 


The only way a simple, single vertical radiator can be made to work on across such a wide range of 
frequencies is by having a broad band matching transformer at the base of the radiator. This will 
inevitably result in the absorption of some - or much of the transmitter's power - the power loss 
represented by the heating up of the coils/transformer rather than actually being radiated as a useful 
signal by the antenna's vertical element. 


Such antennas could present a loss of around 6 - 12 dB compared to a resonant antenna - how do 
do fancy putting all 100 of your precious watts in to the antenna and only getting 6.31 watts of 
effective power radiated? 


Maybe that's a bit simplistic, so Martin G8JNJ has many superb articles analyzing the CHA250B and 
similar antenna designs here: http://g8jnj.webs.com/cometcha250b.htm 


The article Anatomy Of The Comet CHA250B by VK5ZBD can be found here: 


http://www.radiomanual.info/schemi/ACC_antenna/Comet_CHA-250BX2_anatomy.pdf 
(Formerly found at this site http://www.vk5zdb.com/CHA250BXI!.htm) 


G8JNJ is also developing a better version of this type of antenna here: 
http://g8jnj.webs.com/broadbandhfvertical.htm 


| admit that, due to limited space, | considered this type of antenna when first starting out - but in the 
end dismissed them due to the extreme inefficiency and power loss problems. They should not be 
entirely discounted however, because if this really is all that can be accommodated at one's QTH 
then at least such an aerial will at get you on the air - and on all bands - at least in some sort of 
fashion. Many amateurs use these aerials with success, so they do have a place. Have a look and 
decide for yourself. 


Other similar types of broad-band antenna: 


There are a number of very similar designs (i.e. longish vertical radiator, with a transformer / unun at the base) 
available from some other British suppliers: 


The G Pro-Whip 'Widebander' antenna (see http://www.gwhip.co.uk/); 
The ProWhip Portable Antenna (see http://www.prowhipantennas.co.uk/ ); 
Snowdonia Radio Company (SRC) - various types of wideband antennas (see hitp://www.snowdonia-radio- 


company.co.uk ) 


All these antennas appear to be based around an UNUN (typically 9:1) matching transformer at the base of the 
aerial. These aerials cost considerably less than those previously mentioned. The G Pro Whip and Pro Whip 
Portable offer particularly convenient portable operating opportunities as they are based on one of my favourite 
methods of antenna support - a long telescopic fibreglass (fishing) pole. Really neat! 


For the ‘fishing pole' types, essentially there is a vertical radiating wire of about 7 to 10 meters long, a 10m long 
horizontal counterpoise wire and the 9:1 unun at the base. This makes for a simple and attractive installation 
proposition (but remember the penalty of power losses) - all these aerials will be easy to install for permanent, semi- 
permanent use and easily removable or portable operating. 


Considering the 10 meter vertical type, the performance on 40 meters (1/4 wave) should be quite reasonable, with 
reduced performance on other bands. 
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G-WHIP G Pro Whip antennas (now discontinued) 
by Geoff Brown G4ICD 
2011/2 - See G-WHIP'S WideBander Antenna as an alternative 


http://www.gwhip.co.uk/ 


Buy (or build) a 9:1 UNUN and Make Your Own: 


If you already have a 10m telescopic fibreglass fishing pole and some wire, then you could easily wind a 9:1 unun, 
or even buy one from suppliers such as G WHip Antenna products for a reasonable cost. So, you could make your 
own aerial with 10m vertical radiator working against the 10m counterpoise and fed to the ATU via the 9:1 unun at 
the aerial's base - just for fun, for experimentation, analysis or for permanent installation or portable work. (The 
telescopic pole must be fibreglass not carbon fibre) 


Martin G8JNJ, suggests that a slightly better way to home-brew a broadband HF aerial might be to cut a vertical 
aerial for about 8.5 MHz, i.e. not a resonant 1/4 wave on any amateur band, but optimised to present a moderate 
impedance on as many bands as possible. In which case the vertical wire would be about 8.8 metres long, working 
against the counterpoise, and fed to the a.t.u. via an unun - perhaps 6:1 or 9:1 - this is all open to further research 


and experimentation! See http://g8jnj.webs.com/currentprojects.htm 


GOKYA has also written lots of interesting articles about antennas and several pieces about using a 9:1 unun and a 
length of wire. He found that a wire length of 19.8 metres offered a good compromise for a multi band aerial. Read 


GOKYA's blog here: http://gOkya.blogspot.com/search/label/antennas 
More : http://gOkya.blogspot.co.uk/search/label/antennas 


Interestingly 2WOSAK of Snowdonia Radio Company recommended an antenna wire length of 7.13 metres with 
their 9:1 unun - or for better efficiency a wire that is 19.8 metres long which would be run out horizontally. Both the 
7.13 m and 19.8 metre lengths should cover the 80m to 10m bands. 


7- 29 (50) MHz 
3.5 - 29 (50) Mhz 9.8m or 16.1m 


3.5 - 29 (50) MHz 21.9 mor 26.8 m 
18-29 MHZ 
1.8 - 29 (60) MHZ 


High Quality Baluns and UnUns Available From www.gwhip.co.uk - either boxed and ready to use or just the core 
and quality windings suitable to put into own box or project. 


http://www.mds975.co.uk/Content/amateur_radio_antennas_04.html 39/52 


10/30/2017 


http://www.mds975.co.uk/Content/amateur_radio_antennas_04.html 


ANTENNAS & AERIALS 4 - Notes and Queries - Amateur Radio by MOMTJ, Antenna Designs, Multi-Band 


MULTIBAND RANDOM WIRE UNUN (UNBALANCED TO UNBALANCED) 
FOR USE WITH RIGS WITH BUILT IN AUTOTUNERS 


RANDOM WIRE ANTENNA 
7 23 LONG FOR 10 THRU 40M COVERAGE 
350" LONG FOR 10 THRU 60 METER COVERAGE 


GROUND CONNECTION 


SHORT COAX TO CONNECT UNUN 
p 50-239 CONNECTOR 


mn 50-239, 50 OHM 


TO RADIO 
“~~. 7130-2 CORE 
15 TO 19 BIFILAR MOUNT IN A WEATHERPROOF 
TURNS INSULATED PLASTIC ENCLOSURE 


WIRE 


Above is a neat design for an "Untenna" KC8AON - Link: http://www.angelfire.com/electronic2/qrp/unun.htm! 


For a jack of all trades try a high quality GWhip "Widebander Antenna" 


GOKYA writes a very useful piece in his blog: 


http://gOkya.blogspot.com/search/label/antennas 

In the next round of tests | used the same 9:1 Un-Un wound using PVC 
covered cable and a T200-2 toroid. Note in the photograph that the PVC tape 
is only used to keep the turns neatly arranged. 


If you want to build your own follow these instructions: 


Building a 9:1 unun 
To understand how to construct an unun lets build a 9:1 version. You will need | 
a T-200 (red) toroid and three pieces of wire, each 24 inches (60cm) long . It 
will also help if you a small plastic box with an SO239 socket mounted at one 
end and with two wing nuts or mounting posts at the other. In the UK you can | | 
buy a small plastic box from Maplin which is watertight with a rubber seal, yet 
inexpensive. 

It will help if the wires are different colours, although that isn't critical if you 
have a multimeter available. It just makes it a lot easier to follow these 
instructions. 

For the sake of this explanation I'll assume that you are using green, red and 
black pieces of wire. 

Put the three pieces of wire together and wind them carefully onto the T130-2 
toroid. Place the wires (left to right) green-black-red, and wrap nine turns on to 
the toroid. 

Try not to let the wires overlap. 

You should end up with a toroid with three wires extending from the left winding and three wires extending from the right. 

Now twist and solder the left black wire with the right red wire. This can be covered with PVC tape once complete. 

Now twist the left green wire with the right black wire. Strip the ends of the two wires, twist and solder them together leaving the length 
about 2” long from the toroid. 

Finally trim and strip the remaining right green wire and solder another 5” piece of green solid wire to it. 

Now take the left green wire and right black wires that you twisted together and connect them to the centre pin of the S0239 socket — this 
is the input side and will connect to your radio via a length of coax. 

One of the green wires is now soldered to the ground connection of the SO239 socket. The other end of the wire you soldered on (which 
is connected to it) becomes the earth connection for the unun and typically goes to a ground stake and ground radials. 

This leaves the remaining red wire which connects to the other wingnut and will become the connection for the antenna. 

If you are worried about the wires unravelling you can either use PVC tape to hold them in place or plastic cable ties. 

So how do we use an unun? Lets look at a typical example. 


This time | erected a 10m high fishing pole and attached a 65ft quarter wave antenna for 80m in an inverted L fashion. That is, 10m up 
and then 9.8m out to the nearby summerhouse. 


This was arranged away from the house and fed with 12m of RG8 coax, a single earth stake and two 20ft radials at the feed point.. 


Here are the SWR readings at the end of the coax: 
3.5MHz — SWR 3:1 

3.65MHz — SWR 4.2 

3.8MHz — SWR 5.9 

7.10MHz - SWR 13.6:1 

10.1MHz — SWR 2.5:1 

14.2MHz — SWR 3.3:1 
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18.14MHz — SWR 1.8:1 
21.2MHz — SWR 2.4:1 
24.9MHz — SWR 1.9:1 
28.5MHz — SWR 1.2:1 


From this you can see that by shortening the wire to 65ft from the original 85ft you gain 80m, but lose 40m. The rig (FT2000) would quite 
happily tune seven bands with its internal ATU. Here are the quick comparison results against my 80m Windom and parallel-fed dipoles in 
the loft for 40m, 20m, 17, and 10m. 


ae good around the UK as the Windom - probably due to the maximum current being in the vertical section. Modelling shows the 
antenna to be down about 10dB on a low dipole. 

iene similar. Other EU and Italy similar. Bulgaria down 2 S points 

a — inverted L has slight edge at times. Slightly noisier 

ae than Windom by about 1 S point. 

va better than Windom, dipole and mag loop around Europe via Es, by about 2 S points. Slightly more noise (+ 1 S point). 


From this | can see that | need to do more tests, especially on 20m, but for an all-in cost for the antenna of about £15-£20 it shows 
promise. If you have a tree then the up and out idea with a 65ft wire looks quite good. A way to get 40m back would be to put a 40m trap 
in the wire at the 10m mark. If you don’t fancy making your own UnUn you can buy the whole antenna from the Snowdonia Radio 
Company for £35 inc P&P — see http://www.snowdonia-radio-company.co.uk/srcproducts.html [ From a collection of excellent articles 


from GOKYA] Link to SRC: http://www.snowdonia-radio-company.co.uk 
GWhip Antennas, and ProWhip Antennas all supply this type of antenna as a commercial item. 


CONCLUSIONS? 


Arguably the most effective, simplest and, indeed, cheapest way to attain multi-band operation is by using a full size 
resonant dipole for each band of interest - perhaps having a couple suspended at any one time and swapping 
aerials when other bands are needed. 


As mentioned in the introduction this is a little inconvenient which is why the holy grail of so many amateurs is one 
antenna that that will do everything - perfectly. As we have seen such an aerial does not exist, and never will due to 
those pesky laws of physics. Compromises will always have to be made; compromises of efficiency, size, number of 
bands and bandwidth per band etc - nevertheless there are enough options available to be able to choose a 
configuration of antenna or antennas that should be able to make the best use of precious transmitter power for a 
particular circumstance. 


My two key criteria are that the antenna should be truly resonant on the band(s) of interest and that the radiating 
elements should be as near to full size as possible, relative to the wavelength(s) being used, to ensure the best 
possible efficiency (i.e. lowest loss of power). This means full size quarter wave vertical or full size half wavelength 
long trapped dipole. 


| don't especially like aerials that are shortened by using a loading coil, but accept that such an arrangement is 
sometimes necessary for the longer wavelength bands. Top Band is a real problem in average size gardens. Where 
the is a coil, a trap, or transformer there will be some loss or reduced efficiency introduced into the antenna system. 
| do find that using a trap is an excellent compromise - the 80m / 40m Inverted L and the 20m / 10m trapped dipole 
work especially well. If | could not use the Inverted L, my next favourite option is the Loop or a fan (Parallel) dipole. 


All the pros and cons have to be weighed up to find the best compromise for particular operating circumstances. | 
hope that this page has given new operators some ideas to take away and mull over, but remember those words 
from Joe Tyburczy WB1GFH that this page started with: 


"When you put up your antenna is also crucial. | must mention here the importance of what many early hams called 
"antenna weather". That is, snow, sleet, freezing rain, or combination of all the above. It has been proven time and 
time again that any antenna installed in conditions better than abysmal will not function worth a darn. Or, put another 
way, it takes bad weather to put up a decent antenna. Dark and cold New England winter days are ideal for this 
activity. Any antenna erected on such a day will inevitably produce miracles." 


Some Further Reading: 


Understanding Antennas For The Non-Technical Ham 
A Book By Jim Abercrombie, N4JA 
basicantennas.pdf 


More Antenna Ideas by other amateurs (.doc) 
ARRL document Multi Band Dipoles Compared (.pdf 
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High Quality Baluns and UnUns Available From www.gwhip.co.uk 


Useful Aerial Rigging Accessories 


Line-Lok guy runners from ClamCleats - fantastic for guying antenna masts quickly and successfully 
http: //www.cleats.co.uk http: //www.clamcleat.com 
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Reusable Nylon Hose Clip / Reusable Circular Clamps 
Useful for securing telescopic fibreglass poles - e.g. holding each 
section in place in windy weather or to use as a guying ring (spider) 
(Herbie Clips) (Kaf-flex Nylon Clamps) 
http://www.malpasonline.co.uk 
http://news.thomasnet.com 
http://www.hclfasteners.co.uk/acatalog/Herbie-Clip.html 
http://www.cheapham.com/products/S9V31-Replacement-Clamps.html 
http://rotocon.homestead.com/shoponline2.html 


OTHER THINGS THAT MAY BE NEEDED: 


POLE(S) Aluminium, fibreglass or wood ; POLE TO POLE CLAMPS ; MET POST(S) ; 
NYLON CORD or PARA CORD ; SPIDERS / 3 or 4 WAY GUY RINGS ; PULLEYS ; SNAP HOOKS ; 
DEE SHACKELS ; GROUND STAKES for anchoring guy ropes ; DOG BONE or EGG INSULATORS ; 
DIPOLE CENTRES ; EARTHING STAKE ; V BOLTS ; ROPE GRIPS ; THIMBLES ; 

SLEEVE JOINER(S) ; T&K BRACKETS ; TRIPOD or other GROUND MOUNTING HARDWARE ; 
STAINLESS STEEL M6 Nuts Bolts and Washers ; SPADE and / LUG TERMINALS ; 

SELF AMALGAMATING TAPE ; HEATSHRINK ; WEATHERPROOFING SEALANT ; 
STAINLESS STEEL JUBILEE CLIPS. 


TRIMMING AERIALS 


Antenna Trimming Chart 


This following information below could be very useful indeed when constructing aerials and is compiled by DX Zone 
/ Radio Works from the web page at: http://www.dxzone.com/cgi-bin/dir/jump2.cgi?ID=13444 


Use this chart as an aid in trimming the length of your antenna. It gives you an idea of the change in wire length 
needed to move antenna resonance a specific number of KHz. 


* Dimensions are for each leg of a half-wave dipole 

* For quarter-wave antennas (i.e. verticals ) use the dimensions directly from this chart 

* Full-wavelength antennas (loops) - multiply the chart dimensions by four (4) and change the overall length of the 
antenna by that amount. 


Lengths are estimates. Many factors will affect their exact value. 


| Tomove | 80/75m | 40m | 20m | 15m | 10m | 

| -500 kHz | +84" | +2 | +8  [ +8 | +15 | 

| -400kHz | +68" | +19 | +65 | +25" | +125 | 
| 


| -200kHz | +34" | +10" | +3.25" | +125 | +58" | 
100 kHz | +t | +s" | +15" | +12" | +38 | 
00 kHz | 


om [| 0.0 | 0 | 0 | 0 


a 
Pe" 


Example: 


You have measured the SWR of your 40 meter dipole at various frequencies across the band. You have determined 
that the SWR is lowest at 7.00 MHz. You actually want the lowest SWR to occur up in the sideband portion of the 
band, so you need to move resonance up in frequency about 200 KHz. 


According to the chart, to move +200 KHz on 40 meters, you will have to shorten each leg of the dipole 10" (-10"). 
The overall length of the antenna is shortened a total of 20 inches. 


Lengthening or shortening the antenna is done at the end insulators. To shorten the antenna, unwind the antenna 
wire as it wraps around itself at the end insulator. Move the insulator several inches toward the center of the 
antenna. Re wrap the antenna wire to secure the end insulator. Do not cut the wire. Wrap it back around the 
antenna wire. You may need to increase the antenna later. [From Radio Works / DXZone] 
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KNOTS FOR SECURING WIRE ANTENNAS 


| have found the Bowline to be one of the most useful, it is strong and easy to tie. A Bowline will not slip in any 
circumstances and, usefully, the more load that is put on it, the tighter it gets. 


ww 


J 


Ni 
Po A \ 
i 
fa 
! 


3 4 


The Bowline Knot 
A Bowline can be used to tie two ropes together and should be used to tie a support rope to a pulley, dipole centre 
and other antenna items. 


It's important to use the correct knot for the job when fixing up wire antennas. | find the Bowline is a very useful for 
fixing end, egg and dog-bone insulators to the ends of the wire and/or ropes. 


The Buntline Hitch is an excellent knot as is the Round Turn & Two Hitches, Anchor Bend (Anchor Hitch) knots 
which are very good for tying a rope to a pole or a mast. 


The Bowline is most useful for fixing end, egg and dog-bone insulators to the ends of the wire and/or ropes. 
A Double Sheet Bend can join two pieces of rope together - even if they are of unequal size. 
‘Animated Knots’ will show you how to do them. Visit http://www.animatedknots.com 


More websites with knot information : http://www.netknots.com/  http://www.southee.com/Knots/Index.htm 


The correct knot will ensure that the antenna will be as strong as possible. 


LINKS 


Understanding Antennas For The Non-Technical Ham - A Book By Jim Abercrombie, N4JA : 


PDF Book: http://www.hamuniverse.com/basicantennas.pdf 
HTML page: http://www.hamuniverse.com/n4jaantennabook.html 


G4ILO - Stealth Antennas: http://www.g4ilo.com/stealth.html 


All Band Doublet Antenna by MOMTJ : 
http://www.mds975.co.uk/Content/amateur_radio_antennas_06.html#All_Band_Doublet_Antenna 


All Band Doublet Antenna : http://www.hamuniverse.com/hfdoublet.html 


All Band Doublet Antenna by Al4J! : http://www.ai4ji.com/Projects/antennas/doublet.htm 
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All Band Doublet Antenna by G3RWF: https://rsars.files.wordpress.com/2013/01/80-10m-doublet-antenna-g3rwf- 
11.pdf 


All Band Doublet Antenna by W4NEQ: hitp://w4neg.com/htm/doublet.htm 


All Band Doublet Antennas and Baluns by G4POP: http://g4pop.blogspot.co.uk/2008/10/doublet-antennas-and- 
baluns-my-friend.html 


All Band Doublet Antenna by VK6YSF: http://vk6ysf.com/allbandhfdipole_Mk2.htm 


All Band Doublet Antenna by MODAD : http://www.delboyonline.co.uk/mOdad/doublet_all_band_antenna.htm 


Introducing the "All-Band" Doublet: What the Student and the Instructor Should Keep in Mind by L. B. Cebik, 
WARNL : 


http://ftp.unpad.ac.id/orari/library/library-sw-hw/amateur-radio/ant/docs/Introducing%20the%20All- 
Band%20Doublet.htm 


MOWYM - QRP Fan Dipole: http://www.radiowymsey.org/FanDipole/fandiploe.htm 


Multi Band Dipoles Compared: http://www.arrl.org/tis/info/pdf/9611073.pdf http://www.dxzone.com/cgi- 
bin/dir/jump2.cgi?ID=7499 


Practical Dipole Antennas Compared: http://www.qsl.net/ta1dx/amator/practical_dipole_antenna.htm 


What Antenna For H.F? by Wrexham ARS: http://www.gsl.net/wars/construct/hf_ant.htm 


Multiband Loft Dipoles: http://www.gsl.net/gOkya/multibanddipole.pdf 


My Top Five Backyard Multi-Band Wire HF Antennas by L. B. Cebik, W4RNL: 
http://www.users.on.net/~bcr/files/backyard%20wire%20antennaes.pdf 


More Links 
Loop Antennas - Delta Loops and Square (Quad) Loops and more: 


Delta Loops for HF - "You'll love lower noise and relative gain over a dipole" 
http://w5sdc.net/delta_loop_for_hf.htm 


One Stealthy Delta - This HF antenna keeps a low visual profile while attracting plenty of attention on the air. 
An excellent and amusing article by Steve Ford, WB8IMY 


http://www.sgcworld.com/Publications/Articles/237qst0502.pdf 


Random length multi-band delta loop antenna — A good antenna for when a dipole isn't enough by KC8AON 
http://www.i1warlinkradio.com/antype/ch10/chiave1827.htm 


An Easy to Install Vertical Loop for 80-6 Meters by John Reisenauer, Jr. KL7JR 
http://www. hamuniverse.com/kl7jreasyvertloop.html 


40m-10m DELTA LOOP ANTENNA - GU3WHN 


http://www.rsars.org.uk/ELIBRARY/ANTENNAS%20DOCS/40m- 
10m%20%20DELTA%20LOOP%20ANTENNA%20-%20GU3WHN%20iss%201.3.pdf 


MOPLK Multiband Delta Antenna - By Arthur MOPLK (SQ2PLK) 


http://pdxa.one.pl/articles.php?article_id=17 available at http://ham-radio.urbasket.eu and http://www.vpa- 
systems.pl/ 


H5ANX Mk4 Delta Loop Design by Sajid Rahim 
http://www.eham.net/articles/10738 


Multiband H.F. Delta Loop by IWSEDI: 
http: //www.iw5edi.com/ham-radio/?dl2hcb-multiband-delta-loop,28 


SGC Stealthy H.F. Delta Loop: 
http://www.sgcworld.com/Publications/Articles/237qst0502.pdf 


KL7JR Easy H.F. Delta Loop: 
http://www.hamuniverse.com/kl7jreasyvertloop.html 


H.F. Loop Antenna from Radioworks: 
http://www.radioworks.com/nloop.html 
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W6ZDO Portable H.F. Delta Loop Project: 
http://www.fros.com/KIOGU/w6zodelta.htm 


Loop Antenna Notes by "Yukon John" KL7JR 
http://www.hamuniverse.com/kl7jrloopnotes.html 


Build a Multi-Band Mono Delta Loop for 40, 30, 20 and 15 Meters by Jose |. Calderon (DU1ANV) 
http://www.para.org.ph/membersarticles/DU1ANV/Multi-Band%20Mono%20Delta%20Loop%20ant.pdf 


DL2HCB Multiband Delta Loop 
http://www.iwdSedi.com/ham-radio/?d|2hcb-multiband-delta-loop,28 


The Delta Loop (Skywire) Antenna - Legends, Theory and Reality 
http://dk5ec.de/deltaloop-eng.htm 


Loop Antenna notes and ideas from Radioworks 
http://www.radioworks.com/nloop.html 


Delta Loops by GW7AAV 
http://www.cqhq.co.uk/2009_ 05 01 archive.html 


More Delta Loop links: 
http://www.i1wgrlinkradio.com/antype/delta_loop.html 


Magnetic Loops: 


Small Transmitting Loop Antennas (Magnetic Loop Antennas) by Steve Yates - AA5TB 
http://aa5tb.com/loop.html 


Fibreglass Telescopic Fishing Poles 


http: //www.sotabeams.co.uk 


http: //www.skyblueleisure.co.uk/acatalog/Telescopic_Poles.html 


see: Bowmanarcher on ebay 


Line-Lok guy runners for support pole guy ropes by ClamCleats (excellent) : 
http: //www.clamcleat.com/cleats/cleats.asp?menuid=7 


Other Aerial Supports 


http: //www.tecadi.de/ 


Commercial Antennas 

GWhip Antenna Products: http://www.gwhip.co.uk/ 

Spectrum Communications: http://www.spectrumcomms.co.uk 

Sandpiper Aerial Technology: http://www.sandpiperaerials.co.uk 

SOTA Beams: http://www.sotabeams.co.uk/ 

W.H. Westlake - for wire, cable, feeder, connectors & components: http://www.whwestlake.co.uk/ 


Moonraker: http://www.moonrakerukltd.com 


AERIAL PARTS Of Colchester: http://www.aerial-parts.co.uk 


SRC - Snowdonia Radio Company: http://www.snowdonia-radio-company.co.uk 
Cobwebb Antenna: hitp://www.g3tpw.co.uk 
ProAntennas:_http://www.proantennas.co.uk 

ProWhip Antennas: http://www.prowhipantennas.co.uk/ 


http://www.mds975.co.uk/Content/amateur_radio_antennas_04.html 46/52 


10/30/2017 ANTENNAS & AERIALS 4 - Notes and Queries - Amateur Radio by MOMTJ, Antenna Designs, Multi-Band 


Hustler Antennas from DX Engineering. 4-BTV, 5-BTV & 6-BTV compact antennas: http://www.dxengineering.com 
Butternut Antennas from Bencher Inc: http://www.bencher.com/ham/ 


Cushcraft Antennas from MF J: http://www.cushcraftamateur.com 


Comet Antenna: http://www.cometantenna.com 


Diamond Antenna: http://www.diamond-ant.co.jp/english/amateur/antenna/ama_antennas.html 
Hygain Antennas from MFJ: http://www.hy-gain.com 


Alpha Delta Communications - Dipole and Parallel (Fan) Dipole Multi-Band Antenna Designs 
http://www.alphadeltacom.com/ 


WIMO Antennas and Accessories: http://www.wimo.com/cgi-bin/verteiler.pl?url=wireantennas_e.html 


GAP Antennas: http://www.gapantenna.com 
True Ladder Lines and Wire Antennas: http://www.trueladderline.com/index.html 


Radio Wavz - wide range of amateur radio antennas: http://www.radiowavz.com 
Radio Works - amateur radio antenna manufacturer and supplier: http://www.radioworks.com/ 
Force 12 Antennas (Sigma) : http://www.force12inc.com 


Transworld Antennas (TW2010 Adventurer) : http://transworldantennas.com 


Superantennas: http://www.superantennas.com 


Amateur Radio Suppliers 

RADIOWORLD hittp://www.radioworld.co.uk/ 

ROCKET RADIO http://www.rocketradio.co.uk/ 

SPECTRUM COMMUNICATIONS http://www.spectrumcomms.co.uk/ 
MOONRAKER http://www.moonrakerukltd.com/ 

HAYDON COMMUNICATIONS http://www.haydon.info/ 


KZJ Communications (DeeComm) (Haydon West Midlands) a good shop on EBAY at 
http://stores.ebay.co.uk/kzjcommunications 


WATERS & STANTON http://www.wsplc.com/ 

MARTIN LYNCH 8 SON http://www.hamradio.co.uk/ 

DIODE COMMS hitp://www.diodecomms.co.uk 

NEVADA RADIO http://www.nevadaradio.co.uk/ 

LAM COMMUNICATIONS http://www.lamcommunications.net 
ANCHOR SUPPLIES http://www.anchorsupplies.com 


VINE ANTENNAS: http://www.vinecom.co.uk/ 


Projects and Information 


Flower Pot Antenna - http://vk2zoi.com - and interesting link to an interesting antenna design that was very kindly 
sent to me by Phil M6MRP 


G4ILO - Stealth Antennas: http://www.g4ilo.com/stealth.html 


MOWYM - QRP Fan Dipole: http://www.radiowymsey.org/FanDipole/fandiploe.htm 
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See Multi Band Dipoles Compared: http://www.dxzone.com/cgi-bin/dir/jump2.cgi?ID=7499 


See Practical Dipole Antennas Compared: http://www.gsl.net/ta1dx/amator/practical_dipole_antenna.htm 


The ALL Band HF Doublet on Ham Universe: http://www.hamuniverse.com/hfdoublet.html 


Multi-band Inverted V $4 Special by Joe Tyburczy, W1GFH: http://www.qsl.net/wb1gfh/antenna.html 
http://www.hamuniverse.com/fourdollarspecialw1gfh.html 


The Norcal Doublet Antenna: http://www.norcalgrp.org/norcaldoublet.htm 


N4JTE - 6 Band Ribbon Dipole by N4JTE 
http://n4jte.blogspot.com/2009/04/n4jte-6-band-ribbon-antenna-35.html 


http://g8jnj.webs.com/ 

http://www.astromag.co.uk/vertical/ 

http://www.hamuniverse.com/multidipole.html 
http://www.hamuniverse.com/fourdollarspecialw1gfh.html 
http://n4jte.blogspot.com/2009/04/n4jte-6-band-ribbon-antenna-35.html 
http://www.dxzone.com/cgi-bin/dir/jump2.cgi?ID=20420 
http://www.tc006a8364.pwp.blueyonder.co.uk/brats/radio_07/advanced/mathequat_1.htm 
http://www.tdars.org/library/TechTopics/tech22.html 
http://www.rsgb.org/tutors/advanced/pdf/maths _primer.pdf 
http://www.users.icscotland.net/~len.paget/Mini%20quad.pdf 
http://www.users.icscotland.net/~len.paget/5%20band%20Inverted%20L.pdf 
http://www.users.icscotland.net/~len.paget/Inverted%20L%20adding%20top%20band.pdf 
http://www. btinternet.com/~shaun.scannell/club/w3dzz.htm 
http://nhomepage.ntlworld.com/lapthorn/70cms.htm 
http://mw0Oidx.co.uk/2mPortPockKBeamGWOVMW html 

http://www.dxzone.com 

http://www. arrl.org/tis/info/pdf/0207040.paf 


http://www.dxzone.com/cgi-bin/dir/jump2.cgi? ID=7466 


W2BLC - Amateur Radio Antenna Ideas: http:/Awww.w2bic.us/linkant.htm 


End Fed Antennas 


GWhip End Fed Antennas: 
http://www.gwhip.co.uk 


Cross Country Wireless designed and manufactured End Fed Antenna 


http://www.crosscountrywireless.net/end_fed_antenna.htm 
http://www.crosscountrywireless.net/CCW_End_Fed_Antenna_Operating_ Manual_v1.1.pdf 


Hy End Fed antennas - single and multi band end fed antennas by PA3EKE. 


http://www.hyendfedantenna.nl http://www.pa3eke.nl 
Review of Hy End Fed antenna by PC4T: http://dutchhamradio.blogspot.com/2010/09/hy-end-fed-antenna.html 


Par End Fedz Antennas - now manufactured and supplied by Larry, AE4LD of LNR Precision End Fedz: 
http://www.I|nrprecision.com 
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W3EDP and Other Antenna Links 


http://va3qv.wordpress.com/tag/w3edp-antenna/ 
http://va3qv.wordpress.com/2009/10/18/good-results-with-re-worked-w3edp/ 
http://ve3clq.blogspot.com/2011/01/w3edp-antenna.html 
http://bv3fg.tripod.com/ant/end_fed.htm 
http://nham-antennas.blogspot.com/2011/02/di2hcb-multiband-delta-loop.html 


http://sv3auw.blogspot.com/2009/11/sloper-7mhz.html 


Back to Aerial Types.... 


More "thinking out loud" notes and queries which | intend to edit and condense (honestly!): 


Multi Band HF Antennas 


Covering ALL the HF bands with separate antennas dedicated to each band would take up a large amount of space 
which many of us don't have. Either we must decide on a limited number of favourite bands and put up a specific 
antenna for these or try to find a multi band antenna that covers all the bands of interest. 


The perfect HF multi band is many an amateur radio operator's holy grail. If you haven't already seen it, you can 
read more about an All Band Antenna Marvel covering 160m to 70cms on this external link: Hamuniverse ALL 
BAND N4UJW Antenna 


So, multi-band antennas necessarily involve compromises which usually translate into lower efficiency i.e. the 
antenna will not effectively radiate all the power that is fed to it. There will be losses, some large and some not so 
large depending on the design and the number of bands that the antenna is attempting to cover. The 80m / 40m 
Inverted L, mentioned above, is down by about 2dB on 80m when compared to a full size 80m inverted L. That's 
not too bad, but it does still mean a theoretical best case scenario of about a 40% loss of power! So if 100 watts of 
power arrives at the antenna (disregarding additional feeder losses) then only 63 watts will be radiated - actually 
less due to any feeder and other losses. 


If these compromises are accepted then there are a number of different multi-band antennas that can be 
considered. Having a small plot | have had to consider many such designs, some are vertical antennas some are 
horizontal wires, some are commercial products and some can be ‘home brewed. 


Home brewing a wire antenna is relatively straightforward since wire is easy to obtain and work with. A wire antenna 
is typically installed horizontally above the ground, although it may also be installed as an Inverted V or as a Sloper. 


A wire antenna is easy to adjust for resonance and often reasonably straightforward to suspend in the air using 
existing structures, buildings, trees or simple wooden posts. 


Home brewing a vertical antenna might present slightly more difficult mechanical and engineering challenges to 
produce a stable and, perhaps, visually acceptable device. 

Standard Wire Dipole 

In my own circumstances | could probably fit in a couple of dipoles up to about 15 metres (45 feet) in length. For a 
straight dipole, such a short length would preclude 160m, 80m and even 40m. So dipoles that could fit in a fairly 
small space would give two of the bands between 30m and 10m. 

Loaded Dipole 

Loading a dipole with a centre or end inductor on each arm would maintain its electrical length while reducing the 
antenna's physical length. This would allow the antenna to be resonant on the required band and enable the longer 
wavelength bands to be used even though efficiency will be less than a full size, un loaded, dipole. 

A loaded dipole will be relatively easy to construct, the most time consuming part being the winding of the inductor 


coils and their subsequent adjustment to obtain the desired physical length at the correct resonance. An antenna 
analyzer is a very useful piece of test equipment for speeding up these adjustments. 


Trapped Dipole 
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The use of traps can effectively split the antenna into two or more resonant sections. Using one trap on each arm of 
a dipole will transform a single band dipole into a dual band dipole. Using two traps on each arm will enable the 
dipole to be resonant on three bands. A four band trapped dipole would use three traps etc. Traps also shorten the 
overall physical length of the dipole which might be seen as an advantage, however traps tend to be lossy and short 
antennas obviously do not radiate as efficiently as their full size counterparts. Once again the compromise for 
covering more bands, and in less space is effective radiated power loss. 


Traps can be quite tricky to home brew, though it is entirely possible. As an alternative traps can be purchased pre- 
made from some amateur radio suppliers such as Spectrum Communications. The other time consuming part of 
d.i.y. construction a trapped dipole will be adjusting the antenna wires so that the aerial is at resonance on each 
band. Again an antenna analyzer is a very useful piece of test equipment for speeding up these adjustments. 


Fan or Parallel Dipole 


An alternative to using traps is to use the fan dipole (parallel dipole) method. This essentially connects two or more 
full size dipoles together at the centre feeder point. For example, whereas a single band dipole would have one pair 
of 'arms' a four band fan dipole will have four pairs of 'arms' arranged in a fan like pattern. The fan dipole will be very 
straightforward to physically construct although it will be quite tricky to get each dipole to the correct resonance for 
each band since each arm will interact with its close neighbour. Again an antenna analyzer is a very useful piece of 
test equipment for speeding up these adjustments. 


The Fan / Parallel dipole should be a very efficient and effective radiator since all the dipole elements are full size, 
however its bandwidth on each band might be be narrower than a trapped dipole, though it should be less lossy. 


Most designs of Fan / Parallel Dipole (even commercial ones) seem to opt for coaxial feeder. Personally | don't think 
that this is a good idea. | would use twin feeder to feed this type of design (probably 72 ohm twin or similar) for three 
reasons. 


1. Twin feeder is far and away less lossy than coax, so when an antenna has reduced bandwidth and one is forced 
to operate with a higher vswr than might be considered ideal, the subsequent feeder losses in coax will be very high 
indeed compared to to losses in twin feeder which will be much lower. 

2. A dipole is a balanced antenna, and coaxial cable is an un-balanced feeder - not a good match... 

3. Using un balanced coax with a balanced antenna would customarily demand the use of a balun at the centre of 
the dipole which is another point that could induce power loss. 


For all those three reasons twin feeder seems to be the better, more efficient option. 


Combination of Trap, Inductive Loading and Fan arrangement 

There is no reason why a combination of a techniques might not be employed to produce a multi band dipole. Just 
as one example, a fan dipole with two pairs of arms could be made to cover four bands by using a pair of 7.1MHz 
traps in one pair of arms to create a 80m / 40m dipole and load the end of the dipole with an inductor to shorten its 
physical length. A second trapped dipole could be added to cover 20m and 10m using a 28MHz thereby making a 
fan dipole with two pairs of ‘arms’. 

Loop / Delta Loop 

A loop antenna is remarkably easy to make and install and in my experience very easy to match using a good ATU. 
A relatively small loop made up of an 17 or 18 meter length of thin wire is light weight and should be visually 


inconspicuous and will work from the 30 metre to the 10 or even 6 metre band. A neat multi band solution that could 
be put up and taken down, as required, reasonably quickly. 


Commercially Manufactured Options: Just a few designs that may be attractive for use on a small plot. 


Wire Dipoles: 
Interesting parallel dipole with end loading: 


Alpha Delta Model DX-EE Parallel Dipole (40-20-15-10) - A Fan Dipole only 12 metres long. Reasonable design, 
though fed with coax. (I'd build one and use twin feeder. ) 


Similar design from Alpha Delta, but too big for my plot: 
Alpha Delta Model DX-CC Parallel Dipole (80-40-20-15-10) - Fan Dipole design, 25 metres long. 


Some interesting trap dipole designs: 
Diamond W8010 - Trapped Fan Dipole for 80m, 40m, 20m, 15m and 10m only 19.2 metres long. 
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Comet CWA-1000 - Trapped Fan Dipole for 80m, 40m, 20m, 15m and 10m Similar to Diamond W8010 19.8 m long. 


[ Thinking out-loud: Could take the 80m segments and 7MHz traps off the ends of both the W8010 or CWA-1000 to 
produce a shorter antenna covering 40m, 20m, 15m and 10m that would only be about 13.6 metres long? ] 


KZJ - Restricted Space Inductive Dipole (trapped?) Straight - For 80m, 40m, 20m and 10m only 16.5 metres long. 
KZJ - Restricted Space Inductive Dipole (trapped?) Straight - For 160m 80m, 40m, 20m and 10m 22.3 metres long. 


Top quality designs: 

Spectrum Communications 80m + 40m Dipole fed with twin feeder and will cover other bands up to 10 meters. 
Spectrum Communications 40m + 20m Dipole fed with twin feeder and will cover other bands up to 10 meters. 
Spectrum Communications 80m + 40m Inverted L. Will cover other bands up to 10 meters. 


Verticals: 


Usually very short when compared to the wavelength being used so power loss may well be very high. Might be 
useful in very restricted spaces where nothing else really will fit in. A vertical antenna can provide better low angle 
radiation which can provide better long distance DX. 


G Whip G Pro wide band whip antenna - perfect resonance on the 40m band and 80m to 10m with 'A.T.U.' 
Sandpiper V10 and derivatives. Depending on bands covered, between 4.2 m and 6 metres tall. 
Sandpiper MV10 and derivatives. Depending on bands covered, between 2.5 m and 4.2 metres tall. 
Butternut HF9-V covers 80m, 40m, 30m, 20m, 17m, 15m, 12m and 10m. - 7.9 metres tall 

Diamond CP6 covers 80m, 40m, 20m, 15m, 10m and 6m. - 4.6 metres tall. 

Diamond CP5-H covers 40m, 20m, 15m, 10m and 6m. - amere 3.6 metres tall. 

Comet / Maldol HVU-8 80m, 40m, 20m, 15m, 10m, 6m, 2m, 7Ocms. - tiny at only 2.6 metres tall. 

GAP Eagle DX 40m, 20m, 17m, 15m, 12m, 10m. - 6.4 metres tall. 


Antennas 1 | Antennas 2 | Antennas 3 | Antennas 5 | Antennas 6 | Antennas 7 


CG Whip 


_ Antenna 


Products 
G-Whip Antenna Products 
Geoff G4ICD offers a multitude of high quality solutions for portable, mobile and permenant base installations 
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My Home Page MOMTJ | Operating Conditions | Antennas / Aerials | /P Portable Operating | Accessories | Projects & Kits | 
Useful Information 


Amateur Contact MØMTJ | Contact MOORS | Links to Amateur Radio Sites | RSGB | QSL | The Amateur Radio 
Radio Mini Site Ma 

Operating News, Developments, Events, Photographs and other 'Bits 'n' Bobs' | WSPR Weak Signal Propagation Reporter 

Conditions 


Antennas 


AERIALS (ANTENNAS) 5 


Accessories Antennas 1 | Antennas 2 | Antennas 3 | Antennas 4 | Antennas 6 | Antennas 7 


Projects Index To Other Antenna Pages: 

& Kits Antennas 1 : Aerials used by MOMTJ 
Data Modes Antennas 2 : Including ideas for compact antennas for Top Band /160 metres 

Antennas 3 : Felix Scerri VK4FUQ discusses Loop Antennas, baluns, masts & other antenna related topics 

7 Antennas 4 : Many antenna ideas from various sources particularly for multi-band operation & also gives information 
Information about 
antenna trimming, knots for wire antennas and useful antenna rigging accessory ideas. 
Portable Antennas 5 : Half Wave End Fed antennas for 144 MHz VHF / 430 MHz UHF and 50 MHz 6 Metre band & J-Pole 


Aerials 
SL Antennas 6 : Simple and effective H.F. Antenna ideas - Ground Plane and All Band Doublet 
Q Antennas 7 : Omni-Directional - Circularly (Mixed) Polarized Antenna for VHF / 2 Meters. 


cke: HAY: The VK2ZOI "Flowerpot Antenna" - A physically end fed Half Wave "Coaxial Dipole" for 2 metres and 70 
centimetres 
Links 


QRM 
Bits 'n' Bobs 
Contact 


For 2m and 70cm FM | use a mounted on a lightweight aluminium telescopic pole on the apex of the hose. The base 
of the antenna (the bottom of its radiating element) is approximately 11 metres above ground level. This antenna is 
based on the Controlled Feeder Radiation principle (CFR) and is described by VK2ZOI on his website. Also known 
as a "Coaxial Dipole". My version is described below. 


Also seen in the photograph are the ropes that support the H.F. wire aerials. 


WSPR 
Weak Signal 
Propagation 

Reporter 


PORTABLE 
Site Map 
MDS975 Home 
Feedback 


PLT QRM 
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Home brew dual band vertical antenna for 2 metres and 70 cms 
(Coaxial Dipole / Controlled Feeder Radiation Antenna / 'Flowerpot Antenna’) 


VK2ZOlI has produced some extremely interesting and potentially very useful dipole antenna designs. The designs 
could form the basis for a great home-brew antenna project since it is physically end fed and can also be made into 
a dual band aerial for 2 metres and 70 centimetres, so forming the basis of a viable alternative to buying an 
expensive commercially manufactured ‘white stick' antenna. 


The final dual band version works very well and can form the basis of a viable alternative to commercially made 
‘white stick’ antennas, because there's nothing better than using your own home-brew antenna! 


Physically, the feeder cable enters the antenna at the bottom end, so it looks like an end fed aerial. VK3TWO / 
VK6TWO describes it as a "Coaxial Dipole". ‘Electrically’ it is a simple dipole. The RF is travelling ‘inside’ the bottom 
‘element’ and doesn't 'feed' the antenna until where the coax is cut - in the centre of the antenna, as shown in the 
diagram below. Where the outer braid is cut (electrically the centre feed point), the RF then radiates like a simple 
dipole, via the top radiator (coax core), and via the outside of the coax - the bottom half of the dipole. The top 
radiator is thinner than the lower radiator (hence why the lower radiator is slightly shorter than the upper radiator). 
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The coiling of the coax is simply forming an RF choke (high impedance point), to stop the RF continuing down the 
outside of the braid, thus electrically it 'appears' to be the end of the radiating element. 


| 
¡+ UPVC conduit cap 


Top of radiator element N\ <— Fishing line 
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235 mm @— Sleeve on outside of conduit 


324 mm 


| Intact length of coax 


Top of coil Pa 
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http://vk2zoi.com/articles/half-wave-flower-pot/ 


| purchased a 3 metre length of 25mm diameter conduit from B&Q, our local DIY centre and ordered some 25mm 
end caps and heatshrink from ebay. | already had some good quality RG58 for the feeder and main 2 metre 
radiating element and some aluminium foil for the 70cm sleeve dipole. 


First of all | cut the RG58 cable to form the 2m radiating section and choke coil. Because the UK's 2m allocation of 
144 to 146 MHz is narrower than the 144 to 148 MHz available in Australia, | varied slightly from the design shown. 
The centre of the UK's 2m band is about 1% longer in wavelength, so | decided to make both the top and bottom 
measurements 1% longer. 


| therefore stripped 460 mm of the outer sheath and braid from the cable to form the top 1/4 wave element of the 
dipole. | then measured down 450 mm and marked the point where the lower 1/4 wave element would finish and the 
choke coil would start. 


Next | attached a thin nylon cord to the top of the top radiator, the coax inner. 


| then cut the 3 meter length of 25 mm conduit down to about 2.3 metres and drilled a hole where the coil would 
start, wound 9 turns of RG58 cable from that hole and marked the position of the lower hole. | then removed the 
coaxial cable and drilled the second, lower, hole. 


| then pushed the radiating section of RG58 into the top hole and fed it up towards the top of the tube, stopping 
when the marker tape reached the hole. | then wound the coil and pushed the remainder of the RG58 through to 
lower hole and fitted a PL259 plug on the end. 


| pulled the top of the radiator wire tight using the nylon cord and pushed the end cap on. The antenna was then 
ready to be tested on the 2 metre band. | found that the resonant frequency was rather too high, just above 146 
MHz, so | pushed an additional 10 mm of coaxial cable into the upper section of the tube - therefore making the 
lower 1/4 wave section of the dipole 460 mm long - the same as the top section. | tightened up the choke coil 
winding again and performed another test. 


This time the resonant point was just over 145.000 MHz - near enough the centre if the UK's 2 metre band. That 
was perfect, so the 70 cm sleeve element was then added - this is a 235 mm long tube of kitchen foil positioned 
exactly at the centre (feed) point of the 2 meter dipole within the tube. 


The SWR was tested and found to be acceptable across both the 2m and 70cm bands. 
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| then fitted the end cap, applied the heatshrink to the coil and to the aluminium foil sleeve. | noticed that when the 
antenna tube was moved around the cable inside rattled around making a noise that may be rather annoying to 
anyone near its final location. 


To help hold prevent the cable from rattling | pushed up 4 or 5 small pieces of foam material up the tube from the 
bottom to rest at various positions along its length. With these pieces in place the cable was certainly silenced, 
however it may have had a deleterious effect on the SWR. 


With the antenna now in its finished physical state | naturally checked the SWR again to compare against the 
performance in its semi-complete state. | was pleased to find that the SWR was still fine across the 2m band, in fact 
the SWR was a little lower. However the SWR at the edges of the 70cm band was considerably higher - 1.8 at 440 
MHz and about 2.2 at 430 MHz. 


| conjectured that the heatshrink covering the foil sleeve dipole may have caused the change in response so | 
removed it, but the SWR was little different and the bandwidth on 70cm was now disappointingly narrower than 
expected and hoped for. 


Although | cannot say for certain, because they cannot now be easily removed, but it may be possible that the 
pieces of foam may be the culprits for the difference. 


While the bandwidth could not be improved, | decided to move the centre point of resonance down a little by 
increasing the length of the sleeve element from 235 mm to 245 mm. With that adjustment the SWR was now 
approximately 1.6 at 430 MHz but rising to 2.0 at 440 MHz. (Unfortunately | forgot to note the exact figures down in 
all cases). 


When the antenna was connected to the 20 meter length of Westflex-103 back to the shack, the SWR reading were 
as follows: 


2 Metres - SWR 70cms - SWR 


The SWR readings in the shack for 2 meters are lower than at the feed point, which is presumably due the losses in 
the feeder. The SWR readings for 70 cms look rather erratic, with a strange peak at 435 MHz, while the 430 MHz 
figure is lower than at the feed point of the antenna, and the 439 and 440 MHz figures are disappointingly higher 
than hoped for. The peculiar readings are likely due to feeder effects. 


However the SWR at 433.4, in the FM simplex portion of the band, is very low. 


The completed antenna was mounted to the aluminium mast by utilising brackets of the Watson W50 antenna. The 
brackets had to be reversed so that the narrower diameter of the 25mm tube could be held in place by the V Bolt, 
while the circular section that previously fitted over the base of the W50 now slid over the mast, which was 
coincidentally a similar diameter. 


| made a small addition to the design in the form of a second small 150mm length of of the 25 mm conduit glued to a 
coupler section. This is slid into place at the bottom of the antenna to provide additional weather protection to the 
joint between the W-103 feeder and the RG58 of the antenna - which itself is covered in self amalgamating tape. 


Shown in the table below are some signal comparisons with the Watson W-50 antenna; both were mounted on the 
same mast in the same position and at a height of approximately 7 metres above ground level. Becuase the S-Meter 
of the transceiver is not calibrated in absolute values, the figres are for relative comparison only - also bear in mind 
that a typical S Point represents 6dB - therefore the accuracy of these readings will be coarse and might be 
considered to be +/- 3dB - that's a rather wide variation. 


Despite the relative crudeness of these comparisons, the results do seem to indiacte that the VK2ZOI antenna is 
marginally or slightly better than the W-50 on 2 metres and marginally worse on 70cms. | am quite pleased with this 
result and beleive that this antenna really could replace the need to buy an expensive commercially manufactured 
antenna. 
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My only concern with this type of antenna is that there is no path to ground from the top element, as there would be 


with a folded dipole or a J-Pole type antenna. This may be a cause for concern as far as static build up is 


concerned. 


Please see the photographs below for a visual explanation of this project. Mike, MOMTJ. 05/03/2013 


MOMT] 


2 Metres 
Station A 
Station B 
Station C 
Station D 
Station E 
Station F 
Station G 
Station H 
Station | 
70 cms 
Station J 
Station K 
Station L 
Station M 
Station N 
Station O 
Station P 


Signal comparisons 


Watson W-50 


S7 
S5 
S4 
S9 
S6 
SO 
S2 
S2 
S6 


SO 
S5 
S5 
SO 
S9 
S6 
S7 


E E 


First stage of construction of the 2m / 70cm dual band antenna 
Cutting the 25mm diameter conduit to the desired length and drilling 


"Flowerpot Antenna" 


S9 
S6 
S4 
S9 
S6 
S1 
S2 
S3 
S6 


S1 
S5 
S4 
SO 
S9 
S6 
S6 


the two holes allowing the coil to be wound. MOMTJ 
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Heatshrink applied to the centre of the dipole section and red insulation | 

tape added to mark the bottom of the dipole where the coil starts. M@MTJ 


Thin nylon cord 
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The line isolator choke is formed by winding 9 turns of the RG58 
coaxial cable around the 25mm diameter conduit tubing. MOMTJ 


MOMT] 


The thin cord that holds the 1/4 wave radiator in place is located in the 
notch and will be trapped in place when the end cap is fitted. MOMTJ 
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After testing, the coil was covered in EASRA to TE water entering the plastic tube. 


The foil sleeve dipole for 7Ocms is covered in heatshrink. 
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Oops. Lesson learned. When applying heat to the heatshrink | held the tube above the ground and the plastic of the 
tube started to go soft and bend out of shape. The buckle in the tube can be seen in this photograph. 
Lesson: When applying heat, keep the tube flat on the ground or work bench and roll the tube along as the 
heatshrink shrinks into place ensuring that the tube does not distort or bend. 


25 mm end cap sealed in place by heatshrink. 
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Completed antenna 


LEAR ol 
/ 
"l i 
The completed antenna in place, mounted at the top of my aluminium push-up mast. The fixings used are the 
brackets from the Watson W-50 antenna which have been reversed so that the smaller diameter PVC tube 


is held in place by the V Bolts. 


Bracket re-used from Watson antenna 
N.B. position reversed to fit conduit tubing 


Short additional length of conduit tube 
pushed on to main antenna tube with joiner 
to protect PL259 coaxial connectors 


Aluminium mast 
Westflex 103 coax i 


Photograph detailing the the fixings. The brackets are brackets are from the Watson W-50 antenna which 
have been reversed so that the smaller diameter PVC tube is held in place by the V Bolts. 


For further detailed information and reading, please visit the excellent website of John Bishop VK2ZOI here: 
http://vk2zoi.com/articles/half-wave-flower-pot/ 
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6 Metre Half Wave Coaxial Dipole - An end fed CFR Dipole antenna supported by a 3 metre long fibreglass 
fishing pole for 50 MHz 


In 2014 | decided to remove the 4 Metre J-Pole antenna from my push-up mast due to the fact that the band is 
relatively quiet and that | only have the 5 watt Wouxon handheld transceiver for 70 MHz. 


| decided that having a good, full size antenna, for the 6 Metre band would be more useful and potentially more 
rewarding since it can be used with a 100watt HF radio that covers 50 MHz. 


The choice of antenna was an easy one. With the great success of the "flowerpot antenna", | decided to build a 
version for 6 Metres. 


Similar designs of Coaxial Dipole antennas had also been featured in recent editions of the RSGB publication 
RadCom during 2012 and 2013. The antennas in RadCom are described as Controlled Feeder Radiation (C.F.R.) 
Dipole antennas - the tuned choke at the feed-point controlling, or choking off, the common mode current that would 
otherwise flow down the outside of the coaxial feeder cable causing E.M.C. issues on transmit, high S.W.R. reduced 
efficiency and noise on receive. See references below 


The advantage of this design is that it can be physically end fed, so there is no feeder cable to route away from the 
centre of the dipole. Electrically, however, the feed point is at the centre of this dipole aerial, as explained earlier. 


Rather than fit the antenna inside a PVC pipe, as with the previous dual band 2m / 70cm antenna described above, | 
decided to use a lighter weight and less conspicuous 3 metre long fibreglass fishing pole as the support. The 
completed radiating element simply being taped to the fishing pole. 


| cut a length of MIL spec RG58 cable, about 4.5 metres long, to form the bottom half of the radiating section and 
the choke coil, leaving enough to form a short length (about 30 cm) of cable below the choke coil on to which is 
soldered a PL259 plug. 


The choke consists of 15 turns of the RG58 coaxial cable wound on a 50mm diameter plastic former cut from the 
empty tube of a cartridge gun that previously contained silicone sealant - allowing a 30cm tail on to which the PL259 
plug is fixed on one side and and about 1.31 metre length on the other side that will form part of the radiating 
element. 


The half wave radiator therefore consists of a quarter wave bottom section of the RG58 cable and a quarter wave 
top section consisting of a length of multi-strand (single conductor) P.V.C. covered antenna wire. 


A quarter wavelength at the mid point of the 6 Metre band is: 300 + 51 MHz = 5.88 metres + 4 = 1.47 metres 


Due to velocity factor the actual length of the quarter wave sections will be shorter. With the materials that | used, | 
found that a factor of about 87% was about right, the 1/4 wave length being 1.29 metres. 


The top tip of the bottom 1/4 wave section of the coaxial cable is stripped of about 2 cm of outer sheath and braid 
leaving the length of braided section, measured from where it exits the coil, 129 cm long. The inner conductor is 
then stripped of 1cm of insulation. This is effectively the centre point of the dipole. To this point is soldered the 129 
cm length of the P.V.C. covered aerial wire to form the top half of the antenna. In practice, use a slightly longer 
length of wire, and then fold over the excess to for the 129 cm length - this can then be used to adjust for lowest 
SWR at 51 MHz. 


The length of the radiating section was therefore about 260 centimetres, plus about 13 centimeters for the coil 
former giving a total length of 273 cm. This allows about 27 cm of the bottom section of a 3 metre fishing pole to be 
used to fix to a Supporting pole or mount - e.g. to the top of an aluminium mast. 


Drill four small holes in the choke former so that when the fishing pole is placed through the centre of the former it 
can be fixed to the pole using two cable ties. 


The radiating section (coax and PVC covered wire) is fixed to the top section of the fishing pole with good quality 
insulating tape. 


The aerial can now be temporarily fixed to the mounting pole using suitable brackets - taking care not to crush the 
delicate fibreglass! Connect the PL259 plug to the antenna feeder cable using an SO239 back-to-back coupler and 
test the SWR with an antenna analyzer or SWR bridge. The lowest SWR should be centred on 51MHz and be low - 
less than 1.5. My reading was 1.2. 


If the point of lowest SWR is significantly away from 51 MHz and/or the SWR at the band edges is too high (i.e. over 
2) then length of the radiator will need to be adjusted. If the point is too low in frequency, the antenna is too long and 
will need to be shortened. If the point is too high in frequency, the antenna is too short and will need to be 
lengthened. 

Adjustment can be achieved by pulling the coax through the coil to make it longer, or pushing the coaxial cable back 
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into the coil to make it shorter. Also ensure that the coil winding are adjusted to that they remain tight and neat. The 
top PVC covered wire section will also need to be lengthened or shortened accordingly by adjusting the folded over 
section. 


Note that in practice, to obtain the very lowest SWR, the top PVC covered wire section may need to be slightly 
longer by perhaps 1 or 2 centimetres. This is probably due to the fact that the velocity factor of the PVC covered 
antenna wire is a little greater than the coaxial cable. 


Once the antenna is adjusted correctly, ensure that the wires are securely taped to the fishing pole. Connect the 
permanent antenna feeder to the aerial using the SO239 coupler and weatherproof the joint thoroughly using self 
amalgamating tape. Use the very best quality coaxial cable possible to ensure lowest loss. | use Westflex 103, but 
consider MIL Spec RG8 or RG213 as the minimum standard. 


50 MHz Coaxial Dipole / Controlled Feeder Radiation Antenna / 'Flowerpot Antenna’ 
A physically end fed fed half wave dipole antenna for 6 Metres 
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Choke Coil - 15 turns of the RG58 coaxial cable on a 50mm diameter former 


VHF Band Il Broadcast Band antenna for 88 to 108MHz - 
Physically end fed, Coaxial Dipole / Controlled Feeder Radiation Antenna (CFR Dipole) for VHF broadcasts 


| used a 2 metre long length of 25mm white plastic pipe, strengthened with with a 2 metre length of 21.5mm 
overflow pipe pushed up the inside. 


The radiating element is made from good quality 75 Ohm coaxial cable. Since VHF/FM broadcast tuners are 
designed to be fed with 75 Ohm coaxial cable, use high quality, low loss double shielded satellite grade coaxial 
cable for the feed between the aerial and the radio tuner. Use satellite F type connectors and joiners for lowest loss. 


The top half of the radiating section is 670mm of the centre conductor (or a length of multi-strand PVC covered 
wire). The bottom half of the dipole is 650mm of the complete coaxial cable - choked off at the bottom by the coil 
section. The top part is held in place by a a short length of thin nylon cord, trapped in place by the top PVC cap. 
The cap itself is sealed on the outside by some self amalgamating tape. 


The choke coil is 22 turns of the 75 Ohm coax wound around the 25mm pipe. Tightly spacing the windings of the coil 
will minimize the bandwidth covered but provide the lowest SWR at the centre point. A looser winding of the coil will 
widen the bandwidth covered, but lowest SWR achived will be a little higher. 


Once the tuning of the radiating elements, coil winding and band coverage has been checked with an Antenna 
Analyzer, the coil section should be covered with heat shrink, taking great care not to overheat and deform the 
plastic pipe. 


The actual final dimensions (as shown below) may well need some adjustment in length due to differences in cable 
and type of pipe used. However, with the dimensions shown, | achieved a minimum SWR of 1.3 at 97.4 MHz. The 
band edges at 88MHz and 108MHz were at an SWR of around 3.8 to 4.0 - which is probably OK for broadcast band 
reception. The frequency of lowest SWR can can be changed, if desired, by changing the lengths of the radiating 
sections - slightly longer for a lower frequency and slightly shorter for a higher frequency. 
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Coaxial Dipole for the 88 to 108 MHz Band II Broadcast Band 
An effective, cheap and simple vertical antenna that is fed at its base 


RSGB RadCom Articles: 

The Controlled Feeder Radiation Dipole. Peter Dodd. RadCom, September 2012, page 22. 

More On The CFR Dipole and Coax Chokes. Peter Dodd. RadCom, October 2012, page 54. 

VHF CFR Dipoles and More on Common Modes Chokes. Peter Dodd. RadCom, January 2013, page 24. 


The HAK Chokes Coaxial Dipole. Encouraging results from 2m to 20m. Peter Grant. RadCom, April 2013, page 22. 


Join the RSGB to receive your monthly RadCom magazine: http://rsgb.org/main/publications-archives/radcom/ 


VK3TWO / VK6TWO Comments: 


Many years ago when I was working for a Service Centre, by accident we broke a commercial white stick antenna 
whilst using it for a task it wasn't intended for. | found that inside the fairly expensive commercial antenna the basis 
for the design was very similar to the coaxial dipole (as | call them). 


Our local repeater club calls them "pogo sticks", which | can only assume is due to the coax coil resembling the 
spring of a pogo stick. This design had RG213 being fed inside an aluminium tube (the bottom radiator), and the 
outer braid was then terminated to this. The inner of the coax, then terminated to an identical aluminium tube which 
was of course the top radiator. Where this design largely differs, is that there was also a 1/4 wave stub of coax 
running parrallel with the bottom radiator (note that this was for single band operation, not dual band). The whole lot 
then slid inside the typical white tapered fibreglass housing. | didn't cut open the bottom mounting section to see 
how it was choking the RF, but | assume it had a handful of ferrites inside the metal base (an alternative way of 
making the RF choke). 


The repeater group has built probably hundreds of these and sells them for $40 at local hamfests. We had a 'Jig' 
made so that all of the measurements were 'pre-marked' etc, and allowed us to mass manufacture them. Last year, 
we had planned the typical 'working bee' to make about 30 of them, but this time we had a very expensive Anritsu 
Sitemaster at our disposal. We discovered that the whilst the design we'd used for decades had a good SWR, it 
actually was far from optimal. With a heap of 'trial and error’ (and with excellent visibility of what was really going on 
via the Anritsu - not just SWR) we were able to fine tune the design. 
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From memory, we actually needed more turns of the coax than we had been using (10.5 turns from memory), and 
our cutting measurements altered slightly. As to be expected, the number of turns was largely dependent on the size 
of the conduit being used, even changing from 25mm to 30mm etc. 


We took several screenshots of the final SWR plots etc. These showed that the bandwidth of this antenna as VERY 
wide from an SWR point of view. I'll see if | can dig some of them up for you if you'd like. 


73, Heath, VK3TWO / VK6TWO 
MEngSc, GDipCompSc, DipEE 
www.spooktech.net 


http://www.warg.org.au - The West Australian Repeater Group Inc (WARG) is the largest amateur radio club in 
Western Australia (VK6). 


D.I.Y. J-Pole Antennas - A really simple, quick and very cheap ‘home brew’ project J-Pole 
Antennas 


J-Pole antennas for 2 meters, 4 metres, 6 metres and 10 metres : 


While experimenting with antennas in the garden in the summer of 2012 | thought that it would be good to have a 
hand-held radio in the shed to do some monitoring and make a few contacts. To improve upon the performance of 
the 'rubber duck’ antenna | quickly made a J-Pole antenna for the 2 metre band. 


It is made from a 47cm length of 450 ohm Wireman ladder line as the 1/4 wave matching section, plus a 97cm 
length of stranded wire as the 1/2 wave radiator. It is fed with 3 metres of Mil spec RG58 c/u coaxial cable that is 
soldered to the 1/4 wave matching section's impedance matching point at 3.5 cm from the bottom. The coax feeder 
is wound around some PVC tube to form a choke. The completed antenna is taped to a 2.2 metre long fibreglass 
fishing pole that | purchased from Poundland (for £1.00). It took about 20 minutes to make followed by some testing 
and adjustment with the antenna analyser. The fishing pole is lashed to the shed with some cable ties. 


This simple antenna works pretty well, but being so low down signal strengths are not huge, but it's pleasing to get 
on the air with something so simple and cheap! 
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The Shed Antenna - a 2m J-Pole by MOMTJ 
Note the simple choke balun at its base made by winding 8 turns 
of the coaxial cable around a small off cut of white PVC water pipe. 
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The feed point of a J-Pole antenna made from Wireman 450 ohm ladder line. 

For the 145 MHz antenna this feed point is 3.5 cm from the bottom of the ladder line section which 
is on the right hand side in this photograph. The coaxial cable used in this case was Mil spec 
RG58 c/u. But any good quality, low loss 50 ohm coaxial cable could be used. The wire 
radiator section is connected to the same conductor of the ladder line as the coaxial cable's 
centre conductor. For my antenna, fixed to a fibreglass fishing pole, the radiator wire was 
97cm in length. 


Top of 1/4 wave matching section 


Wire radiator section 


450 ohm ladder line’ 


Soldered joint MOMT] 
Photograph showing the point where the PVC covered wire that forms the half wave radiator section 
is soldered onto the top of the 450 ohm ladder line that forms the quarter wave matching section. 


Inspired by DK7ZB. The J-Pole is a very effective antenna and being made of wire it is very light weight making it 
quite easy to fix in different positions. If you have problems installing a permanent antenna then making a wire 
antenna that can be easily supported on a lightweight push up telescopic fishing pole can make an ideal alternative. 


The formulas to make a J-Pole antenna from 450 Ohm Wireman ladder line in this way are: 


Length of 1/4 wave impedance matching section (450 ohm ladder line) Wavelength x 0.223 

Length of 1/2 wave radiator (any reasonably strong PVC covered stranded wire) Wavelength x 0.471 

The point at which the coax is connected to the 450 ohm ladder line will be about 5 to 10% of the length of the 
ladder line section up from the bottom. 


The wavelength at mid point of the 2 metre band (145.00 MHz) is found by the quick calculation 300 + 145 = 2.068 
metres 


So, to make a practical antenna: 


The 1/4 wave section of 450 ladder line will be 2.07 x 0.223 = 0.47 metres long 

The 1/2 wave wire radiator will be worked out as 2.07 x .471 = 0.975 metres long 

The connecting point of the coax will be about 3.5 cm from the bottom of the 1/4 wave section. The optimal point 
may have to be found by some experimentation - as will the best length for the wire radiator. 


The length of the wire radiator will be affected by surroundings. For example | fixed the wire to a fishing pole. The 
proximity of the fishing pole has the effect of electrically lengthening the wire; so using a 97.5cm length of wire fixed 
to a pole | found that it resonated (as expected) at a lower frequency, it therefore had to be shortened until the point 
of resonance (indicated by lowest SWR) was around 145.00 MHz. This should be done in the antenna's expected 
final position since the J-Pole is quite sensitive to its surroundings, so if these checks are done near the ground, 
once it is raised into its final position the SWR will have changed and the adjustments will have to be done again. 


| found that 3.5 cm was good for the 2 metre band antenna, but for the 10 metre band version of the antenna a little 
more experimentation was required: 


The VSWR reading may not be especially low, even though the point of resonance for the wire radiator may have 
been found. For the 10 metre band antenna at this this stage was about 1.7 indicating that the connection point of 
the coaxial cable to the 450 ladder line needs to be adjusted. The ladder line is used as an impedance transformer, 
transforming the very high impedance (hundreds of ohms) of the half wave wire radiator down to the 50 ohms 
required by the transceiver and the coaxial feeder cable. This connection point therefore affects the impedance of 
the antenna, the higher up the matching section it is the higher the impedance will be, and visa versa. 
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Once the length of the wire radiator has been set, the connection point can be moved up and down the ladder line 
until lowest SWR is achieved. A few centimetres of the PVC insulation has to be carefully scraped away from the 
copper conductor on each side of the ladder line using a craft knife. The inner conductor of the coaxial cable is 
quickly tack soldered on the side that is connected to the 1/2 wave wire radiator. The coaxial cable's braid is quickly 
tack soldered to the opposite side of the ladder line at this point, ensuring that both points are equal distance from 
the bottom. At this point temporary croc clips could be used, but | preferred a quick solder joint. 


With radiator trimmed for resonance, the connection point of the coaxial cable can then be moved up or down the 
ladder line little by little; un-soldering and re-soldering the coax to the ladder line until a lowest possible SWR is 
achieved, indicating that the antenna is near the ideal 50 ohm impedance. 


Once the ideal point is found the coaxial cable can be properly and permanently soldered to the ladder line. 


MF HF/VHF SWR ANALYZER 
Soa MODEL MFJ-259B 


Each J-Pole took about 20 minutes to physically make out of the wire components. However the testing and 
adjusting took a bit more time. | used an antenna analyser which saved having to key the mike every time when 
using a basic VSWR bridge and causing unnecessary QRM, but even so, hoisting the fishing pole up and down 
numerous times took a little more time: 


10 Meter J-Pole. For the 10 metre band J-Pole antenna this took perhaps another 20 or 30 minutes until | was 
satisfied with the adjustments. It may take a little longer if using an SWR meter. 


6 Meter J-Pole. For the 6 metre band antenna the radiator wire had to be trimmed a little and the feed point 
adjusted to 6 cm, taking about 10 additional minutes to complete. 


4 Metre J-Pole. For the 4 metre band, centred on 70.37 MHz 
2 Meter J-Pole. For the 2 metre band antenna the wire radiator took a couple of attempts to get it to the correct 
length when attached to a fishing pole, but the feed point was spot on first time at 3.0 cm, again taking about 10 


additional minutes to complete. 


Here are some suggested dimensions for the 2 metre, 6 metre and 10 metre band versions, when supported by a 
fibreglass fishing pole: 


Wire J-Pole Antennas 1/2 Wave Radiator 1/4 Wave Section Feed Point 
| 2 Metre Band Antenna | 0.975 m | 0.47 m | 3.0 cm | 
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N.B. The 1/2 wave wire radiator section will be shorter than calculated when fixed to a fibreglass pole or other 


object. 


To re-cap, the 1/2 wave section should be adjusted for resonance and the feed point position adjusted for minimum 


VSWR. 


sealing and waterproofing. Once the antenna is complete and has been checked and tested all the bare joints 
should be sealed against the weather with liquid electrical tape and self amalgamating tape. The coax should also 
be secured against the ladder line with a nylon cable tie as a strain relief to prevent the soldered feed point joints 


from breaking. 


These J-Pole Antennas were inspired by DK7ZB - http://www.qsl.net/dk7zb/J_Pole/wiremanjpole.htm 
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SYSTEM OF METHODS AND APPARATI FOR 
HANDLING AND MODIFYING 
INFORMATION ENERGY AND MATTER BY 
FORMATIVE RESONANCE 


BACKGROUND OF THE INVENTION 


[0001] This invention relates to an improvement in meth- 
ods of handling and processing information, energy and 
matter. It was developed initially to make use of poten- 
tials of new technologies, science and industrial art to 
problems of non-chemical purification, with little or no 
chemicals added beyond water, of pre-combustion 
inputs and post-combustion outputs in thermoelectric 
power generation. The invention extends their applica- 
tion to new, nonobvious and useful systems of methods 
and apparati for the production, transformation and dis- 
tribution of matter, energy and information. 


PRIOR ART 


[0002] With respect to the system of methods and apparati 
which is the subject of this application, and embodiments 
therefor, the work of the following, their predecessors and 
experimentally, clinically or epistemologically near neigh- 
bours, form the principal precedent contributions drawn on 
by this writer: Viktor Schauberger (Austria), Theodor Sch- 
wenk (Germany), Hans Jenny (Switzerland), Lawrence 
Edwards (England), Shafica Karagulla (Canada, United 
States), Marcel Vogel (United States), Fritz-Albert Popp 
(Germany), Thomas E. Bearden (United States), Ernst von 
Bezold (Canada) and William A. Tiller (Canada, United 
States). The following discussion outlines those contributions 
applicable to this work as understood by this writer and builds 
on them to show their relationship to novel, nonobvious and 
useful aspects of the invention here disclosed. 

[0003] Viktor Schauberger was an Austrian forester and 
technologist whose works are now also widely available in 
English (1). He observed that when a current in a flowing 
stream winds centripetally and then centrifugally with an 
opposite sense of spin, at the turning point of the change of 
direction of rotation, oxygenation occurs and from this place 
also there is an energetic flow transverse to the direction of the 
current, into the stream banks, stimulating the growth of 
vegetation in those areas. Working with this and similar 
observations Schauberger was able to invent and frequently to 
patent ‘naturalesque’ technologies for diverse applications 
including trans mountain lumber transport and for transpor- 
tation; for water purification, energy production, which he 
identified as environmentally healthier and therefore sustain- 
able in comparison with still-prevalent environmentally 
destructive mechanistic technologies. 

[0004] Thecentripetal-centrifugal spiral effects he reported 
(see figure) and made use of (‘Schauberger effect”) have been 
applied here in guiding the development of the invention, in 
light also of observation in the human being’s energy field by 
numerous independent, highly sensitive and skilled observ- 
ers, of major chakras (see for example S. Karagulla), whirling 
energetic flexible cones extending well beyond the physical 
body, situated at and through major glandular centres and 
aligned in pairs tip-to-tip pointing in opposite directions from 
the front and back of the body (e.g., B. Brennan and others) 
set along a central energy channel (called Sushumna in the 
orient) which runs vertically coincident with the human 
spine. 


Jul. 8, 2010 


[0005] Theodor Schwenk’s work on water as a spiraling 
and projective-geometrically characterisable cosmic sense 
organ demonstrated, by wheat germination trials using 
shaken water, the existence and rhythms of cosmic, 1.e., extra- 
terrestrial, atmospherically significant Zeitgeber environ- 
mental rhythms, and therefore the importance of taking into 
account not only the use of vortices but also the significance 
of macroenvironmental rhythms in cleaning and enlivening 
water organisms to function harmoniously with the syntropic 
potential of the biospheric macroenvironment. 

[0006] Hans Jenny was a physician living in Dornach, Swit- 
zerland who developed the field of Cymatics, creating and 
filming steady and moving three-dimensional standing waves 
generally produced with fluid agitated to a standing wave by 
sound through a loudspeaker base, based on Ernst Chladni’s 
acoustically produced two-dimensional standing wave fig- 
ures and on an appreciation of the contribution of vibration to 
the creation of form. Hans Jenny patented a device for making 
speech visible [ca. 1968; reference]. 

[0007] Ina Chladni figure such as that formed by sprinkled 
fine sand vibrating on the back of a bowed horizontally held 
violin, the distribution of nodes and antinodes in the particu- 
lar mode of vibration of the substrate medium, 1.e., the violin 
back, at the frequencies at which it is being excited, may be 
displayed by the redistribution of the scattered sand in a 
pattern corresponding to the position of nodal and or to anti- 
nodal points and boundaries, evidently dependent primarily 
on the size and density of the sand particles. This acoustically 
mediated resonance has been researched by Jenny, Armin 
Husemann, Sherry Edwards and others as one of a number of 
formative principles in the human body. A formative faculty 
(classically, the facultas formatrix) was cited by Johannes 
Kepler to explain snow crystal form variation (the body of 
formative forces of the Earth); was researched in embryology 
by Erich Blechschmidt; and considered more broadly, has 
been studied as a phenomenon of internal communication 
demonstrable optically and functionally e.g., electrically, in 
all living organisms, by Fritz-Albert Popp and coworkers. 
[0008] These examples of energetic formative processes in 
whole systems, 1.e., in bodies of connected parts, demonstrate 
a formative paradigm which is applied and extended with 
multimodal energy flows or activity sources, e.g., electro- 
magneto-gravitic-(/levitatory )-|optic-acoustic and scalar, as 
well as psychoenergetic, for application in the invention. 
[0009] Lawrence Edwards, an English mathematics 
teacher and biology researcher, showed that tree buds breathe, 
or fluctuate rhythmically, in winter around an ideal middle 
form whose projective geometric path curve is related to the 
golden mean. His vortex spiral calculation methods and 
examples are cited here as prior art for the production of 
vortices and their energetic as well as material products which 
will enliven nature functionally, in the sense Schauberger 
described and demonstrated, rather than degrading nature. 
[0010] Dr. Shafica Karagulla left the Montreal Neurologi- 
cal Institute to do research on higher sense perception, even- 
tually founding with Viola Neal the Higher Sense Perception 
Foundation in Los Angeles. Karagulla’s clinical reporting of 
the correlation between chakra structure and activity on the 
one hand, and physiological health status such as patient 
endocrinology on the other (1965), provide along with the 
work of V. V. Hunt (UCLA) and other investigators such as R. 
Steiner a reliable modern base of published observation of 
some typical human psychoenergetic anatomy and its corre- 
sponding function.. This enables those less skilled in the art of 
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such observation to make better use of transitory or fragmen- 
tary experimental data and to apply with greater confidence, 
along with those not making such observations, the findings 
of others as a source of design modeling information. 
[0011] Marcel Vogel, a solid state chemist was instrumental 
in developing the first magnetic memory disk drive coating 
for IBM. Vogel published work (1973) demonstrating that 
psychoenergetic telekinetic phenomena become reproduc- 
ible with sufficient experimenter self-training of the mind 
which is the instrument of manifesting such psychoenergetic 
phenomena. Taken together with the contribution of Tiller, 
Vogel’s work exemplifies a shift to scientific knowledge and 
ordinary technical application of human capacities which 
have become a part of the state of the art in healing and are 
applied in the invention for process control enhancement of 
which water purification, energy production and telecommu- 
nication are three examples. 

[0012] Fritz-Albert Popp founded the International Insti- 
tute of Biophysics (Neuss, Germany, a collaborative research 
undertaking of dozens of scientists globally. His paradigm 
shifting discoveries have shown that the activity of a quanti- 
tatively small amount of energy, as light, directs and main- 
tains the organisation of the body’s biochemical activity, and 
that essentially all measured bioenergetic functions of organ- 
isms, e.g., skin electrical resistivity as measured in humans at 
hundreds of points on the hands, demonstrate an internal 
coherence predictive and therefore indicative of health. Nor- 
mative self-validating measurement of coherence (cf. L. 
Edwards) in the functioning of cymatic structures is therefore 
incorporated as a monitoring and feedback control criterion 
of a preferred embodiment of the invention. Popp patent: 
[0013] Thomas E. Bearden, a career research scientist (US 
Army, retired), wrote the book on Energy from the Vacuum 
(2002). His paper on Giant Negentropy from the Common 
Dipole provides a physical science foundation for the 
Schauberger effect which in its higher order gauge symmetry 
application appears consistent with W. A. Tiller’s description 
of a second, more psychoenergetically malleable level of the 
physical world access to which depends on an engineerable 
coupling function. Bearden’s presentation of a corrected and 
extended physics, taken together with technology which 
demonstrates it (Patrick et al., U.S. Pat. No. 6,362,718, MEG) 
provides with Schauberger’s work the basis in the present 
invention justifying a the strategic objective of a water clean- 
ing design for power plants which can be upgraded and modi- 
fied functionally over time to increase net energy production 
process efficiencies so as to enable combustibles to be 
reduced and eventually phased out. Bearden’s scientific-his- 
torical apparatus also provides a point of comparison with 
Tiller for quantitative modeling of conditioned space effects 
incorporated as a functional energy control option within the 
invention. 

[0014] Ernst von Bezold published on the BDnow! Agri- 
cultural email list (2001), a description which then was 
archived by colorado.edu, of a class of technologies, 1.e., 
using shapes combined with rhythmitized materials, based in 
part on L. Edwards’ work on shapes applied to the functional 
renewal, by applying a thin coating of rhythmitized copper 
ointment (a therapeutic preparation manufactured by, e.g., 
Wala or Weleda in Europe, and Merkhur Laboratories in 
Canada, whose detailed experimental scientific basis is ref- 
erenced by R. Hauschka), of cow horns used in bio-dynamic 
agriculture, e.g., in making manure or powdered quartz 
preparations. The principle of cohering shape and material, 
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intensified by rhythmical treatment of the material (treatment 
such as may also be found in N. Tesla’s purple plates, evi- 
dently in the Austrian Johannes Grander’s water treatment 
technology, or in more recent “scalar”-resonant liquid treat- 
ment vessels and jewelry) has a parallel in the technology of 
the great pyramid at Giza and an extension in the biogeometry 
of A. Kareem as and as presented by R. Gilbert, et al. As 
described earlier in relation to Edwards’ work, this principle 
is applied here with respect to optimised vortex shaping (cf. 
Edwards) and material, in this case water, formed and con- 
trolled cymatically, with psychoenergetic system control 
enhancement, and eventually, generation. 

[0015] William A. Tiller, former department chair and pro- 
fessor emeritus of material science and engineering at Stan- 
ford University, wrote Psychoenergetic Science as a simpli- 
fication and compilation of three previous related volumes 
documenting 30 years of paradigm-shifting experimental sci- 
ence on the demonstrable, potential, and instrumentally engi- 
neerable enhancement of, the integral functional contribution 
of consciousness to the matter-energy equilibrium of the 
object-oriented physical science paradigm presently being 
transformed by the more interactive understanding of reality 
shown in quantum physics being applied in such diverse fields 
such as cryptography, quantum computing and psycho- 
neuroimmunologic therapies. Tiller’s empirical work on 
space conditioning for process modulation, together with his 
work and that of Vogel on experimenter training for replica- 
bility (cf. Charles Tart, “state-specific science”) applies and 
extends the implications of the Indian preceptor Patanjali (ca, 
8” century) in a unique and distinctly instrumentally modern, 
scientifically verified and technologically accessible form. 
The invention applies both the trained-operator effect and the 
instrument-mediated spacial conditioning effects to control 
and enhance multimodal cymatic processing and to and 
anticipate its transformative progression in part as an opera- 
tor-initiated and controlled activity with corresponding stra- 
tegic extension of options of scope and scale of application. 
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Aircraft Electrical and Electronic Systems continues 
the series of textbooks written for aircraft engineering 
students. This book addresses the electrical contents 
of the EASA Part 66 Modules 11 and 13; it also pro- 
vides reference material for the avionic and aircraft 
electrical units of various BTEC National and Higher 
National, City and Guilds, NVQ and Foundation 
Degree modules. 

This book is designed to cover the essential 
knowledge base required by certifying mechanics, 
technicians and engineers engaged in engineering 
maintenance activities on commercial aircraft and in 
general aviation. In addition, this book should appeal 
to members of the armed forces and others attending 
training and educational establishments engaged in 
aircraft maintenance and related aeronautical engi- 
neering programmes. This book will also appeal to 
others within the aircraft industry who need an insight 
into electrical and electronic systems, e.g. pilots, 
engineering managers, etc. 

The book provides an introduction to the funda- 
mentals of electrical, electronic and digital theory that 
underpins the principles of systems covered in the 
remainder of the book. For the reader that already has 
background knowledge of the fundamentals, the sub- 
sequent chapters can be read as individual subjects. 
For the reader that requires a deeper understanding 
of related fundamentals, additional material can be 
found in related books in the series: 


e Aircraft Engineering Principles 

Aircraft Digital Electronic and Computer Systems 

e Aircraft Communications and Navigation 
Systems. 


The books in this series have been designed for both 
independent and tutor-assisted studies. They are par- 
ticularly useful to the ‘self-starter’ and to those wish- 
ing to update or upgrade their aircraft maintenance 
licence. The series also provides a useful source 
of reference for those taking ab initio training pro- 
grammes in EASA Part 147 and FAR 147 approved 
organizations as well as those following related pro- 
grammes in further and higher education institutions. 


The title of this book, Aircraft Electrical and 
Electronic Systems, has been specifically chosen to 
differentiate between other avionic systems such as 
communications, navigation, flight guidance and 
instruments. The term avionics (aviation electronics) 
was first used in the late 1940s to identify electrical 
and electronic equipment such as radar, radio naviga- 
tion and communications, although the term was not 
in general use until the late 1960s. During the 1970s, 
integrated computer-based systems were being devel- 
oped, e.g. ground proximity warning systems; these 
used a number of existing aircraft sensors that moni- 
tored parameters such as barometric altitude, vertical 
speed and radio altitude. 

The continued development and integration of 
electrical and electronic systems, together with the 
widespread use of integrated circuits, microproces- 
sors, data communications and electronic displays, 
have given new meaning to the term avionics. Aircraft 
engineers will be exposed to in-service aircraft using 
older technology, together with the new aircraft enter- 
ing service based on modern technology. Using trends 
from the last 40 years, there will be an ever-increasing 
dependence on avionic systems. The eventual out- 
come could be the all-electric aircraft, a concept 
where traditional mechanical linkages, hydraulics and 
pneumatics are totally replaced by electrical and elec- 
tronic systems. 

This book establishes a reference point for engi- 
neering students; it does not attempt to address all 
system types for all aircraft types. It is also impor- 
tant to note that this book does not attempt to provide 
the level of detail found in the aircraft publications, 
including the maintenance and wiring diagram manu- 
als. Although there are many examples quoted in the 
book that are based on specific aircraft types, this is 
only done to illustrate a specific point. 

Throughout the book, the principles and operation 
of systems are summarized by numerous ‘key points’. 
The reader will be invited at regular intervals to 
assess knowledge via “test your understanding’ ques- 
tions. Finally, the principles and operation of systems 
are put into the context of aircraft maintenance engl- 
neering by numerous ‘key maintenance points’. Each 
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chapter concludes with a number of multiple choice 
questions; the reader will then find revision papers in 
the appendices for additional assessment purposes. 
A summary of the book is as follows. 

Chapter 1 sets the scene by providing an expla- 
nation of electricity in terms of the motion of elec- 
tric charge and basic electrical quantities such as 
current, voltage, resistance and power. The chapter 
provides an introduction to electrostatics and capaci- 
tors and also to electromagnetism and inductors. Here 
the emphasis is on the key concepts and fundamen- 
tal laws that underpin the operation of the electri- 
cal systems found in aircraft. The chapter provides a 
detailed introduction to alternating current and trans- 
former principles, and concludes with an essential 
section on safety. This chapter will be particularly 
useful if you have not previously studied electrical 
principles. It has also been designed to help fill any 
gaps in your knowledge and bring you quickly up 
to speed. 

Electronic fundamentals are introduced in Chapter 
2. This chapter explains the principles, construction 
and basic application of a variety of common semi- 
conductor devices including diodes, thyristors, tran- 
sistors and integrated circuits. The chapter includes 
a detailed explanation of rectifier circuits, both half- 
wave and full-wave types, and the use of transistors 
as current amplifiers. 

The advent of digital techniques and integrated cir- 
cuits has revolutionized the scope and applications for 
avionic systems. Chapter 3 provides readers with an 
introduction to digital techniques. The function and 
operation of logic gates are established before moving 
on to explore the use of combinational and sequen- 
tial logic in several typical aircraft applications. The 
chapter also provides an overview of coding sys- 
tems and the logic systems that are used to represent 
numerical data. An introduction to aircraft data bus 
systems 1s provided together with a brief overview of 
the architecture and principal constituents of simple 
computer systems. 

Generators and motors are widely used in modern 
aircraft. Chapter 4 explains the principles on which 
they operate as well as the theoretical and practical 
aspects of aircraft power generation and distribution. 
Three-phase systems and methods of connection are 
described in some detail. 

If you are in any doubt as to whether or not you 
should work through Chapters 1 to 4, you can always 
turn to the multiple choice questions at the end of 
each chapter to assess your knowledge. 
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All electrical and electronic systems require a 
power source. Batteries are primary sources of elec- 
trical power found on most aircraft delivering direct 
current (DC). Chapter 5 reviews the battery types 
used on aircraft, typical applications and how they are 
installed and maintained. There are several types of 
battery used on aircraft, usually defined by the types 
of materials used in their construction; these include 
lead-acid and nickel-cadmium batteries. Other types 
of battery are being considered for primary power 
on aircraft; these include lithium and nickel-metal 
hydride. 

In Chapter 6, we review the other sources of elec- 
trical power used on aircraft and their typical applica- 
tions. Electrical power can be derived from a variety 
of sources; these are categorized as either primary or 
secondary sources. Batteries and generators are pri- 
mary sources of electrical power; inverters and trans- 
former rectifier units (TRU) are secondary sources 
of power. This power is either in the form of direct 
or alternating current depending on system require- 
ments. Generators can either supply direct or alternat- 
ing current (AC); the outputs of generators need to be 
regulated. Inverters are used to convert DC (usually 
from the battery) into alternating (AC). Transformer 
rectifier units (TRU) convert AC into DC; these are 
often used to charge batteries from AC generators. 
In some installations, transformers (as described in 
Chapter 1) are used to convert AC into AC, typically 
for stepping down from 115 to 26V AC. In addition 
to onboard equipment, most aircraft have the facil- 
ity to be connected to an external power source dur- 
ing servicing or maintenance. An auxiliary power unit 
(APU) is normally used for starting the aircraft’s main 
engines via the air distribution system. While the 
aircraft is on the ground, the APU can also provide 
electrical power. In the event of generator failure(s), 
continuous power can be provided by a ram air tur- 
bine (RAT). 

The safe and economic operation of an aircraft is 
becoming ever more dependent on electrical and 
electronic systems. These systems are all intercon- 
nected with wires and cables; these take many forms. 
Chapter 7 describes the physical construction of 
wires and cables together with how they are protected 
from overload conditions before power is distributed 
to the various loads on the aircraft. Electrical wires 
and cables have to be treated as an integral part of 
the aircraft requiring careful installation; this is fol- 
lowed by direct ongoing inspection and maintenance 
requirements for continued airworthiness. Wire and 


xii 


cable installations cannot be considered (or treated) 
as ‘fit and forget’. System reliability will be seriously 
affected by wiring that has not been correctly installed 
or maintained. We need to distribute the sources of 
electrical power safely and efficiently and control 
its use on the aircraft. Once installed, the wires and 
cables must be protected from overload conditions 
that could lead to overheating, causing the release 
of toxic fumes, possibly leading to fire. Legislation 
is being proposed to introduce a new term: electri- 
cal wire interconnection system (EWIS); this will 
acknowledge the fact that wiring is just one of many 
components installed on the aircraft. EWIS relates 
to any wire, wiring device, or combination of these, 
including termination devices, installed in the air- 
craft for transmitting electrical energy between two or 
more termination points. 

Electrical power is supplied to the various loads 
in the aircraft via common points called busbars. In 
Chapter 8, we will focus on busbar configurations 
and how these are arranged for the protection and 
management of the various power supply sources 
available on the aircraft. The electrical power distribu- 
tion system is based on one or more busbar(s); these 
provide pre-determined routes to circuits and com- 
ponents throughout the aircraft. The nature and com- 
plexity of the distribution system depend on the size 
and role of the aircraft, ranging from single-engine 
general aviation through to multi-engine passenger 
transport aircraft. 

The word ‘bus’ (as used in electrical systems) is 
derived from the Latin word omnibus meaning ‘for 
all’. The busbar can be supplied from one or more 
of the power sources previously described (gen- 
erator, inverter, transformer rectifier unit or battery). 
Protection devices, whether fuses or circuit breakers, 
are connected in series with a specific system; they 
will remove the power from that system 1f an over- 
load condition arises. There also needs to be a means 
of protecting the power source and feeder lines to the 
busbar, i.e. before the individual circuit protection 
devices. 

There are many systems on an aircraft that need to 
be controlled and/or monitored, either manually by the 
crew, or automatically. Chapter 9 describes generic 
controls and transducer devices used on aircraft. A 
switch provides the simplest form of circuit control 
and monitoring. Switches can be operated manu- 
ally by a person, activated by sensing movement, or 
controlled remotely. Many other aircraft parameters 
need to be measured; this is achieved by a variety of 
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transducers; these are devices used to convert the 
desired parameter, e.g. pressure, temperature, dis- 
placement, etc. into electrical energy. 

The aircraft engine is installed with many sys- 
tems requiring electrical power. Chapter 10 describes 
engine starting, ignition and indicating system for 
both piston and gas turbine engines. The predomi- 
nant electrical requirement (in terms of current con- 
sumption) is for the engine starting system. General 
aviation aircraft use electrical starter motors for both 
piston and gas turbine engines; larger transport air- 
craft use an air-start system (controlled electrically) 
derived from ground support equipment or by air 
cross-fed from another engine. Electrical starting sys- 
tems on piston and gas turbine engines are very dif- 
ferent. The trend towards the all-electric aircraft will 
see more aircraft types using electrical starting meth- 
ods. The engine also requires electrical power for the 
ignition system; once again, the needs of piston and 
gas turbine engines are quite different. Although start- 
ing and ignition systems are described in this chapter 
as separate systems, they are both required on a co- 
ordinated basis, 1.e. a means to rotate the engine and 
ignite the air/fuel mixture. 

Electrical and electronic requirements for engines 
also include the variety of indicating systems required 
to operate and manage the engine. These indicating 
systems include (but are not limited to) the meas- 
urement and indication of: rotational speed, thrust, 
torque, temperature, fuel flow and oil pressure. 
Indications can be provided by individual indicators 
or by electronic displays. 

The management of fuel is essential for the safe 
and economic operation of the aircraft. The scope of 
fuel management depends on the size and type of air- 
craft; fuel is delivered to the engines using a variety 
of methods. Chapter 11 provides an overview of fuel 
management on a range of aircraft types. The system 
typically comprises fuel quantity indication, distribu- 
tion, refuelling, defuelling and fuel jettison. In the 
first instance, we need to measure the quantity of fuel 
on board. Various technologies and methods are used 
to measure fuel quantity: this depends mainly on the 
type and size of aircraft. Technologies range from 
sight gauges through to electronic sensors. On larger 
aircraft, fuel is fed to the engines by electrically 
driven pumps. On smaller aircraft, an engine-driven 
pump is used with electrical pumps used as back-up 
devices. Solenoid or motorized valves are used to iso- 
late the fuel supply to engines under abnormal condi- 
tions. On larger aircrafts, the fuel can be transferred 
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between tanks; this is controlled manually by the 
crew, or automatically by a fuel control computer. 

Lighting is installed on aircraft for a number of 
reasons including: safety, operational needs, servic- 
ing and for the convenience of passengers. Chapter 12 
reviews a number of lighting technologies and the type 
of equipment used in specific aircraft applications. The 
applications of aircraft lights can be broadly grouped 
into four areas: flight compartment (cockpit), passen- 
ger cabin, exterior and servicing (cargo and equipment 
bays). Lights are controlled by on/off switches, variable 
resistors or by automatic control circuits. 

Passenger transport and business aircraft are fitted 
with a range of cabin electronic equipment for pas- 
senger safety, convenience and entertainment. Typical 
applications for this equipment includes lighting, 
audio and visual systems. Chapter 13 describes the 
many types of systems and equipment used for passen- 
ger safety, convenience and entertainment. Audio sys- 
tems include the passenger address system used by the 
flight or cabin crew to give out safety announcements 
and other flight information. These announcements 
are made from hand-held microphones and are heard 
over loudspeakers in the cabin and passenger head- 
sets. The same system can be used to play automatic 
sound tracks; this is often used for announcements in 
foreign languages, or to play background music dur- 
ing boarding and disembarkation. A range of galley 
equipment is installed on business and passenger 
aircraft. The nature of this equipment depends on 
the size and role of the aircraft. Air conditioning is 
provided in passenger aircraft for the comfort of pas- 
sengers; pressurization is required for flying at high 
altitudes. Airstairs allow passengers, flight crew and 
ground personnel to board or depart the aircraft with- 
out the need for a mobile staircase or access to a ter- 
minal. All of these systems have electrical/electronic 
interfaces and control functions. 

Chapter 14 reviews airframe systems such as 
landing gear control and indication, control surface 
position and indicating systems. Various sensors are 
needed for the monitoring and control of airframe 
systems. Broadly speaking, the sensors can be consid- 
ered as detecting one of two states (or ‘conditions’), 
or a variable position. Two-state conditions include: 
landing gear (up or down) or cabin doors (open or 
closed). Variable positions include: control surfaces 
and flap position. Micro-switches or proximity sen- 
sors detect two-state positions; variable position 
devices are detected by a variety of devices including 
synchros and variable resistors. 
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Chapter 15 describes a variety of systems installed 
on aircraft to protect them from a variety of hazards 
including: stalling, ice, rain, unsafe take-off configu- 
ration and skidding. Stall protection systems provide 
the crew with a clear and distinctive warning before 
an unsafe condition is reached. Flying in ice and/or 
rain conditions poses a number of threats to the safe 
operation of the aircraft; ice formation can affect the 
aerodynamics and/or trim of the aircraft. The con- 
figuration warning system (also known as a take- 
off warning system) provides a warning if the pilot 
attempts to take off with specific controls not selected 
in the correct position, 1.e. an unsafe configuration. 
The anti-skid system (also called an anti-lock braking 
system: ABS) is designed to prevent the main landing 
gear wheels from locking up during landing, particu- 
larly on wet or icy runway surfaces. 

Fire on board an aircraft is a very serious hazard; 
all precautions must be taken to minimize the risk 
of a fire starting. In the event that a fire does occur, 
there must be adequate fire protection on the aircraft. 
Chapter 16 focuses on the equipment and systems 
used to detect fire and smoke together with the means 
of delivering the fire-extinguishing agent. The subject 
of fire protection theory is a branch of engineering in 
its own right. Basic fire protection theory is covered 
in this chapter to provide the reader with sufficient 
information to understand how this theory is applied 
through aircraft electrical systems. 

During the 1970s, studies were carried out by 
accident investigators and regulatory authorities to 
examine one of the most significant causes of aircraft 
accidents of the time: controlled flight into terrain 
(CFIT). This can be defined as an accident where a 
serviceable aircraft, under the control of a qualified 
pilot, inadvertently flies into terrain, an obstacle or 
water. Chapter 17 describes the generic name given 
to this type of protection: terrain awareness warning 
system (TAWS). CFIT accidents usually occur dur- 
ing poor visual conditions, often influenced by other 
factors, e.g. flight crew distraction, malfunctioning 
equipment or air traffic control (ATC) miscommuni- 
cation. With CFIT, the pilots are generally unaware 
of this situation until it is too late. Ground proxim- 
ity warning system (GPWS) were developed in 1967 
to alert pilots that their aircraft was in immediate 
danger of CFIT. This system was further developed 
into the enhanced ground proximity warning system 
(EGPWS) by adding a forward-looking terrain avoid- 
ance (FLTA) feature, made possible via global posi- 
tioning system technology. 
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One of the fundamental electrical/electronic sys- 
tems associated with the aircraft industry is the 
crash survivable flight data recorder (FDR). This is 
often referred to in the press as the ‘black box’, even 
though the item is actually bright orange! Flight data 
recorders used for accident investigation are man- 
datory items of equipment in commercial transport 
aircraft. Efforts to introduce crash-survivable flight 
data recorders can be traced back to the 1940s; the 
FDR has now been supplemented with the cockpit 
voice recorder (CVR). Chapter 18 reviews the range 
of FDR/CVR technologies that are employed for 
both accident investigation and trend monitoring. 
Recorders are used after an incident or accident as 
an integral part of the investigators’ efforts to estab- 
lish the cause(s). Data recorders can also be used to 
indicate trends in aircraft and engine performance. 
Algorithms are established for healthy and normal 
conditions during the aircraft’s flight-testing pro- 
gramme and the early period of service. These algo- 
rithms include engine parameters such as engine 
exhaust temperature, oil pressure and shaft vibration 
for given speeds and altitudes. These parameters are 
then monitored during the aircraft’s life; any devia- 
tions from the norm are analysed to determine if the 
engine requires inspection, maintenance or removal. 

One of the consequences of operating electrical 
and electronic equipment is the possibility of disturb- 
ing, or interfering with, nearby items of electronic 
equipment. Chapter 19 looks at some of the impli- 
cations of interference from electrical and magnetic 
fields. The term given to this type of disturbance is 
electromagnetic interference (EMI). Electrical or 
electronic products will both radiate and be suscep- 
tible to the effects of EMI. This is a paradox since 
many principles of electrical engineering are based on 
electromagnetic waves coupling with conductors to 
produce electrical energy and vice versa (generators 
and motors). Furthermore, systems are specifically 
designed to transmit and receive electromagnetic 
energy, 1.e. radio equipment. In complex avionic sys- 
tems, the consequences of EMI can cause serious, if 
not hard-to-find—problems. The ability of an item of 
equipment to operate alongside other items of equip- 
ment without causing EMI is electromagnetic com- 
patibility (EMC). 

Modern digital equipment operates at very high 
speed and relatively low power levels. In addition 
to EMI, high-intensity radiated fields (HIRF) are 
received from the external environment, e.g. from 
radio and radar transmitters, power lines and lightning. 
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The high energy created by these radiated fields dis- 
rupts electronic components and systems in the aircraft. 
(This effect is also referred to as high-energy radiated 
fields — HERE) The electromagnetic energy induces 
large currents to flow, causing direct damage to elec- 
tronic components together with the secondary effects 
of EMI. 

Advances in electronic technology bring many new 
features and benefits, e.g. faster processors, higher- 
density memory and highly efficient displays. These 
advances are primarily due to the reduction in the 
physical size of semiconductor junctions; this leads to 
higher-density components in given size of integrated 
circuit. One significant problem associated with cer- 
tain types of semiconductor devices is that the smaller 
junctions are susceptible to damage from electrostatic 
voltages. This is a problem that can potentially affect 
a wide range of electronic equipment fitted in an air- 
craft. Effects range from weakening of semiconduc- 
tor junctions through total failure of the equipment; 
both these effects can occur without any visible signs 
of damage to the naked eye! Electrostatic sensitive 
devices (ESSD) are electronic components that are 
prone to damage from stray electrical charge pro- 
duced primarily from human operators. This problem 
is particularly prevalent with high-density memory 
devices and electronic displays. Weakening and dam- 
age to static-sensitive devices can result from mis- 
handling and inappropriate methods of storage; the 
practical issues for handling ESSD are addressed in 
Chapter 19. 

Many processes are required throughout the air- 
craft’s operating life to ensure that it complies with 
the applicable airworthiness requirements and can 
be safely operated. The generic term for this range 
of processes is continuing airworthiness. Chapter 
20 reviews some practical installation requirements, 
documentation and test equipment required by the 
avionics engineer to ensure the continued airworthi- 
ness of aircraft electrical and electronic systems. The 
term ‘maintenance’ is used for any combination of 
overhaul, repair, inspection, replacement, modifica- 
tion or defect rectification of an aircraft or compo- 
nent, with the exception of the pre-flight inspection. 
Particular emphasis is given to wire and cable instal- 
lations since these cannot be considered (or treated) 
as ‘fit and forget’. System reliability will be seriously 
affected by wiring that has not been correctly installed 
or maintained. Persons responsible for the release of 
an aircraft or a component after maintenance are the 
certifying staff. Maintenance of an aircraft and its 
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associated systems requires a variety of test equip- 
ment and documentation; these are required by cer- 
tifying staff to fulfil their obligations in ensuring 
continued airworthiness. 


XV 


Supporting material for the book series (including 
interactive questions, media files, etc.) is available 
online at www.66web.co.uk or www.key2study.com 
and then follow the links for aircraft engineering. 
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Chapter 
1 


This chapter will provide you with an introduction 
to the essential electrical theory that underpins the 
rest of this book. It has been designed to help fill any 
gaps in your knowledge and bring you quickly up to 
speed. You will find this chapter particularly useful 1f 
you have not previously studied electrical principles. 
However, if you are in any doubt as to whether or not 
you should work through this chapter you can always 
turn to Section 1.9 on page 33 and see how you get 
on with the multiple choice questions at the end of 
this chapter. 


1.1 Electron theory 


All matter is made up of atoms or groups of atoms 
(molecules) bonded together in a particular way. In 
order to understand something about the nature of 
electrical charge we need to consider a simple model 
of the atom. This model, known as the Bohr model 
(see Fig. 1.1), shows a single atom consisting of a 
central nucleus with orbiting electrons. 

Within the nucleus there are protons which are 
positively charged and neutrons which, as their name 
implies, are electrical neutral and have no charge. 
Orbiting the nucleus are electrons that have a nega- 
tive charge, equal in magnitude (size) to the charge 
on the proton. These electrons are approximately two 
thousand times lighter than the protons and neutrons 
in the nucleus. 

In a stable atom the number of protons and elec- 
trons are equal, so that overall, the atom is neutral 
and has no charge. However, 1f we rub two particular 
materials together, electrons may be transferred from 
one to another. This alters the stability of the atom, 
leaving 1t with a net positive or negative charge. When 
an atom within a material loses electrons it becomes 
positively charged and is known as a positive ion, 
when an atom gains an electron it has a surplus nega- 
tive charge and so is referred to as a negative ion. 
These differences in charge can cause electrostatic 
effects. For example, combing your hair with a nylon 
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Figure 1.1 The Bohr model of the atom 
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Figure 1.2 A material with a loosely bound 
electron in its outer shell 


comb may result in a difference in charge between 
your hair and the rest of your body, resulting in your 
hair standing on end when your hand or some other 
differently charged body is brought close to it. 

The number of electrons occupying a given orbit 
within an atom is predictable and is based on the 
position of the element within the periodic table. The 
electrons in all atoms sit in a particular orbit, or shell, 
dependent on their energy level. Each of these shells 
within the atom is filled by electrons from the nucleus 
outwards, as shown in Fig. 1.2). The first, innermost, 
of these shells can have up to two electrons, the sec- 
ond shell can have up to eight and the third up to 18. 
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Application of an external force 


(b) 


Figure 1.3 Free electrons and the application of an external force 


All electrons and protons carry an electrostatic 
charge but its value is so small that a more conven- 
ient unit of charge is needed for practical use which 
we call the coulomb. One coulomb (C) is the total 
amount of the charge carried by 6.21 X 10!® elec- 
trons. Thus a single electron has a charge of a mere 
1.61 X 10°" C! 

A material which has many free electrons available 
to act as charge carriers, and thus allows current to 
flow freely, is known as a conductor. Examples of 
good conductors include aluminium, copper, gold and 
iron. Figure 1.2 shows a material with one outer elec- 
tron that can become easily detached from the parent 
atom. A small amount of external energy is required 
to overcome the attraction of the nucleus. Sources of 
such energy may include heat, light or electrostatic 
fields. The atom once detached from the atom is able 
to move freely around the structure of the material 
and is called a free electron. It is these free electrons 
that become the charge carriers within a material. 
Materials that have large numbers of free electrons 
make good conductors of electrical energy and heat. 

In a material containing free electrons their direc- 
tion of motion is random, as shown in Fig. 1.3(a), 
but if an external force is applied that causes the free 
electrons to move in a uniform manner (Fig. 1.3(b)) 
an electric current is said to flow. 

Metals are the best conductors, since they have a 
very large number of free electrons available to act as 
charge carriers. Materials that do not conduct charge 
are called insulators; their electrons are tightly bound 
to the nuclei of their atoms. Examples of insulators 
include plastics, glass, rubber and ceramic materials. 

The effects of electric current flow can be detected 
by the presence of one or more of the following 
effects: light, heat, magnetism, chemical, pressure and 
friction. For example, heat is produced when an 


electric current is passed through a resistive heating 
element. Light 1s produced when an electric current 
flows through the thin filament wire in the evacuated 
bulb of an electric lamp. 


Key point 


Electrons each carry a tiny amount of negative 
electrical charge. 


Key point 


Metals such as copper and silver are good conduc- 
tors of electricity and they readily support the flow 
of electric current. Plastics, rubber and ceramic 
materials on the other hand are insulators and do 
not support the flow of electric current. 


Test your understanding 1.1 


1. Explain the following terms: 
(a) electron 
(b) ion 

(c) charge 

(d) conductor 

(e) insulator. 

2. State, with reasons, whether an insulator or 
conductor is required in each of the following 
applications: 

(a) the body of a fuse 

(b) the outer protective sheath of a power cable 
(c) the fuselage covering of a transport aircraft 
(d) the radiating element of an antenna. 
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BRIEF SUMMARY OF THE INVENTION 


[0027] Essentially, and without limitation of this descrip- 
tion to its application in an illustrative preferred embodiment, 
a cymatic (3- or higher-dimensional Chladni figure-generat- 
ing) resonant vibrational process is used to induce a rotating 
standing wave figure in a fluid, such as water, air, plasma, or 
a slurry including solids, producing a centripetal vortex or 
vortex of vortices which passing inward through the focus of 
the tip unwinds from its tip in the same or by induction in an 
opposite rotation, or meets another incoming vortex tip or 
tips, at the juncture comprising the tip(s) focus producing 
differentiable active and potential energetic outputs, and from 
the focus a likewise differentiable outflow of materials in 
directions primarily other than that of the axis of tip focus, 
such as transverse, of least resistance as shaped and sorted 
within transporting flows of standing waves e.g., whose node- 
antinode frequencies, amplitudes and spacial configurations 
are appropriately resonant with selected materials and mate- 
rial-energetic configurations. The forming and modulation of 
the form may be by external or internal, direct or interfero- 
metrically induced, multimodal electro-magneto-gravitic- 
opto-acoustic and scalar potential drivers controlled by feed- 
back of functional parameters of the manipulated material 
flow and feedback of the driving energy inputs and their 
energetic transforms, and having regard to macroenviron- 
mental conditional-probability fluctuations, e.g., in turbulent 
flow, and, in early embodiments, being fine tuned—later, 
consequent on operator learning based on feedback with the 
system as an instrument of learning, increasingly being gen- 
erated—by operator interaction directly (Vogel), or indirectly 
using conditioned space effect technology (Tiller) amplifica- 
tion-modulation or other higher gauge broken symmetry 
operations (Bearden), to bias threshold condition probabili- 
ties favourably in respect of intended states of the system. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0028] Annotated List of FIGS. 1. to 4(a)-(/) 


[0029] FIG. 1. Background of the invention and cross-ref- 
erence for FIG. 3. which illustrates a feature of a preferable 
embodiment of the invention: 


[0030] An example from river current flow, “The Inner 
Picture of the Dynamics of Current Flow”, showing inward 
spiraling with reversal of spiral direction at the point, 1.e., 1n 
the region, of start of outward spiraling—and indicating 
transverse-vectored radiant propagation of energy, as well as 
in this context reactive enhancement, 1.e., oxygenation— 
is from Schauberger, 1941, as reproduced in Coates, 
Vol. 1, 1997. 


Jul. 8, 2010 


[0031] FIGS. 2 and 3. Illustrations of features of preferable 
embodiments of the invention: 


[0032] FIG. 2. A sketch of a sample cross-section function- 
ally spiraling pathway, i.e. here as spirally-fluted piping, 
whether formed structurally, or through the formed and for- 
mative injection of materials such as water into and as a part 
of the pathway, or in part or in whole energetic-dynamically, 
or by some combination or permutation of these. 


[0033] FIG. 3. A sketch of a sample complex vortex of 
vortices, modeled on the inventor’s observation as well as on 
descriptions, of naturally-occurring and developed or “built” 
complex vortex structures which may be characterised as 
dynamically stable n-dimensional “standing wave” struc- 
tures. The example is of a collinear pair of complex vortices 
shown in oblique cross-section; to the left in the figure is 
appended a dotted-line indicator of a contiguous, expansion- 
contraction vortex figure such as may be found in FIG. 1 with 
a second point of maximal vortex centripetal concentration, 
as may also be seen in FIG. 4(/). This vortex meeting, or 
transition, point is a focal region of energy concentration and 
release which as a focal point of modulation (depending also 
on vortex spin directions) can be used to amplify the modu- 
lating signal’s effect in the centrifugal or expansive phase or, 
respectively depending on vortex spin directions, to modulate 
energy released along another vector from the focal region; 
for a naturalesque example; see FIG. 1. 


[0034] FIG. 4 note: Such sets of vortices can be concat- 
enated in various geometries—linearly, in rings, nested, 
etc.—as information energy and materials handling and 
transformation structures, e.g., in the processing of water of 
whatever phase, and gases or other materials, of energy, and 
of information, associated with combustion, of coal, etc; with 
other manufacture of energy and of material substance in 
preferred composition, form, state, and the production of 
purposed information-rich structures or forms and structures 
or forms for processing information; with the sensing or other 
collection, processing, communication of information and 
associated energetic and material entities, e.g., as information 
carriers, viz., modulating and as modulators, locally and non- 
locally, for example using functionally entrained (1.e., reso- 
nantly tuned) nonlocally paired single or doubled (for ener- 
getic balance) sets of more or less triple vortices, e.g., three- 
dimensionally depending on intended function, which are 
monitored and modulated at the origin (see 4(e) below), e.g., 
using one or more members of the class of modulators listed 
above, especially operator- or user-specifiable modulators, to 
enable transfer of informational, energetic, material pattern 
momentum between the nonlocally paired vortex sets, in 
order to facilitate convenient transfer of process-related pat- 
terning for the effective replication of data, of energy states, 
or transfer under competent operation conditions of low- 
dimensional-number patterns that act as localizing carriers 
for higher-dimensionally-resonant homeostatic structural 
fields and their associated states, 1.e., principally in living 
organisms. The same principle can be applied reflexively to 
enhance holotropic pattern stability of organisms with respect 
to an operator-programmable template field; e.g., as two 
examples among many, for conservation and improvement of 
biotic function and its patterned energetic basis using an 
algorithmically-controlled amplifier to enhance food stability 
and therefore conservation or to support healing based on 
modulation of a resonantly shaped and directed energy flow 
using a reflexively applied template which is functionally 
operator-enhanced. 
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1.2 Electrostatics and capacitors 


Electric charge is all around us. Indeed, many of the 
everyday items that we use in the home and at work 
rely for their operation on the existence of electric 
charge and the ability to make that charge do some- 
thing useful. Electric charge is also present in the 
natural world and anyone who has experienced an 
electrical storm cannot fail to have been awed by its 
effects. In this section we begin by explaining what 
electric charge is and how it can be used to produce 
conduction in solids, liquids and gases. 

We have already found that, if a conductor has 
a deficit of electrons, it will exhibit a net positive 
charge. If, on the other hand, it has a surplus of elec- 
trons, it will exhibit a net positive charge. An imbal- 
ance in charge can be produced by friction (removing 
or depositing electrons using materials such as silk 
and fur, respectively) or induction (by attracting or 
repelling electrons using a second body which is 
respectively positively or negatively charged). 

If two bodies have charges with the same polarity 
(i.e. either both positively or both negatively charged) 
the two bodies will move apart, indicating that a force 
of repulsion exists between them. If, on the other hand, 
the charges on the two bodies are unlike (1.e. one posi- 
tively charged and one negatively charged) the two 
bodies will move together, indicating that a force of 
attraction exists between them. From this we can con- 
clude that like charges repel and unlike charges attract. 

Static charges can be produced by friction. In 
this case, electrons and protons in an insulator are 
separated from each other by rubbing two materials 
together in order to produce opposite charges. These 
charges will remain separated for some time until 
they eventually leak away due to losses in the insu- 
lating dielectric material or in the air surrounding 
the materials. Note that more charge will be lost in a 
given time if the air is damp. 

Static electricity is something that can cause partic- 
ular problems in an aircraft and special measures are 
taken to ensure that excessive charges do not build up 
on the aircraft’s structure. The aim is that of equaliz- 
ing the potential of all points on the aircraft’s exter- 
nal surfaces. The static charge that builds up during 
normal flight can be dissipated into the atmosphere 
surrounding the aircraft by means of small conduc- 
tive rods connected to the aircraft’s trailing surfaces. 
These are known as static dischargers or static 
wicks — see Fig. 1.4. 


Figure 1.4 Static discharging devices 


Key point 


Charged bodies with the same polarity repel one 
another whilst charges with opposite polarity will 
attract one another. 


Key point 


A significant amount of charge can build up 
between conducting surfaces when they are insu- 
lated from one another. Where this might be a prob- 
lem steps are taken to dissipate the charge instead 
of allowing it to accumulate uncontrolled. 


Key maintenance point 


Stray static charges can very easily damage static- 
sensitive devices such as semiconductors, mem- 
ory devices and other integrated circuits. Damage 
can be prevented by adopting the appropriate 
electrostatic sensitive device (ESD) precautions 
(described in the aircraft maintenance manual) 
when handling such devices. Precautions usually 
involve using wrist straps and grounding leads as 
well as using static-dissipative packaging materials. 


1.2.1 Electric fields 


The force exerted on a charged particle is a manifes- 
tation of the existence of an electric field. The electric 
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Figure 1.5 Electric field between isolated 
unlike charges 
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Figure 1.6 Electric field between isolated 
like charges 


field defines the direction and magnitude of a force 
on a charged object. The field itself is invisible to the 
human eye but can be drawn by constructing lines 
which indicate the motion of a free positive charge 
within the field; the number of field lines in a particu- 
lar region being used to indicate the relative strength 
of the field at the point in question. 

Figures 1.5 and 1.6 show the electric fields between 
isolated unlike and like charges whilst Fig. 1.7 shows 
the field that exists between two charged parallel 
metal plates which forms a charge storage device 
known as a capacitor. 

The strength of an electric field (E) is proportional 
to the applied potential difference and inversely pro- 
portional to the distance between the two conducting 
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Figure 1.7 Electric field between the two 
charged parallel metal plates of a capacitor 
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Figure 1.8 Electric field strength between 
two charged conducting surfaces 


surfaces (see Fig. 1.8). The electric field strength is 
given by: 


E = 


a|s 


where £ is the electric field strength (in V/m), V is the 
applied potential difference (in V) and d is the dis- 
tance (in m). 

The amount of charge that can be stored by a 
capacitor is given by the relationship: 


Q=CXV 


where O is the charge in coulomb, C is the capaci- 
tance in farads, F, and V is the voltage in volts, V. This 
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relationship can be re-arranged to make C or V the 
subject as follows: 


Example 1.1 


Two parallel conductors are separated by a distance 
of 25 mm. Determine the electric field strength if they 
are fed from a 600 V DC supply. 


The electric field strength will be given by: 


where Y = 600V and d = 25mm = 0.025m. 
Thus: 


E = SALAS 24,000 V/m = 24kV/m 
0.025 


Example 1.2 


The field strength between two parallel plates in a 
cathode ray tube is 18kV/m. If the plates are sepa- 
rated by a distance of 21 mm determine the potential 
difference that exists between the plates. 


The electric field strength will be given by: 


E = 


ajs 


Re-arranging this formula to make V the subject 
gives: 


V=EXd 


Now  E=16kV/m = 18,000V/m and d= 
21mm =0.021 m, thus: 


V = 18,000 X 0.021 = 378 V 


Example 1.3 


A potential difference of 150V appears across the 
plates of a 2 uF capacitor. What charge is present? 


The charge can be calculated from: 


O=CXxY 
where C = 2uF and V = 150V, thus: 


O = 2uF X 150V = 300pC. 


Example 1.4 


A 68 uF capacitor is required to store a charge of 
170uC. What voltage should be applied to the 
capacitor? 


The voltage can be calculated from: 


Pel 
C 


where O = 170uC and C = 68 uF; thus: 


6.8 uF 6.8 uF 


Key maintenance point 


When replacing a capacitor it is essential to ensure 
that the replacement component is correctly rated 
in terms of type, value, working voltage and tem- 
perature. Capacitors are prone to failure if their 
maximum working voltage is exceeded and they 
should be de-rated when operated at a relatively 
high ambient temperature according to manufac- 
turers’ specifications. It is also essential to observe 
the correct polarity when replacing an electro- 
lytic (polarized) component. This is usually clearly 
marked on the external casing. 


Key maintenance point 


When working with high-voltage capacitors it is 
essential to ensure that the capacitor is fully dis- 
charged before attempting to replace the component. 
In most cases, any accumulated charge will safely 
drain away within a few seconds after removal of 
power. However, this should not be relied upon and 
a safe discharge path through a high-value resistor 
(say 1 MQ) fitted with appropriate probes will ensure 
that capacitor is safe to work on. 


Figure 1.9 A selection of capacitors with 
values ranging from 12pF to 1000uF and 
working voltages ranging from 25V to 450V 


Test your understanding 1.2 


1. The two plates of a parallel plate capacitor 
are separated by a distance of 15mm. If the 
potential difference between the plates is 300V 
what will the electric field strength be? 

2. The electric field between two conducting 
surfaces is 500V/m. lf the plates are separated 
by a distance of 2.5 mm, determine the potential 
difference between the plates. 


1.3 Direct current 


Direct current (DC) 1s current that flows in one direc- 
tion only. DC circuits are found in every aircraft. An 
understanding of how and why these circuits work is 
an essential prerequisite to understanding more com- 
plex circuits. Because of their negative charge, elec- 
trons will flow from a point of negative potential to 
a point with more positive potential (recall that like 
charges attract and unlike charges repel). However, 
when we indicate the direction of current in a circuit 
we show it as moving from a point that has the great- 
est positive potential to a point that has the most nega- 
tive potential. We call this conventional current and, 
although it may seem odd, you just need to remem- 
ber that it flows in the opposite direction to that of the 
motion of electrons! 

The most commonly used method of generat- 
ing direct current is the electrochemical cell. A cell 
is a device that produces a charge when a chemical 
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Figure 1.10 A typical aircraft battery 


reaction takes place. When several cells are connected 
together they form a battery. 

There are two types of cell: primary and second- 
ary. Primary cells produce electrical energy at the 
expense of the chemicals from which they are made 
and once these chemicals are used up, no more elec- 
tricity can be obtained from the cell. In secondary 
cells, the chemical action is reversible. This means 
that the chemical energy is converted into electrical 
energy when the cell is discharged whereas electrical 
energy is converted into chemical energy when the 
cell is being charged. You will find more information 
on aircraft batteries in Chapter 5. 


Key point 


Conventional current flows from positive to nega- 
tive whilst electrons travel in the opposite direction, 
from negative to positive. 


Key point 


In a primary cell the conversion of chemical energy 
to electrical energy is irreversible and so these cells 
cannot be recharged. In secondary cells, the con- 
version of chemical energy to electrical energy is 
reversible. Thus these cells can be recharged and 
reused many times. 
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Key maintenance point 


When removing and replacing batteries, it is 
essential to observe the guidance given in the air- 
craft maintenance manual (AMM) when removing, 
charging or replacing aircraft batteries. The AMM 
will describe the correct procedures for isolating the 
battery from the aircraft’s electrical system prior to 
its physical removal. 


Test your understanding 1.3 


1. Explain the difference between a primary and a 
secondary cell. 

2. Explain the difference between electron flow 
and conventional current. 


1.4 Current, voltage and resistance 


Current, /, is defined as the rate of flow of charge and 
its unit is the ampere, A. One ampere is equal to one 
coulomb C per second, or: 


Q 


One ampere of current / = = 
f 
Where ¢ = time in seconds 


So, for example: if a steady current of 3 A flows for 
two minutes, then the amount of charge transferred 
will be: 


O=TIXt=3A X120s = 360 coulombs 


Example 1.5 


A current of 45mA flows from one point in a circuit 
to another. What charge is transferred between the 
two points in 10 minutes? 


Here we will use O = /t where J = 45mA = 0.045A 
and ¿ = 10 minutes = 10 X 60 = 600 s. 
Thus: 


O = 45mA X 600s = 0.045A X 600s = 27C 


Example 1.6 


A charge of 1.5 C is transferred to a capacitor in 
30 seconds. What current is flowing in the capacitor? 


Here we will use Z = Q/t where O=1.5C and 
t = 30 s. Thus: 


t 30s 


Key point 


Current is the rate of flow of charge. Thus, if more 
charge moves in a given time, more current will 
be flowing. If no charge moves then no current is 
flowing. 


1.4.1 Potential difference (voltage) 


The force that creates the flow of current (or rate of 
flow of charge carriers) in a circuit is known as the 
electromotive force (or e.m.f.) and it is measured in 
volts (V). The potential difference (or p.d.) is the volt- 
age difference, or voltage drop between two points. 

One volt is the potential difference between two 
points if one Joule of energy is required to move one 
coulomb of charge between them. Hence: 


a te 
Q 


where W = energy and Q = charge, as before. Energy 
is defined later in Section 1.6. 


Test your understanding 1.4 


1. How much charge will be transferred when a 
current of 6A flows for two minutes? 

2. How long will it take for a charge of 0.2C to be 
transferred using a current of 0.5 A? 

3. If 0.4 J of energy is used to transfer 0.05C of 
charge between two points what is the potential 
difference between the two points? 


1.4.2 Resistance 


All materials at normal temperatures oppose the 
movement of electric charge through them; this oppo- 
sition to the flow of the charge carriers is known as 
the resistance, R, of the material. This resistance is 
due to collisions between the charge carriers (elec- 
trons) and the atoms of the material. The unit of 
resistance is the ohm, with symbol Q. 

Note that 1V is the electromotive force (e.m.f.) 
required to move 6.21 X 101% electrons (1 C) through 
a resistance of 1 Q in 1 second. Hence: 


where O = charge, t = time, and R = resistance. 
Re-arranging this equation to make R the subject 
gives: 


Example 1.7 


A 28V DC aircraft supply delivers a charge of 5C to 
a window heater every second. What is the resistance 
of the heater? 


Here we will use R = (V X t)/Q where V = 28V, 
QO = 5Candt = 1s. Thus: 


 VXt 28VXls _ 


Key point 


Metals such as copper and silver are good 
conductors of electricity. Good conductors have 
low resistance whilst poor conductors have high 
resistance. 


1.4.3 Ohm’s law 


The most basic DC circuit uses only two components; 
a cell (or battery) acting as a source of e.m.f., and a 
resistor (or load) through which a current is passing. 
These two components are connected together with 
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Connecting wire 


Battery Current Resistor 
(source) E flow ; (load) 
Connecting wire 
Current, / 
1 + 
Voltage, V Resistance, R Potential 
y difference, V 
Current, / 
Figure 1.11 A simple DC circuit consisting of 


a battery (source) and resistor (load) 


wire conductors in order to form a completely closed 
circuit as shown in Fig. 1.11. 

For any conductor, the current flowing is directly 
proportional to the e.m.f. applied. The current flow- 
ing will also be dependent on the physical dimen- 
sions (length and cross-sectional area) and material 
of which the conductor is composed. The amount of 
current that will flow in a conductor when a given 
e.m.f. 1s applied 1s inversely proportional to its resist- 
ance. Resistance, therefore, may be thought of as an 
‘opposition to current flow’; the higher the resistance 
the lower the current that will flow (assuming that the 
applied e.m.f. remains constant). 

Provided that temperature does not vary, the ratio 
of p.d. across the ends of a conductor to the current 
flowing in the conductor is a constant. This rela- 
tionship is known as Ohm’s law and it leads to the 
relationship: 


= aconstant = R 


~IS 
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V=/xR 


Figure 1.12 Relationship between V, /and R 


where V is the potential difference (or voltage drop) 
in volts (V), / is the current in amps (A), and R is the 
resistance in ohms (Q). 

This important formula may be arranged to make 
V, Tor R the subject, as follows: 


V=IXR I= 
R 


The triangle shown in Fig. 1.12 should help you 
remember these three important relationships. It is 
important to note that, when performing calculations 
of currents, voltages and resistances in practical cir- 
cuits, it is seldom necessary to work with an accu- 
racy of better than +1% simply because component 
tolerances are invariably somewhat greater than this. 
Furthermore, in calculations involving Ohm’s law, it 
is sometimes convenient to work in units of kQ and 
mA (or MQ and yA), in which case potential differ- 
ences will be expressed directly in V. 


Example 1.8 


A current of 0.1A flows in a 2200 resistor. What 
voltage drop (potential difference) will be developed 
across the resistor? 


Here we must use V= /XR and ensure that we 
work in units of volts (V), amps (A), and ohms (Q). 


V=IXR=01A X 220 = 22V 


Hence a p.d. of 22V will be developed across the 
resistor. 


Example 1.9 


An 189) resistor is connected to a 12 V battery. What 
current will flow in the resistor? 


Figure 1.13 A selection of resistors with 
values ranging from 0.12 to 10 MQ and power 
ratings from 0.1W to 15W 


Here we must use / = V/R (where V = 12V and 
R= 182): 


Hence a current of 2.4 A will flow in the resistor. 


Example 1.10 


A voltage drop of 15V appears across a resistor in 
which a current of 1mA flows. What is the value of 
the resistance? 


Here we must use R = V/I (where V = 15V and 
I= 1mA = 0.001 A) 


Note that it is sometimes more convenient to work 
in units of mA and V, which will produce an answer 
directly in kQ, i.e. 


Test your understanding 1.5 


1. An aircraft cable has a resistance of 0.02 (2 per 
foot. lf a 20 foot length of this cable carries a 
current of 0.5A what voltage will be dropped 
across the ends of the cable? 
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2. A relay has a coil resistance of 4000. What 
current is required to operate the relay from a 
24V supply? 

3. A current of 125yA flows when an insulation 
tester delivers 500V to a circuit. What is the 
resistance of the circuit? 


Key maintenance point 


When replacing a resistor it is essential to 
ensure that the replacement component is 
correctly rated in terms of type, value, power and 
temperature. Resistors are prone to failure if 
their maximum power is exceeded and they should 
be de-rated when operated at a relatively high 
ambient temperature according to manufacturers’ 
specifications. 


1.4.4 Kirchhoff’s laws 


Used on its own, Ohm’s law is insufficient to deter- 
mine the magnitude of the voltages and currents 
present in complex circuits. For these circuits we need 
to make use of two further laws; Kirchhoff’s current 
law and Kirchhoff’s voltage law. 

Kirchhoff’s current law states that the algebraic 
sum of the currents present at a junction (or node) 
in a circuit is zero — see Fig. 1.14. Kirchhoff’s 


L—L +1 +1=0 


Convention; 
Current flowing towards the junction is positive (+) 
Current flowing away from the junction is negative (-) 


Figure 1.14 Kirchhoff's current law 
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voltage law states that the algebraic sum of the poten- 
tial drops present in a closed network (or mesh) is 
zero — see Fig. 1.15. 


1.4.5 Series and parallel circuits 


Ohm's law and Kirchhoff’s laws can be combined to 
solve more complex series—parallel circuits. Before 
we show you how this is done, however, it’s important 
to understand what we mean by ‘series’ and ‘parallel’ 
circuit! 

Figure 1.16 shows three circuits, each containing 
three resistors, R,, Ry and R3: 


e In Fig. 1.16(a), the three resistors are connected 
one after another. We refer to this as a series 
circuit. In other words the resistors are said to be 
connected in series. It’s important to note that, in 
this arrangement, the same current flows through 
each resistor. 

e In Fig. 1.16(b), the three resistors are all connected 
across one another. We refer to this as a parallel 
circuit. In other words the resistors are said to be 
connected in parallel. It’s important to note that, in 
this arrangement, the same voltage appears across 
each resistor. 


E,—V,-V,-E,=0 


Convention: 

Move clockwise around the circuit starting with the positive 
terminal of the largest e.m.f. 

Voltages acting in the same sense are positive (+) 
Voltages acting in the opposite sense are negative (—) 


Figure 1.15 Kirchhoff's voltage law 
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(a) Series (c) Series-parallel 


(b) Parallel 


Figure 1.16 Series and parallel circuits 


e In Fig. 1.16(c), we have shown a mixture of 
these two types of connection. Here we can say 
that R, is connected in series with the parallel 
combination of R, and R3. In other words, R, and 
R, are connected in parallel and R, is connected in 
series with the parallel combination. 


Example 1.11 


Figure 1.17 shows a simple battery test circuit which 
is designed to draw a current of 2A from a 24V DC 
supply. The two test points, A and B, are designed for 
connecting a meter. Determine: 


(a) the voltage that appears between terminals A and 
B (without the meter connected); 
(b) the value of resistor, R. 


We need to solve this problem in several small stages. 
Since we know that the circuit draws 2A from the 
24V supply we know that this current must flow both 
through the 9() resistor and through R (we hope that 
you have spotted that these two components are con- 
nected in series!). 

We can determine the voltage drop across the 912 
resistor by applying Ohm’s law: 


V=IXR=2AX9Q = 18V 


Next we can apply Kirchhoff’s voltage law in 
order to determine the voltage drop, V, that appears 
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B 
Figure 1.17 Battery test circuit — see 
Example 1.11 
‘+ TEV —' 
|-¢-——+-| 


B 


Figure 1.18 Using Ohm's law to find the 
voltage dropped across the 9() resistor — see 
Example 1.11 


‘+ 18V — 


Figure 1.19 Using Kirchhoff’s law to find the 
voltage that appears between terminals A and 
B — see Example 1.11 


across R (1.e. the potential drop between terminals A 
and B): 


+24 V —-18V-Y =0 


From which: 
V =+6V 
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Figure 1.20 Using Ohm's law to find the 
value of R — see Example 1.11 


0.6 0 


Figure 1.21 See Test your understanding 1.6 


Finally, since we now know the voltage, V, and cur- 


rent, /, that flows in R, we can apply Ohm’s law again 
in order to determine the value of R: 


Key point 


Circuits with multiple branches can be solved using 
a combination of Kirchhoff’s laws and Ohm’s law. 


Test your understanding 1.6 


Determine the current and voltage present in each 
branch of the circuit shown in Fig. 1.21. 


1.5 Power and energy 


Power, P, is the rate at which energy is converted 
from one form to another and it is measured in watts 
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(W). The larger the amount of power the greater the 
amount of energy that is converted in a given period 
of time. 


l watt = 1 joule per second 


or 
Pes pia ee 
time, t 
thus: 
P= — W 
t 


Like all other forms of energy, electrical energy 
is the capacity to do work. Energy can be converted 
from one form to another. An electric fire, for exam- 
ple, converts electrical energy into heat. A filament 
lamp converts electrical energy into light, and so on. 
Energy can only be transferred when a difference in 
energy levels exists. 

The unit of energy is the joule (J). Then, from the 
definition of power, 


l joule = 1 watt X 1 second 


hence: 


Energy, W = (power, P) X (time, t) 
with units of (watts X seconds) 


thus 


W = PrJ 


Thus joules are measured in watt-seconds. If the 
power was to be measured in kilowatts and the time 
in hours, then the unit of electrical energy would be 
the kilowatt-hour (kWh) (commonly knows as a unit 
of electricity). The electricity meter in your home 
records the amount of energy that you have used 
expressed in kilowatt-hours. 

The power in an electrical circuit is equivalent to 
the product of voltage and current. Hence: 


P=IXV 


where P is the power in watts (W), Z is the current in 
amps (A), and V is the voltage in volts (V). 
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[0035] As cited above, a mathematical apparatus for calcu- 
lating projective-geometrically visualisable vortex and 
related path curves, including but not limited to a sample 
computer program, and sample illustrations of the families of 
curves employed here, which it is proposed are a functional 
correspondent class of the shapes observed and then designed 
and used by V. Schauberger, may be found in Lawrence 
Edwards’ work, inter alia: The Vortex of Life, 1993. See also 
articles in Mathematical-Physical Correspondence; and, The 
Field of Form, 1982. FIG. 4 illustrates examples of some 
applicable projective-geometric curves and their calculation 
from Edwards (1993); of classes of curves to be applied and 
based on the mathematical descriptions of their classes, to be 
used in examples, indicated descriptively in the foregoing 
(i.e., in the accompanying) text, of preferred embodiments of 
the invention. 


DETAILED DESCRIPTION OF THE INVENTION 


[0036] The present invention now will be described more 
fully with reference to the general inventive concept, and to 
illustrate embodiments of the invention. As this invention 
may be embodied in many different forms, its scope should 
not be construed as limited to the exemplary embodiments set 
forth; rather, the examples are provided to indicate a scope of 
potential preferred embodiments to those skilled in the art. 
[0037] The present invention of a system of methods to 
handle information, energy and materials and to modify their 
properties relates to the modification by manipulation itera- 
tively (including but not limited to, in particular, recursively; 
the term “iteratively” is so used throughout), simultaneously 
and prospectively or retrospectively, of the potential and 
manifest energetic, temporal and spacial coordinate, 
motional and orientational, coherence and informational or 
entropic status, dimensionality including but not limited to 
metric (dimensional curvature), combination or dissociation, 
of materials in amounts and states ranging from particle to 
compound and bulk mass, including but not limited to 
plasma, gas, solid and liquid states singly, intermixed or com- 
bined, making use of one or a coordinated combination (in- 
cluding but not limited to, as the case may be, ordered com- 
bination, 1.e., permutation; “combination” is so used as an 
inclusive term, throughout) of more than one structure and 
system of vibration and resonance of material or energetic 
shape, including but not limited to environmental Zeitgebers 
or related factors or their artificial analogues, in a feedback or 
resonance-controlled manner permitting dynamically active, 
1.e., reflexively, iteratively and synchronically varying differ- 
entiation, integration, transformation including but not lim- 
ited to metamorphosis or conversion from one state to 
another, of informational, energetic and associated material 
states, systems, forms and entities. 

[0038] The invention consists of a unimodal or multimodal 
integrated system of methods as outlined here to handle infor- 
mation, energy and material and modify their properties, 
including but not limited to local and nonlocal interaction, 
patterning and coherence. 

[0039] Anexampleofa class of embodiments is as it relates 
to communication of information, energy and material, par- 
ticularly between the holographic sub-quantum and quan- 
tum-level entrainment and cross-modulation of asymptoti- 
cally and hyperbolically n-dimensionally pattern-matched, 
e.g., including but not limited to in particular functionally 
synchronous nonlocal, systems of information, energy and 
material. 
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[0040] Another example of a class of embodiments is as it 
relates to holotropically “self-similar precursorial re-equili- 
bration of organisms and entities, including but not limited to 
in particular their energetic (viz. their persisting or durable 
sub- and quantum-resonant) template or formative pattern in 
a range of applications from medicine to physical device and 
structures maintenance, to re-establish a proximal functional 
and structural wholeness at a higher level of holistic func- 
tional coherence, in particular also therefore to re-tune them 
optimally with and to a resonant pattern of macro-environ- 
mentally current syntropy with its accessible dimensional and 
nondimensional substates. “Vis medicatrix naturae per facul- 
tatem formatrix”: 1.e., re-tune organism to their archetypal 
(basic, healthy) formative patterns in harmony with the mac- 
robiosphere, “The healing life of nature [accessed] through 
the formative faculty”. 


[0041] An example of a class of embodiments preferable 
for their obviously immediately beneficial and pertinent 
application relates principally to the energies and material 
substance associated with solids, with liquid and gaseous 
fluids and solids associated with them; to plasma, and asso- 
ciated quantum-energetic (viz., respectively, subquantum-en- 
ergetic, 1.e., including but not limited to, in particular, [“quan- 
tum”-]nonlocally entrained energetic-potential such as 
so-called zero-point) states. 


[0042] A specific application in this class of embodiment is 
its use for the pre-, real-time ongoing, and post-treatment of 
fluids, in particular, water and gases including but not limited 
to related particulates, associated with combustion, in the 
processing, particularly the cleaning, of pre-, combusting and 
post-combustion gases, in particular, respectively, gaseous/ 
ified combustants, products and proximal energy, materials 
and energetic patterns associated with combustion of e.g., 
hydrocarbons such as coal; by the use singly and in combi- 
nations; continuously, and discontinuously, through design- 
resonant, or forced pulsation inducing turbulence, pulsation, 
cavitation; of physical-structurally, or energetically, e.g., 
acoustically; magnetically; etc.; functionally spiraling, e.g., 
spirally-fluted piping, pathways which may be used to induce 
or facilitate; optionally with 2, 3 or more dimensional 
Chladni-figure, 1.e., cymatic, dynamically shifting resonance/ 
feedback-controlled — electro-magneto-gravitic-levitatory- 
opto-acoustic-temporal-spacial standing-wave patterns, 
including but not limited to scalar Whittaker fine structure 
signaling particularly for thermal behaviour control of mate- 
rials, and application of Grander and Tiller field-effect sys- 
tems; and also, optionally with a class of directly operator- 
driven phenomena, e.g., Keely-effect, Vogel-method or 
“Hutchison-effect” induction; 


[0043] to condense or rarefy and drive spacially, i.e., to 
segregate, mix, react, shape, etc., said fluids, viz. gases and 
their constituent and included substances including but not 
limited to precipitates, elements and compounds to be formed 
or dissociated, fractionated out, otherwise modified, and to 
assist in the production of energy; especially, in particular, 
where certain forms are approached or striven for or refer- 
enced, such as the mean as well as ideal value cycloid space 
curve families described by Lawrence Edwards in the life of 
nature, materials in these forms being evidently energizing 
resonant transducers of water quality renewal and related 
effects; and forms such as the bio-geometrically-analysed 
designs—e.g., concavities in structures, such as, e.g. a 
gradual half-degree indentation of each of the outer upper 
surfaces of the Great Pyramid at Giza used to induce “hori- 
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Figure 1.22 Relationship between P, land V 


The formula may be arranged to make P, / or V the 
subject, as follows: 


PENN ak Ye 
V 


The triangle shown in Fig. 1.22 should help you 
remember these three important relationships. It is 
important to note that, when performing calculations 
of power, current and voltages in practical circuits it 
is seldom necessary to work with an accuracy of bet- 
ter than +1% simply because component tolerances 
are invariably somewhat greater than this. 

Finally, we can combine the Ohm’s law relation- 
ship that we met earlier with the formulae for power 
to arrive at two further useful relationships: 


P=IXV=IX(UR) = FR 


P=IXV = 


2 
Spree: 
R 


Key point 


Power is the rate of using energy and a power of 
one watt corresponds to energy being used at the 
rate of one joule per second. 


Example 1.12 


An auxiliary power unit (APU) provides an output 
of 1.5kW for 20 minutes. How much energy has it 
supplied to the aircraft? 


Here we will use W = Pt where P= 1.5kW = 
1500 W and t = 20 minutes = 20 X 60 = 1200 s. 
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Thus: 


W = 1500 x 1200 = 1,800,000J = 1.8MJ 


Example 1.13 


The reservoir capacitor in a power supply is required 
to store 20 J of energy. How much power is required 
to store this energy in a time interval of 0.5 s? 


Re-arranging W = Pt to make P the subject gives: 


W 
p== 
t 


We can now find P when W = 20 J and t= 0.5s. 
Thus 


Example 1.14 


A main aircraft battery is used to start an engine. If 
the starter demands a current of 1000 A for 30 s and 
the battery voltage remains at 12 V during this period, 
determine the amount of electrical energy required to 
start the engine. 


We need to solve this problem in two stages. First we 
need to find the power delivered to the starter from: 


P=IV 
where / = 1000 A and V = 12V. Thus 


P = 1000 X 12 = 12,000W = 12kW 


Next we need to find the energy from: 
W = Pt 
where P = 12kW and ¢t = 30 s. Thus 


W = 12kW X 30s = 360kJ 


Example 1.15 


A 24V bench power unit is to be tested at its rated 
load current of 3A. What value of load resistor 
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is required and what should its minimum power 
rating be? 


The value of load resistance required can be calcu- 
lated using Ohm's law, as follows: 


The minimum power rating for the resistor will be 
given by: 


P = IV =3A X 24V = 72W 


Key point 


Power is the rate at which energy is converted from 
one form to another. A power of one watt is equiva- 
lent to one joule of energy being converted every 
second. 


Test your understanding 1.7 


1. A window heater is rated at 150W. How much 
energy is required to operate the heater for one 
hour? 

2. A resistor is rated at 110, 2W. What is the 
maximum current that should be allowed to flow 
in it? 

3. An emergency locator transmitter is fitted with 
a lithium battery having a rated energy content 
of 18kJ. How long can the unit be expected to 
operate if the transmitter consumes an input 
power of 2W? 


1.6 Electromagnetism and inductors 


Magnetism is an effect created by moving the ele- 
mentary atomic particles in certain materials such as 
iron, nickel and cobalt. Iron has outstanding magnetic 
properties, and materials that behave magnetically, in 
a similar manner to iron, are known as ferromagnetic 
materials. These materials experience forces that act 
on them when placed near a magnet. 

A magnetic field of flux is the region in which the 
forces created by the magnet have influence. This field 
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Figure 1.23 Field and flux directions for a 
bar magnet 


Current, | 


Magnetic field lines 


Conductor 


Figure 1.24 Field around a current-carrying 
conductor 


surrounds a magnet in all directions, being strongest 
at the end extremities of the magnet, known as the 
poles. Magnetic fields are mapped by an arrangement 
of lines that give an indication of strength and direc- 
tion of the flux as illustrated in Fig. 1.23. 

Whenever an electric current flows in a conductor 
a magnetic field is set up around the conductor in the 
form of concentric circles, as shown in Fig. 1.24. The 
field is present along the whole length of the conduc- 
tor and is strongest nearest to the conductor. Now 
like permanent magnets, this field also has direc- 
tion. The direction of the magnetic field is dependent 
on the direction of the current passing through the 
conductor. 

If we place a current-carrying conductor in a mag- 
netic field, the conductor has a force exerted on it. 
Consider the arrangement shown in Fig. 1.25, in 
which a current-carrying conductor is placed between 
two magnetic poles. The direction of the current pass- 
ing through it is into the page going away from us. 
Then by the right-hand screw rule, the direction of 
the magnetic field, created by the current in the con- 
ductor, is clockwise, as shown. We also know that the 
flux lines from the permanent magnet exit at a north 
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Figure 1.25 A current-carrying conductor in 
a magnetic field 


pole and enter at a south pole; in other words, they 
travel from north to south, as indicated by the direc- 
tion arrows. The net effect of the coming together of 
these two magnetic force fields 1s that at position A, 
they both travel in the same direction and reinforce 
one another. While at position B, they travel in the 
opposite direction and tend to cancel one another. So 
with a stronger force field at position A and a weaker 
force at position B the conductor is forced upwards 
out of the magnetic field. If the direction of the cur- 
rent was reversed, 1.e. if it was to travel towards us out 
of the page, then the direction of the magnetic field 
in the current-carrying conductor would be reversed 
and therefore so would the direction of motion of the 
conductor. 


Key point 


A magnetic field of flux is the region in which the 
forces created by the magnet have influence. This 
field surrounds a magnet in all directions and is 
concentrated at the north and south poles of the 
magnet. 


Key point 


Whenever an electric current flows in a conductor 
a magnetic field is set up in the space surround- 
ing the conductor. The field spreads out around the 
conductor in concentric circles with the greatest 
density of magnetic flux nearest to the conductor. 


The magnitude of the force acting on the conductor 
depends on the current flowing in the conductor, the 
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Figure 1.26 Magnetic field around a single 


turn loop 


length of the conductor in the field, and the strength 
of the magnetic flux (expressed in terms of its flux 
density). The size of the force will be given by the 
expression: 


F = Bil 


where F is the force in newtons (N), B is the flux 
density in tesla (T), Z is the current (A) and / is the 
length (m). 

Flux density is a term that merits a little more 
explanation. The total flux present in a magnetic field 
is a measure of the total magnetic intensity present in 
the field and it is measured in webers (Wb) and rep- 
resented by the Greek symbol, ®. The flux density, B, 
is simply the total flux, ®, divided by the area over 
which the flux acts, 4. Hence: 


vs 
| 
a | 


where B is the flux density (T), ® is the total flux 
present (Wb), and A is the area (m°). 

In order to increase the strength of the field, a con- 
ductor may be shaped into a loop (Fig. 1.26) or coiled 
to form a solenoid (Fig. 1.27). 


Example 1.16 


A flux density of 0.25 T is developed in free space 
over an area of 20 cm”. Determine the total flux. 
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Figure 1.27 Magnetic field around a coil or 
solenoid 


P 
Re-arranging the formula B = A to make $ the 
subject gives: 


® = BA 


thus: 


$ = 0.25T X 20cm* = 0.25T x 0.002 m? 
= 0.0005 Wb or 0.5 mWb 


Key point 


If we place a current-carrying conductor in a mag- 
netic field, the conductor has a force exerted on it. 
If the conductor is free to move this force will pro- 
duce motion. 


Key point 


Flux density is found by dividing the total flux 
present by the area over which the flux acts. 


1.6.1 Electromagnetic induction 


The way in which electricity is generated in a conduc- 
tor may be viewed as being the exact opposite to that 
which produces the motor force. In order to generate 
electricity we require movement in to get electricity 
out. In fact we need the same components to gener- 
ate electricity as those needed for the electric motor, 
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Relative 
movement 


Coil $ 


Figure 1.28 Demonstration of electromag- 
netic induction 


namely a closed conductor, a magnetic field and 
movement. 

Whenever relative motion occurs between a mag- 
netic field and a conductor acting at right angles to 
the field, an e.m.f. is induced, or generated in the con- 
ductor. The manner in which this e.m.f. is generated is 
based on the principle of electromagnetic induction. 

Consider Fig. 1.28, which shows relative move- 
ment between a magnet and a closed coil of wire. 
An e.m.f. will be induced in the coil whenever the 
magnet is moved in or out of the coil (or the mag- 
net is held stationary and the coil moved). The 
magnitude of the induced e.m.f., e, depends on 
the number of turns, N, and the rate at which the 
flux changes in thecoil, d®/dt . Note that this last 
expression is simply amathematical way of express- 
ing the rate of change of flux with respect to time. 

The e.m.f., e, is given by the relationship: 


where N is the number of turns and d®/dt is the 
rateof change of flux. The minus sign indicates that the 
polarity of the generated e.m.f. opposes the change. 

Now the number of turns N is directly related to the 
length of the conductor, /, moving through a magnetic 
field with flux density, B. Also, the velocity with which 
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Figure 1.29 Cutting lines of flux and the e.m.f. generated: (a) cutting lines of flux at 90°, 


e = Bliv, (b) cutting lines of flux at 0, e = Blv sin 0 


the conductor moves through the field determines the 
rate at which the flux changes in the coil as 1t cuts the 
flux field. Thus the magnitude of the induced (gener- 
ated) e.m.f., e, 1s proportional to the flux density, length 
of conductor and relative velocity between the field and 
the conductor. 

The magnitude of the 
depends on: 


induced e.m.f. also 


e the length of the conductor / in m 
e the strength of the magnetic field, B, in tesla (T) 
e the velocity of the conductor, v, in m/s. 


Hence: 


e oc Bly 


where B is the strength of the magnetic field (T), / is 
the length of the conductor in the field (m), and v is 
the velocity of the conductor (m/s). 

Now you are probably wondering why the above 
relationship has the proportionality sign. In order to 
generator an e.m.f. the conductor must cut the lines of 
magnetic flux. If the conductor cuts the lines of flux 
at right angles (Fig. 1.29(a)) then the maximum e.m.f. 
is generated; cutting them at any other angle 0 (Fig. 
1.29(b)), reduces this value until 6 = 0°, at which 
point the lines of flux are not being cut at all and no 
e.m.f. is induced or generated in the conductor. So the 
magnitude of the induced e.m.f. is also dependent on 
sin 0 . So we may write: 


e = Bliv sing 


1.6.2 Faraday’s and Lenz’s laws 


When a magnetic flux through a coil is made to vary, 
an e.m.f. is induced. The magnitude of this e.m.f. is 
proportional to the rate of change of magnetic flux. 
What this law is saying in effect is that relative move- 
ment between the magnetic flux and the conductor is 
essential to generate an e.m.f. The voltmeter shown in 
Fig. 1.29 indicates the induced (generated) e.m.f. and 
if the direction of motion changes the polarity of the 
induced e.m.f. in the conductor changes. Faraday’s 
law also tells us that the magnitude of the induced 
e.m.f. is dependent on the relative velocity with which 
the conductor cuts the lines of magnetic flux. 

Lenz’s law states that the current induced in a con- 
ductor opposes the changing field that produces it. It 
is therefore important to remember that the induced 
current always acts in such a direction so as to oppose 
the change in flux. This is the reason for the minus 
sign in the formula that we met earlier: 


y 
dt 


e = 


Key point 


The induced e.m.f. tends to oppose any change of 
current and because of this we often refer to itas a 
back e.m.f. 
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Example 1.17 


A closed conductor of length 15cm cuts the mag- 
netic flux field of 1.25 T with a velocity of 25 m/s. 
Determine the induced e.m.f. when: 


(a) the angle between the conductor and field lines 
is 60° 

(b) the angle between the conductor and field lines 
is 90°. 


(a) The induced e.m.f. is found using e = Bly sind, 
hence: 


e = 1.25 X 0.15 Xx 25 x sin60° 
= 4.688 X 0.866 = 4.06 V 


(b) The maximum induced e.m.f. occurs when the 
lines of flux are cut at 90°. In this casee = Blv 
sin 9 = Bly (recall that sin 90°= 1), hence: 


e = 1.25 Xx 0.15 X 25 = 469V 


1.6.3 Self-inductance and mutual 
inductance 


We have already shown how an induced e.m.f. (i.e. 
a back e.m.f.) is produced by a flux change in an 
inductor. The back e.m.f. is proportional to the rate of 
change of current (from Lenz’s law), as illustrated in 
Fig. 1.30. 

This effect is called self-inductance (or just induct- 
ance) which has the symbol ZL. Self-inductance is 
measured in henries (H) and is calculated from: 

e = a 
dt 


Self-inductance, L 


e 


Flux (changing) 


Current changing di 


at a rate given by — 
at 


Induced e.m.f., e = A 
dt 


NE: Induced e.m.f. opposes current change 


Figure 1.30 Self-inductance 
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where L is the self-inductance, di/dt is the rate 
ofchange of current and the minus sign indicates that 
the polarity of the generated e.m.f. opposes the change 
(you might like to compare this relationship with the 
one shown earlier for electromagnetic induction). 

The unit of inductance is the henry (H) and a coil is 
said to have an inductance of 1 H if a voltage of 1 V is 
induced across it when a current changing at the rate 
of 1 A/s is flowing in it. 


Example 1.18 


A coil has a self-inductance of 15mH and is subject 
to a current that changes at a rate of 450 A/s. What 
e.m.f. is produced? 


Now e = —L di/dt and hence: 
e = -15Xx107* x 450 = -6.75V 


Note the minus sign. This reminds us that a back 
e.m.f. of 6.75 V is induced. 


Example 1.19 


A current increases at a uniform rate from 2A to 
6A in a time of 250 ms. If this current is applied to an 
inductor determine the value of inductance if a back 
e.m.f. of 15 V is produced across its terminals. 


Now e = —Ldi/dt andhence L = —edi/dt 


Thus 
x< -3 
L=-—(-15)X A 2 eee 
(6 — 2) 
= 937.5 X10” 
= 0.94H 


Finally, when two inductors are placed close to one 
another, the flux generated when a changing current 
flows in the first inductor will cut through the other 
inductor (see Fig. 1.31). This changing flux will, in 
turn, induce a current in the second inductor. This 
effect is known as mutual inductance and it occurs 
whenever two inductors are inductively coupled. This 
is the principle of a very useful component, the trans- 
former, which we shall meet later. 
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Figure 1.31 Mutual inductance 
E | 
| R L W 
- - 
| | 
[EMPATA A ee ee eT See | 
= Resistance of 
coil winding 


Figure 1.32 A real inductor has resistance 
as well as inductance 


1.6.4 Inductors 


Inductors provide us with a means of storing electri- 
cal energy in the form of a magnetic field. Typical 
applications include chokes, filters, and frequency 
selective circuits. The electrical characteristics of 
an inductor are determined by a number of fac- 
tors including the material of the core (if any), the 
number of turns, and the physical dimensions of 
the coil. 

In practice every coil comprises both inductance 
and resistance and the circuit of Fig. 1.32 shows these 
as two discrete components. In reality the inductance, 
L, and resistance, R, are both distributed throughout 
the component but it is convenient to treat the induct- 
ance and resistance as separate components in the 
analysis of the circuit. 


Key point 


An e.m.f. is produced when the magnetic flux pass- 
ing through an inductor changes. 
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Figure 1.33 A selection of inductors with 
values ranging from 100nH to 4H and current 
ratings ranging from 0.1 Ato 10A 


Key point 


The current induced in a conductor always opposes 
the change that produces it. 


Test your understanding 1.8 


1. A 1.5m length of wire moves perpendicular to 
a magnetic flux field of 0.75 T. Determine the 
e.m.f. that will be induced across the ends of 
the wire if it moves at 10 m/s. 

2. An e.m.f. of 30V is developed across the 
terminals of an inductor when the current 
flowing in it changes from zero to 10 A in half a 
second. What is the value of inductance? 


1.7 Alternating current and 
transformers 


Direct currents are currents which, even though their 
magnitude may vary, essentially flow only in one 
direction. In other words, direct currents are unidirec- 
tional. Alternating currents, on the other hand, are bi- 
directional and continuously reversing their direction 
of flow, as shown in Fig. 1.34. 

A graph showing the variation of voltage or cur- 
rent present in a circuit is known as a waveform. 
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Current, / 


Time, t 


(a) Direct current 


Current, ¡ 


+ 


Time, t 


(b) Alternating current 


Figure 1.34 Comparison of direct and 


alternating current 


There are many common types of waveform encoun- 
tered in electrical circuits including sine (or sinusol- 
dal), square, triangle, ramp or sawtooth (which may 
be either positive or negative), and pulse. Complex 
waveforms like speech or music usually comprise 
many components at different frequencies. Pulse 
waveforms found in digital circuits are often catego- 
rized as either repetitive or non-repetitive (the former 
comprises a pattern of pulses which regularly repeats 
whilst the latter comprises pulses which constitute a 
unique event). Several of the most common waveform 
types are shown in Fig. 1.35. 


1.7.1 Frequency and periodic time 


The frequency of a repetitive waveform is the number 
of cycles of the waveform that occur in unit time. 
Frequency is expressed in hertz (Hz). A frequency of 
1 Hz is equivalent to one cycle per second. Hence, if an 
aircraft supply has a frequency of 400 Hz, 400 cycles 
of the supply will occur in every second (Fig. 1.36). 
The periodic time (or period) of a waveform is the 
time taken for one complete cycle of the wave (see 
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Figure 1.35 Various waveforms 


Fig. 1.37). The relationship between periodic time 
and frequency is thus: 


where f is the periodic time (in seconds) and f is the 
frequency (in Hz). 


Example 1.20 


An aircraft generator operates at a frequency of 
400 Hz. What is the periodic time of the voltage 
generated? 
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Figure 1.36 Waveforms with different 


frequencies 


Periodic time = t 
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Figure 1.37 Periodic time 
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Now 


Hence the voltage will have a periodic time 
of 2.5 ms. 


Example 1.21 


A bench AC supply has a periodic time of 20 ms. 
What is the frequency of the supply? 


Now 


t 20 ms 0.02s 


Hence the supply has a frequency of 50 Hz. 


1.7.2 Average, peak, peak—peak, and 
r.m.s. values 


The average value of an alternating current which 
swings symmetrically above and below zero will 
obviously be zero when measured over a long period 
of time. Hence average values of currents and volt- 
ages are invariably taken over one complete half cycle 
(either positive or negative) rather than over on com- 
plete full cycle (which would result in an average 
value of zero). 

The peak value (or maximum value or ampli- 
tude) of a waveform 1s a measure of the extent of its 
voltage or current excursion from the resting value 
(usually zero). The peak-to-peak value for a wave 
which is symmetrical about its resting value is twice 
its peak value. 

The root mean square (r.m.s.) or effective value 
of an alternating voltage or current is the value which 
would produce the same heat energy in a resistor as a 
direct voltage or current of the same magnitude. Since 
the r.m.s. value of a waveform is very much depend- 
ent upon its shape, values are only meaningful when 
dealing with a waveform of known shape. Where the 
shape of a waveform is not specified, r.m.s. values are 
normally assumed to refer to sinusoidal conditions. 

For a given waveform, a set of fixed relation- 
ships exist between average, peak, peak—peak, and 
r.m.s. values. The required multiplying factors for 
sinusoidal voltages and currents are summarized in 
the table shown below. 
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Wanted quantity 
average peak peak-peak 71.M.S. 
Given quantity average l 1.57 3.14 1.11 
peak 0.636 1 2 0.707 
peak—peak 0.318 0.5 l 0.353 
r.m.s. 0.9 1.414 2.828 1 
From the table we can conclude that, for example: Voltage or 
V, = 0.636 X Vax ¿A =2 xXx Vee current Rms 
and Vms = 0.707 X V + 3 ges 2 or dr Yo 
Similar relationships apply to the corresponding A Peak 
alternating currents, thus: Average 


E TOA lus DT 


and /..., = 0.707 X Lo 


peak > 


Example 1.22 


A generator produces an r.m.s. sine wave output 
110V. What is the peak value of the voltage? 


Now 


V, =1.414 X Vims. =1.414 X 110 V =155.5V 


p 


Hence the voltage has a peak value of 311 V. 


Example 1.23 


A sinusoidal current of 40A peak—peak flows in a cir- 
cuit. What is the r.m.s. value of the current? 


Now 


I =0.353 X Ipx—pk=0.353 xX 40 A =14.12 A 


Hence the current has an r.m.s. value of 14.12 A. 


Key point 


The root mean square (r.m.s.) value of an alter- 
nating voltage will produce the same amount of 
heat in a resistor as a direct voltage of the same 
magnitude. 


Figure 1.38 Average, r.m.s., peak and peak- 
peak values of a sine wave 


1.7.3 Three-phase supplies 


The most simple method of distributing an AC supply 
is a system that uses two wires. In fact, this is how 
AC is distributed in your home (the third wire present 
is simply an earth connection for any appliances that 
may require it for safety reasons). In many practi- 
cal applications, including aircraft, it can be advan- 
tageous to use a multiphase supply rather than a 
single-phase supply (here the word phase simply 
refers to an AC voltage source that may not be rising 
and falling at the same time as other voltage sources 
that may be present). 

The most common system uses three separate volt- 
age sources (and three wires) and is known as three- 
phase. The voltages produced by the three sources are 
spaced equally in time such that the angle between 
them is 120° (or 360°/3). The waveforms for a three- 
phase supply are shown in Fig. 1.37 (note that each 
is a sine wave and all three sine waves have the same 
frequency and periodic time). We shall be returning 
to this topic in greater detail in Chapter 4 when we 
introduce three-phase power generation. 
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zontal negative green”, and other, cone-pendulum-response 
states as presented and described by A. Kareem, R. Gilbert 
and others—which may be favourable or conducive to the 
improvement of informational content, energy and material, 
e.g., 1.e., 1n this case of quality of water and gases and their 
forms and behaviours, especially combustion-associated 
gases and water in whatever phase, and of their environment, 
and of related cleansing, reactive or structural-energetic- 
chemical including but not limited to biochemical stabilizing 
activity in this setting as well as in other settings such as 
biochemical cleansing, stabilisation, renewal of living organ- 
isms, their environment and precedents including but not 
limited to inputs and succedents including but not limited to 
outputs. 

[0044] Modulation preferentially may be varied in feed- 
back, resonantly simultaneous with, or preceding (e.g., 
within entrainment parameter values range) synchrony with, 
environmental Zeitgebers and their measures, e.g., using 
rhythmitized shapes (rhythmitised shaping functions in 
classes such as that of the Great pyramid, cow horns and other 
natural structures as resonators, described as mathematical 
function classes by L. Edwards), with respect to the patterns 
shown by astronomical ephemerides, and the mathematical 
descriptions of, in particular, planes and other shapes or fig- 
ures formed among massive bodies during their transits, by 
astronomically related variations in the values of the tensor 
Tau sub jk and associated described functions including but 
not limited to those identified by G. Unger of Dornach, Swit- 
zerland, and by associated indicators; to optimise negentropic 
as well as entropic functions severally and in combination. 
[0045] A specific class of instances of this kind of embodi- 
ment would utilise rotating multimodal fields and resonant 
“radiative” and “field” effects, whether by gross energetic 
induction as described or by resonant rhythmitised shaping or 
by indirect Tiller-type or directly operator-programmed tun- 
ing or combinations to induce essentially, preferably by 
means without moving parts, 


[0046] the enlivening of energy and of material, 1.e., of 
water; 
[0047] pre-cleaning and conditioning of gases; including 


but not limited to, for both water and combustion-related 
gases, electrical or other energetic charging or programming, 
e.g., magnetic induction of appropriate coherent spin and 
precession of particles and other structures, e.g., hydrogen 
proton precession; 

[0048] cymatic vortical motion including but not limited to, 
based on the work of Viktor Schauberger, Theodor Schwenk 
and others, centripetal as well as, as may be useful or condu- 
cive in application, centrifugal, and alternating centripetal/ 
centrifugal, with “braiding” of flows to facilitate blending— 
respectively separation of succedent materials and states—of 
spiraling gases and water; leading to improved mixing, modi- 
fication and separation of materials, and improved control of 
energy production, improved cleansing and production of 
associated materials in usable higher quality lower cost form 
than might otherwise be the case; 

[0049] modification of gasification, precipitation, and 
endo/exothermic processes by Whittaker fine structure sig- 
naling, by Grander spacial and magnetic induction, et. seq., 
especially for real-time process- and flow-control stabilisa- 
tion; 

[0050] modification of the foregoing and of other pro- 
cesses, states and conditions through operator-controlled 
intent and concentration of energies, indirectly by program- 
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mable-unit Tiller “field effect” action, viz. gauge-symmetry 
level modulation, as well as directly, including but not limited 
to Keely-technology and Vogel-methodology effects. 

[0051] An example of a design which preferably embodies 
elements of the foregoing in an application to facilitate pro- 
duction of clean combustion by-products of coal and of other 
combustibles or pre-combustible feedstocks and their com- 
bustion processing materials and systems, the materials being 
principally water and air, with an optimal net production of 
environmentally life-enhancing (1.e., also therefore, mini- 
mally life-degrading) quality and quantity of energy, material 
and information especially bioinformation, is as follows: 
[0052] Iteratively, and by resonance including but not lim- 
ited to pre-emptive or pattern-anticipatory entrainment-lever- 
aging e.g., phase-lock, signaling, 

[0053] 1. Form water and gas flows architecturally, 1.e., 
physical-structurally using the patented and unpatented built 
as well as the designed examples from among: R. Steiner; 
especially, V. Schauberger with numerous illustrations of 
examples in patents and other literature to be cited; T. Sch- 
wenk; J. Grander; and for informational, energetic and mate- 
rials modulating effects using shaped rhythmitised materials, 
E. von Bezold (2001); and, by means of a “complex” vortex, 
1.e., a set of complex vortices each comprised of multiple 
vortices arranged in groups as dynamically stable standing- 
wave “cells”, the focal point of each of which may centre on 
and be contiguous with the focal point of a corresponding 
collinear vortex whose mouth is pointed in the opposite direc- 
tion to the first, or with the focal points of anumber of vortices 
dynamically balanced energetically and in space, all with one 
another. 

[0054] 2. Also shape the streams, e.g., for a first approxi- 
mation as exemplified in the foregoing paragraph, vibra- 
tionally by tuned coherent energetic induction and modula- 
tion magnetically/diamagnetically,  opto-acoustically- 
thermally using dynamic Chladni-figure standing-wave 
vortices, i.e., after the cymatics of H. Jenny et. al—also 
approached by the flow forms of Wilkes, articulated by A. 
Husemann and others, also alluded to mathematically by G. 
Adams, by P. Forchheimer, later by T. Schwenk (1954) who 
cites I Prigogine in the context of sensitive control-response; 
discussed mathematically by R. Abram and concurrently and 
subsequently especially in the work of L. Edwards—in the 
classes of shapes expressed mathematically by L. Edwards 
(1993) who provides calculation methods, computer software 
and diagrammatic illustrations: oscillating, varying, within 
and around syntropic, life optima “antenna” shapes, e.g., 
mean as well as ideal shapes, tuned over time to work with 
principal macro-environmental (Zeitgeber) rhythms; and 
transformed (e.g., by rotation and by translation in flow, e.g., 
induced acoustically or by optically-tunnelled electromag- 
netic radiation, e.g., amplitude-, frequency- and waveform- 
specific light, such as squeezed light or other coherent as well 
as incoherent light) metrically and physico-chemically, pul- 
sated, and otherwise modulated to induce enhanced laminar 
flow, controlled turbulence, and cavitation-reformative col- 
lapse cycles, including but not limited to cycles that are rhyth- 
mically- 1.e. resonantly-enhanced; and further to modulate 
the sensitive, cf. T. Schwenk, non-equilibrium, cf. I. Prigog- 
ine, self-organising activity. 

[0055] 3. Concurrently, modify the processes locally and 
globally, in part and in whole, using as appropriate the means 
described in 1. and 2., and other available signalling energiz- 
ing systems as modulators for the above control systems and 
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1.7.4 Reactance 


In an AC circuit, reactance, like resistance, is sim- 
ply the ratio of applied voltage to the current flowing. 
Thus: 


o = 


DS 


where X is the reactance in ohms (Q), V is the alter- 
nating potential difference in volts (V) and / is the 
alternating current in amps (A). 

In the case of capacitive reactance (i.e. the reac- 
tance of a capacitor) we use the suffix, C, so that the 
reactance equation becomes: 


Similarly, in the case of inductive reactance (i.e. 
the reactance of an inductor) we use the suffix, L, so 
that the reactance equation becomes: 


The voltage and current in a circuit containing pure 
reactance (either capacitive or inductive) will be out 
of phase by 90°. In the case of a circuit containing 
pure capacitance the current will lead the voltage by 
90° (alternatively we can say that the voltage lags the 
current by 90°). This relationship is illustrated by the 
waveforms shown in Fig. 1.40. 

In the case of a circuit containing pure inductance 
the voltage will lead the current by 90° (alternatively 
we can also say that the current lags the voltage by 
90°). This relationship is illustrated by the waveforms 
shown in Fig. 1.41. 


Key point 


A good way of remembering leading and lagging 
phase relationships is to recall the word CIVIL, as 
shown in Fig. 1.42. Note that, in the case of a cir- 
cuit containing pure capacitance (C) the current (/) 
will lead the voltage (V) by 90° whilst in the case of 
a circuit containing pure inductance (L) the voltage 
(V) will lead the current (/) by 90°. 
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Figure 1.39 Waveforms for a three-phase 
AC supply 
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Figure 1.40 Voltage and current waveforms 


for a pure capacitor (the current leads the 
voltage by 90°) 
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Figure 1.41 Voltage and current waveforms 
for a pure capacitor (the voltage leads the 
current by 90°) 


In a capacitor, C, current, /, leads voltage, V 


In an inductor, L, current, /, leads voltage, V 


Figure 1.42 Using CIVIL to determine phase 
relationships in circuits containing capacitance 
and inductance 


The reactance of an inductor (inductive reactance) 
is directly proportional to the frequency of the applied 
alternating current and can be determined from the 
following formula: 


XA, = 27 fL 


where X is the reactance in (2, f is the frequency in 
Hz, and L is the inductance in H. 

Since inductive reactance is directly proportional to 
frequency (X; « f), the graph of inductive reactance 
plotted against frequency takes the form of a straight 
line (see Fig. 1.43). 
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Inductive 
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Figure 1.43 Variation of inductive reactance, 
XL, with frequency, f 


Example 1.24 


Determine the reactance of a 0.1 H inductor at (a) 
100 Hz and (b) 10 kHz. 


(a) At 100Hz, X, = 2x X 100 X 0.1 = 62.82 
(b) At 10kHz, X, = 27 X 10,000 X 0.1 = 6280 = 
6.28kQ. 


The reactance of a capacitor (capacitive reactance) is 
inversely proportional to the frequency of the applied 
alternating current and can be determined from the 
following formula: 


l 
27 fC 


Xc = 


where Xc is the reactance in Q, fis the frequency in 
Hz, and C is the capacitance in F. 

Since capacitive reactance is inversely proportional 
to frequency (X; « 1/f ), the graph of inductive reac- 
tance plotted against frequency takes the form of a 
rectangular hyperbola (see Fig. 1.44). 


Example 1.25 


Determine the reactance of a 1 uF capacitor at (a) 
100 Hz and (b) 10 kHz. 


(a) At 100Hz, 


“ fC 2wxX100X1X10° 
= a = 1.59KQ 
10 


Electrical fundamentals 


Capacitive 
reactance, Xo 


Frequency, / 


Figure 1.44 Variation of 
reactance, Xc, with frequency, f 


Capacitive 


(b) At 10kHz, 
1 1 
Ac = EA aeae 
2rfC 27 x10Xx10*x1Xx10 
= 0.159 x 10° = 15.90 
Key point 


When alternating voltages are applied to capaci- 
tors or inductors the magnitude of the current flow- 
ing will depend upon the value of capacitance or 
inductance and on the frequency of the voltage. In 
effect, capacitors and inductors oppose the flow of 
current in much the same way as a resistor. The 
important difference being that the effective resist- 
ance (or reactance) of the component varies with 
frequency (unlike the case of a conventional resis- 
tor where the magnitude of the current does not 
change with frequency). 


1.7.5 Impedance 


Circuits that contain a mixture of both resistance and 
reactance (either capacitive reactance or inductive 
reactance or both) are said to exhibit impedance. 
Impedance, like resistance and reactance, is simply 
the ratio of applied voltage to the current flowing. 
Thus: 
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Figure 1.45 The impedance triangle 


where Z is the impedance in ohms ((2), V is the alter- 
nating potential difference in volts (V) and Z is the 
alternating current in amps (A). 

Because the voltage and current in a pure reac- 
tance are at 90° to one another (we say that they are 
in quadrature) we can’t simply add up the resistance 
and reactance present in a circuit in order to find its 
impedance. Instead, we can use the impedance trian- 
gle shown in Fig. 1.45. The impedance triangle takes 
into account the 90° phase angle and from it we can 
infer that the impedance of a series circuit (R in series 
with X) is given by: 

Z=~VR + X’ 
where Z is the impedance (in {2), X is the reactance, 
either capacitive or inductive (expressed in (2), and 
R is the resistance (also in Q). 

We shall be explaining the significance of the 
phase angle, ¢, later on. For now you simply need to 
be aware that ¢ is the angle between the impedance, 
Z, and the resistance, R. Later on we shall obtain 
some useful information from the fact that: 


opposite 


sing = a from which 


hypotenuse 


— aresin( A 
o = arcsin Z 


adjacent 


coso = = = from which 


hypotenuse 


= = 
o = arcoos| 7 


and 


tang = ——— = from which 


adjacent 


= = 
o = arctan T | 


opposite _ X 
R 
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Key point 


Resistance and reactance combine together to 
make impedance. In other words, impedance is 
the resultant of combining resistance and reactance 
in the impedance triangle. Because of the quad- 
rature relationship between voltage and current 
in a pure capacitor or inductor, the angle between 
resistance and reactance in the impedance triangle 
is always 90°. 


Example 1.26 


A resistor of 30 Q is connected in series with a capac- 
itive reactance of 400). Determine the impedance of 
the circuit and the current flowing when the circuit is 
connected to a 115 V supply. 


First we must find the impedance of the C-R series 
circuit: 


Z=VR4+ X = 430? + 40? 
= /2,500 = 500 


The current taken from the supply can now be 
found: 


Example 1.27 


A coil is connected to a 50V AC supply at 400 Hz. 
If the current supplied to the coil is 200mA and the 
coil has a resistance of 60{2, determine the value of 
inductance. 


Like most practical forms of inductor, the coil in this 
example has both resistance and reactance (see Fig. 
1.31). We can find the impedance of the coil from: 


A 
I 02 
Since Z=WVR+X?, 
Z=R+X and X*=Z*-R 


Aircraft electrical and electronic systems 


from which: 
K-SZ SR EDO = 60 
= 62,500 — 3,600 
= 58,900 
Thus 
X = 458,900 = 2432 


Now since X, = 27fL, 
a eee i 
27 6.28 X 400 

243 


Hence 


L = 97mH 


1.7.6 Resonance 


It is important to note that a special case occurs when 
Xc = XL in which case the two equal but opposite 
reactances effectively cancel each other out. The 
result of this is that the circuit behaves as if only 
resistance, R, is present (in other words, the imped- 
ance of the circuit, Z = R). In this condition the cir- 
cuit is said to be resonant. The frequency at which 
resonance occurs is given by: 


Xo = A, 
thus 
a 27 fL 
2r fC 
from which 
1 
¿NO 
f An? LC 
and thus 
1 
J 
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where f is the resonant frequency (in Hz), £ is the 
inductance (in H) and C is the capacitance (in E). 


Example 1.28 


A series circuit comprises an inductor of 10mH, a 
resistor of 50(2 and a capacitor of 40nF. Determine 
the frequency at which this circuit is resonant and the 
current that will flow in it when it is connected to a 
20V AC supply at the resonant frequency. 


Using: 


l 


2T7Y4LC 


where L = 10 X 10°? Hand C = 40 x 10 ?F gives: 


JE 


1 
J 7 =3 —9 

6.28410 X 10° x 40 x 10 

_ 0.159 _ 0.159 
V4x10 2Xx10” 

1 

= 2:15 - 7,950 = 7.95kHz 

2x10 


At the resonant frequency the circuit will behave as 
a pure resistance (recall that the two reactances will 
be equal but opposite) and thus the supply current at 
resonance can be determined from: 


1.7.7 Power factor 


The power factor in an AC circuit containing resist- 
ance and reactance 1s simply the ratio of true power 
to apparent power. Hence: 


true power 
Power factor = P 


apparent power 


The true power in an AC circuit is the power that is 
actually dissipated as heat in the resistive component. 
Thus: 


True power = I°R 
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where / is r.m.s. current and R is the resistance. True 
power is measured in watts (W). 

The apparent power in an AC circuit is the power 
that is apparently consumed by the circuit and is 
the product of the supply current and supply volt- 
age (which may not be in phase). Note that, unless 
the voltage and current are in phase (1.e. ¢ = 0°), 
the apparent power will not be the same as the power 
which is actually dissipated as heat. Hence: 


Apparent power = IV 


where / is r.m.s. current and V is the supply volt- 
age. To distinguish apparent power from true power, 
apparent power is measured in volt-amperes (VA). 

Now since V = IZ we can re-arrange the apparent 
power equation as follows: 


Apparent power = IV = I X IZ =I°Z 


Now returning to our original equation: 


true power 
Power factor = P 


apparent power 
PR FR PR R 


From the impedance triangle shown earlier in 
Fig. 1.43, we can infer that: 


R 
Power factor = F = coso 


Example 1.29 


An AC load has a power factor of 0.8. Determine the 
true power dissipated in the load if it consumes a cur- 
rent of 2 A at 110V. 


Now since: 


true power 
Power factor = coso = ADO: — 
apparent power 


True power = power factor X apparent power = 
power factor X VI. Thus: 


True power = 0.8 X 2 X 110 = 176W 
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Example 1.30 


A coil having an inductance of 150mH and resistance 
of 2500 is connected to a 115V 400 Hz AC supply. 
Determine: 


(a) the power factor of the coil 
(b) the current taken from the supply 
(c) the power dissipated as heat in the coil. 


(a) First we must find the reactance of the inductor, 
Xı, and the impedance, Z, of the coil at 400 Hz. 


X, = 27 X 400 x 150 x 10° = 3760 


and 
Z = JR + X? = 4250" +376 = 45229 


We can now determine the power factor from: 


(b) The current taken from the supply can be 
determined from: 


(c) The power dissipated as heat can be found from: 


True power = power factor X VI 
0.553 X 115 X 0.254 
= 16.15 W 


Key point 


In an AC circuit the power factor is the ratio of true 
power to apparent power. The power factor is also 
the cosine of the phase angle between the supply 
current and supply voltage. 


Test your understanding 1.9 


1. Determine the reactance of a 60 mH inductor at 
(a) 20 Hz and (b) 4kHz. 

2. Determine the reactance of a 220nF capacitor 
at (a) 400 Hz and (b) 20kHz. 
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3. A O.5uF capacitor is connected to a 110V 
400 Hz supply. Determine the current flowing in 
the capacitor. 

4. A resistor of 120( is connected in series with 
a Capacitive reactance of 1600. Determine the 
impedance of the circuit and the current flowing 
when the circuit is connected to a 200V AC 
supply. 

5. A capacitor or 2uF is connected in series with a 
100 resistor across a 24V 400Hz AC supply. 
Determine the current that will be supplied 
to the circuit and the voltage that will appear 
across each component. 

6. An 80mH coil has a resistance of 100. 
Calculate the current flowing when the coil is 
connected to a 250V 50Hz supply. 

7. Determine the phase angle and power factor 
for Question 6. 

8. An AC load has a power factor of 0.6. If the 
current supplied to the load is 5 A and the 
supply voltage is 110V determine the true 
power dissipated by the load. 

9. An AC load comprises a 1100 resistor 
connected in parallel with a 20uF capacitor. If 
the load is connected to a 220V 50Hz supply, 
determine the apparent power supplied to the 
load and its power factor. 

10. A filter consists of a 2\.F capacitor connected in 
series with a 50mH inductor. At what frequency 
will the filter be resonant? 


1.7.8 Transformers 


Transformers provide us with a means of stepping- 
up or stepping down an AC voltage. For a step-up 
transformer, the output (or secondary) voltage will 
be greater than the input (or primary) whilst for a 
step-down transformer the secondary voltage will 
be less than the primary voltage. Since the primary 
and secondary power must be the same (no increase 
in power is possible), an increase in secondary voltage 
can only be achieved at the expense of a correspond- 
ing reduction in secondary current, and vice versa 
(in fact, the secondary power will be very slightly 
less than the primary power due to losses within the 
transformer). 

The principle of the transformer is illustrated in 
Fig. 1.46. The primary and secondary windings are 
wound on a common low-reluctance magnetic core 
consisting of a number of steel laminations. All of the 
alternating flux generated by the primary winding is 
therefore coupled into the secondary winding (very 
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Secondary 
winding 


Primary 
winding 


Magnetic core 


Figure 1.46 The principle of the transformer 
little flux escapes due to leakage). A sinusoidal cur- 
rent flowing in the primary winding produces a sinu- 
soidal flux within the transformer core. 
At any instant the flux, ®, in the transformer core 1s 

given by the equation: 

$ = P a sin(wt) 
where ®,,,, 18 the maximum value of flux (in Wb), f 
is the frequency of the applied current, and f¢ is the 
time in seconds. You might like to compare this equa- 
tion with the one that you met earlier for a sine wave 
voltage. 

The r.m.s. value of the primary voltage (Vp) is 

given by: 

V, = 444 IN Èx 
Similarly, the r.m.s. value of the secondary voltage 
(Vp) 1s given by: 

V, = 4.44 IN È ax 
From these two relationships (and since the same 
magnetic flux appears in both the primary and sec- 
ondary windings) we can infer that: 

Vi N, 


no N 


Furthermore, assuming that no power is lost in the 
transformer (i.e. as long as the primary and second- 
ary powers are the same) we can conclude that: 


Ne 
N, 


NN lo 


Nn 
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Figure 1.47 Transformer turns and voltages 


The ratio of primary turns to secondary turns 
(Np/Ns) is known as the turns ratio. Furthermore, 
since ratio of primary voltage to primary turns is 
the same as the ratio of secondary turns to second- 
ary voltage, we can conclude that, for a particular 
transformer: 


P == 


ua 
P Ng 


= |5 


Turns-per-volt (t.p.v.) = 


The turns-per-volt rating can be quite useful when it 
comes to designing transformers with multiple sec- 
ondary windings. 


Example 1.31 


A transformer has 2000 primary turns and 120 sec- 
ondary turns. If the primary is connected to a 220V 
AC mains supply, determine the secondary voltage. 


V N 
Since — = — we can conclude that: 
Ys Ns 
VN 220 X 12 
V, = PS = 220 X 120 = 132 V 


Example 1.32 


A transformer has 1200 primary turns and is designed 
to operate with a 110V AC supply. If the transformer 
is required to produce an output of 10V, determine 
the number of secondary turns required. 


30 
Since Vp = Np we can conclude that: 
S Ng 
NV. X 
Noe ere _ 1200 19 1001 
V, 110 


Example 1.33 


A transformer has a turns-per-volt rating of 1.2. How 
many turns are required to produce secondary outputs 
of (a) 50V and (b) 350V? 

Here we will use Ng = turns-per-volt X Vg. 


(a) In the case of a 50 V secondary winding: 


N, = 1.5 X 50 = 75 turns 


(b) In the case of a 350 V secondary winding: 


N, = 1.5 X 350 = 525turns 


Example 1.34 


A transformer has 1200 primary turns and 60 second- 
ary turns. Assuming that the transformer is loss-free, 
determine the primary current when a load current of 
20 A 1s taken from the secondary. 


Since ls = Np we can conclude that: 
P Ng 
r SNS, 20x00 
"N, 1200 


The output voltage produced at the secondary 
of a real transformer falls progressively as the load 
imposed on the transformer increases (1.e. as the sec- 
ondary current increases from its no-load value). The 
voltage regulation of a transformer is a measure of 
its ability to keep the secondary output voltage con- 
stant over the full range of output load currents (1.e. 
from no-load to full-load) at the same power fac- 
tor. This change, when divided by the no-load output 
voltage, is referred to as the per-unit regulation for 
the transformer. 
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Example 1.35 


A transformer produces an output voltage of 110V 
under no-load conditions and an output voltage of 
101V when a full load is applied. Determine the per- 
unit regulation. 


The per-unit regulation can be determined from: 


. . Vs no-load) z= Vs(fall-load) 
Per-unit regulation = === 
Vs(no-load) 


A One) 
110 


Most transformers operate with very high values 
of efficiency. Despite this, in high power applica- 
tions the losses in a transformer cannot be completely 
neglected. Transformer losses can be divided into two 
types of loss: 


e losses in the magnetic core (often referred to as 
iron loss) 

e losses due to the resistance of the coil windings 
(often referred to as copper loss). 


Iron loss can be further divided into hysteresis loss 
(energy lost in repeatedly cycling the magnetic flux in 
the core backwards and forwards) and eddy current 
loss (energy lost due to current circulating in the steel 
core). 

Hysteresis loss can be reduced by using material 
for the magnetic core that is easily magnetized and 
has a very high permeability (see Fig. 1.48 — note that 
energy loss is proportional to the area inside the B—H 
curve). Eddy current loss can be reduced by laminat- 
ing the core (using E and I laminations, for example) 
and also ensuring that a small gap is present. These 
laminations and gaps in the core help to ensure that 
there is no closed path for current to flow. Copper 
loss results from the resistance of the coil windings 
and it can be reduced by using wire of large diameter 
and low resistivity. 

It is important to note that, since the flux within a 
transformer varies only slightly between the no-load 
and full-load conditions, iron loss is substantially 
constant regardless of the load actually imposed on a 
transformer. Copper loss, on the other hand, is zero 
when a transformer is under no-load conditions and 
rises to a maximum at full-load. 

The efficiency of a transformer is given by: 


ineen = ee PONE 900% 


input power 
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+B 
Area = 
energy loss 
-H ? +H 
-B 
Figure 1.48 Hysteresis curves and energy 
loss 
from which 
input =i 
Efficiency = ed a x 100% 
input power 
and 
Efficiency = | — oo x 100% 


input power 


As we have said, the losses present are attributable to 
iron loss and copper loss but the copper loss appears 
in both the primary and the secondary windings. 
Hence: 


iron loss + primary 
copper loss + secondary 


copper loss 


Efficiency = 1 — x 100% 


input power 


Example 1.36 


A transformer rated at 500 VA has an iron loss of 3 W 
and a full-load copper loss (primary plus secondary) 
of 7W. Calculate the efficiency of the transformer at 
0.8 power factor. 

The input power to the transformer will be given by 
the product of the apparent power (i.e. the transform- 
er’s VA rating) and the power factor. Hence: 


Input power = 0.8 X 5000 = 400 W 
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Figure 1.49 A selection of transformers for 
operation at frequencies ranging from 50Hz to 
50 kHz 


Now 


x 100% = 97.5% 


+ 
Efficiency = | — C2 


Key maintenance point 


When replacing a transformer it is essential to 
ensure that the replacement component is correctly 
rated. The specifications for a transformer usually 
include the rated primary and secondary voltage 
and current, the power rating expressed in volt- 
amperes, VA (this is the maximum power that the 
transformer can deliver under a given set of condi- 
tions), the frequency range for the transformer (note 
that a transformer designed for operation at 400 Hz 
will not work at 50Hz or 60Hz), and the per-unit 
regulation of the transformer (this is the ability of 
the transformer to maintain its rated output when 
under load). 


Test your understanding 1.10 


1. A transformer has 480 primary turns and 120 
secondary turns. If the primary is connected 
to a 110V AC supply determine the secondary 
voltage. 

2. A step-down transformer has a 220V primary 
and a 24V secondary. If the secondary winding 
has 60 turns, how many turns are there on the 
primary? 
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Figure 1.50 See Test your understanding 1.10 


(a) 


3. A transformer has 440 primary turns and 1800 
secondary turns. If the secondary supplies a 
current of 250mA, determine the primary current 
(assume that the transformer is loss-free). 

4. A transformer produces an output voltage of 
220V under no-load conditions and an output 
voltage of 208V when full load is applied. 
Determine the per-unit regulation. 

5. A 1kVA transformer has an iron loss of 15W 
and a full-load copper loss (primary plus 
secondary) of 20W. Determine the efficiency of 
the transformer at 0.9 power factor. 

6. Identify the components shown in Fig. 1.50. 


1.8 Safety 


When working on aircraft electrical and electronic 
systems, personal safety (both yours and of those 
around you) should be paramount in everything that 
you do. Hazards can exist within many circuits — 
even those that, on the face of it, may appear to be 
totally safe. Inadvertent misconnection of a supply, 
incorrect earthing, reverse connection of components, 
and incorrect fitting can all result in serious hazards 
to personal safety as a consequence of fire, explosion 
or the generation of toxic fumes. In addition, there is 
a need to ensure that your work will not compromise 
the safety and integrity of the aircraft and not endan- 
ger the passengers and crew that will fly in it. 

Potential hazards can be easily recognized and it 
is well worth making yourself familiar with them but 
perhaps the most important point to make is that elec- 
tricity acts very quickly and you should always think 
carefully before working on circuits where mains or 
high voltages (1.e. those over 50V or so) are present. 
Failure to observe this simple precaution can result in 
the very real risk of electric shock. 

Voltages in many items of electronic equipment, 
including all items which derive their power from the 
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aircraft’s 400 Hz AC supply, are at a level which can 
cause sufficient current flow in the body to disrupt 
normal operation of the heart. The threshold will be 
even lower for anyone with a defective heart. Bodily 
contact with AC supplies and other high-voltage cir- 
cuits can thus be lethal. 

The most critical path for electric current within the 
body (i.e. the one that is most likely to stop the heart) 
is that which exists from one hand to the other. The 
hand-to-foot path is also dangerous but somewhat less 
dangerous than the hand-to-hand path. So, before you 
start to work on an item of electronic equipment, it is 
essential not only to switch off but to disconnect the 
equipment at the mains by removing the mains plug. 
If you have to make measurements or carry out adjust- 
ments on a piece of working (or ‘live’) equipment, 
a useful precaution is that of using one hand only to 
perform the adjustment or to make the measurement. 
Your ‘spare’ hand should be placed safely away from 
contact with anything metal (including the chassis of 
the equipment which may, or may not, be earthed). 

The severity of electric shock depends upon sev- 
eral factors including the magnitude of the current, 
whether it is alternating or direct current, and its 
precise path through the body. The magnitude of the 
current depends upon the voltage which is applied 
and the resistance of the body. The electrical energy 
developed in the body will depend upon the time for 
which the current flows. The duration of contact is 
also crucial in determining the eventual physiological 
effects of the shock. As a rough guide, and assuming 
that the voltage applied is from the aircraft’s 400 Hz 
AC supply, the following effects are typical: 


Current Physiological effect 


less than 1mA Not usually noticeable 


I mA to 2mA Threshold of perception (a 
slight tingle may be felt) 

2mA to 4mA Mild shock (effects of current 
flow are felt) 

4mA to 10mA Serious shock (shock is felt 
as pain) 

10mA to20mA Motor nerve paralysis may 
occur (unable to let go) 

20mA to50mA _ Respiratory control inhibited 


(breathing may stop) 
Ventricular fibrillation of 
heart muscle (heart failure) 


more than 50mA 
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as net additional inputs and, as appropriate, use energetic 
outputs to be fed back into the system as controlling modu- 
lators; including but not limited to, as examples, electrostatic 
dispersion; complementary electrical charging; electrolysis; 
magnetic, endo/exothermal, other emf or energetic treatment 
including but not limited to macroenvironmental signals, 
unamplified and amplified; to, e.g., increase, maintain or 
reduce solubility; flow formation, as described above, to 
enliven fluids; centripetal cyclones, compression vortex m1x- 
ing and transformation of inputs, e.g., vortical compression 
wave precipitation threshold modification; space state, time 
state and information coherence system behaviour state pro- 
gramming, e.g., via proximity field conditioning, e.g., Tesla 
purple plate technology or other “scalar treated” programmed 
resonators, characterisable for example in quartz by a Carte- 
sian matrix spaced throughout the material of silicon atoms 
each containing a proton with a doubled Lissajous figure; 
Tiller-effect units; Grander units; Whittaker structure modu- 
lation to improve e.g., output cleansing, output precipitation 
conditions as well as to optimise thermal production effi- 
ciency exothermically internally and endothermically at 
specified system functional boundaries to eliminate net envi- 
ronmental negative impact and, as with the whole system, 
optimise positive impact; further to the description in 2., use 
of sound and acoustically-tuned EMF, e.g., as heterodyned 
fields, and other means to induce mass hyperacceleration and 
velocity effects, and other methods of catalysis, e.g., to 
improve reaction chemistry, hydroxy! radical and hydrogen 
chemistry optimization, etc.; further applications integrated 
synergically with above processes, of acoustic, especially 
pulsating, and EMR (electromagnetic radiation) and other 
radiative effects other than magnetic; e.g., for improved con- 
trol of combination-dissociation processes by sound, acous- 
tico-magnetic, infrared, UV, etc., within transient standing- 
wave cells whose opto- and magneto-acoustics are, for 
example, like those demonstrated optically by a cyclone, a 
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tornado or an optical fibre, 1.e., distinctly self-contained or 
transmissive in a parametrically-specific manner. 

[0056] Specific terms employed for illustration should be 
read in a generic and descriptive sense only and not for 
purposes of limitation. The scope of the invention is further 
set forth in the following claims. 

1. Asystem of methods and apparati for handling informa- 
tion, energy and material using multimodal cymatic (standing 
wave patterning, whether stationary or moving) generation, 
and manipulation, principally of material and energy in vor- 
ticoid including concatenated and grouped vorticoid forms, to 
concentrate, cleanse, separate, transform, produce etc., mate- 
rials and energy, including without limitation the production 
of clean water and manufactures materials, the production of 
net usable energy by effects such as Schauberger and vacuum 
potential-related, the collection, processing and communica- 
tion of information by nonlocal quantum coherence (entrain- 
ment) of dynamic systems, initially cymatic, viz., vorticoid, 
the similar transport of lower-dimensionality material pat- 
terns, 1.e., materials, also to facilitate transport of living 
organisms, and the tuning of higher-dimensional energy 
forms, 1.e., formative fields, for applications such as healing. 

2. A means of fine-tune controlling such systems directly 
by means of psychoenergetic operator interaction and indi- 
rectly by means of conditioned space technologies and vibra- 
tory enhancing technologies such as “scalar” treated materi- 
als and systems; and by other means described as “gauge- 
symmetry”-level raising, here, e.g., Bearden; and their 
combination. 

3. Means of facilitating learning to generate Tiller-effect 
spacial conditioning (higher gauge symmetry) enhancement 
using motivated feedback in utilising these systems with spa- 
cial conditioning technology assist. 

4. Further, based on the foregoing, all related dependent 
claims which may properly be construed from the foregoing. 
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Other hazards 


Various other hazards, apart from electric shock, exist 
within the environment of an aircraft when work is 
being carried out on electrical and electronic systems. 
For example, accidental movement of the aircraft's 
spoilers can result in injury and/or damage to equip- 
ment. Whenever power sources are changed or when 
switches or circuit-breakers are opened that may 
cause movement of spoilers it is essential to ensure 
that the spoilers are deactivated or that all persons and 
equipment are removed from the vicinity. 


Key maintenance point 


The figures quoted in the table are provided as a 
guide — there have been cases of lethal shocks 
resulting from contact with much lower voltages 
and at relatively small values of current. The upshot 
of all this is simply that any potential in excess of 
50V should be considered dangerous. Lesser 
potentials may, under unusual circumstances, also 
be dangerous. As such, it is wise to get into the 
habit of treating all electrical and electronic systems 
with great care. 


Key maintenance point 


It is essential to remove electrical power from an 
aircraft before removing or installing components 
in the power panels. Failure to observe this precau- 
tion can result in electric shock as well as damage 
to components and equipment. 


1.9 Multiple choice questions 


1. A material in which there are no free charge 
carries 1s known as: 
(a) a conductor 
(b) an insulator 
(c) a semiconductor. 


2. Conventional current flow is: 
(a) always from negative to positive 
(b) in the same direction as electron movement 
(c) in the opposite direction to electron 
movement. 
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Figure 1.51 See Question 4 


. Which one of the following gives the symbol and 


abbreviated units for electric charge? 
(a) Symbol, Q; unit, C 
(b) Symbol, C; unit, F 
(c) Symbol, C; unit, V. 


. The unknown current shown in Fig. 1.51 will be: 


(a) 11 A flowing towards the junction 
(b) 17 A flowing away from the junction 
(c) 41 A flowing away from the junction. 


. The power factor in an AC circuit 1s the same as: 


(a) the sine of the phase angle 
(b) the cosine of the phase angle 
(c) the tangent of the phase angle. 


. An aircraft cabin has 110 passenger reading 


lamps each rated at 10 W, 28 V. What is the 
maximum load current imposed by these lamps? 
(a) 25.5A 

(b) 39.3A 

(c) 308A. 


. Two isolated charges have dissimilar polarities. 


The force between them will be: 
(a) a force of attraction 

(b) a force of repulsion 

(c) zero. 


. The relationship between voltage, V, current, /, 


and resistance, R, for a resistor is: 


(a) V= IR 
(b) V = RII 
(c) V=IR. 


. A potential difference of 7.5V appears across a 


15Q resistor. Which one of the following gives 
the current flowing: 

(a) 0.25A 

(b) 0.5A 

(c) 2A. 
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10. 


11. 


IPA 


13. 


14. 


An aircraft supply has an RMS value of 

115V. Which one of the following gives the 
approximate peak value of the supply voltage? 
(a) 67.5V 

(b) 115V 

(c) 163V. 


An AC waveform has a period of 4 ms. Which 
one of the following gives its frequency? 

(a) 25 Hz 

(b) 250 Hz 

(c) 4kHz. 


Which one of the following gives the angle 
between the successive phases of a three-phase 
supply? 

(a) 60° 

(b) 90° 

(c) 120°. 


The peak value of current supplied to an aircraft 
TRU is 28 A.Which one of the following gives 
the approximate value of RMS current 
supplied? 

(a) 1OA 

(b) 14A 

(c) 20 A. 


A transformer has 2400 primary turns and 600 
secondary turns. If the primary is supplied from 
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Figure 1.52 See Question 15 


15; 


a 220V AC supply which one of the following 
gives the resulting secondary voltage? 

(a) 55V 

(b) 110V 

(c) 880V. 

Identify the components shown in Fig. 1.52. 
(a) resistors 

(b) inductors 

(c) transformers. 


Chapter 
2 


Electronics underpins all avionic systems, and semi- 
conductor devices such as diodes, transistors and inte- 
grated circuits are the basic building blocks of these 
systems. This chapter provides you with an introduc- 
tion to the theory and operation of semiconductors 
and their application in basic electronic circuits. As 
with Chapter 1, if you are in any doubt as to whether 
or not you should work through this chapter you can 
always turn to Section 2.5 on page 56 and see how 
you get on with the multiple choice questions at the 
end of the chapter. 


2.1 Semiconductor theory 


Materials that combine some of the electrical char- 
acteristics of conductors with those of insulators are 
known as semiconductors. Common types of semi- 
conductor material are silicon, germanium, selenium 
and gallium. In the pure state, these materials may 
have relatively few free electrons to permit the flow of 
electric current. However, it is possible to add foreign 
atoms (called impurity atoms) to the semiconductor 
material in order to modify the properties of the semi- 
conductor and allow it to conduct electricity. 

You should recall that an atom contains both nega- 
tive charge carriers (electrons) and positive charge 
carriers (protons). Electrons each carry a single unit 
of negative electric charge while protons each exhibit 
a single unit of positive charge. Since atoms normally 
contain an equal number of electrons and protons, the 
net charge present will be zero. For example, if an 
atom has eleven electrons, it will also contain eleven 
protons. The end result is that the negative charge of 
the electrons will be exactly balanced by the positive 
charge of the protons. 

Electrons are in constant motion as they orbit 
around the nucleus of the atom. Electron orbits are 
organized into shells. The maximum number of elec- 
trons present in the first shell 1s two, in the second 
shell eight, and in the third, fourth and fifth shells 
it is 18, 32 and 50, respectively. In electronics, only 
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the electron shell furthermost from the nucleus of 
an atom is important. It is important to note that the 
movement of electrons between atoms only involves 
those present in the outer valence shell. 

If the valence shell contains the maximum number 
of electrons possible the electrons are rigidly bonded 
together and the material has the properties of an 
insulator. If, however, the valence shell does not have 
its full complement of electrons, the electrons can 
be easily detached from their orbital bonds, and the 
material has the properties associated with an electri- 
cal conductor. 

In its pure state, silicon is an insulator because the 
covalent bonding rigidly holds all of the electrons 
leaving no free (easily loosened) electrons to conduct 
current. If, however, an atom of a different element 
(i.e. an impurity) is introduced that has five electrons 
in its valence shell, a surplus electron will be present 
(see Fig. 2.2). These free electrons become avail- 
able for use as charge carriers and they can be made 
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Figure 2.3 Effect of introducing a trivalent 


impurity 


to move through the lattice by applying an external 
potential difference to the material. 

Similarly, if the impurity element introduced 
into the pure silicon lattice has three electrons in 
its valence shell, the absence of the fourth electron 
needed for proper covalent bonding will produce a 
number of spaces into which electrons can fit (see 
Fig. 2.3). These gaps are referred to as holes. Once 
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again, current will flow when an external potential 
difference is applied to the material. 

Regardless of whether the impurity element pro- 
duces surplus electrons or holes, the material will 
no longer behave as an insulator, neither will it 
have the properties that we normally associate with 
a metallic conductor. Instead, we call the mate- 
rial a semiconductor — the term simply indicates 
that the substance is no longer a good insulator nor 
a good conductor but has the properties of some- 
thing between the two! Examples of semiconductors 
include germanium (Ge) and silicon (Si). 

The process of introducing an atom of another 
(impurity) element into the lattice of an otherwise 
pure material is called doping. When the pure mate- 
rial is doped with an impurity with five electrons in 
its valence shell (1.e. a pentavalent impurity) it will 
become an N-type (i.e. negative type) material. If, 
however, the pure material is doped with an impu- 
rity having three electrons in its valence shell (i.e. a 
trivalent impurity) it will become P-type material 
(i.e. positive type). N-type semiconductor material 
contains an excess of negative charge carriers, and 
P-type material contains an excess of positive charge 
carriers. 


2.1.1 Temperature effects 


As explained in Chapter 1, all materials offer some 
resistance to current flow. In conductors the free elec- 
trons, rather than passing unobstructed through the 
material, collide with the relatively large and solid 
nuclei of the atoms. As the temperature increases, the 
nuclei vibrate more energetically, further obstructing 
the path of the free electrons, causing more frequent 
collisions. The result is that the resistance of a metal 
conductor increases with temperature. 

Due to the nature of the bonding in insulators, there 
are no free electrons, except that when thermal energy 
increases as a result of a temperature increase, a few 
outer electrons manage to break free from their fixed 
positions and act as charge carriers. The result 1s that 
the resistance of an insulator decreases as temperature 
increases. 

Semiconductors behave in a similar manner to 
insulators. At absolute zero (—273°C) both types of 
material act as perfect insulators. However, unlike 
the insulator, as temperature increases in a semi- 
conductor large numbers of electrons break free to 
act as charge carriers. Therefore, as temperature 
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Figure 2.4 Variation of resistance with temperature for various materials 


increases, the resistance of a semiconductor decreases 
rapidly. 

By producing special alloys, such as Eureka and 
Manganin that combine the effects of insulators and 
conductors, 1t 1s possible to produce a material where 
the resistance remains constant with increase in tem- 
perature. Fig. 2.4 shows how the resistance of insu- 
lators, semiconductors and conductors change with 
temperature. 

Unlike conventional resistors, the resistance of a 
thermistor is intended to change considerably with 
temperature. Thermistors are employed in a wide 
variety of temperature-sensing and temperature- 
compensating applications. Two basic types of 
thermistors are available: negative temperature coef- 
ficient (NTC) and positive temperature coefficient 
(PTC). 

Typical NTC thermistors have resistances that vary 
from a few hundred (or thousand) ohms at 25°C to a 
few tens (or hundreds) of ohms at 100°C. PTC ther- 
mistors, on the other hand, usually have a resistance— 
temperature characteristic that remains substantially 
flat (usually at around 1009) over the range 0°C to 
around 75°C. Above this, and at a critical threshold 
temperature (usually in the range 80°C to 120°C) 
their resistances rise rapidly up to, and beyond, 10 kQ 
(see Figs 2.5 and 2.6). 


Resistance, (2 


Temperature, °C 


Figure 2.5 NTC thermistor characteristics 


Key point 


The properties of most semiconductor devices 
are profoundly affected by temperature. In order 
to maintain performance within specification, 
care must be taken to ensure that temperature 
variations are minimized. In some applications, 
additional thermal protection may be required to 
reduce the risk of thermal runaway (a condition in 
which uncontrolled temperature rise may result in 
failure of one or more semiconductor devices). 
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Figure 2.6 PTC thermistor characteristics 


Key point 


Thermistors provide us with a means of sensing 
temperature changes. The resistance of an NTC 
thermistor falls with temperature whilst that of a 
PTC thermistor increases with temperature. 


Key maintenance point 


Many semiconductor devices are may be fitted with 
dedicated cooling systems such as heat sinks, heat 
pipes and fans. These components provide cooling 
by means of a combination of thermal conduction 
and convection and they are crucial to the correct 
operation of the devices to which they are fitted. It 
is therefore essential to ensure that cooling sys- 
tems are correctly fitted and are fully operational 
whenever maintenance is carried out on the semi- 
conductor devices themselves. 


Key maintenance point 


Beryllium oxide (BeO») is used in the construction 
of some power semiconductors. This material is 
highly toxic and special care should be taken when 
handling and disposing of any semiconductors that 
use it. It is essential to refer to semiconductor man- 
ufacturers’ recommendations concerning the fitting, 
handling and disposal of these devices. 
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Figure 2.7 A P-N junction diode 


Test your understanding 2.1 


Explain why thermal runaway is undesirable and 
why cooling may be necessary in conjunction with 
semiconductor devices. 


2.2 Diodes 


When a junction is formed between N-type and 
P-type semiconductor materials, the resulting device 
is called a diode. This component offers an extremely 
low resistance to current flow in one direction and an 
extremely high resistance to current flow in the other. 
This characteristic allows diodes to be used in appli- 
cations that require a circuit to behave differently 
according to the direction of current flowing in it. An 
ideal diode would pass an infinite current in one direc- 
tion and no current at all in the other direction. 

Connections are made to each side of the diode. 
The connection to the P-type material is referred to 
as the anode while that to the N-type material is called 
the cathode. With no externally applied potential, 
electrons from the N-type material will cross into the 
P-type region and fill some of the vacant holes. This 
action will result in the production of a region either 
side of the junction in which there are no free charge 
carriers. This zone is known as the depletion region. 

If a positive voltage is applied to the anode 
(see Fig. 2.8), the free positive charge carriers in the 
P-type material will be repelled and they will move 
away from the positive potential towards the junction. 
Likewise, the negative potential applied to the cath- 
ode will cause the free negative charge carriers in 
the N-type material to move away from the negative 
potential towards the junction. 
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Figure 2.8 A forward-biased P-N junction 
diode 


When the positive and negative charge carriers 
arrive at the junction, they will attract one another 
and combine (recall that that unlike charges attract). 
As each negative and positive charge carrier combine 
at the junction, a new negative and positive charge 
carrier will be introduced to the semiconductor mate- 
rial from the voltage source. As these new charge car- 
riers enter the semiconductor material, they will move 
towards the junction and combine. Thus, current flow 
is established and it will continue for as long as the 
voltage 1s applied. In this forward-biased condition, 
the diode freely passes current. 

If a negative voltage is applied to the anode (see 
Fig. 2.9), the free positive charge carriers in the P-type 
material will be attracted and they will move away from 
the junction. Likewise, the positive potential applied 
to the cathode will cause the free negative charge car- 
riers in the N-type material to move away from the 
junction. The combined effect is that the depletion 
region becomes wider. In this reverse-biased condi- 
tion, the diode passes a negligible amount of current. 


Key point 


In the freely conducting forward-biased state, the 
diode acts rather like a closed switch. In the reverse- 
biased state, the diode acts like an open switch. 
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Figure 2.9 A reverse-biased P-N junction 
diode 


2.2.1 Diode characteristics 


Typical //V characteristics for germanium and silicon 
diodes are shown in Fig. 2.10. It should be noted from 
these characteristics that the approximate forward 
conduction voltage for a germanium diode is 0.2 V 
whilst that for a silicon diode is 0.6V. This threshold 
voltage must be high enough to completely overcome 
the potential associated with the depletion region and 
force charge carriers to move across the junction. 
Diodes are limited by the amount of forward 
current and reverse voltage they can withstand. This 
limit is based on the physical size and construction of 
the diode. In the case of a reverse biased diode, the 
P-type material is negatively biased relative to the 
N-type material. In this case, the negative potential 
at the P-type material attracts the positive carriers, 
drawing them away from the junction. This leaves the 
area depleted; virtually no charge carriers exist and 
therefore current flow is inhibited. If the reverse bias 
potential is increased above the maximum reverse 
voltage (Vrm) or peak inverse voltage (PIV ) quoted 
by the manufacturer, the depletion region may suffer 
an irreversible breakdown. Typical values of maxi- 
mum reverse voltage range from as low as 50V to 
well over 500 V. Note that reverse breakdown voltage 
is usually very much higher than the forward thresh- 
old voltage. For example, a typical general-purpose 
diode may be specified as having a forward threshold 
voltage of 0.6V and a reverse breakdown voltage of 
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Figure 2.10 Typical //V characteristics for germanium and silicon diodes 


200V. If the latter is exceeded, the diode may suffer 
irreversible damage, 


Key point 


The forward voltage for a germanium diode is 
approximately 0.2V whilst that for a silicon diode is 
approximately 0.6V. 


2.2.2 Zener diodes 


Zener diodes are heavily doped silicon diodes that, Figure 2.11 Various diodes (including 
unlike normal diodes, exhibit an abrupt reverse break- rectifiers, signal diodes, Zener diodes, light- 
down at relatively low voltages (typically less than emitting diodes and silicon-controlled rectifiers) 
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(e) Silicon controlled rectifier 
(thyristor) 
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(e) Triac 
kK 
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(h) Varactor diode 


Figure 2.12 Symbols used for various common types of diode 


6V). A similar effect (avalanche) occurs in less heav- 
ily doped diodes. These avalanche diodes also exhibit 
a rapid breakdown with negligible current flowing 
below the avalanche voltage and a relatively large 
current flowing once the avalanche voltage has been 
reached. For avalanche diodes, this breakdown volt- 
age usually occurs at voltages above 6V. In practice, 
however, both types of diode are commonly referred 
to as Zener diodes. The symbol for a Zener diode was 
shown earlier in Fig. 2.12, whilst typical Zener diode 
characteristics are shown in Fig. 2.13. 

Whereas reverse breakdown is a highly undesirable 
effect in circuits that use conventional diodes, it can 
be extremely useful in the case of Zener diodes where 
the breakdown voltage is precisely known. When a 
diode is undergoing reverse breakdown and provided 


its maximum ratings are not exceeded the voltage 
appearing across it will remain substantially constant 
(equal to the nominal Zener voltage) regardless of the 
current flowing. This property makes the Zener diode 
ideal for use as a voltage regulator. 

Zener diodes are available in various families 
(according to their general characteristics, encapsu- 
lations and power ratings) with reverse breakdown 
(Zener) voltages in the range 2.4V to 91 V. 

A simple voltage regulator is shown in Fig. 2.14. 
The series resistor, Rg is included to limit the Zener 
current to a safe value when the load is disconnected. 
When a load (R,) is connected, the Zener current 
will fall as current is diverted into the load resistance 
(it is usual to allow a minimum current of 2mA to 
5mA in order to ensure that the diode regulates). The 
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Figure 2.13 Typical Zener diode characteristic 
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Figure 2.14 A simple Zener diode voltage 
regulator 
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output voltage will remain at the Zener voltage (Vz) 
until regulation fails at the point at which the poten- 
tial divider formed by Rs and Rı produces a lower 
output voltage that is less than V7. The ratio of Rs to 
R is thus important. 


Key point 


Zener diodes begin to conduct heavily when the 
applied voltage reaches a particular threshold value 
(known as the Zener voltage). Zener diodes can 
thus be used to maintain a constant voltage which 
is often used as a voltage reference. 
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Figure 2.15 Triggering a silicon-controlled 
rectifier 


2.2.3 Silicon-controlled rectifiers 


Silicon-controlled rectifiers (or thyristors) are three- 
terminal devices which can be used for switching and 
AC power control. Silicon-controlled rectifiers can 
switch very rapidly from a conducting to a non-con- 
ducting state. In the off state, the silicon-controlled 
rectifier exhibits negligible leakage current, while in 
the on state the device exhibits very low resistance. 
This results in very little power loss within the silicon- 
controlled rectifier even when appreciable power levels 
are being controlled. 

Once switched into the conducting state, the silicon- 
controlled rectifier will remain conducting (i.e. it 
is latched in the on state) until the forward current 
is removed from the device. In DC applications this 
necessitates the interruption (or disconnection) of the 
supply before the device can be reset into its non-con- 
ducting state. Where the device is used with an alter- 
nating supply, the device will automatically become 
reset whenever the main supply reverses. The device 
can then be triggered on the next half-cycle having 
correct polarity to permit conduction. 

Like their conventional silicon diode counterparts, 
silicon-controlled rectifiers have anode and cathode 
connections; control is applied by means of a gate 
terminal. The symbol for a silicon-controlled rectifier 
was shown earlier in Fig. 2.12. 

In normal use, a silicon-controlled rectifier is trig- 
gered into the conducting (on) state by means of the 
application of a current pulse to the gate terminal 
(see Fig. 2.15). The effective triggering of a silicon- 
controlled rectifier requires a gate trigger pulse having 
a fast rise time derived from a low-resistance source. 
Triggering can become erratic when insufficient gate 
current is available or when the gate current changes 
slowly. 
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Key point 


Silicon-controlled rectifiers (SCR) are diodes that 
can be triggered into conduction by applying a 
small current to their gate input. SCRs are able to 
control large voltages and currents from a relatively 
small (low-current, low-voltage) signal. 


2.2.4 Light-emitting diodes 


Light-emitting diodes (LED) can be used as general- 
purpose indicators and, compared with conventional 
filament lamps, operate from significantly smaller 
voltages and currents. LEDs are also very much more 
reliable than filament lamps. Most LEDs will provide 
a reasonable level of light output when a forward cur- 
rent of between 5mA and 20 mA is applied. 

Light-emitting diodes are available in various for- 
mats with the round types being most popular. Round 
LEDs are commonly available in the 3mm and 5mm 
(0.2 inch) diameter plastic packages and also in a 
5mm X 2mm rectangular format. The viewing angle 
for round LEDs tends to be in the region of 20° to 
40°, whereas for rectangular types this is increased to 
around 100°. The symbol for an LED was shown ear- 
lier in Fig. 2.12. 


Key point 


Light-emitting diodes produce light when a small 
current is applied to them. They are generally 
smaller and more reliable than conventional fila- 
ment lamps and can be used to form larger and 
more complex displays. 


2.2.5 Rectifiers 


Semiconductor diodes are commonly used to con- 
vert alternating current (AC) to direct current (DC), 
in which case they are referred to as rectifiers. The 
simplest form of rectifier circuit makes use of a sin- 
gle diode and, since it operates on only either positive 
or negative half-cycles of the supply, it is known as a 
half-wave rectifier. 

Figure 2.16 shows a simple half-wave rectifier cir- 
cuit. The AC supply at 115 V is applied to the primary 
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(b) D1 non-conducting 


Figure 2.17 Switching action of the diode in 
the half-wave rectifier: (a) D1 forward biased, 
(b) D1 reverse biased 


of a step-down transformer (T1). The secondary of T1 
steps down the 115V 400 Hz supply to 28.75 V RMS 
(the turns ratio of T1 will thus be 115/28.75 or 4:1). 

Diode D1 will only allow the current to flow in the 
direction shown (1.e. from anode to cathode). D1 will 
be forward biased during each positive half-cycle and 
will effectively behave like a closed switch, as shown 
in Fig. 2.17(a). When the circuit current tries to flow 
in the opposite direction, the voltage bias across the 
diode will be reversed, causing the diode to act like 
an open switch, as shown in Fig. 2.17(b). 
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(a) T1 secondary voltage 
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(b) Voltage developed across R, 


Figure 2.18 Waveforms of voltages in the simple half-wave power supply 


The switching action of D1 results in a pulsat- 
ing output voltage, which 1s developed across the 
load resistor (R¡). Since the supply is at 400 Hz, the 
pulses of voltage developed across R; will also be 
at 400 Hz even if only half the AC cycle is present. 
During the positive half-cycle, the diode will drop 
the 0.6V forward threshold voltage normally asso- 
ciated with silicon diodes. However, during the 
negative half-cycle the peak AC voltage will be 
dropped across D1 when it is reverse biased. This is 
an important consideration when selecting a diode for 
a particular application. Assuming that the secondary 
of T1 provides 28.75V RMS, the peak voltage out- 
put from the transformer’s secondary winding will be 
given by: 


Vix = 1.414 X Vays = 1.414 X 28.75 V = 40.65 V 


The peak voltage applied to Dl will thus be a little 
over 40 V. The negative half-cycles are blocked by D1 
and thus only the positive half-cycles appear across 
R¡. Note, however, that the actual peak voltage across 
R¡ will be the 40.65V positive peak being supplied 
from the secondary on T1, minus the 0.6V forward 


115V 


Figure 2.19 Adding a reservoir capacitor 
to a half-wave rectifier to make a simple DC 
power supply 


threshold voltage dropped by D1. In other words, 
positive half-cycle pulses having a peak amplitude of 
almost exactly 40 V will appear across Ri. 

Figure 2.19 shows a considerable improvement 
to the earlier simple rectifier. The capacitor, C1, has 
been added to ensure that the output voltage remains 
at, or near, the peak voltage even when the diode is 
not conducting. When the primary voltage is first 
applied to T1, the first positive half-cycle output from 
the secondary will charge C1 to the peak value seen 
across Ri. Hence Cl charges to 40V at the peak of 
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Figure 2.20 Effect of adding a reservoir capacitor on the output of the half-wave rectifier 


the positive half-cycle. Because C1 and R, are in par- 
allel, the voltage across R¡ will be the same as that 
developed across Cl (see Fig. 2.19). 

The time required for C1 to charge to the maximum 
(peak) level is determined by the charging circuit 
time constant (the series resistance multiplied by the 
capacitance value). In this circuit, the series resistance 
comprises the secondary winding resistance together 
with the forward resistance of the diode and the (min- 
imal) resistance of the wiring and connections. Hence 
Cl charges to 40V at the peak of the positive half- 
cycle. Because Cl and R, are in parallel, the voltage 
across R; will be the same as that across Cl. 

The time required for Cl to discharge is, in con- 
trast, very much greater. The discharge time constant 
is determined by the capacitance value and the load 
resistance, R¡. In practice, R¡ is very much larger 
than the resistance of the secondary circuit and hence 
Cl takes an appreciable time to discharge. During 
this time, D1 will be reverse biased and will thus be 
held in its non-conducting state. As a consequence, 
the only discharge path for C1 is through R,. 

C1 is referred to as a reservoir capacitor. It stores 
charge during the positive half-cycles of secondary 
voltage and releases it during the negative half-cycles. 
The circuit shown earlier is thus able to maintain a 
reasonably constant output voltage across R¡. Even 


so, Cl will discharge by a small amount during the 
negative half-cycle periods from the transformer 
secondary. The figure below shows the secondary 
voltage waveform together with the voltage developed 
across R; with and without C1 present. This gives rise 
to a small variation in the DC output voltage (known 
as ripple). 

Since ripple is undesirable we must take addi- 
tional precautions to reduce it. One obvious method 
of reducing the amplitude of the ripple is that of sim- 
ply increasing the discharge time constant. This can 
be achieved either by increasing the value of Cl or 
by increasing the resistance value of R;¡. In practice, 
however, the latter is not really an option because R; 
is the effective resistance of the circuit being supplied 
and we don’t usually have the ability to change it! 
Increasing the value of C1 is a more practical alterna- 
tive and very large capacitor values (often in excess 
of 1000 uF) are typical. 

The half-wave rectifier circuit is relatively inefficient 
as conduction takes place only on alternate half-cycles. 
A better rectifier arrangement would make use of both 
positive and negative half-cycles. These full-wave rec- 
tifier circuits offer a considerable improvement over 
their half-wave counterparts. They are not only more 
efficient but are significantly less demanding in terms 
of the reservoir and smoothing components. There are 
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Figure 2.21 A simple bi-phase rectifier circuit 


two basic forms of full-wave rectifier: the bi-phase type 
and the bridge rectifier type. 

Figure 2.21 shows a simple bi-phase rectifier cir- 
cuit. The AC supply at 115 V is applied to the primary 
of a step-down transformer (T1). This has two identi- 
cal secondary windings, each providing 28.75 V RMS 
(the turns ratio of T1 will still be 115/28.75 or 4:1 for 
each secondary winding). 

On positive half-cycles, point A will be posi- 
tive with respect to point B. Similarly, point B will 
be positive with respect to point C. In this condition 
D1 will allow conduction (its anode will be positive 
with respect to its cathode) while D2 will not allow 
conduction (its anode will be negative with respect 
to its cathode). Thus D1 alone conducts on positive 
half-cycles. 

On negative half-cycles, point C will be posi- 
tive with respect to point B. Similarly, point B will 
be positive with respect to point A. In this condition 
D2 will allow conduction (its anode will be positive 
with respect to its cathode) while D1 will not allow 
conduction (its anode will be negative with respect 
to its cathode). Thus D2 alone conducts on negative 
half-cycles. 

Figure 2.22 shows the bi-phase rectifier circuit with 
the diodes replaced by switches. In (a) D1 is shown 
conducting on a positive half-cycle whilst in (b) D2 
is shown conducting on a negative half-cycle of the 
input. The result is that current is routed through the 
load in the same direction on successive half-cycles. 
Furthermore, this current is derived alternately from 
the two secondary windings. 

As with the half-wave rectifier, the switching action 
of the two diodes results in a pulsating output volt- 
age being developed across the load resistor (R; ). 
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(a) D1 conducting and D2 non-conducting 


(b) D2 conducting and D1 non-conducting 


Figure 2.22 Switching action of the diodes 
in the bi-phase rectifier: (a) D1 forward biased 
and D2 reverse biased, (b) D1 reverse biased 
and D2 forward biased 


Figure 2.23 Bi-phase power supply with 
reservoir capacitor 
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Voltage, V 
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(a) T1 secondary voltage 


Peal Output voltage with C1 
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Time (ms) 


Output voltage without C1 
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(b) Voltage developed across R, 


Figure 2.24 


However, unlike the half-wave circuit the pulses of 
voltage developed across R¡ will occur at a frequency 
of 800 Hz (not 400 Hz). This doubling of the ripple 
frequency allows us to use smaller values of reservoir 
and smoothing capacitor to obtain the same degree of 
ripple reduction (recall that the reactance of a capaci- 
tor is reduced as frequency increases). As before, 
the peak voltage produced by each of the secondary 
windings will be approximately 17V and the peak 
voltage across R; will be about 40V (i.e. 40.65 V less 
the 0.6 V forward). 

An alternative to the use of the bi-phase circuit is 
that of using a four-diode bridge rectifier in which 
opposite pairs of diode conduct on alternate half- 
cycles. This arrangement avoids the need to have two 
separate secondary windings. A full-wave bridge rec- 
tifier arrangement is shown in Fig. 2.25. The 115V 
AC supply at 400 Hz is applied to the primary of a 
step-down transformer (T1). As before, the second- 
ary winding provides 28.75V RMS (approximately 
40V peak) and has a turns ratio of 4:1. On positive 
half-cycles, point A will be positive with respect 
to point B. In this condition Dl and D2 will allow 


Waveforms in the bi-phase power supply with and without a reservoir capacitor 


Figure 2.25 Full-wave power supply using a 
bridge rectifier 


conduction while D3 and D4 will not allow conduc- 
tion. Conversely, on negative half-cycles, point B will 
be positive with respect to point A. In this condition 
D3 and D4 will allow conduction while D1 and D2 
will not allow conduction. 

As with the bi-phase rectifier, the switching action 
of the two diodes results in a pulsating output volt- 
age being developed across the load resistor (Rņ). 
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(a) D1 and D2 conducting 
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(b) D3 and D4 conducting 


Figure 2.26 Switching action of the diodes in the full-wave bridge: (a) D1 and D2 forward 
biased whilst D3 and D4 are reverse biased, (b) D1 and D2 reverse biased whilst D3 and D4 are 


reverse biased 


Figure 2.27 Full-wave bridge power supply 
with reservoir capacitor 


Once again, the peak output voltage 1s approximately 
40V (i.e. 40.65 V less the 2 X 0.6 V forward threshold 
voltage of the two diodes). 

Figure 2.27 shows how a reservoir capacitor (C1) 
can be added to the basic bridge rectifier circuit in 
order to ensure that the output voltage remains at, or 
near, the peak voltage even when the diodes are not 
conducting. This component operates in exactly the 
same way as for the bi-phase circuit, 1.e. 1t charges to 
approximately 40V at the peak of the positive half- 
cycle and holds the voltage at this level when the 
diodes are in their non-conducting states. These volt- 
age waveforms are identical to those that we met ear- 
lier for the bi-phase rectifier. 


Key point 


The forward voltage for a germanium diode is 
approximately 0.2V whilst that for a silicon diode is 
approximately 0.6V. 


Key point 


The frequency of the ripple voltage present on the 
DC output of a half-wave power supply will be the 
same as the frequency of the AC input. The fre- 
quency of the ripple voltage present on the DC out- 
put of a full-wave power supply will be double that 
of the AC input. 


Test your understanding 2.2 


Explain the following terms when used in relation to 
a semiconductor diode: 


(a) forward bias 
(b) reverse bias 
(c) forward conduction voltage. 


Test your understanding 2.3 


Match the following types of diode to each of the 
applications listed below: 


Types of diode 
(a) Silicon bridge rectifier 
(b) Germanium signal diode 
(c) Zener diode 

(d) Red LED 

(e) Thyristor. 


Application 


1. A voltage reference for use in a generator 
control unit 
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(a) (b) (c) (d) 


Figure 2.28 See Test your understanding 2.4 


2. A power-on indicator for use in an emergency 
locator transmitter 

3. An aircraft battery charger 

4. An AC power controller 

5. The detector circuit in an HF radio. 


Test your understanding 2.4 


Identify each of the diode symbols shown in 
Fig. 2.28. 


2.3 Transistors 


Typical applications for transistors in aircraft elec- 
trical and electronic systems are controlling genera- 
tor field current, driving lights and warning displays, 
amplifying signals from sensors and transducers and 
for use as amplifying devices in cabin interphone and 
aircraft radio and navigation aids. 

Conventional bipolar junction transistors (BJT) 
generally comprise NPN or PNP junctions of either 
silicon (Si) or germanium (Ge) material. The junc- 
tions are produced in a single slice of silicon by dif- 
fusing impurities through a photographically reduced 
mask. Silicon transistors are superior when compared 
with germanium transistors in the vast majority of 
applications (particularly at high temperatures) and 
thus germanium devices are very rarely encountered 
in modern electronic equipment. 

The construction of typical NPN and PNP BJT are 
shown in Figs 2.29 and 2.30. In order to conduct the 
heat away from the junction (important in medium 
and high-power applications) the collector is often 
connected to the metal case of the transistor. 

The symbols and simplified junction models for 
NPN and PNP transistors are shown in Fig. 2.31. It is 
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Metal case 
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Figure 2.29 Construction of a typical NPN 
transistor 


Base Emitter 


Oxide layer 
(insulation) 


Metal case 
(conductor) 


Collector 


Figure 2.30 
transistor 


Construction of a typical PNP 


important to note that the base region (P-type material 
in the case of an NPN transistor or N-type material in 
the case of a PNP transistor) 1s extremely narrow. 


2.3.1 Bias and current flow 


In normal operation (1.e. for operation as a linear 
amplifier) the base-emitter junction of a transis- 
tor is forward biased and the collector base junction 
is reverse biased. The base region is, however, made 
very narrow so that carriers are swept across it from 
emitter to collector so that only a relatively small 
current flows in the base. To put this into context, 
the current flowing in the emitter circuit is typically 
100 times greater than that flowing in the base. The 
direction of conventional current flow is from emit- 
ter to collector in the case of a PNP transistor, and 
collector to emitter in the case of an NPN device, as 
shown in Fig. 2.32. 


50 
collector 
collector 
base base 
emitter 
emitter 
(a) NPN bipolar junction transistor (BJT) 
collector 
collector 
base base 
emitter 
emitter 
(bj) PNP bipolar junction transistor (BJT) 
Figure 2.31 NPN and PNP BJT symbols 


and simplified junction models 


(b) PNP bipolar junction transistor (BJT) 


Figure 2.32 Bias voltages and current flow 
in NPN and PNP bipolar junction transistors 
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The equation (based on Kirchhoff’s current law) 
that relates current flow in the collector, base, and 
emitter of a transistor (see Fig. 2.32) is: 


E aa ae oe 
where Jg is the emitter current, Jp is the base current, 


and /c is the collector current (all expressed in the 
same units) 


Example 2.1 


A transistor operates with a collector current of 2A 
and an emitter current of 2.1 A. Determine the value 
of base current. 


Now: 


thus: 
| ey O | 
In this case, J. = 2A and Jp = 2.1A, thus: 


1, =21A-2A=0.1A = 100 mA 


Test your understanding 2.5 


A BJT operates with an emitter current of 1.25A 
and a base current of 50 mA. What will the collector 
current be? 


Key point 


The emitter current of a transistor is the sum of its 
base and collector currents. 


2.3.2 Transistor characteristics 


The characteristics of a bipolar junction transistor 
are usually presented in the form of a set of graphs 
relating voltage and current present at the transistors 
terminals. Figure 2.33 shows a typical input char- 
acteristic (/p plotted against Va) for an NPN bipo- 
lar junction transistor operating in common-emitter 
mode. In this mode, the input current is applied to the 
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Figure 2.33 Input characteristic (lg/ Vse) for an NPN bipolar junction transistor 
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Figure 2.34 Output characteristic (lc/Vce) for an NPN bipolar junction transistor 


base and the output current appears in the collector 0.6 V. Thereafter, the base current increases rapidly (this 
(the emitter 1s effectively common to both the input characteristic bears a close resemblance to the forward 
and output circuits). part of the characteristic for a silicon diode). 

The input characteristic shows that very little base Figure 2.34 shows a typical set of output (collec- 
current flows until the base emitter voltage Vpg exceeds tor) characteristics (/. plotted against Vcg) for an 
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3 4 9 


Base current, la (mA) 


Figure 2.35 Transfer characteristic (/-//g) for an NPN bipolar junction transistor 


NPN bipolar transistor. Each curve corresponds to 
a different value of base current. Note the ‘knee’ in 
the characteristic below Vcg = 2V. Also note that the 
curves are quite flat. For this reason (1.e. since the col- 
lector current does not change very much as the col- 
lector-emitter voltage changes) we often refer to this 
as a constant current characteristic. 

Figure 2.35 shows a typical transfer character- 
istic for an NPN bipolar junction transistor. Here 
lc is plotted against /g for a small-signal general 
purpose transistor. The slope of this curve (i.e. the 
ratio of Jc to Jp) is the common emitter current 
gain of the transistor. We shall explore this further in 
Section 2.2.6. 


2.3.3 Iransistor operating configurations 


Three basic circuit arrangements are used for transis- 
tor amplifiers and these are based on the three circuit 
configurations that we met earlier (1.e. they depend 
upon which one of the three transistor connections is 
made common to both the input and the output). In 


Figure 2.36 Various transistors (including 
low-frequency, high-frequency, high-voltage, 
small-signal and power types) 


the case of bipolar transistors, the configurations are 
known as common emitter, common collector (or 
emitter follower) and common base. Where field 
effect transistors are used, the corresponding configu- 
rations are common source, common drain (or source 
follower) and common gate. 

These basic circuit configurations depicted in Fig. 
2.38 exhibit quite different performance characteris- 
tics, as shown in the table below. 
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Figure 2.37 Symbols used for various types 


of transistor Figure 2.38 BJT circuit configurations 


54 
Parameter Common emitter 
Voltage gain medium/high (40) 
Current gain high (200) 
Power gain very high (8000) 


Input resistance medium (2.5 k(2) 
Output resistance 


Phase shift 180° 


A requirement of most amplifiers is that the out- 
put signal should be a faithful copy of the input sig- 
nal or be somewhat larger in amplitude. Other types 
of amplifier are ‘non-linear’, in which case their 
input and output waveforms will not necessarily be 
similar. In practice, the degree of linearity provided 
by an amplifier can be affected by a number of fac- 
tors including the amount of bias applied and the 
amplitude of the input signal. It is also worth noting 
that a linear amplifier will become non-linear when 
the applied input signal exceeds a threshold value. 
Beyond this value the amplifier is said to be over- 
driven and the output will become increasingly dis- 
torted if the input signal is further increased. 

The optimum value of bias for linear (Class A) 
amplifiers is that value which ensures that the active 
devices are operated at the mid-point of their char- 
acteristics. In practice, this means that a static value 
of collector current will flow even when there is no 
signal present. Furthermore, the collector current will 
flow throughout the complete cycle of an input sig- 
nal (1.e. conduction will take place over an angle of 
360°). At no stage should the transistor be saturated 
(Veg ~ OV or Vos ~ OV) nor should it be cut-off 
(Vez ~ Voc or Vos ~ Vpp). 

In order to ensure that a static value of collector 
current flows in a transistor, a small bias current 
must be applied to the base of the transistor. This cur- 
rent is usually derived from the same voltage rail that 
supplies the collector circuit via one or more resistors 
of appropriate value. 


2.3.4 Current gain 


In general terms, current gain is the ratio of output cur- 
rent to input current. When a transistor is operating in 
common emitter mode the input current appears at the 
base and the output current at the collector. Thus, for 
this mode of operation the current gain will simply be 


medium/high (20k) 
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Common collector Common base 


unity (1) high (200) 
high (200) unity (1) 

high (200) high (200) 
high (100kQ2) low (200 Q) 
low (10022) high (100k(2) 
0° 0° 


the ratio of collector current, Jc, to base current, Jp. 
We use the symbol Apg to represent the static value of 
current gain when a transistor 1s connected in common 
emitter mode. Thus: 


= 
Il 
`~ | 


Typical values of common emitter current gain vary 
from about 40 to 200. 


Example 2.2 


A current of 4A is to be supplied to a generator field 
winding from a BJT. If the device is operated in com- 
mon emitter mode with a base current of 20 mA, what 
is the minimum value of current gain required? 


Using hp = e/g where Ic = 4A and Jp = 20mA 
gives: 


h, === —— = 50 


Example 2.3 


A small-signal BJT has a common emitter current 
gain of 125. If the transistor operates with a collec- 
tor current of 50mA, determine the value of base 
current. 


Rearranging the formula /,, = [./I, to make Jp 
the subject gives J, = [./h,, from which: 


_ 50X10" 


= 400A 
125 j 


B 
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Test your understanding 2.6 


A BJT has a common emitter current gain of 75. If a 
base current of 40 mA is applied to the device what 
will the collector current be? 


Test your understanding 2.7 


Estimate the common emitter current gain of the 
BJT whose transfer characteristic is shown in 
Fig. 2.35. 


Key point 


The common emitter current gain of a transistor is 
the ratio of collector current to base current and is 
typically in the range 40 to 200. 


2.4 Integrated circuits 


Considerable cost savings can be made by manufac- 
turing all of the components required for a particular 
circuit function on one small slice of semiconductor 
material (usually silicon). The resulting integrated 
circuit may contain as few as 10 or more than 
100,000 active devices (transistors and diodes). With 
the exception of a few specialized applications (such 
as amplification at high power levels) integrated cir- 
cuits have largely rendered conventional circuits (i.e. 
those based on discrete components) obsolete. 

Integrated circuits can be divided into two general 
classes, digital (logic) and linear (analogue). 

A number of devices bridge the gap between the 
analogue and digital world. Such devices include 
analogue to digital converters (ADC), digital 
to analogue converters (DAC), and timers. 

Digital integrated circuits have numerous applica- 
tions quite apart from their obvious use in computing. 
Digital signals exist only in discrete steps or levels; 
intermediate states are disallowed. Conventional elec- 
tronic logic is based on two binary states, commonly 
referred to as logic 0 (low) and logic 1 (high). A com- 
parison between digital and analogue signals is shown 
in Fig. 2.39. We shall look at digital logic in much 
greater detail in Chapter 3. 
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Voltage, v Voltage, v 


Time, f 
(a) An analogue signal 


Time, t 
(b) A digital signal 


Figure 2.39 Digital and analogue signals 
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Inverting input 
Output 
Non-inverting P 
input 
-ve supply 


Figure 2.40 Symbol for 
amplifier 


an operational 


Operational amplifiers are analogue integrated 
circuits designed for linear amplification that offer 
near-ideal characteristics (virtually infinite voltage 
gain and input resistance coupled with low output 
resistance and wide bandwidth). 

Operational amplifiers can be thought of as univer- 
sal ‘gain blocks’ to which external components are 
added in order to define their function within a circuit. 
By adding two resistors, we can produce an amplifier 
having a precisely defined gain. Alternatively, with 
three resistors and two capacitors we can realize a 
low-pass filter. From this you might begin to suspect 
that operational amplifiers are really easy to use. The 
good news is that they are! 

The symbol for an operational amplifier is shown 
in Fig. 2.40. There are a few things to note about 
this. The device has two inputs and one output and 
no common connection. Furthermore, we often don’t 
show the supply connections — it is often clearer to 
leave them out of the circuit altogether! 

In Fig. 2.40, one of the inputs is marked ‘—’ and 
the other is marked ‘+’. These polarity markings 
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Figure 2.41 Various circuits 


integrated 
(including logic gates, operational amplifiers 
and memories) 


have nothing to do with the supply connections — 
they indicate the overall phase shift between each 
input and the output. The ‘+’ sign indicates zero 
phase shift whilst the *—” sign indicates 180° phase 
shift. Since 180° phase shift produces an inverted 
(1.e., turned upside down) waveform, the ‘—’ input 
is often referred to as the ‘inverting input’. Similarly, 
the ‘+’ input is known as the ‘non-inverting’ input. 
Most (but not all) operational amplifiers require 
a symmetrical power supply (of typically +6V to 
+15V). This allows the output voltage to swing both 
positive (above 0V) and negative (below 0V). Others 
types of operational amplifier operate from a single 
supply voltage of usually between 5 V and 15 V. 


Key point 


Integrated circuits contain large numbers of individ- 
ual components fabricated on a single slice of sili- 
con. Integrated circuits are often classified as either 
digital (logic) or linear (analogue). 


Key point 


Operational amplifiers are linear integrated circuits 
that can be used as versatile ‘gain blocks’ within a 
wide variety of linear circuits. 
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OV 


Figure 2.42 See Test your understanding 2.8 


Test your understanding 2.8 


The circuit of a motor controller is shown in Fig. 2.42. 


What type of transistor is TR1? 

What type of diode is D1? 

What type of diode is D2? 

Which resistor sets the brightness of D2? 
What voltage appears across C1? 

What voltage appears across R1? 

What voltage is delivered to M1? 

What operating configuration is used for TR1? 
. What would happen if R1 is open circuit? 

. What would happen if C1 is short circuit? 


DOPADIADONZ 


mb. 


2.5 Multiple choice questions 


1. The forward voltage drop of a conducting silicon 
diode is approximately: 
(a) 0.2V 
(b) 0.6V 
(c) 2V. 


2. The region in a P-N junction diode where no free 
charge carriers exist is known as the: 
(a) collector 
(b) depletion region 
(c) enhancement region. 


3. The device shown in Fig. 2.43 is: 
(a) a thyristor 
(b) a PNP transistor 
(c) an NPN transistor. 
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Figure 2.43 See Question 3 


Figure 2.44 See Question 6 


4. The typical common-emitter current gain for a 
bipolar transistor is: 
(a) less than 10 
(b) between 10 and 40 
(c) more than 40. 


5. When a transistor is used in common-emitter 
mode: 


(a) the input is taken to the base and the output is 


taken from the collector 
(b) the input 1s taken to the collector and the 
output is taken from the emitter 


(c) the input 1s taken to the emitter and the output 


1s taken from the collector. 


6. The device shown in Fig. 2.44 1s used for: 
(a) power control 
(b) acting as a voltage reference 
(c) producing a visual indication. 
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C 


Figure 2.45 See Question 7 


. In the bridge rectifier arrangement shown in Fig. 


2.45 the DC output is taken from: 
(a) A and B 
(b) A and C 
(c) Band D. 


. The connections on a thyristor (silicon-controlled 


rectifier) are labelled: 

(a) anode, cathode, gate 
(b) collector, base, emitter 
(c) collector, gate, emitter. 


. The anode of a silicon diode is connected to a 


+5V DC supply and the cathode is connected to 
a +4V DC supply. The diode is: 

(a) forward biased and not conducting 

(b) reverse biased and not conducting 

(c) forward biased and conducting. 


. A thyristor has which of the following? 


(a) high resistance when switched on 
(b) high resistance when switched off 
(c) a positive temperature coefficient 


. A practical operational amplifier has: 


(a) very high input impedance and very high 
voltage gain 

(b) very high input impedance and very low 
voltage gain 

(c) very low input impedance and very high 
voltage gain. 


. A typical application for a Zener diode is: 


(a) voltage stabilization 
(b) power rectification 
(c) signal detection. 


. A transistor operates with a base current of 


45mA and a collector current of 1.8 A.Which of 
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14. 


the following gives the current gain of the device 
when used in common emitter configuration? 

(a) 40 

(b) 90 

(c) 225. 

Which one of the following relationships is 
correct for a BJT? 

(a) Ig = lc- i 

(b) Ic = Lg — Ip 

(c) £ = lc ig 
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15. The frequency of the ripple voltage present on 
the output of a bridge rectifier fed from a 400 Hz 
AC supply will be: 
(a) 200 Hz 
(b) 400 Hz 
(c) 800 Hz. 


Chapter Digital fundamentals 


3 


In this chapter we introduce the basic building blocks 
of the digital logic systems found in modern air- 
craft. We begin with a review of the different types 
of logic gates before moving on to explore their use 
in several typical aircraft applications. The chapter 
also provides a brief overview of coding systems and 
the logic arrangements that are used to generate and 
convert the codes that are used to represent numerical 
data. The chapter provides an introduction to aircraft 
bus systems and concludes with a brief overview of 
the architecture and principal constituents of simple 
computer systems. 


3.1 Logic gates 


Aircraft logic systems follow the same conven- 
tions and standards as those used in other electronic 
applications. In particular, the MIL/ANSI standard 
logic symbols are invariably used and the logic ele- 
ments that they represent operate in exactly the same 
way as those used in non-aircraft applications. MIL/ 
ANSI standard symbols for the most common logic 
gates are shown together with their truth tables in 
Fig. 3.1. 


3.1.1 Buffers 


Buffers do not affect the logical state of a digital 
signal (1.e. a logic 1 input results in a logic 1 output 
whereas a logic 0 input results in a logic 0 output). 
Buffers are normally used to provide extra current 
drive at the output but can also be used to regularize 
the logic levels present at an interface. 

Inverters are used to complement the logical 
state (i.e. a logic 1 input results in a logic 0 output 
and vice versa). Inverters also provide extra current 
drive and, like buffers, are used in interfacing appli- 
cations where they provide a means of regularizing 
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Figure 3.1 MIL/ANSI symbols for standard 
logic gates together with truth tables 


logic levels present at the input or output of a 
digital system. 


3.1.2 AND logic 


AND gates will only produce a logic 1 output when 
all inputs are simultaneously at logic 1. Any other 
input combination results in a logic O output. 


3.1.3 OR logic 


OR gates will produce a logic 1 output whenever 
any one, or more, inputs are at logic 1. Putting this 
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another way, an OR gate will only produce a logic 0 
output whenever all of 1ts inputs are simultaneously 
at logic 0. 


3.1.4 NAND logic 


NAND (i.e. NOFAND) gates will only produce a 
logic 0 output when all inputs are simultaneously at 
logic 1. Any other input combination will produce 
a logic 1 output. A NAND gate, therefore, is noth- 
ing more than an AND gate with its output inverted. 
The circle shown at the output of the gate denotes this 
inversion. 


3.1.5 NOR logic 


NOR (1.e. NOT-OR) gates will only produce a logic 1 
output when all inputs are simultaneously at logic 0. 
Any other input combination will produce a logic 0 
output. A NOR gate, therefore, 1s simply an OR gate 
with its output inverted. A circle is again used to indi- 
cate inversion. 


3.1.6 Exclusive-OR logic 


Exclusive-OR gates will produce a logic 1 output 
whenever either one of the two inputs is at logic 1 and 
the other is at logic 0. Exclusive-OR gates produce a 
logic 0 output whenever both inputs have the same 
logical state (1.e. when both are at logic 0 or both are 
at logic 1). 


3.1.7 Exclusive-NOR logic 


Exclusive-NOR gates will produce a logic 0 output 
whenever either one of the two inputs is at logic 1 and 
the other is at logic 0. Exclustve-NOR gates produce 
a logic 1 output whenever both inputs have the same 
logical state (1.e. when both are at logic 0 or both are 
at logic 1). 


3.1.8 Inverted inputs and outputs 


The NAND and NOR gates that we have just met are 
said to have inverted outputs. In other words, they are 
respectively equivalent to AND and OR gates with 
their outputs passed through an inverter (or NOT 
gate) as shown in Fig. 3.2(a) and (b). 
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As well as inverted outputs, aircraft logic systems 
also tend to show logic gates in which one or more 
of the inputs is inverted. In Fig. 3.2(c) an AND gate 
is shown with one input inverted. This is equivalent 
to an inverter (NOT gate) connected to one input of 
the AND gate, as shown. In Fig. 3.2(d) an OR gate is 
shown with one input inverted. This is equivalent to 
an inverter (NOT gate) connected to one input of the 
OR gate, as shown. 

Two further circuits with inverted inputs are shown 
in Fig. 3.2. In Fig. 3.2(e) both inputs of an AND gate 
are shown inverted. This arrangement is equivalent 
to the two-input NOR gate shown. In Fig. 3.2(f), 
both inputs of an OR gate are shown inverted. This 
arrangement is equivalent to the two-input NAND 
gate shown. 


Key point 


Logic circuits involve signals that can only exist in 
one of two mutually exclusive states. These two 
states are usually denoted by 1 and O, ‘on’ or ‘off’, 
‘high’ and ‘low’, ‘closed’ and ‘open’, etc. 


3.2 Combinational logic systems 


By using a standard range of logic levels (1.e. voltage 
levels used to represent the logic 1 and logic 0 states) 
logic circuits can be combined together in order to 
solve more complex logic functions. As an exam- 
ple, assume that a logic circuit is to be constructed 
that will produce a logic 1 output whenever two or 
more of its three inputs are at logic 1. This circuit 
is referred to as a majority vote circuit and its truth 
table is shown in Fig. 3.3. Figure 3.4 shows the logic 
circuitry required to satisfy the truth table. 


3.2.1 Landing gear warning logic 


Now let’s look at a more practical example of the use 
of logic in the typical aircraft system shown in Fig. 
3.5. The inputs to this logic system consist of five 
switches that detect whether or not the respective 
landing gear door is open. The output from the logic 


D= Dt 


(a) AND gate with output inverted 


E = See 


(b) OR gate with output inverted 


(c) AND gate with one input inverted 


D- = 7 1D 


(d) OR gate with one input inverted 


D- JD -D 


(e) AND gate with both inputs inverted 


D- = 1D =D 


(f) OR gate with both inputs inverted 


Figure 3.2 Logic gates with inverted outputs and inputs 
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system 1s used to drive six warning indicators. Four 
of these are located on the overhead display panel and 
show which door (or doors) are left open whilst an 
indicator located on the pilot's instrument panel pro- 
vides a master landing gear door warning. A switch 
is also provided in order to enable or disable the five 
door warning indicators. 


Figure 3.3 The majority vote truth table 
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Figure 3.5 Landing gear warning logic 
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The landing gear warning logic primary module 
consists of the following integrated circuit devices: 


Al Regulated power supply for AS 

A2 Regulated power supply for A7 and A11 
AS Ten inverting (NOT) gates 

A7 Five-input NAND gate 

All Six inverting (NOT) gates 


Note that the power supply for Al and A2 is 
derived from the essential services DC bus. This is a 
28V DC bus which is maintained in the event of an 


Figure 3.4 The majority vote logic 
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A aircraft power failure. Note also that the indicators 
are active-low devices (in other words, they require a 
Y logic 0 input in order to become illuminated). 
B 


Test your understanding 3.1 


Figure 3.6 See Test your understanding 3.2 


1. Show how a four-input AND gate can be made 
using three two-input AND gates. 

2. Show how a four-input OR gate can be made 
using three two-input OR gates. 


Test your understanding 3.2 


1. Draw the truth table for the logic gate arrangement 
shown in Fig. 3.6. 

2. Devise a logic gate arrangement that provides 
the output described by the truth table shown in 
Fig. 3.7. 


3.3 Monostable devices 


Monostable (or one-shot) devices provide us with a 
means of generating precise time delays. Such delays 
become important in many logic applications where 
logic states are not static but change with time. 


Figure 3.8 Logic circuit based on transistor-transistor logic (TTL) integrated circuits 
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The action of a monostable is quite simple — its 
output is initially logic 0 until a change of state occurs 
at its trigger input. The level change can be from 0 to 
1 (positive edge trigger) or 1 to 0 (negative edge trig- 
ger). Immediately the trigger pulse arrives, the output 
of the monostable changes state to logic 1. The output 
then remains at logic 1 for a pre-determined period 
before reverting back to logic 0. 


3.3.1 APU starter logic 


An example of the use of a monostable is shown in 
the auxiliary power unit (APU) starter logic shown 
in Fig. 3.9. This arrangement has three inputs (APU 
START, APU SHUTDOWN, and APU RUNNING) 
and one output (APU STARTER MOTOR). The 
inputs are all active-high (in other words, a logic 1 is 
generated when the pilot operates the APU START 
switch, and so on). The output of the APU starter 
motor control logic goes to logic 1 in order to apply 
power to the starter motor via a large relay. 

There are a few things to note about the logic 
arrangement shown in Fig. 3.9: 


1. When the APU runs on its own we need to 
disengage the starter motor. In this condition the 
APU MOTOR signal needs to become inactive 
(i.e. 1t needs to revert to logic 0). 

2. We need to avoid the situation that might occur 
if the APU does not start but the starter motor 
runs continuously (as this will drain the aircraft 
batteries). Instead, we should run the starter 
motor for a reasonable time (say, 60 seconds) 
before disengaging the starter motor. The 60 
second timing is provided by means of a positive 
edge triggered monostable device. This device is 
triggered from the APU START signal. 

3. Since the pilot is only required to momentarily 
press the APU START switch, we need to hold the 
condition until such time as the engine starts or 
times out (1.e. at the end of the 60 second period). 


APL START 
APU 
starter 
APU SHUTDOWN 


APL RUNNING 


Figure 3.9 APU starter logic 


Aircraft electrical and electronic systems 


APU START 


APL SHUTDOWN 


APU RUNNING | 


APU SHUTDOWN 


APU RUNNING 


APU START 
APU SHUTDOWN - 
APL RUNNING 


(c) APU starte 
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APU SHUTDOWN 
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(e) APU fails to run during 60s period: further APU START signal awaited 


Figure 3.10 APU starter operation 
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We can achieve this by OR’ing the momentary 
APU START signal with the APU STARTER 
MOTOR signal. 

4. We need to provide a signal that the pilot can use 
to shut down the APU (for example, when the 
aircraft’s main engines are running or perhaps in 
the event of a fault condition). 


In order to understand the operation of the APU 
starter motor logic system we can once again trace 
through the logic system using 1’s and 0’s to represent 
the logical condition at each point (just as we did for 
the landing gear door warning logic). 

In Fig. 3.10(a) the APU is in normal flight and 
the APU is not running. In this condition the main 
engines are providing the aircraft’s electrical power. 

In Fig. 3.10(b) the pilot is operating the APU 
START switch. The monostable is triggered and out- 
put of the OR and AND gates both go to logic 1 in 
order to assert the APU STARTER MOTOR signal. 

In Fig. 3.10(c) the APU START signal is removed 
but the output of the AND gate is held at logic 1 by 
feeding back its logical state via the OR gate. The 
monostable remains triggered and continues to pro- 
duce a logic 1 output for its 60 second period. 

In Fig. 3.10(d) the APU is now running and the 
APU RUNNING signal has gone to logic | in order to 
signal this conditions. This results in the output of the 
AND gate going to logic 0 and the APU STARTER 
MOTOR signal is no longer made active. The starter 
motor is therefore disengaged. 

In Fig. 3.10(e) the APU has failed to run during the 
60 second monostable period. In this timed out condi- 
tion the output of the AND gate goes to logic 0 and 
the APU STARTER MOTOR signal becomes inac- 
tive. The system then waits for the pilot to operate the 
APU START button for a further attempt at starting! 
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Figure 3.11 Generator control logic 
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Test your understanding 3.3 


Part of an aircrafts generator control logic is shown 
in Fig. 3.11. Construct a truth table for the two 
outputs (GCB trip and GCR trip) and use this to 
explain the operation of the circuit. Under what con- 
ditions are the trip signals generated? 


3.4 Bistable devices 


A bistable device is a logic arrangement that is capable 
of ‘remembering’ a transient logic state such as a key 
press or a momentary overload condition. The output of 
a bistable circuit has two stables states (logic 0 or logic 
1). Once set in one or other of these states, the output 
of a bistable will remain at a particular logic level for 
an indefinite period until reset. A bistable thus forms a 
simple form of memory as it remains in its latched state 
(either set or reset) until a signal is applied to it in order 
to change its state (or until the supply is disconnected). 

The simplest form of bistable is the R-S bistable. 
This device has two inputs, SET and RESET, and 
complementary outputs, Q and /Q. A logic 1 applied 
to the SET input will cause the Q output to become 
(or remain at) logic 1 while a logic 1 applied to the 
RESET input will cause the Q output to become (or 
remain at) logic 0. In either case, the bistable will 
remain in its SET or RESET state until an input is 
applied in such a sense as to change the state. 

Two simple forms of R-S bistable based on cross- 
coupled logic gates are shown in Fig. 3.12. Figure 
3.12(a) is based on cross-coupled two-input NAND 
gates while Fig. 3.12(b) is based on cross-coupled 
two-input NOR gates. 


GCE trip 


GCR trip 
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Q 


Figure 3.12 Simple R-S bistables based on: 
(a) NAND gates and (b) NOR gates 
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Figure 3.13 D-type bistable 


Unfortunately, the simple cross-coupled logic gate 
bistable has a number of serious shortcomings (con- 
sider what would happen if a logic 1 was simultane- 
ously present on both the SET and RESET inputs!) 
and practical forms of bistable make use of much 
improved purpose-designed logic circuits such as 
D-type and J-K bistables. 

The D-type bistable has two inputs: D (standing 
variously for ‘data’ or ‘delay’) and CLOCK (CLK). 
The data input (logic 0 or logic 1) is clocked into the 
bistable such that the output state only changes when 
the clock changes state. Operation is thus said to be 
synchronous. Additional subsidiary inputs (which are 
invariably active low) are provided which can be used 
to directly set or reset the bistable. These are usually 
called PRESET (PR) and CLEAR (CLR). D-type 
bistables are used both as latches (a simple form of 
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Data input 


Clock 


O-oulput 


Figure 3.14 Timing diagram for the D-type 
bistable 


memory) and as binary dividers. The simple circuit 
arrangement in Fig. 3.13 together with the timing 
diagram shown in Fig. 3.14 illustrate the operation 
of D-type bistables. 

J-K bistables (see Fig. 3.15) have two clocked inputs 
(J and K), two direct inputs (PRESET and CLEAR), a 
CLOCK (CK) input, and complementary outputs (Q 
and /Q). As with R-S bistables, the two outputs are 
complementary (i.e. when one is 0 the other is 1, and 
vice versa). Similarly, the PRESET and CLEAR inputs 
are invariably both active low (i.e. a O on the PRESET 
input will set the Q output to 1 whereas a 0 on the 
CLEAR input will set the Q output to 0). Figure 3.16 
summarizes the input and corresponding output states 
of a J-K bistable for various input states. J-K bistables 
are the most sophisticated and flexible of the bistable 
types and they can be configured in various ways for 
use in binary dividers, shift registers, and latches. 


3.5 Decoders 


A variety of different coding schemes are used to rep- 
resent numerical data in avionic systems. They include 
binary (or, more correctly, natural binary), binary 
coded decimal (BCD), Gray code, octal (base 8), 
and hexadecimal (base 16) as shown in Fig. 3.17. 

BCD uses four digits to represent each numerical 
character. Thus decimal 11 is represented by 0001 
0001 (or just 10001 omitting the three leading zeros). 
Gray code 1s an important code because only one digit 
changes at a time. This property assists with error 
correction. Notice also how the least significant three 
bits of each Gray coded number become reflected 
after a decimal count of seven. Because of this, Gray 
code is often referred to as a reflected code. 
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A logic 1 is required here 


to set the O output 


PRESET 


These inputs are for 
‘docked operation’ 


A logic 1 is required here 


to reset the O output 


(a) Basic J-K bistable 


Figure 3.15 J-K bistable symbols 


(a) PRESET and CLEAR inputs 
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Q oulpul changes lo 0 
(18. Q is reset) 


regardless of the clock 


Q output changes lo 1 
(Le. Q is reset) on the 
nex! clock Iransilion) 


Enables clocked 
operation - refer to the 
next truth table 


Nole that the PRESET and CLEAR inputs are unaffected by the 
slate of the clock 


Figure 3.16 Truth tables for the J-K bistable 


Decoders are used to convert information from one 
number system to another, such as binary to octal or 
binary to decimal. A simple two to four line decoder is 
shown in Fig. 3.18. In this arrangement there are two 
inputs, A and B, and four outputs, Yo, Y,, Y, and Y3. 

The binary code appearing on A and B is decoded 
into one of the four possible states and corresponding 
output appears on the four output lines with Y; being 
the most significant. Because two to four and three 
to eight line decoders are frequently used as address 
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PRESET | 


Circle indicates ‘active low’ input 
(a logic 0 will be required to 
reset the O output) 


(b) J-K bistable with active-low 
PRESET and CLEAR inputs 


(b) Clocked operation using the J and K inputs 
inputs Output 
wen 

No change in state of 
the © oulpul on the 
next clock transition 
Q oulpul changes lo 0 
(Le. O is resel) on the 
nex! clock transition) 


| Q output changes to 1 
(i.e, Q is reset) on the 
next clock transition) 


Q output changes to 
the opposite slate on 
| the next clock lransition 


Note that Q,, means 'Q in whatever state it was before whilst 
Q, means ‘O afler the next clock transition’ 


decoders in computer systems (where memory and 
I/O devices are invariably enabled by a low rather 
than a high state), the outputs are active-low, as indi- 
cated by the circles on the logic diagrams. 

The internal logic arrangement of a two to four line 
decoder is shown in Fig. 3.19. This arrangement uses 
two inverters and three two-input NAND gates. All 
four outputs are active-low; Yọ will go low when A 
and B are both at logic 0, Y, will go low when A 1s at 
logic 0 and B is at logic 1, Y, will go low when A is 
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Figure 3.17 Various coding schemes for 
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(b) Two to four line decoder with enable input 


Figure 3.18 Two to four line decoders 
and their corresponding truth tables. The 
arrangement shown in (b) has a separate 
active-low enable input (when this input is 
high all of the outputs remain in the high state 


regardless of the A and B inputs) 


at logic 1 and B is at logic 0, and Y, will go low when 


both A and B are at logic 1. 


Test your understanding 3.4 


1. Convert decimal 20 to (a) natural 
(b) BCD, (c) octal, and (d) hexadecimal. 


2. Convert natural binary 100001 to (a) decimal, 


(b) BCD, (c) octal, and (d) hexadecimal. 
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Figure 3.19 Internal logic of a simple two to 
four line decoder 


(a) Binary to Gray code conversion 
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(b) Gray code to binary conversion 


Figure 3.20 Natural binary to Gray code 
conversion 


Test your understanding 3.5 


Figure 3.20 shows simple logic arrangements that 
will perform natural binary to Gray code conver- 
sion and vice versa. Construct a truth table for each 
arrangement and use them to verify the operation 
of each circuit. 


Digital fundamentals 


3.5.1 Gillham interface and Gillham code 


Early altitude encoders were mechanical devices inte- 
grated into the barometric altimeter. The electrical 
output was a 10-bit parallel bus although more mod- 
ern implementations use an expanded 11-bit bus. To 
ensure that only one bit of the bus changes on each 
transition (so that no transient false values are gener- 
ated as the output changes between successive values) 
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Key maintenance point 


Unfortunately, there has been at least one case 
when the failure of a single data line in a Gillham 
interface has generated erroneous altitude data 
which has caused an aircrafts Traffic Alert and 
Collision Avoidance System (TCAS) to guide 
an aircraft into a near miss situation. Hence there 
is now a requirement to test and verify the opera- 
tion of Gillham-based systems. Furthermore, the 
use of Gillham code interfaces has actively been 
discouraged in favour of more modern digital 
systems. 
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the altitude is represented in a form of Gray code, 
not natural binary code (see table below). The inter- 
face required to perform this operation is commonly 
referred to as a Gillham interface and, as a result, 
the altitude code that it produces (which operates in 
increments of 100’) is often referred to as Gillham 
code, see below: 


B2 B4 Cl C2 C4 
l l 0 l 0 
l l l l 0 
l l l 0 0 
l 0 l 0 0 
l 0 l l 0 
l 0 0 l 0 
l 0 0 l l 
l 0 0 0 l 
l 0 0 0 l 
l 0 0 l l 
l 0 0 l 0 
l 0 l l 0 
0 0 0 l 0 
0 0 0 l l 
0 0 0 0 l 
0 0 0 0 l 
0 0 0 l l 
0 0 0 l 0 
0 0 l l 0 


3.6 Encoders 


Encoders provide the reverse function to that of a 
decoder. In other words, they accept a number of 
inputs and then generate a binary code correspond- 
ing to the state of those inputs. Typical applications 
for encoders include generating a binary code corre- 
sponding to the state of a keyboard/keypad or generat- 
ing BCD from a decade (ten-position) rotary switch. 
A particularly useful form of encoder is one that 
can determine the priority of its inputs. This device is 
known as a priority encoder and its inputs are arranged 
in priority order, from lowest to highest priority. If more 
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Figure 3.21 
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Figure 3.22 An octal to binary encoder 


than one input becomes active, the input with the high- 
est priority will be encoded and its binary coded value 
will appear on the outputs. The state of the other (lower 
priority) inputs will be ignored. 

Figure 3.21 shows an eight to three line priority 
encoder together with its corresponding truth table. 
Note that this device has active-low inputs as well as 
active-low outputs. 


Test your understanding 3.6 


Figure 3.22 shows the circuit of an octal to binary 
encoder. Verify the operation of this circuit by con- 
structing its truth table. 
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An eight to three line priority encoder and its corresponding truth table. Note that 


3.7 Multiplexers 


Like encoders, multiplexers have several inputs. 
However, unlike encoders, they have only one output. 
Multiplexers provide a means of selecting data from 
one of several sources. Because of this, they are often 
referred to as data selectors. Switch equivalent cir- 
cuits of some common types of multiplexer are shown 
in Fig. 3.23. 

The single two-way multiplexer in Fig. 3.23(a) is 
equivalent to a simple SPDT (changeover) switch. The 
dual two-way multiplexer shown in Fig. 3.23(b) per- 
forms the same function but two independent circuits 
are controlled from the same select signal. A single 
four-way multiplexer is shown in Fig. 3.23(c). Note 
that two digital select inputs are required, A and B, in 
order to place the switch in its four different states. 

Block schematic symbols, truth tables and simpli- 
fied logic circuits for two to one and four to one mul- 
tiplexers are shown in Figs 3.24 to 3.27. 


Test your understanding 3.7 


1. Verify the operation of the two to one multiplexer 
circuit shown in Fig. 3.25 by constructing its 
truth table. 
Verify the operation of the four to one multiplexer 
circuit shown in Fig. 3.27 by constructing its 
truth table. 
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Figure 3.23 Switch equivalent circuits for 
some common types of multiplexer or data 
selector 
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Figure 3.25 Logic circuit arrangement for the 
basic two to one multiplexer 
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logic state of the A and B inputs determines 
which of the four logic inputs (Xy to X3) 
appears at the output 
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Figure 3.27 Logic gate arrangement for the four to one multiplexer 


3.8 Bus systems 


Aircraft data bus systems allow a wide variety of avi- 
onics equipment to communicate with one another 
and exchange data. Bus systems can be either bidi- 
rectional (one way) or unidirectional (two way), as 
shown in Fig. 3.28. They can also be serial (one bit of 
data transmitted at a time) or parallel (where often 8, 
16 or 32 bits of data appear as a group on a number 
of data lines at the same time). Because of the con- 
straints imposed by conductor length and weight, 
all practical aircraft bus systems are based on serial 
(rather than parallel) data transfer. 

Bus systems provide an efficient means of 
exchanging data between the diverse avionic systems 
found in a modern aircraft (see Fig. 3.29). Individual 
line replaceable units (LRU), such as the engine 
data interface or flap/slat electronics units shown in 
Fig. 3.29, are each connected to the bus by means of 
a dedicated bus coupler and serial interface module 
(not shown in Fig. 3.29). Within the LRU, the dedi- 
cated digital logic and microprocessor systems that 
process data locally each make use of their own local 
bus system. These local bus systems invariably use 


parallel data transfer which is ideal for moving large 
amounts of data very quickly but only over short 
distances. 


Key point 


Modern aircraft use multiple redundant bus sys- 
tems for exchanging data between the various avi- 
onic systems and sub-systems. These bus systems 
use serial data transfer because it minimizes the 
size and weight of aircraft cabling. 


3.8.1 Serial bus principles 


A simple system for serial data transfer between two 
line replaceable units, each of which comprises an 
avionic system in its own right, is shown in Fig. 3.30. 
Within the LRU data is transferred using an inter- 
nal parallel data bus (either 8, 16, 32 or 64 bits wide). 
The link between the two LRUs is made using a simple 
serial cable (often with only two, four or six conductors). 
The required parallel-to-serial and serial-to-parallel data 
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(b) Bidirectional serial data 
Figure 3.28 Unidirectional and bidirectional serial and parallel data 
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Figure 3.29 Bus systems implemented on a modern passenger aircraft 
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conversion is carried out by a bus interface (often this 
is a single card or module within the LRU). The data to 
be transferred can be synchronous (using clock signals 
generated locally within each LRU) or it may be asyn- 
chronous (1.e. self-clocking). 

The system shown in Fig. 3.30 has the obvious limi- 
tation that data can only be exchanged between two 
devices. In practice we need to share the data between 
many LRU/avionic units. This can be achieved by the 
bus system illustrated in Fig. 3.31. In this system, data 
is transferred using a shielded twisted pair (STP) bus 
cable with a number of coupler panels that are located 
at appropriate points in the aircraft (e.g. the flight deck, 
avionics bay, etc.). Each coupler panel allows a number 
of avionic units to be connected to the bus using a stub 
cable. In order to optimize the speed of data transfer 
and minimize problems associated with reflection and 
mismatch, the bus cable must be terminated at each 
end using a matched bus terminator. 

Bus couplers are produced as either voltage mode 
or current mode units depending upon whether they 
use voltage or current sensing devices. Within each 
LRU/avionics unit, an interface 1s provided that per- 
forms the required serial-to-parallel or parallel-to- 
serial data conversion, as shown in Fig. 3.32. 


3.8.2 ARINC 429 


The ARINC 429 data bus has proved to be one of 
the most popular bus standards used in commercial 
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aircraft. The ARINC 429 specification defines the 
electrical and data characteristics and protocols that 
are used. 

ARINC 429 employs a unidirectional data bus 
standard known as Mark 33 Digital Information 
Transfer System (DITS). Messages are transmitted in 
packets of 32-bits at a bit rate of either 12.5 or 100 
kilobits per second (referred to as low and high bit 
rate respectively). Because the bus is unidirectional, 
separate ports, couplers and cables will be required 
when an LRU wishes to be able to both transmit and 
receive data. Note that a large number of bus connec- 
tions may be required on an aircraft that uses sophis- 
ticated avionic systems. 

ARINC 429 has been installed on a wide variety 
of commercial transport aircraft including; Airbus 
A310/A320 and A330/A340; Boeing 727, 737, 747, 
757, and 767; and McDonnell Douglas MD-11. More 
modern aircraft (e.g. Boeing 777 and Airbus A380) 
use significantly enhanced bus specifications (see 
p. xx) in order to reduce the weight and size of 
cabling and to facilitate higher data rates than are pos- 
sible with ARINC 429. Despite these moves to faster, 
bidirectional bus standards, the ARINC 429 stand- 
ard has proved to be highly reliable and so is likely to 
remain in service for many years to come. 

ARINC 429 is a two wire differential bus which 
can connect a single transmitter or source to one or 
more receivers. The term ‘differential’ simply means 
that neither of the two twisted wires is grounded and 
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Figure 3.32 A basic bus interface 


both convey signal voltages but of opposite polarity. 
This arrangement improves noise immunity which 
appears as a common mode signal induced on both of 
the conductors. 

Two bus speeds are available, 12.5kbps and 
100 kbps. The data bus uses two signal wires to trans- 
mit 32 bit words. Transmission of sequential words 
is separated by at least four bit times of NULL (zero 
voltage). This eliminates the need for a separate clock 
signal and it makes the system self-clocking. 

The ARINC 429 electrical characteristics are sum- 
marized below: 


+5V, OV, —5V (each 
conductor with respect to 
ground) 

+10V, OV, -—10V 
(conductor A with 
respect to conductor B) 
Bi-polar return to zero 
32 bits 

100K bits per second 
(high), 12.5K bits per 
second (low) 


Voltage levels: 


Data encoding: 
Word size: 
Bit rate: 


It is important to note that the received voltage on 
a serial bus depends on line length and the number 


Parallel data 


19 


of receivers connected to the bus. With ARINC 429, 
no more than 20 receivers should be connected to a 
single bus. Since each bus is unidirectional, a system 
needs to have its own transmit bus if it is required to 
respond or to send messages. Hence, to achieve bidi- 
rectional data transfer it is necessary to have two sep- 
arate bus connections. 

Since there can be only one transmitter on a twisted 
wire pair, ARINC 429 uses a very simple, point-to- 
point protocol. The transmitter is continuously send- 
ing 32-bit data words or is placed in the NULL state. 
Note that although there may only be one receiver on 
a particular bus cable the ARINC specification sup- 
ports up to 20. 

Other, faster and more sophisticated, bus systems 
are found on modern aircraft. They include ARINC 
629 which supports a 20Mbps data rate (20 times 
faster than ARINC 429), FDDI (Boeing’s Fiber 
Distributed Data Interface), and 10 Mbps Ethernet. 


Test your understanding 3.8 


In relation to an aircraft bus system explain the 
meaning of each of the following terms: 


self-clocking 
NULL state. 
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Figure 3.33 Basic components of a computer system 


3.9 Computers 


Modern aircraft use increasingly sophisticated avionic 
systems which involve the use of microprocessor- 
based computer systems. These systems combine 
hardware and software and are capable of processing 
large amounts of data in a very small time. 

The basic components of a computer system are 
shown in Fig. 3.33. The main components are: 


(a) acentral processing unit (CPU) 

(b) amemory, comprising both ‘read/write’ and ‘read 
only’ devices (commonly called RAM and ROM 
respectively) 

(c) a means of providing input and output (I/O). For 
example, a keypad for input and a display for 
output. 


In a microprocessor system the functions of the 
CPU are provided by a single very large scale inte- 
grated (VLSI) microprocessor chip. This chip is equiv- 
alent to many thousands of individual transistors. 

Semiconductor devices are also used to provide the 
read/write and read-only memory. Strictly speaking, 
both types of memory permit ‘random access’ since 
any item of data can be retrieved with equal ease 
regardless of its actual location within the memory. 
Despite this, the term “RAM” has become synony- 
mous with semiconductor read/write memory. 

The basic components of the system (CPU, RAM, 
ROM and I/O) are linked together using a multiple- 
wire connecting system know as a bus (see Fig. 3.33). 
Three different buses are present, these are: 


(a) the address bus used to specify memory 
locations; 


(b) the data bus on which data is transferred between 
devices; and 

(c) the control bus which provides timing and 
control signals throughout the system. 


The number of individual lines present within the 
address bus and data bus depends upon the particu- 
lar microprocessor employed. Signals on all lines, 
no matter whether they are used for address, data, 
or control, can exist in only two basic states: logic 0 
(low) or logic 1 (high). Data and addresses are repre- 
sented by binary numbers (a sequence of 1s and Os) 
that appear respectively on the data and address bus. 

Some basic microprocessors designed for control 
and instrumentation applications have an 8-bit data 
bus and a 16-bit address bus. More sophisticated 
processors can operate with as many as 64 or 128 bits 
at a time. 

The largest binary number that can appear on an 
8-bit data bus corresponds to the condition when all 
eight lines are at logic 1. Therefore the largest value 
of data that can be present on the bus at any instant 
of time is equivalent to the binary number 11111111 
(or 255). Similarly, most the highest address that can 
appear on a 16-bit address bus is 1111111111111111 
(or 65,535). The full range of data values and addresses 
for a simple microprocessor of this type is thus: 


Data From 00000000 
To 11111111 
Addresses From 0000000000000000 
To 1111111111111111 


Finally, a locally generated clock signal provides a 
time reference for controlling the transfer of synchro- 
nous data within the system. The clock signal usually 
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Figure 3.34 


consists of a high-frequency square wave pulse train 
derived from an accurate quartz crystal controlled 
oscillator. 


Key point 


A computer system consists of a central process- 
ing unit (CPU), a read-only memory (ROM), a read/ 
write (random access) memory (RAM), and one or 
more input/output (I/O) devices. These elements 
are linked together using a local bus system that 
comprises an address bus, a data bus, and a con- 
trol bus. 


Key point 


Depending on the size of their internal data bus, 
avionic computer systems usually manipulate 
data in groups of 8, 16 or 32 bits. When this data 
is obtained from an external serial bus this data 
must first be assembled into parallel form in order 
to facilitate internal processing. 
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A typical aircraft computer system 
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3.9.1 Memories and data storage 


The semiconductor read-only memory (ROM) within 
a microprocessor system provides storage for the pro- 
gram code as well as any permanent data that requires 
storage. All of this data 1s referred to as non-volatile 
because 1t remains intact when the power supply 1s 
discomnected. 

The semiconductor RAM within a microproces- 
sor system provides storage for the transient data and 
variables that are used by programs. Part of the RAM 
is also used by the microprocessor as a temporary 
store for data whilst carrying out its normal process- 
ing tasks. 

It is important to note that any program or data 
stored in RAM will be lost when the power supply is 
switched off or disconnected. The only exception to 
this is low-power CMOS RAM that is kept alive by 
means of a small battery. This battery-backed mem- 
ory is used to retain important data, such as the time 
and date. 

When expressing the amount of storage provided 
by a memory device we usually use kilobytes (Kbyte). 
It is important to note that a kilobyte of memory is 
actually 1024 bytes (not 1000 bytes). The reason for 
choosing the Kbyte rather than the kbyte (1000 bytes) 
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is that 1024 happens to be the nearest power of 2 
(note that 2'!° = 1024). 

The capacity of a semiconductor ROM is usually 
specified in terms of an address range and the number 
of bits stored at each address. For example, 2K X 8 
bits (capacity 2Kbytes) 4K <8 bits (capacity 
4 Kbytes), and so on. Note that it is not always neces- 
sary (or desirable) for the entire memory space of a 
computer to be populated by memory devices. 


Key point 


The term ‘random access’ simply refers to a mem- 
ory device in which data may be retrieved from 
all locations with equal ease (i.e. access time is 
independent of actual memory address). This is 
important since our programs often involve moving 
sizeable blocks of data into and out of memory. 


Key maintenance point 


Stray static charges can very easily damage static- 
sensitive devices such as microprocessors and mem- 
ory chips. Damage can be prevented by adopting the 
appropriate ESD procedures which usually involve 
using grounded wrist straps when handling chips and 
boards and using specially treated conductive pack- 
aging for transport and storage of component parts. 


Test your understanding 3.9 


In relation to a basic computer system explain the 
function of each of the following components: 


(a) CPU 
clock 


3.10 Multiple choice questions 


1. The logic symbol shown in Fig. 3.35 is for: 
(a) a NAND gate 
(b) a NOR gate 
(c) an OR gate. 
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Figure 3.35 See Question 1 


2. A logic 1 is present at the output of a two-input 
NOR gate. Which one of the following is true? 
(a) both of its inputs must be at logic 1 
(b) both of its inputs must be at logic 0 
(c) one or more of its inputs must be at logic 1. 


3. The decimal number 10 is equivalent to the 
binary number: 
(a) 1000 
(b) 1010 
(c) 1100. 


4. The BCD number 10001001 is equivalent to the 
decimal number: 
(a) 89 
(b) 141 
(c) 137. 


5. The output of an R-S bistable is at logic 1. This 
means that the bistable is: 
(a) set 
(b) reset 
(c) in a high impedance state. 


6. In a volatile memory: 
(a) the memory is lost as soon as power is 
removed 
(b) the memory is retained indefinitely 
(c) the memory needs to be refreshed 
constantly, even when power is on. 


7. The main elements of a computer system are: 
(a) CPU, memory and I/O ports 
(b) ALU, registers and a ROM 
(c) RAM, ROM and I/O. 


8. A NOR gate with both inputs inverted becomes a 
(a) NAND gate 
(b) AND gate 
(c) OR gate. 


9. Another name for a data selector is: 
(a) amonostable 
(b) a multiplexer 
(c) an encoder. 
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Figure 3.36 See Question 15 


10. A group of bits transmitted one after another is: 


(a) aclock signal 
(b) parallel data 
(c) serial data. 


11. A bus that supports the transfer of data in both 
directions is referred to as: 
(a) universal 
(b) bidirectional 
(c) asynchronous. 


12. The main advantage of using a serial bus in an 
aircraft is: 
(a) there is no need for data conversion 
(b) it supports the highest possible data rates 
(c) reduction in the size and weight of cabling. 


13. The maximum speed of an ARINC 429 bus is: 
(a) 12.5 Kbps 
(b) 100 Kbps 
(c) 10Mbps. 
14. What is the maximum number of receivers that 
may be connected to an ARINC 429 bus cable? 
(a) 1 
(b) 16 
(c) 20. 
15. The feature marked Q in Fig. 3.36 1s: 
(a) CPU 
(b) RAM 
(c) I/O. 
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Used in conjunction with an aircraft battery, engine- 
driven generators are a primary source of electrical 
power in an aircraft. Generators can supply either 
direct or alternating current (DC or AC), as appropri- 
ate to the needs of an individual aircraft type. Motors 
(which can also be either DC or AC types) are fitted 
in aircraft in order to satisfy a wide range of needs. 
Generators and motors share many similarities and 
this chapter provides an introduction to their operat- 
ing principles by looking in more detail at the con- 
struction and operation of these indispensable aircraft 
electrical components. The chapter also includes a 
brief introduction to three-phase AC supplies, includ- 
ing the theoretical and practical aspects of their gen- 
eration and distribution. 


4.1 Generator and motor principles 


In Chapter 1 we introduced the concept of electro- 
magnetic induction. Put simply, this is the generation 
of an e.m.f. across the ends of a conductor when it 
passes through a change in magnetic flux. In a simi- 
lar fashion, an e.m.f. will appear across the ends of 
a conductor if it remains stationary whilst the field 
moves. In either case, the action of cutting through the 
lines of magnetic flux results in a generated e.m.f. — 
see Fig. 4.1. The amount of e.m.f., e, induced in the 
conductor will be directly proportional to: 


@ the density of the magnetic flux, B, measured in 
tesla (T) 

e the effective length of the conductor, /, within the 
magnetic flux 

@ the speed, v, at which the lines of flux cut through 
the conductor measured in metres per second 
(m/s) 

e the sine of the angle, 0, between the conductor and 
the lines of flux. 


The induced e.m.f. is given by the formula: 


e = Bliv sind 
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Figure 4.1 
magnetic field 


A conductor moving inside a 


Note that if the conductor moves at right angles 
to the field (as shown in Fig. 4.1) maximum e.m.f. 
will be induced. Conversely, if the conductor moves 
along the lines of flux (instead of at right angles) the 
induced e.m.f. will be zero. 

Electricity and magnetism often work together to 
produce motion. In an electric motor, current flowing 
in a conductor placed inside a magnetic field produces 
motion. A generator, on the other hand, produces 
a voltage when a conductor is moved inside a mag- 
netic field. These two effects are, as you might sus- 
pect, closely related to one another and they are vitally 
important in the context of aircraft electrical systems! 


Key point 


An e.m.f. will be induced across the ends of a con- 
ductor when there is relative motion between it and 
a magnetic field. The induced voltage will take its 
greatest value when moving at right angles to the 
magnetic field lines and its least value (i.e. zero) 
when moving along the direction of the field lines. 
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4.1.1 A simple AC generator 


Being able to generate a voltage by moving a conduc- 
tor through a magnetic field is extremely useful as it 
provides us with an easy way of generating electric- 
ity. Unfortunately, moving a wire at a constant linear 
velocity through a uniform magnetic field presents us 
with a practical problem simply because the mechani- 
cal power that can be derived from an aircraft engine 
is available in rotary (rather than linear) form! 

The solution to this problem is that of using the 
rotary power available from the engine (via a suitable 
gearbox and transmission) to rotate a conductor shaped 
into the form of loop as shown in Fig. 4.2. The loop is 
made to rotate inside a permanent magnetic field with 
opposite poles (N and S) on either side of the loop. 

There now remains the problem of making contact 
with the loop as it rotates inside the magnetic field 
but this can be overcome by means of a pair of car- 
bon brushes and copper slip-rings. The brushes are 
spring loaded and held against the rotating slip-rings 
so that, at any time, there is a path for current to flow 
from the loop to the load to which it is connected. 

The opposite sides of the loop consist of conduc- 
tors that move through the field. At 0° (with the loop 
vertical as shown at A in Fig. 4.4) the opposite sides 
of the loop will be moving in the same direction as 
the lines of flux. At that instant, the angle, 0, at which 
the field is cut is 0° and since the sine of 0° is O the 
generated voltage (from E = Blvsin0) will conse- 
quently also be zero. 

If the loop has rotated to a position which is 90° 
(position B in Fig. 4.4) the two conductors will effec- 
tively be moving at right angles to the field. At that 
instant, the generated e.m.f. will take a maximum 
value (since the sine of 90° is 1). 

At 180° from the starting position the generated 
e.m.f. will have fallen back to zero since, once again, 
the conductors are moving along the flux lines (but in 
the direction opposite to that at 0°, as shown in C of 
Fig. 4.4). 

At 270° the conductors will once again be moving 
in a direction which is perpendicular to the flux lines 
(but in the direction opposite to that at 90°). At this 
point (D of Fig. 4.4), a maximum generated e.m.f. 
will once again be produced. It is, however, important 
to note that the e.m.f. generated at this instant will 
be of opposite polarity to that which was generated 
at 90°.The reason for this is simply that the relative 
direction of motion (between the conductors and flux 
lines) has effectively been reversed. 
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Figure 4.2 A loop rotating within a magnetic 
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Figure 4.3 Brush arrangement 


Since E = Bly sin 0, the e.m.f. generated by the 
arrangement shown in Fig. 4.4 will take a sinusoidal 
form, as shown in Fig. 4.5. Note that the maximum 
values of e.m.f. occur at 90° and 270° and that the 
generated voltage is zero at 0°, 180° and 360°. 

In practice, the single loop shown in Fig. 4.2 would 
comprise a coil of wire wound on a suitable non- 
magnetic former. This coil of wire effectively increases 
the length of the conductor within the magnetic field 
and the generated e.m.f. will then be directly propor- 
tional to the number of turns on the coil. 


Key point 


In a simple AC generator a loop of wire rotates 
inside the magnetic field produced by two opposite 
magnetic poles. Contact is made to the loop as it 
rotates by means of slip-rings and brushes. 


4.1.2 DC generators 


When connected to a load, the simple generator 
shown in Fig. 4.3 produces a sinusoidal alternat- 
ing current (AC) output. In many applications a 
steady direct current (DC) output may be preferred. 
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Figure 4.4 E.m.f. generated at various angles 
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Figure 4.5 Sinusoidal voltage produced by the rotating loop 
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This can be achieved by modifying the arrangement e.m.f. generated by the loop is reversed after rotating 
shown in Fig. 4.3, replacing the brushes and slip- through 180°. The generated e.m.f. for this arrange- 
rings with a commutator arrangement, as shown in ment is shown in Fig. 4.7. It’s worth comparing this 
Fig. 4.6. The commutator arrangement functions as a waveform with that shown in Fig. 4.5—you should be 


rotating reversing switch which ensures that the able to spot the difference immediately! 
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The generated e.m.f. shown in Fig. 4.7, whilst 
unipolar (i.e. having only one polarity, either all 
positive or all negative), is clearly far from ideal 
since a DC power source should provide a constant 
voltage output rather than a series of pulses. One 
way of overcoming this problem is with the use of a 
second loop (or coil) at right angles to the first, as 
shown in Fig. 4.8. The commutator is then divided 
into four (rather than two) segments and the gener- 
ated e.m.f. produced by this arrangement is shown 
in Fig. 4.9. 

In real generators, a coil comprising a large number 
of turns of copper wire replaces the single-turn rotat- 
ing loop. This arrangement effectively increases the 
total length of the conductor within the magnetic field 
and, as a result, also increases the generated output 
voltage. The output voltage also depends on the den- 
sity of the magnetic flux through which the current- 
carrying conductor passes. The denser the field the 
greater the output voltage will be. 


Figure 4.6 
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Key point 


A simple DC generator uses an arrangement sim- 
ilar to that used for an AC generator but with the 
slip-rings and brushes replaced by a commutator 
that reverses the current produced by the generator 
every 180°. 


4.1.3 DC generators 


A simple DC motor consists of a very similar arrange- 
ment to that of the DC generator that we met earlier. 


Figure 4.8 An improved DC generator 


E.m.f. generated (compare with Fig. 4.5) 


Generators and motors 


A loop of wire that is free to rotate is placed inside a 
permanent magnetic field (see Fig. 4.10). When a DC 
current 1s applied to the loop of wire, two equal and 
opposite forces are set up which act on the conductor 
in the directions indicated in Fig. 4.10. 

The direction of the forces acting on each arm of 
the conductor can be established by again using the 
right-hand grip rule and Fleming’s left-hand rule. 
Now because the conductors are equidistant from 
their pivot point and the forces acting on them are 
equal and opposite, then they form a couple. The 
moment of this couple is equal to the magnitude of a 
single force multiplied by the distance between them 
and this moment is known as torque, 7. Now, 


T = Fd 


where T is the torque (in newton-metres, Nm), F is 
the force (N) and d is the distance (m). 

We already know that the magnitude of the force F 
is given by F = BIL, therefore the torque produced by 
the current-carrying thus the torque expression can be 
written: 


T = Bild 


where 7 is the torque (Nm), B is the flux density (T), 
I is the current (A), / is the length of conductor in the 
magnetic field (m), and d is the distance (m). 

The torque produces a turning moment such that 
the coil or loop rotates within the magnetic field. This 
rotation continues for as long as a current is applied. 
A more practical form of DC motor consists of a rec- 
tangular coil of wire (instead of a single turn loop of 
wire) mounted on a former and free to rotate about 
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a shaft in a permanent magnetic field, as shown in 
Fig. 4.11. 

In real motors, this rotating coil is know as the 
armature and consists of many hundreds of turns of 
conducting wire. This arrangement is needed in order 
to maximize the force imposed on the conductor by 
introducing the longest possible conductor into the 


F 


Plan view 


Torque, T = Force, F x Distance, d 


Figure 4.10 Torque on a current-carrying 
loop suspended within a permanent magnetic 
field 
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Figure 4.9 E.m.f. generated (compare with Fig. 4.7) 
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magnetic field. Also, from the relationship F = BII it 
can be seen that the force used to provide the torque 
in a motor is directly proportional to the size of the 
magnetic flux, B. Instead of using a permanent mag- 
net to produce this flux, in a real motor, an electro- 
magnet is used. Here an electromagnetic field is set 
up using the solenoid principle (Fig. 4.12). A long 
length of conductor is wound into a coil consisting 
of many turns and a current passed through it. This 
arrangement constitutes a field winding and each of 
the turns in the field winding assists each of the other 
turns in order to produce a strong magnetic field, as 
shown in Fig. 4.12. 

As in the case of the DC generator, this field 
may be intensified by inserting a ferromagnetic core 
inside the coil. Once the current is applied to the 
conducting coil, the core is magnetized and all the 
time the current is on it acts in combination with 
the coil to produce a permanent magnet, having its own 
N-S poles. 

Now returning to the simple motor illustrated in 
Fig. 4.11, we know that when current is supplied to 
the rotating armature (rotor) a torque is produced. 
In order to produce continuous rotary motion, this 
torque (turning moment) must always act in the same 
direction. 

Therefore, the current in each of the armature con- 
ductors must be reversed as the conductor passes 
between the north and south magnetic field poles. 
The commutator acts like a rotating switch, reversing 
the current in each armature conductor at the appro- 
priate time to achieve this continuous rotary motion. 
Without the presence of a commutator in a DC motor, 
only a half turn of movement is possible! 

In Fig. 4.13(a) the rotation of the armature con- 
ductor is given by Fleming’s left-hand rule (see Fig. 
4.14). When the coil reaches a position mid-way way 
between the poles (Fig. 4.13(b)), no rotational torque 
is produced in the coil. At this stage the commutator 
reverses the current in the coil. Finally (Fig. 4.13(c)) 
with the current reversed, the motor torque now con- 
tinues to rotate the coil in its original direction. 


Key point 


The torque produced by a DC motor is directly pro- 
portional to the product of the current flowing in the 
rotating armature winding. 
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Figure 4.12 Magnetic field produced by a 
solenoid 
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Figure 4.13 Action of the commutator 
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Figure 4.14 Fleming's left-hand rule 


4.1.4 Field connections 


The field winding of a DC motor can be connected 
in various different ways according to the application 
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Figure 4.15 Series-wound DC motor 


envisaged for the motor in question. The following 
configurations are possible: 


e series-wound 

e shunt-wound 

e compound-wound (where both series and shunt 
windings are present). 


In the series-wound DC motor the field winding 
is connected in series with the armature and the full 
armature current flows through the field winding (see 
Fig. 4.15). This arrangement results in a DC motor 
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Speed 


Torque 


Figure 4.16 Typical torque and speed 
characteristic for a series-wound DC motor 


Armature I Field 


Figure 4.17 Shunt-wound DC motor 


that produces a large starting torque at slow speeds. 
This type of motor is ideal for applications where a 
heavy load is applied from rest. The disadvantage 
of this type of motor is that on light loads the motor 
speed may become excessively high. For this reason 
this type of motor should not be used in situations 
where the load may be accidentally removed. A typi- 
cal set of torque and speed characteristics for a series- 
wound DC motor is shown in Fig. 4.16. 

In the shunt-wound DC motor the field winding 
is connected in parallel with the armature and thus 
the supply current is divided between the armature 
and the field winding (see Fig. 4.17). This arrange- 
ment results in a DC motor that runs at a reasonably 
constant speed over a wide variation of load but does 
not perform well when heavily loaded. A typical set 
of torque and speed characteristics for a shunt-wound 
DC motor is shown in Fig. 4.18. 

The compound-wound DC motor has both series 
and shunt field windings (see Fig. 4.19) and is there- 
fore able to combine some of the advantages of each 
type of motor. A typical set of torque and speed char- 
acteristics for a compound-wound DC motor is shown 
in Fig. 4.20. 
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Figure 4.18 Typical torque and speed 
characteristic for a shunt-wound DC motor 
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Figure 4.19 Compound-wound DC motor 
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Figure 4.20 Typical torque and speed 
characteristic for a compound-wound DC 
motor 


Key point 


In order to avoid the need for a large permanent 
magnet in a DC machine (i.e. a motor or genera- 
tor), a separate field winding is used. This winding 
is energized with direct current. In the case of a 
DC generator, this current can be derived from the 
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output of the generator (in which case it is referred 
to as self-excited generator) or it can be energized 
from a separate DC supply. 


Key point 


There is no real difference between the construc- 
tion of a DC generator and that of a DC motor. The 
only significant distinction is that in a generator 
rotational mechanical energy is being converted to 
electrical energy whilst in the case of a motor the 
converse applies. 


Key point 


The output of a generator can be regulated by con- 
trolling the intensity of its field: increasing the field 
current will produce a corresponding increase in 
output voltage whereas reducing the field current 
will produce a corresponding reduction in output. 


4.1.5 Starter-generators 


Some small aircraft starter generators eliminate the 
need for separate engine starter motors and DC gen- 
erators. They usually have separate field windings 
(one for the starter motor and one for the generator) 
together with a common armature winding. When 
used for starting, the starter-generator is connected 
as a series-wound DC motor capable of producing a 
very high starting torque. However, when used as a 
generator the connections are changed so that the unit 
operates as shunt-wound generator producing reason- 
ably constant current over a wide range of speed. 

In the start condition, the low-resistance starter 
field and common armature windings of the starter- 
generator are connected in series across the DC sup- 
ply via a set of contactors. This arrangement ensures 
that a torque is produced that is sufficient to start an 
aircraft’s turbine engine. 

When the engine reaches self-sustaining speed, 
the current is broken through the first set of contac- 
tors and a second set of contactors operate, removing 
the external DC power supply from the starter- 
generator and reconnecting the arrangement so 
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that the generated the armature voltage is fed to the 
higher-resistance shunt field and the aircraft’s main 
voltage regulator. 

The advantage of this arrangement is not only that 
the starter-generator replaces two individual machines 
(i.e. a starter and a generator) with consequent savings 
in size and weight, but additionally that only a single 
mechanical drive is required between the engine and 
the starter-generator unit. The disadvantage of this 
arrangement is that the generator output is difficult 
to maintain at low engine r.p.m. and therefore starter- 
generators are mainly found on turbine-powered air- 
craft that maintain a relatively high engine r.p.m. 


Test your understanding 4.1 


1. In relation to a simple DC machine, explain the 
meaning of each of the following terms: 
(a) slip-rings 
(b) brushes 
(c) field winding. 

2. Explain the advantages and disadvantages of 
series-wound DC motors compared with shunt- 
wound DC motors. 


4.2 AC generators 


AC generators, or alternators, are based on the prin- 
ciples that relate to the simple AC generator that we 
met earlier in Section 4.1.1. However, in a practi- 
cal AC generator the magnetic field is rotated rather 
than the conductors from which the output is taken. 
Furthermore, the magnetic field is usually produced 
by a rotating electromagnet (the rotor) rather than a 
permanent magnet. There are a number of reasons for 
this including: 


(a) the conductors are generally lighter in weight 
than the magnetic field system and are thus more 
easily rotated 

(b) the conductors are more easily insulated if they 
are stationary 

(c) the currents which are required to produce the 
rotating magnetic field are very much smaller 
than those which are produced by the conductors. 
Hence the slip-rings are smaller and more reliable. 


Figure 4.22 shows the simplified construction of 
a single-phase AC generator. The stator consists of 
five coils of insulated heavy gauge wire located in 
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Figure 4.21 Starter-generator circuit showing changeover contactors 
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Figure 4.22 Simplified construction of a single-phase AC generator 
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Figure 4.23 Output voltage produced by the 
single-phase AC generator shown in Fig. 4.22 


slots in the high-permeability laminated core. These 
coils are connected in series to make a single stator 
winding from which the output voltage is derived. 
The two-pole rotor comprises a field winding that 
is connected to a DC field supply via a set of slip- 
rings and brushes. As the rotor moves through one 
complete revolution the output voltage will complete 
one full cycle of a sine wave, as shown in Fig. 4.23. 


By adding more pairs of poles to the arrangement 
shown in Fig. 4.22 it is possible to produce several 
cycles of output voltage for one single revolution of 
the rotor. The frequency of the output voltage pro- 
duced by an AC generator is given by: 


pN 
— 
60 
where f is the frequency of the induced e.m.f. (in Hz), 


p is the number of pole pairs, and N is the rotational 
speed (in rev/min). 


Example 4.1 


An alternator is to produce an output at a frequency 
of 60 Hz. If it uses a 4-pole rotor, determine the shaft 
speed at which it must be driven. 


pN 
Re-arranging f = F to make N the subject 


gives: 
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A 4-pole machine has 2 pairs of poles, thus p = 2 
and: 


N = SUN! = 1,800 rev/min 


Key point 


In a practical AC generator, the magnetic field exci- 
tation is produced by the moving rotor whilst the 
conductors from which the output is taken are sta- 
tionary and form part of the stator. 


4.2.1 Two-phase AC generators 


By adding a second stator winding to the single-phase 
AC generator shown in Fig. 4.22, we can produce an 
alternator that produces two separate output voltages 
which will differ in phase by 90°. This arrangement is 
known as a two-phase AC generator. 

When compared with a single-phase AC generator 
of similar size, a two-phase AC generator can produce 
more power. The reason for this is attributable to the 
fact that the two-phase AC generator will produce two 
positive and two negative pulses per cycle whereas the 
single-phase generator will only produce one positive 
and one negative pulse. Thus, over a period of time, a 
multi-phase supply will transmit a more evenly dis- 
tributed power and this, in turn, results in a higher 
overall efficiency. 


Key point 


Three-phase AC generators are more efficient and 
produce more constant output than comparable 
single-phase AC generators. 


4.2.2 Three-phase AC generators 


The three-phase AC generator has three individual 
stator windings, as shown in Fig. 4.26. The output 
voltages produced by the three-phase AC generator 
are spaced by 120° as shown in Fig. 4.27. Each phase 
can be used independently to supply a different load 
or the generator outputs can be used with a three- 
phase distribution system like those described in the 
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phase AC generator 


2-90" 
J | 
Voltage | 
Y | 
(v) } | 
B i 
l 
l 
l 
l 
l 
l 
i 
0 Angle 
O° 90° 180° 270° 360° 


One revolution ———————m 
I 


Figure 4.25 Output voltage produced by the 
two-phase AC generator shown in Fig. 4.24 


next section. In a practical three-phase system the 
three output voltages are identified by the colours red, 
yellow, and blue or by letters A, B, and C respectively. 


Test your understanding 4.2 


An alternator uses a 12-pole rotor and is to operate 
at a frequency of 400 Hz. At what speed must it be 
driven? 
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Figure 4.26 Simplified construction of a 
three-phase AC generator 
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Figure 4.27 Output voltage produced by 
the three-phase AC generator shown in 
Fig. 4.26 


4.3 Three-phase generation and 
distribution 


When three-phase supplies are distributed there are 
two basic methods of connection: 


e star (as shown in Fig. 4.28) 
e delta (as shown in Fig. 4.29) 


A complete star-connected three-phase distri- 
bution system 1s shown in Fig. 4.30. This shows a 
three-phase AC generator connected a three-phase 
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Figure 4.28 Star connection 
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Figure 4.29 Delta connection 


load. Ideally, the load will be balanced in which case 
all three load resistances (or impedances) will be 
identical. 

The relationship between the line and phase 
voltages shown in Fig. 4.30 can be determined from 
the phasor diagram shown in Fig. 4.31. This dia- 
gram shows the relative directions of the three alter- 
nating phase voltages (Vp) and the voltages between 
the lines (V,). From this diagram it is important to 
note that three line voltages are 120° apart and that 
the line voltages lead the phase voltages by 30°. 
In order to obtain the relationship between the line volt- 
age, V,, and the phase voltage, Vp, we need to resolve 
any one of the triangles, from which we find that: 


V, = 2(V, X cos30°) 
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Now 
cos30° = yi 
2 
and hence: 
3 
V = 2| V, X v3 
2 
from which: 
Y, = V3 Vp 


Note also that the phase current is the same as the line 
current, hence: 


An alternative, delta-connected three-phase dis- 
tribution system is shown in Fig. 4.32. Once again 
this shows a three-phase AC generator connected a 
three-phase load. Here again, the load will ideally be 
balanced in which case all three load resistances (or 
impedances) will be identical. 

In this arrangement the three line currents are 120° 
apart and that the line currents lag the phase currents 
by 30°. Using a similar phasor diagram to that which 
we used earlier, we can show that: 


DSa h 
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It should also be obvious that: 
E 


Example 4.2 


In a star-connected three-phase system the phase 
voltage is 105 V. Determine the line voltage. 


V. = 43 V, = V3 X 115 = 199.2V 


Example 4.3 


In a delta-connected three-phase system the line cur- 
rent is 6A. Determine the phase current. 
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Y =/3 Vp 


Figure 4.31 Phasor diagram for the three- 
phase star-connected system 
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from which: 


4.3.1 Power in a three-phase system 


In an unbalanced three-phase system the total power 
will be the sum of the individual phase powers. 
Hence: 


P=P+P,+P 
Of 


P = VI cos ¢,+ V,L cos p,+ VI, cos ¢, 


However, in the balanced condition the power is 
simply: 


P=3VJ1, cos @ 


where Vp and Jp are the phase voltage and phase 
current respectively and ¢ is the phase angle. 

Using the relationships that we derived earlier, we 
can show that, for both the star and delta-connected 
systems the total power is given by: 


PH 33 V I, cos 


Example 4.4 


In a three-phase system the line voltage is 110V and 
the line current is 12A. If the power factor is 0.8 
determine the total power supplied. 
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Here it is important to remember (see Section 1.7.7) 
that: 


Power factor = cos Q 


and hence: 


P = 4/3 V I X power factor 
= 4/3 x 110 X 12 X 0.8 = 1829 = 1.829 kW 


Key point 


The total power in a three-phase system is the sum 
of the power present in each of the three phases. 


Test your understanding 4.3 


1. The phase voltage in a star-connected AC 
system is 220V. What will the line voltage be? 

2. The phase current in a delta-connected system 
is 12 A.What will the line current be? 

3. A three-phase system delivers power to a load 
consisting of three 12 Q resistors. If a current of 
8A is supplied to each load, determine the total 
power supplied by the system. 

4. In athree-phase system the line voltage is 105V 
and the line current is 8A. If the power factor is 
0.75 determine the total power supplied. 


4.4 AC motors 


AC motors offer significant advantages over their 
DC counterparts. AC motors can, in most cases, 
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duplicate the operation of DC motors and they are 
significantly more reliable. The main reason for this 
is that the commutator arrangements (1.e. brushes 
and slip-rings) fitted to DC motors are inherently 
troublesome. Because the speed of an AC motor 1s 
determined by the frequency of the AC supply that 
is applied it, AC motors are well suited to constant- 
speed applications. 
AC motors are generally classified into two types: 


e synchronous motors 
e induction motors. 


The synchronous motor is effectively an AC gen- 
erator (1.e. an alternator) operated as a motor. In 
this machine, AC is applied to the stator and DC is 
applied to the rotor. The induction motor is different 
in that no source of AC or DC power is connected to 
the rotor. Of these two types of AC motor, the induc- 
tion motor is by far the most commonly used. 


Key point 


The principle of all AC motors is based on the gen- 
eration of a rotating magnetic field. It is this rotating 
field that causes the motor's rotor to turn. 


4.4.1 Producing a rotating magnetic field 


Before we go any further 1t's important to understand 
how a rotating magnetic field is produced. Take a 
look at Fig. 4.33 which shows a three-phase stator to 
which three-phase AC is applied. The windings are 
connected in delta configuration, as shown in Fig. 
4.34. It is important to note that the two windings for 
each phase (diametrically opposite to one another) are 
wound in the same direction. 

At any instant the magnetic field generated by one 
particular phase depends on the current through that 
phase. If the current is zero, the magnetic field is 
zero. If the current is a maximum, the magnetic field 
is a maximum. Since the currents in the three wind- 
ings are 120° out of phase, the magnetic fields gener- 
ated will also be 120° out of phase. 

The three magnetic fields that exist at any instant 
will combine to produce one field that acts on the 
rotor. The magnetic fields inside the motor will com- 
bine to produce a moving magnetic field and, at the 
end of one complete cycle of the applied current, the 
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Figure 4.33 Arrangement of the field wind- 
ings of a three-phase AC motor 


Figure 4.34 AC motor as a delta-connected 


load 


magnetic field will have shifted through 360° (or one 
complete revolution). 

Figure 4.35 shows the three current waveforms 
applied to the field system. These waveforms are 120° 
out of phase with each other. The waveforms can 
represent either the three alternating magnetic fields 
generated by the three phases, or the currents in the 
phases. 

We can consider the direction of the magnetic field 
at regular intervals over a cycle of the applied current 
(i.e. every 60°). To make life simple we take the times 
at which one of the three current waveforms passes 
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240° 300° 360° 


Figure 4.35 AC waveforms and magnetic field direction 


through zero (i.e. the point at which there will be no 
current and therefore no field produced by one pair of 
field windings). For the purpose of this exercise we 
will use the current applied to A and C’ as our ref- 
erence waveform (i.e. this will be the waveform that 
starts at 0° on our graph). 

At 0°, waveform C-B’ is positive and waveform 
B-A” is negative. This means that the current flows 
in opposite directions through phases B and C, and so 
establishes the magnetic polarity of phases B and C. 
The polarity is shown in Fig. 4.35. Note that B’ is a 
north pole and B is a south pole, and that C is a north 
pole and C’ is a south pole. 

Since at 0° there is no current flowing through 
phase A, its magnetic field is zero. The magnetic 
fields leaving poles B’ and C will move towards the 
nearest south poles C’ and B. Since the magnetic 
fields of B and C are equal in amplitude, the result- 
ant magnetic field will lie between the two fields, and 
will have the direction shown. 

At the next point, 60° later, the current wave- 
forms to phases A and B are equal and opposite, and 


waveform C is zero. The resultant magnetic field 
has rotated through 60°. At point 120°, waveform B 
is zero and the resultant magnetic field has rotated 
through another 60°. From successive points (corre- 
sponding to one cycle of AC), you will note that the 
resultant magnetic field rotates through one revo- 
lution for every cycle of applied current. Hence, by 
applying a three-phase alternating current to the three 
windings we have been able to produce a rotating 
magnetic field. 


Key point 


If three windings are placed round a stator frame, 
and three-phase AC is applied to the windings, 
the magnetic fields generated in each of the three 
windings will combine into a magnetic field that 
rotates. At any given instance, these fields combine 
together in order to produce a resultant field that 
which acts on the rotor. The rotor turns because the 
magnetic field rotates. 
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4.4.2 Synchronous motors 


We have already shown how a rotating magnetic field 
is produced when a three-phase alternating current is 
applied to the field coils of a stator arrangement. If 
the rotor winding is energized with DC, it will act like 
a bar magnet and it will rotate in sympathy with the 
rotating field. The speed of rotation of the magnetic 
field depends on the frequency of the three-phase 
AC supply and, provided that the supply frequency 
remains constant, the rotor will turn at a constant 
speed. Furthermore, the speed of rotation will remain 
constant regardless of the load applied. For many 
applications this is a desirable characteristic; however, 
one of the disadvantages of a synchronous motor 1s 
that it cannot be started from a standstill by simply 
applying three-phase AC to the stator. The reason for 
this is that the instant AC is applied to the stator, a 
high-speed rotating field appears. This rotating field 
moves past the rotor poles so quickly that the rotor 
does not have a chance to get started. Instead, it is 
repelled first in one direction and then in the other. 
Another way of putting this is simply that a synchro- 
nous motor (in its pure form) has no starting torque. 
Instead, it is usually started with the help of a small 
induction motor (or with windings equivalent to this 
incorporated in the synchronous motor). When the 
rotor has been brought near to synchronous speed by 
the starting device, the rotor is energized by connect- 
ing it to a DC voltage source. The rotor then falls into 
step with the rotating field. The requirement to have an 
external DC voltage source as well as the AC field exci- 
tation makes this type of motor somewhat unattractive! 


Key point 


The synchronous motor is so called because its 
rotor is synchronized with the rotating field set 
up by the stator. Its construction is essentially the 
same as that of a simple AC generator (alternator). 


Key point 


Synchronous motors are not self-starting and must 
be brought up to near synchronous speed before 
they can continue rotating by themselves. In effect, 
the rotor becomes ‘frozen’ by virtue of its inability to 
respond to the changing field! 


Aircraft electrical and electronic systems 


Figure 4.36 Squirrel cage rotor construction 


4.4.3 Three-phase induction motors 


The induction motor derives its name from the fact 
that AC currents are induced in the rotor circuit 
by the rotating magnetic field in the stator. The stator 
construction of the induction motor and of the syn- 
chronous motor are almost identical, but their rotors 
are completely different. 

The induction motor rotor is a laminated cylinder 
with slots in its surface. The windings in these slots 
are one of two types. The most common uses so- 
called squirrel cage construction (see Fig. 4.36) that 
is made up of heavy copper bars connected together 
at either end by a metal ring made of copper or brass. 
No insulation is required between the core and the bars 
because of the very low voltages generated in the rotor 
bars. The air gap between the rotor and stator is kept 
very small so as to obtain maximum field strength. 

The other type of winding contains coils placed in 
the rotor slots. The rotor is then called a wound rotor. 
Just as the rotor usually has more than one conductor, 
the stator usually has more than one pair of poles per 
coil, as shown in Fig. 4.37. 


Key point 


The induction motor is the most commonly used AC 
motor because of its simplicity, its robust construc- 
tion and its relatively low cost. These advantages 
arise from the fact that the rotor of an induction 
motor is a self-contained component that is not 
actually electrically connected to an external source 
of voltage. 
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Figure 4.37 Typical stator construction 
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Regardless of whether a squirrel cage or wound 
rotor is used, the basic principle of operation of an 
induction motor 1s the same. The rotating magnetic 
field generated in the stator induces an e.m.f. in the 
rotor. The current in the rotor circuit caused by this 
induced e.m.f. sets up a magnetic field. The two fields 
interact, and cause the rotor to turn. Fig. 4.38 shows 
how the rotor moves in the same direction as the 
rotating magnetic flux generated by the stator. 

From Lenz's law (see Section 1.6.2) we know that 
an induced current opposes the changing field which 
induces it. In the case of an induction motor, the 
changing field is the rotating stator field and so the 
force exerted on the rotor (caused by the interaction 
between the rotor and the stator fields) attempts to 
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Figure 4.39 Relationship between torque 
and slip 


cancel out the continuous motion of the stator field. 
Hence the rotor will move in the same direction as 
the stator field and will attempt to align with 1t. In 
practice, 1t gets as close to the moving stator field but 
never quite aligns perfectly with it! 


Key point 


The induction motor has the same stator as the 
synchronous motor. The rotor is different in that 
it does not require an external source of power. 
Current is induced in the rotor by the action of the 
rotating field cutting through the rotor conductors. 
This rotor current generates a magnetic field which 
interacts with the stator field, resulting in a torque 
being exerted on the rotor and causing it to rotate. 


4.4.4 Slip, torque and speed 


We have already said that the rotor of an induction 
motor 1s unable to turn in sympathy with the rotating 
field and, in practice, a small difference always exists. 
In fact, if the speeds were exactly the same, no rela- 
tive motion would exist between the two, and so no 
e.m.f. would be induced in the rotor. For this reason 
the rotor operates at a lower speed than that of the 
rotating magnetic field. This phenomenon is known 
as slip and it becomes more significant as the rotor 
develops increased torque, as shown in Fig. 4.39. 

From Fig. 4.39, for a torque of A the rotor speed 
will be represented by the distance AC whilst the slip 
will be represented by distance AD. Now: 


AD = AB — AC = CB 
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Figure 4.40 Using an inverter to produce a variable output speed from an AC induction motor 


For values of torque within the working range 
of the motor (i.e. over the linear range of the graph 
shown in Fig. 4.39), the slip directly proportional to 
the torque and the per-unit slip is given by: 


slip _ AD 


Per-unit slip = HW 
synchronous speed AB 


Now since AD = AB — BC, 


slip = (synchronous speed) — (rotor speed) 


thus: 


Per-unit slip = 
j synchronous speed 


AB — BC 
AB 


The percentage slip is given by: 


Percentage slip = (synchronous speed) — (rotor speed) 
synchronous speed 


x100% = 287 BE x 100% 
AB 


The actual value of slip tends to vary from about 
6% for a small motor to around 2% for a large 
machine. Hence, for most purposes the induction 
motor can be considered to provide a constant speed 


(synchronous speed) — (rotor speed) 


(determined by the frequency of the current applied 
to its stator); however, one of its principal disadvan- 
tages is the fact that it is not easy to vary the speed of 
such a motor! 

Note that, in general, it is not easy to control the 
speed of an AC motor unless a variable frequency 
AC supply is available. The speed of a motor with a 
wound rotor can be controlled by varying the current 
induced in the rotor but such an arrangement is not 
very practical as some means of making contact with 
the rotor windings is required. For this reason, DC 
motors are usually preferred in applications where 
the speed must be varied. However, where it is essen- 
tial to be able to adjust the speed of an AC motor, the 
motor is invariably powered by an inverter. This con- 
sists of an electronic switching unit which produces 
a high-current three-phase pulse-width-modulated 
(PWM) output voltage from a DC supply, as shown 
in Fig. 4.40. 


Key point 


The rotor of an induction motor rotates at less than 
synchronous speed, in order that the rotating field 
can cut through the rotor conductors and induce 
a current flow in them. This percentage difference 
between the synchronous speed and the rotor 
speed is known as slip. Slip varies very little with 
normal load changes, and the induction motor is 
therefore considered to be a constant-speed motor. 
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Example 4.5 


An induction motor has a synchronous speed of 
3600r.p.m. and its actual speed of rotation is meas- 
ured as 3450r.p.m. Determine (a) the per-unit slip 
and (b) the percentage slip. 


(a) The per-unit slip is found from: 


(b) The percentage slip is given by: 


3,600 — 3,450 


3,450 


Boos x 100% = 4.2% 
3,450 


> 


Percentage slip = x 100% 


Inside an induction motor, the speed of the rotating 
flux, N, is given by the relationship: 


where N is the speed of the flux (in revolutions per 
second), f is the frequency of the applied AC (Hz) 
and p is the number of pole pairs. 

Now the per-unit slip, s, is given by: 


= ABT BC _ NIM 
AB N 


where N is the speed of the flux (in revolutions per 
second) and N, is the rotor speed. 


Now: 
sN=N—N, 
from which: 
N, = N-sN = NA -—s) 
and: 


N, = Na-s)= 40-5) 


where N, is the speed of the rotor (in revolutions per 
second), fis the frequency of the applied AC (Hz) and 
s is the per-unit slip. 
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Example 4.6 


An induction motor has four poles and is operated 
from a 400 Hz AC supply. If the motor operates with 
a slip of 2.5% determine the speed of the output rotor. 


Now: 


= 
I 


Fo 240, 
pigen An 


200 X 0.975 = 195 


Thus the rotor has a speed of 195 revolutions per 
second (or 11,700r.p.m.). 


Example 4.7 


An induction motor has four poles and is operated 
from a 60Hz AC supply. If the rotor speed is 1700 
r.p.m. determine the percentage slip. 


Now: 
N: = La == S) 
from which: 
A ES XD 
s=l- ca ae T= 60 
f 60 
= ] AA = ] — 0.944 = 0.056 
60 


Expressed as a percentage, this is 5.6% 


4.4.5 Single- and two-phase induction 
motors 


In the case of a two-phase induction motor, two 
windings are placed at right angles to each other. 
By exciting these windings with current which is 90° 
out of phase, a rotating magnetic field can be created. 
A single-phase induction motor, on the other hand, 
has only one phase. This type of motor is extensively 
used in applications which require small low-output 
motors. The advantage gained by using single-phase 
motors is that in small sizes they are less expensive to 
manufacture than other types. Also they eliminate the 
need for a three-phase supply. Single-phase motors 
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are used in communication equipment, fans, portable 
power tools, etc. Since the field due to the single- 
phase AC voltage applied to the stator winding is pul- 
sating, single-phase AC induction motors develop a 
pulsating torque. They are therefore less efficient than 
three-phase or two-phase motors, in which the torque 
is more uniform. 

Single-phase induction motors have only one stator 
winding. This winding generates a field which can be 
said to alternate along the axis of the single winding, 
rather than to rotate. Series motors, on the other hand, 
resemble DC machines in that they have commutators 
and brushes. 

When the rotor is stationary, the expanding and 
collapsing stator field induces currents in the rotor 
which generate a rotor field. The opposition of these 
fields exerts a force on the rotor, which tries to turn it 
180° degrees from its position. However, this force is 
exerted through the centre of the rotor and the rotor 
will not turn unless a force is applied in order to assist 
it. Hence some means of starting is required for all 
single-phase induction motors. 


Key point 


Induction motors are available that are designed for 
three-phase, two-phase and single-phase operation. 
The three-phase stator is exactly the same as the 
three-phase stator of the synchronous motor. The 
two-phase stator generates a rotating field by hav- 
ing two windings positioned at right angles to each 
other. If the voltages applied to the two windings are 
90° out of phase, a rotating field will be generated. 


Key point 


A synchronous motor uses a single- or three-phase 
stator to generate a rotating magnetic field, and an 
electromagnetic rotor that is supplied with DC. The 
rotor acts like a magnet and is attracted by the rotat- 
ing stator field. This attraction will exert a torque on 
the rotor and cause it to rotate with the field. 


Key point 


A single-phase induction motor has only one sta- 
tor winding; therefore the magnetic field generated 
does not rotate. A single-phase induction motor 
with only one winding cannot start rotating by itself. 
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Figure 4.41 Capacitor starting arrangement 


Once the rotor is started rotating, however, it will 
continue to rotate and come up to speed. A field is 
set up in the rotating rotor that is 90° out of phase 
with the stator field. These two fields together pro- 
duce a rotating field that keeps the rotor in motion. 


4.4.6 Capacitor starting 


In an induction motor designed for capacitor start- 
ing, the stator consists of the main winding together 
with a starting winding which is connected in paral- 
lel with the main winding and spaced at right angles 
to it. A phase difference between the current in the 
two windings is obtained by connecting a capaci- 
tor in series with the auxiliary winding. A switch is 
included solely for the purposes of applying current 
to the auxiliary winding in order to start the rotor (see 
Fig. 4.41). 

On starting, the switch is closed, placing the capac- 
itor in series with the auxiliary winding. The capaci- 
tor is of such a value that the auxiliary winding is 
effectively a resistive—capacitive circuit in which the 
current leads the line voltage by approximately 45°. 
The main winding has enough inductance to cause the 
current to lag the line voltage by approximately 45°. 
The two field currents are therefore approximately 
90° out of phase. Consequently the fields generated 
are also at an angle of 90°. The result is a revolving 
field that is sufficient to start the rotor turning. 

After a brief period (when the motor is running at 
a speed which is close to its normal speed) the switch 
opens and breaks the current flowing in the auxiliary 
winding. At this point, the motor runs as an ordinary 
single-phase induction motor. However, since the 
two-phase induction motor is more efficient than a 
single-phase motor, it can be desirable to maintain the 
current in the auxiliary winding so that motor runs as 
a two-phase induction motor. 
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WIDEBAND ANTENNA SYSTEM FOR 
GARMENTS 


RELATED APPLICATIONS AND TECHNICAL 
FIELD 


This application 1s a continuation of U.S. patent applica- 
tion Ser. No. 11/210,978 filed 24 Aug. 2005, which claims 
priority to U.S. Provisional Patent Application Ser. No. 
60/603,882, filed Aug. 24, 2004, the entire contents of both of 
which application are incorporated herein by reference. This 
application is also a continuation-in-part of U.S. patent appli- 
cation Ser. No. 11/778,734 (FRTK-1CN6) filed 17 Jul. 2007, 
which is a continuation of U.S. patent application Ser. No. 
10/243,444 (FRTK-1CN5) filed 13 Sep. 2002, which is a 
continuation of U.S. application Ser. No. 08/512,954 (FRTK- 
1) filed 9 Aug. 1995, now issued as U.S. Pat. No. 6,452,553; 
this application is also a continuation-in-part of U.S. patent 
application Ser. No. 11/390,323 (FRTK-3CN2CN) filed 27 
Mar. 2006, which 1s a continuation of U.S. patent application 
Ser. No. 10/287,240 (FRTK-3CN2) filed 4 Nov. 2002, which 
in turn is a continuation of U.S. patent application Ser. No. 
09/677,645 (FRTK-3CN) filed 3 Oct. 2000, which in turn is a 
continuation of both U.S. patent application Ser. No. 08/967, 
375 (FRTK-1CN4) filed 7 Nov. 1997 and U.S. patent appli- 
cation Ser. No. 08/965,914 (FRTK-3) filed 7 Nov. 1997, 
issued as U.S. Pat. No. 6,127,977 (3 Oct. 2000); this applica- 
tion is also a continuation-in-part of U.S. patent application 
Ser. No. 11/867,284 (FRTK-6CN2) filed 4 Oct. 2007, which 
is a continuation of U.S. patent application Ser. No. 11/327, 
982 (FRTK-6CN) filed 9 Jan. 2006, which is a continuation of 
U.S. patent application Ser. No. 10/971,815 (FRTK-6) filed 
Oct. 22, 2004 now issued as U.S. Pat. No. 6,985,122, which 
claimed priority to U.S. Provisional Patent Application Ser. 
No. 60/513,497, filed Oct. 22, 2003. 

This application is also related to the following U.S. appli- 
cation, of common assignee, and the contents of which are 
incorporated herein in their entirety by reference: “Antenna 
System for Radio Frequency Identification,’ U.S. patent 
application Ser. No. 10/971,815 (FRTK-6) filed 22 Oct. 2004. 

This disclosure relates to antenna systems and, more par- 
ticularly, to wideband antennas that are incorporated into 
garments. 


BACKGROUND 


Antennas are used to typically radiate and/or receive elec- 
tromagnetic signals, preferably with antenna gain, directivity, 
and efficiency. Practical antenna design traditionally involves 
trade-offs between various parameters, including antenna 
gain, size, efficiency, and bandwidth. 

Antenna design has historically been dominated by Euclid- 
ean geometry. In such designs, the closed area of the antenna 
is directly proportional to the antenna perimeter. For example, 
if one doubles the length of an Euclidean square (or “quad”) 
antenna, the enclosed area of the antenna quadruples. Classi- 
cal antenna design has dealt with planes, circles, triangles, 
squares, ellipses, rectangles, hemispheres, paraboloids, and 
the like. 

With respect to antennas, prior art design philosophy has 
been to pick a Euclidean geometric construction, e.g., a quad, 
and to explore its radiation characteristics, especially with 
emphasis on frequency resonance and power patterns. Unfor- 
tunately antenna design has concentrated on the ease of 
antenna construction, rather than on the underlying electro- 
magnetics, which can cause a reduction in antenna perfor- 
mance. 
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Antenna systems that incorporate a Euclidean geometry 
include man-portable communication antennas such as 
monopole antennas. Typically these types ofantennas include 
a wire or rod that may be extended to a deployed position that 
is located above the antenna carrier’s head. As such, these 
extendable antennas may provide a visual signature that may 
disclose the location of the person carrying the antenna (such 
as a soldier in the field). Additionally, these antennas imple- 
ment a monopole design that typically exhibit a narrow 
instantaneous bandwidth. 


SUMMARY OF THE DISCLOSURE 


In accordance with an aspect of the disclosure, a portable 
antenna system includes an antenna that is substantially 
defined by one or more portions that include electrically 
conductive self-similar extensions. The system also includes 
an article of clothing in which the antenna is attached to a 
surface of the article of clothing such that electrically con- 
ductive self-similar extensions extend across the surface of 
the article of clothing. 

In one embodiment, the self-similar extensions may 
include two or more angular bends. The system may further 
include a co-planar feed connected to the antenna for trans- 
mitting and/or receiving electromagnetic signals through the 
antenna. Each self-similar extension may incorporate a frac- 
tal geometry. Furthermore, the antenna may transmit and/or 
receive electromagnetic energy across a spectral bandwidth 
that is defined by a ratio of at least 5:1. The system may also 
include a dielectric plate to which the antenna may be 
mounted. The dielectric plate may capable of deflecting pro- 
jectiles. The antenna may be mounted to various locations on 
clothing. For example, the antenna may be mounted on an 
internal clothing layer or to an exterior surface of the article of 
clothing. Various articles of clothing may be used, for 
example, the article of clothing may be a vest. 

In accordance with another aspect, a portable antenna sys- 
tem includes an antenna that is substantially defined by one or 
more portions that include electrically conductive self-sim1- 
lar extensions. The portable antenna system also includes a 
pouch, in which the antenna is contained. The pouch is also 
configured for mounting to a clothing surface. 

In one embodiment, the system may further include a plate 
upon which the pouch is positioned such that the plate sepa- 
rates the antenna from the body of a person wearing clothing 
that includes the clothing surface. The self-similar extensions 
may include two or more angular bends. The system may also 
include a co-planar feed that is connected to the antenna for 
transmitting and/or receiving electromagnetic signals. Each 
self-similar extension may incorporate a fractal geometry. 
The pouch may include a layer of foam dielectric material or 
a layer of solid dielectric material. The pouch may include a 
fibrous dielectric material such as Tyvek™. The plate may 
include a projectile deflecting material. 

In accordance with another aspect, a portable antenna sys- 
tem includes an antenna that is substantially defined one or 
more portions that include electrically conductive self-simi- 
lar extensions. The system also includes a plate in which the 
antenna is mounted upon, and a garment in which the plate is 
attached to a clothing surface included in the garment. 


In one embodiment, the plate may include a projectile 
deflecting material and/or a dielectric material. The garment 
may be a vest. The plate may be attached to a surface of the 
garment such that when worn, the antenna extends across the 
back of the person wearing the garment. Each self-similar 
extension may incorporate a fractal geometry. The antenna 
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Figure 4.42 Action of a shaded pole 


In some types of motor a more complicated 
arrangement is used with more than one capaci- 
tor switched into the auxiliary circuit. For example, 
a large value of capacitor could be used in order to 
ensure sufficient torque for starting a heavy load 
and then, once the motor has reached its operating 
speed, the capacitor value can be reduced in order to 
reduce the current in the auxiliary winding. A motor 
that employs such an arrangement, where two dif- 
ferent capacitors are used (one for starting and one 
for running) is often referred to as capacitor-start, 
capacitor-run induction motor. Finally, note that, 
since phase shift can also be produced by an inductor, 
it is possible to use an inductor instead of a capaci- 
tor. Capacitors tend to be less expensive and more 
compact than comparable inductors and therefore are 
more frequently used. 

Since the current and voltage in an inductor are 
also 90° out of phase, inductor starting is also pos- 
sible. Once again, a starting winding is added to the 
stator. If this starting winding is placed in series with 
an inductor across the same supply as the running 
winding, the current in the starting winding will be 
out of phase with the current in the running winding. 
A rotating magnetic field will therefore be generated, 
and the rotor will rotate. 


Key point 


In order to make a single-phase motor self- 
starting, a starting winding is added to the stator. 
If this starting winding is placed in series with a 
Capacitor across the same supply as the running 
winding, the current in the starting winding will be 
out of phase with the current in the running winding. 
A rotating magnetic field will therefore be gener- 
ated, and the rotor will rotate. Once the rotor comes 
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up to speed, the current in the auxiliary winding can 
he switched-out, and the motor will continue run- 
ning as a single-phase motor. 


4.4.7 Shaded pole motors 


A different method of starting a single-phase induc- 
tion motor is based on a shaded-pole. In this type of 
motor, a moving magnetic field is produced by con- 
structing the stator in a particular way. The motor has 
projecting pole pieces just like DC machines; and part 
of the pole surface is surrounded by a copper strap or 
shading coil. 

As the magnetic field in the core builds, the field 
flows effortlessly through the unshaded segment. This 
field is coupled into the shading coil which effec- 
tively constitutes a short-circuited loop. A large cur- 
rent momentarily flows in this loop and an opposing 
field 1s generated as a consequence. The result is sim- 
ply that the unshaded segment initially experiences a 
larger magnetic field than does the shaded segment. 
At some later time, the fields in the two segments 
become equal. Later still, as the magnetic field in the 
unshaded segment declines, the field in the shaded 
segment strengthens. This is illustrated in Fig. 4.42. 


Key point 


In the shaded pole induction motor, a section of 
each pole face in the stator is shorted out by a 
metal strap. This has the effect of moving the mag- 
netic field back and forth across the pole face. The 
moving magnetic field has the same effect as a 
rotating field, and the motor is self-starting when 
switched on. 
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Figure 4.43 Main three-phase AC generator mounted in the engine compartment of a large 


passenger aircraft 


Test your understanding 4.4 


1. Explain the difference between synchronous AC 
motors and induction motors. 

2. Explain the main disadvantage of the 
synchronous motor. 

3. An induction motor has a synchronous speed 
of 7200r.p.m. and its actual speed of rotation 
is measured as 7000r.p.m. Determine (a) the 
per-unit slip and (b) the percentage slip. 

4. An induction motor has four poles and is 
operated from a 400 Hz AC supply. If the motor 
operates with a slip of 1.8% determine the 
speed of the output rotor. 

5. An induction motor has four poles and is 
operated from a 60Hz AC supply. If the rotor 
speed is 1675r.p.m. determine the percentage 
slip. 

6. Explain why a single-phase induction motor 
requires a means of starting. 


4.5 Practical aircraft generating 
systems 


Generators are a primary source of power in an air- 
craft and can either produce direct or alternating cur- 
rent (DC or AC) as required. They are driven by a belt 


drive (in smaller aircraft), or engine/APU accessory 
gearbox in larger aircraft. Generators will have suffi- 
cient output to supply all specified loads and charge 
the battery(s). Most avionic equipment requires a 
regulated and stable power supply depending on its 
function, e.g. in the case of lighting, it would be incon- 
venient if the intensity of lighting varied with engine 
speed. Generator output is affected by internal heat 
and this has to be dissipated. Cooling methods can 
include natural radiation from the casing, however this 
is inadequate for high-output devices where ram-air is 
directed from a scoop and directed into the generator’s 
brush-gear and commutator. In some installations, e.g. 
helicopters, a fan is installed to provide cooling when 
the aircraft is hovering. We know from basic theory 
that a generator’s output will vary depending on the 
input shaft speed. A means of regulating the gen- 
erator’s output to the bus is required as is a means of 
overload protection. 


4.5.1 DC generators 


DC generators are less common on modern aircraft 
due to their low power-to-weight ratio, poor perform- 
ance at low r.p.m. and high servicing costs. The lat- 
ter is due to the need for inspection and servicing of 
brushes and commutators since they have irregular 


Generators and motors 


105 


Figure 4.44 Tail-mounted auxiliary power unit (APU) with three-phase AC generator (top of 


picture) 
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Figure 4.45 Overhead electrical panel fitted 
with main and APU generator indicators and 
displays. This panel provides the crew with an 
instant overview of the status of the electrical 
generating system and the AC and DC 
distribution buses) 


surfaces/contact area and conduct the entire load cur- 
rent. Carbon brushes are porous and will absorb sub- 
stances including moisture; this provides an amount 
of inherent lubrication. At altitude, the atmosphere is 
dryer and this leads to higher brush wear. Without any 
lubrication, arcing occurs and static charges build up; 


brush erosion is accelerated. Additives can be incor- 
porated into the brushes that deposit a lubricating 
film on the commutator; this needs time to build up 
a sufficient protection; brushes need to be run in for 
several hours before the protective layer forms (this is 
often mistaken for contamination). The alternative is 
an in-built lubrication that is consumed as part of the 
natural brush wear, 1.e. no film is deposited. 


Key maintenance point 


Automotive style alternators are normally installed 
on general aviation and light aircraft to overcome 
the shortfalls of DC generators. Larger aircraft use 
brushless AC generators. 


4.5.2 Alternators 


Automotive style alternators comprise a rotor, stator 
and rectifier pack. The rotor contains the field coil 
arranged in six sections around the shaft. Each section 
forms a pole piece that is supplied via slip-rings and 
brushes. The alternator has no residual magnetism, 
its field has to be excited by a DC supply (e.g. the 
battery). When energised, the rotors pole pieces 
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Figure 4.46 A practical brushless AC generator arrangement 


produce north and south poles. As these poles are 
rotated they induce currents in the stator windings; 
these are wound at 120° and this produces three- 
phase AC. The AC output is fed to a diode rectifier 
pack comprising six high-current diodes, see Fig. 
4.46 which produces a DC output. This has to be 
regulated before connecting to the various aircraft 
systems. Voltage regulators used with alternators on 
general aviation aircraft can be electromechanical or 
electronic. There are two types of electromechanical 
regulators: sensing coil with contacts and carbon-pile. 
Modern solid-state electronic regulators are more reli- 
able as they use no mechanical parts. 

The alternators previously described rely on slip- 
rings and brushes, albeit with reduced current load- 
ing. Slip-rings and brushes require maintenance in the 
workshop thereby incurring an associated cost burden. 
The brushless generator is a more complex device 
but has significantly increased reliability coupled with 
reduced maintenance requirements. A schematic dia- 
gram for the brushless generator is shown in Fig. 4.46; 
the device can be divided into three main sections: 


e permanent magnet generator 
e rotating field 
e three-phase output. 


The AC generator uses a brushless arrangement 
based on a rotating rectifier and permanent magnet 
generator (PMG). The output of the PMG rectifier is 
fed to the voltage regulator which provides current for 
the primary exciter field winding. The primary exciter 
field induces current into a three-phase rotor winding. 
The output of this winding is fed to the shaft-mounted 
rectifier diodes which produce a pulsating DC output 
which is fed to the rotating field winding. It is impor- 
tant to note that the excitation system is an integral 
part of the rotor and that there is no direct electrical 
connection between the stator and rotor. 

The output of the main three-phase generator is 
supplied via current transformers (one for each 
phase) that monitor the load current in each line. An 
additional current transformer can also be present in 
the neutral line to detect an out-of-balance condition 
(when the load is unbalanced an appreciable current 
will flow in the generator’s neutral connection). 

The generator output is fed to the various aircraft 
systems and a solid-state regulator. This rectifies the 
output and sends a regulated direct current to the 
stator exciter field of the PMG. The regulator main- 
tains the output of the generator at 115 V AC and is 
normally contained within a generator control unit 
(GCU); this is unit is further described in Chapter 7. 
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Figure 4.47 Layout of a typical brushless AC generator 


Although the regulator controls the output voltage of 
the generator, its frequency will vary depending on the 
speed of shaft rotation. Variable frequency power sup- 
plies (sometimes called frequency wild) are accept- 
able for resistive loads, e.g. de-icing, but they are not 
suitable for many induction motor loads that need to 
run at constant speed, e.g. fuel pumps and gyroscopic 
instruments. Furthermore, certain loads are designed 
for optimum efficiency at the specified frequency of 
400 Hz, e.g. cooling fans. Some larger multi-engine 
aircraft operate the generators in parallel; it is essential 
that each generator is operating at the same frequency. 
Constant frequency can be achieved in one of two 
ways: controlling the shaft speed by electromechanical 
methods using a constant speed drive (CSD) or by 
controlling the generator output frequency electroni- 
cally (variable speed constant frequency: VSCF). 


Key point 


A three-phase AC generator can be made brush- 
less by incorporating an integral excitation sys- 
tem in which the field current is derived from a 
rotor-mounted rectifier arrangement. In this type of 
generator the coupling is entirely magnetic and no 
brushes and slip-rings are required. 


4.5.3 Constant speed drive/integrated 
drive generator 


The CSD is an electromechanical device installed on 
each engine. The input shaft is connected to the engine 
gearbox; the output shaft is connected to the generator. 
The CSD is based on a variable ratio drive employing a 
series of hydraulic pumps and differential gears. CSDs 
can be disconnected from the engine via a clutch, either 
manually or automatically. Note that it is only possible 
to reconnect the clutch on the ground. Modern com- 
mercial aircraft employ a combined CSD and brush- 
less AC generator, in one item — the integrated drive 
generator (IDG). Typical characteristics are a variable 
input speed of 4500/9000r.p.m. and a constant output 
speed of 12,000 + 150 r.p.m. The IDG on a large com- 
mercial aircraft is oil-cooled and produces a 115/200V 
400 Hz three-phase, 90 mkVA output. 


4.5.4 Variable speed constant frequency 
(VSCF) 


Both the constant speed drive and integrated drive 
generator are complex and very expensive electrome- 
chanical devices. Advances in semiconductor tech- 
nology has facilitated the development of solid-state 
products that can convert variable frequencies into 
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Figure 4.48 Typical main generator showing three-phase output cabling 


r 


Figure 4.49 Typical generator control unit (GCU) 


115/200V AC, 400 Hz three-phase power supplies. 
Variable speed constant frequency (VSCF) systems 
comprise a generator and power converter. 

A brushless AC generator is mounted onto the 
engine accessory gearbox as before; 1ts output voltage 


and frequency varies in accordance with engine 
speed. The gearbox increases the generator speed by 
a ratio of 1:3, producing a variable output frequency 
between 1300 and 2500r.p.m. The three-phase output 
of VSCF is full-wave rectified to produce a 270V DC 
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output. This direct current output is smoothed by large 
capacitors, filtered and fed into an inverter that pro- 
duces a square wave output. The inverter converts the 
DC level into a three phase, pulse-width-modulated 
waveform. This is then converted in the sinusoidal 
output voltage. These outputs are then converted into 
AC through electronic circuits. The final output stage 
is monitored by a current transformer and electro- 
magnetic interference filter (CT/EMI). Within the 
generator control unit (GCU) a generator control 
relay (GCR) energizes the field. This circuit can be 
interrupted by the pilot or automatically under fault 
conditions. 

The VSCF generator conversion control unit 
(GCCU) can either be integrated with the generator 
as a single engine mounted device (weighing typically 
65kg) or it can be located in the airframe. The latter 
arrangement has the advantage of making the engine 
accessories smaller; this means a lower profile nacelle. 
In addition, the electronics can be located in a zone 
with reduced temperature and vibration. 

VSCF systems are more reliable compared with 
constant speed drive and integrated drive generators 
since there are fewer moving parts. The VSCF sys- 
tem’s moving parts consist of the generator’s rotor and 
an oil pump used for cooling. The VSCF can be used 
for both primary and secondary power supplies; out- 
puts of 110 kVA are achievable. Enabling technology 
for VSCF are the power transistors and diodes capable 
of handling currents in excess of 500A. These diodes 
and transistors form the core of the rectifier and con- 
version circuits of the GCCU. The VSCF contains an 
oil pump mounted on the generator shaft that circu- 
lates oil through the system; this oil is passed through 
a heat exchanger. Oil temperatures and pressures are 
closely monitored; warnings are given to the crew in 
the event of malfunctions. Oil level can be checked 
during ground servicing through a sight glass. 


4.6 Multiple choice questions 


1. The slip-rings in an AC generator provide a 

means of: 

(a) connecting an external circuit to a rotating 
armature winding 

(b) supporting a rotating armature without the 
need for bearings 

(c) periodically reversing the current produced 
by an armature winding. 
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. Decreasing the current in the field coil of a 


DC generator will: 

(a) decrease the output voltage 
(b) increase the output voltage 
(c) increase the output frequency. 


. The rotor of an AC induction motor consists of: 


(a) a laminated iron core inside a ‘squirrel cage” 
made from copper or aluminium 

(b) aseries of coil windings on a laminated iron 
core with connections via slip-rings 

(c) a single copper loop which rotates inside the 
field created by a permanent magnet. 


. The slip speed of an AC induction motor is the 


difference between: 

(a) the synchronous speed and the rotor speed 

(b) the frequency of the supply and the rotor 
speed 

(c) the maximum speed and the minimum 
speed. 


. When compared with three-phase induction 


motors, single-phase induction motors: 

(a) are not inherently ‘self starting’ 

(b) have more complicated stator windings 
(c) are significantly more efficient. 


. A three-phase induction motor has three pairs 


of poles and is operated from a 60 Hz supply. 
Which one of the following gives the motor’s 
synchronous speed? 

(a) 1200r.p.m. 

(b) 1800r.p.m. 

(c) 3600r.p.m. 


. Ina star-comnected three-phase system, the line 


voltage is found to be 200V. Which one of the 
following gives the approximate value of phase 
voltage? 

(a) 67V 

(b) 115V 

(c) 346V. 


. A single-phase AC generator has twelve poles 


and it runs at 600 r.p.m. Which one of the 
following gives the output frequency of the 
generator? 

(a) 50Hz 

(b) 60Hz 

(c) 120Hz. 


. Ina balanced star-connected three-phase system 


the line current is 2A and the line voltage is 
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11. 


12. 


200V. If the power factor is 0.75 which one of the 

following gives the total power in the load? 

(a) 300W 

(b) 520W 

(c) 900W. 

The commutator in a DC generator is used to: 

(a) provide a means of connecting an external 
field current supply 

(b) periodically reverse the connections to the 
rotating coil winding 

(c) disconnect the coil winding when the 
induced current reaches a maximum value. 

The brushes fitted to a DC motor/generator 

should have: 

(a) low coefficient of friction and low contact 
resistance 

(b) high coefficient of friction and low contact 
resistance 

(c) low coefficient of friction and high content 
resistance. 

Self-excited generators derive their field current 

from: 

(a) the current produced by the armature 

(b) a separate field current supply 

(c) an external power source. 
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In a shunt-wound generator: 

(a) none of the armature current flows through 
the field 

(b) some of the armature current flows through 
the field 

(c) all of the armature current flows through the 
field. 


14. When combined with a CSD, a brushless three- 


15. 


phase AC generator is often referred to as: 

(a) a compound generator 

(b) a ‘frequency wild’ generator 

(c) an IDG. 

An out-of-balance condition in an AC three- 

phase system can be detected by means of: 

(a) voltage sensors connected across each output 
line 

(b) a dedicated field coil monitoring circuit 

(c) a current transformer connected in the 
neutral line. 


Chapter Batteries 


9 


Aircraft electrical power can be derived from a vari- 
ety of sources; these are categorized as either primary 
or secondary. Batteries are primary sources of elec- 
trical power found on most aircraft delivering direct 
current. (Secondary sources of power are described 
in Chapter 6.) There are several types of battery used 
on aircraft, defined by the types of materials used in 
their construction; these include lead-acid and nickel- 
cadmium batteries. The choice of battery type 
depends mainly on performance and cost. Other types 
of battery are being considered for primary power 
on aircraft; these include lithium and nickel-metal 
hydride. Electrical power delivered by batteries is 
used for a variety of applications, e.g. lights, radios, 
instruments, and motors. This chapter reviews the 
battery types used on aircraft, typical applications and 
how they are installed and maintained. 


5.1 Overview 


The main aircraft battery is a primary source of 
electrical power; its use can be controlled by the 
pilot or by automatic means. The main battery 
provides autonomous starting for the engine(s) or 
auxiliary power unit (APU) when external ground 
power is not available. Typical current requirement 
during APU starting is 1000A, albeit for a short 
period of time. Batteries also supply essential loads 
in the event of generator failure. It is an airworthiness 
requirement that the main battery(s) supplies essen- 
tial services for a specified period of time. Other air- 
craft systems are supplied with their own dedicated 
batteries, e.g. aircraft emergency lights. Individual 
computers use their own battery sources to provide 
non-volatile memory. Battery type and maintenance 
requirements have to be understood by the aircraft 
engineer to ensure safe and reliable operation and 
availability. 

The battery is constructed from a number of indi- 
vidual cells; generic cell features consist of two 


electrodes (the anode and cathode) and electrolyte 
contained within a casing. Cell materials vary depend- 
ing on the type of battery performance required for a 
given cost. The simple primary cell (Fig. 5.1) causes 
an electron flow from the cathode (negative) through 
the external load to the anode (positive). The materi- 
als used refer to the two types of battery cell in wide- 
spread use on aircraft for the primary source of power: 
lead-acid or nickel-cadmium. These are maintained 
on the aircraft and treated as line-replaceable units; a 
full description of these two battery types is provided 
in this chapter. Cells used within other aircraft equip- 
ment or systems are typically made from lithium or 
nickel-metal hydride materials. These are not main- 
tained as individual items on the aircraft, they are 
installed/removed as part of the equipment that they 
are fitted into; in this case only a brief description is 
provided. 


Electron 
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Figure 5.1 Electrical storage cell 
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Key point 


The main aircraft battery is a primary source of 
electrical power; its use can be controlled by the 
pilot or by automatic means. 


5.2 Storage cells 


The basic function of any electrical cell is the conver- 
sion of chemical energy into electrical energy. The 
cells can be considered as a chemical means of storing 
electrical energy. Electrons are removed from the (pos- 
itive) cathode and deposited on the (negative) anode. 
The electrolyte is the physical means of migration 
between the cathode/anode. The attraction of electrons 
between cathode/anode creates a potential difference 
across the cell; the cathode/anode are attached to 
external terminals for connection to the equipment or 
system. Material types used for the cathode/anode and 
electrolyte will determine the cell voltage. 


Key maintenance point 


Different battery types possess different charac- 
teristics both in terms of what they are used for, 
and in terms of how they should be maintained; 
always refer to maintenance manual instructions for 
servicing. 


Cells are categorized as either primary (where they 
can only be used once) or secondary (where they can 
be recharged). In the primary cell, the chemical activ- 
ity occurs only once, 1.e. during discharge. By apply- 
ing current through a secondary cell in the opposite 
direction to that of discharging, the chemical reaction 
is reversed and the cell can be used again. The cath- 
ode/anode are returned to their original charged form; 
the cell therefore becomes a chemical means of stor- 
ing electrical energy. 


Key maintenance point 


It can be dangerous to attempt charging a primary 
cell. In the secondary cell, the chemical activity is 
reversible. 
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The energy storage capacity of a cell is determined 
by the amount of material available for chemical reac- 
tion. To maximize the storage capacity, the physical 
areas of the cathode and anode are made as large as 
possible, normally by constructing them as plates. 
Capacity is stated in ampere-hours; batteries are rated 
with low or high discharge rates, either 10 hours or 
1 hour. The battery’s capacity will gradually deterio- 
rate over time depending on usage, in particular the 
charge and discharge rates. For aircraft maintenance 
purposes, we need to define the acceptable capacity of 
the main battery(s); this 1s the ratio of actual capacity 
and rated capacity, expressed as a percentage. Actual 
capacity must not fall below 80% of the rated capacity; 
therefore testing is required on a periodic basis. 
Memory effect is observed in some secondary cells 
that cause them to hold less charge; cells gradually 
lose their maximum capacity if they are repeatedly 
recharged before being fully discharged. The net result 
is the cell appears to retain less charge than specified. 

All secondary cells have a finite life and will 
gradually lose their capacity over time due to sec- 
ondary chemical reactions; this occurs whether the 
cell is used or not. They also have a finite number of 
charge and discharge cycles since they lose a very 
small amount of storage capacity during each cycle. 
Secondary cells can be damaged by repeated deep 
discharge or repeated over-charging. 

Storage cells have internal resistance; this is usu- 
ally very small but it has the effect of limiting the 
amount of current that the cell can supply and also 
reducing the amount of electromotive force (e.m.f.) 
available when connected to a load. Internal resistance 
varies significantly with the distance between plates. 
For this reason, the gap is made as small as practicably 
possible. This internal resistance is sometimes shown 
as a series resistor within the cell for design purposes, 
but 1t 1s normally omitted in circuit diagrams used in 
maintenance and wiring diagram manuals. Internal 
resistance 1s affected by temperature and this leads to 
practical issues for certain cell types. 


Test your understanding 5.1 


Describe the process whereby secondary cells 
gradually lose their maximum capacity (memory 
effect). 


A number of cells are linked together in series to 
form a battery. The total battery terminal voltage is 
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may transmit and/or receive electromagnetic energy across a 
spectral bandwidth that is defined by a ratio of at least 5:1. 

Additional advantages and aspects of the present disclo- 
sure will become readily apparent to those skilled in the art 
from the following detailed description, wherein embodi- 
ments of the present invention are shown and described, sim- 
ply by way of illustration of the best mode contemplated for 
practicing the present invention. As will be described, the 
present disclosure is capable of other and different embodi- 
ments, and its several details are susceptible of modification 
in various obvious respects, all without departing from the 
spirit of the present disclosure. Accordingly, the drawings and 
description are to be regarded as illustrative in nature, and not 
as limitative. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a diagrammatic view of a wideband antenna 
mounted to a garment. 

FIG. 2 1s a diagrammatic view of the wideband antenna 
shown in FIG. 1. 

FIG. 3 is a diagrammatic view of a pouch that holds the 
wideband antenna and may be mounted to the garment shown 
in FIG. 1. 

FIG. 4 is a diagrammatic view of wideband antenna 
embedded into a projectile deflecting plate that is mounted on 
a garment. 


DETAILED DESCRIPTION OF THE 
EMBODIMENTS 


Referring to FIG. 1, an antenna 10 is mounted conformal to 
a surface ofa garment. In particular, antenna 10 is mounted to 
the back of a vest 12, however, in other arrangements the 
antenna 10 may be mounted to other types of garments such 
as shirts, coats, parkas, etc. By mounting antenna 10 to the 
back of vest 12, a fully integrated antenna is provided for 
various applications such as combat wear for military person- 
nel. In some arrangements antenna 10 may be incorporated 
into a military “flak” vest or other similar military clothing 
known in the art for protecting soldiers in hazardous situa- 
tions. Typically a flak vest is produced from light-weight 
material and includes conducting regions formed from a met- 
alized cloth. Such cloth may be formed of a copper coated 
polyester fabric that is commercially available from Flectron 
Metalized Materials of St. Louis, Mo. However, any materials 
known in the art of clothing design and tailoring may be used 
to produce vest 12. 

In this particular implementation, due to materials and 
production procedures, antenna 10 is opaque at visual wave- 
lengths. However, in other implementations, antenna 10 may 
be substantially transparent at wavelengths in the visual por- 
tion of the electromagnetic spectrum. To mount antenna 10 
conformal to vest 12, the antenna predominately extends in 
two dimensions (i.e., length and width) and 1s relatively thin 
to provide flexibility in movement. Rather than mounting 
antenna 10 directly to the outer surface of vest 12, the antenna 
may be embedded within one or more cloth layers of the vest. 
Some of these layers may be designed for particular capabili- 
ties, such as a bullet-proof layer or other types of projectile 
(e.g., flak) defection. For example, antenna 10 may be par- 
tially or fully embedded in one or more dielectric layer that 
are incorporated into the vest for bullet and/or flak deflection. 
A portion or all of this dielectric material may include one or 
more layers of foam or solid dielectric material. These layers 
of dielectric material may further be partially or fully embed- 
ded within another material. For example, antenna 10 may be 
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embedded in a dielectric plate that is then wrapped around a 
fibrous dielectric material such as Tyvek®, which is produced 
by Dupont of Wilmington, Del. 

Rather than incorporating antenna 10 into the clothing 
material of vest 12 (or other type of clothing article), the 
antenna may be incorporated into a pouch or other similar 
article capable of holding the antenna. By using a pouch, a 
person such as a soldier can position the antenna on various 
locations on his or her person. For example, a soldier may 
position the pouch on his chest or on his back to provide 
appropriate signal transmission and/or reception perfor- 
mance with other troops, a base, etc. 

Along with being incorporated into an article of clothing or 
a pouch, antenna 10 is designed with a self-similar geometry 
that provides broad frequency coverage for signal transmis- 
sion and/or reception. In general the self-similar shape is 
defined as a fractal geometry. Fractal geometry may be 
grouped into random fractals, which are also termed chaotic 
or Brownian fractals and include a random noise components, 
or deterministic fractals. Fractals typically have a statistical 
self-similarity at all resolutions and are generated by an infi- 
nitely recursive process. For example, a so-called Koch frac- 
tal may be produced with N iterations (e.g., N=1, N=2, etc.). 
One or more other types of fractal geometries may also be 
incorporated into the design of antenna 10. 

By incorporating the fractal geometry into electrically con- 
ductive and non-conductive portions ofantenna 10, the length 
and width of the conductive and non-conductive portions of 
the antenna is increased due to the nature of the fractal pattern. 
However, while the lengths and widths increase, the overall 
footprint area of antenna 10 1s relatively small. By providing 
longer conductive paths, antenna 10 can perform over a broad 
frequency band. For example, the size reduction (relative to a 
wavelength) for the lowest frequency of operation approxi- 
mately has a ratio of approximately 15:1 to 20:1. 

Antenna 10 provides wideband frequency coverage for 
transmitting and/or receiving electromagnetic signals. For 
example, bandwidths ratios of 5:1 or larger may be supported 
by antenna 10. For this lower ratio (1.e., 5:1) antenna 10 may 
perform at frequencies within a broad frequency band, for 
example, of approximately 3000 Mega Hertz (MHz) to 
15,000 MHz. However, it should be appreciated that perfor- 
mance within other frequency bands may be achieved. Thus, 
antenna 10 is capable of transmitting and receiving electro- 
magnetic signals over a broad frequency range. 

Referring to FIG. 2, antenna 10 is connected to a trans- 
ceiver 14 over a conductor 16 (e.g., a cable, conducting trace, 
wire, etc.). By connecting to antenna 10, transceiver 14 may 
send signals to the antenna for transmission or receive signals 
collected by the antenna. Typically to send and receive signals 
(and improve the gain of antenna 10), transceiver 10 includes 
a low noise amplifier (LNA) and a power amplifier (PA). To 
connect conductor 16 to antenna 10, a co-planar feed 18 is 
electrically connected to the antenna that also provides wide- 
band performance. In some arrangements, a matching net- 
work is included in co-planar feed 18 to reduce signal drop- 
outs (known as “suckouts”) that are located within particular 
portions of the spectrum. Various techniques known to one 
skilled in the art of electronics and antenna system design 
may be implemented to connect connector 16 to antenna 10. 
For example, an electrically conductive epoxy may be used to 
provide an adhesive connection with appropriate electrical 
conductivity. Additionally, in some embodiments other elec- 
tromagnetic and electronic devices and components may be 
connected to co-planar feed 18. For example, a power divider 
may be connected between conductor 16 and co-planar feed 
18. 
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Figure 5.2 Cells and batteries: (a) connection of cells to form a battery; (b) symbols for cells and 


a battery; (c) typical battery casing 


the sum of individual cell voltages, see Fig. 5.2(a). In 
this illustration, six cells are connected in series to for 
a 12 V battery. The circuit symbols for individual cells 
and a battery are shown in Fig. 5.2(b). All of the indi- 
vidual cells are contained within a battery case, see 
Fig. 5.2(c). 


5.3 Lead-acid batteries 


Developed in 1859, this is the oldest secondary cell 
technology in aircraft use today. Despite advances 
in alternative technologies, lead-acid batteries have 
retained market share (particularly in general aviation) 
due to the relatively low cost and mature technology. 
This type of battery has widespread applications on 
general aviation fixed and rotary wing aircraft due 
to the high current available for engine start and rel 
atively low manufacturing cost (compared with nickel- 
cadmium batteries). The surface area of the plates, 
strength of the electrolyte and temperature determine 


the actual capacity of a lead-acid cell. There are two 
types of lead-acid battery used in aircraft: flooded 
(wet-cell) and sealed. The disadvantages of flooded 
batteries are that they require regular maintenance, 
they liberate gas during charging and the electrolyte 
can be spilt or leak. Spillage and/or leakage of the 
electrolyte requires immediate clean-up to avoid cor- 
rosion. These problems are overcome with sealed lead- 
acid batteries. Although lead-acid batteries remain 
popular with GA aircraft, this battery technology will 
eventually be phased out due to environmental issues. 


5.3.1 Construction 


Flooded cells are housed within an impact- and acid- 
resistant casing made from polystyrene-based materi- 
als. The casing retains the two terminals and includes 
a vent cap to prevent gas pressure build-up whilst not 
allowing the electrolyte to escape. A single battery 
cell contains a number of positive and negative plate 
groups constructed as illustrated in Fig. 5.3. The 
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Figure 5.3 Lead-acid cell construction 


individual plates are separated by a porous material to 
prevent short circuit through physical contact; there is 
space below the plates to allow any material shed from 
the plates to accumulate without shorting the plates. 
Flooded cells can be accessed on an individual basis for 
checking the content and condition of the electrolyte. 


Key point 


Since each positive plate is always positioned 
between two negative plates, there is actually one 
more negative plate than the positives. 


Each positive plate is a cast lead/antimony frame 
formed as a grid; this is impregnated with a paste of 
lead dioxide (PbO,). The negative plate is a similar 
frame containing lead (Pb); this is sometimes referred 
to as ‘spongy lead’. In practice, a typical cell is con- 
structed with several plates in order to get the required 
current output. Positive plates distort when chemical 
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reactions take place on only one side; for this reason, 
there are always an even number of positive plates 
sandwiched between an odd number of negative plates. 
All positive plates are connected together as are all 
the negatives. The plates are interlaced and separated 
by a porous separator that allows free circulation of 
the electrolyte at the plate surfaces; the plates are all 
stacked within the cell container. The electrolyte is sul- 
phuric acid diluted with distilled (pure) water (H,SO,). 


Test your understanding 5.2 


What are the advantages and disadvantages of 
flooded (wet-cell) batteries? 


5.3.2 Charging/discharging 


When fully charged, each cell has a potential differ- 
ence of 2.5 V (falling to 2.2 V after a period of approx- 
imately one hour) at its terminals; when discharged, 
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Figure 5.4 Lead-acid cell discharge characteristics 


this potential difference is 1.8V. A six-cell battery 
would produce 13.2 V fully charged, and 10.8V DC 
when discharged. A twelve-cell battery would pro- 
duce 26.4V DC fully charged, and 21.6V DC when 
discharged. During normal use of lead-acid cells, the 
terminal voltage stays at around 2V for a long period 
of cell life, this 1s referred to as the cell's nominal 
voltage. When fully charged, the positive plate 1s lead 
dioxide (PbO,) and the negative plate is lead (Pb). 
Connecting an external load to the battery com- 
pletes the electrical circuit, electrons are transferred 
from the negative plate and the battery starts to dis- 
charge. The chemical reaction that takes place during 
discharge changes each of the plates into lead sulphate 
(PbSO,). Molecules of water are formed, thereby 
diluting the electrolyte. For a given battery capacity, 
a steady discharge rating forms part of the battery 
specification, e.g. a 20 hour rate produces a con- 
stant current for 20 hours until the cell 1s discharged. 
Figure 5.4 illustrates typical lead-acid battery charac- 
teristics at different discharge currents. The discharge 
current, in amps (A), is expressed as a fraction of 
the numerical value of C. For example, 0.1 C means 
C/10A, and discharging will take approximately 10 
hours. If the battery capacity was 35 Ah, a discharge 
current of 3.5A can be expressed as 0.1 C (or C/10). 
This means that batteries of different sizes can be 


compared by a single set of graphs. Since a battery 
may be rated for different discharge times, its rated 
capacity will normally be an indication of current 
used. With a 20-hour discharge capacity, the chart 
shows that C/20 will discharge the battery at 1 A cur- 
rent in 20 hours. 

The condition of each cell can be determined by 
the specific gravity (SG) of its electrolyte. When the 
battery is charged, the above process is reversed. The 
lead sulphate on the positive plate is returned to lead 
peroxide. The negative plate is returned to lead, and 
the electrolyte is restored to its original specific grav- 
ity; SG ranges will be from 1.25—1.3 (charged) down 
to 1.15—1.2 when discharged. Table 5.1 summarizes 
the chemical aspects of a charged and discharged 
lead-acid cell. 


5.3.3 Maintenance 


Flooded lead-acid batteries are susceptible to dam- 
age at low temperatures due to freezing of the elec- 
trolyte causing plate damage. The point at which the 
electrolyte freezes depends on its specific gravity; 
at a specific gravity of 1.15 (discharged) the freez- 
ing point is —15°C. To prevent freezing, the specific 
gravity should be maintained at higher levels; at a 
specific gravity of 1.275 (charged) the freezing point 
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Table 5.1 Chemical aspects of a charged 
and discharged lead-acid cell. 


State Positive Negative Electrolyte 
plate plate 

Charged Lead Lead Concentrated 
dioxide (Pb) sulphuric 
(PbO>) acid (H2SO3) 

Discharged Lead Lead Weak 
sulphate sulphate sulphuric 


is —62°C. Although this guards against freezing, the 
consequence of maintaining a battery in this condi- 
tion is that it will gradually self-discharge. 

Lead-acid batteries require a three-month capacity 
check, and have approximately 18-24 months” life. 
The condition of a fully charged lead-acid battery can 
be confirmed by three factors: 


e The terminal voltage remains at its maximum level 
e There is a free discharge of gas 
e The SG is in the range 1.25-1.3. 


The specific gravity of the electrolyte provides the 
definitive means of checking the charged condition of a 
lead-acid cell; this must be checked with a hydrometer 
on a periodic basis. (Specific gravity of a fluid 1s the rel- 
ative density, or ratio of fluid’s weight compared to pure 
water.) The electrolyte must always cover the plates; it 
can be topped up with distilled water. Differences of 
specific gravity readings between cells indicates that 
the battery is reaching the end of its useful life. 


Key maintenance point 


Specific gravity is temperature-dependent, and 
correction factors must be applied when taking 
measurements (refer to maintenance manual 
instructions). 


Key maintenance point 


When taking specific gravity readings from lead- 
acid cells, the acid sample should always be 
returned into the same cell. 
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Charging of lead-acid batteries should be from a con- 
stant voltage source. Excessive charging rates can 
lead to boiling of the electrolyte; fumes containing 
droplets of electrolyte can escape the battery. These 
fumes can become noxious unless the battery is prop- 
erly ventilated. The voltage per cell during charging 
should not exceed 2.35 V. 

Sulphation occurs when an excess of lead sulphate 
builds up on the plates. This happens with a fully 
charged battery over a period of several weeks when 
the battery self-discharges. To prevent this, the battery 
should be re-charged in accordance with the mainte- 
nance manual instructions. Sulphation can eventually 
occur on a permanent basis and the sulphate will not 
go back into solution when charged. Over time, the 
lead sulphate gradually occupies more space on the 
plates thereby reducing capacity. This can be removed 
by drawing a heavy charge current causing parti- 
cles to be removed from the plates and subsequently 
accumulated at the bottom of the cell. Eventually the 
plates become uneven in cross-section and distorted, 
leading to cracks being formed. Particles will accu- 
mulate at the bottom of the cell and this can lead to 
shorting of the plates. Sulphating is accelerated by 
small (trickle) discharging/charging together with 
incorrect electrolyte strength and levels. 

In the event of electrolyte spillage/leaks, (always 
refer to the aircraft maintenance manual for any spe- 
cific requirements) the following generic actions 
should be taken: 


1. Report the incident. 

2. Mop-up the electrolyte with a damp rag or sponge. 

3. Brush the affected area with a dilute solution of 
sodium bicarbonate. 

4. Sponge the area with clean water; dry thoroughly. 

5. Press a moist piece of blue litmus paper on the 
affected area; a change of colour to red indicates 
the presence of acid (repeat steps 3—4 until the 
acid 1s removed). 

6. Leave for 24 hours, and then check for any 
evidence of corrosion. 

7. Restore any protective finish to the aircraft structure. 


5.3.4 Sealed batteries 


Maintenance and servicing costs associated with 
flooded cells can be overcome with sealed lead-acid 
batteries. This technology was developed in the 1970s 
and has been in place since the 1980s and is known 
as valve-regulated lead-acid (VRLA); the sealed 
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lead-acid (SLA) effectively provides maintenance- 
free lead-acid batteries. 

Cell plates are made from lead calcium; the electro- 
lyte is sulphuric acid diluted with distilled water. Plates 
are separated by an absorbent glass mat (AGM) that 
absorbs gasses liberated from the plates during charg- 
ing. The lead plates are purer (99.99%) than flooded 
cell materials since they do not have to support their 
own weight. The electrolyte is absorbed between the 
plates and immobilized by a very fine fibreglass mat. 
This glass mat absorbs and immobilizes the acid while 
keeping the electrolyte in contact with the plates. This 
allows a fast reaction between and electrolyte and plate 
material during charge/discharge. There is no disinte- 
gration of the active materials leading to a short-circuit. 


Key maintenance point 


It is not possible to check the SG of the electrolyte; 
the battery can only be checked by measuring the 
terminal voltage. 


The internal resistance of sealed lead-acid cells 
is lower than flooded cells, they can handle higher 
temperatures, and self-discharge more slowly. They 
are also more tolerant to the attitude of the aircraft. 
The product is inherently safer than the flooded cell 
due to reduced risk of spillage, leakage and gassing. 
Maintenance requirements are for a capacity check 
only. The overall capacity-to-weight ratio of sealed 
lead-acid batteries is superior to flooded lead-acid 
batteries. Since they are sealed, they can be shipped 
as non-hazardous material via ground or air. 


5.4 Nickel-cadmium batteries 


Nickel-cadmium battery technology became commer- 
cially available for aircraft applications in the 1950s. 
At that time the major sources of batteries for aircraft 
were either vented lead-acid or silver-zinc technology. 
The nickel-cadmium (Ni-Cd) battery (pronounced 
“nye-cad”) eventually became the preferred battery 
type for larger aircraft since it can withstand higher 
charge/discharge rates and has a longer life. Ni-Cd 
cells are able to maintain a relatively steady voltage 
during high discharge conditions. The disadvantages 
of nickel-cadmium batteries are that they are more 
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expensive (than lead-acid batteries) and have a lower 
voltage output per cell (hence their physical volume 
is larger than a lead-acid battery). 


5.4.1 Construction 


Plates are formed from a nickel mesh on which a 
nickel powder is sintered. The sintering process (where 
powdered material is formed into a solid) is used to 
form the porous base-plates (called plaques). This 
process maximizes the available quantity of active 
material. The plaques are vacuum impregnated with 
nickel or cadmium salts, electrochemically deposited 
with the pores of the plaques. Nickel tabs are spot- 
welded onto the plates and formed into the terminals; 
these plates are then stacked and separated by a porous 
plastic in a similar fashion to the lead-acid battery. 
The electrolyte is potasstum hydroxide (KOH) diluted 
in distilled water giving a specific gravity of between 
1.24 and 1.3. Both the plates and electrolyte are sealed 
in a plastic container. 


5.4.2 Charging 


During charging, there is an exchange of ions 
between plates. Oxygen is removed from the nega- 
tive plate, and transferred to the positive plate. This 
transfer takes place for as long as charging current 
exists, until all the oxygen is driven out of the nega- 
tive plate (leaving metallic cadmium) and the posi- 
tive plate becomes nickel oxide. The electrolyte acts 
as an ionized conductor and it does not react with 
the plates in any way. There is virtually no chemical 
change taking place in the electrolyte during charging 
or discharging, therefore its condition does not pro- 
vide an indication of cell condition. Towards the end 
of charging, gassing occurs as a result of electroly- 
sis and the water content of the electrolyte is reduced. 
Gas emitted by decomposition of water molecules 
is converted into hydrogen at the negative plate and 
oxygen at the positive plate. This gassing leads to the 
loss of some water; the amount of gas released is a 
function of electrolyte temperature and charging volt- 
age. When fully charged, each cell has a potential dif- 
ference of between 1.2 and 1.3 V across its terminals. 
This reduces to 1.1V when discharged. An aircraft 
battery containing 19 cells at 1.3 V therefore produces 
a battery of 24.7V. Charging voltage depends on the 
design and construction, but will be in the order of 
1.4/1.5V per cell. 
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5.4.3 Discharging 


This is a reverse chemical activity of the charging 
process; the positive plate gradually loses oxygen 
and the negative plate gradually regains oxygen. No 
gassing takes place during a normal discharge; the 
electrolyte is absorbed into the plates and may not be 
visible over the plates. When fully charged, the vol- 
ume of electrolyte is high; this is the only time that 
water should be added to a Ni-Cd battery. Ni-Cd bat- 
tery electrolyte freezes at approximately —60°C and 
is therefore less susceptible to freezing compared to 
lead-acid. The formation of white crystals of potas- 
sium carbonate indicates the possibility that over- 
charging has occurred. 

Referring to Fig. 5.5, the nickel-cadmium cell volt- 
age remains relatively constant at approximately 1.2 V 
through to the end of discharge, at which point there 
is a steep voltage drop. The discharge characteristics 
of a cell are affected by the: 


discharge rate 

discharge time 

depth of discharge 

cell temperature 

charge rate and overcharge rate 

charge time, and rest period after charge 
previous cycling history. 


Every nickel-cadmium cell (and hence a battery) 
has a specific: 


e rated capacity 
e discharge voltage 
e effective resistance. 


Individual cells are rated at a nominal 1.2V, and 
voltage for battery voltages are multiples of the 
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Figure 5.5 Nickel-cadmium cell discharge 
characteristics 
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individual cell nominal voltage. Five cells connected 
in series would therefore result in a 6 Vbattery. It 
can be seen from Fig. 5.6 that the discharge voltage 
will exceed 1.2V for some portion of the discharge 
period. Cell capacity is normally rated by stating a 
conservative estimate of the amount of capacity that 
can be discharged from a relatively new, fully charged 
cell. The cell rating in ampere-hours (or milliampere- 
hours) is therefore quoted by most manufacturers to a 
voltage of 0.9V at 5 hour discharge rate. 

Figure 5.6 shows that when rates of discharge are 
reduced, the available capacity becomes less depend- 
ent on the discharge rate. When rates of discharge 
rates increase, the available capacity decreases. 

Charging of nickel-cadmium batteries needs specific 
methods since they can suffer from an effect called 
thermal runaway. This occurs at high temperatures 
and if the battery is connected to a constant charging 
voltage that can deliver high currents. Thermal runa- 
way causes an increase in temperature and lower inter- 
nal resistance, causing more current to flow into the 
battery. In extreme cases sufficient heat may be gener- 
ated to destroy the battery. Dedicated battery charges 
(either on the aircraft or in the workshop) are designed 
to take this into account by regulating the charging 
current. Temperature sensors are installed in the batter- 
ies to detect if a runaway condition is occurring. Table 
5.2 summarizes the chemical aspects of a charged and 
discharged nickel-cadmium cell. 


5.4.4 Maintenance 


Since there is virtually no chemical change taking 
place during nickel-cadmium cell charging or discharg- 
ing, the condition of the electrolyte does not provide 
an indication of the battery’s condition. Cell terminal 
voltage does not provide an indication of charge since 
it remains relatively constant. The only accurate and 
practical way to determine the condition of the nickel- 
cadmium battery is with a measured discharge in the 
workshop. The fully charged battery is tested after a 
two hour ‘resting’ period, after which the electrolyte is 
topped up using distilled or demineralized water. Note 
that since the electrolyte level depends on the state of 
charge, water should never be added to the battery on 
the aircraft. This could lead to the electrolyte over- 
flowing when the battery discharges, leading to corro- 
sion and self-discharging (both of which could lead to 
premature failure of the battery). Ni-Cd batteries emit 
gas near the end of the charging process and during 
overcharging. This is an explosive mixture and must 
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Figure 5.6 Nickel-cadmium cell discharge profiles and capacity 


Table 5.2 Chemical aspects of a charged 
and discharged nickel-cadmium cell 


State Positive Negative Electrolyte 
plate plate 

Charged Nickel Cadmium Potassium 
oxides (Cd) hydroxide 
(NO, (KOH) 
Ni303) 

Discharged Nickel Cadmium Potassium 
hydroxide hydroxide hydroxide 
Ni(OH,) Cd(OH)) (KOH) 


be prevented from accumulating; maintenance of the 
venting system is essential. 

In the event of electrolyte spillage/leaks (always 
refer to the aircraft maintenance manual for specific 
details): 


e report incident 

e mop electrolyte with damp rag or sponge 

e cover the area with a dilute solution of acetic acid, 
5% solution of chromic acid, or 10% solution of 
boric acid 

e press moist piece of red litmus paper on affected 
area; change of colour to blue indicates presence 
of alkaline 

e leave for a minumum of 24 hours, check for 
corrosion 

e restore protective finish. 


In addition to providing primary power, Ni-Cd bat- 
teries are also used in aircraft for emergency equip- 
ment, e.g. lighting. This type of cell 1s sealed and the 
electrolyte cannot be topped up. Extreme care must 
be taken with how these batteries are charged. 


Key maintenance point 
Servicing equipment used for lead-acid batteries 
must not be used for nickel-cadmium batteries; sul- 


phuric acid is detrimental to the operation of nickel- 
cadmium batteries. 


Key maintenance point 


If Ni-Cd batteries are replacing lead-acid batteries, 
always neutralize the battery compartment. 


Key maintenance point 


Electrolyte used in lead-acid and nickel cadmium 
batteries is actively corrosive. 


Key maintenance point 


Main batteries need to be kept upright in the aircraft 
to avoid spilling any of the electrolyte. 
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5.5 Lithium batteries 


Lithium batteries include a family of over 20 differ- 
ent products with many types of anodes, cathodes and 
electrolytes. The type of materials selected depends 
on many factors, e.g. cost, capacity, temperature, 
life etc.; these are all driven by what the application 
requirements are. 

Applications range from consumer products 
(accounting for the largest market requirement) 
through to specialist applications including commu- 
nications and medical equipment. Aircraft are often 
equipped with systems requiring an autonomous 
source of energy, e.g. emergency locator beacons, life 
rafts and life jackets. Lithium (L1) is one of the alkali 
group of reactive metals; it is one of the lightest ele- 
ments, giving it an immediate advantage for aircraft 
applications. It has a single valence electron with low 
combining power, therefore readily becoming a posi- 
tive 10n. The materials used in these cells are: 


e electrolyte: lithium-ion 
e cathode: cobalt 
e anode: graphite. 


Lithium-ion is a fast-growing and promising bat- 
tery technology. This type of battery is often found in 
consumer products (mobile phones and laptop com- 
puters) because they have very high energy-to-weight 
ratios, no memory effect, and a slow discharge charge 
rate when not in use. They are being introduced for 
aircraft applications (e.g. in smoke detectors) on a 
cautious basis because they are significantly more 
susceptible to thermal runaway. Applications on air- 
craft now include engine start and emergency back-up 
power, the first such application of the devices in the 
business aviation sector. In the longer term, they are 
being developed for main battery applications. They 
offer several advantages compared to lead-acid and 
nickel-cadmium products, including: 


longer life 

less weight 

low maintenance 
reduced charging time. 


Disadvantages are the higher product cost and the 
fact that the electrolyte is extremely flammable. They 
can lose up to 10% of their storage capacity every 
year from when they are manufactured, irrespective 
of usage. The rate at which the ageing process occurs 
is subject to temperature; higher temperatures results 
in faster ageing. 
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The lithium-ion main aircraft battery will not be 
a ‘drop-in’ replacement for main battery applica- 
tions. Safety features are required within the aircraft 
as well as in the battery. These features include pro- 
tection circuits and hardware to maintain voltage and 
current within safe limits. The nominal cell voltage 
is 3.6V, charging requires a constant voltage of 4.2V 
with associated current limiting. When the cell volt- 
age reaches 4.2V, and the current drops to approxi- 
mately 7% of the initial charging current, the cell is 
fully recharged. Figure 5.7 illustrates the typical dis- 
charge curve of a lithium-ion cell when discharged at 
the 0.2 C rate. Lithtum-ion cells have a very flat dis- 
charge curve, and cell voltage cannot be used to deter- 
mine the state of charge. The effective capacity of the 
lithium-ion cell is increased with low discharge rates 
and reduced if the cell is discharged at higher rates. 

Software-based monitoring and alarms are needed 
for safe operation during charging. Specific design 
and maintenance considerations for these batteries in 
aircraft include: 


e maintaining safe cell temperatures and pressures 

e mitigating against explosion 

e preventing the electrolyte escaping from the 
battery 

e disconnecting the charging source in the event of 
over-temperature 

e providing a low battery charge warning. 


5.6 Nickel-metal hydride batteries 


Nickel-metal hydride (Ni-MH) is a secondary bat- 
tery technology, similar to the sealed nickel-cad- 
mium product. Ni-MH batteries provide a constant 
voltage during discharge, excellent long-term stor- 
age and long cycle life (over 500 charge—discharge 
cycles). No maintenance is required on this type of 
battery; however, care must be taken in charging and 
discharging. The evolution of Ni-MH technology is 
being driven by the need for environmentally friendly 
materials and higher energy efficiency. The materials 
used in the Ni-MH battery technology are: 


e anode: nickel and lanthanum 
e cathode: nickel hydroxide 
e electrolyte: potassium hydroxide. 


The charging voltage is in the range of 1.4/1.6V 
per cell. A fully charged cell measures between 1.35 
and 1.4V (unloaded), and supplies a nominal 1.2V 
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Figure 5.7 Lithium-ion cell discharge characteristics 


per cell during use, reducing to approximately 1 volt 
per cell (further discharge may cause permanent dam- 
age). The Ni-MH cell requires a complex charging 
algorithm, and hence dedicated charger equipment. 
Figure 5.8 illustrates the voltage profile of a metal- 
hydride cell, discharged at the 5-hour rate (0.2 C rate). 
This profile is affected by temperature and discharge 
rate; however under most conditions, the cell volt- 
age retains a flat plateau that is ideal for electronics 
applications. As with nickel-cadmium cells, the 
nickel-metal hydride cell exhibits a sharp ‘knee’ at the 
end of the discharge where the voltage drops rapidly. 


Key maintenance point 


A Ni-Cad charger should not be used as a substi- 
tute for a Ni-MH charger. 


A new generation of nickel-metal hydride 12 V batteries 
has been designed by Advanced Technological Systems 
International Limited (ATSI) as a direct replacement 
for the conventional sealed lead-acid battery typically 
used in gliders. It delivers more than twice the power 
of its lead acid counter part whilst having the same 
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Figure 5.8 Metal-hydride cell 
characteristics 


discharge 


base footprint and lower weight. The integral advanced 
electronics guarantees that it will always deliver maxi- 
mum output up to the point of total discharge. Unlike 
sealed lead-acid batteries, 1t does not suffer any loss of 
performance even after many deep discharge cycles, or 
storage in a discharged state, making it one of the most 
advanced batteries in the world today. The new battery 
type will be longer lasting than the equivalent sealed 
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Table 5.3 Metal hydride aircraft battery: 
technical specifications (courtesy of ATSI) 


Dimensions 65 X 95 X 150mm 
Weight 1.9kg 

Nominal voltage 12V 

Capacity 10Ah 

Maximum discharge SA 

Fuse Self setting internal 
Charge time 8 hours flat to full 
Minimum charge cycles 600 

Operating temperatures —20/+ 60°C 


lead-acid battery and requires a purpose-designed 
charging unit. 


5.7 Battery locations 


An aircraft is fitted with one or two main batteries 
depending on its size and role. The battery is located 
as close as possible to its point of distribution; this 
is to reduce IR losses through heavy-duty cables. In 
smaller general aviation (GA) aircraft, the battery can 
be located in the engine compartment, alternatively 
behind the luggage compartment in the rear fuselage, 
see Fig. 5.9(a). On some larger GA aircraft the bat- 
tery is located in the leading edge of the wing, see 
Fig. 5.9(b). Other locations include the nose equip- 
ment bay on medium size helicopters (Fig. 5.9(c)) or 
attached to the external airframe, see Fig. 5.9(d). 
For larger aircraft, e.g. the Boeing 747, one bat- 
tery is located in the flight compartment; the other 
is located in the auxiliary power unit (APU) bay 
at the rear of the aircraft. Batteries are installed in a 
dedicated box or compartment designed to retain it 
in position and provide ventilation. The battery com- 
partment is usually fitted with a tray to collect any 
spilt electrolyte and protect the airframe. Tray mate- 
rial will be resistant to corrosion and non-absorbent. 
The structure around the battery compartment will be 
treated to reduce any damage from corrosion resulting 
from any spilt electrolyte or fumes given off during 
charging. Batteries must be secured to prevent them 
from becoming detached during aircraft manoeuvres; 
they are a fire risk if they become detached from 
their tray. 
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Key maintenance point 


When installing batteries in the aircraft, extreme 
care must be taken not to directly connect (or ‘short 
circuit’) the terminals. This could lead to a high dis- 
charge of electrical energy causing personal harm 
and/or damage to the aircraft. 


Key maintenance point 


The battery must be secured without causing any 
deformation of the casing which could lead to plate 
buckling and internal shorting. 


5.8 Battery venting 


Main battery installations must be vented to allow 
gases to escape, and accommodate electrolyte spill- 
age. Rubber or other non-corroding pipes are used 
as ventilation lines which direct the gases overboard, 
usually terminating at the fuselage skin. On pressu- 
rized aircraft the differential pressures between cabin 
and atmosphere are used to draw air through the vent- 
ing system. Some installations contain traps to retain 
harmful gases and vapours. Figure 5.10 illustrates 
battery venting, acid traps and how pressurized cabin 
air 1s used to ventilate the battery. 


Key maintenance points 


e Avoid personal contact with battery electrolyte 
(fluid and fumes). 

e Observe safety precautions for the protection of 
hands and eyes. 

e Always use personal protective equipment 
(goggles, rubber gloves, aprons) when handling 
electrolyte to prevent serious burns. 

e Seek first aid in the event of electrolyte contact. 

e When mixing electrolyte, acid is always added 
to the water. (Adding water to acid is very 
dangerous.) 


5.9 Battery connections 


These depend on the type of battery and aircraft 
installation. On smaller aircraft the cable connections 
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In this exemplary fractal antenna design, antenna 10 
includes an electrically conductive portion and a non-conduc- 
tive portion. In particular, antenna 10 includes four sections 
20, 22, 24, 26 that include electrically conductive and non- 
conductive portions that implement a self-similar pattern 
(e.g., a fractal geometry). Both the conductive and non-con- 
ductive portions include extensions that include multiple 
angular bends to incorporate the self-similar pattern. In this 
example, each extension includes at least two angular bends. 
However, in other embodiments more angular bends may be 
incorporated to produce a similar fractal geometry or a dif- 
ferent type of self-similar pattern. 

In addition to incorporating a self-similar pattern into the 
conductive and non-conductive extensions, one or more self- 
similar patterns may be incorporated into the individual 
extensions. In this exemplary design, triangular holes are cut 
into two extensions 28 and 30 that are respectively included in 
section 22 and 26 of antenna 10. Along with being distributed 
throughout each extension in a self-similar manner, each indi- 
vidual triangular hole may implement a fractal geometry. 

Various types of conductive materials may be used to pro- 
duce the electrically conductive portion (1.e., self-similar 
extensions) of antenna 10. For example, various types of 
metallic material such as metallic tape, metallic paint, metal- 
lic ink or powder, metallic film, or other similar materials 
capable of conducting electricity may be selected. In this 
particular example, the electrically conductive portion of 
antenna 10 is produced from an electrically conductive coat- 
ing that covers a non-conductive substrate. To produce the 
shape of the self-similar extensions, a laser or other type of 
cutting device may be used to ablate the conductive coating 
and from the non-conductive substrate. 

By exposing portions of the non-conductive substrate, a 
boundary of the outer-most self-similar extensions 1s defined 
by a portion of the substrate. Additionally, exposed segments 
of the substrate define boundaries of the self-similar exten- 
sions. Various types of non-conductive materials may be used 
as a substrate to define the boundaries of the conductive 
portions of antenna 10. For example, these materials may 
include insulators (e.g., air, etc.), dielectrics (e.g., glass, fiber- 
glass, plastics, etc.), semiconductors, and other materials that 
impede the flow of electricity. 

In some embodiments, the non-conductive portions of 
antenna 10 are produced from a high quality plastic or fiber- 
glass that is structurally sturdy and may be processed (e.g., 
shaped) relatively quickly. Along with impeding current flow, 
the non-conductive material also typically provides structural 
support to the conductive portion of antenna 10. To provide 
such support, the non-conductive materials may include 
materials typically used for support and/or re-enforce other 
materials. To protect antenna 10 (and provide structural sup- 
port), a visually transparent (or semi-transparent) material 
may cover the conductive and non-conductive portions of the 
antenna. For example, both sides of antenna 10 may be cov- 
ered by a transparent laminate that is applied with a thermal 
transfer. The electrically conductive portion and the non- 
conductive may also be cover by similar or dissimilar mate- 
rial. For example, one laminate may be used to cover the 
conductive portion of antenna 10 while another laminate is 
used to cover the non-conductive portion. These different 
laminates may be used to approximately match the optical 
appearance of both portions. Multiple layers of materials may 
also be used to cover the portions of antenna 10. For example, 
one layer of laminate may be applied to the electrically- 
conductive portions of antenna 10 and two or more layers of 
laminate may be applied to the non-conductive portions to 
match the optical appearances of the entire antenna. 
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In this exemplary design, the four portions 20-26 are con- 
figured to provide a dipole response pattern for transmission 
and/or reception. Alternatively, other antenna designs may be 
implemented (e.g., a phased array design, etc.) independent 
or in combination with the dipole design provided in the 
figure. To expand the frequency coverage of antenna 10, 
additional structure may be included in the antenna. For 
example, one or more conductors (e.g., conductive traces, 
wires, etc.) may be attached to some (or all) of the self-similar 
extensions. By including these conductive attachments, the 
frequency coverage of antenna may be significantly 
extended. For example, for this exemplary design, the fre- 
quency coverage may extend to relatively low frequencies. 

Antenna 10 may be implemented into various types of 
antenna systems known to one skilled in the art of antenna 
design and antenna system design. In one scenario, antenna 
10 may be used to transfer radio frequency (RF) signals 
among people such as military personnel in the field, various 
types of instillations (e.g., bases, etc.), and/or telecommuni- 
cation equipment (e.g., wireless telephones, cellular tele- 
phones, satellites, etc.). 

Along with wideband frequency coverage for broadband 
operations, by incorporating a fractal geometry into antenna 
10 to increase conductive trace length and width, antenna 
losses are reduced. By reducing antenna loss, the output 
impedance of antenna 10 is held to a nearly constant value 
across the operating range of the antenna. For example, a 
50-ohm output impedance may be provided by antenna 10 
across the operational frequency band. 

Referring to FIG. 3, a pouch 32 is shown in which antenna 
10 may be inserted. In this particular arrangement, antenna 10 
is mounted to a plate 34 that provides structural support. By 
inserting antenna 10 in pouch 32, the antenna may be posi- 
tioned upon various locations of a person that is carrying the 
pouch. For example, pouch 32 may be attached to the front, 
back, or side of vest or other type of clothing worn over the 
torso. Along with wearing pouch 32 external to a piece of 
clothing or garment, the pouch may be worn under a garment 
or inserted into between clothing layers of a garment. As 
mentioned above, various types of material may be incorpo- 
rated into the pouch. For example, pouch 32 may include one 
or more layers of foam or solid dielectric material. Fibrous 
material such as Tyvek™ may also be implemented to cover 
or wrap around antenna 10. To attach pouch 32 to a garment 
of a piece of clothing, various techniques known in the art of 
clothing design and tailoring may be implemented. For 
example, Velcro™, straps, hooks, or other similar materials 
and/or mechanisms may implemented for attaching the 
pouch. In this exemplary design, one antenna (1.e., antenna 
10) is inserted into pouch 32, however, in other implementa- 
tion, a pouch may be produced that is capable of holding two 
or more antennas to increase directional coverage. Further- 
more, by including electronic equipment such as a power 
divider in pouch 32, signals may be split among the multiple 
antennas. Structural plate 34 may be produced from various 
materials, for example, the plate may be produced from one or 
more dielectric materials (e.g., ceramic). In addition to pro- 
viding structural support, plate 34 may also increase the dis- 
tance between antenna 10 and the body for the person (e.g., a 
soldier) that is carrying pouch 32. For example, pouch 32 
maybe positioned on the back of a person such that plate 34 
provides a separation distance between antenna 10 and the 
person’s back. This separation distance increases the electric 
distance between the person and antenna 10 and thereby 
reduces the interference effects caused by the person’s body. 
By decreasing this interference, performance improves for 
antenna 10. In this exemplary design, antenna 10 and plate 34 
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Figure 5.9 Typical battery locations: (a) battery compartment (GA aircraft); (b) wing leading 
edge (Beech King Air); (c) nose equipment bay (medium helicopter); (d) externally mounted 


(small helicopter) 


simply fit over the terminal lugs and are secured with 
a nut, bolt and washers. On larger aircraft, the main 
batteries have quick-release connectors, see Fig. 5.11. 
These provide protection for the terminals and cable 
connections, the aircraft connector 1s a plastic hous- 
ing with two shrouded spring-loaded terminals (for 
connecting the battery cables) and a hand-wheel with 
lead-screw. The battery connection 1s a plastic housing 
integrated into the casing; 1t contains two shrouded 
pins and a female lead screw. When the two halves are 
engaged, the lead screws are pulled together and even- 
tually form a lock. This mechanism provides good 


contact pressure and a low resistance connection. The 
main battery(s) is connected into the aircraft distribu- 
tion system; this is described in Chapter 7. 


Key maintenance point 


Batteries must not be exposed to temperatures or 
charging currents in excess of their specified val- 
ues. This will result in the electrolyte boiling, rapid 
deterioration of the cell(s) eventually leading to bat- 
tery failure. 
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Figure 5.10 Battery venting 


Figure 5.11 Battery connections 


Batteries 


Key maintenance point 


Removal of the aircraft battery can result in loss of 
power to any clocks that are electrically. It will usually 
be necessary to check and reset the clocks on the 
flight deck when battery power is eventually restored. 


Key maintenance point 


Some aircraft main batteries are heavy and may 
require a hoist for removal/installation into the 
aircraft. 


5.10 Multiple choice questions 


1. In a simple cell, electrons are: 
(a) removed from the (positive) cathode and 
deposited on the (negative) anode 
(b) removed from the (negative) cathode and 
deposited on the (positive) anode 
(c) removed from the (negative) anode and 
deposited on the (positive) cathode. 


2. The energy storage capacity of a cell is 
determined by the: 
(a) terminal voltage 
(b) electrolyte specific gravity 
(c) amount of material available for chemical 
reaction. 


3. When mixing electrolyte: 
(a) acid is always added to the water 
(b) water is always added to the acid 
(c) it is not important how water and acid are 
mixed. 


4. Servicing equipment used for lead-acid batteries: 
(a) can also be used for nickel-cadmium batteries 
(b) must not be used for nickel-cadmium 
batteries 
(c) must be disposed of after use. 


5. Battery capacity is measured in: 
(a) volts 
(b) amperes 
(c) ampere-hours. 
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6. Lead acid batteries are recharged by constant: 
(a) voltage 
(b) current 
(c) ampere-hours. 


7. The only accurate and practical way to determine 
the condition of the nickel-cadmium battery 
is with a: 
(a) specific gravity check of the electrolyte 
(b) measured discharge in the workshop 
(c) check of the terminal voltage. 


8. A cell that can only be charged once is called a: 
(a) secondary cell 
(b) metal-hydride cell 
(c) primary cell. 


9. The only time that water should be added to a 

Ni-Cd battery is: 

(a) when fully charged, and the volume of 
electrolyte is high 

(b) when fully discharged, and the volume of 
electrolyte is high 

(c) when fully charged, and the volume of 
electrolyte is low. 


10. The only accurate and practical way to determine 
the condition of the lead-acid battery is with a: 
(a) specific gravity check of the electrolyte 
(b) measured discharge in the workshop 
(c) check of the terminal voltage. 


11. Referring to Fig. 5.12 (page 126), the reason for 
having an even number of positive plates in a 
lead-acid battery is because: 

(a) positive plates distort when chemical 
reactions take place on both sides 

(b) positive plates distort when chemical 
reactions take place on one side 

(c) negative plates distort when chemical 
reactions take place on both sides. 


12. Referring to Fig. 5.13 (page 126), a 20 Ah 
battery, when discharging at 2A, will be fully 
discharged in approximately: 

(a) two hours 
(b) 15 minutes 
(c) ten hours. 
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Figure 5.12 See Question 11 
Figure 5.13 See Question 12 
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Aircraft electrical power can be derived from a variety 
of sources; these are categorized as either primary or 
secondary sources. Batteries and generators are pri- 
mary sources of electrical power; inverters and trans- 
former rectifier units (TRU) are secondary sources 
of power. This power is either in the form of direct 
or alternating current depending on system require- 
ments. In addition to onboard equipment, most air- 
craft have the facility to be connected to an external 
power source during servicing or maintenance. The 
basic power source found on most aircraft is the bat- 
tery, delivering direct current (DC). Generators can 
supply either direct or alternating current; the outputs 
of generators need to be regulated. Alternating cur- 
rent generators are also referred to as alternators. 
Inverters are used to convert DC (usually from the 
battery) into alternating current (AC). Transformer 
rectifier units (TRU) convert AC into DC; these are 
often used to charge batteries from AC generators. 
In some installations transformers (as described in 
Chapter 1) are used to convert AC into AC, typically 
for stepping down from 115 to 26V AC. An auxiliary 


Voltage 
regulator 


winding 


Series 
winding 


Generator 


power unit (APU) is normally used for starting the 
aircraft’s main engines via the air distribution system. 
While the aircraft is on the ground, the APU can also 
provide electrical power. In the event of generator 
failure(s), continuous power can be provided by a ram 
air turbine (RAT). In this chapter, we review the vari- 
ous sources of electrical power used on aircraft and 
their typical applications. 


6.1 Regulators 


We know from basic theory that a generator’s out- 
put will vary depending on the input shaft speed. A 
means of regulating the generator’s output is therefore 
required. 


6.1.1 Vibrating contact regulator 


This device comprises voltage and current regulators 
as shown in Fig. 6.1. They are used on small general 


To distribution 
system 


Current 
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Armature 


Spring tension adjusters 


Figure 6.1 Vibrating contact regulator schematic 
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aviation (GA) aircraft that have relatively low genera- 
tor power outputs. When the engine starts, the alter- 
nator output voltage builds up rapidly to the nominal 
aircraft level (either 14 or 28V DC). Contacts of both 
regulators remain closed to allow current to flow into 
the field windings. When the generator output voltage 
increases beyond 14/28V, the voltage coil contacts 
open and this introduces the resistor into the field 
windings, thereby reducing the field excitation cur- 
rent, and subsequently reduces the generator output. 
Once the output voltage drops to below 14/28 V, the 
contacts close (by a spring mechanism) and the resis- 
tor 1s bypassed, allowing full excitation current back 
into the field. The on/off cycle repeats between 50 
and 200 times per second, or 50-200 Hz. This process 
regulates the generator output to a mean level, typi- 
cally 14 + 0.5V (or 28 = 1 volt). 

Current regulation is achieved in a similar way, 1.e. 
by controlling the field current. When loads are high, 
the voltage output may be insufficient to open the 
contacts. The result is that the output will continue to 
increase until the maximum rated current is reached. 
At this point, the current regulator contacts open and 
the resistor is connected into the field windings. 

The accuracy of this type of regulation depends on 
the resistor value and spring tensions. In the event of 
high rotor speed and low electrical load on the genera- 
tor, the output could exceed the specified system volt- 
age despite the field being supplied via the resistor. 
In this event, the contact is pulled to ground, thereby 
reducing the output to below the regulated mean level. 
Although simple, this type of regulator has the disad- 
vantages of contact wear; a typical vibrating contact 
regulator product is shown in Fig. 6.2. 


Key maintenance point 


The accuracy of the vibrating contact regulator 
depends on the resistor value and spring tension. 


6.1.2 Carbon-pile regulator 


Another type of electromechanical regulator is the 
carbon-pile device. This type of regulator is used 
in generator systems with outputs in excess of 50A 
and provides smoother regulation compared with the 
vibrating contact regulator. Carbon-pile regulators 
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Figure 6.2 Vibrating contact regulator overview 


consists of a variable resistance in series with the 
generator’s shunt wound field coil. The variable resist- 
ance is achieved with a stack (or pile) of carbon discs 
(washers). These are retained by a ceramic rube that 
keeps the discs aligned. Figure 6.3 shows the main 
features of the regulator in cross-section. The sur- 
face of each disc is relatively rough; applying pres- 
sure to the discs creates more surface contact, thereby 
reducing the resistance of the pile. When pressure is 
reduced, the reverse process happens, and the resist- 
ance through the pile increases. Pressure is applied 
to the pile by a spring plate. This compression is 
opposed by the action of an electromagnet connected 
to the generator output; the strength of the electro- 
magnet’s flux varies in proportion with generator 
output voltage. 

Higher generator output increases the current in 
the electromagnet; this attracts the steel centre of 
the spring, which reduces compression on the pile, 
thereby increasing its resistance. Less field current 
reduces the generator output voltage; the current in 
the voltage coil reduces electromagnetic effect and 
the spring compresses the pile, reducing its resist- 
ance. The varying force applied by the electromagnet 
and spring thereby controls the pile’s resistance to 
control field current and maintains a constant genera- 
tor output voltage. The regulator is contained within 
a cylinder (typically three inches in diameter and six 
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Figure 6.3 Carbon-pile regulator — cross section 


inches in length) with cooling fins. Functions of each 
component are as follows: 


e Compression screw: the means of setting up 
compression on the pile and compensating for 
erosion of the pile during its life. 

e Spring plate and armature: this compresses the 
pile to its minimum resistance position. 

e Voltage coil: contains a large number of turns 
of copper wire and, with the core screw, forms 
an electromagnet when connected across the 
generator output. 

e Magnet core: concentrates the coil flux; it is also 
used for voltage adjustment during servicing. 
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Figure 6.4 shows the carbon-pile regulator connected 
into the generator's regulating circuit. The ballast resis- 
tor has a low-temperature coefficient and minimizes 
the effects of temperature on the voltage coil. The trim- 
mer resistors (in series with the ballast resistor) allow 
the generator output voltage to be trimmed on the 
aircraft. The boost resistor is normally shorted out; if 
the switch is opened it allows a slight increase in gen- 
erator output to meet short-term increases in loading. 
This is achieved by temporarily reducing the current 
through the voltage coil. The boost resistor can either 
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be located in the regulator and/or at a remote location 
for easy access during maintenance. 


Key point 


Higher generator output increases the current in 
the carbon pile regulator, which reduces compres- 
sion on the pile thereby increasing its resistance. 
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Figure 6.4 Carbon-pile regulator — schematic 
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Figure 6.5 Electronic voltage regulator 
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Test your understanding 6.1 


Explain the purpose of the carbon pile regulator 
voltage coil. 


6.1.3 Electronic voltage regulator 


There are many types and configurations of electronic 
voltage regulators. A representative type is illustrated 
in Fig. 6.5. The alternator master switch used in AC 
systems energizes the field relay and applies current 
to the base of TR, and the resistor network of Ry, Ro, 
Ry¡. This network, together with the Zener diode (Z) 
is used to establish the nominal operating voltage. 
Current flows through the alternator’s field coil via 
transistors TR, and TR;, allowing the generator's out- 
put to increase. When the output reaches its specified 
value (14 or 28V DC depending on the installation) 
Zener diode Z conducts which turns on transistor 
TR,, shorting out transistor TR, and TR}. The genera- 
tor voltage falls and Zener diode Z stops conducting, 
thereby turning of transistor TR,. This turns transis- 
tors TR, and TR; back on, allowing the generator 
output to increase again. This operation is repeated 
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Figure 6.6 Rotary inverter schematic 


many times per second as with the vibrating contact 
regulator; the difference being that electronic circuits 
have no moving parts and do not suffer from arcing 
across contacts. Diode D, provides protection against 
the back e.m.f. induced in the field each time TR; is 
switched. The trimming resistor Ry, can be used to 
adjust the nominal voltage output of the regulator. 


6.2 External power 


In addition to the onboard equipment that has been 
described, most aircraft have the facility to be con- 
nected to an external power source during servicing 
or maintenance. This allows systems to be operated 
without having to start the engines or use the bat- 
tery. The external ground power can either be from 
a battery pack, a ground power unit (that has a die- 
sel engine and generator) or from industrial power 
converters connected to the national grid. More 
details of external power and how it is used is given 
in Chapter 8. 
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6.2.1 Power conversion 


Equipment used on aircraft to provide secondary 
power supplies include: 


O inverters 
e transformer rectifier units (TRU) 
e transformers. 


6.3 Inverters 


Inverters are used to convert direct current into alter- 
nating current. The input is typically from the battery; 
the output can be a low voltage (26V AC) for use in 
instruments, or high voltage (115V AC single or three 
phase) for driving loads such as pumps. Older rotary 
inverter technology uses a DC motor to drive an AC 
generator, see Fig. 6.6. A typical rotary inverter has a 
four-pole compound DC motor driving a star-wound 
AC generator. The outputs can be single- or three- 
phase; 26V AC, or 115V AC. The desired output 
frequency of 400 Hz is determined by the DC input 
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Figure 6.7 Static inverter schematic 


voltage. Various regulation methods are employed, 
e.g. a trimming resistor (R,) connected in series with 
the DC motor field sets the correct speed when con- 
nected to the 14 or 28 V DC supply. 


Key point 


The desired output frequency of a rotary inverter is 
determined by the DC input voltage. 


Modern aircraft equipment is based on the static 
inverter; it is solid state, 1.e. it has no moving parts 
(see Fig. 6.7). The DC power supply is connected to 
an oscillator; this produces a low-voltage 400 Hz out- 
put. This output is stepped up to the desired AC out- 
put voltage via a transformer. 

The static inverter can either be used as the sole 
source of AC power or to supply specific equip- 
ment in the event that the main generator has failed. 
Alternatively they are used to provide power for pas- 
senger use, e.g. lap-top computers. The DC input 
voltage is applied to an oscillator that produces a 
sinusoidal output voltage. This output is connected to 
a transformer that provides the required output volt- 
age. Frequency and voltage controls are usually inte- 
grated within the static inverter; it therefore has no 
external means of adjustment. 
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Figure 6.8 Static inverter installation 


Key point 


Inverters are used to convert direct current into 
alternating current. 


A typical inverter used on a large commercial aircraft 
can produce 1 kVA. Static inverters are located in an 
electrical equipment bay; a remote on/off switch in 
the flight compartment is used to isolate the inverter 
if required. Figure 6.8 shows an inverter installation 
in a general aviation aircraft. 
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are inserted into pouch 32 that is positioned on a person’s 
body (e.g., back, chest, etc.). However, in other designs plate 
34 may be positioned without the need of pouch 32. 
Referring to FIG. 4, antenna 10 is embedded in a structural 
plate 36 that is attached to the back of a vest 38. Similar to 
plate 34 (shown in FIG. 4), structural plate 36 also separates 
antenna 10 from the body of the person wearing vest 38. By 
providing this separation, the performance of antenna 10 
improves since the separation reduces the interference effects 
of the person’s body. Also, by implementing various types of 
material into plate 36, additionally capabilities may be pro- 
vided. For example, projectile deflection materials known to 
one skilled in the art of armor design and personnel protection 
technology may be incorporated into plate 36. Various types 
of bullet deflecting and/or flak deflecting materials may be 
incorporated into the exterior surface or inner layers of plate 
36. 
A number of implementations have been described. Nev- 
ertheless, it will be understood that various modifications 
may be made. Accordingly, other implementations are within 
the scope of the following claims. 
What is claimed is: 
1. A portable antenna system comprising: 
an antenna that includes (1) an electrically conductive por- 
tion including electrically conductive traces each 
including a fractal pattern based on an acute angle, and 
(11) an electrically non-conductive portion that structur- 
ally supports the electrically conductive portion; and 

an article of clothing, wherein the antenna is fixedly 
attached to a surface ofthe article of clothing such that 
electrically conductive traces extend across the surface 
of the article of clothing. 
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2. The portable antenna system of claim 1, wherein the 
traces include two or more angular bends. 

3. The portable antenna system of claim 1, further com- 
prising: 

a co-planar feed connected to the antenna for transmitting 
and/or receiving electromagnetic signals through the 
antenna. 

4. The portable antenna system of claim 1, wherein the 
antenna is configured to transmit electromagnetic energy 
across a spectral bandwidth that is defined by a ratio of at least 
aly 

5. The portable antenna system of claim 1, wherein the 
antenna is configured to receive electromagnetic energy 
across a spectral bandwidth that is defined by a ratio of at least 
Salis 

6. The portable antenna system of claim 1, further com- 
prising: 

a dielectric plate to which the antenna is mounted. 

7. The portable antenna system of claim 6, wherein the 
dielectric plate is capable of deflecting projectiles. 


8. The portable antenna system of claim 1, wherein the 
antenna is mounted on an internal clothing layer of the article 
of clothing. 

9. The portable antenna system of claim 1, wherein the 
antenna is mounted to an exterior surface of the article of 
clothing. 

10. The portable antenna system of claim 1, wherein the 
article of clothing is a vest. 
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This particular inverter has the following features: 


Input: 28V DC 39A 

Outputs: 115V AC 6.5A 
26V AC 5.8A 
400 Hz 750 VA 
continuous 

Power factor: 0.8 to 0.95 

Weight: 15.61b 

Dimensions: 270 X 220 X 100mm 


6.4 Transformer rectifier units 


Transformer rectifier units (TRU) convert AC into 
DC; these are often used to charge batteries from AC 
generators. A schematic diagram for a TRU is shown 
in Fig. 6.9. The three-phase 115/200V 400 Hz input 
is connected to star-wound primary windings of a 
transformer. The dual secondary windings are wound 
in star and delta configuration. Outputs from each of 
the secondary windings are rectified and connected 
to the main output terminals. A series (shunt) resis- 
tor is used to derive the current output of the TRU. 
Overheat warnings are provided by locating thermal 
switches at key points within the TRU. 


Test your understanding 6.2 


Explain the applications of inverters and trans- 
former rectifier units (TRUs). 


6.5 Transformers 


Transformers are devices that convert (or transfer) 
electrical energy from one circuit to another through 
inductively coupled electrical conductors. The trans- 
former used as a power supply source can be consid- 
ered as having an input (the primary conductors, or 
windings) and output (the secondary conductors, or 
windings). A changing current in the primary wind- 
ings creates a changing magnetic field; this magnetic 
field induces a changing voltage in the secondary 
windings. By connecting a load in series with the 
secondary windings, current flows in the transformer. 
The output voltage of the transformer (secondary 
windings) is determined by the input voltage on the 
primary and ratio of turns on the primary and second- 
ary windings. In practical applications, we convert 
high voltages into low voltages or vice versa; this 
conversion is termed step down or step up. (More 
transformer theory 1s given in Chapter 1.) 

Circuits needing only small step-up/down ratios 
employ auto-transformers. These are formed from 
single winding, tapped in a specific way to form 
primary and secondary windings. Referring to Fig. 
6.10(a), when an alternating voltage is applied to the 
primary (P,;—P,) the magnetic field produces links 
with all turns on the windings and an EMF is induced 
in each turn. The output voltage is developed across 
the secondary turns (S;—S,) which can be connected 
for either step-up or step-down ratios. In practice, 
auto-transformers are smaller in size and weight than 
conventional transformers. Their disadvantage 1s that, 
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Figure 6.10 


since the primary and secondary windings are physi- 
cally connected, a breakdown in insulation places the 
full primary e.m.f. onto the secondary winding. 

The arrangement for a three-phase auto-transformer 
is shown in Fig. 6.10(b). This is a star-connected 
step-up configuration. Primary input voltage is the 
200V AC from the aircraft alternator; multiple outputs 
are derived from the secondary tappings: 270, 320, 410 
and 480V AC. Applications for this type of arrange- 
ment include windscreen heating. 


Test your understanding 6.3 


Explain the difference between conventional and 
auto-transformers. 


(a) Autotransformer principles; (b) three-phase autotransformer 


6.6 Auxiliary power unit (APU) 


An APU is a relatively small gas turbine engine, typi- 
cally located in the tail cone of the aircraft. The APU 
is a two-stage centrifugal compressor with a single 
turbine. Bleed air is tapped from the compressor and 
connected into the aircraft’s air distribution system. 
Once started (see Chapter 10) the APU runs at con- 
stant speed, i.e. there is no throttle control. The APU 
shuts down automatically in the event of malfunction. 

APUs are used for starting the aircraft’s main 
engines via the air distribution system. While the air- 
craft is on the ground, the APU can also provide: 


e electrical power 
e hydraulic pressure 
e air conditioning. 
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The APU itself is started from the main aircraft bat- 
tery. In some aircraft, the APU can also provide elec- 
trical power in the air in the event of main generator 
failure. The Boeing 787 aircraft has more electrical 
systems and less pneumatic systems than aircraft it 1s 
replacing. In this case the APU delivers only electri- 
cal power. 

APUs fitted to extended-range twin-engine opera- 
tions aircraft (ETOPS) are critical to the continued 
safe flight of the aircraft since they supply electrical 
power, hydraulic pressure and an air supply in the 
event of a failed main engine generator or engine. 


Some APUs on larger four-engined aircraft are not 
certified for use while the aircraft is in flight. 


Key maintenance point 


It is essential to remove electrical power from the 
relevant busbar (or in some cases the entire air- 
craft) before removing or installing electrical compo- 
nents. Failure to observe this precaution can result 
in electric shock as well as damage to components 
and equipment. 
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Key maintenance point 


It is essential that electrical power is removed from 
an external power cable before connecting the 
cable to the aircraft. Failure to observe this precau- 
tion can result in electric shock as well as damage 
to components and equipment. 


6.7 Emergency power 


In the event of generator failure, continuous power 
can be provided by a ram air turbine (RAT). Also 
referred to as an air-driven generator, this is an emer- 
gency source of power that can be called upon when 
normal power sources are not available. The RAT is 
an air-driven device that is stowed in the wing or fuse- 
lage and deployed in the event that the aircraft loses 
normal power. When deployed, it derives energy from 
the airflow, see Fig. 6.11. RATs typically comprises a 
two-bladed fan, or propeller that drives the generator 
shaft via a governor unit and gearbox; the gear ratios 
increase the generator shaft speed. 

The RAT can be deployed between aircraft speeds 
of 120 to 430 knots; some RATs feature variable pitch 
blades operated by a hydraulic motor to maintain the 
device at typical speeds of 4,800r.p.m. Typical RAT 
generators produces an AC output of 7.5kVA to a 
TRU. Heaters are installed in the RAT generator to 
prevent ice formation. RATs can weigh up to 400 lbs 
on very large transport aircraft, with blade diameters 
of between 40 and 60 inches depending on power 
requirements. 


6.8 Multiple choice questions 


1. Circuits needing only small step-up/down ratios 
employ: 
(a) auto-transformers 
(b) transformer rectifier units 
(c) inverters. 


2. Inverters are used to convert what forms of 
electrical power? 
(a) AC into DC 
(b) AC into AC 
(c) DC into AC. 
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. The accuracy of the vibrating contact regulator 


depends on the: 

(a) input voltage 

(b) generator output current 

(c) resistor value and spring tension. 


. The voltage coil of a carbon pile regulator 


contains a: 

(a) large number of copper wire turns connected 
across the generator output 

(b) low number of copper wire turns connected 
across the generator output 

(c) large number of copper wire turns connected 
in series with the generator output. 


. Transformer rectifier units (TRU) are often 


used to: 

(a) convert battery power into AC power 
(b) charge batteries from AC generators 
(c) connect batteries in series. 


. Stepping a power supply down from 115 to 26V 


AC would normally be achieved by a: 
(a) transformer rectifier unit 

(b) inverter 

(c) transformer. 


. The desired output frequency of a rotary inverter 


is determined by the: 
(a) AC input voltage 
(b) input frequency 

(c) DC input voltage. 


. Inverters and transformer rectifier units (TRU) 


are sources of: 

(a) emergency power 
(b) secondary power 
(c) primary power. 


. Higher generator output increases the current in 


the carbon pile regulator, this: 

(a) reduces compression on the pile thereby 
increasing its resistance 

(b) increases compression on the pile thereby 
increasing its resistance 

(c) reduces compression on the pile thereby 
decreasing its resistance. 


. TRUs are used to convert what forms of 


electrical power: 
(a) AC into DC 
(b) AC into AC 
(c) DC into AC. 
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The safe and economic operation of an aircraft is 
becoming ever more dependent on electrical and 
electronic systems. These systems are all intercon- 
nected with wires and cables, and take many forms. 
Electrical wires and cables have to be treated as an 
integral part of the aircraft requiring careful installa- 
tion; this is followed by direct ongoing inspection and 
maintenance requirements for continued airworthi- 
ness. Wire and cable installations cannot be consid- 
ered (or treated) as “fit and forget’. System reliability 
will be seriously affected by wiring that has not been 
correctly installed or maintained. Legislation is being 
proposed to introduce a new term: electrical wire 
interconnection system (EWIS); this will acknowl- 
edge the fact that wiring is just one of many compo- 
nents installed on the aircraft. EWIS relates to any 
wire, wiring device, or combination of these, includ- 
ing termination devices, installed in the aircraft for 
transmitting electrical energy between two or more 
termination points. 

We need to distribute the sources of electrical 
power safely and efficiently and control its use on the 
aircraft. Once installed, the wires and cables must be 
protected from overload conditions that could lead to 
overheating, causing the release of toxic fumes, possi- 
bly leading to fire. This chapter describes the physical 
construction of wires and cables together with how 
they are protected from overload conditions before 
power is distributed to the various loads on the air- 
craft. (Practical installation considerations for wiring 
are addressed in Chapter 20.) 


7.1 Overview 


In the first instance, we need to make a distinction 
between wires and cables. Wires are formed from a 
single solid conductor or stranded conductors, con- 
tained within insulation and protective sheath materi- 
als. Cables can be defined as: 


e two or more separate wires within the same 
insulation and protective sheath 


e two or more wires twisted together 

e any number of wires covered by a metallic braid, 
or sheath 

e asingle insulated conductor covered by a metallic 
outer conductor (co-axial cable). 


The terms wires and cables are often interchanged. 
In this book, reference will be made to ‘wiring’ in the 
all-embracing generic sense; cables will be referred 
to in specific terms as and when required. 


Key maintenance point 


Wire and cable installations cannot be considered 
(or treated) as ‘fit and forget’. System reliability will 
be seriously affected by wiring that has not been 
correctly installed or maintained. 


7.1.1 Types of wire and cable 


There is a vast range of wires and cable types used 
in an aircraft; these can be categorized with their spe- 
cific uses and applications: 


airframe wires and cables 
equipment wires and cables 
ignition system cables 
thermocouple cables 

data bus cables 
radio-frequency (RF) cables. 


This chapter addresses airframe wire and cable 
applications in detail. (Wiring inside of equipment is 
not specifically addressed.) The application of ignition 
and thermocouple cables are described in Chapter 
10 (engine systems). Wires or cables designed for 
small signals, e.g. data bus cables carrying digital 
data, are screened to prevent their signals from being 
affected by electromagnet interference. Wires and 
cables that carry high power and/or high frequencies 
are also shielded to prevent them being the cause of 
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electromagnetic interference. Screening and shield- 
ing to protect against electromagnetic interference 
(EMI) and electromagnetic compatibility (EMC) are 
described in this chapter; the subject of EMI/EMC 
protection is discussed in more detail in Chapter 19. 
Radio-frequency (RF) cables (or feeders) are special- 
ized types of screened cables. (These are described 
in more detail in a related book in the series, Aircraft 
Communications and Navigation Systems.) 


7.1.2 Operating environment 


Wiring installed in aircraft has to operate in a harsher 
environment than that found in cars, buildings or 
industrial applications. In addition to conducting cur- 
rent (often at high voltages), aircraft wiring will be 
exposed to a variety of environmental and in-service 
conditions including contaminants, for example: 


hydraulic fluid 

fuel and/or oil 
temperature extremes 
abrasion 

vibration 


General-purpose wiring used in the airframe com- 
prises the majority of the installed material. There 
are also special considerations for wiring, e.g. when 
routed through fire zones. The materials used for the 
conductor and insulation must take these factors into 
account. Each application has to be planned from the 
initial design, taking into account the inspection and 
maintenance required for continued airworthiness of 
the wiring. 


Test your understanding 7.1 


Why are cables shielded? 


7.2 Construction and materials 


Aircraft wiring needs to be physically flexible to allow 
it to be installed, and then to withstand the vibration 
of the aircraft that will cause the wires to flex. Multi- 
stranding of the conductor increases the flexibility of 
the wire or cable, making it easier to install and with- 
stand vibration of the aircraft. The insulating mate- 
rial has to be able to withstand the applied voltage; 
the sheath material needs to be able to withstand the 
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specified contaminants. Conductors need to be able to 
carry the required current without overheating or burn- 
ing; they must also have low insulation resistance to 
minimize voltage drops. From Ohm's law, we know 
that (at a given temperature) the voltage across a resist- 
ance is proportional to the current. For a given cur- 
rent (1) and resistance (R), the voltage drop 1s quoted 
in terms of ZR losses. For these reasons, most aircraft 
conductors are constructed from copper or aluminium 
contained within man-made insulating material(s). 

Aluminium conductors are sometimes used in air- 
craft; however, the majority of installations are cop- 
per. The choice of conductor material is a trade-off; 
the first consideration is the material’s resistance over 
a given length (given the term resistivity, symbol p, 
measured in ohm-metres, abbreviated (2m). Annealed 
copper at 20°C has a resistivity of 1.725 X 1078 Om; 
copper is more ductile than aluminium, and can be 
easily soldered. Aluminium has a resistivity value of 
2.8 X 1078 Om, it is 60% lighter than copper but it is 
more expensive. 

A major consideration for using aluminium is 
that it is self-oxidizing; this reduces manufactur- 
ing costs (no plating required) but extra precautions 
are necessary for terminating the conductors due to 
the increased termination resistance. The quantity 
and gauge of these strands depends on the current- 
carrying capacity (or rating) and degree of flexibil- 
ity required. Individual strands of copper need to be 
coated to prevent oxidation. The choice of coating for 
the strands depends on the operating temperature of 
the wire. In general terms, three types of coating are 
used: tin, silver or nickel, giving temperature ratings 
of 135°C, 200°C and 260°C respectively. 

To summarize, copper conductors are used exten- 
sively on aircraft due to the material’s: 


low resistivity 

high ductility 

high tensile strength 
ease of soldering 


Test your understanding 7.2 


Explain why cables and wires are multi-stranded. 


Conductors must be insulated to prevent short-circuits 
between adjacent circuits and the airframe. Power 
supplies of 12 or 28V do not pose a threat of electri- 
cal shock, but the wires must be insulated to prevent 
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arcing, loss of system integrity and equipment failure. 
The combined effects of insulation damage and fluid 
contamination gives rise to wet arc tracking. This 
phenomenon can occur when insulating surfaces are 
contaminated with any material containing free ions; 
the surface then behaves as an electrically conductive 
medium (an electrolyte). Leakage currents are suffi- 
ciently high to vaporize the contamination; this drives 
away the electrolyte and results in the formation of 
localized dry areas. These areas now offer a higher 
resistance to the current flow. In turn, high voltages will 
develop across these areas and result in small surface 
discharges. Initially, these discharges will emit flashes 
of light at the insulation surface, and produce localized 
temperatures in the order of 1000°C. These high tem- 
peratures cause degradation of the insulation material. 
The ability of aircraft wiring to resist wet arc tracking 
is highly dependent on the wire insulation material. 
The conductivity level of the electrolyte will influence 
the failure mode resulting from this wet arc tracking. 
Higher power supply voltages are potentially lethal and 
the insulation provides a level of protection against this. 
The insulation material and its thickness depend mainly 
on the operating temperature and system voltage; 
examples of insulating and sheath materials include: 


e ethylene tetrafluoroethylene (ETFE): this is a 
fluorocarbon-based polymer (fluoropolymer) in 
the form of plastic material 

e polytetrafluoroethylene (PTFE), a 
fluoropolymer 

e fluorinated ethylene-propylene (FEP): this retains 
the properties of PTFE, but is easier to form 

e polyvinylidene fluoride (PVF, or PVFD) has good 
abrasion and chemical resistance, and (like most 
fluoropolymers) is inherently flame-retardant. 


synthetic 


Test your understanding 7.3 


Explain the term wet arc tracking. 


7.3 Specifications 


These have become more complex over the years to 
address the higher performance needed from wires 
and cables. This has been driven largely from in- 
service experience with electrical fires and the drive to 
reduce weight as more and more avionics equipment 
is introduced onto the aircraft. Reduced weight for a 
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given length and diameter of wire is achieved through 
reducing the wall thickness of the insulation. Typical 
specifications used for wires and cables are contained 
in the US military specification MIL-W-M22759E. 
This specification covers fluoropolymer-insulated sin- 
gle conductor electrical wires manufactured with cop- 
per or copper alloy conductors coated with either tin, 
silver or nickel. The fluoropolymer insulation of these 
wires can either be PTFE, PVF,, FEP or ETFE. Wires 
manufactured to this specification are given a part 
number using the following format: M22759/x-xx-x. 


@ M22759/x-xx-x determines the specific wire type 
(Insulation, sheath and wire coating) from a table 
in the specification 

e M22759/x-xx-x determines the wire size from a 
table in the specification 

@ M22759/x-xx-x determines the insulation colour 
from another specification (MIL-STD-681). 


Examples of wires are shown in Fig. 7.1. The single 
walled construction in Fig. 7.1(a) has a composite 
insulator and protective sheath to reduce cost and 
weight. The twin-walled construction, Fig. 7.1(b), 
illustrates the conductor, insulator and separate pro- 
tective sheath. Outer sheaths on either type of wire 
can crack over long periods of time; in the single- 
wall-type wire, moisture ingress can migrate into the 
wire through capillary action. This can lead to track- 
ing inside the insulation, leading to overheating; twin 
walled wiring is more resistant to this effect. 


Key maintenance point 


The combined effects of insulation damage and 
fluid contamination gives rise to wet arc tracking. 


7.3.1 Wire size 


Wire sizes used on aircraft are defined in accordance 
with the American Wire Gauge or Gage (AWG). For 
a given AWG, the wire will have a specified diam- 
eter and hence a known conductance (the reciprocal 
of resistance). Cable size relates to the conductor’s 
diameter; the overall wire or cable diameter is there- 
fore larger due to the insulation. The largest wire size 
is 0000 AWG; the smallest is 40 AWG. The range of 
AWG wire/cable sizes is detailed in the Appendices. 
Selection of wire size depends on the specified cur- 
rent to be conducted. Larger diameter wires add 
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Conductor 
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Outer sheath 


Figure 7.1 Typical aircraft wires and cables: (a) single-walled, (b) twin-walled 


welght, but offer less voltage drop for a given length 
and lower heating effect due to ZR losses. 

Wire identification is printed on the outer surface 
of the sheath at intervals between 6 and 60 inches. 
This includes the wire part number and manufac- 
turers’ commercial and government entity (CAGE) 
designation. The printing is either green or white 
(depending on the actual colour of the wire). 


Key point 


Conductors must have low insulation resistance to 
minimize IR losses. 


7.3.2 Performance requirements 


Wires manufactured to MIL-W-M22759E have to 
demonstrate compliance with dimensions and con- 
struction, together with criteria to meet the following 
requirements: 


ease of removing the insulation 
ease of soldering 

dielectric testing 

flexibility 

elongation and tensile strength 
wicking 

high- and low-temperature testing 
flammability 

life cycle testing 

fluid immersion 

humidity 

smoke emission. 


7.4 Shielding/screening 


Shielded or screened wiring either prevents radia- 
tion from circuits switching high currents or protects 


Outer insulation 


Inner insulation 


Screen Conductors 


Figure 7.2 Screened cable 


susceptible circuits (see Fig. 7.2). The inner conduc- 
tor carries the system current; the screen provides a 
low resistance path for coupling of electromagnetic 
fields. These fields are coupled into the shield and 
are dissipated to ground. (Further details on the the- 
ory of electromagnetic fields and shielding are given 
in Chapter 19.) Typical applications where shield- 
ing is used includes wiring installed near generators, 
ignition systems or contacts that are switching high 
currents. Shielded wires can be formed with single, 
twin, triple or quadruple cores. The classic example 
of screened wiring occurs with the Arinc 429 data 
bus which uses twisted screened pairs of cable to 
transmit digital data. This is being transmitted at 
either 12.5-14.5 (low speed) or 100 (high speed) 
k bits per second with a differential voltage of 
10V between the pair of wires. Examples of 
screened wire and cable specifications are found in 
M27500-22TGIT-14. 


Key point 


Wires and cables that carry high power, and/or high 
frequencies are shielded to prevent electromag- 
netic interference. 
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Plastic Comnection 


case Conductor 


Wire 
insulation 


7.4.1 Crimps and splices 


Individual wires and cables can be terminated or con- 
nected using crimps and splices. Care must be taken 
when stripping shielded cables; both the inner con- 
ductor and outer screen must be exposed in order 
to make the connection. The outer shield is formed 
into a pigtails and terminated with a crimp, or ring- 
tongue terminal, see Fig. 7.3(a). Alternatively, indi- 
vidual wires can be joined with an in-line splice, e.g. 
if a system is being modified with additional wiring, 
see Fig. 7.3(b). Crimps and splices are formed over 
the exposed conductor and insulating material. The 
entire crimp or splice termination is then protected 
mechanically with a hard plastic case. 


Test your understanding 7.4 


Give some examples of wire/cable performance 
specifications. 


7.4.2 Coaxial cables 


A specialized version of the shielded wire is the coax- 
ial cable. The inner conductor is solid or stranded; it 
can be plain copper or plated. The outer conductor 
forms a shield and is a single wire braid made from 
fine strands of copper or steel. The inner and outer 
conductors are separated by a solid insulation, form- 
ing a dielectric. The outer sheath or jacket provides 
protection against fluid contaminants. Coaxial cables 
are normally used to guide radio-frequency (RF) 
energy between antennas and receivers or transmit- 
ters. The inner conductor is shielded by the braiding 
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Figure 7.4 Coaxial cable overview 


from electric and magnetic fields; the conductor’s 
own field is contained within the same shield. The net 
result is that fields from the inner and outer conduc- 
tors cancel each other out. In most practical RF appli- 
cations, coaxial cable radiation and susceptibility are 
virtually eliminated. 

The typical construction of coaxial cable is shown 
in Fig. 7.4; the salient features are: 


inner conductor: silver plated copper 

solid insulation: (dielectric) foamed FEP 
single wire braid: (screen) tin plated copper 
outer insulation: (jacket) FEP. 


(Further details on coaxial cables and antennas used 
in radio-frequency (RF) applications can be found in 
Aircraft Communications and Navigation Systems.) 
Other applications for coaxial cables include fuel 
quantity systems (see Chapter 11). 

Coaxial cables are terminated with a bayonet or 
thread-nut couplings (BNCs and TNCs respectively). 
BNC has the advantage of a quick-release connection. 
TNC performs well under vibration conditions since 
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III 


(b) 


Figure 7.5 Coaxial cable connectors: (a) 
typical end fittings, (b) terminating the coax 
cable 


they have reduced axial movement. Figure 7.5 gives 
an illustration of typical coaxial cable connectors and 
how they are fitted to the cable. 


Test your understanding 7.5 


What is the difference between shielded and coax- 
ial cables? 
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7.5 Circuit protection 


The current-carrying capacity of a wire or cable is 
determined by its length and cross sectional area; heat 
dissipation is determined by FR losses. When the cir- 
cuit or system is designed, the wire size is selected 
to safely carry this current. Wires and cable are sub- 
jected to abrasion during the normal service life 
of the aircraft; this can lead to the conductor being 
exposed. This exposure could lead to a low resistance 
path between the conductor and the airframe and/or 
an adjacent conductor. Faulty equipment, low resist- 
ance paths or overloading from additional circuits will 
cause the current to increase and this might exceed 
the current-carrying limit of the conductor. Heat will 
build up in the wire leading to fumes, smoke and 
ultimately fire. It is vital that we protect against this 
whilst allowing for transients; the methods used in 
aircraft are selected from the following devices: 


eo fuse 
e circuit-breaker 
e limiting resistor. 


7.5.1 Fuses 


Fuses are links of wire that are connected in series 
with the circuit. Their current-carrying capacity is 
predetermined and they will heat up and melt when 
this is exceeded, thereby interrupting and isolat- 
ing the circuit. Materials used for the fusible link 
include lead, tin-bismuth alloy, copper or silver alloys. 
Referring to Fig. 7.6(a), the fuse wire is contained 
with a glass or ceramic casing (or cartridge) to pre- 
vent any particles of hot metal escaping which could 
cause secondary damage. End-caps provide a connec- 
tion for the fuse wire and make contact with the cir- 
cuit wiring. Fuse holders consist of terminals and a 
panel clamp-nut. 

Some fuse holders have an indication of the fuse 
condition, 1.e. if the fuse has blown. The indicat- 
ing cap is black with an integrated coloured light. 
When the fuse has blown, the cap illuminates; differ- 
ent colours indicate different power supply voltages. 
Heavy-duty fuses (typically protecting circuits with 
up to 50A current) are constructed with a ceramic 
body and terminals, see Fig. 7.6(c). Fuses are either 
clipped into position on a terminal board, see Fig. 7.7, 
or screwed into a panel, see Fig. 7.8. 

Fuses are relatively low cost items, but they can 
only be used once. In some applications, the fuse 
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(a) Cartridge fuse & circuit symbols 


Hold 
Clamp-nut Ka 


(b) Fuse holders (left) and indicating caps (right) 


Terminals 


Fuse body 


(c) Heavy duty fuse construction 


Figure 7.6 Aircraft fuses 


material and physical construction is designed to have 
a time delay; the so-called slow-blow fuse, or current 
limiter. This is made from a copper alloy that has a 
higher melting point than lead/tin. It has a single strip 
of material waisted into a narrow cross-section to 
provide the fusing point. Heavy-duty fuses are used at 
power distribution points. They have multi-strands of 
parallel elements and are rated up to 500A. This type 


115V A.C. 
domed 
N ç Amber—— / 
Fusible 
Plugs (2 places) link Fuse 


(cemented in) 


Glass cover 


3.125" 


of fuse is fitted with a packing medium to contain 
the debris following rupture. Materials used include 
quartz, magnesium oxide, kieselguhr or calcium car- 
bonate (chalk). 

Fuses have a rating that determines the maximum 
current it can carry without melting. The fuse will 
also have a minimum fusing current that is affected 
by ageing; a process that occurs when the fuse is 


Figure 7.7 Fuse clipped directly into a 
terminal board 


operated at the minimum fuse rating for prolonged 
periods of time. Ambient temperature affects the cur- 
rent rating and response time of a fuse. They must be 
located close to power source to minimize the length 
of unprotected wire; at the same time they have to 
be accessible for replacement. Spare fuses must be 
carried on the aircraft and be accessible to the flight 
crew. Typical requirements are to carry 50% of each 
rating as spares, e.g. if the aircraft is fitted with four 
10A and five 15A fuses, then two 10A and three 15A 
fuses should be carried as spares. 


Key maintenance points 


1. Fuses can rupture, or ‘blow’, when exposed to 
vibration and thermal cycling as well as during 
overload conditions. 

2. Determine the reason that caused the fuse to 
blow before replacing. 

3. Never assume that the blown fuse is to be 
replaced with the same rating; always check the 
aircraft documents. 


7.5.2 Circuit-breakers 


Circuit-breakers are electromechanical devices that 
interrupt and isolate a circuit in the event of excessive 
current. Unlike fuses, circuit-breakers can be reset 
(assuming that the fault condition has cleared). There 
are two circuit-breaker principles: electromagnetic 
and thermal. 

An electromagnetic circuit-breaker is essentially a 
relay with current flowing through a coil; the resulting 
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Figure 7.8 Fuses located in a panel 


magnetic field attracts an armature mechanism. The 
current 1s normally a proportion of the main load 
current; this increases in proportion to the main load 
current. The armature mechanism is linked to a pair 
of contacts that carry the main load current. These 
contacts are opened when the current through the coil 
exceeds a certain limit. 

Thermal-type circuit-breakers consist of a bimetal- 
lic thermal element, switch contacts and mechanical 
latch. The internal schematic of a thermal circuit- 
breaker and its external features are illustrated in 
Fig. 7.9. The thermal element is a bimetallic spring 
that heats up as current passes through it; this eventu- 
ally distorts and trips the mechanism when the rated 
level is exceeded. The mechanism is linked to the 
main switch contacts, when the circuit-breaker ‘trips’ 
the contacts open, thereby disconnecting power from 
the circuit. When the contacts open, a button is 
pushed out of the circuit-breaker. This button is used 
to manually reset the contacts; a white collar just 
below the button provides visual indication that the 
circuit-breaker is closed or tripped. 

Some circuit-breakers use a large collar grip to 
identify specific systems. They can be locked open if 
required, e.g. if the system is installed but not certified 
for operation. As with fuses, the circuit-breaker should 
be located as close as possible to source of power; they 
are often arranged on the panels in groups. 

Circuit-breakers can also be used to conveniently 
isolate circuits, e.g. during maintenance. Certain cir- 
cuit-breakers are fitted with removable collars so that 
they can be readily identified. The circuit-breaker cur- 
rent rating is engraved on the end of the button (see 
Fig. 7.10). Circuit-breakers can be single- or multi- 
pole devices (poles are defined as the number of links 
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Figure 7.9 Aircraft circuit-breakers (thermal type): (a) internal schematic (closed and tripped), 
(b) external features 


that a switching device contains). Multi-pole devices 
are used in three-phase AC circuits. 

Various configurations of circuit-breaker are 
installed on aircraft, including: 


1. automatic reset 

2. automatic trip/push to reset 
3. switch types 

4. trip free. 


The circuit symbols for each of these types is 
illustrated in Fig. 7.11. Trip-free circuit-breaker con- 
tacts cannot be closed whilst a fault exists. This is the 
preferred type of circuit-breaker on aircraft, espe- 
Figure 7.10 Circuit-breaker panel cially on new installations. 
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Figure 7.11 Circuit-breaker symbols/type 


7.5.3 Limiting resistors 


These are used to limit current surges, primarily 
in DC circuits, where the initial current surge 1s 
large. When these circuits are switched they cre- 
ate large current flows that can be harmful to other 
components and reduce the power supply voltage for 
a period of time (determined by the time constants 
of the circuit). Limiting resistors are connected in 
series with such circuits and then automatically 
shorted out once the circuit current has stabilized. 
Typical applications of limiting resistors are found 
in engine starting circuits and voltage regulators. 
Limiting resistors are also used in fire extinguishing 
systems (see also Chapter 16). Fire extinguishers are 
activated by applying direct current (DC) through 
current-limiting resistors to the associated squib; this 
ruptures a disc that allows extinguishing agent to be 
expelled under pressure. The limiting resistors pre- 
vent inadvertent operation of the squib. In electron- 
ics, limiting resistors are used to protect devices such 
as diodes. 


7.6 Multiple choice questions 


1. Wires and cables that carry high power and/or 
high frequencies are shielded to prevent: 
(a) the wire or cable being the cause of 
electromagnetic interference 


10. 
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(b) the wire or cable being affected by 
electromagnetic interference 
(c) wet arc tracking. 


. Two or more separate wires within the same 


insulation and protective sheath is referred to as a: 
(a) screened wire 
(b) coaxial cable 
(c) cable. 


. Fuses have a rating that determines the: 


(a) maximum current it can carry without 
opening 

(b) minimum current it can carry without 
opening 

(c) time taken for the fuse to rupture. 


Conductors must have low insulation resistance 
to minimize: 

(a) current surges 

(b) electromagnetic interference 

(c) IR losses. 


. The combined effects of insulation damage and 


fluid contamination gives rise to: 
(a) electromagnetic interference 
(b) wet arc tracking 

(c) current surges 


For a given AWG, the wire will have a specified: 
(a) diameter and hence a known conductance 
(b) length 

(c) screening. 


Coaxial cables are normally used for: 
(a) digital signals 

(b) motors and generators 

(c) radio-frequency (RF) signals. 


Trip-free circuit-breaker contacts: 

(a) can always be closed whilst a fault exists 
(b) cannot be closed whilst a fault exists 

(c) are only used during maintenance. 


Limiting resistors are connected: 
(a) momentarily in series 

(b) momentarily in parallel 

(c) permanently in series. 


The white collar just below a circuit-breaker 
button provides visual indication of the: 

(a) circuit-breaker trip current 

(b) system being protected 

(c) circuit-breaker being closed or tripped. 


Chapter Distribution of power supplies 
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Electrical power is supplied to the various loads in the 
aircraft via common points called busbars. The electri- 
cal power distribution system is based on one or more 
busbar(s); these provide pre-determined routes to cir- 
cuits and components throughout the aircraft. The nature 
and complexity of the distribution system depends 
on the size and role of the aircraft, ranging from 
single-engine general aviation through to multi-engine 
passenger transport aircraft. For any aircraft type, the 
distribution system will comprise the following items: 


busbar 
protection 
control 
wiring 
loads. 


In this chapter, we will focus on busbar configura- 
tions and how these are arranged for the protection 
and management of the various power supply sources 
available on the aircraft. 

The word ‘bus’ (as used in electrical systems) 1s 
derived from the Latin word omnibus meaning ‘for all’. 
Busbars are often formed from thick strips of copper, 
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Figure 8.1 Battery busbar schematic 


hence the name ‘bar’. These have holes at appropria- 
tive intervals for attaching one side of the protection 
device (circuit-breaker or fuse). Alternatively, they 
are made from heavy gauge wire. The busbar can be 
supplied from one or more of the power sources previ- 
ously described (generator, inverter, transformer recti- 
fier unit or battery). Protection devices, whether fuses 
or circuit-breakers, are connected in series with a spe- 
cific system; they will remove the power from that sys- 
tem ifan overload condition arises. There also needs to 
be a means of protecting the power source and feeder 
lines to the busbar, i.e. before the individual circuit 
protection devices. The various methods used for air- 
craft power supply distribution for a wide range of air- 
craft types are described in this chapter. 


8.1 Single engine/general aviation 
aircraft 


A simple busbar distribution system is fed by the bat- 
tery and controlled by a battery master switch, see 
Fig. 8.1. Since the current supplied from the battery 
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Figure 8.2 Split avionic bus schematic 


to the bus will be very high, a heavy-duty relay or 
contactor is often used; the battery master switch acti- 
vates the contactor when power is required on the bus. 
The same switch is also used for generator control. 

For general aviation aircraft the battery is nor- 
mally used for an engine start. The connection for 
this is taken before the bus to minimize voltage drop 
(IR) losses. A variation of the simple battery bus is 
the split avionic bus, see Fig. 8.2. This arrangement 
isolates electronic devices from heavy surges during 
engine start, or when using external power to start the 
engine. The arrangement for an AC generator system 
is shown schematically in Fig. 8.3. This illustrates the 
voltage regulator and battery master switch used for 
alternator control. It is normal practice for the bat- 
tery charge/discharge current to be monitored via an 
ammeter. 

For certification purposes, it is often a requirement 
that no single failure of any component should cause 
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loss of power to the radios. One way of achieving this 
is supplying the bus from the main contactor and an 
emergency switched contact. 


8.1.1 Reverse current relay 


This circuit arrangement is needed on any DC gen- 
eration system to prevent the battery from feed- 
ing excess current back through to the generator’s 
armature. Without this protection, the battery would 
discharge when the generator output voltage is less 
than battery terminal voltage, e.g. during engine shut- 
down. An automatic method is needed to disconnect 
the generator from the battery under these conditions. 
Many circuits have been developed, some are stand- 
alone, some are integrated with other generator func- 
tions within the same unit e.g. voltage regulation. To 
illustrate the principles of the reverse current relay, an 
electromechanical device is described. 

Referring to Fig. 8.4, voltage and current coils are 
wound onto the same soft-iron core. The voltage coil 
comprises many turns of fine gauge wire; this is con- 
nected in parallel with the generator output. The cur- 
rent coil is made of a few turns of thick gauge wire; it 
is connected in series with the generator output. The 
combined coils and core form an electromagnet. 

A pair of high-current-rated switch contacts are 
held open by the force of a spring; the contacts can be 
closed by an armature that is controlled by the influ- 
ence of the electromagnet’s field. 

When the generator output is higher than the termi- 
nal voltage of the battery, the contacts are held closed 
by the magnetic field created by the current in both the 
coils. (These are wound such that the magnetic fields 
assist each other.) If the engine is slowed down to the 
point where the generator output 1s less than the ter- 
minal voltage of the battery, the contacts are opened 
since current is now flowing through the current coil 
in the opposite direction (the electromagnetic field is 
weakened as a result). With the contacts open, the bat- 
tery is effectively disconnected from the generator. 


8.1.2 Current limiter 


This device reduces the output from a DC generator 
under fault conditions, e.g. a short circuit on the busbar, 
to protect the generator from overheating and burning 
out its windings. The limiter reduces generator output 
if its maximum safe load is exceeded; if the fault con- 
dition is removed, the generator automatically becomes 
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Figure 8.3 Alternator/busbar schematic 
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Figure 8.4 Reverse current relay 


available again. It operates on a similar principle to 
the electromechanical voltage regulator; as with the 
reverse current relay, it could be a stand-alone device 
or be built into a generator control unit. To illustrate the 
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principles of the current limiter, an electromechanical 
device is described. 

Referring to Fig. 8.5, the current coil is connected 
in series with the output of the generator. If the out- 
put exceeds a pre-determined limit, the coil’s mag- 
netic field opens a pair of switch contacts; this puts 
a resistor in series with the generator’s field thereby 
reducing the generator’s output. This decrease in gen- 
erator output weakens the field of the current coil 
and the contacts close again (shorting out the resis- 
tor). If the fault condition has been removed, the 
generator remains connected to the bus. Should a perma- 
nent overload condition exist, the contacts open/close on 
a repetitive basis to keep the output within safe limits. 


Test your understanding 8.1 


Explain the different functions of a reverse current 
relay and current limiter. 
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Figure 8.6 External power supply schematic 


8.1.3 External power 


The aircraft battery provides an autonomous means 
of starting the engine. Certain types of operation, e.g. 
cold weather and repeated starts, could lead to exces- 
sive demands, resulting in a battery that is not fully 
charged. An external power supply system schematic 
(as illustrated in Fig. 8.6) provides power to the air- 
craft, even when the battery is flat, or not installed. 
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Figure 8.7 External ground power from a 
battery pack 


External power can be from a ground power unit or 
simply from a battery pack as shown in Fig. 8.7. On 
larger aircraft installations, a connector with three 
sockets supplies external power. These sockets con- 
nect with three pins on the aircraft fuselage as shown 
in Fig. 8.8. Different-size pins are used on the con- 
nectors to prevent a reverse polarity voltage being 
applied. 

Some aircraft installations have a ground power 
relay. Power can only be supplied into the aircraft 
via the main pins when the third (shorter) pin makes 
contact. The third pin is used to energize the ground 
power relay; this additional relay prevents arcing on 
the power connector as illustrated in Fig. 8.9. External 
AC power is applied in a similar way, except that the 
three phases have to be connected via individual 
circuits. 


8.1.4 Battery charging: single engine 


Battery charging on the ground is achieved by an 
external power supply (it would be unsafe to run the 
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Figure 8.8 External ground power: (a) external 
ground power 3-pin connector, (b) external 
ground power connected 


engine in the hangar). External power in the form 
of another battery, a diesel-powered generator or 
adapted mains supply provides a source of energy. 
With external power available and switched on, power 
is now available at the battery relay output terminal 
via the external power relay. Power is also supplied to 
the closing circuit (the resistor and diode reduces the 
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charging voltage). When the battery master switch is 
selected on, this closes the battery relay thus provid- 
ing full charging current. Protection against a short 
circuit battery is from a fuse. 


Test your understanding 8.2 


What kind of instrument would be used to measure 
battery charging/discharging current? 


8.2 Twin engine general aviation 
aircraft 


In the basic configuration, each engine drives its own 
generator, and the outputs are supplied to a common 
battery busbar. Engine speed variations mean that one 
generator could be supplying more output than the 
other generator and so an equalizing system, using 
carbon pile regulators, is employed to balance the out- 
puts. This balancing circuit provides automatic adjust- 
ment so that each generator delivers an equal output. 
Referring to Fig. 8.10, the left and right carbon pile 
regulators (items 3 and 4) each have equalizing coils 
(items 7 and 8) wound on the same core as the volt- 
age regulator coils (items 5 and 6). Low value resis- 
tors (items 1 and 2, typically 0.01 Q) are fitted in each 
generator ground connection; these develop voltage 
drops in proportion to the generator output currents. 
Both equalizing coils are connected in series with 
the top end of the resistor; the system senses and 
adjusts the generator outputs to balance both genera- 
tors at normal engine speeds. The generator outputs are 
connected through the reverse current relays (items 11 
and 12) to the battery busbar. Equalizing circuits con- 
nect each resistor via equalizing coils and equalizing 
switches (items 13 and 14). When each generator has 
the same output, e.g. 50 A, the voltage dropped across 
each resistor is therefore ZR = 50 X 0.01 = 0.5V; 
there is no voltage difference and no current flows 
in the equalizing circuit, the circuit is now balanced. 
Over time, variations in output develop due to the 
mechanical differences in the regulators, e.g. 


e carbon pile wear 
e contact surface resistance 
e mechanical variations in the armature. 


For illustration purposes, assume that the left genera- 
tor is regulating at an output less than the right genera- 
tor. The voltage dropped across each of the resistors is 
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Figure 8.9 External ground power 3-pin connector schematic 


now different since the left generator 1s supplying less 
current. To illustrate this effect, if the left generator 1s 
supplying 40A and the right generator is supplying 50A, 
the voltage drops across the respective resistors are: 


V., = 40 X 0.01 = 0.4 V 
V., = 50 X 0.01 = 0.5 V 


This difference in voltage (0.1 volt) causes a current 
to flow from R2 through the right equalizing coil (8) 
into the left equalizing coil (7). This relaxes the right car- 
bon pile regulator thereby decreasing the generator out- 
put. The left regulator coil compresses thereby increasing 
the left generator output. In practice, this circuit can only 
compensate for relatively small variations in output; the 
generators need to be trimmed on a periodic basis. 


8.3 Larger aircraft systems 


Larger (commuter, business and passenger) aircraft 
have many more electrical systems compared with 
general aviation aircraft; there is s requirement for 
a comprehensive approach to account for potential 
failures of generators, wiring, etc. The management 
of potential failures is addressed by categorizing the 
various loads and then disconnecting them in accord- 
ance with a predetermined sequence. The process of 


switching loads off the bus is called load-shedding; 
this can be achieved by automatic or manual control. 
These loads are connected onto specific busbars that 
fulfil a specific function. These can be categorized into 
a hierarchy as illustrated in Fig. 8.11. Connections 
between busbars are via heavy-duty contactors, or 
breakers. Aircraft types vary, however the following 
categories are typical for many installations. 


Main bus: this is sometimes called the non-essential, 
generator, or load bus. It will include loads such as 
the galleys, in-flight entertainment (IFE) and main 
cabin lights. These loads can be disconnected 
and isolated in flight without affecting the safe 
operation of the aircraft. 

Essential bus: this is sometimes called the vital 
or safety bus. It will include equipment and 
instruments required for the continued safe 
operation of the aircraft. 

Battery bus: this is sometimes called the standby, or 
emergency bus. It supplies the equipment required 
for the safe landing of the aircraft, e.g. radios, fuel 
control, landing gear and fire protection. 


There are three main types of distribution system 
architecture used on aircraft to fulfil the above: 


e split bus system 
@ parallel system 
e split parallel system. 


"Free energy from the air?, Yea, right!" Sardonic skepticism was my first reaction 
to this unusual concept, as well. 


Though, its not so far out there, in fact. Light can be converted to DC current 
with solar panels, electricity can be converted to magnetism as | did in my last 
article (https: //www.instructables.com/id/DIY-Electro-Magnetic-Levitation/), in a 
microphone sound waves are converted to an electrical signal (by vibrating a 
magnet near a coil (http://nyperphysics.phy-astr.gsu.edu/hbase/audio/mic.html)), 
solar rays can even be focused and converted to heat in awesome devices like 
this! (http: //www.gosunstove.com/) When we think about it, energy is all around 
us and can be harvested in an enumerable many of ways. 


Today, we are going to take a rather novel approach. We are going to build a 
device specifically designed to sense and capture a particular band of energy 
which is all around us. 


The earth is magnetic and anyone who has ever used a compass knows this. 
Magnetic bodies in motion produce electricity, we can see this in any alternator, 
like the one in your car. So, therefore the earth is electric as well as magnetic, by 
definition. 


Can we detect this energy? Yes, we sure can! Ever turn on a radio in the middle 
of nowhere and heard static? That is your radio picking up naturally occurring 
energy in the RF spectrum! 


Can we use this energy to do work? Absolutely! This has been known for a long 
time. Crystal radios (https://en.wikipedia.org/wiki/Crystal_radio) have been 
around since before the 1930's and can run with no input energy other than the 
radio signal. Even when completely isolated, but from the atmosphere, a crystal 
radio will produce a voltage in the earpiece resulting in a sound (albeit and 
undesirable one). 


Well, this is where it gets interesting... 


Can we replicate this effect? Yea, and with modern components like the high 
quality crystals found in germanium diodes, we can even increase efficiency. By 
applying this concept as a Crystal Energy Receiver we can take advantage of a 
wide range of energetic frequencies rather than tuning in to just one. 


Can we scale it up? Definitely. Things like micro germanium diodes, high 
efficiency antennas and compact contemporary capacitors make the 
components that are required to build a crystal receiver fit in the palm of your 
hand. While there may or may not be a more efficient way, this renewable 
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Figure 8.10 Simple twin engine equalizing system schematic 


8.4 Split bus system 


This is a completely isolated twin generation system, 
sometimes called a non-parallel system used on 
twin-engine aircraft, see Fig. 8.12. Primary power 
is based on two main AC integrated drive generators 
(typically 40kVA on each engine). An APU genera- 
tor (40kVA) 1s used as back-up in the event of a main 
integrated drive generator (IDG) failure. Note that the 
APU is normally a constant speed device in its own 
right; therefore an IDG 1s not required. The advantage 
of a split-bus system is that the generators do not need 


to be operating at exactly the same frequency and can 
be running out of phase with each other. Secondary 
power is derived from step-down transformers to 
provide 26V AC; transformer rectifier units (TRU) 
provide 28V DC for the DC busbars and battery 
charging. 

Referring to Fig. 8.12, the right and left genera- 
tors feed their own busbars to which specific loads 
are connected. Each generator bus is connected to a 
transfer bus via transfer relays. In the event of a gen- 
erator failure, the remaining generator (engine or 
APU) supplies essential loads. Control of the system 
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is via a number of flight compartment switches, con- 
trol breakers and relays arranged to connect and dis- 
connect the generators and busbars. Typical control 
panel features for a split bus system are shown in Fig. 
8.13; the features of this panel are: 


Ammeters for the main generators to indicate load 
current 

Ground power available (blue) when external power 
supply is connected 

Ground power on/off switch to select ground power 
onto the aircraft 

Transfer bus off (amber) when the transfer relay is 
de-energized (either normal or transfer) 

Bus off (amber) both respective generator circuit- 
breakers (GCB) and bus tie breakers (BTB) open 

Generator bus off (blue) if the respective GCB 
is open 

APU generator bus off (blue) APU running at >95% 
RPM, no power from generator. 
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Figure 8.13 Typical electrical power control 
panel features 


Key maintenance point 


External AC power cannot be paralleled with the 
aircraft generators 


8.5 Parallel bus system 


The electrical distribution system on larger passenger 
aircraft (with three or four engines) are based on a 
parallel load distribution system, see Fig. 8.14. In this 
configuration, all generators are connected to their 
own AC load bus and a distribution bus; any generator 
can supply any load bus to provide equal load-sharing. 
All generator voltages, frequencies and phase relation- 
ships must be controlled to very close tolerances. Any 
attempt to connect generators in parallel before these 
conditions are met could result in loss of generator 
power due to large circulating currents. Referring to 
Fig. 8.14, when all four GCBs and BTBs are closed; 
all four generators are synchronized and connected 
to the tie (or synchronized) distribution busbar. 

If one generator fails, its GCB is opened; this iso- 
lates the generator from its own load busbar. That 
busbar is now powered from the remaining genera- 
tors. If this bus becomes overloaded, opening its GCB 


155 


and BTB isolates it. With more than two generator 
failures, load-shedding is introduced. External power 
can be made available by one or two power supply 
units (or carts). The APU can also be connected onto 
the distribution bus. 


8.6 Split/parallel bus system 


This is a flexible load distribution system for large pas- 
senger aircraft; it provides the advantages of the parallel 
system and maintains isolation when needed. Primary 
power supply features include: one IDG per engine, two 
APU generators and two external power connections. A 
split system breaker links left and right sides of distribu- 
tion system. Any generator can supply any load busbar; 
any combination of generators can operate in parallel. 


8.7 Standby and essential power 


Essential 115 VAC power is provided as a single 
phase supply, see Fig. 8.15; this is selected from one 
phase of a main busbar. (On a four-engined aircraft, 
the normal source is the main AC bus number four.) 
If this normal source fails, a supply is maintained by 
selecting a different main bus from the remaining 
systems. The standby AC bus is normally powered 
from the essential AC bus; if this source fails, a static 
inverter (supplied from the main battery) is selected 
to provide standby AC power. 

Some aircraft distinguish between battery busbars 
(that can be disconnected from the battery) and hot 
battery busbars that are connected directly to the bat- 
tery, 1.e. without any switching; this is illustrated in Fig. 
8.15. This arrangement splits the battery bus with a 
direct connection (the ‘hot’ battery bus), and a switched 
battery bus controlled by the battery switch. Essential 
DC power is from a transformer rectifier unit (TRU) 
powered from the essential AC bus. Standby AC and 
DC bus power is normally from the respective essen- 
tial supplies; when selected ON, standby AC and DC 
power is from an inverter and the battery respectively. 


Test your understanding 8.3 


Explain the difference between main, essential and 
battery busbars. 


156 


Aircraft electrical and electronic systems 


External ground power units (2) 


External ground power connector No. 1 


Distribution bus 


AC 1 AC 2 


XPC — External power contactor 
APB — APU breaker 

BTB — Bus tie breaker 

GCB — Generator control breaker 
GEN — Generator 

SSB — Split system breaker 


Figure 8.14 Parallel load distribution system 


8.8 Battery charging 


The battery charger on a large aircraft operates from 
115-volt, three-phase, 400 Hz AC power supplied by 
the AC ground service bus. A completely discharged 
nickel-cadmium battery can be recharged in approxi- 
mately 60—90 minutes. The battery charger operates in 
one of two modes depending on whether the aircraft 
is being supplied by external ground power or not. 
With the aircraft on the ground, the charger is 
powered from the ground services bus and provides 


Ground power unit 


Connector 


AC 3 AC 4 


a constant current to the battery. When the battery’s 
terminal voltage reaches a pre-defined level (adjusted 
for battery temperature), charging is automatically 
disconnected. When external power is not available, 
the battery is charged from a transformer rectifier 
unit (TRU) that provides 28V DC to maintain bat- 
tery charge, and supply loads on the battery bus. The 
battery’s temperature sensor forms part of the charg- 
ing system to prevent battery damage. If the battery 
temperature is outside a predefined range (typically 
—18°C to 60°C), the charging circuit is disconnected. 
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Figure 8.15 AC/DC standby and essential power 


8.9 Control and protection 


Various components are used for both control and 
protection of the power distribution system: 


e current transformers 

e differential current protection 
e phase protection 

e breakers/contactors. 


8.9.1 Current transformers 


These are used to sense current for control, protec- 
tion and indication applications. The primary winding 


is the main heavy-duty AC feeder cable being moni- 
tored; the secondary winding is contained within a 
housing, see Fig. 8.16. The secondary windings are in 
the form of inductive pick-up coils. When current Jp 
flows in the feeder cable, the corresponding magnetic 
field induces current /s into the secondary windings; 
this is the output signal that is used by a control, pro- 
tection or indication device. 


8.9.2 Differential current protection 


This circuit detects short-circuits in AC generator 
feeder lines or busbars; it is a method of protect- 
ing the generator from overheating and burning out. 
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Assuming a three-phase AC generator is installed, 
each phase has its own protection circuit. For illus- 
tration purposes, the circuit for a single phase is 
described. Two control transformers (CT) are located 
at either end of the distribution system, see Fig. 8.17. 
CT, is located in the negative (earthed) connection 
of the generator’s output. CT, is located at the output 
from the busbar performing a monitoring function in 
a generator control unit (GCU). 

If a fault were to develop between the generator 
and busbar, a current Jp flows to ground. The net cur- 
rent received at the busbar is therefore the total gen- 
erator output current / minus the fault current (7p). 
The fault current flows back through the earth return 
system through CT, and back into the generator; the 
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Figure 8.16 Current transformer 
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Figure 8.17 Differential current protection 


Aircraft electrical and electronic systems 


remaining current (/; — ff) flows through CT, and 
into the loads. Current transformer CT, therefore 
detects (/; — Ip) + Ir which is the total generator 
current. Current transformer CT, detects (Ir — Jp); 
the difference between control transformer outputs is 
therefore Jp. At a pre-determined differential current, 
the generator control relay (GCR) is automatically 
tripped by the GCU and this opens the generator field. 


8.9.3 Phase protection (Merz Price circuit) 


This circuit protects against faults between phases, or 
from individual phase to ground faults. Connections 
are shown for protection of a single phase in Fig. 
8.18; a three-phase system would require the same 
circuit per phase. Two current transformers (CT) are 
located at each end of the feeder distribution line: 


e CT, monitors the current output from the 
generator 

e CT, monitors the current into the distribution 
system. 


Secondary windings of each current transformer 
are connected via two relay coils; these windings are 
formed in the opposite direction. When current flows 
through the feeder, there is equal current in both coils; 
the induced EMF is balanced, so no current flows. If a 
fault develops in the feeder line, current CT, flows (but 
not CT»), thereby creating an unbalanced condition. 


Generator 
control relay CTs 
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Current flow in either of the coils opens the contacts 
and disconnects the feeder line at both ends. 


8.9.4 Breakers/contactors 


Breakers (sometimes referred to as contactors) are 
used in power generation systems for connecting 
feeder lines to busbars and for interconnecting vari- 
ous busbars. Unlike conventional circuit-breakers, 
these devices can be tripped on or off remotely. 
Referring to Fig. 8.19, they have several heavy-duty 
main contacts to switch power and a number of aux- 
iliary contacts for the control of other circuits, e.g. 
warning lights, relays etc. 

The breaker is closed by an external control switch 
via contacts A; the coil remains energized via con- 
tacts B to ground. With the coil energized, the main 
and auxiliary contacts are closed and the spring is 
compressed. Contacts A latch the breaker closed, 
assisted by the permanent magnet. When a trip signal 
is applied (either by a fault condition or manual selec- 
tion) current flows to ground in the opposite direc- 
tion. The spring assists the reversed electromagnetic 
field and this breaks the permanent magnet latch. 
A Zener diode suppresses arcing of coil current across 
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the contacts. An electrical power breaker installation 
is shown in Fig. 8.20. 


8.10 Load-shedding 


Load-shedding can be defined as deciding on which 
systems to switch off and in what order this should be 
done to reduce the power consumption for the remain- 
ing power sources. (The worst-case scenario is when 
the aircraft is operating from the battery alone.) Non- 
essential loads are not required for the safe continua- 
tion of flight; these loads include the galleys, in-flight 
entertainment (IFE) system and main cabin lights as 
previously described. Essential loads are required for 
the safe continuation of flight. Emergency loads are 
required for the safe landing of the aircraft, e.g. radios, 
fuel control, landing gear and fire protection. 


8.10.1 General aviation aircraft 


In small general aviation (GA) aircraft, pilots need 
to be familiar with the electrical systems of their air- 
craft. Most light GA aircraft are only concerned about 
an alternator or generator failure. This type of aircraft 


From CT] Feeder CT2 loo | 
alternator distribution 
i i system 


Figure 8.18 Phase protection (Merz Price circuit) 
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Figure 8.19 Electrical power breaker schematic 
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Figure 8.21 Generator three-phase output and neutral wires 
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Figure 8.22 Typical power distribution 
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1s normally fitted with an ammeter and/or a voltme- 
ter. On some light GA aircraft an over-voltage light 
and ammeter can be used to determine the nature of 
electrical malfunctions. Some aircraft are also fitted 
with a light that comes on in the event of generator 
failure, where the battery alone 1s being used to sup- 
ply the avionic bus. The aircraft battery has a finite 
capacity; the pilot has to make decisions on the use of 
the aircraft’s power consumption in order to be able to 
make a safe landing. 


8.10.2 Larger aircraft 


More complex aircraft and/or twin-engined aircraft 
require that pilots have greater knowledge about the 
electrical systems. Automatic electrical load-shedding 
is provided on modern aircraft where a control unit 
detects the loss of electrical power, 1.e. the loss of a 
single or both generators. Automatic load-shedding 
discomnects specified electrical equipment to maintain 
sufficient power and systems functionality for the safe 
continuation of flight. 

Split bus or parallel systems need to have a cen- 
tralized means of controlling power distribution. If a 
generator or bus fault develops, the relevant bus tie 
breakers (BTB) or generator circuit-breakers (GCB) 
must be configured to protect the remaining gen- 
erators, whilst still delivering power to essential 
loads. Load-shedding is controlled automatically by 
a solid-state bus power control unit (BPCU). This 
unit receives inputs from the generator control unit 
(GCU), ground power control unit GPCU and BTBs, 
together with control transformers that sense real sys- 
tem current through the main power leads. The BPCU 
is programmed to detect abnormal conditions and 
open/close pre-determined BTBs. 

Galley power represents a high percentage of the total 
electrical system’s load since 1t comprises equipment 
such as beverage makers and ovens. These systems have 
a major influence on the electrical system’s design. 


8.10.3 Load-sharing of AC circuits 


It is necessary to discriminate between real and reac- 
tive loads in AC load-sharing circuits. Current trans- 
formers in the feeder lines sense each load; these 
feeder lines are heavy-gauge wires connected to the 
output of the generator (Fig. 8.21). The feeder lines 
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are connected through the various bus hierarchy as 
described earlier before finally being distributed to 
the individual loads via smaller-gauge wires and 
terminal blocks (Fig. 8.22). 

Resistive loads consume real power; unbalances are 
corrected by adjusting the generator shaft input power 
(from the IDG or CSD). Inductive or capacitive loads 
consume reactive power; unbalances are corrected by 
adjusting the generator output via the field current con- 
trol of the regulator. Apparent power consumed by 
entire circuit. Reactive power is the vector sum of induc- 
tive and capacitive currents and voltages, see Fig. 8.23. 


e True power is measured in watts (W) 

e Apparent power is measured in volt-amps (VA) 

e Reactive power is measured in volt-amps-reactive 
(VAR). 


Power factor (PF) is the ratio of true and apparent 
power (W/VA); this is a measure of circuit efficiency. 


kW 


Active component I cos 6 


kVAR 


0 Reactive component I sin o 


Figure 8.23 Components of currents due to 
phase difference 


energy solution is simple to employ and can be scaled up, or down, indefinitely. 


It sounds like we can build a Crystal Energy Receiver. Let's give it a shot... 


Step 1: What You'll Need 
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A power factor of one (unity) 1s for a purely resistive 
circuit; a power factor of zero is for a purely reactive 
circuit. Aircraft generators and inverters are rated in 
kVA, with a stated power factor over a given range. 


8.11 Multiple choice questions 


l. 


The reverse current relay is needed on any DC 

generation system to prevent the: 

(a) battery from feeding excess current back 
through to the generator’s armature 

(b) generator from feeding excess current back 
through to the battery 

(c) battery from feeding excess current to the 
starter motor. 


The current limiter device: 

(a) increases the output from a DC generator 
under fault conditions 

(b) reduces the output from a DC generator under 
fault conditions 

(c) reduces the output from a DC generator under 
normal conditions. 


. Battery charge/discharge current is monitored via 


which type of instrument? 
(a) voltmeter 
(b) contactor 
(c) ammeter. 


Referring to Fig. 8.24 different size pins are used 

on external DC power connectors to: 

(a) prevent a reverse polarity voltage being 
applied 

(b) prevent excessive power being applied 

(c) prevent power being applied when the battery 
is discharged. 


5. The main distribution bus is sometimes called 


the: 

(a) essential bus 

(b) emergency bus 
(c) non-essential bus. 


The split bus system is sometimes called a: 
(a) non-parallel system 

(b) parallel system 

(c) standby and essential power system. 
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(a) 


Figure 8.24 See Question 4 


e 


8. 


Inductive or capacitive loads consume: 
(a) real power 

(b) DC power 

(c) reactive power. 


Essential DC power could be supplied from a: 

(a) transformer rectifier unit (TRU) powered 
from the essential DC bus 

(b) ttransformer rectifier unit (TRU) powered 
from the essential AC bus 

(c) inverter powered from the essential 
AC bus. 


Referring to Fig. 8.25 apparent power is 
measured in: 

(a) volt-amps (VA) 

(b) watts (W) 

(c) volt-amps-reactive (VAR). 
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Figure 8.26 See Question 11 
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Figure 8.27 See Question 12 


10. The third pin on external DC power connectors 
is used to: 
(a) charge the battery 
(b) energize the reverse current relay 
(c) energize the ground power relay. 


11. Referring to Fig. 8.26, this device is a 
(a) external power relay 
(b) current limiter 
(c) reverse current relay 


12. Referring to Fig. 8.27, this is a schematic 
diagram for a 
(a) contractor 
(b) current transformer 
(c) auto-transformer 


Chapter 
9 


There are many systems on aircraft that need to be 
controlled and/or monitored, either manually by the 
crew, or automatically. A switch provides the sim- 
plest form of control and monitoring. For example, 
the crew need to know if any doors are not closed as 
part of their pre-flight check; on larger aircraft the 
position of control surfaces 1s displayed in the cock- 
pit. Using these two examples, doors can be either 
open or closed; control surfaces can move through 
an infinite number of positions (within their nor- 
mal limits of travel). Many other aircraft parameters 
need to be measured, e.g. temperature and pressure. 
Measurements are made by a variety of transducers; 
these are devices used to convert the desired param- 
eter, e.g. pressure, temperature, displacement etc. into 
electrical energy. This chapter describes generic con- 
trols and transducer devices used on aircraft. 


9.1 Switches 


The simplest form of switch is the on/off device used 
to isolate circuits. Other switch types are used to 
direct the current into pre-determined parts of a cir- 
cuit. Switches are characterized by: 


e number of poles 
e number of switched positions 
e type of switched contacts (permanent or momentary). 


Switches are sometimes guarded or wire-locked with 
fuse wire to prevent inadvertent operation. Some 
switch designs have to be pulled out of a detent posi- 
tion before the position can be changed. They are 
designed to be operated in a number of ways, e.g. 
toggle, push/pull, rocker or rotary selectors. These 
switches are designed with multiple contacts; they can 
be arranged as permanent or momentary contacts. 
The toggle switch is a very basic device; Fig. 9.1 
illustrates its internal schematic and external features. 
Operating the lever/arm opens and closes switch con- 
tacts. Operating levers on toggle switches are some- 
times ganged so that more than one circuit is operated. 
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The simplest switch has two contact surfaces that 
provide a link between circuits; these links are referred 
to as poles. Switch contacts can be normally open 
or closed and this is normally marked on the switch 
(NO/NC). The number of circuits that can be linked 
by a single switch operation is called the throw. The 
simplest form of switch would be single pole, single 
throw (SPST). Schematics of switch configurations 
commonly found in aircraft are illustrated in Fig. 9.2. 

Some switches are designed with instinctive tactile 
features so that the risk of selecting the wrong system 1s 
minimized, e.g. the flap up/down switch-operating lever 
would be shaped in the form of an aerofoil; the undercar- 
riage selection switch-operating lever would be shaped 
in the form of a wheel (see Chapter 14 for examples). 

Push/pull-operated switches incorporate a spring to 
hold the contacts open or closed; the switch contacts 
are therefore push-to-make or push-to-break. Rocker 
switches (Fig. 9.2b) combine the action of toggle and 
push/pull devices. Rotary switches are formed by 
discs mounted onto a shaft; the contacts are opened 
and closed by the control knob. 


9.1.1 Combined switch/light devices 


Modern aircraft panels utilize a combined switch and 
light display; the display is engraved with a legend or 
caption indicating system status. These can be used 
in a variety of ways e.g. to show system on/off. The 
switch portion of the device can be momentary or con- 
tinuous; small level signals are sent to a computer or 
high-impedance device. Internal backlighting is from 
two lights per legend for redundancy; these are pro- 
jected via coloured filters. The two captions provide 
such information as press to test (P/TEST). Examples 
of combined switch/light devices are given in Fig. 9.3. 


Test your understanding 9.1 


Explain the switch terms ‘throw’ and ‘pole’. 
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9.1.2 Micro-switches 


These are used to sense if a device has moved or has 
reached its limit of travel, e.g. flap drive or undercar- 
riage mechanisms. Figure. 9.4 illustrates the internal 
schematic and electrical contacts of a typical micro- 
switch product. The contacts open and close with a 
very small movement of the plunger. The distance 
travelled by the armature between make/break 1s 
measured in thousandths of an inch, hence the name 
‘micro’. A snap action is achieved with a contact 
mechanism that has a pre-tensioned spring. 

Micro-switches are attached to the structure and the 
wiring is connected into a control circuit. An example 
of micro-switch application is to sense when the air- 
craft is on the ground; this 1s achieved by mounting a 
micro-switch on the oleo leg. When the aircraft is on 
the ground, the oleo leg compresses and the switch is 
operated. Micro-switches are used to sense the mechan- 
ical displacement of a variety of devices, including: 


control surfaces 

undercarriage 

pressure capsules 

bi-metallic temperature sensors 
mechanical timers. 


Proximity switches perform the same function as 
micro-switches; they sense the presence of an object 
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Figure 9.3 Combined switch/light: (a) typical 
installation, (b) electrical schematic, (c) external 
features 


by the interruption of a magnetic circuit. There are 
two types of proximity switch: reed and solid state. 
The reed switch device comprises two hermetically 
sealed sections as illustrated in Fig. 9.5. One section 
(the actuator) contains a magnet; the other section (the 
sensor) contains a reed armature with rhodium-plated 
contacts. The usual arrangement is for the sensor 
unit to be fixed to the aircraft structure; the actuator 
is attached to the item being monitored, e.g. a door. 
When the gap between the actuator and the sensor 
reaches a pre-determined distance, the reed contacts 
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Figure 9.4 Micro-switch schematic: (a) internal 
schematic, (b) external features 


close thereby completing the circuit. They open again 
when the actuator and sensor are moved apart. 

The solid state proximity switch is based on an 
inductance loop and steel target as illustrated in Fig. 
9.6. This inductance loop is the input stage of an elec- 
tronic switch unit incorporated as part of the actuator. 
As the target moves closer to the coil, the inductance of 
the coil changes. An electronic circuit determines when 
the inductance has reached a pre-determined level. The 
obvious advantage of this type of switch is that there 
are no switch contacts, hence higher reliability. 


9.1.3 Proximity switch electronic unit 


Some aircraft are installed with a proximity switch 
electronic unit (PSEU). This unit receives the position 
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of various items, e.g. flaps, gear, doors, etc and com- 
municates this information to other systems including: 


e take-off and landing configuration warnings 
e landing gear position indicating and warning 


Sensor unit 
(Switch) 
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schematic 
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e air/ground relays 
e airstairs and door warnings. 


The PSEU is integrated with the master caution sys- 
tem, and used to indicate if a problem exists that has 
to be corrected before flight. (The above systems are 
discussed in subsequent chapters.) 


Key point 


Typical applications for micro-switches and proxim- 
ity switches include sensing the positions of flaps, 
gear, doors etc. On a large transport aircraft there 
can be up to 100 such devices. 


Key maintenance point 


The maintenance engineer will often need to adjust 
micro-switch or proximity switch positions to ensure 
that they are correctly positioned; this will compen- 
sate for any displacement of the switch. 


Test your understanding 9.2 


What is the difference between proximity and 
micro-switches? 


9.2 Relays and contactors 


These electromechanical devices interrupt or com- 
plete a circuit when activated from a remote source, 
see Fig. 9.7. Changeover relays consist of a coil, 
moving contact (armature) and external connections. 
When the coil has current flowing through it the elec- 
tromagnetic effect pulls in the contact armature. 
The armature is pivoted and is held in position by the 
spring force; with no current flowing, the armature 
returns to its original position by the spring force. 
Contactors operate in the same way; the differ- 
ence between them is their physical construction and 
application. Relays are generally used for low current 
applications; contactors (also known as breakers) are 
used for switching higher currents, e.g. for connect- 
ing battery power to the aircraft. The features of a 
contactor include the main power contacts and auxil- 
iary contacts used for indication and control of other 
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devices, e.g. lights and relays in power distribution 
systems (contactors/breakers are described in this 
context in Chapter 8). 

Reed relays are used in control circuit applications; 
they are generally found within components, e.g. 
mounted onto printed circuit boards. Figure. 9.8 illus- 
trates the principles of a reed relay. Slugged relays 
have delayed operating times and are needed in spe- 
cialized applications. The delay in opening/closing the 
contacts is achieved by a second coil wound around 
the main coil; the turns are arranged such that the 
build up of magnetic flux in the main coil is opposed 
by the build up of magnetic flux in the secondary coil. 


9.2.1 Relay configurations 


The simplest relay has two contact surfaces that pro- 
vide a link between circuits; these links are referred to 
as poles. Relay contacts can be normally open or closed 
(NO/NC) and this is normally marked on the body of 
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the relay. The number of circuits that can be linked by a 
single relay operation is called the throw. The simplest 
form of relay would be single pole, single throw (SPST). 
Relay configurations commonly found in aircraft are 
illustrated in Fig. 9.9. Typical relay installations on a 
general aviation aircraft are shown in Fig. 9.10. 


Key maintenance point 


The pull-in voltage of a relay is the specified voltage 
need to attract the armature and close or open the 
switch contacts. 


Key maintenance point 


The drop-out voltage of a relay is the specified point 
at which the armature returns to its relaxed position 
when the magnetic force is overcome by the spring 
force. 


9.2.2 Polarized relays 


These are used in control circuits with very low volt- 
ages or currents; the relay is extremely sensitive and 
can respond to levels in the order of mA/mV. This low 
level is often not suitable for the conventional spring- 
loaded armature device since (at very low pull-in/ 
drop-out voltages) the contacts would chatter, leading 
to spark erosion. Polarized relays use magnetic forces 
to attract and repel the armature instead of a spring 
force. The armature is a permanent magnet, pivoted 
between two pole faces formed by the frame of high 


Coil Glass tube 


Input 


(b) 


Reed relay schematic (a) external schematic, (b) internal schematic 
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Figure 9.9 Relay configurations 


Figure 9.10 Relay installation (GA aircraft) 


permeability material. When current flows, the poles 
change and the frame becomes an electromagnet; this 
exceeds the force exerted by the permanent magnet 
and the armature changes position. In this position 
the N-S poles form a strong attractive force and the 
armature is retained in position. If the supply is inter- 
rupted the electromagnetic force is reduced to less 
than the permanent magnet and the armature returns 
to its original position. 
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Key maintenance point 


Contacts in relays and contactors are made from 
silver alloy. The contacts need to have sufficient 
current flowing/switching to provide ‘wetting’ of the 
contacts. In-service problems and failure associ- 
ated with these contacts include: 


e contact erosion 
e welded contacts 
e contact corrosion. 


9.3 Variable resistors 


Variable resistors are mounted on a linear slider or 
rotary shaft to provide a user-adjustable resistance; typ- 
ical applications include the control of lighting, audio 
volume or generator regulator trimming. They are 
sometimes combined with micro-switches to provide 
an on/off control function. Variable resistors are pro- 
duced as either: 


e potentiometers 
O preset resistors 
e rheostats. 
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(a) (b) (c) (d) 


Figure 9.11 Variable resistors: potentiometers, 
preset or rheostats 


Figure 9.11 provides some examples of symbols used 
for variable resistors. When the intention is for the 
pilot or maintenance engineer to adjust the circuit 
resistance for control purposes, e.g. audio volume or 
lighting intensity, the variable resistor device is used. 
If the circuit resistance is only intended to be adjusted 
in the workshop, a preset device is used. 

A potentiometer (often called a ‘pot’ for short) is 
a type of variable resistor that is normally used as a 
voltage divider; this is a circuit used to supply a por- 
tion of the power supply voltage from a resistive con- 
tact. The potentiometer is typically a three-terminal 
resistor with a sliding centre contact (the wiper). If 
all three terminals are used, it can be used in the volt- 
age divider application. If only two terminals are used 
(one end of the resistor and the wiper), it acts as a 
variable resistor. 


Key maintenance point 


Corrosion or wearing of the sliding contact can 
lead to audio volume or lighting intensity problems, 
especially if the centre contact (the wiper) is kept in 
one position for long periods. 


Key point 


A rheostat performs the same function as the 
potentiometer, but is physically much larger, being 
designed to handle much higher voltage and/or 
current. Rheostats are constructed with a resistive 
wire formed as a toroidal coil, with the centre con- 
tact/wiper moving over the surface of the windings. 
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9.4 Linear displacement transducers 


Many aircraft parameters need to be measured, 
including: speed, altitude, temperature and pressure. 
Measurements are made by a variety of transducers; 
these are devices used to convert the desired param- 
eter into an electrical signal that can be used in a con- 
trol system and/or display. 


9.4.1 Solenoids 


The solenoid is a type of transducer that converts 
electrical energy into linear displacement. Typical 
applications include the actuation of pneumatic or 
hydraulic valves. They are electromechanical devices, 
consisting of an inductive coil wound around a steel 
or iron armature. The coil is formed such that the 
armature can be moved in and out of the solenoid’s 
body. The armature is used to provide the mechanical 
force required to the item being moved. 


9.4.2 LVDT 


The linear variable differential transformer (LVDT) 
is a transducer used for measuring small linear dis- 
placements. The LVDT has three transformer wind- 
ings located within a housing; the centre coil is the 
primary winding; the two outer coils are the second- 
ary windings, see Fig. 9.12. A ferromagnetic core, 
connected to the item being measured, moves along 
the axis of the housing. The 26 VAC 400 Hz supply is 
connected to the primary windings, causing a voltage 
to be induced in each of the secondary windings pro- 
portional to its mutual inductance with the primary. 

When the core is displaced from its neutral posi- 
tion, the mutual inductances change, causing the volt- 
ages induced in the secondary windings to change. 
The coils are wound such that the output voltage is 
the difference between the two secondary output volt- 
ages. When the core is in its neutral position (equidis- 
tant between the two secondaries) equal and opposite 
voltages are induced in the two secondary coils, so 
the output voltage is zero. 

When the core is displaced, the voltage in one 
secondary coil increases as the other decreases; 
the resulting output voltage starts to increase in phase 
with the primary voltage. When the core moves in the 
opposite direction, the output voltage increases, but is 
out of phase with the primary. The output voltage is 
therefore proportional to displacement of the core; the 
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Figure 9.12 Linear variable differential 
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output voltage phase is used to determine the direction 
of movement. This AC output is then fed into a phase 
sensitive rectifier; the phase difference is then indi- 
cated by the +/— polarity of the DC output. 


9.4.3 El sensor 


Another device used for measuring very small move- 
ments in control systems is the El sensor. This device 


gets its name from the shapes of the fixed E and pivoted 
I laminated cores, see Fig. 9.13(a). The centre limb of the 
E core is wound with the primary turns of a transformer; 
the outer limbs of the E core are wound with the second- 
ary turns, see Fig. 9.13(b). These are wound in series, 
and in opposition to each other. The I bar is conne cted 
mechanically to the device being measured for displace- 
ment, e.g. a pressure capsule; it is pivoted and wound 
with a coil that is connected to a reference power supply. 
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One of the reasons this particular renewable energy harvesting method is so 
viable is the relatively few and easy to obtain materials required. 


The simplest crystal receiver design needs no power and can be built with only 
three parts: a coil, a crystal and a resistor. We're going to optimize that design in 
order to produce a cleaner and more reliable output signal by first polarizing the 
input amplitude, then rectifying and filtering the signal. Then we'll add an 
antenna, case and connections. 


Get the circuit diagram here (http://www.drewpauldesigns.com/crystal-energy- 
receiver-kit.html) 

Get the kit here (http://www.drewpauldesigns.com/crystal-energy-receiver- 
kit.html) 
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Figure 9.13 El sensor -— general arrangement: 
(a) core arrangement, (b) core windings 


With the I bar in a neutral position: 


e the air gaps at each end are equal 

the magnetic flux is equal 

e equal and opposite voltages are generated in the 
outer limbs 

e the output from the sensor is zero. 


Referring to the schematic in Fig. 9.14, when the 
I bar moves, the air gaps become unequal, causing 
the reluctance to change. Flux in one limb (with the 
smaller gap) increases, flux in other limb decreases. 
The induced voltages change; the output voltage is Figure 9.14 El sensor operation 
amplified for use in a control system. This measures 

the phase angle and magnitude of the EI sensor. 
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9.5 Fluid pressure transducers 


There are two basic methods used to measure fluid 
pressure: the Bourdon tube or a capsule. Typical fluid 
pressures being measured on the aircraft include 
hydraulic oil and fuel. 


9.5.1 Bourdon tube 


The Bourdon tube was invented by Eugene Bourdon 
(1808-84), a French watchmaker and engineer. The 
pressure-sensing element is a tube with either a flat or 
elliptical section; it is formed as a spiral or curve, see 
Fig. 9.15. One end of the tube is sealed and connected 
to a pointer mechanism, the open end is connected to 
the fluid system via a pipe. 

As the applied pressure from the fluid system 
increases, the tube will tend to straighten out, while 
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Figure 9.15 Bourdon tube principles 
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a reduced pressure will cause the tube to return to 
its original shape. This movement is transferred via 
the gear mechanism to move a pointer. The pointer 
moves across a scale thereby providing a direct 
reading of pressure. Materials used for the tube are 
selected for the pressure range being measured; these 
include phosphor bronze (0-1000 psi) and beryllium 
copper (0-10,000 psi). The Bourdon tube principle 
can also be used to remotely measure pressure, see 
Fig. 9.16. 


9.5.2 Pressure capsule 


The other method used for measuring fluid pressure is 
with a capsule, see Fig. 9.17. As pressure is applied 
by the fluid, the capsule expands. This moves an iron 
bobbin within the envelope of two inductor coils. 

These coils are part of an AC ratiometer system 
as illustrated in Fig. 9.18. The linear shaded pole 
motors are single-phase induction motors. An unbal- 
ance of currents in the inductor coil circuits is caused 
by displacement of the cores within the coil. Current 
then flows in one of two directions into the motor cir- 
cuits. The rotors of the motor are the aluminium discs 
attached to a shaft. This arrangement produces a low 
starting torque to produce a responsive indicating 
system. 

An alternative arrangement is to connect the iron 
bobbin to a micro-switch to provide indications of 
low/high pressure. The advantage of this capsule sys- 
tem is that pressure pipes do not need to be run all the 
way up to the cockpit indicators. 
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Figure 9.16 Bourdon tube/remote pressure sensing 
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Figure 9.17 Pressure transducer 
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Figure 9.18 AC ratiometer 
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9.6 Temperature transducers 


Aircraft use a variety of temperature transducers, or 
sensing devices, ranging from the simple bi-metallic 
strip or thermostat through to thermistors and ther- 
mocouples. The type of sensor used depends on the 
application and takes into account: 


temperature range 
accuracy requirements 
type of output required 
cost. 


9.6.1 Bi-metallic strip 


A bi-metallic strip converts temperature changes into 
mechanical displacement as an on/off measurement. 
The device consists of two strips of different metals 
with different coefficients of thermal expansion. The 
strips or elements are joined together by rivets, by 
brazing or by welding (see Fig. 9.19). 

Differential expansion causes the element to bend 
one way when heated, and in the opposite direction 
when cooled below its nominal temperature. The metal 
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Figure 9.19 Bi-metallic strip principles: 
(a) before heating, (b) after heating. 


with the higher coefficient of expansion is on the outer 
side of the curve whilst the element is heated and on 
the inner side when cooled. The element can be formed 
as a switch contact, called a thermostat, to open or 
close a circuit when temperature limits are exceeded. 
Alternatively the element is formed in a spiral shape 
so that temperature changes cause a shaft to rotate; the 
typical application for this is an outside air temperature 
indicator, see Fig. 9.20 (a). The sensing portion of the 
indicator projects through windscreen (Fig. 9.20(b)) 
into the ambient air. 


9.6.2 Thermistors 


A thermistor is a type of resistor (thermal resistor) 
used to measure temperature; the principle is based on 
the known relationship between resistance and tem- 
perature. The thermistor product used on aircraft is 
the resistance temperature device (RTD), also known 
as a resistance thermometer detector, or temperature 
bulb. Figure. 9.21 illustrates some features of an RTD. 
A length of very small diameter wire is wound on a 
bobbin to form resistance windings. The bobbin is 
contained within a stainless steel body to protect the 
windings against contaminants. Each end of the wind- 
ings is soldered onto pins that are formed into an elec- 
trical connector; this is welded to the flange, resulting 
in a hermetically sealed unit. 

The principles of this temperature-measuring device is 
based on measuring the change of resistance of a metal 
element and interpreting this as temperature. Metal ele- 
ments have a positive temperature coefficient; certain 
metals, e.g. nickel and platinum, have a very stable and 
linear relationship between resistance and temperature, 
see Fig. 9.22. Nickel is less accurate than platinum, and 
is non-linear below 200°C, but has lower cost. 

RTDs are typically used within a DC ratiometer 
circuit, see Fig. 9.23. A permanent magnet is attached 
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(a) 


(b) 


Figure 9.20 Bi-metallic strip application: (a) 
outside air temperature indicator, (b) outside 
air temperature (sensor projecting through 
windscreen) 


to the pointer of the measuring instrument. When the 
RTD resistance is equal to the fixed resistor value, the 
current in each leg is equal and the pointer takes up the 
centre position. With a change in temperature, the RTD 
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(RTD) features 


resistance value changes and the current through each 
leg 1s not equal, thereby causing the pointer to take up 
a new position. The position of the pointer 1s in propor- 
tion to the ratio of currents in each leg of the network. 
Alternatively they are used in a Wheatstone bridge 
circuit, named after Sir Charles Wheatstone (1802-75), 
a British scientist. The circuit was actually invented 
by Samuel Hunter Christie (1784-1865), a British 
scientist and mathematician; Sir Charles Wheatstone 
further developed the circuit. It was used to meas- 
ure an unknown value of resistance by balancing two 
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Figure 9.22 RTD temperature and resistance 
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Figure 9.23 DC ratiometer 


legs of a bridge circuit, one leg of which includes the 
unknown value. 

This circuit developed by Wheatstone is based on 
Ohm’s and Kirchhoff’s laws. It is typically used as 
an accurate method to overcome the effect of power 
supply variations. Referring to Fig. 9.24, resistors R,, 
R,, and R, have fixed values; the RTD is the variable 
resistor in the bridge network. Current /; splits from 
the power supply splits into /; and /,. Depending on 
temperature, if the RTD value equals R; then /, = J, 
and Y, = Vz so J; is zero and the meter pointer has a 
zero deflection. A change in value of RTD (as a result 
of temperature) means that V, is no longer equal to 
Vg. Current J, increases and the meter pointer is 
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Resistance temperature detector (RTD) 


Figure 9.24 Wheatstone bridge 


deflected, thereby indicating a change in temperature. 
For a given temperature, if the power supply voltage 
changes, then /; will change in proportion, however 
I, and J, will be the same irrespective of the change in 
voltage. Thus, any variation in power supply does not 
affect the temperature reading. (R, and R, are used to 
prevent a short circuit if the RTD value is zero ohms.) 


9.6.3 Thermocouples 


The thermocouple principle is based on a thermo- 
electric effect; this is a generic expression used for 
temperature-dependent electrical properties of matter. 
Thermocouples use the potential difference that results 
from the difference in temperature between two junc- 
tions of dissimilar metals. This thermoelectric poten- 
tial difference is called the Seebeck effect, named 
after the German physicist Thomas Seebeck (1770— 
1831). Two metal conductors made out of different 
materials are welded at each end to form junctions, 
see Fig. 9.25(a). The thermocouple junction is housed 
with a stainless steel tube to provide mechanical 
support; the wires are terminated as a junction in the 
thermocouple head. 

When a temperature gradient between each junction 
is created, electrons will diffuse from the higher tem- 
perature junction to the colder junction. This creates 
an electric field within the conductors, which causes a 
current to flow, and an electromotive force (e.m.f.) to 
be generated. In a simple circuit, Fig. 9.25(b), the hot 
junction is exposed to an unknown temperature (T). 
The cold junction is contained with the indicator 
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Figure 9.25 Thermocouple principles: (a) 
the Seebeck effect, (b) simple thermocouple 
circuit, (c) practical thermocouple circuit 


(measuring current); this is at a known temperature 
(Tı). The practical thermocouple circuit is shown in 
Fig. 9.25(c). The hot junction is located in the ther- 
mocouple head, or probe. Connecting cables back 
to the meter are either built into the probe as flying 
leads, or they are attached onto external connectors. 
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Figure 9.26 Thermocouple output (voltage/temperature) 


Key maintenance point 


It is important that the materials used in the har- 
ness are matched to the thermocouple type, oth- 
erwise additional junctions would be formed by 
dissimilar materials causing unwanted junctions 
and additional temperature gradients. 


The relationship between the temperature gradient 
and EMF is linear; a typical thermocouple will gener- 
ate approximately 4mV per 100°C of temperature dif- 
ference, see Fig. 9.26. 

There are many different combinations of materi- 
als used for the two thermocouple wires; the choice 
of materials depends mainly on the operational range 
of temperatures to be measured. Typical materials and 
upper temperatures are: 


e nickel-chrome/nickel-aluminium alloys* (1000°C) 
e iron/constantan (400°C) 
e copper/constantan (300°C) 


Another term associated with thermoelectric principles 
is the Peltier effect, named after Jean Peltier (1785— 
1845). This is the opposite of the Seebeck effect; by 
applying a potential difference between two junctions, 
the temperature of the materials can be controlled. 


* These are often referred to as chromel and alumel; trade- 
names of the Hoskins Manufacturing Company. Further 
details of thermocouple applications are given in Chapter 10 
(engine systems). 


Test your understanding 9.3 


Explain the basic principles of bi-metallic switches, 
RTDs and thermocouples. 


Key point 


In an ideal thermocouple circuit, the cold junction 
should be maintained at constant temperature to 
ensure that the temperature difference is being 
accurately measured. 


9.7 Strain transducers 


Strain is defined as the deformation of a material 
caused by the action of stress. Defined as force per 
unit area, stress is a measure of the intensity of inter- 
nal forces acting within a body. Strain is determined 
by a change that takes place between two material 
states, from the initial state to the final state. The 
physical displacement of two points in this material 
between these two states is used to express the numer- 
ical value of strain. A strain gauge is a device used to 
measure the deformation of a material when forces act 
upon it; the principles of a metallic foil strain gauge 
are illustrated in Fig. 9.27. Edward E. Simmons, an 
electrical engineer from the USA, developed the prin- 
ciple of the metallic foil type in 1938. 
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Figure 9.27 Strain gauge principles (a) no 
strain, (b) tension, (c) compression 


The piezo-resistive strain gauge is based on the 
material’s change of electrical resistance when sub- 
jected to mechanical stress. This effect was first 
discovered in 1856 by Lord Kelvin (1824-1907), a 
British mathematician, physicist and engineer. The 
principle was subsequently developed with silicon 
and germanium semiconductors during the 1950s. 

Strain gauges have a number of applications on air- 
craft, e.g. the measurement of torque in an engine drive 
shaft. The metallic foil gauge is attached to the surface 
of the shaft, either by a suitable adhesive (metallic foil 
strain gauge) or it can be fabricated as an integral sec- 
tion of the tube surface. As the shaft is twisted by engine 
power, the strain gauge is deformed, causing its electri- 
cal resistance to change. Applications of this principle 
are discussed further in Chapter 10 (engine systems). 
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9.8 Rotary position transducers 


There are many examples on an aircraft that require 
the measure of angular position; for example the posi- 
tion of shafts that drive control surfaces. By measur- 
ing the angle of the shaft mechanism that drives a 
control surface, and indication can be provided to the 
flight crew, or used in a computer. The type of power 
supply available (DC or AC) determines the main 
types of synchro systems used on aircraft. 


9.8.1 DC synchro 


The DC synchro consists of a transmitter and receiver 
as illustrated in Fig. 9.28. The transmitter 1s wire-wound 
circular resistance with three pick offs. The input shaft 
(of the device being monitored) is attached to the two 
contacts that slide across the resistance windings. These 
contacts are insulated from each other and connected to 
the power supply. The receiver contains a permanent 
magnet attached to a shaft; the magnet is positioned 
within three stator windings. DC synchros are known 
by various trade names including Selsyn and Desyn. 
With the two contacts in the positions shown in Fig. 
9.28, the power supply current enters the resistor at point 
A, current flows into the top coil (A) of the receiver and 
splits into the lower coils (B and C). This current sets up 
three magnetic fields around each of the three coils; the 
permanent magnet in the receiver takes up a position that 
aligns with the resulting magnetic field. A pointer attached 
to the receiver shaft moves to a position inside the indica- 
tor. When the input shaft of the transmitter 1s rotated, the 
contacts move to a new position. This alters the balance 
of currents through the resistance windings resulting in a 
change of currents in the receiver coils. The resulting mag- 
netic flux rotates and the permanent magnet aligns to the 
new direction, moving the pointer to a different position. 


Key maintenance point 


The DC synchro suffers from contact wear on the 
resistance windings; this can lead to spurious 
operation. 


9.8.2 AC torque synchro 


The AC torque synchro also consists of a transmitter 
and receiver. These are similar in form; stator and rotor 
windings are illustrated in Fig. 9.29. Interconnections 
are shown in Fig. 9.30. The rotors consist of an iron 
core, single winding, slip-rings and brushes. Stators 
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Figure 9.28 DC synchro (electrical schematic) 


consist of three sets of windings each at 120 degrees 
to each other. The rotors of the transmitter and receiver 
are supplied from same power supply (normally 26V 
AC); this alternating supply flows through both the 
rotor coils via slip-rings. Current flowing through the 
transmitter’s rotor creates an alternating magnetic field; 
this induces currents into each of its stator windings. 


Key point 


Torque synchros have the advantage of no contact 
wear on resistance windings. 


Referring to Fig. 9.31, the current from each of 
the stators flows out of the transmitter and into the 
receiver where it creates magnetic fields in each of the 
stator windings. The receiver’s rotor will be aligned 
in angular position with the transmitter’s rotor. Fig. 
9.31(a) shows the system in correspondence. When 
the transmitter rotor 1s moved, this unbalances the 
induced voltages in the receiver until the receiver’s 
rotor is aligned with the resulting magnetic field. 

The system is then out of correspondence as shown 
in Fig. 9.31(b). When the rotor of the receiver aligns 
itself with the field again, Fig. 9.31(c), the system is 
back in correspondence. 


Key point 


Torque synchros are sometimes referred to by the 
trade name of Autosyn. 
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Figure 9.29 AC torque synchro system: (a) 
transmitter/receiver schematic, (b) transmitter/ 
receiver hardware 
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Figure 9.32 AC Magnesyn synchro 


9.8.3 Magnesyn 


An alternative AC synchro is known by the trade 
name of Magnesyn. The transmitter and receiver are 
similar in construction; see Fig. 9.32. The rotors are 
permanent magnets, the stators are soft iron cores 
with toroidal windings. The transmitter rotor’s perma- 
nent magnetic field is superimposed onto the stator 
field (generated from the power supply). 

When the input shaft is rotated to a given position, 
the resulting magnetic field rotates and this causes the 
receiver’s rotor shaft to take up the same position as 
the input shaft. 


9.9 Multiple choice questions 


1. The number of circuits that can be linked by a 
single switch operation 1s called the: 
(a) pole 
(b) throw 
(c) NO/NC contacts. 


2. The bi-metallic temperature sensor consists of: 
(a) two strips of metal with different coefficients 
of thermal expansion 
(b) two strips of metal with the same coefficients 
of thermal expansion 
(c) two wires welded into a junction. 


3. When a foil strain gauge is deformed, this causes: 
(a) an electromotive force (EMF) to be generated 
(b) its electrical resistance to change 
(c) different coefficients of thermal expansion. 


4. Metal elements used in RTDs have a temperature 
coefficient that is: 
(a) negative, temperature increases cause an 
increase in resistance 


The parts for the circuit include: 

(1) Circuit Board (http: //www.drewpauldesigns.com/crystal-energy-receiver- 
kit.html) 

(1) 10-18 gauge Copper Wire 

(2-12+) Ceramic Capacitors (matched) 

(2-6+) Electrolytic Capacitors (matched) 

“note various types of capacitors can be used 

(4) Germanium Crystal Diodes (1A+) 


Total Unit Cost: +/- $0.40 (USD, scaled for volume of 1,000+ units ) 


In addition, you'll probably want to get: 

(1) Project box (optional) 

(1) Antenna (a loop antenna or elevated antenna is recommended and can be 
made with copper wire) 


The tools you'll need are: 

Soldering Iron/ Solder (optional) 

Multimeter 

Oscilloscope (http://www.seeedstudio.com/depot/DSO-Nano-v3-p-1358.html? 
cPath=63_65) (optional) 


That's it. Yup, that's all. Once we've got it all, let's begin. 


Step 2: Build the Circuit 
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(b) positive, temperature decreases cause an 
increase in resistance 

(c) positive, temperature increases cause an 
increase in resistance. 


5. The rotors of an torque synchro transmitter and 
receiver are supplied from: 
(a) the same power supply (normally 26 V AC) 
(b) different power supplies (normally 26 V AC) 
(c) the same power supply (normally 26V DC). 


6. The thermocouple principle is based on the 
Seebeck effect; when heat is applied: 
(a) a change of resistance is measured 
(b) this causes the element to bend 
(c) an electromotive force (e.m.f.) is generated. 


7. A rheostat performs the same function as a: 
(a) resistance temperature detector 
(b) potentiometer 
(c) Wheatstone bridge. 


8. The solenoid is a type of transducer that converts: 


(a) electrical energy into linear motion 
(b) linear motion into electrical energy 
(c) electrical energy into thermal energy. 


9. Proximity switches perform the same function as: 


(a) micro-switches 
(b) relays 
(c) toggle switches. 


10. The linear variable differential transformer 
(LVDT) is used for measuring: 
(a) small rotary displacements 
(b) variable resistance 
(c) small linear displacements. 


11. Referring to Fig. 9.33, these control devices are: 
(a) toggle switches 
(b) micro switches 
(c) rocker switches. 


Figure 9.33 
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12. Referring to Fig. 9.34, this device is a: 
(a) toggle switch 
(b) micro switch 
(c) changeover relay. 


Figure 9.34 


13. Referring to Fig. 9.35, this circuit is called a: 
(a) wheatstone bridge 
(b) thermocouple bridge 
(c) ratiometer. 


Resistance temperature detector (RTD) 


Figure 9.35 


14. Referring to Fig. 9.36, this schematic is for a: 15. Referring to Fig. 9.37, this chart shows the 


(a) AC magnesyn synchro output of a: 
(b) AC torque synchro (a) RTD 
(c) DC synchro. (b) thermocouple 


(c) strain gauge. 
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The aircraft engine is installed with many systems 
requiring electrical power. The predominant require- 
ment (in terms of current consumption) is for the 
starting system. General aviation aircraft use elec- 
trical starter motors for both piston and gas turbine 
engines; larger transport aircraft use an air-start sys- 
tem (controlled electrically) derived from ground 
support equipment or by air cross-fed from another 
engine. Electrical starting systems on piston and gas 
turbine engines are very different. The trend towards 
the all-electric aircraft will see more aircraft types 
using electrical starting methods. The engine also 
requires electrical power for the ignition system. Once 
again, the needs of piston and gas turbine engines are 
quite different. Although starting and ignition systems 
are described in this chapter as separate systems, they 
are both required on a co-ordinated basis, 1.e. a means 
to rotate the engine and ignite the air/fuel mixture. 

Electrical and electronic requirements for engines 
also include the variety of indicating systems required 
to operate and manage the engine. These indicating 
systems include (but are not limited to) the meas- 
urement and indication of: rotational speed, thrust, 
torque, temperature, fuel flow and oil pressure. 
Indications can be provided by individual indica- 
tors or by electronic displays. This chapter describes 
engine starting, ignition and indicating system for 
both piston and gas turbine engines. 


10.1 Starting and ignition 


10.1.1 Piston engines 


The original way of starting piston (internal combus- 
tion) engines was by ‘swinging’ the propeller; this 
involves using the propeller as a lever to turn the 
engine shaft. The method in widespread use on most 
engines now is a starter motor powered by the aircraft 
battery. Basic electrical starting systems comprise 
a series or compound wound motor with engaging 
mechanism. 


The simplest method of physically connecting the 
motor to the reciprocating engine is via a pinion on 
the motor that engages with a gear ring attached to 
the crankshaft; this mechanism disconnects after the 
engine has started. This pinion and gear ring provides 
a gear ratio in the order of 100:1 to turn the engine at 
sufficient speed to overcome compression and bear- 
ing friction. 

Referring to Fig. 10.1, the battery master switch is 
selected on; this energizes the battery relay and power 
is applied to the busbar and starter relay. When the 
starter switch is closed, this energizes the starter relay 
and applies power to the starter motor. As soon as the 
engine fires and starts, the starter switch is released 
and power is removed from the motor; this opens the 
starter relay contacts. 


10.1.2 Twin-engine (piston) starting 
system 


The twin-piston engine aircraft is started in a simi- 
lar way to the single engine. Referring to Fig. 10.2, 
power is applied from the battery to the battery relays. 
When the battery master switch is turned on, power is 
available at both the starter relay. Power is also made 
available at the busbar and the starter circuit breaker 
is fed to the dual starter switch. Each engine is started 
by its own set of contacts. When an engine has been 
started the switch is released and the spring-loaded 
contacts return it to the centre-off position. 


10.1.2.1 Magneto ignition (high-tension type) 


Ignition energy for piston engines is generated from 
a magneto; this provides pulses of electrical power 
via a distributor to spark plugs in each of the engine 
cylinders. The magneto operates on the principle of 
electromagnet induction (Fig. 10.3); it is a combined 
four-pole permanent magnet generator and autotrans- 
former and can be used where there is no aircraft bat- 
tery. The engine drives the input shaft of the magneto 
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Figure 10.1 Electrical starting system 


rotor via a gearbox; the relative movement of trans- 
former windings and the poles of a permanent mag- 
net can be arranged in one of three ways: 


l. The transformer coils are on the shaft and the 
magnet 1s fixed to the housing (rotating armature 
type) 

2. The permanent magnet is rotated by the shaft 
within stationary coils of the transformer (rotating 
magnet type) 

3. A soft iron inductor is rotated between the 
permanent magnet and transformer windings 
(polar inductor type). 


For every revolution of the shaft, a cam opens the 
contact breaker, interrupting the primary current; this 
causes the electromagnetic field in the primary coil 
winding to collapse. As the field collapses there is a 
voltage generated across the primary coil. A capaci- 
tor connected across the contacts discharges when the 
breaker contacts are closed and charges when they 
open. When the capacitor discharges, a high current 
flows through the primary coil, inducing high sec- 
ondary voltages. The capacitor also prevents arcing 
across the breaker contacts, and determines the volt- 
age across the primary coil thereby controlling the 
rate at which the electrical energy dissipates through 
the primary coil. The magneto’s output is directed 
to the spark plugs via a distributor. The distributor 
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shaft is connected via gears to the magneto shaft; this 
ensures that energy is applied to the spark plugs with 
the correct timing. 

In the aircraft engine, each cylinder normally has 
two spark plugs, each driven from a separate mag- 
neto. This arrangement provides redundancy in the 
event of failure of one of the magnetos. Two sparks 
per cylinder also provides a more complete and effi- 
cient burn of the fuel/air mixture. The magneto’s sim- 
plicity and self-contained design provides reliability 
as well as light weight. An on/off switch controls the 
system; in the off position, the primary winding is 
connected to ground, and this prevents current from 
being induced in the primary windings. 


10.1.2.2 Magneto ignition (low-tension type) 


A larger piston engine has more cylinders and is 
designed to operate at higher altitudes. Decreased 
atmospheric pressure means that the high-tension 
magneto system is prone to electrical insulation 
breakdown in the distribution cables. The low-tension 
magneto system is based on the polar inductor 
method. The output from the magneto is a low volt- 
age; this is increased to a high voltage by secondary 
transformers located near the plugs. This reduces 
the length of high-tension cable and reduces the risk 
of insulation breakdown in the distribution cables. 
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Figure 10.2 Twin-piston engine aircraft starting 


Brushes and commutators form the low-tension 
magneto distributor. Ignition cables carry the high 
energy from the magneto to the plugs. The single core 
of stranded conductors is insulated by a substantial 
thickness of material. 


10.1.2.3 Spark plugs 


These conduct the high-energy output from the mag- 
neto across an air gap, see Fig. 10.4. The fuel/air 
mixture across the gap is an insulator; as the voltage 
from the magneto increases, it alters the structure of 
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the fuel/air mixture between the electrodes. Once the 
voltage exceeds the dielectric strength of the fuel/air 
mixture, it becomes ionized. The ionized fuel/air mix- 
ture then becomes a conductor and allows electrons to 
flow across the gap. When the electrons flow across 
the gap, this raises the local temperature to approxi- 
mately 60,000K. The electrical energy is discharged 
as heat and light across the air gap, thereby appear- 
ing as a spark with an audible ‘clicking’ sound. This 
energy ignites the fuel mixture in the cylinder. 

The plug is fitted into the cylinder head’s combus- 
tion chamber and is therefore exposed to high pres- 
sures and temperatures; plugs have to operate with 
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Figure 10.4 Spark plugs (new and used) 


minimal deterioration over long periods of time in 
this harsh environment. The outer shell of the plug 
is made from high tensile steel with close tolerance 
threads to locate the plug in the cylinder head; a cop- 
per crush-washer completes the seal against high gas 
pressures. The outer shell is connected electrically to 
the cylinder head through its body. The centre elec- 
trode carries the high tension energy to the spark 
gap; this is formed from a material that is resistant 
to the repetitive arcing, typically nickel, platinum or 
iridium. An insulator separates the inner and outer 


Figure 10.5 Spark plug installation 


sections of the plug, typical materials include mica, 
ceramic, aluminium oxide ceramic. Examples of 
spark plug installations, together with ignition cables, 
are shown in Fig. 10.5. 


Key point 


Two spark plugs per cylinder provides redundancy 
in the event of magneto failure and an efficient burn 
of the fuel/air mixture. 
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Figure 10.6 Gas turbine engine features 


10.1.3 Turbine engine starting 


Starting a turbine engine requires a higher-duty motor 
compared with piston engines; the motor has to 
overcome higher inertia and needs to achieve higher 
cranking speeds. The general features of a gas tur- 
bine engine are illustrated in Fig. 10.6. Air is com- 
pressed through a multi-stage system before entering 
the combustion chamber where it is mixed with fuel 
and ignited. The expanding exhaust gases are then 
directed through a turbine to produce thrust. The tur- 
bine also turns shafts to drive the compressor stages. 

The starter motor has to overcome the inertia of 
the compressor; a large volume of air has to be drawn 
through engine and then accelerated and compressed 
until the engine’s self-sustaining speed is reached. 
Self-sustaining speed is when sufficient energy is 
being developed by the engine to provide continuous 
operation without the starting device. When the tur- 
bine engine is driving a propeller (commonly called a 
turboprop) the starter has to overcome the additional 
inertia of the propeller (helicopter engines are nor- 
mally connected to the rotor via a clutch). 

A typical turbine engine starter circuit is illus- 
trated in Fig. 10.7. Current from the busbar is con- 
nected to the coil of a starter relay via a push-button 
switch. This makes a circuit to a timer switch and 
starter motor via a limiting resistor. (The resistor 
limits excessive currents that would otherwise occur 
in overcoming the initial torque of the motor.) Once 
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the motor speed has reached its nominal operating 
speed, its starting torque reduces and the timer switch 
operates contacts for the shorting relay. With the 
relay energized, current from the busbar is switched 
directly into the motor, 1.e. bypassing the resistor. 
Ignition is switched on when self-sustaining speed is 
reached; power to the motor is removed. 


Key point 


The initial current through the turbine engine starter 
motor is in the order of 1000—1500A, hence the 
need for a limiting resistor and timing circuit. 


Direct-cranking electrical starting systems are 
similar to those used on piston engines. A typical 28 V 
DC four-pole motor produces 15-20 1b/ft of torque. 
The output shaft is clutched into a gear mechanism via 
the accessory gearbox. Typical duty cycles for motors 
in small- to medium-size engine requires speeds of 
3800r.p.m. for up to 90 seconds with current peaking 
at 1000A. The motor must transmit sufficient torque 
to the engine’s rotating assembly to provide smooth 
acceleration from rest up to the self-sustaining speed; 
at this point, the motor is disengaged. 

Some aircraft are installed with a combined 
starter-generator. This involves a permanent cou- 
pling of the starter-generator shaft to the engine 
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Figure 10.7 Turbine engine starter circuit 


via a gearbox drive. The dual-purpose machine is 
compound-wound and the field is connected via a 
changeover relay. During engine start it acts like a 
conventional motor until the engine is up to speed. 
The changeover relay then automatically connects the 
field windings to a voltage regulator and it becomes a 
conventional generator. The starter-generator system 
has reduced weight and component parts compared 
with having a separate starter motor and generator, 
thereby reducing overall operating costs. 


10.1.3.1 High-energy ignition unit (HEIU) 


High-energy ignition is required for starting gas tur- 
bine engines; a dual system is normally installed for 
the main engines. The system comprises two HEIUs 
and two igniter plugs per engine. A typical HEIU 
installed on an engine is shown in Fig. 10.8. Turbine 
ignition systems are switched off after the engine has 
reached self-sustaining speed; the system is used as a 
precaution during certain flight conditions e.g. icing, 
rain or snow. In-flight start uses the wind-milling 
effect of the engine within the specified flight enve- 
lope of air speed and altitude. High voltages are 
required for the igniter plugs to accommodate the var- 
lations in atomized fuel over the range of atmospheric 
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Ignition unit installation 


conditions. Electrical energy is stored in the HEIU 
and then dissipated across the igniter plug. 


Key maintenance point 


The very high voltage output from an HEIU is 
potentially lethal. The HEIU can remain charged for 
several minutes; always refer to the maintenance 
manual for operating procedures. 
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10.1.3.2 Igniter plugs 


Referring to Fig. 10.9, the end of the igniter plug is 
formed with the outer casing insulated from the cen- 
tre electrode. The end of the igniter is coated with a 
semi-conductive ceramic material. The output from 
the HEIU heats the surface of the ceramic material 
and lowers its resistance. This creates a high-intensity 
flashover from the centre electrode to the outer 
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casing. (Note this is a surface discharge, not a spark 
across an air gap.) 


10.1.4 Auxiliary power unit (APU) 
start and ignition 


The APU on large transport aircraft is started elec- 
trically; air is then bled into the air distribution sys- 
tem for the main engines. The APU starter motor is 
engaged and disengaged automatically as part of the 
starting system. Referring to Fig. 10.10, a centrifu- 
gal switch connected to the APU shaft controls the 
start sequence via three sets of contacts that operate 
at 35%, 95% and 110% of maximum speed. An oil 
pressure switch ensures that the system cannot start 
until the lubrication oil pump builds up sufficient 
pressure. 

With the system circuit breaker closed, and the start 
switch selected, the start and control relays are sup- 
plied via the closed 110% switch contacts; the starter 
motor 1s now connected to the electrical supply via 
the start relay. The starting sequence is confirmed via 
a green annunciator light on the control panel; the 
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Figure 10.10 Auxiliary power unit (APU) start and ignition 
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light is connected to the power supply via contacts 
on the control relay. The fuel solenoid holding relay 
(FSHR) is operated via the control relay, and the 35% 
switch contacts; the low-pressure (LP) fuel pump 
motor 1s connected to the power supply via the FHSR. 
The start switch is now released; the starter circuits 
are maintained via the FHSR, 100/35% switch con- 
tacts and control relay. When the oil lube pump 
builds up sufficient pressure, this closes a switch that 
provides a retaining supply for the FSHR. The high- 
pressure fuel shut-off valve is then energized open 
(allowing fuel to be delivered under pressure into 
the APU) and the ignition system is supplied via the 
95% contacts. The APU continues to accelerate; at 
35% engine speed, the start and control relays open; 
the starter motor is disengaged, and the ‘start’ light is 
switched off. At 95% of maximum speed, the contacts 
open and the ignition is switched off. The APU start 
sequence is now completed, and the engine runs con- 
stantly at 100% r.p.m. (There is no throttle control on 
the APU.) 

The APU can be shut down either manually (by 
selecting the APU to off) or automatically. Loss of oil 
pressure at any time will automatically shut the APU 
down. An overspeed condition (sensed by the 110% 
switch opening its contacts) will de-energize the 
fuel solenoid holding relay, close the high-pressure 
fuel shut-off valve and remove power from the low- 
pressure booster pump. 


10.1.5 Main engine start 


The main engines are normally started via air-driven 
motors; there are three sources of air for starting the 
main engines: 


eo APU 
e ground air supply cart 
e another engine. 


A typical air distribution system is illustrated in 
Fig. 10.11.Valves, controlled either manually or 
automatically, are operated by motors. With the APU 
started and running at normal speed, a switch on the 
start control panel opens the APU bleed valve. Air is 
directed through the isolation valve and engine bleed 
valve to the engine start valve. 

When using the ground air supply cart, an exter- 
nal connection is made and air is directed through 
the engine bleed valve to the start valve, or through 
the isolation valve and engine bleed valve to the start 
valve. When using another engine (that is already 
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running), air is supplied from its bleed valve, through 
the isolation and bleed valves of the engine to be 
started and through to the start valve. 

For illustration purposes, a twin-engined aircraft 
starting and ignition system is described; refer to Fig. 
10.12. There is a combined start and ignition control 
panel located in the overhead panel; in the illustra- 
tion, this is fitted with a rotary switch for each engine. 
The operation and functions of this switch are identi- 
cal for each engine. The switch has to be pushed in 
before any selections can be made; this is to prevent 
accidental movement of the switch. Selecting ground 
(GRD) connects 28 V DC to energize the start switch 
holding coil. 

The circuit is completed through the cut-out con- 
tacts in the engine starter valve. The start switch is 
now held in the GRD position and the ground start 
sequence is initiated. The 28 V DC supply also ener- 
gizes the start valve solenoid and this opens the valve, 
supplying air to drive a small turbine in the starter 
motor. The turbine connects through an accessory 
gearbox onto the engine’s HP compressor shaft. 

At approximately 16% of maximum rotational 
speed, the start lever is moved from the cut-off posi- 
tion to ‘idle’. This applies 28 V DC through a second 
pair of contacts of the start switch and ignition switch 
to supply the HEIU. Each igniter plug discharges at 
a high level, typically 20 joules of energy, at 60-90 
discharges per minute. (This can be heard outside 
the engine as an audible ‘clicking’ sound.) At a pre- 
determined cut-out speed, the centrifugal switch in the 
starter motor opens: the start switch is de-energized 
and returns (under spring force) to the off position. 
The 28V DC power supply is removed from the HEIU 
and the start valve motor drives to its closed position. 
The engine continues to accelerate to the ground idle 
speed; this is slightly above self-sustaining speed and 
occurs when the engine has stabilized. For a twin-shaft 
axial flow engine, ground idle is typically 60% of the 
high-pressure (HP) compressor speed. 

Low-energy ignition (typically 4 joules of energy, 
at 30 discharges per minute) is used in certain phases 
of flight including take-off, turbulence and landing. 
Furthermore, if the aircraft is flying through clouds, 
rain or snow, continuous low-energy ignition is selected 
on the control panel. This closes a contact on the rotary 
switch and applies power to a second HEIU input. 

In the event of an engine flameout during flight, 
the crew will attempt an in-flight start of the engine; 
this requires a modified procedure to that of the 
ground start. The engine will be wind-milling due 
to the forward speed of the aircraft. The starter valve 
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We're going to build the simplest version of this circuit variation in order to 
understand how each component interacts and as a proof of concept. 


There are three simple systems at work in the circuit that are composed of 
capacitors, which store energy, and diodes that direct it. 


Energy in the band of radio waves, among others, will vibrate a wire antenna on 
an atomic level, sending a discernible signal to its lead. This signal will then 
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Figure 10.11 Typical air distribution system 


and motor are not selected as with the ground start. 
Low 1gnition (LOW IGN) and flight (FLT) are manu- 
ally selected on the control panel until the engine 
reaches flight idle speed. In-flight restarts can only be 
attempted within certain airspeed and altitude limits. 


Key maintenance point 


The starting sequence for a gas turbine engine is 
to: (i) develop sufficient airflow to compress the air, 
(ii) turn on the ignition, and (ili) open the fuel valves. 
This sequence is critical since there must be suffi- 
cient airflow through the engine to support combus- 
tion before the fuel/air mixture is ignited. 
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Key maintenance point 


Facing the aircraft into the wind augments gas tur- 
bine engine starting; this assists with engine accel- 
eration, particularly for turbo-prop engines. The 
propellers are normally designed with a fine-blade 
angle for starting and ground running. 


Gas turbine engines sometimes suffer from a start- 
ing problem that results in fuel entering the combustion 
chamber, but no ignition; this is sometimes referred to 
as a wet start. Engine indications would be the engine 
turning at the correct starter speed, with indications of 
fuel flow, but no increase in exhaust gas temperature 
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Figure 10.12 Turbine starting and ignition system 


(EGT). Observers outside the aircraft could see atom- 
ized fuel or vapour from the engine exhaust. 


Test your understanding 10.1 


Explain the term ‘self sustaining speed’. 


The cause of a wet start is most likely to be a defec- 
tive HEIU and/or igniter plug. The net result is no 
ignition in the combustion chamber and the accumula- 
tion of fuel. If compressor outlet air gets hot enough, it 
could ignite the fuel, causing a rapid expansion of the 
fuel/air mix (effectively an explosion) that could lead 
damage of the turbine section and eject flames from 
the engine exhaust. The procedure is to shut off the 
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fuel supply to the engine and continue turning over the 
engine with the starter motor to clear (or blow out) out 
the fuel. Some starter panels have a selectable blow 
out position to achieve this procedure. 


Test your understanding 10.2 


What is the difference between a flameout and a 
wet start? 


10.2 Indicating systems overview 


Engine indications can be broadly divided into pri- 
mary and secondary systems. Some indication sys- 
tems are unique to gas turbine, turboprop or piston 
engines, some are common to all types. Primary indi- 
cators include: 


speed 
temperature 
thrust 

fuel flow. 


Secondary indicators include (but are not limited to): 


oil temperature 
oil quantity 

oil pressure 
vibration. 


Measurements are made by a variety of transducers; 
these are devices used to convert the desired parameter, 
e.g. pressure, temperature, displacement etc. into elec- 
trical energy. The locations of engine instruments is 
normally between the two pilot’s panels, see Fig. 10.13. 


10.3 Primary indicating systems 


10.3.1 Engine speed 


This is a primary engine indication used on both pis- 
ton and gas turbine engines. It is one of two methods 
used to indicate thrust on gas turbine engines (the 
other being EPR). In gas turbine engines, the usual 
practice is to display a percentage of maximum revo- 
lutions per minute (r.p.m.) rather than actual r.p.m. 
Typical gas turbine engine speeds are in the order of 
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Figure 10.13 Typical engine instruments 


8000-12,000r.p.m. The mathematical notation for 
rotational speed is N; gas turbine engines can have 
up to three shafts (or spools), these are referred to as 
low, intermediate and high-pressure shafts (LP, IP 
and HP). Alternatively, they are referred to numeri- 
cally; the individual shaft speeds are therefore N4, 
N, and N3. Engine speed is monitored by the crew 
at all times; particularly during start and take-off to 
make sure that engine limits are not exceeded. The 
two principal types of engine speed transducer are the 
tachometer and variable reluctance device. 


10.3.1.1 Tachometer system 


The tachometer indicating system is a small three- 
phase AC generator connected via a mechanical link 
to engine accessory gearbox. A tachometer system 
is found on most general aviation aircraft. Referring 
to fundamental principles, the tachometer’s output 
increases with increased engine speed; the output is 
rectified and connected to a moving coil meter. The 
output from the generator is supplied to a three-phase 
AC synchronous motor in the indicator; see Fig. 10.14. 
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Figure 10.14 Tachometer system schematic 


The AC generator tachometer consists of a permanent 
magnet that is rotated inside stator windings wound in a 
three-phase star configuration. Three stator outputs are 
connected to the stator windings of the motor. As the 
engine turns, the permanent magnet induces currents 
in the stator windings. The three-phase output induces a 
rotating field in the motor stator windings. 

Referring to Fig. 10.15, a permanent magnet 1s 
attached to the rotor shaft of the synchronous motor; this 
is connected to the pointer of the indicator. As the stator 
field rotates, the permanent magnet keeps itself aligned 
with the field. A second permanent magnet is attached to 
the indicator rotor; this is located within a drag cup, see 
Fig. 10.16. As this second magnet rotates, it induces eddy 
currents in the drag cup. These currents produce their 
own magnetic fields in opposition to the rotating magnet. 

When the rotating magnet increases in speed, the 
drag (or torque) on the drag cup increases. A hair- 
spring attached to the shaft opposes this torque; the 
net result is the pointer moves across the scale in pro- 
portion to the speed of the engine shaft. 


10.3.1.2 Variable reluctance 


The N1 variable reluctance speed transducer com- 
prises a coil wound onto a permanent magnet core 
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Figure 10.15 Tachometer system installation 
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as shown in Fig. 10.17. This type of sensor 1s found 
on most gas turbine engines. When the blade tip 
passes the sensor, the magnetic field is disturbed. 
This induces a voltage into the coil; as the shaft speed 
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Figure 10.16 Drag cup features 


197 


increases the fan tips pass the sensor at an increase 
rate. The output from the coil is in the form of volt- 
age ‘spikes’. These are counted by a processor and 
used to determine engine speed. Some engines are fit- 
ted with a low permeability material inserted into the 
blade tip to provide a distinctive pulse each time that 
a specific blade passes the sensor. 

The N2 speed transducer is located within the acces- 
sory gearbox, see Fig. 10.18. A gearbox-driven target 
wheel contains a permanent magnet inserted on the 
periphery of the wheel. The coil/core sensor field is dis- 
turbed each time that the target passes the sensor. The out- 
put is supplied into a processor that drives the indicator. 


Test your understanding 10.3 


Explain the terms N1, N2 and N3. How do these 
relate to the HP, IP and LP shafts? 


Fan blades 


Permanent 
magnet 


Figure 10.17 N1 engine speed indication 
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Figure 10.18 N2 engine speed indication 


10.3.2 Engine temperature 


Exhaust gas temperature is a primary gas turbine 
engine indication. Engine temperature is closely mon- 
itored at all times, particularly during start and take- 
off, to make sure that engine limits are not exceeded. 
It is sometimes referred to as: 


turbine inlet temperature (TIT) 
inter-turbine temperature (ITT) 
turbine outlet temperature (TOT) 
exhaust gas temperature (EGT) 
turbine gas temperature (TGT) 
jet pipe temperature (JPT). 
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The type of measurement depends on where the 
probe is located and according to individual engine 
manufacturer’s terminology; Fig. 10.19 illustrates 
some of these locations. The turbine section runs at 
very high temperatures, typically 1000°C; the trans- 
ducer used in this application is the thermocouple 
(sometimes referred to as a ‘temperature probe’). 

A typical engine temperature measurement sys- 
tem is illustrated in Fig. 10.20. On larger engines, 
it is possible to have a range of temperatures in the 
exhaust zone due to the turbulence of gases. 

Some installations feature a thermocouple that 
has two or even three hot junctions within the same 
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Figure 10.19 Engine temperature measurement 


outer tube. This arrangement provides an average of 
temperature within the zone to provide an average 
temperature at different immersion distances in the 
engine, see Fig. 10.21. 


Key point 


Thermocouple junctions alone do not generate 
electromotive force (e.m.f.). The potential difference 
that develops at the heated junction is a function of 
both the hot and cold junction temperatures. 


Small gas turbine engines are normally fitted 
with several thermocouples to provide an average 
temperature and some redundancy in case of failure. 
Larger engines can be fitted with up to 21 thermo- 
couples; these are connected in parallel to provide 
an average reading of the gas temperature in the 
exhaust zone. The interconnecting cables between 
the thermocouple(s) and indicator have to be the 
same material throughout the system otherwise addi- 
tion junctions will be formed, thereby generating 
unwanted voltages. A typical thermocouple cable 
installation is shown in Fig. 10.22. 
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Figure 10.20 Engine temperature system 


Key maintenance point 


nickel-chrome (white) 
nickel-aluminium (green) 


Thermocouple cables are colour-coded to 


reduce the likelihood of different materials being iron (black) 
cross-connected, or mixed in the same installa- constantan (yellow) 
tion (note that these codes vary in some countries; copper (red). 


always refer to the maintenance manual): 
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Figure 10.22 Thermocouple/cable installation 


On piston engines, the EGT indication has a dif- 
ferent application; it is used to adjust the fuel—air 
mixture for economical running of the engine. The 
thermocouple is located in located in the exhaust 
system, reducing the amount of fuel into the cyl- 
inders (called leaning the mixture); this results in a 
more efficient combustion and the exhaust tempera- 
ture increases. When this temperature reaches a peak, 
maximum efficiency has been achieved. Using one 
thermocouple per cylinder averages out individual 
differences and provides enhanced fuel efficiencies. 

Piston engines also use thermocouples to moni- 
tor the cylinder head temperature (CHT). This 
indication is used to monitor the temperature of an 
air-cooled engine. The system can be arranged with 
either one CHT thermocouple per cylinder or just one 
CHT thermocouple per engine. In the latter case, the 
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thermocouple is installed in the hottest running cylin- 
der; on a horizontally opposed engine this would be 
the rear cylinder. The thermocouple can be formed to 
fit under the spark plug or directly into the head itself. 
The advantage of monitoring each cylinder is that 
trend indications can be derived. 


Test your understanding 10.4 


Why are thermocouple cables colour-coded? 


10.3.3 Engine pressure ratio (EPR) 


This is a primary gas turbine engine indication system 
and is one of two methods used to indicate thrust (the 
alternative method is described under engine speed). 
The principle of an EPR indication system is to meas- 
ure the exhaust and inlet pressures and derive a ratio 
between them. EPR probes are located at the inlet and 
exhaust of the engine, see Fig. 10.23. The inlet pres- 
sure probe is a single device, located in the nacelle; 
there can be several exhaust probes connected via a 
manifold. 

Pressures from the inlet and exhaust are sent via 
small diameter pipes to the EPR transducer; this com- 
prises pressure sensors (capsules). These are coupled 
to a mechanism that determines the displacement of 
the capsules as ratio. Outputs from the ratio sensor are 
sent via a linear variable differential transformer 
(LVDT) to the indicator. The EPR signal from the 
transducer is transmitted as a voltage to the indicator. 
The typical range of EPR indications is between one 
and two. 


Test your understanding 10.5 


What EPR reading would be displayed when an 
engine is not running? 


10.3.4 Fuel flow 


This is a primary engine indication for which there 
are various types of transducer; these are located in 
the fuel delivery pipeline. A typical transducer type 
is based on the metering vane principle; see Fig. 
10.24. The metering vane is attached to a shaft; this 
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Figure 10.23 EPR schematic 


rotates when the fuel supply passes through the body 
of the transducer. The circular chamber has sufficient 
clearance to allow fuel to pass through with minimal 
restriction. 

Rotation of the vane is opposed by a spring; the 
angular position of the vane is measured and indi- 
cated by a synchro system, see Fig. 10.25. The meter- 
ing vane system gives an indication of volume flow, 
e.g. gallons or litres of fuel flow per hour. 

An alternative fuel flow transducer is the motor- 
driven impeller principle; see Fig. 10.26. An impeller 
is driven at a constant speed by an AC synchronous 
motor. The fuel that flows through the impeller is 
imparted with a rotational force; this causes the 


turbine blades to rotate against the force of a spring. 
The speed of turbine rotation is therefore proportional 
to fuel flow. Denser fuel imparts more energy into the 
turbine; the transducer is therefore measuring mass 
flow. The turbine is connected to the indicator via a 
synchro system; typical units of mass flow are given 
in pounds or kilograms of fuel per hour. 


10.3.5 Torque 


The power delivered by the engine to the propeller 
shaft can be derived from the relationship: 


Power = torque X speed 


meet the junction between two ceramic capacitors wired in series. This junction 
will force positive charge from the wave to travel in one direction and negative 
charge in the other direction which, when collected again, makes the signal 
uniform and polar. Connecting the two capacitors in series creates leads on 
each end; the now positively charged side of one and the now negatively 
charged side of the other creates a two cell battery. 


This next stage of the circuit takes a signal with a net value of zero, adds the 
absolute values of the positive and negative amplitudes with respect to the origin 
and produces a positive integer. This concept can be thought of as taking: 


(+1) + (-1) + (+1) + 1) = 0 
and converting it to: 


| (+1) + (+1) | =2 
+ 
1160) + (-1)] |= 2 
=4 


Isn't math fun? 


To each of these leads from our two capacitors in series, we will connect two 
crystal diodes, one facing each direction, to form what is called a bridge rectifier. 
A bridge rectifier is a configuration which will convert an alternating current to a 
direct one by cleverly rerouting the signal. 


By connecting the bridge rectifier as shown in the circuit diagram, this direct 
current from the diodes then charges the electrolytic capacitors. This stage 


normalizes the amplitude, making the current constant and usable. 


Components can easily be twisted together for testing and then soldered to a 
circuit board to secure. 


Step 3: Test and Optimize Your Circuit 
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Figure 10.25 Fuel flow indicating system 
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Power is derived from measuring both torque and 
speed; the indication is normally used for turboprops 
and helicopter rotors. Indicators are calibrated in a 
percentage of maximum torque or shaft horsepower 
(SHP). A typical torque indicator used on a twin- 
engined helicopter is shown in Fig. 10.27. 

Indications are given for the output from both 
engines and main rotor (M/R) torque. This is the most 
effective way of indicating the power being produced 
by the engine. 


Fuel delivery 
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There are several methods used to measure torque. 
The torque shaft is formed with toothed or phonic 
wheels, see Fig. 10.28. As the applied torque changes 
the phase difference between the signals obtained from 
the two speed sensors increases. The torque applied to 
the shaft results in a phase difference between the out- 
puts of the two sensors, see Fig. 10.29, 

Torque can also be measured by embedding strain 
gauges into the shaft to measure the deformation 
(strain) of the shaft; these can either be metallic foil 
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Figure 10.26 Fuel flow — impeller principle 
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or semiconductor piezo-resistors (as described in 


Chapter 9). il i H pe 
Test your understanding 10.6 g g i N2 2 coil 
What is the difference between torque and thrust? 

10.4 Secondary indicating systems il ll il 


10.4.1 Oil/fuel temperature [4 HA] 
There is a need for accurate measurement of fluid | | | 
temperatures on and around the engine, e.g. fuel, 

engine lubrication (lube) oil and hydraulic oil. The 

typical temperature range of these fluids is between (b) 


—40 and +150°C. When lube oil operates at high 
temperatures, its viscosity reduces and its lubrication 


Figure 10.29 Shaft torque sensor phase 
differences (a) no load conditions, (b) engine 
lightly loaded, (c) engine heavily loaded. 


Figure 10.27 Typical helicopter torque 
indicator (twin engine) 
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Figure 10.28 Torque transducer principles 
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performance decreases. This leads to engine wear and 
eventual failure of bearings or other engine compo- 
nents. When lube oil operates at low temperatures, 
its viscosity increases, which has an effect on start- 
ing. When fuel is exposed to high temperatures, it 
can vaporize, causing fuel delivery problems and a 
potential risk of explosion; at low temperatures, ice 
formation can occur leading to blocked filters. (Fuel 
systems are further described in Chapter 11.) 

The flight compartment indicator is a moving coil 
meter connected in series with the resistance winding 
of a resistance temperature device (RTD); this item 1s 
described in more detail in Chapter 9. As the tempera- 
ture changes, the resistance changes and this causes 
the pointer to respond accordingly. The meter is acting 
as an ammeter, but since there is a linear relationship 
between temperature and resistance, and since we 
know (from Ohm’s law) that the current in a circuit 
will vary in accordance with resistance, the moving 
coil meter can be calibrated as a temperature indicator. 

This 1s all very well provided that the power sup- 
ply voltage does not change. To illustrate this prob- 
lem, assume a given temperature and hence a specific 
resistance of the RTD. The effect of a varying power 
supply voltage will be to vary the current through the 
RTD and meter; this would change the reading even 
though temperature has not changed; an undesirable 
situation. The method employed to overcome this is a 
circuit called the Wheatstone bridge, as described in 
Chapter 9. This circuit has a number of applications 
and is ideally suited for the RTD. 


10.4.2 Vibration 


Unbalanced shafts on a gas turbine engine can cause 
damage, particularly at high rotational speeds. These 
conditions can be anticipated by measuring the 
engine’s vibration. Sensors used to detect vibration 
are based on piezoelectric crystals; a small electrical 
charge is created when the crystal is vibrated. Each 
engine has a sensor(s) located at strategic locations; 
the output is fed into a processor and displayed on an 
indicator, see Fig. 10.30. 

The output from the processor can also be used to 
illuminate a warning light when pre-determined limits 
are exceeded. A test switch (incorporated into the light) 
is used to energize a relay (or equivalent electronic 
switch); this inserts a known frequency into the process- 
ing circuit to generate a warning. The vibration warning 
circuit also activates the master caution system. 
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10.4.3 Fluid pressure 


Typical fluid pressures being measured on the engine 
include lubrication oil and fuel. There are two basic 
methods used to measure fluid pressure: the Bourdon 
tube or a capsule. The Bourdon tube comprises 
a tube formed into a curved or spiral shape. As the 
applied pressure from the fluid system increases, the 
tube will tend to straighten out, while a reduced pres- 
sure will cause the tube to return to its original shape. 
This movement is transferred via the gear mechanism 
to move a pointer. The pointer moves across a scale, 
thereby providing a direct reading of pressure. The 
other method used for measuring fluid pressure 1s 
with a capsule. As pressure is applied by the fluid, the 
capsule expands. This moves an iron bobbin within 
the envelope of two inductor coils. (The principles of 
Bourdon tubes, pressure capsules and measurement 
systems are described in Chapter 9.) 


10.4.4 Propeller synchronization 


This is a mechanism that automatically synchronizes 
all propellers of a multiengine aircraft to ensure that 
they rotate at the same speed. The main reason for 
synchronizing the propeller speed is for the comfort 
of crew and passengers; propellers that are turning at 
slightly different speeds create a ‘beat’ through het- 
erodyning. This is the creation of new frequencies 
through mixing two different frequencies; one at the 
difference of the two mixed frequencies, and the other 
at their sum. Heterodyning creates beats that can 
become very tiresome to persons inside the aircraft 
over long periods of time. Some aircraft are installed 
with a visual indicator of propeller synchronization. 
Pilots can use this indicator to decide whether or 
not to engage automatic synchronization, or to assist 
with manually synchronization of propeller speeds by 
adjusting the throttles. 


10.5 Electronic indicating systems 


There are two formats of electronic indicating sys- 
tems in widespread use on larger passenger aircraft: 
EICAS and ECAM. The Engine Indication and Crew 
Alerting System (EICAS) is a Boeing-developed 
system that provides all engine instrumentation and 
crew annunciations in an integrated format. The 
system used on Airbus aircraft is the Electronic 
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Figure 10.30 Vibration sensor system 


Centralized Aircraft Monitoring (ECAM) system. 
The two systems operate on different philosophies; 
however, their basic functions are to monitor aircraft 
systems and display relevant information to the pilots. 
Both systems produce warnings, cautions and advi- 
sory messages that need to be evaluated by the crew. 
In certain cases, the system provides the procedures 
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required to address the problem. Each colour display 
unit uses either an active matrix liquid crystal display 
(AMLCD) or a cathode ray tube (CRT). 

EICAS is arranged with two displays in the cen- 
tre instrument panel (upper and lower), see Fig. 
10.31. ECAM uses either a left and right display, see 
Fig. 10.32, or an upper and lower arrangement. The 
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Figure 10.31 


EICAS 


information displayed by EICAS/ECAM includes 
engine thrust, engine r.p.m., fuel flow, oil temperature 
and pressure. Graphical depiction of aircraft systems 
can also be displayed; this includes electrical, hydraulic, 
de-icing, environmental and control surface positions. 


10.5.1 EICAS 
System features include: 


e primary engine parameters displayed on a full- 

time basis 

secondary engine parameters displayed as required 

automatic monitoring of systems 

fault codes, fault history, self test (lower display) 

two computers (includes interfaces, symbol generator, 

memory) 

e select panel, control switches, annunciation, standby 
display. 


This integrated system improves reliability through 
elimination of traditional engine gauges and simplifies 


the flight deck through fewer stand-alone indicators. 
EICAS also reduces crew workload by employing a 
graphical presentation that can be rapidly assimilated. 
A typical EICAS comprises two large high-resolution 
colour displays together with associated control panels, 
two or three EICAS data concentrator units and a lamp 
driver unit. The primary EICAS display presents primary 
engine indication instruments and relevant crew alerts. It 
has a fixed format providing engine data including: 


e engine thrust (EPR) 
e engine rotational speed (N,) 
e exhaust gas temperature (EGT). 


If N1 or EGT limits are exceeded, their respective 
pointers and digital readouts change from white to 
yellow, and eventually to red. Exceedance information 
is stored in non-volatile memory (NVM) for access 
by maintenance engineers when troubleshooting the 
systems. 

Messages are displayed as part of the Caution 
Alerting System (CAS); these are colour-coded to 
indicate their importance. Typical messages include 
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Figure 10.32 ECAM 


low-pressure in the fuel or hydraulic oil systems, doors 
not closed etc. System warnings are automatically col- 
our-coded and prioritized; they are accompanied by an 
audible warning depending on the message priority: 


e Warning messages are red, accompanied by an 
audio alert (prompt action is required by the crew). 

e Caution messages are yellow accompanied by an 
audio alert (timely action is required by the crew). 

e Advisory messages are yellow, no audio alert 
(time available attention is required by the crew). 


The secondary EICAS display indicates a wide 
variety of options to the crew and serves as a backup 
to the primary display. Pages are selectable using the 


EICAS control panel and includes many types of sys- 
tem information, for example: 


hydraulic systems pressure 
flying controls position 
cargo bay temperature 
brake temperatures 

tyre pressures. 


The information on the aircraft system data buses is 
routed to both EICAS displays and both multifunction 
displays. A data concentrator unit (DCU) receives data 
in various formats from a variety of sensors, includ- 
ing the high- and low-speed ARINC 429 bus, from 
analogue and discrete inputs from the engines and 
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other aircraft systems. In the event of a display system 
failure, the other system displays essential information 
in a compacted format. Primary engine indications are 
as before, secondary indications are digital readings 
only. In the event that both systems fail, a standby LED 
display is used for EPR, N1 and EGT. 


10.5.2 Ecam 


This is a flight-phase-related architecture; displays are 
automatically selected for: 


pre-flight 
take-off 
climb 
cruise 
descent 
approach. 


To illustrate ECAM features, during the pre-flight 
phase, checklists are displayed on the left-hand 
screen; this includes information such as brake tem- 
peratures, APU status and advisory messages. During 
the pre-flight checks, the right-hand display provides 
a graphic representation of the aircraft, e.g. if doors 
are open or closed. The system automatically changes 
to the relevant pages needed for the next flight phase. 
System warnings are prioritized, ranging from level 
one to level three; the warning hierarchy 1s similar to 
EICAS. 

Both EICAS and ECAM reduce flight deck clutter 
by integrating the many electro-mechanical instru- 
ments that previously monitored engine and aircraft 
systems. Reliability is increased, and the pilot work- 
load is reduced. Further information on ECAM is 
given in Chapter 13. 


10.6 Multiple choice questions 


1. HEIUs can remain charged for several: 
(a) seconds 
(b) minutes 
(c) hours. 


2. Ground idle speed occurs when the engine has: 
(a) stabilized (slightly above self-sustaining speed) 
(b) stabilized (slightly below self-sustaining 
speed) 
(c) just been started. 
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3. Power from an engine is derived from measuring: 


(a) torque and speed 
(b) temperature and speed 
(c) engine pressure ratio (EPR). 


. When lube oil operates at high temperatures, its 


viscosity: 

(a) reduces and its lubrication performance 
decreases 

(b) reduces and its lubrication performance 
increases 

(c) increases and its lubrication performance 
increases. 


. The starting sequence for a gas turbine engine 1s 


to: 

(a) turn on the ignition, develop sufficient 
airflow to compress the air, and then open the 
fuel valves 

(b) develop sufficient airflow to compress the 
air, open the fuel valves and then turn on the 
ignition 

(c) develop sufficient airflow to compress the air, 
turn on the ignition and then open the fuel 
valves. 


. EICAS warning messages are: 


(a) red, accompanied by an audio alert (prompt 
action is required by the crew) 

(b) yellow, accompanied by an audio alert 
(timely action is required by the crew) 

(c) yellow, no audio alert (time available 
attention is required by the crew). 


. Engine pressure ratio (EPR) is used to measure a 


gas turbine engine’s: 
(a) torque 

(b) thrust 

(c) temperature. 


. Low-, intermediate- and high-pressure shafts are 


also referred to as: 
(a) N1, N2 and N3 
(b) N2, N3 and N1 
(c) N3, NI and N2. 


. Typical units of fuel mass flow are given in: 


(a) pounds or kilograms per hour 
(b) gallons per hour 
(c) litres per hour. 
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10. A gas turbine engine's self-sustaining speed is 
when sufficient energy is being developed by the 
engine to provide continuous operation: 

(a) with the starting device still engaged 
(b) with the ignition system in operation 
(c) without the starting device and ignition. 


11. Referring to Fig. 10.33, this transducer measures: 
(a) speed 
(b) torque 
(c) linear displacement 
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magnet 


Figure 10.33 See Question 11 


12. In turboprop engines, power is measured from: 
(a) engine pressure ratio 
(b) torque 
(c) torque X speed. 
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To test and analyze our circuit, we'll be using a digital voltmeter and 
oscilloscope. 


By connecting a voltmeter to the output, we'll immediately begin to see a small 
voltage climbing in the 10-100mV range. If not, we'll want to check our 
connections and make sure the circuit is not isolated from the environment by 
taking it outside to a clear area. 


Chapter Fuel management 


11 


The management of fuel is essential for the safe and 
economic operation of aircraft. The scope of fuel 
management depends on the size and type of air- 
craft; fuel is delivered to the engines using a variety 
of methods. The system comprises fuel quantity indi- 
cation, distribution, refuelling, defuelling and fuel 
jettison. On a typical passenger aircraft, the fuel is 
contained within the sealed wing box structure. The 
fuel tanks are divided into main tanks, reserve tanks 
and centre wing tanks. Fuel tanks on general avia- 
tion (GA) aircraft are rubberized bags (bladder tanks) 
contained within the structure of the aircraft; smaller 
GA aircraft use metal fuel tanks attached to the wings 
and/or fuselage. 

In the first instance, we need to measure the quan- 
tity of fuel on board the aircraft. Various technolo- 
gies and methods are used to measure fuel quantity: 
this depends mainly on the type and size of aircraft. 
Technologies range from sight gauges through to 
electronic sensors. On larger aircraft, fuel is fed to 
the engines by electrically driven pumps. On smaller 
aircraft, an engine-driven pump is used with elec- 
trical pumps used as back-up devices. Solenoid or 
motorized valves are used to isolate the fuel supply 
to engines under abnormal conditions. On larger air- 
craft, the fuel can be transferred between tanks; this 
is controlled manually by the crew, automatically by a 
fuel control computer. This chapter provides an over- 
view of fuel management on a range of aircraft types. 


11.1 Storage overview 


Rigid tanks are usually found in smaller general avi- 
ation aircraft. They are installed within the fuselage 
and/or wings, and are designed to be removable for 
inspection, replacement, or repair. They do not form 
an integral part of the aircraft structure. 

Bladder tanks are reinforced rubberized bags 
installed within specific areas of aircraft structure. The 
bladder can be inserted/removed via the fuel filler inlet 
or a dedicated access panel; the bladder is then secured 
to the airframe by clips inside the compartment. 


Integral fuel tanks are located within the struc- 
ture on larger aircraft; these are sealed to accommo- 
date fuel storage. These tanks form part of the aircraft 
structure; they cannot be removed for service or 
inspection. Access panels are installed to allow inter- 
nal inspection, repair, and servicing. On large pas- 
senger aircraft, there are four main tanks, two in each 
wing. The area between the forward and aft spars is 
divided into tank sections by solid ribs. The wing skin 
(upper and lower surfaces) completes the tank. Wing 
ribs act as baffles to prevent the fuel from ‘sloshing’ 
around the tank. The inter-spar area of the wing cen- 
tre section is also used to store fuel. This centre wing 
tank is similar in construction to the main tanks. 


11.2 Fuel quantity measurement and 
indication 


Various technologies and methods are used to meas- 
ure and display fuel quantity: this depends mainly 
on the type and size of aircraft. The fuel quantity 
methods described here could equally apply to other 
fluids, e.g. oil, hydraulic fluid or water. Some of the 
methods used are not actually part of an electrical 
system; however, they are described here to provide 
a complete review of the methods employed across a 
range of aircraft types. The methods used for measur- 
ing fuel quantity can be summarized as: 


sight glass 

float gauge 

resistance gauge 
under-wing measurement 
capacitance units. 


11.2.1 Sight glass 


The sight glass method illustrated in Fig. 11.1 is 
based on a simple glass or plastic tube located on 
the outside of the tank, and visible to the pilot. Fluid 
level in the tube is the same as the level in the tank; 
graduations on the tube provide an indication of tank 
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Figure 11.3 Fuel quantity float valve 


contents. The advantage of this method is that it has 
no moving parts and is suitable for fuel or oil. This 
method is suitable for small aircraft where the pilot 
can see the sight glass; alternatively it is suited for 
ground serving applications. 


Key point 


The space above the fuel in a storage tank is called 
the ullage. 


11.2.2 Float gauge 


The float gauge uses a rod projecting through a hole 
in the tank cap; see Fig. 11.2. A float 1s attached to the 
base of the rod and this rises and falls with the fuel 
level. The pilot checks the amount of rod protruding 
through the cap and this provides a direct reading of 
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Figure 11.2 Fuel quantity float gauge 
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fuel quantity. One disadvantage of this method is that 
it is not very stable during aircraft manoeuvres. 

The majority of small general aviation (GA) aircraft 
use a float gauge system similar to that used in motor 
vehicles as shown in Fig. 11.3; this is based on a float 
connected to a variable resistor adjacent to the tank. 
The variable resistor 1s connected into a DC ratiom- 
eter circuit where two opposing magnetic fields are 
created in each of the coils. The pointer is formed with 
a permanent magnet and is aligned with the resulting 
magnetic field created by the coils; the pointer moves 
in accordance with the ratio of currents in the coil. 


Key point 


The DC ratiometer pointer position is not adversely 
affected by variations in power supply voltage. 
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11.2.3 Under-wing measurement 


Under-wing measurement of fuel quantity 1s used dur- 
ing ground servicing only. The drip stick method uses a 
hollow tube pushed into the tank. During flight, the tube 
is stowed into a latched position, which is flush with 
the aircraft wing or fuselage surface. To take a reading, 
the tube is released from its stowed position and slowly 
withdrawn from the tank; when fuel starts to drip from 
the tank, a reading 1s taken from graduations on the tube. 


Key maintenance point 


Spilt fuel presents a fire hazard; take all necessary 
precautions to clean up any spillage and dispose of 
any rags soaked in fuel. 


A safer alternative to the drip stick method uti- 
lizes a transparent plastic rod. This method uses the 
principle of light refraction, and is based on fuel and 
air having different refractive indexes. When the tip 
of the rod is moved above/below the surface of the 
fuel, the light intensity emerging from the viewing 
end of the rod changes. A reading is then taken from 
graduations on the rod. 
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Figure 11.4 Fuel quantity float stick 
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Another version of the under-wing fuel gauge uses 
a floatstick that comprises a rod, float and magnets 
located inside the tank as shown in Fig. 11.4. The 
floatstick is stowed when not in use and released via 
a quarter-turn cam mechanism; it slides out of the 
tank until the two magnets align and is then retained 
in this position. The floatstick is moved in and out 
of the tank until the attraction of the magnets can be 
sensed. The fuel quantity reading is then taken from a 
reference point on the surface of the wing. When the 
reading has been taken, the rod is pushed back and 
locked into the stowed position. 

Floatsticks can be used when the electronic fuel 
quantity system (see capacitive fuel quantity system) 
is unserviceable. All floatsticks are read for each tank 
and the measurements recorded, the quantity is then 
calculated from tables in the aircraft documentation. 
A typical medium-sized aircraft has six floatsticks in 
each wing tank and four in the centre tank. 


Key point 


Under-wing fuel quantity measurements are used 
during ground servicing only. 


11.2.4 Capacitive fuel quantity system 


The majority of turbine-powered aircraft fuel quantity- 
indicating systems (FQIS) use the capacitive fuel 
quantity system. On a typical twin-engine passenger 
aircraft the fuel tanks are contained within the aircraft 
structure as shown in Fig. 11.5. Fuel tank sensors are 
located throughout each tank and are monitored by an 
electronic control system. Accurate readings can be 
obtained by capacitive fuel quantity systems in large 
and irregular-shaped tanks. 


11.2.4.1 Principle of operation 


Fuel tank units are formed by concentric aluminium 
tubes; the inner and outer tubes are the capacitor 
plates, see Fig. 11.6. The primary advantages of this 
technology are no moving parts and fuel quantity is 
measured in mass rather than volume. (The mass of 
fuel determines the amount of energy available.) The 
dielectric is either fuel or air depending on the quan- 
tity of fuel in tank. Air has a dielectric of 1.0006 (prac- 
tically unity); fuel has a dielectric of approximately 
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quantity 


two; this provides a good relationship for the measure- 
ment of a variable quantity. 

From basic fundamentals, we know that capaci- 
tance 1s proportional to: 


e plate area 
O air gap 
e dielectric strength. 


In the capacitive tank unit, the first two parameters 
are fixed; the capacitance varies in accordance with 
the dielectric, i.e. the amount of fuel in the tank as 
illustrated in Fig. 11.7. With a high quantity of fuel in 
the tank, the capacitance is high; capacitance varies in 
direct proportion to the amount of fuel in the tank. 

The tank’s capacitance unit is connected into an 
impedance bridge circuit, see Fig. 11.8. Variation in 
capacitance (C) of the fuel tank unit causes a change 
in reactance (Xc); this is given by the formula: 


No |e 
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Figure 11.7 Capacitance fuel quantity 
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Figure 11.8 Capacitance fuel 
system — impedance bridge circuit 


quantity 


where Xc is the reactance, II is a constant, F is the 
frequency (400 Hz from the aircraft power supply) and 
C is the capacitance. The impedance (Z) of a capaci- 
tive network can be calculated from the formula: 


Z=vV(R +X’) 


The current in a capacitive network can now be calcu- 
lated from the formula: 


re 
Z 
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When the fuel is consumed during a flight, and the 
fuel level decreases, the capacitance decreases and the 
reactance increases; less current flows in the tank unit 
(compared with the reference capacitor). This unbal- 
ance causes a potential difference at points X—Y, pro- 
portional to fuel quantity; this signal is amplified and 
used to drive an indicator. Capacitance trimmers are 
used for calibration of the fuel indicators (or gauges). 


Key point 


Air and fuel have dielectrics of approximately unity 
and two respectively. 


11.2.4.2 Density compensation 


The volume of fuel in a tank varies with temperature; 
as the temperature changes, the mass of fuel remains 
the same, but the volume changes. The dielectric is 
therefore affected by fuel density; this density will 
change with temperature. Increased density is a result 
of reduced temperature that will cause increased 
capacitance. Changes in fuel density are measured by 
a compensation unit. This is an additional tank unit 
located in the bottom of the fuel tank, therefore it is 
always immersed in fuel. The compensating unit is 


Essential AC busbar 


Co-axial 
cable 
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connected into the impedance bridge such that changes 
in fuel density cause the bridge to become unbalanced 
and this compensates for the change in fuel level. 


Key point 


The volume of fuel in a tank varies with tempera- 
ture; as the temperature changes, the mass of fuel 
remains the same, but the volume changes. 


11.2.4.3 Multiple tanks 


Multiple tank units are often employed in larger air- 
craft as illustrated in Fig. 11.9. On a typical medium- 
sized passenger aircraft there are twelve capacitive 
tank units in each main fuel tank, and nine in the cen- 
tre fuel tank. The construction of all the tank units 1s 
the same, except for their length; this depends on the 
depth of the tank at that particular location. Each tank 
unit consists of two concentric aluminium tubes and 
a terminal block. The aluminium tubes are anodized 
and polyurethane coated to protect against corrosion. 
The air gap between the tubes is relatively wide to 
avoid electrical short-circuiting, caused by contami- 
nation in the fuel or fungus coating on the tubes. 


Fuel tank 


Tank units 
(Concentric capacitors) 


Figure 11.9 Capacitance fuel quantity system — multiple tank units 
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Key maintenance point 


The fuel tank units are factory calibrated and can- 
not be adjusted on the aircraft. 


A tank unit wiring harness attaches to the termi- 
nal block of the tank unit. The terminals on the tank 
wiring harness and the terminal posts have different 
dimensions to prevent cross-connection during instal- 
lation. Tank unit end caps are insulated to ensure that 
the unit does not short to the ground; they also con- 
trol stray capacitance that forms between the tank unit 
and ground plane (capacitance fringing). Two brack- 
ets made of nonferrous glass-filled nylon attach each 
tank unit to the fuel tank structure. 

Intrinsic safety is a technique used for safe opera- 
tion of electrical and electronic equipment in explo- 
sive atmospheres. It is essential that the available 
electrical and thermal energy in the fuel quantity sys- 
tem is always low enough that ignition of the hazard- 
ous atmosphere cannot occur. 


Key maintenance point 


When working with fuel systems, always use intrin- 
sically safe lamps or torches. 


11.3 Fuel feed and distribution 


GA aircraft are normally fitted with an engine-driven 
pump (EDP), with electrical boost pumps fitted to 
prime the system during starting. The electrical boost 
pumps also provide fuel pressure should the EDP fail. 
A simple fuel pump system comprises an electrically 
driven boost pump motor controlled by an on/off 
switch; see Fig. 11.10. 

This system is enhanced by a two-stage throttle 
control system, as illustrated in Fig. 11.11. When the 
boost pump selector switch is set at the ‘low’ setting, 
electrical power is switched through the resistor and 
the motor runs at a low speed. With the engine run- 
ning, the selector is moved to the ‘high’ setting; this 
provides power through the normally closed (NC) 
contacts of the throttle micro-switch. When the throt- 
tle is set below one-third open, the resistor remains in 
series, and the motor continues to run at the low speed. 
When the throttle is advanced, the throttle micro switch 
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changes over via the normally open (NO) contacts to 
bypass the resistor and apply full power to motor. 

The typical fuel feed arrangement on a medium- to 
large-sized passenger aircraft comprises two booster 
pumps for each main tank; the motor is located on 
the tank bulkhead, with the pump located inside the 
tank. The fuel distribution system requires electrical 
power and is controlled by a panel in the flight com- 
partment as illustrated in Fig. 11.12. Fuel shut-off 
valves are connected to the battery bus, and controlled 
by the engine start lever (see engine systems, Chapter 
10) and fire handle (see fire protection, Chapter 16). 
The fuel system normally has the means of transfer- 
ring fuel between tanks (see fuel transfer); this is 
controlled by a selector switch that operates a cross- 
feed valve. Each boost pump is driven by a 115V AC 
three-phase motor selected on/off on the control panel 
via a relay. 

The delivery output from each pump feeds into the 
system via a non-return valve (NRV). Under normal 
operating conditions, each pump feeds own engine 
via a motor driven low-pressure (LP) cock. If a cen- 
tre tank is fitted as part of a three-tank instalation, this 
can feed either engine by a fuel transfer system as 
shown in Fig. 11.13. On some aircraft, tank pumps are 
located in a dry area of the wing root; on other aircraft 
the pumps are actually inside the fuel tank. In the lat- 
ter case, the crew have to maintain certain minimum 
fuel levels. Control switches for all pumps, cocks and 
valves together with warning indications are located 
on the overhead panel or the flight engineer’s station. 
LP cocks are automatically closed if the fire handle is 
activated (see fire protection, Chapter 16). 
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Figure 11.10 Simple fuel pump system 
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Figure 11.11 Two-stage fuel pump system 
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Figure 11.12 Fuel distribution system — electrical power 
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Figure 11.13 Fuel distribution — three-tank system 


Key maintenance point 


Leaving a fuel pump switched on with low fuel 
quantity is an explosion risk since the pump is likely 
to overheat. 


Key maintenance point 


If a pump is left running dry for extended periods, 
typically 10 minutes, it will have insufficient fuel for 
priming which will render it inoperative when the 
tank is subsequently refuelled. 


11.4 Fuel transfer 


This system is used to selectively transfer fuel 
between tanks; electrically driven fuel pumps and 


motorized valves are controlled either manually by 
the crew or by an automatic control system. A sim- 
ple example of this is illustrated in Fig. 11.13, where 
fuel can be cross-fed between the left and right tanks. 
On larger aircraft, the complexity of this fuel transfer 
system increases. The system comprises a number of 
motorized valves. Engine valves are activated by the 
start lever or fire handles. The left, centre and right 
refuel/defuel valves are operated from an under-wing 
panel. Bypass valves (BPV) are operated if an elec- 
trical pump’s fuel filter is blocked. (The BPV senses 
differential pressure across the filter.) Controls and 
indications are located on an overhead panel or flight 
engineer’s station. An electrically operated cross-feed 
valve normally closed unless fuel is being transferred. 

It is essential that fuel temperature is monitored, 
either manually or automatically. The maximum 
fuel temperature is typically +49°C; the minimum 
fuel temperature is —45°C or freezing point +3°C, 
whichever is higher; the typical freezing point of Jet 


Fuel management 


Al fuel is —47°C. Fuel temperature is measured by 
an RTD. If the fuel temperature 1s approaching the 
lower limits, some fuel could be transferred between 
tanks; alternatively the aircraft would have to descend 
into warmer air or accelerate to increase the kinetic 
heating. 


11.5 Refuelling and defuelling 


A refuelling control panel and pressure connec- 
tions are normally located in one or both of the 
wing areas allowing the fuel to be supplied directly 
into the main fuel system. A bonding lead is always 
connected between the fuel bowser and aircraft to 
minimize the risk of static discharge. The fuel tank 
supply line is connected to the aircraft and pressure 
applied. Selective control of the system’s motorized 
valves allow specific tanks to be filled as required. 
Defuelling is often required before maintenance, or if 
the aircraft 1s to be weighed. The fuel is transferred 
from the aircraft into a suitable container, typically a 
fuel bowser. This is achieved via a defuelling valve 
and applying suction through valves. 


11.6 Fuel jettison 


When an aircraft takes off fully loaded with passen- 
gers and fuel, and then needs to make an emergency 
landing, it will almost certainly be over its maximum 
landing weight. Fuel has to be disposed of to reduce 
the aircraft weight to prepare for the emergency land- 
ing. A large aircraft such as the Boeing 747 can be 
carrying over 100 tonnes of fuel; this is almost 50% 
of the aircraft’s gross weight. One way of burning off 
fuel and reducing aircraft weight is to fly in a high 
drag configuration, e.g. 250 knots with the gear down 
(speed-brakes will further increase the drag). Aircraft 
can be certified for landings up to the maximum 
takeoff weight (MTOW) in an emergency; however, 
overweight landings would only be made if burning 
off fuel exposed the aircraft to additional hazards. 
Some aircraft are installed with a fuel jettison, or 
fuel dumping system, Fig. 11.14. This provides a 
means of pumping fuel overboard to rapidly decrease 
the aircraft’s weight. Fuel can normally be jettisoned 
with landing gear and/or flaps extended. Two jet- 
tison pumps are installed in each main tank, fuel 
is pumped via a jettison manifold to nozzle valves 
located at each wing tip trailing edge. 
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Key maintenance point 


Bonding of fuel system components is essential to 
ensure intrinsic safety. 


11.7 Fuel tank venting 


The venting system takes ram air from intakes on 
the underside of the wing for two specific purposes. 
When the aircraft is flying, ram air is used to pres- 
surize the fuel to prevent vaporization at lower atmos- 
pheric pressures. The ram air also pressurizes the fuel 
tanks to ensure positive pressure on the inlet ports 
of each pump. The expansion space above the fuel, 
called ullage, changes with aircraft attitude. Float- 
operated vent valves are located at key points in the 
tank to allow fuel to escape into the vent system. 
Venting tanks (sometimes called surge tanks) in the 
wing tips collect this overspill from the main tanks; 
the fuel is then pumped back into one of the main 
tanks. Float-operated vent valves prevent inadvertent 
transfer of fuel between the tanks. 


11.8 Fuel tank inerting 


Aircraft have been destroyed due to explosions in 
empty centre wing fuel tanks. The most likely cause is 
the centre tank fuel pumps being left running in high 
ambient temperatures with low fuel quantity. The first 
centre wing tank (CWT) explosion on a large passen- 
ger aircraft occurred on a B707 in 1959; there have 
been other events in more recent times. In May 1990, 
shortly after pushback, the centre wing tank (CWT) 
exploded on a Philippine Airlines Boeing 737, kill- 
ing eight people. The CWT had not been filled since 
March 9, 1990. Air-conditioning (A/C) packs had been 
running on the ground before pushback for approxi- 
mately 30 to 45 minutes, ambient air was 35°C/95°F. 
On March 3, 2001, the centre wing tank explosion 
on Thai Airways International B737 was followed 
18 minutes later by an explosion in the right wing 
tank. Residual fuel was in the CWT. Air-conditioning 
packs had been running continuously since the air- 
craft’s previous flight, including some 40 minutes on 
the ground. Ambient air temperature was in excess of 
30°C. On July 17, 1996, the CWT exploded on a TWA 
B747-100 shortly after takeoff from JFK International 
Airport with fatal consequences. The CWT contained 
a low amount of residual fuel. The A/C packs had been 


222 Aircraft electrical and electronic systems 


Centre wing tank l l 
To right wing 


manifold 


No. 2 
main tank 


Centre wing tank 
jettison valve 


Centre wing tank l 
TA Centre wing 
jettison valve ; 

override/ 


jettison pumps 


No. 2 main 
jettison pumps 

No.1 main 
tank 


No.1 reserve 
tank 


No.2 reserve A 
tank 


Surge 
tank 


— No.1 
Q reserve tank 
transfer valve 


No.2 
reserve tank 
transfer valve 


Q 


a 


Fuel Jettison 
nozzle valve 


Fuel Jettison 
nozzle 


Figure 11.14 Fuel jettison system schematic 


Then, by connecting an oscilloscope to the outside leads of our two ceramic 
capacitor bank, we will see the the polarized signal being captured from the air 
around us. We can then connect after the diodes to see our varying direct 
current and then to after the electrolytic capacitors to see a normalized, usable 
direct current at our output. 


We can then optimize the input resistance in two ways. Firstly, we can add 
additional ceramic capacitors in parallel to our original two and make sure our 
soldered connections are consistent and thick in this area. 


We can optimize the circuit's capacity by adding electrolytic capacitors in parallel 
to our original two which will allow this circuit to charge slightly when not in use. 
For this purpose, a charging circuit can also be added here in order to 
incorporate an optional battery bank. 


We can optimize the antenna by attaching loops and coils of copper wire in 
various positions, store-bought antennas or by stringing some wire up to the 
highest point you can reach. 


We don't have to stop there, either. We can now connect multiple circuits in 


series to increase voltage or in parallel to increase current. This can be done 
indefinitely. 


Step 4: Add a Case and Antenna 
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running on the ground for 2.5 hours before takeoff, 
ambient temperature was 28°C/82°F. These three fatal 
CWT fuel-tank explosions all had certain elements in 
common: 


e all three aircraft had only a small amount of fuel 
in the wing tank 

e the air-conditioning packs, located in non-vented 
bays directly under the CWT), had been running 
before the explosions 

e the outside air temperatures were quite warm. 


A small amount of fuel in the centre wing tank means 
that there is a large volume for fuel vapour to occupy. 
Air-conditioning packs generate heat, which contrib- 
utes to fuel vaporization in the non-insulated tanks. 
The vaporization is increased with high outside air 
temperatures. 

Empty fuel tanks retain some unusable fuel which, 
in high ambient temperature conditions, will evapo- 
rate and create an explosive mixture when combined 
with oxygen in the ullage. Regulatory mandates 
have introduced improvements to the design and 
maintenance of fuel tanks to reduce the chances of 
such explosions. These improvements include the 
enhanced design of the FQIS and fuel pumps, inspec- 
tion regimes for wiring in the tanks and insulating 
fuel tanks that are in close proximity to sources of 
high temperature. The longer-term solution that will 
contribute more towards fuel tank safety is inerting; 
possible solutions include: 


e ground-based inerting 

e on-board ground inerting 

è on-board inert gas generation system (OBIGGS) 
e liquid nitrogen from a ground source. 


For ground-based inerting, the fuel tanks would receive 
an amount of nitrogen-enriched air before pushback. 
Inerting would last for the taxi, takeoff and climb phases 
of flight, when the fuel vapours would be warmest. On- 
board ground inerting achieves the same objective; 
however, the inerting equipment is an aircraft system. 
Although OBIGGS offers tremendous benefits, it is 
expensive. Nitrogen generating systems (NGS) have 
been developed which decrease the flammability risks 
of the tanks. The NGS is an onboard inert gas system; 
external (atmospheric) air is directed into an air separa- 
tion module (ASM), this separates out the oxygen and 
nitrogen via a molecular sieve. After separation, the 
nitrogen-enriched air (NEA) is supplied into the centre 
wing tank and the oxygen-enriched air (OEA) is vented 
overboard. NEA decreases the oxygen content in the 
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ullage to prevent combustion. Trials have determined 
that an oxygen level of 12% is sufficient to prevent 
ignition; this is achievable with one ASM on a medium- 
sized aircraft and up to six ASMs on larger wide-bodied 
aircraft. 

In the fourth potential method, the aircraft would 
receive a supply of liquid nitrogen from a ground 
source. The liquid nitrogen would be stored on the 
aircraft in a vacuum-sealed insulated container, and 
would be fed to the fuel tanks under low pressure. 
Oxygen sensors in the fuel tanks provide feedback 
to the system’s computer control function; the supply 
of liquid nitrogen is regulated to keep the fuel tanks 
inerted for critical phases of flight. The liquid nitro- 
gen could also be used to supplement fire suppression 
in other areas of the aircraft. A computer would mon- 
itor temperature in the fuel tanks to determine if the 
ullage is within a flammable temperature range. This 
system would know the tank temperature at all times, 
together with the oxygen content of the tanks. 

There remains an on-going industry debate regard- 
ing the effectiveness and cost of inerting. There needs 
to be a practical means of inerting fuel tanks for in- 
service and new-production civil transports. 


11.9 Multiple choice questions 


1. The volume of fuel in a tank varies with 

temperature; as the temperature changes: 

(a) the mass and volume of fuel remains the 
same 

(b) the mass of fuel changes but the volume 
remains the same 

(c) the mass of fuel remains the same, but the 
volume changes. 


2. Inthe DC ratiometer fuel quantity circuit: 
(a) two opposing magnetic fields are created in 
each of the coils 
(b) three opposing magnetic fields are created in 
each of the coils 
(c) two complementing magnetic fields are 
created in each of the coils. 


3. Air and fuel have dielectrics of approximately: 
(a) unity and zero respectively 
(b) unity and two respectively 
(c) two and unity respectively. 


4. Fuel tank ullage is the: 
(a) expansion space above the fuel, and changes 
with aircraft attitude 
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5. 


6. 


7. 


(b) unusable fuel, and changes with aircraft 
attitude 

(c) expansion space above the fuel, remaining 
constant with aircraft attitude. 


When fuel level decreases, the capacitance of the 
fuel quantity sensor: 

(a) decreases and the reactance increases 

(b) increases and the reactance increases 

(c) increases and the reactance decreases. 


Defuelling is often required: 

(a) following aircraft maintenance 

(b) before maintenance, or if the aircraft is to be 
weighed 

(c) after the aircraft has been weighed. 


Under-wing fuel quantity measurements are used 
during: 

(a) level flight 

(b) all flight conditions 

(c) ground servicing only. 
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8. Intrinsic safety is a technique used for: 


(a) safe operation of electrical/electronic 
equipment in explosive atmospheres 

(b) ensuring fuel temperature does not become 
too low/high 

(c) reducing fuel quantity. 


. Fuel tank inerting is a system where: 


(a) nitrogen-enriched air (NEA) is vented 
overboard 

(b) nitrogen-enriched air (NEA) is supplied into 
the centre wing tank 

(c) oxygen-enriched air (OEA) is supplied into 
the centre wing tank. 


10. Increased fuel density is a result of: 


(a) increased temperature and increased 
capacitance 

(b) reduced temperature and increased 
capacitance 

(c) reduced temperature and reduced 
capacitance. 


Chapter Lights 
12 


Lighting is installed on aircraft for a number of rea- 
sons including: safety, operational needs, servicing 
and for the convenience of passengers. The applica- 
tions of aircraft lights can be broadly grouped into 
four areas: flight compartment (cockpit), passenger 
cabin, exterior and servicing (cargo and equipment 
bays). There are many types of lighting technolo- 
gies used on aircraft. Lights are controlled by on/off 
switches, variable resistors or by automatic control 
circuits. This chapter will review each of these light- 
ing technologies and the type of equipment used in 
specific aircraft applications. 


12.1 Lighting technologies 


Aircraft lighting is based on a number of technologies: 


e incandescence 

e light-emitting diode (LED) 
e electro-luminescent 

e@ fluorescence 

e strobe. 


Incandescence is the radiation of light from an 
electrical filament due to an increase in its tem- 
perature. The filament is a small length of wire, e.g. 
tungsten, which resists the flow of electrons when 
a voltage is applied, thereby heating the filament. 
Tungsten can be drawn into a very thin wire filament 
and has a very high melting point (3,659 K). The elec- 
tron flow creates a voltage drop that heats the filament 
to a temperature where radiation is emitted in the vis- 
ible spectrum. 

Electro-luminescence is a combined optical and 
electrical phenomenon that causes visible light to 
be emitted. This can be achieved with electron flow 
through a semi-conductor material, or by a strong 
electric field applied across a phosphor material. 
Electro-luminescence is the effect of recombining 
electrons and holes in a light-emitting diode (LED) 
or phosphor material. The electrons are imparted 
with an external energy source and release their own 


energy as photons; this is radiated as light energy. 
In the LED semiconductor, electrons and holes are 
separated by a doping process to form the p-n junc- 
tion. With the electro-luminescent phosphor display, 
electrons are imparted with energy by the impact of 
high-energy electrons that are accelerated by a strong 
electric field. 

Fluorescent lamps are gas-discharge devices 
formed from a sealed tube of glass that 1s coated on 
the inside with phosphor; the glass tube contains 
mercury vapour mixed with an inert gas, e.g. argon 
or neon. The lamp uses a high voltage to energize the 
mercury vapour; this results in an ionized gas where 
the electrons are separated from the nucleus of their 
atoms creating plasma. The release of energy causes 
the phosphor coating to fluoresce, 1.e. it produces vis- 
ible light. Fluorescent lamps require a ballast resistor 
to regulate the flow of energy in the tube. 

Strobe lights are formed from small diameter (typ1- 
cally 5mm) sealed quartz or glass envelope/tube filled 
with xenon gas, see Fig. 12.1. Power from the aircraft 
bus is converted into a 400V DC supply for the strobe. 
The tube is formed into the desired shape to suit the 
installation; Fig. 12.2 is a wing-tip anti-collision light, 
normally located behind a clear plastic protective cover. 
Xenon is an inert (or noble) gas, chemically very sta- 
ble, and has widespread use used in light-emitting 
devices, e.g. aircraft anti-collision lights. The emission 
of light is initiated by ionizing the xenon gas mixture 
by applying a high voltage across the electrodes. 

Figure 12.3 illustrates a typical strobe light cir- 
cuit; this comprises a low-voltage power supply and a 
400V DC power pack that provides a dual power sup- 
ply. Shielded cables are required between the power 
pack and strobes to minimize the effect of electro- 
magnetic interference (EMI). A high-energy pulse 
of current is triggered through the ionized gas on a 
cyclic basis. The ionization decreases the electrical 
resistance of the gas such that a pulse in the order of 
thousands of amperes is conducted through the gas. 

When this current pulse travels through the tube, 
it imparts energy into the electrons surrounding 
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Figure 12.1 Strobe/xenon gas tube schematic 


Figure 12.2 


Strobe/xenon gas tube product 


the xenon atoms causing them to move up to higher 
energy levels. The electrons immediately drop back 
into to lower energy levels, thereby producing pho- 
tons. Strobes are a source of short-wavelength ultra- 
violet radiation together with intense emissions in 
the near infrared; the overall effect is a high-intensity 
white flash. 


Key maintenance point 


400V DC used in strobe circuits is dangerous: take 
all necessary health and safety precautions when 
working near the system. 
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Key maintenance point 


Do not handle strobe tubes with bare hands; mois- 
ture causes local hot-spots that can lead to prema- 
ture failure. 


Test your understanding 12.1 


Briefly explain the difference between the following 
lighting technologies: 


incandescent 
light-emitting diode (LED) 
electro-luminescent 
fluorescent 

strobe. 


12.2 Flight compartment lights 


Lighting is needed for the illumination of instruments, 
switches and panels. Dome lights located on the ceil- 
ing provide non-directional distribution of light in the 
compartment; it typically contains an incandescent 
lamp and is powered from the battery or ground serv- 
ices bus. Flood lighting in the flight compartment 
from incandescent lamps and/or fluorescent tubes pro- 
vides a general illumination of instruments, panels, 
pedestals etc. Fluorescent tubes located beneath the 
glareshield provide overall illumination of the instru- 
ment panels. Emergency lights are installed in the 
flight compartment for escape purposes. The colour 
of flight compartment lights is normally white; this 
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Figure 12.3 Strobe/xenon gas tube circuit 
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Figure 12.4 Rheostat light intensity control 


reduces the power and heat, improves contrast on the 
instruments, and reduces eye fatigue. 


12.2.1 Instruments 


Internal instrument lighting is normally from 
incandescent lamps integrated within individual 


Power pack 


Flight instrument lights rheostat 
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instruments; lighting must be shielded from causing 
any direct glare to the pilot and must be dimmable. 
External instrument lighting is provided by pillar (or 
bridge) lights positioned on the panels for individual 
instruments. The light intensity can be dimmed by a 
simple rheostat device as illustrated in Fig. 12.4; this 
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Control switch 


Figure 12.5 Transistor lighting control circuit 


typical circuit 1s for flight instruments, engine instru- 
ments and switch panels. 

The increased quantity of instruments requires elec- 
tronic control in place of rheostat due to the higher 
loads. A transistor circuit provides electronic control 
as illustrated in Fig. 12.5; variable resistor Ry, varies 
the (relatively low) base current into the base of a PNP 
transistor; this controls the (relatively high) current 
through the collector and lamp. A typical transistor 
controlled lighting system is illustrated Fig. 12.6. The 
relatively low base currents in the respective transistors 
can now control a variety of lighting circuits: 


e radio navigation systems 
e compass 

e fuel panels 

e engine indications. 


Instrument panels are often constructed from 
Perspex; the surface is painted and then engraved 
with the identification of switches and controls; the 
panel is illuminated from the edges. The light is dis- 
persed through the panel, but is only seen through the 
engravings. Alternatively, electro-luminescent pan- 
els are used; these are AC powered and energy effi- 
cient. Referring to Fig. 12.7, the phosphorus layer is 
laminated between front and rear clear plastic lay- 
ers. The phosphorus material glows when AC power 
is applied; the front of the panel is painted to match 
the colour of other panels. Engraved lettering or sym- 
bols remain clear and transmit light from the glowing 
phosphorus layer. 


12.2.2 Master warning 


An increasing number of systems are being designed 
into aircraft; this leads to more warning lights and 
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larger panels with an increased possibility of a warn- 
ing light being missed by the crew. This has led to 
centralized ‘attention getters’, or master warning and 
caution light panels, a typical arrangement is shown 
in Fig. 12.8. The lights are located within pilot’s imme- 
diate view, typically on the glareshield. Master cau- 
tion and warning systems were developed to ease pilot 
workload, particularly on aircraft designed for opera- 
tion without a flight engineer. In addition to the atten- 
tion getter, it also directs the pilot towards the problem 
area concerned. The system annunciators are usually 
arranged such that the cautions are in the same orienta- 
tion as the main system panels, e.g. the overhead panel. 

A simplified master warning circuit is illustrated 
in Fig. 12.9. In this example, switch contacts 1 and 2 
represent the individual warning signals from two dif- 
ferent systems. In the event of a failure or malfunc- 
tion, closure of either switch causes its corresponding 
warning light to illuminate together with the master 
warning (MW) light. The master warning and caution 
light is cancelled by pressing the light caption, whilst 
the crew react and investigate the reason for the warn- 
ing. Typical panels could have up to 50 individual 
warning lights, any one of which also illuminates the 
master warning light. The individual lights could be 
located on an overhead or side panel. 


Key point 


A diode is required in the warning light circuit 
to ensure that only the relevant system light is 
illuminated. 


When the master warning or caution light is illumi- 
nated, the pilot cross-refers to a centralized group of 
warning lights on the relevant panel, each connected 
to the warning devices of specific systems. The indi- 
vidual systems are identified by the system name and 
are located within the pilot’s scan. Warning lights can 
be tested by a separate test switch, or by a central- 
ized master dim and test switch. The night/day switch 
is used to reduce the intensity of warning lights dur- 
ing low ambient lighting conditions. Referring to Fig. 
12.10(a), warning and caution lights affecting system 
operation and aircraft safety are defined by specific 
colours: 


e warning, red, an unsafe condition exists 
e caution, amber, an abnormal condition exists, but 
it is not unsafe 
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Front plastic e advisory, green or blue, a safe condition exists, or 
layer Cut-outs for switches for information e.g. gear down. 


Some installations have a comprehensive master 
warning and caution light panel that occupies the 
entire upper instrument panel, see Fig. 12.10b. 
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Figure 12.8 Master warning and caution lights 
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Figure 12.9 Simplified master warning circuit 


caution module replaces lighted switches with the 
associated wire bundles. LEDs can now provide suf- 
ficient brightness to replace incandescent lighting 
with 30% power reduction compared with fluorescent 
lighting. The objectives are to accomplish weight, 
cost and reliability goals while giving flight crews 
what they are used to seeing in older flight compart- 
ments, including the tactile feel for push buttons and 
controls for lighting and dimming. 


Key point 


Lights used for certain warnings are not dimma- 
ble, e.g. fire and overheat. This is to ensure that the 
warnings are not missed under bright ambient light- 
ing conditions. 
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12.3 Passenger cabin lights 


Interior lighting installations for the passenger cabin 
vary depending on the size of aircraft; this ranges 
from a small quantity of roof-mounted incandes- 
cent lamps, through to integrated lighting concealed 
within the interior trim. These lights are controlled 
from the flight attendants’ station. LED illumination 
is being specified on business and passenger aircraft 
that have pre-programmed settings for specific flight 
phases and time zones. The systems are automati- 
cally controlled to customize the mixing of colours 
and lighting levels; this is intended to help passengers 
combat the fatigue of long-distance travel. 

Traditionally, each cabin light is controlled indi- 
vidually; this technology is being replaced by a cen- 
tral control unit connected to all the lights in the 
cabin. Those lights are linked via a data bus to their 
respective control units; each of the lights can be pro- 
grammed for different scenarios. 

Implemented through software, the lighting in the 
cabin is a mixed array of colours. LED technology 
offers higher reliability and reduced maintenance 
costs compared to incandescent and fluorescent lights. 
Cabin signs, e.g. ‘return to seat’ or ‘no-smoking’, are 
normally activated by the flight crew; on some aircraft 
the lights are armed by the crew and then activated 
automatically. Passenger reading lights are controlled 
from individual seat controls. 

Additional entry floodlights are provided in the 
door areas. Exit lights are located adjacent to the 
emergency exits and are clearly visible, irrespective 
of whether the door is open or closed. Floor path 
lighting is used to in emergency situations to provide 
visual identification of escape routes along cabin aisle 
floor. These systems have sufficient energy to enable 
passengers to identify aisle boundaries. The system 
guides the passengers to designated emergency exits 
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Figure 12.10 Warning and caution panels: (a) typical arrangement, (b) helicopter installation 
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Figure 12.11 


in accordance with the specific certification require- 
ments of the aircraft. 


12.4 Exterior lights 


An overview of the exterior lighting arrangement on 
a large passenger aircraft is illustrated in Fig. 12.11. 
Exterior lighting is used for: 


logo illumination 
landing/taxiing 

wing illumination 
anti-collision/navigation. 


Pal 


Tail lights 


Left navigation 
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Exterior lights (large transport aircraft) 


12.4.1 Logo lights 


Referring to Fig. 12.12, logo lights are used to illu- 
minate the tail fin; this is primarily for promotional 
purposes, 1.e. for the airline to highlight their logo 
during night operations at an airport. Apart from the 
advertising value at airports, they are often used for 
additional awareness in busy airspace. Taxi lights (or 
runway turn off lights) are sealed beam devices with 
250W filament lamps located on the nose, landing 
gear or wing roots. They are sometimes combined 
with the landing light and used when approaching 
or leaving the runway. Taxi lights improve visibility 
during ground operations; they are directed at higher 
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After choosing an antenna in the last step we'll now want to permanently wire it. 
Whether you choose a compact antenna for portability or a tall fixed antenna for 
power and range, we will wire it in the same manner according to the diagram in 
the previous step. Note that the input on the configuration here is grounded to 
the metallic case, and thus the users hand, and incorporation of longer antennas 
will require proportionally more substantial grounding. 


We will then attach a terminal to the output to allow us to connect this circuit to 
an electrical device or charging circuit and battery bank. 


Next, we will add a case, making sure to isolate exposed leads with non- 
conductive material especially if mounting in a conductive case. A piece of 
cardboard secured with glue is sufficient for the circuit's bottom and shrink wrap 
or electrical tape can be used in the case of any additional exposed leads. Drill 
two holes in your enclosure, one for the antenna or antenna lead and another for 
your output terminals. You can then insert your components, fasten the 
enclosure and your device is ready to use! 


Step 5: Your Crystal Energy Receiver Is Complete! 
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Figure 12.12 Exterior lights (turn off/logo) 


Landing light 


Landing 
light 


Taxi light 


_ 
oO 
Q 
no 
=) 
Q 
fao] 
© 
pum 
+ 
O 
O 
LL 


Figure 12.13 Fixed landing light circuit 


angle than landing lights. Runway turnoff lights, in 
the wing roots, are normally only used at night on 
poorly lit runways. A typical fixed landing and taxi 
light circuit is shown in Fig. 12.13. On some aircraft 
types, taxi lights will switch off automatically with 
gear retraction. It is common practice to have taxi 
lights on whilst the aircraft is in motion as a warning 
to other aircraft and vehicles. 


12.4.2 Landing lights 


Landing lights are located on the wing tips, or on 
the front of the fuselage, usually at fixed angles to 
illuminate the runway. They are sealed beam devices 
with 600—1000W filament lamps; a parabolic reflec- 
tor concentrates light into a directional beam. The 
high current requirement is controlled via a relay. 
Some landing light installations have a retractable 
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Logo lights 
(Both sides) 


assembly located on the underside of the wing. This 
has a reversible motor and gear mechanism to drive 
the light out against the airflow; a typical circuit is 
illustrated in Fig. 12.14. The alternative location for 
a landing light is in the wing leading edge; this has 
a transparent cover to provide aerodynamic fairing. 
Inboard and outboard landing lights (Fig. 12.15) pro- 
vide extended illumination of the landing area. 


12.4.3 Wing illumination 


Ice inspection lights (Fig. 12.15) are often installed to 
check ice formation on wing leading edges and engine 
intakes. Typical lights are the sealed beam type with 
filament lamps of 50-250 watts. They are recessed 
into the fuselage or engine nacelle with a preset direc- 
tion that illuminates a section of the wing that can be 
viewed from the flight compartment. (More details on 
ice detection are given in Chapter 15.) 


12.4.4 Service lights 


Service lights are provided throughout the aircraft 
as illustrated in Fig. 12.16. These lights are powered 
from the aircraft ground servicing bus. Examples 
include: 


e cargo bays 

e wheel wells 

e equipment bays 

e fuelling panels. 

Wheel wells lights are normally only used during the 
turnaround at night during the pre-flight inspection; 
they can also be used on to see the mechanical gear 
down-lock indications at night. 
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Figure 12.14 Retractable landing/taxi light circuit 
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Figure 12.15 Exterior lights (landing/wing) 
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Figure 12.16 Exterior lights (servicing) 
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Figure 12.17 Exterior lights (beacons/strobes) 


12.4.5 Navigation lights 


The primary external lights required for navigation 
purposes are the beacons and anti-collision lights, 
see Fig. 12.17. 


12.4.5.1 Navigation lights 


The navigation (or position) lights are a legal require- 
ment for night flying. Navigation lights are normally 
based on filament lamps, providing steady illumina- 
tion. They are located at the extremes of the aircraft, 


see Fig. 12.18, and provide an indication of the air- 
craft’s direction and manoeuvres. Navigation lights 
are based on regulations that define the colour, loca- 
tion and beam divergence such that the aircraft is 
visible from any viewing angle; these colours and 
divergence angles are: 


green, starboard wing, divergence of 110 degrees 
red, port wing, divergence of 110 degrees 

clear (white), tail, divergence of +70 degrees 
either side of aircraft centreline (140 degrees 
total). 
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Figure 12.18 Navigation lights — angular coverage 
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Figure 12.19 Navigation light circuit 


The traditional location of the white light is on the 
tail cone or fin tip; some aircraft have the rear facing 
light on the trailing edge of each wing tip. The wing 
lamps are 20 W filament lamps, the tail lamp is 10 W. 
Coloured filters produce the specific colours; these 
filters must not shrink, fade or become opaque. A 
typical navigation light circuit is shown in Fig. 12.19. 
Note that the lights are controlled by single switch 
and protection device. 


light (Red) 


Some aircraft are installed with LED position lights; 
these are formed with a bank of LEDs, see Fig. 12.20. 
Helicopters have varying navigation light installations 
due to their specific geometry, see Fig. 12.21. 


12.4.5.2 Anti-collision lights 


Anti-collision lights often supplement naviga- 
tion lights; these can be provided either by a strobe 


Lights 
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Figure 12.21 Helicopter lights: Twin landing lights on nose; Navigation light below door; 


Additional landing light on rear skid 


light, rotating beacon or a combination of both, see 
Fig. 12.22. Anti-collision lights are also used as a 
warning that the engines are running or are about 
to be started. They are typically not switched off 
until it 1s considered safe for ground personnel to 


approach the aircraft. Strobe lights are typically 
located on the: 


e vertical stabilizer 
e wing tips 
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(a) Vertical stabiliser (b) Wing tips 


(c) Tail/lower wing surface 


(d) Fuselage 


Figure 12.22 Anti-collision strobe lights 


e tail/lower wing surfaces 
e fuselage. 


These anti-collision lights are controlled by a single 
switch, with a single protection device. Anti-collision 
lights used in conjunction with the navigation lights 
enhance situational awareness for pilots in nearby air- 
craft, especially during night-time or in low-visibility 
conditions. 

The rotating beacon comprises a filament lamp, 
reflector, motor and drive mechanism that gives the 
effect of a light through a red filter that flashes 40-50 
times per second. A typical rotating beacon 1s illus- 
trated in Fig. 12.23. They are located on tail fins 
and the upper and lower fuselage (or tail boom on a 
helicopter). 

Strobe lights are wing-tip and tail-fin mounted to 
supplement navigation lights. The strobe light pro- 
duces a high intensity white flash of 1 mS duration at 
approximately 70 flashes per minute through a white 
or red filter; these provide light that can be seen from 
several miles. 

Many external lights are based on sealed beams. 
A sealed beam combines an incandescent fila- 
ment lamp and reflector into a single assembly. The 
reflector concentrates the light from the lamp into a 
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Figure 12.23 Rotating beacon (top of fin) 


predetermined beam shape; the assembly is fitted 
with a clear glass front cover that is permanently 
sealed to the reflector and cannot be removed. The 
filament lamp is inserted through a hole in the rear of 
the reflector and retained by a locking mechanism. 


12.5 Multiple choice questions 


1. A high-intensity white flash is produced from a: 
(a) strobe light 
(b) fluorescent tube 
(c) landing light. 


2. A clear (white) light with a divergence of +70 
degrees either side of aircraft centreline is the: 
(a) landing light 
(b) rear position light 
(c) logo light. 


3. Incandescence is the radiation of light from: 
(a) a gas-discharge device 
(b) an electrical filament due to an increase in its 
temperature 
(c) acombined optical and electrical 
phenomenon. 


Lights 


10. 


11. 


12. 


13. 


. Anti-collision lights can be provided by: 


(a) rotating beacon or strobe lights 
(b) fluorescent tubes 
(c) retractable assembly. 


. Green or blue lights in the instrument panel 


indicate: 

(a) a safe condition exists 

(b) an unsafe condition exists 

(c) an abnormal condition exists. 


. Flood lighting in the flight compartment is 


normally from: 

(a) strobe lights 

(b) incandescent lamps and/or fluorescent tubes 
(c) position lights. 


. Sealed quartz or glass tubes filled with xenon gas 


are called: 

(a) luorescent tubes 
(b) LEDs 

(c) strobe lights. 


. The starboard wing tip navigation light has the 


following colour and divergence: 
(a) red and 110 degrees 

(b) green and 110 degrees 

(c) white and +70 degrees. 


. Anti-collision lights are used in conjunction 


with the: 

(a) master warning lights 
(b) wing inspection lights 
(c) navigation lights. 


Red warning lights in the instrument panel 
indicate the existence of: 

(a) unsafe conditions 

(b) abnormal conditions 

(c) safe conditions. 


Referring to Fig. 12.24, this device is a: 
(a) strobe/xenon tube 

(b) fluorescent tube 

(c) LED. 


Referring to Fig.12.25, the diode is required to: 
(a) provide dimming 

(b) ensure the correct light is illuminated 

(c) ensure both lights are illuminated. 


Referring to Fig.12.26, this illustrates the angular 
coverage for: 

(a) wing illumination lights 

(b) rotating beacons 

(c) navigation (or position) lights. 


Figure 12.24 See Question 11 


Warning switches 


/ Warning lights 
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Figure 12.25 See Question 12 


Figure 12.26 See Question 13 
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(a) Vertical stabiliser (b) Wing tips 


Figure 12.28 See Question 16 


15. Master caution and warning lights are located 
on the: 
(a) lower instrument panel 
(b) upper instrument panel 


(c) Tail/lower wing surface (d) Fuselage 


Figure 12.27 See Question 14 (c) overhead panel. 
16. Referring to Fig.12.28, this light assembles 
comprises: 
14. Referring to Fig. 12.27, these positions are for: (a) LEDs 
(a) navigation lights (b) strobes 
(b) wing inspection lights (c) incandescent elements. 


(c) strobe lights. 


Chapter Cabin systems 


13 


Passenger transport and business aircraft are fitted 
with a range of cabin electronic equipment for pas- 
senger safety, convenience and entertainment. Typical 
applications for this equipment include lighting, audio 
and visual systems. Cabin lighting is used for the 
safety and comfort of passengers; this was described 
in Chapter 12. Audio systems include the passenger 
address system used by the flight or cabin crew to 
give out safety announcements and other flight infor- 
mation. These announcements are made from hand- 
held microphones and are heard over loudspeakers in 
the cabin and passenger headsets. The same system 
can be used to play automatic sound tracks; this is 
often used for announcements in foreign languages, 
or to play background music during boarding and dis- 
embarkation. Audio systems are also available at the 
individual seat positions. 

A range of galley equipment is installed on busi- 
ness and passenger aircraft. The nature of this equip- 
ment depends on the size and role of the aircraft. Air 
conditioning is provided in passenger aircraft for the 
comfort of passenger; pressurization is required for 
flying at high altitudes. Both these systems have elec- 
trical and electronic interfaces and control functions. 
Airstairs allow passengers, flight crew and ground 
personnel to board or depart the aircraft without the 
need for a mobile staircase or access to a terminal. 
This chapter describes the many types of systems and 
equipment used for passenger safety, convenience and 
entertainment. 


13.1 Passenger address system 


The passenger address (PA) system is primarily a 
safety system that provides passengers with voice 
announcements and chime signals from the flight 
or cabin crew; its secondary purpose is for the audio 
entertainment system. The crew make these voice 
announcements via the interphone system (see 
Aircraft Communication and Navigation Systems, a 
related book in the series). The PA amplifier provides a 


level of sidetone to the crew’s handset or headsets dur- 
ing voice announcements. Sidetone is the technique 
of feeding back a small amount of sound from the 
mouthpiece and introducing this at low level back into 
the earpiece of the same handset, acting as feedback 
to confirm that the handset or headsets are functional. 

The PA system audio outputs are transmitted 
through to speakers located in the cabin, see Fig. 13.1; 
typical locations include: 


passenger service units (PSUs) 
galleys 

washrooms 

cabin crew areas. 


PA voice announcements are integrated with the pas- 
senger entertainment system so that safety announce- 
ments can be made over and above entertainment 
channels. 

A typical PA system is controlled by a selector 
panel (Fig. 13.2) located at cabin crew stations; an 
amplifier makes chime sounds in response to discrete 
signals from the cabin interphone system; examples 
of these chimes include: 


e asingle low chime to indicate when the ‘no smoking’ 
and ‘fasten seat belt’ lights have been switched on 

e a single high/low chime for calls between cabin 
crew stations 

e three high/low chimes when the flight crew needs 
to gain the attention of the cabin crew 

e a single high chime when a passenger needs to 
gain the attention of the cabin crew. 


Test your understanding 13.1 


What is the primary purpose of a cabin PA system? 


PA systems are often integrated with video sys- 
tems used for giving cabin safety information to 
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Figure 13.1 Public address (PA) system overview 
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Figure 13.2 Public address (PA) selector panel 
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Your Crystal Energy Receiver is now complete and ready to use! 


| built a portable version, for proof of concept and demonstration purposes. 
However, you can go as big as you want- to passively charge batteries or run 
equipment remotely; or go as small as you want- to power sensors, RFID 
devices, small electronics and more. 


| used this harvested energy to easily power a low-consumption quartz clock, a 
digital chronograph with integrated circuits and LCD and was even able to 
momentarily rotate a small dc motor. 


Because of its simplicity this device is a durable, efficient and reasonably 
effective method of harvesting radiant energy in a simple, replicable and 
sustainable way. | humbly hope that the contributions made here, and by those 
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passengers. A complete cabin management system 
includes: 


crew announcements 
recorded announcements 
video system audio 
boarding music 

chimes. 


13.2 Galley equipment 


Galley equipment is a major consideration for the 
design of an aircraft’s electrical power system since 
it can represent a high proportion of the total load 
requirements. The nature of the installed equipment 
depends on the size and role of aircraft, e.g. if it is 
operating short or long routes, the type of cabin clas- 
sification (economy, business first class etc). In the 
1930s, the Douglas Aircraft DC-3 was the first air- 
craft to have a purpose-built area galley area for the 
preparation of food and beverages. Typical galley 
equipment on a modern aircraft now includes: 


e beverage makers 
e ovens/cookers 
e refrigeration units. 


Typical power requirements for galley equipment on a 
typical narrow body aircraft are given in Table 13.1. 

Power from the main distribution system is sup- 
plied to a dedicated galley bus which also contains its 
own protection circuits; galley power is the first non- 
essential load to be shed. 


13.3 In-flight entertainment (IFE) 


This was initially introduced onto aircraft to break the 
boredom of long flight times; IFE is now part of an 
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airline’s image and forms part of its competitive edge. 
There is now a vast range of cabin electronic equip- 
ment that is used for passenger safety, convenience 
and entertainment. 


13.3.1 Overview 


The first ever in-flight ‘movie’ was shown in 1925. 
These early systems were traditional projectors and 
screens. This was followed in the 1960s by central- 
ized television screens placed at the front of each 
cabin. This concept was further developed into video 
projectors suspended on the aircraft ceiling and large 
screens on the bulkheads. Smaller business aircraft 
are installed with video screens fitted into the front 
and/or rear bulkheads; larger aircraft are installed 
with monitors integrated within the overhead panels 
or, more usually, into the back of the seat headrest. 

Satellite-based communication is available with 
an individual transmitter/receiver and handset for 
business aircraft through to multiple access systems 
on larger passenger aircraft. The rapid development 
of broadband communications and satellite systems 
has also facilitated access to the Internet via laptop 
computers at an individual seat position. The use of 
mobile phones is not permitted by many regulatory 
authorities due to the potential interference with air- 
craft systems; technology is being developed to allow 
their use on aircraft. 

Audio entertainment systems installed on aircraft 
range from a single source, e.g. a digital versatile disc 
(DVD) player on private aircraft through to multi- 
channel systems with multiple channels on larger air- 
craft. Passengers are able to select from a wide range 
of music channels, news bulletins, current affairs, 
documentaries and comedy channels etc. Audio chan- 
nels are played through headphones that plug into 
an individual seat position. Video entertainment is 
traditionally provided via a large video screen at the 


Table 13.1 Typical power requirements for galley equipment on a typical narrow body aircraft 
Product OPA* Power supply Rating Protection 
Beverage maker 10 200 VAC three-phase 400 Hz 2750W 7A 

Ovens 5 200 VAC three-phase 400 Hz 1000 W 5A 
Refrigeration units 5 200 VAC three-phase 400 Hz 1000 W 5A 


“QPA quantity per aircraft 
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front of each cabin zone, together with smaller moni- 
tors suspended from the ceiling situated every few 
rows. Audio 1s supplied via the same headphones 
used for audio entertainment. In addition to entertain- 
ment, these screens are also used to broadcast safety 
information to passengers. 

Personal video screens (PVS) for every passenger 
are becoming the norm, providing passengers with a 
selection of audio and visual channels. These screens 
are usually located in the seat backs or stowed in the 
armrests during take-off and landings. Some airlines 
also provide news and current affairs programmes, 
which are pre-recorded prior to the flight and made 
available to the aircraft before departure. PVS are oper- 
ated via an in-flight management system which stores 
pre-recorded channels on a central server, and streams 
them to the individual seat positions during flight. Some 
airlines also provide video games to the individual seat 
positions. Audio-video on demand (AVOD) entertain- 
ment enables passengers to pause, rewind, fast-forward 
or stop a programme. AVOD also allows the passengers 
to choose between an assortment of audio-visual pro- 
grammes stored in the aircraft computer system. 

Passengers can obtain real-time flight information 
on a video channel at their seat position or on cabin 
video screens via moving-map systems. The typi- 
cal display is a an electronic screen, typically using 
liquid crystal display (LCD) technology that illus- 
trates the aircraft current position and direction of 
travel; the system can also display information such 
as aircraft altitude, airspeed, distance to destination, 
distance from origination and local time. Moving-map 
system information is derived from the aircraft’s navi- 
gation systems. (LCD technology is covered in more 
detail in Aircraft Digital Electronic and Computer 
Systems, a related book in the series.) 


Test your understanding 13.2 


What does audio-video on demand (AVOD) enter- 
tainment provide for passengers? 


13.3.2 Typical product specifications 


Companies that offer a complete range of IFE prod- 
ucts include Flight Display Systems in the USA. 
Products include DVD/CD/MP3 players that provide 
high-resolution images with high-quality sound; high- 
definition (HD) LCD screens from 5 to 42 inches in 
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size; moving-map systems incorporate an internal 
database that interfaces with the aircraft’s navigation 
system to display: 


custom waypoints 

takeoff, landing and owner interest sites 
standard GPS position coordinates 
corporate logo 

personalized cabin greeting 

expanded city database 

regional flight information. 


Another popular addition to the range of IFE acces- 
sories 1s the very small high-resolution colour camera 
that is typically mounted in the flight compartment 
headliner. This provides an NTSC or PAL video 
output to the cabin entertainment system, enabling 
passengers to see an outside view from the pilot’s per- 
spective on the cabin monitors. Typical Flight Display 
Systems’ products are shown in Fig. 13.3. 


13.3.3 IFE system safety and regulation 


One major consideration for designing and installing 
IFE systems is the system’s safety. The primary consid- 
eration is the additional wiring required by the systems; 
insulation breakdown and arcing are potential sources 
of toxic fumes, overheating and fire. To address these 
potential issues, the IFE system is typically isolated 
from the aircraft’s main electrical systems; many instal- 
lations are fitted with a master switch in the flight com- 
partment. Electrical equipment must not alter the safety 
or functionality of the aircraft as a result of a failure. 
IFE systems must be independent from the aircraft’s 
main power supplies and digital systems. Protection 
of the aircraft power supplies and digital data links is 
required to mitigate against IFE failures and maintain 
the integrity of the aircraft’s systems. 


13.4 Satellite communications 


Some aircraft are fitted with intranet-type data com- 
munication systems that provide full access to the 
Internet and email via satellite. A passenger tele- 
phone system is installed on some aircraft to allow 
telephone calls from passengers to the ground; these 
are used for outgoing calls on passenger aircraft, and 
two-way calls on private aircraft. Data communica- 
tion is via the Iridium satellite communication sys- 
tem and allows passengers to connect to live Internet 
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(c) 


Figure 13.3 IFE products: (a) moving map 
display (bulkhead installation), (b) moving 
map display (seat position), (c) DVD/CD/MP3 
player (courtesy of Flight Display Systems) 
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from the individual IFE units or their laptops. Next- 
generation systems IFE systems are being introduced 
to incorporate live data/TV reception and on-demand 
capabilities. 

The Iridium system is a satellite-based, personal 
communications network providing global voice and 
data features. Iridium is a privately owned company 
based in the USA. The satellite communications sys- 
tem is illustrated in Fig. 13.4 and comprises three 
principal components: 


e satellite network 

e ground network (based on gateways) 

e subscriber products (including phones and data 
modems). 


The Iridium network allows voice and data messages 
to be routed anywhere in the world. The system oper- 
ates between user and satellite in the L-band, 1616— 
1626.5 MHz.Voice and data messages are relayed 
from one satellite to another until they reach the satel- 
lite above the Iridium handset or terminal; the signal 
is then relayed back to a gateway. When an Iridium 
customer places a call from a handset or terminal, it 
connects to the nearest satellite, and is relayed among 
satellites around the globe to whatever satellite is 
above the appropriate gateway; this downlinks the 
call and transfers it to the global public voice network 
or Internet so that it reaches the recipient. Users can 
access the network via aircraft earth stations (AES) 
or Iridium subscriber units (ISU). 


13.4.1 Satellite communication network 


The satellite communication network comprises 
a constellation of 66 active satellites in a near-polar 
orbit at an altitude of 485 miles (780km). The sat- 
ellites fly in formation in six orbital planes, evenly 
spaced around the planet, each with 11 satellites 
equally spaced apart from each other in that orbital 
plane. A single satellite orbits the earth once every 
100 minutes, travelling at a rate of 16,832 miles 
per hour; the time taken from horizon to horizon is 
approximately ten minutes. As a satellite moves out 
of view, the subscriber’s call is seamlessly handed 
over to the next satellite coming into view. 


Key point 


The Iridium network allows voice and data mes- 
sages to be routed anywhere in the world. 
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Figure 13.4 


Since Iridium is a low earth orbit (LEO) satellite 
system, voice delays are minimal. Communication 
systems using geostationary earth orbits (GEOs) have 
satellites located 22,300 miles above the equator. As 
a result, latency can be quite high, causing the users 
to have to wait for each other to finish. GEOs are 
also largely ineffective in more northern or southern 
latitudes. The curvature of the earth disrupts message 
transmission when attempted at the edge of a GEO 
satellite’s footprint. (Global positioning system (GPS) 
satellites used for navigation are in 20,200 km orbits.) 
A comparison of LEO, GPS and GEO orbits is illus- 
trated in Fig. 13.5. 

Each Iridium satellite is cross-linked to four other 
satellites — two satellites in the same orbital plane and 
two in an adjacent plane. These links create a dynamic 
network in space — calls are routed directly between 
satellites without reference to the ground, creating a 
highly secure and reliable connection. Cross-links 
make the Iridium system particularly impervious to 
natural disasters — such as hurricanes, tsunamis and 
earthquakes — that can damage ground-based wireless 
towers. 


RF cross link 
K-band 
23.18-23.38 GHz 


Iridium telemetry, 
tracking and 
control (TTAC) 
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Service links L-band 
1616-1626.5 MHz 


Service links L-band 
1616-1626.5 MHz 


e 48 Spot beams per SV 
e 4700 km total diameter 


Iridium satellite communication system 


Distance above earth 


Figure 13.5 Comparison of satellite orbits 


Key point 


Satellite communication systems use a low earth 
orbit to minimize voice delays. 
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13.4.2 Iridium ground network 


The Iridium ground network comprises the system 
control segment and telephony gateways used to connect 
into the terrestrial telephone system. With centralized 
management of the Iridium network, the system control 
segment supplies global operational support and control 
services for the satellite constellation, delivers satellite 
tracking data to the gateways, and controls the termina- 
tion of Iridtum messaging services. The system control 
segment consists of three primary components: 


e four telemetry tracking and command/control 
(TTAC) stations 

@ the operational support network 

e the satellite network operation centre (SNOC). 


Ku-band feeder links and cross-links throughout the 
satellite constellation supply the connections among 
the system control segment, the satellites and the 
gateways (ku-band is a section of the electromag- 
netic spectrum in the microwave range of frequencies 
between 12 and 18 GHz). Telephony gateways are the 
ground-based antennas and electronics that provide 
voice and data services, messaging, prepaid and post- 
paid billing services, as well as other customer serv- 
ices. The gateways are responsible for the support and 
management of mobile subscribers and the intercon- 
nection of the Iridium network to the terrestrial phone 
system. Gateways also provide management functions 
for their own network elements and links. 


13.5 Multiplexing 


Increasing the amount of IFE and communication sys- 
tem choices to each passenger position has the potential 
to rapidly increase the amount of wiring on the aircraft; 
this would make IFE very costly. One way of reducing 
the amount of wiring to a seat position is via multi- 
plexing; this technology provides a means of selecting 
data from one of several sources. Equivalent circuits 
(depicted as switches for illustration purposes) of some 
common types of multiplexer are shown in Fig. 13.6. 
The single two-way multiplexer (Fig. 13.6(a)) 
is equivalent to a simple single pole double throw 
(SPDT) changeover switch. The dual two-way multi- 
plexer (Fig. 13.6(b)) performs the same function but 
two independent circuits are controlled from the same 
select signal. A single four-way multiplexer (Fig. 
13.6c) requires two digital selector inputs (A and B) 
to place the switch in its four different states. These 
are coded in a simple truth table format with four 
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Figure 13.6 Multiplexer schematics 


possible outcomes, or selectable switch positions. 
(The subject of multiplexing is covered in more detail 
in Aircraft Digital Electronic and Computer Systems, 
a companion volume.) 


Test your understanding 13.3 


What are the advantages of using multiplexing for 
IFE? 
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13.6 Fibre optics 


Another technology adopted for IFE is based on fibre 
optics. This technology has been widely used as a trans- 
mission medium for ground-based data communica- 
tions and in local area networks (LAN) for many years 
and they are now being introduced into passenger air- 
craft to satisfy the need for wideband networked avionic 
and cabin entertainment systems. Compared with cop- 
per wiring, optical fibres have a number of advantages: 


e reduced weight, compact size 

immunity to electromagnet interference (EMI) 

exceptionally wide bandwidth 

significantly reduced noise and cross-talk 

relatively low values of attenuation within the 

medium 

e high reliability coupled with long operational life 

e electrical isolation and freedom from earth/ground 
loops. 


These advantages mean that optical fibres are ideally 
suited as a replacement for conventional copper net- 
work cabling. The technology is relatively new in the 
civil aircraft industry and introduces new challenges 
for those involved with aircraft operation and mainte- 
nance. There are a number of disadvantages for opti- 
cal fibres; these include: 


e industry resistance to the introduction of new 
technology 

e need for a high degree of precision when fitting 
cables and connectors 

e concerns about the mechanical strength of fibres 

e cable bends need to have a sufficiently large radius 
to minimize losses and damage. 


The advantages are now outweighing the disadvantages 
and systems based on optical fibres are being installed 
on many aircraft types. A simple one-way (simplex) 
fibre optic data link is shown in Fig. 13.7. The optical 
transmitter consists of an infrared light-emitting diode 
(LED) or low-power semiconductor laser diode cou- 
pled directly to the optical fibre. The diode is supplied 
with pulses of current from a bus interface. 


Logic 
input transmitter 


Optical 


Cladding 
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These pulses of current produce equivalent pulses 
of light that travel along the core of the fibre until they 
reach the optical receiver unit. The optical receiver 
unit consists of a photodiode or phototransistor that 
passes a relatively large current when illuminated and 
negligible current when not. The pulses of current at 
the transmitting end (logic inputs) are thus replicated 
at the receiving end (as logic outputs). Cladding is a 
layer of material with a lower refractive index than the 
core, and confines the optical signal inside the core. 


13.6.1 Construction 


The construction of a typical fibre optic cable is shown 
in Fig. 13.8; in this example, the cable consists of: 


an outer jacket 

aramid yarn (strength member) 
separator tape (polyester) 

two filler strands 

five optical fibres. 


a O 


Key maintenance point 


Fibre optic cable bends need to have a sufficiently large 
radius to minimize signal losses and physical damage. 
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Figure 13.8 (Simplex) fibre optic data link 
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Figure 13.7 Fibre optic cable connector 
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A protective buffer covers each fibre and protects it 
during manufacture, increases mechanical strength and 
diameter in order to make handling and assembly easier. 
The buffers are coded in order to identify the fibres using 
colours (blue, red, green, yellow and white). The filler 
strands are made from polyester and are approximately 
0.035 inches in diameter. A polyester separator tape cov- 
ers the group of five fibres and two filler strands. This 
tape is manufactured from low-friction polyester and it 
serves to make the cable more flexible. A layer of woven 
aramid (or Kevlar) yarn provides added mechanical 
strength and protection for the cable assembly. The outer 
thermoplastic jacket (usually purple in colour) 1s fitted 
to prevent moisture ingress and also to provide insula- 
tion. A typical fibre optic cable connector arrangement 
is shown in Fig. 13.9. 


13.6.2 Connectors 


Each connector has alignment keys on the plug and 
matching alignment grooves on the receptacle. These 
are used to accurately align the connector optical com- 
ponents; the guide pins in the plug fit into cavities in 
the receptacle when the plug and receptacle connect. In 
order to ensure that the connector is not over-tightened 
(which may cause damage to the fibres) the pins of 
the plug are designed to provide a buffer stop against 
the bottom of the cavities in the receptacle. Plugs and 
receptacles have ceramic contacts that are designed to 
make physical contact when properly connected. 

The light signal passes through holes in the end of 
the ceramic contacts when they are in direct physical 
contact with each other. The coupling nut on the plug 
barrel has a yellow band whilst the receptacle barrel 
has a red and a yellow band. A correct connection is 
made when the red band on the receptacle is at least 
50 per cent covered by the coupling nut. This position 
indicates an effective connection in which the opti- 
cal fibres in the plug are aligned end-to-end with the 
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Figure 13.9 Fibre optic cable 
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fibre in the receptacle. Three start threads on the plug 
and receptacle ensure a straight start when they join. 
The recessed receptacle components prevent damage 
from the plug if it strikes the receptacle at an angle. 
The plug and receptacle are automatically sealed 
in order to prevent the ingress of moisture, dust and 
other contamination. Colour-coded bands ensure that 
the plug and receptacle are fully mated. (The subject 
of optical fibres is covered in more detail in Aircraft 
Digital Electronic and Computer Systems, a compan- 
ion volume.) 


Key point 


The optical fibre receiver unit consists of a photodi- 
ode or phototransistor that passes a relatively large 
current when illuminated and negligible current 
when not illuminated. 


13.7 Air conditioning 


Air conditioning is provided in passenger aircraft for 
the comfort of passengers. The cabin on larger aircraft 
is divided into passenger compartment locations, or 
temperature control zones, see Fig. 13.10. Air condi- 
tioning, and the environmental control system (ECS), 
normally derive high-pressure air from the compres- 
sor stage of each turbine engine. The temperature 
and pressure of this bleed air varies, depending upon 
rotational speed of the engine. A pressure-regulating 
shutoff valve (PRSOV) restricts the flow as necessary 
to maintain the desired pressure for the ECS. 


13.7.1 Environmental control system 


To increase efficiency of the ECS, air is normally bled 
from two or three positions on the engine. Aircraft 
types vary, but the principles of air conditioning sys- 
tems comprise five salient features: 


e air supply 

e heating 

e cooling 

e temperature control 
e distribution. 


The air conditioning system is based on an air cycle 
machine (ACM) cooling device as illustrated in 
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(Typical passenger compartment locations) 


Zone 1 
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Temperature control zones 


Figure 13.10 Air conditioning: passenger cabin zones 


Fig. 13.11. The air conditioning packs (A/C packs) 
are located in varying places on aircraft, including: 


e between the two wings in the lower fuselage 
e inthe rear fuselage tail section 
e inthe front of the aircraft beneath the flight deck. 


Engine bleed air, with temperatures in the order of 150 
and 200°C and a pressure of between 30-35 pounds 
per square inch (psi), 1s directed into a primary heat 
exchanger. External ram air (at ambient temperature 
and pressure) is the cooling medium for this air-to- 
air heat exchanger. The cooled bleed air then enters 
the centrifugal compressor of the air cycle machine 
(ACM). This compression heats the air (the maximum 
air temperature at this point is about 250°C) and it 
is directed into the secondary heat exchanger, which 
again uses ram air as the coolant. Pre-cooling through 
the primary heat exchanger increases the efficiency of 
the ACM by reducing the temperature of the air enter- 
ing the compressor; less work is required to compress 
a given air mass (the energy required to compress a 
gas by a given ratio increases with higher temperature 
of the incoming air). 

At this stage, the temperature of the heat exchanger 
air is higher than the outside air temperature; the tem- 
perature is sensed by an RTD and this is displayed on 
the air conditioning control panel and/or used as part 
of a control system input. The compressed, cooled 
air is then directed into the expansion turbine of the 
ACM; this extracts work from the air as it expands, 
cooling it to between —20°C and —30°C. (The ACM 
can cool the air to less than 0°C even when the aircraft 
is on the ground in a high ambient temperatures.) The 
work extracted by the turbine drives a shaft to turn the 


ACM’s centrifugal compressor, together with a ram air 
inlet fan that draws in the external air during ground 
running. A motorized bypass valve controls the ratio 
of air being directed into the turbine. An electrically 
driven ram air fan within the system provides air flow 
across the heat exchangers when the aircraft is on 
the ground. To assist ram air recovery, some aircraft 
use modulating vanes on the ram air exhaust. Power 
for the air conditioning pack is obtained by reducing 
the pressure of the incoming bleed air relative to the 
cooled air output of the system. 


Test your understanding 13.4 


What type of sensor is used for regulation of cabin 
air temperature? 


With the air now cooled, its water vapour condenses. 
To remove this, the moist air output of the expansion 
turbine is passed through a water separator; this uses 
centrifugal force to eject the water particles into a coa- 
lescing bag that absorbs the moisture. This condensate 
is sometimes fed back into the ram air entering the 
secondary heat exchanger to improve its performance. 
The cool dry air is now combined in a mixing chamber 
with a small amount of engine bleed air; the amount 
of trimming air mixed with cooled air is modulated to 
achieve the desired cabin air temperature before the air 
is ready for supply into the cabin. An RTD is installed 
to monitor the ACM outlet temperature; airflow into 
the cabin is monitored by a flow sensor. 

The A/C pack outlet air for use in the cabin is 
mixed with filtered air from re-circulation fans, and 
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Figure 13.11 Air conditioning system 


then fed into the mixing manifold. On modern pas- 
senger aircraft, the airflow into the cabin is approxi- 
mately 50% bleed air and 50% filtered air. Control of 
the air conditioning system on a Boeing 757 aircraft 
is from an overhead control panel, see Fig. 13.12. 


Key point 


To assist ram air recovery, some aircraft use modu- 
lating vanes on the ram air exhaust. 
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Figure 13.12 Air conditioning system control (right/centre of overhead panel) 


13.7.2 Ventilation 


A re-circulation fan is used to re-circulate filtered 
cabin air back into the cabin to reduce bleed air 
requirements. Up to 50% of the cabin air can re- 
circulated for passenger comfort. The fan will switch 
off if either A/C pack is in high flow, giving a net 
reduction in the ventilation rate. Optimum cooling 
and reduced bleed air demand (hence reduced fuel 
consumption) is achieved with a combination of air 
re-circulation and automatic operation of the A/C packs. 
The ventilation rate is increased on larger aircraft with 
additional re-circulation fans for comfort levels. 

Some aircraft are installed with a gasper fan; this 
is an electric fan designed to increase pressure in the 
outlets above passenger seats. The gasper fan is typi- 
cally used when there is a: 


e low supply of air pressure 

e high cold air demand 

e high ambient temperature (on the ground on a 
hot day). 


When the A/C packs are off, the gasper fan draws 
cabin air into the distribution ducts, into the main air 
manifold and mixing chamber where it is then blown 
(albeit not chilled) into the cabin. 


13.7.3 Equipment cooling 


Although not part of the cabin system for the comfort 
of passengers, some aircraft are installed with equip- 
ment cooling that takes air from the cabin system. 
Equipment cooling can be used for: 


flight compartment panels 

display units 

circuit breaker panels 

electrical and electronic (E & E) bay. 


Replacing the warm air generated by equipment with 
cool air from the cabin is achieved with dedicated 
electric fans. On the ground, the air is directed over- 
board through the flow control or exhaust valves. 
During flight, the warm air generated by equipment 
is sometimes used for heating the cargo holds by 
exhausting air around their walls. 


13.8 Pressurization 


In addition to temperature control, aircraft flying at 
high altitudes need to be pressurized since the amount 
of oxygen in the atmosphere decreases with altitude. 
The effects of insufficient oxygen on people can begin 
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Figure 13.13 Cabin pressurization/altitude chart 
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Figure 13.14 Cabin pressurization warning 


as low as 1500m (5000 ft) above sea level, although 
most passengers can tolerate altitudes of 2500m 
(8000 ft) without ill effect. At this altitude, there is 
approximately 25% less oxygen compared to sea 
level. Flight operations above 3000 m (10,000 ft) gen- 
erally require supplemental oxygen; this is achieved 
through pressurization on passenger aircraft. 

The relationship between cabin pressure and 
atmospheric pressure is illustrated in Fig. 13.13. 
Cabin pressure is controlled automatically; this is 
managed by the crew via a control panel as illus- 
trated in Fig. 13.12. Pressurization is monitored and 
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warnings provided in the event of a malfunction. Fig. 
13.14 illustrates a typical warning system schematic; 
this illuminates a warning light on the master caution 
panel and sounds a horn in the event of reduced cabin 
altitude. 

Engine bleed air is supplied into the cabin and then 
allowed to pass out of the fuselage via outflow valves 
(OFV). Most aircraft have a single OFV located near 
the bottom aft end of the fuselage; some larger air- 
craft have two. By modulating the position of the out- 
flow valve(s), the pressurization in the cabin can be 
maintained higher than atmospheric pressure. Modern 
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commercial aircraft have a dual channel electronic 
controller for maintaining pressurization, with a man- 
ual back-up system. These systems maintain cabin air 
pressure at the equivalent to 2500m (8000 ft) at high 
cruising altitudes. 

A positive pressure relief valve opens in the event 
of excessive pressure in the cabin; this protects the 
aircraft structure from excessive loading. The maxi- 
mum pressure differential between the cabin and 
atmospheric pressure is between 7.5 and 8 psi. This 
is the equivalent of approximately 10,000 feet; if the 
cabin were maintained at sea level pressure and then 
operated at cruise altitude, the differential would be 
the structural life of the aircraft would be reduced. 


Key point 


Bleeding air from the engine comes at the expense 
of overall aircraft efficiency. Some aircraft such as 
the Boeing 787 are now using electrically driven 
compressors to provide pressurization. 


A pressurization failure above 10,000 ft results 
in an emergency situation; the cabin pressure might 
be 10psi, while the atmospheric pressure 1s only 
2psi. The pilot must make an emergency descent 
and activate oxygen masks for everyone aboard. In 
most passenger aircraft, oxygen masks are automati- 
cally deployed if the cabin pressure drops below an 
equivalent cabin altitude of 14,000 feet. Gradual 
decompression is dangerous to all on board since it 
may not be detected. Rapid decompression causes the 
lungs to decompress faster than the cabin. Explosive 
decompression is when cabin pressure reduces faster 
than the lungs can decompress (less than 0.5 sec- 
onds). Rapid decompression of commercial aircraft 
is extremely rare, but the results are life-threatening. 
Furthermore, the air temperature will rapidly fall due 
to the expansion of the cabin air, potentially resulting 
in frostbite. 


Key point 


Aircraft cabin pressure is commonly referred to as a 
‘cabin altitude’, typically 8000 feet or less, therefore 
a lower cabin altitude relates to a higher pressure. 
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Key point 


The cargo compartment is normally pressurized to 
the same level as the cabin; the temperature in this 
compartment may be controllable depending on the 
nature of cargo being carried. 


13.9 Airstairs 


These are located in either forward or aft cabin locations, 
and can be raised or lowered while the aircraft is on the 
ground. Airstairs allow passengers, flight crew and 
ground personnel to board or depart the aircraft without 
the need for a mobile staircase or access to a terminal. 

On forward door positions, the stair folds and 
stows directly into the floor, beneath the door. This 
type of airstair is found on many short-range aircraft 
to provide operational flexibility, although the stairs 
are quite heavy; many airlines remove this system to 
reduce aircraft weight. Ventral airstairs are fitted on 
most tail-engined airliners, and are incorporated as 
ramps which lower from the rear fuselage. 

They can be operated from either internal or exter- 
nal control panels; both panels typically have normal 
and standby systems. Normal operation requires both 
AC and DC power, standby only requires DC power. 
External standby system power typically comes directly 
from the battery bus and so does not require the battery 
switch to be on. Airstairs should not be operated more 
than is necessary to prevent the motors from overload- 
ing; their typical duty cycle is three consecutive cycles 
of normal system operation within a 20 minute period. 


13.10 Multiple choice questions 


1. Multiplexing is a technique used for: 
(a) increasing the amount of IFE wiring to a seat 
position 
(b) reducing the amount of IFE wiring to a seat 
position 
(c) increased immunity to electromagnet 
interference (EMI). 


2. Fibre optic cable bends need to have a sufficiently 
large radius to: 
(a) minimize losses and damage 
(b) maximize immunity to electromagnet 
interference (EMI) 


Cabin systems 


(c) accurately align the connector optical 9. 


components. 


U 


. ACM outlet temperature is measured using: 
(a) a Bourdon tube 
(b) an RTD 
(c) a thermocouple. 


10. 

4. The Iridium network allows voice and data 

messages to be routed: 

(a) anywhere in the world 

(b) between the flight crew and cabin crew 

(c) via a fibre optic network. 
5. The passenger address (PA) system is primarily a 

safety system that provides passengers with: 

(a) in-flight entertainment 

(b) reduced amount of IFE wiring to a seat 11 


position 
(c) voice announcements and chime signals. 


6. To assist ram air recovery, some aircraft use: 
(a) modulating vanes on the ram air exhaust 
(b) modulating vanes on the ram air inlet 
(c) modulating vanes on the ACM outlet. 


7. Satellite communication systems use a low earth 
orbit to: 
(a) provide greater coverage 


(b) maintain a geostationary position ID; 


(c) minimize voice delays. 


8. Audio-video on demand (AVOD) entertainment 

enables passengers to: 

(a) pause, rewind, fast-forward or stop a 
programme 

(b) make phone calls via satellite 
communication 

(c) ignore PA system voice announcements and 
chime signals. 


Cladding 
Logic Optical 
input transmitter 
Optical fibre 
Figure 13.15 See Question 14 
15. Referring to Fig. 13.16, the iridium system 
transfers messages around the world: 16. 


(a) directly between satellites 
(b) via gateways on the earth’s surface 
(c) directly between users. 


12. 


14. 
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Supplemental oxygen 1s generally required flight 
operations above: 

(a) 3000ft 

(b) 10,000 ft 

(c) sea level. 


The optical fibre receiver unit consists of a 
photodiode or phototransistor that passes a: 
(a) relatively large current when illuminated 
and negligible current when not 
illuminated 
(b) relatively small current when illuminated and 
high current when not illuminated 
(c) relatively small current when illuminated and 
low current when not illuminated. 


. The gasper fan is used in cabin ventilation 


systems to: 

(a) increase air pressure in the air outlets 
(b) re-circulate filtered cabin air 

(c) assist with ram air recovery. 


Cabin altitude is typically 
(a) cruising altitude 

(b) sea level 

(c) between 6—7000 feet. 


The cargo compartment is normally pressorized 
to be: 

(a) equal to cabin pressure 

(b) above cabin pressure 

(c) below cabin pressure. 


Referring to Fig. 13.15, cladding is used in fibre 
optic cables to: 

(a) protect the fibre 

(b) prevent moisture ingress 

(c) guide the light signal. 


Optical 


Logic 


receiver output 


The iridium system satellite orbits are: 
(a) random 

(b) equatorial 

(c) polar. 
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Figure 13.16 See Question 15 
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Various sensors are needed for the monitoring and 
control of airframe systems. The indications and/or 
control circuit need to be informed of the position of 
a particular feature on the aircraft; this 1s achieved 
by a position sensor. Broadly speaking, the sensors 
can be considered as detecting one of two states (or 
‘conditions’), or a variable position. Two state con- 
ditions include: landing gear (up or down) or cabin 
doors (open or closed). Variable positions include: 
control surfaces and flap position. Two state position 
devices are detected by micro-switches and proxim- 
ity sensors; variable position devices are detected by 
a variety of devices including synchros and variable 
resistors. This chapter reviews airframe systems such 
as landing gear control and indication, control surface 
position and indicating systems. 


14.1 Landing gear 


Three control and indicating system configurations 
are found on aircraft with retractable landing gear (or 
undercarriage): 


e hydraulic control and operation, electrical indication 
of position 

e electrical control and operation, electrical indication 
of position 

e electro-hydraulic control and operation, electrical 
indication of position. 


The landing gear comprises two or more wheels and 
shock absorbers, or oleo legs; these can be fixed in 
position or retractable. Large aircraft have hydrau- 
lic systems with electrical position sensors for gear 
up/down indications. General aviation (GA) aircraft 
normally have electrical control and operation, and 
electrical indication of position. Operation is via a 
series-wound split field electrical motor (Fig. 14.1) 
driving through to each undercarriage leg via a gear- 
box, torque tubes, cables and pulleys. 

The 28V DC power supply is connected to 
the reversible motor via a safety switch and the 


indicating systems 


position selector switch. This switch operates the 
landing gear relay via up-lock and down-lock micro- 
switches. When the landing gear starts to retract, the 
down-lock switch contacts close. When the landing 
gear is fully retracted the up-lock switch contacts 
open, and this removes power from the motor. When 
the landing gear is selected down, the up-lock con- 
tacts close and the gear can be extended. 

The landing gear safety switch senses when the air- 
craft is on the ground to prevent the landing gear from 
being retracted. Some aircraft have a micro-switch 
(or proximity-sensor) attached to the oleo leg; when 
the aircraft is on the ground, the oleo leg is com- 
pressed from the weight of the aircraft; this closes the 
switch contacts. The switch (or sensor) is now being 
used to detect the weight on wheels (WoW); this is 
sometimes referred to as a squat switch. When the 
aircraft takes off, the oleo leg extends when the air- 
craft weight is transferred to the wings and the WoW, 
or squat switch, opens its contacts. (Note that the 
switch can actually be configured as normally open or 
normally closed on the ground depending on the air- 
craft design.) WoW or squat switch contacts are also 
used by other systems that need to be set into air or 
ground modes, e.g. to prevent the pitot probes and ice 
detectors from being heated on the ground. 


Key point 


Two state conditions include landing gear (up or 
down) or cabin doors (open or closed). 


Landing gear position indication is derived from 
simple micro-switches in two locations: gear up and 
gear down. Switches are operated by a cam or lever 
and this completes the circuit. The quantity of lights 
depends on the aircraft manufacturer and certifica- 
tion requirements of the aircraft type. The simple 
system shows if the nose and main gear are up or 
down with a single indication; it is more usual to 
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Figure 14.1 Landing gear control system 


have an indication of each gear leg position. Landing 
gear indications sometimes include an audible warn- 
ing (klaxon or horn) when the throttles are retarded 
and the gear is not locked down. The system con- 
figuration in widespread use has the following 
indications: 


e gear down and locked (three green lights) 
e gear up and locked (all three lights out) 
e gear in transit (three red lights). 


Figure 14.2(a) illustrates a typical landing gear 
position indication system; note that this system 
includes additional green lights that can be selected 


Mechanical connections 


in the event of lamp failure. The circuit is drawn with 
positions of switches for the aircraft on the ground. 

With power applied, the three green lights are illu- 
minated via the down-lock switch. When the gear is 
selected up, the down-lock switch opens, the green 
lights extinguish and the three red lights are turned 
on. When the gear is fully retracted and locked, the 
red lights are extinguished. When the gear is selected 
down, the up-lock switch closes, and three red lights 
come on. With the gear fully down and locked, the 
down-lock switch closes, the red lights are extin- 
guished and the green lights are switched on. In the 
event that the throttles are closed (during an approach) 
and the gear is up, a warning horn will sound. 
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Figure 14.2 Landing gear position indication: (a) system schematic, (b) typical gear position 
selector and warning lights (general aviation) 
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Key point 


Indications of landing gear fully down and locked 
are: 


e red lights off 
e green lights on. 


Key point 


When an electrically operated landing gear is fully 
retracted, the up-lock switch contacts open, thereby 
removing power from the motor 


On smaller general aviation aircraft, the system is 
simplified by having three green lights for gear down 
and locked (Fig. 14.2(b)). In this example, the selec- 
tor switch also has a placard stating the airspeeds for 
gear selection. 


Flap selector 
switch 


~ 


transmitter 
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14.2 Trailing edge flaps 


Three configurations are found on aircraft: 


e hydraulic control and operation, electrical indication 
of position 

e electrical control and operation, electrical indication 
of position 

e electro-hydraulic control and operation, electrical 
indication of position. 


The flap drive motor is a reversible DC motor that 
drives the flap control mechanism through a gearbox. 
GA aircraft have a simple three-position switch iden- 
tified as OFF/UP/DOWN. The flaps on these aircraft 
are driven the full extent of travel until they operate 
up or down limit switches, see Fig. 14.3. 

Selecting ‘flaps up’ applies power to the motor 
through the closed contacts of the up-limit switch; the 
motor operates and the flaps start to move. The down- 
limit switch changes over as shown by dotted lines, 
and the flaps travel to the fully retracted position; 
note that both the limit switches are closed during 
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Figure 14.3 Trailing edge flaps control and indication 
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travel, and this allows the pilot to stop/start the flaps. 
Selecting “flaps down” applies power through the down 
limit switch and the motor runs in the opposite direc- 
tion; the up-limit switch changes over to the position 
shown as solid lines in preparation for the next selec- 
tion. The flaps continue to travel until they are fully 
extended and the down-limit switch is operated (solid 
line). This opens the supply to the motor. Selecting off 
at any time stops the motor at the given position. 

The flap position indicator is an integral part of the 
system; a mechanical linkage is made between the flap 
control mechanism and position sensor. This varies the 
ratio of current in each of three coils in the indicator; 
flap position is displayed in degrees of flap movement. 
Flap position can be from a simple rheostat and rati- 
ometer indication, or from a synchro system. Flaps 
on larger aircraft are normally driven by a hydraulic 
system; flap position is selected in specific settings 
referred to by simple up/down positions, or (on larger 
aircraft) by angular positions, see Fig. 14.4. The flap 
selection switch in this photograph is to the right of 
the pedestal and, in this example, are also referenced 
to the maximum airspeed for given flap settings. 


Key point 


An electrical flap drive system uses a reversible DC 
motor. 


14.3 Control surfaces 


Different aircraft types have a variety of control sur- 
face position indicators; the various flying control 
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Figure 14.4 Flap position selection (top right 
of photo) 


surfaces on a large passenger aircraft are illustrated in 
Fig. 14.5. These control surfaces typically include: 


leading edge slats 
spoilers 

trailing edge flaps 
rudder(s) 
elevators 
ailerons. 


The position of each control surface can be dis- 
played by an analogue indicator (Fig. 14.6) or form 
part of an electronic display. Each of the control 
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Figure 14.5 Flying control surfaces 


Figure 14.6 Control surface position indication 
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surfaces 1s fitted with a position sensor, typically a 
torque synchro. 


Key point 


Variable position features include control surface 
and flap position. 


Key point 


Two state position devices include micro-switches 
and proximity sensors. 


14.4 Electronic indicating systems 


The two systems used on the majority of passen- 
ger aircraft are EICAS and ECAM. The Engine 
Indication and Crew Alerting System (EICAS) is 
a Boeing developed system that provides all engine 
instrumentation and crew annunciations in an inte- 
grated format; this is covered in Chapter 10 (engine 
systems). The system used on Airbus aircraft is 
the Electronic Centralized Aircraft Monitoring 
(ECAM) system. The two systems operate on differ- 
ent philosophies; however their basic functions are to 
monitor aircraft systems and display relevant infor- 
mation to the pilots. Both systems produce warning, 
cautions and advisory messages that need to be evalu- 
ated by the crew; in certain cases, the system provides 
the procedures required to address the problem. Each 
colour display unit uses either an active matrix liq- 
uid crystal display (AMLCD) or a cathode ray tube 
(CRT), see Fig. 14.7. 

ECAM provides the main features of EICAS but 
also displays corrective action to be taken by the 
crew as well as system limitations after the failures. 
Using a colour coded hierarchy, the crew can assimi- 
late the information being presented and take the 
necessary corrective action. ECAM was first intro- 
duced in the Airbus A320 and provides the paper- 
less cockpit since procedures for abnormal and 
emergency situations are presented on each of the 
displays. 
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Figure 14.7 ECAM displays 


ECAM comprises a series of integrated systems 
that display information to the crew in an efficient 
way. Referring to Fig. 14.8, aircraft sensors are cat- 
egorized into key monitoring functions; these sensors 
transmit data into two system data acquisition concen- 
trators (SDAC). The data is processed and supplied 
into flight warning computers (FWC). The FWCs are 
programmed to identify any inconsistencies in the 
data, and then output the data through three display 
management computers (DMC). 

If system fault or event is detected, one of the 
FWCs generates the appropriate warning messages 
and aural alerts. Critical systems such as engine and 
fuel quantity are routed directly into the FWCs so that 
they can still be monitored in the event of both SDACs 
failing. (ECAM can tolerate the a failure of one SDAC 
and one FWC and still continue to operate.) 

The typical synoptic for an electrical system is 
shown in Fig. 14.9. In this illustration, the power 
sources supplying specific busbars is shown graphi- 
cally, together with information such as battery and 
transformer rectifier (TR) unit voltages and supply cur- 
rents. Generator capacity is shown as a percentage of 
maximum, together with output voltage and frequency. 

Aircraft system failures are prioritized as level 1, 2 
or 3 failures for the upper and/or lower display. The 
warning and caution hierarchy is as follows. 


Level 3 failures — red warnings: these are situations 
that require immediate crew action and indicate 
that the aircraft is in danger. Examples of level 
3 failures include an engine fire or loss of cabin 
pressure. Level 3 system failures illuminate the 
red master warning light, a warning (red) ECAM 


Thanks for checking out my project. A lot of these questions are covered 
in the Instructable but | will answer them briefly for you. 

The ceramic capacitors used are 104s and their purpose is to polarize the 
charge. Electrolytic caps are 50v rated and are used to hold the charge in 
order to provide a usable current. In this example the ground is connected 
to the case, and thus grounded through the users hand. Scaling this up for 
that purpose will require a more significant antennae, ground and wiring 
up multiple circuits in series which is covered in more detail in the article. 
Let me know if you have any other questions and be sure to post your 
project pictures here when you're done for everyone to see! 


Loveforcats (/member/Loveforcats/) 2017-07-17 Reply 


Hey,how much maximum voltage can be obtained at the output by adiing 
capacitors in parallel....???? 


DrewPaulDesigns (/member/DrewPaulDesigns/) > Loveforcats 
(/member/Loveforcats/) 2017-07-17 Reply 


Thanks for checking out the project. Great question. Adding capacitors will 
only increase the capacity (mAh). If you want to increase voltage you can 
build multiple circuits in parallel and make sure your antennae is as tall as 
possible. 


Loveforcats (/member/Loveforcats/) » DrewPaulDesigns 
(/member/DrewPaulDesigns/) 2017-07-26 Reply 


| dont want to place my antenna on roof top.! want a min of 5 volt and max 
of 20 volts and a portable circuit.So what shud i add to the circuit for 
getting it.??? and what kind of antenna shud i make..?? 
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sir, why the first kit show value 0.75v and the second kit show value 3.50v, 


what is different make? (coil turn, coil component, total component, etc..) 


Raghdado (/member/Raghdado/) 2017-07-04 Reply 


What a nice instructable! But | have few questions though, if you don't mind. 
How long did it take you to complete the project? 

How much did it cost you? 

Would it be realizable for the duration of one month only (for a beginner)? 
And most of all, Could you tell me about the output (after testing)? 
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message and an aural warning; this can be a 
continuous repetitive chime, a specific sound or a 
synthetic voice. Pressing the master warning push 
button silences the aural warning. 


Level 2 failures — amber cautions: these are situations 


that require crew attention but not immediate 
action. Examples of level 2 failures include bleed 
air failure or a fuel system fault. Level 2 failures 
have no immediate or direct impact on flight 
safety; cautions are displayed to the crew by an 
amber master caution light, an amber ECAM 
message and a single chime. 


Level 1 failures — these are system failures and/or faults 


that could lead to a loss of system redundancy. 
Level 1 failures require monitoring but have no 
immediate impact on continued safe operation of 
the aircraft. Examples of level 1 failures include 
the loss of a fuel system temperature sensor. Level 
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1 failures are displayed to the crew by amber 
ECAM messages only (no aural warning). 


14.5 Multiple choice questions 


l. 


Indications of landing gear fully down and 
locked are: 

(a) red lights on, green lights off 

(b) red lights on, green lights on 

(c) red lights off, green lights on. 


Two state conditions include: 

(a) flap position or doors (open or closed) 

(b) landing gear (up or down) or doors (open or 
closed) 

(c) landing gear (up or down) or control surface 
position 


An electrical flap drive system uses a: 
(a) reversible DC motor 

(b) variable speed DC motor 

(c) unidirectional DC motor. 


Level 3 ECAM failures are indicated by: 

(a) red warnings, requiring immediate crew 
action 

(b) amber cautions, requiring crew attention 

(c) red warnings, having no immediate impact on 
the aircraft. 


Variable position features include: 

(a) doors (open or closed) and flap position 

(b) control surface and proximity sensor position 
(c) control surface and flap position. 


10. 
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. When an electrically operated landing gear is 


fully retracted, the up-lock switch contacts: 

(a) open, thereby removing power from the 
motor 

(b) close, thereby removing power from the 
motor 

(c) open, thereby applying power to the motor. 


. Engine fire or loss of cabin pressure would be 


displayed on ECAM as: 
(a) level 3 failures 
(b) level 2 failures 
(c) level 1 failures. 


. Two state position devices include: 


(a) micro switches and variable resistors 
(b) synchros and proximity sensors 
(c) micro switches and proximity sensors. 


. Electrically driven flaps continue to travel until 


they are: 

(a) fully retracted and the down-limit switch 1s 
operated 

(b) fully extended and the down-limit switch is 
operated 

(c) fully extended and the up-limit switch 1s 
operated. 


Variable position devices include: 

(a) synchros and variable resistors 

(b) micro switches and variable resistors 
(c) synchros and proximity sensors. 
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Various systems are installed on aircraft to protect 
them from a variety of hazards including: stalling, ice, 
rain, unsafe configuration during takeoff and skidding. 
Stall protection systems provide the crew with a clear 
and distinctive warning before the stall is reached. The 
primary sensor required for this protection system 
is the aircraft’s angle of attack. Flying in ice and/or 
rain conditions poses a number of threats to the safe 
operation of the aircraft. Ice formation can affect the 
aerodynamics and/or trim of the aircraft. The anti-skid 
system (also called an anti-lock braking system: ABS) 
is designed to prevent the main landing gear wheels 
from locking up during landing, particularly on wet or 
icy runway surfaces. The configuration warning system 
(also known as a take-off warning system) provides 
a warning if the pilot attempts to take-off with spe- 
cific controls not selected in the correct position, 1.e. 
an unsafe configuration. This chapter describes a 
variety of protection systems found on a range of 
aircraft. 
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Figure 15.1 Aerofoil terminology 


15.1 Stall warning and protection 


Aircraft wings are in the form of an aerofoil designed 
to produce lift; the key features of an aerofoil together 
with specific terminology are shown in Fig. 15.1. 

When the airflow passes over the wing without tur- 
bulence it is said to have a streamline airflow, see 
Fig. 15.2. The angle of attack (AoA) is the angle 
between the chord line of the wing and the vector 
representing the relative motion of the aircraft and the 
atmosphere. (The term angle of incidence is some- 
times used instead of angle of attack.) 

Basic aerodynamic principles state that increasing 
the angle of attack increases the lift produced by the 
wing; when the AoA reaches a certain angle, the air- 
flow over the wing becomes turbulent and the lift is 
dramatically decreased. When this occurs, the aero- 
foil is in a stall condition as illustrated in Fig. 15.3. 
It can be seen that the streamlined airflow is breaking 
up and becoming turbulent. 


Lower camber 


Figure 15.2 Streamline airflow 
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It is important to note that an aerofoil stalls at a 
certain angle; the speed at which the aircraft 1s fly- 
ing makes little difference to the stall angle. The rela- 
tionship between speed and stalling can be related 
directly to the formula for lift: 


Lift = YapV*SC, 


where p is the air density, V is the aircraft speed, S 
is the wing area, and Cı is the aerofoil’s coefficient 
of lift. 

Referring to Fig. 15.4, an aircraft can have a differ- 
ent angle of attack for a given pitch attitude. Aircraft 
pitch angle should not be confused with angle of attack. 
Relative airflow over the wing will change direction in 
flight in relation to the pitch angle of the aircraft. 

The critical features of aerofoil performance are 
centred on the boundary layer as illustrated in Fig. 
15.5. When the airflow divides between the upper and 
lower surfaces, the point of division is at the stagna- 
tion point. Airflow over the upper surface remains 
stable until, at higher AoA, it starts to detach; this 
occurs at the transition point, before giving rise to 
turbulence at the separation point. The turbulence 
behind the separation point increases with AoA. 

The relationship between lift and stall is depicted in 
Fig. 15.6. The two axes on this chart are the lift coeffi- 
cient (C1) and angle of attack. It can be seen that lift 
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Figure 15.4 Angle of attack and attitude 
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Figure 15.5 Boundary layer separation 
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Figure 15.6 Angle of attack and lift 


increases in proportion to the AoA over the ordinary 
angles of flight. At higher angles of attack, the stall 
condition is reached. Different aerofoil sections have 
different lift coefficients, and therefore different stall 
angles, but the principles remain the same. 

Deploying lift augmentation devices, e.g. leading 
and/or trailing edge flaps, can change the wing area 
and also the wing camber, thereby changing the coeff- 
cient of lift. By reducing aircraft speed, the lift will 
decrease; for a given flap setting, the only other way 
of increasing lift is to increase the angle of attack. 
(Aerodynamic theory is covered in more detail in 
another book from the aircraft engineering series: 
Aircraft Engineering Principles.) 


Key point 


An aerofoil stalls at a certain angle; the speed at 
which the aircraft is flying makes little difference to 
the stall angle. 


Warning systems are installed to provide the crew 
with clear and distinctive warning before the stall is 
reached. This can be a warning horn and/or warning 
light on smaller aircraft. On passenger aircraft, the 
stall warning is provided by a stick shaker. Warning 
systems require a basic sensor to detect this stall con- 
dition; typical sensors are: 


reed sensor 
vane sensor 
pressure sensor 


e 
e 
e 
e angle of attack sensor. 


Key point 


Stall warning systems provide the crew with a clear 
and distinctive warning before the stall is reached. 


15.1.1 Reed sensor 


Many GA aircraft are installed with a reed sensor 
(Fig. 15.7); this does not require any electrical power. 

Airflow is directed from a scoop (Fig. 15.7, item 5) 
in the wing leading edge and into a reed (3) and horn 
assembly (2). In the pre-stall condition, the air pressure 
on the leading edge reduces (relative to cabin pressure) 
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Figure 15.7 Stall warning: reed sensor 


because the stagnation point has moved. This draws air 
through the reed, causing it to vibrate at an audible fre- 
quency (much like a musical instrument); this is ampli- 
fied in an acoustic horn and the crew receive a tone. An 
adjustable plate (7) is used to alter the airflow intake 
such that the intake is aligned with stagnation point. 


Key point 


When the AoA reaches a certain angle, the airflow 
over the wing becomes turbulent and the lift is dra- 
matically decreased 


15.1.2 Vane sensor 


An alternative device used on GA aircraft is the vane 
sensor located in the wing leading edge as shown in 
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Fig. 15.8. As with the reed sensor, the vane is sensi- 
tive to the movement of the stagnation point. The vane 
is held in a forward position by an internal spring and 
connected to a micro-switch. 

At normal angles of attack, the vane is held back 
by the airflow (against spring pressure) and the micro- 
switch is held in the open position, see Fig. 15.9. At 
higher angles of attack, airflow pressure on the switch 
is reduced and the vane eventually moves forward (by 
the spring force) thereby closing the micro-switch. 
This completes the warning circuit that activates a 
light and horn. 


Key point 


At normal angles of attack, the vane sensor is held 
back by the airflow against spring pressure. 
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Figure 15.8 Stall 
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Figure 15.9 Stall 
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15.1.3 Pressure sensing sensor 


Another angle of attack sensor technology is based on 
measuring the pressure at two points on the sensor 
housing, see Fig. 15.10. The conical housing rotates 
on its axis; slots A and B are connected to a pressure 
chamber that contains a pivoted vane. The sensor 
housing aligns with the angle of attack because slots 
A and B maintain equal pressures on the vane, and 
hence the conical housing. 

If the angle of attack increases, slot B has increased 
pressure compared with slot B. The vane moves to 
re-align the housing with the airflow to equalize the 
pressures in both slots. Rotation of the housing is 
detected by a potentiometer; the centre contact picks 
off a signal voltage tapped from the resistance wind- 
ings and this is used to measure the angle of attack. 


Key point 


When airflow passes over the wing without break- 
ing up, it is said to have streamline airflow. 


15.1.4 Sensor vane 


The final type of stall warning sensor to be described 
is illustrated in Fig. 15.11. An angle of attack 
(AoA) sensor vane aligns itself with the prevailing 
airstream; this rotates a shaft inside the housing. 
The vane’s shaft is connected to a synchro that pro- 
vides an electrical output proportional to the angle of 
attack. 

A viscous damper connected to the AoA vane 
stabilizes vane movements and reduces the effects of 
turbulence. The AoA sensor contains a heater that pro- 
vides continuous de-icing/anti-icing, prevents conden- 
sation and reduces changes in damper fluid viscosity. 


15.1.5 Stick shaker 


On larger aircraft the stall warning system comprises 
an angle of attack vane and stick shaker. A motor is 
attached to one or both control columns; an out-of- 
balance weight is attached to the motor shaft so that it 
vibrates when the motor is running. The motor design 
is matched to the control column to provide a distinc- 
tive frequency of approximately 10—30Hz together 
with physical movement of the controls. 
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Figure 15.10 Stall warning; pressure sensor 
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Figure 15.11 Stall warning: AoA sensor 
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Key point 


An angle of attack (AoA) sensor vane aligns itself 
with the prevailing airstream. 


15.1.6 Stall identification system 


Certain aircraft types, typically tee-tailed aircraft, are 
installed with stall identification systems; this is nor- 
mally integrated with the stall warning system. The 
tee-tailed aircraft can be vulnerable to a deep-stall as 
illustrated in Fig. 15.12. In addition to the wings (or 
main-planes) stalling, the deep stall condition also 
makes the elevators less effective; this compounds the 
problem, since the elevators are the means of pitch- 
ing the aircraft nose down to recover from the stall. 
Furthermore, if the aircraft has rear-mounted engines, 
the airflow into the engine is turbulent, possibly caus- 
ing a loss of performance. 

The stall identification system contains an actuator 
that pushes the control column forward with a sharp 
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Figure 15.12 Deep stall 


and positive action. The stick push is released once 
the aircraft is returned to an acceptable angle of 
attack. This system has to be highly reliable, both in 
terms of operating when need and having low prob- 
ability of false operation. 


Key point 


The stall identification system contains an actuator 
that pushes the control column forward. 


15.2 Airframe ice and rain protection 


Flying in ice and/or rain conditions poses a number 
of threats to the safe operation of the aircraft. Ice for- 
mation can affect the aerodynamics and/or trim of 
the aircraft. Icing occurs when super-cooled water 
makes contact with the airframe and/or ice particles. 
Super-cooled water exists at temperatures below 
freezing point; this is because water needs nuclei to 
form ice crystals. The water freezes on the surface of 
the nuclei, and then grows in size by forming layers. 
Water freezes when energy is given up to its sur- 
roundings. Ice accumulation on an aircraft can causes 
secondary damage by breaking off and being ingested 
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into the engine. Ice and rain also reduces visibility 
through the windscreen. External sensors and equip- 
ment can also be affected by the build-up of ice, e.g. 
pitot tubes that sense airspeed and angle of attack 
sensors, and these must not be allowed to freeze. 


15.2.1 Ice detection 


Various technologies are available to provide a 
warning to the crew of icing conditions. The sim- 
ple method is to monitor the outside air temperature 
and atmospheric conditions. When flying at night, 
an ice inspection light (see Chapter 12) can be used 
to illuminate critical areas, e.g. wing leading edges. 
Automatic ice detectors are normally located at 
the front of the aircraft. Various technologies are 
employed; the function of the sensor is to detect ice 
accretion and provide a warning to the crew and/or 
turn on the ice protection systems. 

One type of automatic ice detector consists of a 
motor-driven sensor that is located against a knife- 
edge cutter, see Fig. 15.13, at the front of the fuse- 
lage. As ice builds on the rotor, the gap closes with 
the knife-edge and torque is applied to the rotor. The 
body of the motor is held in position by springs, and 
as the torque increases, the motor starts to rotate in its 
mounting until a pre-determined point is reached and 
a micro-switch is closed, thereby operating a warning 
light. 

An alternative technology uses an ultrasonic ice 
detector; see Fig. 15.14. The sensing probe is exposed 
to the airflow and is vibrated by an electromagnetic coil 
at a natural frequency of 40kHz.The probe vibrates at 
a lower frequency when it accumulates ice due to its 
increased mass. 

A logic unit within the detector housing (Fig. 
15.15) determines when the probe vibration is less 
than 39,867 Hz; this occurs when a known mass of ice 
has been accumulated, and the cylinder is heated to melt 
the ice. 

A timing schedule (Fig. 15.16) is programmed into 
the control unit and monitors the time taken for the 
frequency to change. The heater remains on until the 
probe vibration returns to its nominal 40kHz value. 
Nominal heating time is six seconds; if the heater is 
on for more than 25 seconds, power is removed, and 
a fault condition is notified to the crew. The detector 
provides control functions for selection of both engine 
and wing ice protection. 
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Figure 15.13 
(a) Schematic, (b) sensor, (c) motor 


Ice detector: knife edge cutter. 
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Key point 


When the ultrasonic ice detector probe accumu- 
lates ice, it vibrates at a lower frequency. 


Fault conditions are reported to the on-board main- 
tenance system. Weight on wheels logic prevents the 
detector from being heated on the ground. Press to 
test (PTT) is used to check the detector’s logic func- 
tions and heater continuity. 


15.2.2 Ice protection 


Two strategies are used for ice protection: de-icing 
and anti-icing. De-icing allows ice to form and then 
be removed on a periodic basis. The build-up of ice 
will have been investigated during type testing of 
the aircraft and the build-up removed before it poses 
a hazard. Anti-icing is when ice is not permitted to 
form at all. Three primary methods are used for both 
de-icing and anti-icing: 


e fluid 
e pneumatic 
e thermal. 


All three are controlled and operated by 
electrical systems; an aircraft can be fitted with any 
one method, or a combination of all three. Specific 
areas to be protected from ice formation are as 
follows: 


Airframe 
e leading edges 
e control surfaces 
e lift augmentation devices 
e windscreen (or windshield) 


Propulsion 
e air intakes 
e propellers 


External components 
e pitot tubes 
e temperature sensors 
e angle of attack sensors 
e water drains. 


Thank you :) 


DrewPaulDesigns (/member/DrewPaulDesigns/) >» Raghdado (/member/Raghdado/) 


2017-07-04 
Thank for checking out my instructable! This project = 


can be done in an afternoon and the kit can be found here: 
http://www.drewpauldesigns.com/crystal-energy-receiver-kit.html 


Before getting started you will also want to get a soldering iron and take 
some time to practice with it. 


Just follow the instructable carefully and you will have no problem. 


You can get everything you need here: 
http://www.drewpauldesigns.com/crystal-energy-receiver-kit. html 


Raghdado (/member/Raghdado/) > DrewPaulDesigns (/member/DrewPaulDesigns/) 


2017-07-04 
Thank you, | can't wait to start it :) dl 


But before, | just want to know the testing result (voltage, current...) 


alaafprojs (/member/alaafprojs/) 2017-01-22 Reply 
Cool :-) 


DrewPaulDesigns (/member/DrewPaulDesigns/) > alaafprojs (/member/alaafprojs/) 


2017-01-22 
So cool, right? Give it a try! Its easy, fun and the results = 


are astounding! 


alaafprojs (/member/alaafprojs/) » DrewPaulDesigns (/member/DrewPaulDesigns/) 


: , 2017-05-30 Repl 
The problem is | don't have any germanium diodes = 


DrewPaulDesigns (/member/DrewPaulDesigns/) » alaafprojs (/member/alaafprojs/) 


2017-05-30 
You can get the kit here: dl 


http: //www.drewpauldesigns.com/crystal-energy-receiver-kit.html 


alaafprojs (/member/alaafprojs/) » DrewPaulDesigns (/member/DrewPaulDesigns/) 


2017-06-01 Repl 
Yes, | know. = 


But | just got some germanium diodes and | have all of the other parts 


alaafprojs (/member/alaafprojs/) > alaafprojs (/member/alaafprojs/) Reply 


2017-06-01 
| just made it and | tried it with germanium diodes and 1N4001 


diodes and the 1N4001 diodes worked better 


PS: | have found some other circuits that work better 
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Figure 15.14 Ice detector: ultrasonic sensor 
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Figure 15.15 Ice detector: ultrasonic system 
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Figure 15.16 Ice detector: ultrasonic system timer 
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15.2.2.1 De-icing fluids 


Fluids are typically used on wings, vertical stabilizer, 
horizontal stabilizer, propellers and windscreens. On- 
board fluid protection 1s applied through pipes and/or 
small holes in the airframe. The fluid is transferred 
from a storage tank by electrical pumps and directed 
to the required zones by electrically operated valves. 

The fluid can also be applied on the ground by 
specially equipped vehicles with booms to allow 
easy access to the entire aircraft. De-icing fluids are 
typically composed of ethylene glycol or propylene 
glycol, together with thickening agents, corrosion 
inhibitors, and coloured dye. The aircraft is sprayed 
with a fluid that melts any existing ice on the aircraft 
and also prevents ice formation prior to takeoff. The 
timing of when the aircraft 1s sprayed has to take into 
account the weather conditions (in particular ambi- 
ent temperature, wind speed, precipitation, humidity) 
aircraft skin temperature, and the scheduled departure 
time. 

Fluid performance is characterized by its holdover 
time: this is the period of time that an aircraft remains 
protected against ice prior to takeoff, and can be up to 
80 minutes depending on conditions and fluid addi- 
tives. The coloured dye is used so that treated areas 
can be readily identified. 


Key point 


De-icing allows ice to form and then be removed on 
a periodic basis. 
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15.2.2.2 Pneumatic ice protection 


Pneumatic ice protection is used on the leading 
edge of wings and the vertical/horizontal stabilizers. 
Fabric reinforced rubber tubes (known as boots) are 
attached to the surfaces of leading edges of wings, tail 
planes and fins, see Fig. 15.17. These tubes are inflated 
and deflated with air on a cyclic basis to cause a slight 
deformation of the boot; this causes the ice to break off. 

The air supply is from an electrically driven pump, 
or bled from the engine compressor via a regulator. 
Electrical solenoid valves direct the air into the boots 
either in sequence or simultaneously. The tubes are 
deflated and kept flush with the airframe when not 
in use; this is achieved by connecting the boots to a 
vacuum source. The system can be operated automati- 
cally or manually. 


Key point 


When not in use, pneumatic de-icing boots are 
deflated and kept flush with the airframe. 


15.2.2.3 Thermal ice protection 


Thermal ice protection can be achieved by one of 
two methods: hot air bled from the engine compres- 
sor, or electrical heaters. Hot air is directed to the 
required zone(s) by electrically operated valves con- 
trolled from the flight compartment or by a control 
unit. Temperature sensors are used as part of a control 


Figure 15.17 Pneumatic ice protection: (a) wing leading edge, (b) electrical connections 
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and feedback system to provide overheat protection. 
Applications for bleed air ice protection include the 
leading edge of wings, vertical/horizontal stabilizers 
and engine air intakes. 


Key point 


Anti-icing is used where ice is not permitted to form 
at any time. 


Electrical heating systems are used for both anti- 
ice and de-icing; heater mats are bonded to the: 


airframe 
engine intakes 
propellers 
rotor blades 
windscreens. 


The heater mats are formed from fine-wire ele- 
ments inside layers of insulation and protective 
materials. Typical heating elements are nickel, nickel- 
chrome or copper-nickel. Larger aircraft use 115V 
AC variable frequency power supply. Smaller aircraft 
use a 28 V DC power supply. 

Propeller de-icing is achieved by electrical heat- 
ing elements that are bonded to the leading edge of 
the blades, see Fig. 15.18. Some aircraft have heating 
mats on the inboard and outboard sections of the pro- 
peller blade. The elements are connected to the 28V 
DC power supply via slip rings and brushes inside the 
hub. Typical current requirements for propeller heating 
are 15—20A.Power is applied from a timer control cir- 
cuit that alternates the heating of outer and inner mats 
on each of the propeller blades over a 30 second cycle. 

Engine intake leading edges are continuously 
heated when the system is turned on (anti-icing). This 
applies to gas turbine engines and turbo-props). The 
inner and outer surfaces are heated via a cyclic timer 
to provide de-icing. Engine intakes are installed with 
mats that are shaped to provide breaker strips; this 
ensures that the ice breaks off in pre-determined sec- 
tions in a controlled sequence. 


Test your understanding 15.1 


What is the difference between anti-icing and 
de-icing? 
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Figure 15.18 Propeller de-icing 


Larger aircraft use engine bleed air for thermal anti- 
icing. Fig. 15.19 illustrates how ducts are located 
along the leading edge of the wing. Spray holes direct 
the air inside the leading edge before it is ejected 
overboard. Similar installations are used for tail plane 
and engine nacelles. 


15.3 Windscreen ice and rain 
protection 


Various methods of windscreen ice and rain protec- 
tion are used on a range of aircraft types. One method 
uses a metallic film deposited onto the surface of the 
screen; this is connected to an electrical supply on 
either side of the panel. An alternative technology 
uses fine wire elements (Fig. 15.20) sandwiched 
within the laminated glass panel. Individual wind- 
screen heaters use 4kW of power, to keep window 
temperature at approximately 30°C. 

Automatic cycling of power regulates the amount 
of heat being absorbed by the windscreen. Power is 
isolated from the heaters in the event of fault condi- 
tions; temperature sensors detect overheat and current 
transformers detect electrical overload conditions. 
Temperature sensors are monitored by a control unit; 
these can be simple thermostats or thermistors. 


Key point 


Windscreens are kept clear of rain by wipers, rain 
repellent (Sprayed on the windows), or by treating 
the glass with a hydrophobic coating. 
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Figure 15.19 Thermal anti-icing 


15.3.1 Windscreen wiper 


The windscreen wiper system 1s based on 28V DC 
variable speed motors; the rotary motion of the motor 
is changed by a gear mechanism in the converter to 
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produce the sweeping motion of the wiper arm over 
the windscreen. A typical windscreen wiper circuit 
is shown in Fig. 15.21. The normal arrangement is to 
have one wiper assembly per screen to ensure that at 
least on pilot can keep a clear screen in the event of 
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Figure 15.20 Windscreen de-icing circuit 


failure. The motors are set by the control switch; typi- 
cal wiper speeds are: 


e low, 160 cycles per minute 
e high, 250 cycles per minute. 


A parking switch in the motor/converter sets the wiper 
blade to the park position when the wiper is selected 
off. In the off position, the park switch in each motor/ 
converter closes; this causes the blades to position 
themselves at the bottom of each windscreen. 


15.3.2 Rain repellent 


This system is used to maintain a clear area on the 
windscreen during take-off and landing; a typical sys- 
tem is shown in Fig. 15.22. The rain repellent bottle is 
located inside the fuselage roof; this contains a pressure 
gauge, visual contents reservoir and a shut-off valve. 
The control panel (normally combined with the 
wiper system) contains two switches to control the 
rain repellent system. Figure 15.23 illustrates a typical 
rain repellent system schematic. The repellent fluid 
is stored in a container; this is pressurized from an 
external air supply. Two electrically operated solenoid 
valves control the flow of repellent to the windscreens. 


Temperature 
sensing element 


Nozzles on the fuselage (forward of the windscreen) 
direct the repellent spray onto the windscreens. 

The rain repellent switches are momentary make 
type; pushing a switch once activates the respective sole- 
noid valve. A time delay circuit in the valve controls the 
amount of repellent being released by closing the valve 
after a short time period, typically Y. second. A pressure 
gauge indicates when the container needs replacing. 


15.4 Anti-skid 


The anti-skid system (also called an anti-lock braking 
system: ABS) is designed to prevent the main land- 
ing gear wheels from locking up during landing, par- 
ticularly on wet or icy runway surfaces. Traditional 
method used to operate brakes is from hydraulic pres- 
sure controlled from the brake pedals. This pressure 
can be varied by the pilot by increasing or decreasing 
the amount of force being applied to the pedals. If too 
much pressure is applied by the pilot, the wheels will 
lock-up and the aircraft will skid on the runway. 

The  anti-skid system ensures optimum 
braking under all conditions by modifying the pres- 
sure being exerted by the pilot on the brake pedals. 
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Figure 15.21 Windscreen wiper circuit 
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Figure 15.22 Rain repellent system overview 
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Figure 15.23 Rain repellent system schematic 


The applied pressure is reduced before the wheels lock 
up, and then reapplied to continue the braking action; 
this occurs as a repeated on/off cycle. Modifying the 
applied pressure is achieved by modulation; this can 
vary the applied pressure in both time and pressure. 
The system comprises speed transducers (or sensors) 
on each wheel, a control unit and electro-hydraulic con- 
trol valves, see Fig. 15.24. During a skid condition, the 
wheel(s) experience a rapid deceleration. Typical speed 
sensors are based on the tachometer; this is a small AC 
generator with the stator formed with a permanent mag- 
net. The rotor coil is built into the axle and turns inside 
the stator field. Referring to fundamental principles, 
when the coil is rotated inside the field, currents are 
induced and a voltage is generated; the tachometer’s out- 
put is proportional to wheel speed. The tachometer AC 
output is rectified in the control unit; the DC output is 
monitored for rate of change to determine if the wheel 
is accelerating or decelerating. A comparator circuit 
generates an error signal which is amplified and used 


Motorised valve 


to operate a control valve to modulate the applied brake 
pressure. Control laws are used to determine when the 
wheel is approaching a skid condition, this occurs when 
the wheel speed is decreasing at a given rate. Hydraulic 
pressure is decreased in the braking system and the wheel 
accelerates. Once the skid has been averted, hydraulic 
pressure can be reapplied. 


Test your understanding 15.2 


Explain how wheel speed is monitored to determine 
when an aircraft is approaching a skid condition. 


15.5 Configuration warning 


The system (also known as a take-off warning system) 
provides a warning if the pilot attempts to take-off with 
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Figure 15.24 Anti-skid system 
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Figure 15.25 Take-off warning system: (a) functional diagram, (b) logic diagram 


specific controls not selected in the correct position, 
i.e. an unsafe configuration. A simple take-off warning 
system is illustrated in Fig. 15.25(a). The type of sys- 
tem fitted depends on the aircraft type and size; typical 
parameters being monitored include (but are not lim- 
ited to): 


e pitch trim 
e speed brake 


e leading edge (LE) flaps 
e leading edge (LE) slats 
e trailing edge (TE) flaps 


The position of each of these controls is monitored 
together with the squat switch (weight on wheels) and 
throttle position. If an unsafe take-off configuration is 
detected, a warning horn is sounded. This system can 
be viewed in combination logic terms as illustrated in 
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Fig. 15.25(b). On larger aircraft, more parameters are 
monitored, and more logic functions are required for 
configuration warning (Fig. 15.26). 


15.6 Aural warnings 


Flight compartment aural warnings typically include 
the: 


fire bell 

take-off configuration warning 
cabin altitude warning 

landing gear configuration warning 
mach/airspeed overspeed 

stall warning 

TAWS 

TCAS. 


Typical external aural warnings are also provided for 
a fire bell in the wheel well and ground call horn in 
the nose wheel-well for an equipment bay overheat. 
Certain warnings can be silenced whilst the condition 
exists. (TCAS is an automatic surveillance system 
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Figure 15.26 Configuration warning system 
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that helps aircrews and ATC maintain safe separa- 
tion of aircraft. It is covered in a related book in this 
series: Aircraft Communications and Navigation 
Systems.) 

An aural warning system that combines many 
functions on has a priority logic based on alert lev- 
els to ensures that certain warnings, e.g. TAWS, are 
announced in a predetermined threat level. Examples 
of three priority levels are given in Table 15.1. Note 
that there could be 25 or more levels of aural warning 
system inputs. 


Table 15.1 Aural warning system priority 
logic 

Priority Description 

1 Windshear 

2 Pull-up (sink rate) 

3 Pull-up (terrain closure) 


To takeoff 
warning 
horn 
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15.7 Multiple choice questions 


l. 


Stall warning systems provide the crew with a 
clear and distinctive warning: 

(a) before the stall is reached 

(b) after the stall 1s reached 

(c) at all angles of attack. 


When an ultrasonic ice detector probe 
accumulates ice, it vibrates at a: 

(a) higher frequency 

(b) lower frequency 

(c) constant frequency. 


. The stall identification system contains an 


actuator that: 

(a) maintains the angle of attack 

(b) pulls the control column rearward 
(c) pushes the control column forward. 


When not in use, pneumatic de-icing boots are: 
(a) inflated and kept flush with the airframe 
(b) deflated and kept flush with the airframe 
(c) cycled on a periodic basis. 


When the AoA reaches a certain angle, the airflow 

over the wing: 

(a) becomes turbulent and the lift is dramatically 
decreased 

(b) becomes streamlined and the lift is 
dramatically decreased 

(c) becomes turbulent and the lift is dramatically 
increased. 
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6. When a wheel is approaching a skid condition, 
this 1s detected when the speed is: 
(a) decreasing at a given rate 
(b) increasing at a given rate 
(c) constant. 


7. At normal angles of attack, the vane sensor is 
held: 
(a) back by spring pressure against the airflow 
(b) forward by the airflow against spring pressure 
(c) back by the airflow against spring pressure. 


8. De-icing: 
(a) allows ice to form, and then be removed on a 
periodic basis 
(b) prevents ice from forming at any time 
(c) directs the repellent spray onto the 
windscreens. 


9. An angle of attack (AoA) sensor vane aligns 
itself with the: 
(a) boundary layer 
(b) prevailing airstream 
(c) stagnation point. 


10. When airflow passes over the wing without 
breaking up, it is said to have a: 
(a) boundary layer 
(b) streamline airflow 
(c) stalled airflow. 


Raghdado (/member/Raghdado/) > alaafprojs (/member/alaafprojs/) Reply 


2017-07-03 
Could you please post the image or the link of the other circuits 


that work better ? 


frisbrob (/member/frisbrob/) 2017-03-30 Reply 


| am always looking for ways to generate power, mostly because it's fun but 
most of our renewable energies have their down sides. Solar only works while 
it's day time, wind only works while there is wind. | don't know about where you 
live but here in Sandy Utah there is no sun at night and at night during winter or 
summer there is no wind at night, so that takes care of generating power at 
night. | have looked at several of these pulling power out of the air things, | have 
even looked at finding Tesla's plans and there is nothing usable. | don't know 
how to do the math to figure out what parts are needed to build these diy 
collectors and generators. To me it sounds like you would need an entire back 
yard to hold anything big enough to do any good, most of the things people 
build might charge a cell phone but that's about it. If | was to build this unit but 
big enough to constantly run an 800 watt unit, how big would the antenna need 
to be and what parts would | need? Just curious. 


medicinet1 (/member/medicinet1/) 2017-03-26 Reply 
Free Energy Generators 
medicine turtle cherokee it a great ideal 


http://www.hal-lo.at/ 


PhillipH50 (/member/PhillipH50/) 2017-03-12 Reply 


| think what you should look into is tuning this simular curcuit to recieve in the 
frequency range of 7.83hz to 8.4hz. Because this is the earths magnetical 
resonance frequency. Tesla's paper state that 1 meter = 100v on a horizontal 
wire. So at 3 feet tuned into this frequency can produce 100v and at 6 feet 
produce 200v, ect.. 

About 10 years ago there was a video that was taken down of a Russian man 
who was demostrating his setup with a hand full of scientists. | don't remember 
all the details but one thing | do remember was that his antenna was 68 feet of 
14 gauge copper wire hanging 6 feet above the ground horizontally. The ground 
stake was 1/2" rebar 6' into the ground. 


You can look into these frequencies by searching "Schumann resonances are 
global electromagnetic resonances in the cavity formed between the earth's 
surface and the ionosphere. " 


Just some of my thoughts.. 


tatebullrider (/member/tatebullrider/) 2017-02-09 Reply 


Great instructable!! Just a quick question though. So the higher the antenna is 
in the atmosphere the better? And if so, you could (in theory) use a long thin 
wire attached to a kite or a weather balloon to temporarily generate more 
power, correct? 


Chapter Fire and overheat protection 


16 


Fire on board an aircraft is a very serious hazard; all 
precautions must be taken to minimize the risk of a fire 
starting. In the event that a fire does occur, there must 
be adequate fire protection on the aircraft. Fire protec- 
tion includes the means of both detecting and extin- 
guishing the fire. The subject of fire protection theory 
is a branch of engineering in 1ts own right. Basic fire 
protection theory is covered in this chapter to provide 
the reader with sufficient information to understand 
how this theory is applied through aircraft electrical 
systems. The chapter focuses on the equipment and 
systems used to detect fire and smoke together with the 
means of delivering the fire-extinguishing agent. 


16.1 Overview 


The type of fire protection systems and equipment 
fitted to an aircraft can be sub-divided into specific 
areas of the aircraft: 


e engines/APU 
e cargo bay 
e passenger cabin. 


The fire protection technologies used on aircraft 
depend on these areas and specified fire risk. In addi- 
tion to the fire risk in these areas, high temperatures 
resulting from engine bleed air leaks can also be haz- 
ardous. Bleed air 1s tapped from the compressor stage 
of a gas turbine engine, distributed in the pneumatic 
system for a number of purposes including thermal 
anti-icing. The consequences of hot air leaks are less 
severe than fire, but overheats can weaken structure 
and damage components. The pneumatic system 
takes air from the engines and distributes it through- 
out the aircraft; typical areas that are fitted with dedi- 
cated overheat detection systems are the wing leading 
edges, in the wheel wells and under the cabin floor. 

Up until the 1990s, the two agents used extensively 
in the aircraft industry were: 


e bromochlorodifluoromethane, also known by the 
trade name Halon 1211, or BCF 


e bromotrifluoromethane, also known by the trade 
name Halon 1301, or BTM. 


These are both inert gases and are either applied 
locally (typically in hand-held extinguishers) or as 
total flooding applications (typically in cargo bays). 
Both these agents are very effective at extinguishing 
fires, however they are in a group of halogenated 
hydrocarbons that have been shown to contribute to 
depletion of the earth's ozone layer. Although halon 
fire extinguishers are still being specified on air- 
craft, both gases come under the terms of the 1989 
Montreal Protocol (and subsequent revisions), that 
prohibits the new production of these agents. The 
industry is supporting the supply of halon 1211 and 
1301 through recycling of existing halon stocks for 
in-service and new production aircraft. 

Alternative and replacement agents are being 
developed, and these are gradually being introduced 
throughout the fire protection industry. Examples of 
agents that do not deplete the ozone layer include: 


o water 
e dry powder 
e vaporizing liquids (gaseous agents). 


Combustion can be defined as a rapid and complex 
chemical reaction in which light and heat are evolved. 
All equipment in an aircraft is carefully designed and 
tested so that there is a low probability of starting and 
sustaining fire. Three factors are required to initiate 
and sustain combustion: 


eo fuel 
e heat 
O oxygen. 


Fuels include solids, liquids and gases; each type of 
fuel requires a minimum temperature to be reached 
and maintained. Oxygen is normally available from 
the ambient air. The type of fire detector and extin- 
guishing agent deployed is largely determined by 
which fuel is likely to combust. Detecting a fire 
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Table 16.1 Fire classifications and extinguishing strategies 


Class of fire Fuel/heat source 
Class A Solid/organic 

Class B Flammable liquids 
Class C Flammable gasses 
Class D Metals 

Class E Electrical equipment 
Class F Cooking fat/oil 


can be achieved by one or more of the following 
strategies: 


e thermal sensors 
e optical sensors 
e smoke detectors. 


Extinguishing a fire can be achieved by one or more 
of the following strategies: 


limiting or eliminating the fuel 
limiting or eliminating the oxygen 
reducing the temperature of the fire 
interfering with the chemical reaction. 


Fires can be categorized by the types of fuel that are 
combusting; this in turn determines the detection and 
extinguishing strategy. There are several classifica- 
tions of fire used in the USA, Europe and Australasia. 
Typical fire classifications and extinguishing strate- 
gies are illustrated in Table16.1. 

Primarily sources of risk/fuel in aircraft applica- 
tions are: 


e engines and APUs: class B 
e cabin/flight compartment: class A 
e cargo bay: class A. 


Key point 


Electrical fires are sometimes stated as Class E, 
or combined as Class A, B and D. The strategy 
adopted for this type of fire is to isolate electrical 
power and then deploy the agent. 


Each of the fire extinguishing agents has different 
attributes. Water reduces the heat in a fire. It is often 


Appropriate extinguishing strategies 


Water, vaporizing gas 

Carbon dioxide, dry powder, or vaporizing liquid 
Dry powder, vaporizing liquids 

Dry powder 

Carbon dioxide, dry powder, or vaporizing liquid 
Carbon dioxide, dry powder, or vaporizing liquid 


mixed with an additive, glycol, to enable it to be used 
in sub-zero temperatures. Vaporizing liquids reduce 
heat, but their significant contribution is to interfere 
with the chemical reaction of the fire. Carbon dioxide 
(CO,) and dry powder both reduce the fuel’s tempera- 
ture and reduces the oxygen levels. 


Key maintenance point 


Always consult with the appropriate authority before 
deploying fire extinguishers. 


16.2 Engine/APU fire detection 


Engine/APU fire detectors are designed to very stand- 
ards; they are needed when other systems, procedures 
and safety features have failed to prevent a hazardous 
situation developing. 

In terms of fire protection, the engines and auxil- 
lary power unit (APU) can be considered as having 
the same requirements. Fire detection within an air- 
craft engine can be achieved by thermal and/or optical 
methods. Thermal fire detectors sense heat energy 
that is radiated from the fire; they can be either unit 
detectors (sometimes referred to as point, or ‘spot’ 
detectors) or linear detectors. Optical fire detectors 
are based on sensing ultraviolet (UV) or infrared (IR) 
energy. 

Whatever the sensor technology, the engine is fit- 
ted with sensors in positions that provide coverage of 
all areas where a fire could start; these positions are 
determined mainly from experience with an engine 
type. Ignition sources within the engine are electrical 
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faults, and hot surfaces, e.g. exhaust ducts. Fuel and/ 
or oil supply line failures in the engine will provide 
the means of sustaining the fire. There is a ready sup- 
ply of oxygen in the ventilation air that is used to cool 
components. 

When a fire is detected, the warning system acti- 
vates an alarm bell and illuminates red warning lights 
in the flight compartment. The fire warning also illu- 
minates a master warning light and another light 
(typically in the fire handle) to identify the affected 
engine(s). When the crew confirm that they have an 
engine fire, they operate the fire handle by first pull- 
ing and then twisting the handle. The action of pull- 
ing the fire handle activates micro-switches that shuts 
down the engine by: 


e closing the fuel shutoff valves 

e opening the field circuit 
generator(s) 

e closing the bleed air supply from the engine into 
the pneumatic system 

e closing the hydraulic systems engine driven pump 
shutoff valve. 


of that engine's 


If the fire warning continues for a prescribed time 
after these actions, the fire handle is twisted; this 
closes micro-switches that activate the engine fire 
extinguisher. 


16.2.1 Thermal fire detection 


There are various techniques used to detect fire and 
overheat by including unit (or spot detectors), linear 
detectors and optical sensors. 


16.2.1.1 Unit fire detectors 


These are effectively thermostatic overheat switches 
based on the bimetallic principle. Figure 16.1 illus- 
trates the external features and internal view and 
electrical schematic of a typical overheat switch. The 
two contacts are attached to spring bows; these are 
compressed during assembly and held apart by the 
outer barrel of the switch. As the detector is heated, 
it expands and the two contacts close, thus complet- 
ing the warning circuit. An adjusting screw is found 
on the end-cap of some switches to allow for minor 
adjustments of operating temperature. 

This type of detector can be used in engine fire 
detection systems; alternatively it can be used in the 
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Figure 16.1 Overheat switch: 
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bleed air overheat detection system. The detector can 
only sense fire/overheat in a localized volume of the 
installation; 1t is more likely that multiple detectors 
are used to provide increased detection probability. 
A small gas turbine engine would typically be fitted 
with six of these detectors. 

The wing leading of a large aircraft could be fitted 
with over 20 overheat switches. The switches are con- 
nected in parallel as shown in Fig. 16.2; this forms a 
detection loop. If any one of the switches closes due 
to a fire or overheat being detected, the alarm circuit 
is activated thereby illuminating a system warning 
light. A simple test circuit allows some of the circuit 
to be tested from the flight compartment. Some air- 
craft are fitted with a dual loop of detectors to provide 
a back-up system in the event of loop failure, e.g. 
open circuit wiring. 


286 


DC bus Overheat switches 


Overheat 

warning 
light Overheat 

Test loop' 


switch 


Figure 16.2 Overheat switches connected in 
parallel 


Test your understanding 16.1 


How would the crew know if more than one switch 
in a multiple detection system went into alarm? 


Key maintenance point 


The individual thermostat switch cannot be easily 
tested on the aircraft. 


The actual alarm temperature of the unit fire detec- 
tor 1s set by the amount of compression on the bow 
springs. During the aircraft design phase, the normal 
ambient temperature of the zone being protected is 
determined. The alarm temperature setting of the fire 
detector has to be carefully selected by the system 
designers. If it is too close to the nominal ambient tem- 
perature, there 1s a risk of false warnings. An operating 
temperature far higher than the zone's nominal ambi- 
ent temperature will cause delays in the switch operat- 
ing (if at all). Aircraft specifications and designs vary; 
however, a margin of approximately 50°C between 
ambient and operate temperature is typical. Detectors 
with different alarm temperatures are sometimes fitted 
in the same loop; this takes into account varying ambi- 
ent temperatures in different zones. Typical settings 
are 230°C in the cooler forward sections of the engine 
nacelle and 370°C in the aft sections of the nacelle. 


16.2.1.2 Linear fire detectors 


Greater coverage of the engine nacelle can be 
achieved with linear fire detectors. Three types of 
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Figure 16.3 Linear sensor installation 


linear fire detectors are used on aircraft; these are 
based on averaging or discrete detectors. The alarm 
temperature of averaging linear detectors depends on 
the length of element heated. Discrete linear detec- 
tor systems are essentially independent of the length 
of element heated to provide an alarm; these eutectic 
salt. The response time for any fire detector is criti- 
cal to the safety of the aircraft; the standard test for 
a linear fire detector is for it to respond to a 1100°C 
flame with five seconds. Actual response time will 
depend on many factors including the convection of 
heat energy; this is why it is so important to route the 
fire detector in the critical areas of the engine nacelle. 
Linear fire detectors are manufactured in lengths of 
up to three metres; some types can be joined in series 
to so that all these areas can be covered in conven- 
ient lengths. Installing the detector in manageable 
lengths facilitates installation and removal during 
maintenance. 

Averaging linear detectors are based on either ther- 
mistor or pneumatic principles. Both detectors con- 
sist of a thin (typically 2mm diameter) sensor that is 
routed around the engine. The sensor is attached to 
the engine using clips and bushes, see Fig. 16.3. The 
thermistor type fire detector is constructed in a coax- 
ial form with a corrosion-resistant (typically stainless 
steel) outer sheath, nickel-chrome centre wire and 
temperature-sensitive separating, or insulating mate- 
rial, typically very fine granules of a silicon com- 
pound. Figure 16.4 illustrates the detector’s physical 
features, a detector loop and the resistance tempera- 
ture characteristics. This forms a complete electrical 
circuit, or fire detector loop. 
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Figure 16.4 Linear fire detector principles: 
(a) external features (b) detector loop, 
(c) resistance/temperature characteristics 


Referring to Fig. 16.4(c), when the sensor 1s at low 
ambient temperature (f,), the resistance (R,) between 
the outer sheath and centre wire is very high. The 
silicon insulating material has a negative temperature 
coefficient, 1.e. when the sensor is heated, the resist- 
ance of the insulating material decreases. 

When this temperature reaches the alarm point (t), 
the control unit senses a predetermined value, typi- 
cally I kQ. A relay contact in the control unit closes 
and this activates the alarm circuit. When the fire has 
been extinguished, the sensor cools down, causing the 
resistance to increase; the relay opens and the alarm 
circuit is deactivated. 
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Figure 16.5 Thermistor characteristics: 
(a) effect of length being heated, (b) short length 
heated, (c) longer length heated 


The thermistor fire detector is an averaging type, 
responsive to the length of element heated, see Fig. 
16.5. It can be seen that if the alarm is tripped at an 
equivalent resistance indicated by R,, a shorter length 
operates at a higher temperature. The thermistor 
fire detector can be thought of as an infinite number 
of resistors connecting the centre wire to the outer 
sheath. 

If only one of these imaginary resistors is heated, 
i.e. a short length of element, R, has to reach a high 
temperature before its resistance drops to the alarm 
point. If a large number of these imaginary resis- 
tors 1s heated, 1.e. a longer length of element, since 
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the resistors R, through Rj, are in parallel, the alarm 
point will be reached at a lower temperature. 

There are certain fault conditions that can lead to 
false fire warnings; these can be caused by moisture 
ingress into the sensor and/or short circuit of the sen- 
sor wiring. Control units have been developed with 
the ability to discriminate between fire and fault con- 
ditions. Moisture ingress into the connectors is pre- 
vented by hermitically sealed terminal lugs. 

Testing of the system is via a test switch located in 
the flight compartment. When the test circuit is acti- 
vated, the following aspects are checked: 


e continuity of centre element 
e resistance of the insulating material 
e alarm circuit. 


Key maintenance point 


It is very important that the sensing element and 
wiring does not come into contact with the engine 
structure. 


Test your understanding 16.2 


Why are averaging fire detectors dependent on the 
length of element heated to trigger an alarm? 


Key maintenance point 


Abrasion of the outer sheath will expose the insulat- 
ing material leading to moisture ingress, decreased 
resistance and potential false warnings. 
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Figure 16.6 Eutectic salt overheat 


Resistance (ohms) 


Aircraft electrical and electronic systems 


Key maintenance point 


A short circuit on the sensor wires could be inter- 
preted by the control unit as a fire condition. 


Eutectic salt overheat detectors are constructed 
from a thin (typically 2mm diameter) tube filled with 
a salt compound. They are particularly effective at 
detecting overheats when only a short length of ele- 
ment is heated. Referring to Fig. 16.6, the insulating 
material in this type of detector is a salt compound 
that melts at a specific temperature. All of the constit- 
uents crystallize simultaneously at this temperature 
and the insulation changes state into a molten liquid 
solution. 

As with the thermistor system, a control unit 
monitors the resistance between the inner conduc- 
tor and the outer sheath. When the salt melts, the 
resistance drops very rapidly and the control unit 
signals a warning. The resistance between the 
outer sheath and inner conductor decreases and 
the control unit senses this as a fire and/or overheat 
condition. 

When the temperature is reduced, the salt 
compound solidifies and the resistance increases, 
thereby resetting the alarm output. This type of 
detector is used in both engine fire detection and 
bleed air overheat detection applications. The discrete 
detector is ideally suited for the detection of hot air 
leaks in: 


e wing leading edges 


e wheel wells 
e under floor locations. 


Temperature (degrees) 
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Figure 16.7 Pneumatic detector schematic 


Pneumatic fire detectors are constructed from a 
thin (typically 2mm diameter) sensor tube filled 
with helium, and a gas-charged metal-hydride centre 
core. The tube is sealed at one end and attached to 
a pressure-sensing device (the responder) at the 
other end. The responder assembly is electrically iso- 
lated from the sensing tube and contains two pres- 
sure switches, a resistor and electrical connector, see 
Fig. 16.7. 

The normally open (NO) alarm switch is closed 
when a fire or overheat causes the helium to expand. 
A normally closed (NC) integrity switch in the 
responder is held closed by the helium pressure; the 
internal resistor and switch contacts form the warn- 
ing circuit. Measurement of the resistor value by an 
external circuit provides an indication of fire, over- 
heat or loss of integrity. In the non-alarm condition, 
a monitoring circuit detects the known resistor value. 
When large sections of the sensor tube are heated, 
the increased pressure of the helium causes the alarm 
switch to close; this bypasses the resistor and the 
monitoring circuit signals an alarm condition. When 
the overheat condition is removed, the gas pressure 
decreases and the switch opens. 

If only a small section of sensor tube is heated, 
there will be insufficient helium gas pressure to oper- 
ate the alarm switch. To accommodate this localized 
heating, the centre core is formed with a metallic 
hydride compound which liberates hydrogen when 
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Figure 16.8 Pneumatic detector characteristics 


rapidly heated; this now provides sufficient gas pres- 
sure to operate the alarm switch. When the sensor 
cools, the hydrogen is re-absorbed back into the cen- 
tre core, pressure reduces and the alarm switch opens. 
Should a leak develop in the sensor or responder, the 
integrity switch opens. The control unit detects an 
open circuit condition from the change of resistance 
and this is signalled as a fault condition. The char- 
acteristics of a pneumatic detector are shown in Fig. 
16.8. The entire assembly is hermitically sealed; the 
responder can be located in the engine fire zone as 
illustrated in Fig. 16.9. 
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located in the 


Figure 16.9 Responder 
engine fire zone 


Key point 


Thermal fire and overheat detectors are often 
installed as dual loops to ensure that fire detection 
is available even if one system is inoperative. 


Key point 


Dual loop fire detector systems can also be config- 
ured to only go into alarm if both loops sense fire, 
thereby reducing the possibility of a false warning. 


16.2.2 Optical fire detection 


Optical sensors sense the light emitted from a flame 
in much the same way that a person recognizes fires. 
Our brains can distinguish between the light energy 
from a fire and the light energy from another source, 
e.g. a light bulb. The optical fire detector (or sensor) 
also has to be able to make this distinction. Some 
aircraft use optical fire detectors in place of ther- 
mal detector elements to simplify the installation. 
Depending on the size of engine, several optical sen- 
sors may be required. The sensors are easier to install 
and maintain than linear detector elements. Optical 
sensors offer the advantage of being able to monitor a 
specific volume of engine nacelle. 

The spectral analysis of a hydrocarbon fuel fire 
reveals peaks of energy in the infrared (IR) and 
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ultraviolet (UV) frequencies bands. Optical fire detec- 
tors are designed to detect radiation one or both of 
these frequency bands. The type of detection technol- 
ogy used depends on a number of factors including the: 


e speed of response to a fire 

e ambient temperature for where the sensor is 
located 

e likely source of potential false alarms. 


One of the characteristics of burning fuel in an aircraft 
engine is the emission of infrared (IR) radiation. A 
particular feature of a hydrocarbon fire is that it emits 
a high energy level at a nominal 4.4 micron band of the 
infrared radiation, referred to as the CO, spike, see Fig. 
16.10(a). This is caused by the emission of energy from 
excited CO, molecules burning in the fuel. 

Detecting a fire is one thing; being able to dis- 
criminate against other light sources is a vital part of 
the optical detector’s performance. Extraneous light 
sources that are capable of causing a nuisance alarm 
emit very low levels of radiation in this range. These 
sources include: 


lightning 

arc welding 
X-rays 
sunlight 

hot surfaces. 


An IR sensor designed for this specific frequency band 
provides a high level of reliable fire detection, while 
being relatively immune to nuisance alarm signals. 

The detection cell incorporates a pyro-electric cell 
and an optical filter; the latter only transmits radiation 
within the wavelength band of 4.2 to 4.7 microns. 
This is packaged in a one-inch-diameter, three- 
inches-long cylindrical housing with an optical win- 
dow at one end and electrical connector at the other. 
The pyro-electric detection cell responds to a fire by 
generating a signal when 4.4 micron radiation energy 
is detected. The optical fire detector has a cone of 
vision as illustrated in Fig. 16.10(b); 100% represents 
the maximum detection distance for a given fire. The 
sensitivity of the detector increases as the angle of 
incidence decreases. 

As with any fire detector (whether thermal or optical) 
The response time of the detector depends on the: 


size of the fire 

rate of propagation 

type of fuel burning 
distance from the detector. 
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Figure 16.10 Optical fire detection: (a) hydrocarbon fire and 4.4 micron CO, ‘spike’, (b) optical 


fire detector viewing angle 


The average response time of aircraft engine fire 
detectors is less than five seconds; this is in response 
to a standard 1100°C, six-inch-diameter flame. 

A typical turbine engine fitted to a medium-sized 
general aviation (GA) aircraft is installed with three 
IR optical detectors in each engine nacelle, a control 
amplifier, warning lights and test switch. The detec- 
tors are positioned to receive direct and indirect radi- 
ation from flames, thus providing optimum coverage 
of the nacelle. 


Key point 


Increased temperature as a result of a fire is nota 
factor in the operation of an optical sensor. 


Key point 


The IR cell’s output is an electrical signal propor- 
tional to the amount of IR energy falling onto it. 


16.3 Cargo bay/baggage area 


The most likely source of fire in the aircraft 
cargo bay or baggage compartment is from organic 


materials; the detection method in widespread use 
is the smoke detector. The primary design con- 
sideration for this application is ensuring that the 
smoke reaches the detector in a timely way. Open 
area smoke detectors rely on the transfer of particu- 
late matter from the source of fire to the detector by 
convection. Smoke from burning materials in cargo/ 
baggage areas often stratifies; in the early stages of a 
cargo/baggage fire there is insufficient heat energy to 
cause the smoke to rise through convection. Smoke 
will eventually accumulate in the roof area of the 
cargo/baggage area and so this is where the detec- 
tors are located. In larger cargo/baggage areas several 
detectors will be installed to speed up the detection 
time, which can be up to 60 seconds. In some aircraft, 
air samples are taken from numerous locations and 
supplied to a centralized ducted smoke detector. 


16.3.1 Smoke detector principles 


There are two basic principles used in smoke detec- 
tors: ionization and photoelectric. 


16.3.1.1 lonization smoke detectors 


The ionization type monitors ionized products of 
combustion as they pass through a charged electrical 
field. This type of smoke detector can detect particles 
of smoke that are often too small to be visible. The 
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Figure 16.11 


detector uses a very small amount of radioactive iso- 
tope that is a source of alpha radiation. The radia- 
tion passes through an air-filled chamber between 
two electrodes; this radiation allows a low constant 
current to flow between the electrodes. Smoke enter- 
ing the chamber absorbs the alpha particles, thereby 
reducing the ionization and interrupting the current; 
this interruption is used to trigger a warning circuit. 
Ionization smoke detectors can be manufactured at a 
lower cost compared with optical detectors; however 
they have several disadvantages: 


e they will also go into an alarm if dust and/or fine 
water droplets enter the chamber 

e the detector’s sensitivity changes with pressure, 
i.e. altitude changes and also with age. 


16.3.1.2 Photoelectric smoke detectors 


Photoelectric smoke detectors measure light attenu- 
ation and/or reflection within a chamber. An air sam- 
ple is passed through the detector via ducts, or pipes, 
see Fig. 16.11. This air sample passes trough a laby- 
rinth chamber. A photoelectric cell is located at right 


Optical smoke detector principles 
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Beacon lamp/LED 
Labyrinth 
Smoke particles 


Test Lamp/LED 


Light trap 


Air sample input 


Le 


Mounting feet (2) 


angles to the light beam; when smoke particles enter 
the chamber, some of the light is reflected and scat- 
tered off the particles, causing energy to fall on the 
second cell. 

Early types of photoelectric smoke detectors used 
a low-voltage incandescent light bulb projecting 
light across the chamber with a photosensitive cell on 
the other side of the chamber. Incandescent lamps do 
not have a very long life; this reduces the overall reli- 
ability of the detector. Modern aircraft smoke detec- 
tors now use a light-emitting diode (LED) as the light 
source. The smoke detector can be tested by illumi- 
nating an internal LED that simulates the deflected 
light. 

Some aircraft use open area detectors where the 
smoke samples pass directly into the chamber. Open 
area cargo bay smoke detectors are arranged through 
the aircraft as shown in Fig. 16.12. 

Main deck freighter aircraft typically use ducted 
smoke detectors installed as shown in Fig. 16.13. 
This configuration has a pair of smoke detectors per 
zone connected via orifices connected via manifolds. 
A centralized vacuum manifold draws air through all 
of the smoke detectors. Alarms are given on a zoned 


DrewPaulDesigns (/member/DrewPaulDesigns/) > tatebullrider 
(/member/tatebullrider/) 2017-02-09 Reply 


You got it. You could use a kite or even a drone or quadcopter to take 
measurements at different altitudes. Post your data for us to see! 


16me121lucifer (/member/16me121lucifer/) 2017-01-07 Reply 


Sir iam getting 0.06v but negligible current. | am unable to light a LED. | wanted 
to know how can we connect similar circuits in series or parallel. | would be 
grateful if you upload a schematic diagram for the same. 

Thank you. 


16me121lucifer (/member/16me1 21lucifer/) 2017-01-02 Reply 


Dear sir, 
Can i use antenna of my old radio set to complete the given project? 


DrewPaulDesigns (/member/DrewPaulDesigns/) > 16me121lucifer 
(/member/16me1 21 lucifer/) 2017-01-02 Reply 


Yes, you may. In fact, that is what it was designed for; you'll just using that 
energy for a different purpose. From there, the taller the antennae you 
use, the better the results. 


Alijo0nn (/member/AlijoOnn/) 2016-12-30 Reply 
Dear Paul 


Is it possible that this circuit generates 1 ampera current with highest place of 
Antenna and suitable Earth? 


DrewPaulDesigns (/member/DrewPaulDesigns/) > AlijoOnn (/member/AlijoOnn/) 


a ..,_ 2016-12-30 Repl 
A single circuit, no. However, by running these circuits = 


in parallel current can be increased to suit your output needs. 
Thanks for checking out my Instructable and if you have any other 
questions feel free to let me know. 


16me121lucifer (/member/16me1 21lucifer/) 2016-12-21 Reply 


Sir can we light led with help of this project? & Can we do something so that the 
received energy is used only when we require? ie. something like switch? 


DrewPaulDesigns (/member/DrewPaulDesigns/) > 16me121lucifer 
(/member/16me1 21 lucifer/) 2016-12-21 Reply 


Yes and yes. Give it a try and let us know how it works out. 


Alijo0nn (/member/AlijoOnn/) 2016-12-16 Reply 
Dear Pual 


How can i connect some these circuits together? 
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Figure 16.12 Cargo smoke detectors 


basis when smoke enters through any of the sampling 
orifices. 

A classification process approach is used to develop 
the fire protection strategy for cargo bay/baggage 
areas. The safety requirements are specified accord- 
ing to each class of compartments (A through E). 

Class A cargo or baggage compartments are com- 
partments where: 


e the presence of a fire would be easily discovered 
by a crew member while at his/her station; and 

e each part of the compartment is easily accessible 
in flight. 


Class B cargo or baggage compartments are typically 
used on aircraft carrying a combination of cargo and 
passengers on the same deck. In these compartments: 


e there is sufficient access during flight to enable crew 
members to reach any part of the compartment with 
the contents of a hand fire extinguisher 

e when the access provisions are being used, 
no hazardous quantity of smoke, flames, or 
extinguishing agent will enter any compartment 
occupied by the crew or passengers 


Detectors 


Monitoring 
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Cargo bays 


e there is a separate approved smoke detector or 
fire detector system to give warning at the pilot or 
flight engineer station. 


Class C cargo or baggage compartments are typi- 
cally compartments below the main deck of an air- 
craft, or on the same deck as passengers, but are not 
readily accessible. In these compartments: 


e there is a separate approved smoke detector or 
fire detector system to give warning at the pilot or 
flight engineer station 

e there is an approved built-in fire extinguishing or 
suppression system controllable from the cockpit 

e there are means to exclude hazardous quantities 
of smoke, flames, or extinguishing agent from any 
compartment occupied by the crew or passengers 

e there are means to control ventilation and drafts 
within the compartment so that the extinguishing 
agent used can control any fire that may start 
within the compartment. 


Class D cargo or baggage compartments were typ- 
ically compartments below the main deck of an air- 
craft, or on the same deck as passengers, not readily 
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Figure 16.13 Main deck/freighter smoke detectors 


accessible and were designed to use oxygen starvation 
to contain fire. This class of cargo or baggage com- 
partments is being phased out due to incidents involv- 
ing uncontained fires. They must now meet the same 
standards as Class C cargo or baggage compartments. 

Class E cargo or baggage compartments are 
compartments on aircraft used only for the car- 
riage of cargo and do not carry passengers. In these 
compartments: 


e there is a separate approved smoke or fire detector 
system to give warning at the pilot or flight 
engineers station 

e there are means to shut off the ventilating airflow 
to or within the compartment, and the controls for 
these means are accessible to the flight crew in the 
crew compartment 


e there are means to exclude hazardous quantities 
of smoke, flames, or noxious gases from the flight 
crew compartment 

e the required crew emergency exits are accessible 
under any cargo loading condition. 


16.4 Fire extinguishing 


16.4.1 Overview 


Extinguishers are used in the engines, APUs, cargo 
bay, cabin and flight compartment. The type of fire 
extinguishing agent used on an aircraft, and the 
method of activating the extinguisher, depends on its 
application. The type of agent used depends primarily 
on the type of fire being addressed; other factors to 
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be considered include toxicity and storage temperature. 
Extinguishers are constructed from a metal casing that 
contains the agent and a means of expelling the agent 
into the fire. Some agents, e.g. water and dry powder, 
are expelled from the container by high-pressure gas; 
some agents, e.g. carbon dioxide, are gaseous at room 
temperature, and can be stored as liquids under pres- 
sure. The container is fitted with a discharge head; this 
contains a valve that is opened to release the agent. The 
discharge valve can be opened manually, electrically or 
automatically by exposure to heat. 


16.4.2 Cabin/flight compartment 


Hand-held fire extinguishers are portable and oper- 
ated by first removing a safety pin and then squeezing 
the handle. This instinctive squeezing action punc- 
tures a diaphragm in the discharge head and the agent 
is expelled under pressure through the aperture left by 
the ruptured diaphragm. 

Waste bins located in the aircraft cabin washrooms 
are vulnerable from fire started by passengers dispos- 
ing of cigarettes; this threat is largely eliminated by 
no-smoking flights; however, self-contained extin- 
guishers are still used. The extinguisher is fitted with a 
pipe that is plugged by a fusible material; when the tip 
of the pipe is exposed to a predetermined temperature 
(typically 75°C), the plug melts and the extinguishing 
agent is released automatically into the fire. 


16.4.3 Engine/APU and cargo bay 


Engine/APU and cargo bay fire extinguishers are 
secured to the aircraft or engine structure outside of 
their respective fire zones; the agent is directed into 
the fire zone via a pipe. In some aircraft this pipe 
feeds into a manifold to distribute the agent. The 
containers (often referred to as bottles) are either 
cylindrical or spherical in shape; a typical engine fire 
‘bottle’ installation is shown in Fig. 16.14. 

This type of extinguisher is filled with a vaporiz- 
ing liquid agent pressurized with dry nitrogen to 450 
psi at 20°C. Figure 16.15 illustrates a two-outlet fire 
extinguisher. The discharge head contains a cartridge 
unit formed by small pyrotechnic device (sometimes 
called a squib) fitted with a heating coil. 

When the fire switch is operated, current is passed 
through the heater coil. This causes the pyrotechnic 
charge to ignite, creating a rapid increase in pressure 
within the discharge head, thereby rupturing a frangi- 
ble diaphragm. The agent is expelled under pressure 
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Figure 
installation 


16.14 Engine fire extinguisher 


through the aperture left by the ruptured diaphragm. 
When the agent has been expelled, a discharge plug 
moves to the end of the discharge head; this causes 
an indicator pin to become visible. On the aircraft 
fuselage, a polythene plug is forced into the position 
shown in Fig. 16.16; this provides additional confir- 
mation that the extinguisher has been fired. If the fire 
extinguisher is exposed to high temperatures outside 
of its specified range, a pressure relief valve is opened 
and the contents discharged overboard. 

The engine/APU fire extinguisher cartridge (or 
squib) is energized when the pilot operates the engine 
fire handle as previously described. Many aircraft 
are installed with extinguishers that have two or three 
outlets; a dedicated cartridge operates each outlet. 
These types of extinguishers are referred to as two- 
shot or three-shot bottles depending on the construc- 
tion. The fire extinguisher outlets are connected to 
two separate engines; this provides the opportunity to 
discharge a second fire extinguisher into one engine 
in the event that the first discharge did not extin- 
guish the fire, see Fig. 16.17. The so-called two-shot 
fire extinguisher is controlled from the fire handle 
as before; the first shot is discharged when the handle 
is turned in one direction, the second shot is discharged 
by twisting the handle in the opposite direction. 


Key maintenance point 


A discharge plug on the aircraft fuselage provides 
confirmation that the fire extinguisher has been fired. 
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Figure 16.15 Engine fire extinguisher features 
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Figure 16.16 Fire extinguisher discharge plug 


Cargo bay fire extinguishers are operated from a 
control panel selector. A typical cargo bay extinguish- 
ing system is illustrated in Fig. 16.18; this system fea- 
tures two fire extinguishers. The first bottle provides a 
high rate discharge to ‘knock down’ the fire; the second 
provides a low rate discharge to prevent re-ignition. 


16.4.4 Fire extinguisher maintenance 


Depending on the construction of the fire extin- 
guisher, some of its contents could escape through 
the discharge head. Some extinguishers are hermeti- 
cally sealed, some are constructed with gaskets. It is 
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Figure 16.17 Two-shot fire extinguisher system 


Fire extinguisher (1) Fire extinguisher (2) essential that any loss of gas pressure and/or extin- 
(higiirate discharge) powers Aleenet ae) guishing agent be established. One way of ascertain- 
ing this is to weight the extinguisher on a periodic 
basis; the disadvantage of this method is the cost of 
removal/installation together with the logistic costs of 
transporting the item back to a workshop, together 
with the additional spares requirements. Most of these 
fire extinguishers are fitted with a means of indicat- 
ing the pressure of the contents. This can either be a 
direct reading gauge, typically using a Bourdon tube, 
or a pressure switch that is linked via an indicating 
system to provide a warning to the crew that they 
have a extinguisher with low pressure; either from a 
Figure 16.18 Cargo fire extinguisher system leak or when the extinguisher has been discharged. 
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16.5 Multiple choice questions 


l. 


The action of twisting a fire handle closes micro- 
switches that: 

(a) activate the engine fire extinguisher 

(b) cancels the alarm 

(c) shuts off the fuel. 


When eutectic salt melts, the resistance between 

the centre wire and outer sheath: 

(a) drops very rapidly and the control unit resets 
the warning 

(b) increases very rapidly and the control unit 
signals a warning 

(c) drops very rapidly and the control unit signals 
a warning. 


. Open area smoke detectors rely on the transfer of 


particulate matter from the source of fire to the 
detector by: 

(a) convection 

(b) radiation 

(c) conduction. 


Dual-loop fire detector systems can be configured 

to only go into alarm if: 

(a) both loops sense fire, thereby reducing the 
probability of a false warning 

(b) either loop senses fire, thereby reducing the 
probability of a false warning 

(c) both loops sense fire, thereby increasing the 
probability of a false warning. 


. Multiple bimetallic overheat detectors are 


connected in parallel to provide: 
(a) variable alarm temperatures 
(b) increased detection probability 
(c) linear fire detection. 


10. 
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A discharge plug on the aircraft fuselage 
provides confirmation that the fire extinguisher: 
(a) is fully pressurized 

(b) squib is still intact 

(c) has been fired. 


When a pneumatic fire detector is rapidly heated; 

hydrogen is liberated causing: 

(a) sufficient gas pressure to close the alarm 
switch 

(b) the integrity switch to open 

(c) the alarm switch to reset. 


. Photoelectric smoke detectors measure: 


(a) light attenuation and/or reflection within a 
chamber 

(b) radiated heat within a chamber 

(c) absorption of alpha particles within a 
chamber. 


When a thermistor sensor is heated, the 

resistance of the insulating material: 

(a) decreases because of its negative 
temperature coefficient 

(b) decreases because of its positive temperature 
coefficient 

(c) increases because of its negative temperature 
coefficient. 


To operate an engine fire extinguisher, the fire 
handle is: 

(a) twisted 

(b) twisted and then pulled 

(c) pulled and then twisted. 


Chapter [Terrain awareness warning 
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During the 1970s, studies were carried out by accident 
investigators and regulatory authorities to examine 
one of the most significant causes of aircraft accidents 
of the time: controlled flight into terrain (CFIT). 
This can be defined as an accident where a service- 
able aircraft, under the control of a qualified pilot, 
inadvertently flies into terrain, an obstacle or water. 
CFIT accidents usually occur during poor visual con- 
ditions, often influenced by other factors, e.g. flight 
crew distraction, malfunctioning equipment or air 
traffic control (ATC) miscommunication. With CFIT, 
the pilots are generally unaware of this situation until 
it is too late. The outcome of these investigations was 
that many CFIT accidents could be avoided with a 
ground proximity warning system (GPWS). A system 
was developed in 1967 to alert pilots that their aircraft 
was in immediate danger of CFIT. This system was 
further developed into the enhanced ground proxim- 
ity warning system (EGPWS) by adding a forward- 
looking terrain avoidance (FLTA) feature, made pos- 
sible via global positioning system technology. This 
chapter describes the generic name given to this type of 
protection: terrain awareness warning system (TAWS). 


GPWS 


system (TAWS) 


17.1 System overview 


The terrain awareness warning system comprises air- 
craft sensors, a computing function and warning out- 
puts. The computer receives numerous inputs from 
on-board sensors and processes these to determine if 
a hazardous situation is developing. The TAWS com- 
puting function can either be from a self-contained 
unit; alternatively, it can integrated within another 
aircraft system. 

Early ground proximity warning systems were 
based on aircraft sensors that detected: 


e barometric altitude 
e vertical speed 
e radio altitude. 


These early systems warned the crew of excessive 
descent rates or if they were flying towards rising 
terrain. TAWS can be considered as a ground prox- 
imity warning system (GPWS) combined with 
forward-looking terrain avoidance (FLTA), see 
Fig. 17.1. The combined systems provide a significant 


Rising terrain 


TAWS - Terrain Awareness Warning System 
GPWS -— Ground Proximity Warning System 


FLTA 


Figure 17.1 TAWS overview 


— Forward Looking Terrain Awareness 
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Aircraft electrical and electronic systems 


Figure 17.2 GPS principles: (a) Single satellite describes a circle on the earth's surface, 


(b) Two satellites define two unique positions 


increase in safety margins by combining accurate 
position information (via the GPS) together with a 
terrain database. 

GPS is an artificial constellation of navigation aids 
that was initiated in 1973 and referred to as Navstar 
(navigation system with timing and ranging). The glo- 
bal positioning system was developed for use by the 
US military; the first satellite was launched in 1978 
and the full constellation was in place and operating 


by 1994. GPS is now widely available for use in many 
applications including aircraft navigation; the system 
calculates the aircraft position by triangulating the 
distances from a number of satellites, see Fig. 17.2. 

Three satellites are required for the receiver to cal- 
culate a unique lateral position; a fourth satellite pro- 
vides altitude, 1.e. a three-dimensional position. 

The availability of GPS technology thereby pro- 
vides forward-looking terrain avoidance (FLTA) 


Terrain awareness warning system 


Required obstacle | 
clearance — — 


Figure 17.3 Obstacle clearance/colour coding 


capability; it can look ahead of and below the aircraft 
flight path. This can be depicted on a display that is 
colour-coded (Fig. 17.3) to show the required obsta- 
cle clearance: 


e redis used to indicate terrain above the aircraft’s 
current altitude 

e yellow is dependent on the flight phase, i.e. en 
route, terminal areas or approach 

e green areas on the display are safe in terms of 
required terrain clearance. 


The TAWS computer function creates a four- 
dimensional position comprising: latitude, longitude, 
altitude and time. It compares this position with the 
on-board database that contains details of terrain, 
obstacles and runways to determine any conflicts. 
(More information on GPS is provided in a related 
book in the series, Aircraft Communications and 
Navigation Systems.) 


Key point 


TAWS can be considered as a ground proximity 
warning system (GPWS) combined with forward- 
looking terrain avoidance (FLTA). 


17.2 System warnings and protection 


Cautions and warnings are provided to the crew 
depending on the level of CFIT threat; these include 
visual indications and audible announcements. TAWS 
equipment is designed to provide the flight crew with 
adequate time to take appropriate action. Equipment 
is classified either as Class A or B depending on 
the level of protection that the system provides. 
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Green 


In general terms, passenger carrying aircraft require 
TAWS-A, smaller aircraft require TAWS-B; see 
Tables 17.1 and 17.2 for a summary of features. 

Cautionary alerts are given by TAWS that require 
immediate crew awareness; subsequent corrective 
action will normally be necessary. Warning alerts are 
given for a terrain threat that requires immediate crew 
action. Aural alerts are synthesized voice messages 
that are produced through the audio panel into crew 
headsets and through the flight compartment speak- 
ers. Messages are presented on a suitable electronic 
display in text format, typically on a multi-function or 
other navigation display. Electronic navigation displays 
provide situational awareness, 1.e. direction of flight 
and the location of nearby airports (given as four- 
letter codes). Local terrain features can be overlaid 
onto this presentation. Messages are either red or 
amber, depending on the threat level. Master caution 
and GPWS lights are illuminated depending on the 
threat level. 

We have seen from the above that TAWS can be 
considered as a ground proximity warning system 
(GPWS) and forward-looking terrain avoidance 
(FLTA). Forward-looking terrain avoidance produces 
alerts from obstacles ahead of the aircraft using a ter- 
rain data base, GPS position and other reference data, 
e.g. aircraft speed etc. The ground proximity warn- 
ing system produces alerts from the terrain below the 
aircraft and configuration inputs, e.g. gear and flap 
settings during approach and landing. FLTA features 
in Class A and B TAWS are identical and provide 
the same level of safety for the aircraft. The primary 
differences between Class A and B TAWS are in the 
GPWS features and terrain awareness display. Class A 
TAWS can be considered as being autonomous, i.e. 
all the aircraft reference inputs are from independent 
sources. Class B TAWS derives much of its references 
from within the TAWS computer (or TAWS section of 
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Table 17.1 TAWS: features, purpose and application (Class A or Class B) 


Feature 


Forward-looking terrain 
avoidance (FLTA) 


FLTA reduced required 
terrain clearance alerts 


FLTA imminent terrain 
impact alert 


FLTA high terrain impact 
alert 


FLTA flight path intent 
advisory alerts 


Premature descent alert 


Attention alerts 


Terrain awareness display 


Purpose A B 


The system looks ahead of and below the aircraft’s lateral and J Y 
vertical flight path to provide a suitable alert if a potential 
threat exists. FLTA sub-functions are detailed below 


Generated when the aircraft is currently above the terrain of Y Y 
the projected flight path of the aircraft and terrain clearance 
ahead of the aircraft is considered unsafe 


Generated when the aircraft is currently below the elevation J J 
of local terrain along the lateral flight path and when the 
projected vertical flight path is considered unsafe 


Generated when the terrain ahead of the aircraft is higher than Y Y 
the projected vertical path 


Generated when the terrain ahead of the aircraft conflicts with Y Y 
the flight plan 
The system compares the aircraft’s current lateral and vertical J Y 


position with the proximity of the nearest airport. Predicted 
flight path information and details from the database are used 
to determine if the aircraft 1s below the normal approach path 
for the nearest runway 


The system provides appropriate visual and audio alerts for J J 
both cautions and warnings 
The system provides terrain information to a suitable display Y 


system, e.g. a multi-function display (MFD) 


Table 2 TAWS ground proximity warning Modes (Class A and Class B) 


Mode Description A B 
1 Excessive descent rate Y Y 
2 Excessive terrain closure rate Y 
3 Negative climb rate or altitude loss after take-off Y Y 
4 Flight into terrain when not in landing configuration Y 
5 Excessive downward deviation from an ILS glide slope J 
6 Altitude callout at 500 feet Y Y 
7 Wind shear Y 


another computer). In summary, the following sensor e gear position 
inputs and displays are required by Class A TAWS, e map display. 


but not Class B: 


e radar altitude 
e air data 


A terrain awareness display is only required for 
Class-A TAWS, although the display is found in many 
Class-B installations as an option. The graphical 


is it work, if i connect 10 matched circuits to an antenna? 


Best Regards 


DrewPaulDesigns (/member/DrewPaulDesigns/) > AlijoOnn (/member/AlijoOnn/) 


eo 2016-12-16 Repl 
You sure can. Give it a try and post your pictures for us = 


to see. 


cmlucht (/member/cmlucht/) 2016-11-23 Reply 


what if you hooked up some joule thief's low input higher output? 


DrewPaulDesigns (/member/DrewPaulDesigns/) > cmlucht (/member/cmlucht/) 


2016-11-24 Repl 
Yes, try it. = 


vvince (/member/vvince/) 2016-11-13 Reply 


p.S 


good ible all we need now is a nano amp amplifier 


vvince (/member/vvince/) 2016-11-13 Reply 


seems to me that thomask19 works for some big energy company who have 
suppressed ALL FREE ENERGy 


egads man we cant have the minions getting ANYTHING free 


there's no PROFIT in that 


SHOE0007 (/member/SHOE0007/) 2016-11-07 Reply 


| not trying to be rude but how do you get free energy from nothing? Unless you 
do this under a high voltage power line (very dangerous) i am not sure if this 
would work? 


In state matter is neither created or destroyed so were is this energy coming 
from?? 


DrewPaulDesigns (/member/DrewPaulDesigns/) >» SHOE0007 
(/member/SHOE0007/) 2016-11-07 Reply 


Not at all and this is a very good question. 


As Faraday and others have demonstrated, magnetic bodies in motion 
produce an electric charge. If you've ever used a magnetic compass, you 
know that the earth, along with orbiting bodies, are magnetic with a north 
and south pole. These moving bodies induce a charge in our atmosphere. 
This charge, with our new Crystal Energy Receiver, can be captured and 
harvested as usable energy. 


Thanks for reading. Give it a try and be sure to follow and visit 
www.DrewPaulDesigns.com for more projects. 
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Figure 17.4 MFD/navigation display 


display of terrain relative to the aircraft position 
and projected flight path is a major enhancement to 
situational awareness. Terrain can be displayed on 
general purpose multi-function displays (MFD) or 
on a navigation display (ND), see Fig. 17.4. Colour- 
coding and intensity are used to depict terrain relative 
to the aircraft. 

Displays can be either a profile view or plan view. 
In addition to the terrain map, text messages are pro- 
duced depending on system status and the terrain 
awareness threat level. When integrated with an elec- 
tronic display, the surrounding terrain can be viewed 
relative to the aircraft position; this provides strategic 
terrain information up to 30minutes in advance of a 
potential terrain conflict. 


Test your understanding 17.1 


Define the meaning of CFIT. 


Key point 


A terrain awareness display is only required for 
Class-A TAWS. 


The two classes of TAWS are aimed at different 
types of aircraft; in broad terms Class A is intended 
for larger passenger aircraft, Class B is for general 
aviation aircraft. By deriving critical parameters such 
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GPWS Allert messages: 
— Terrain (red) 
— Terrain (amber) 


Terrain caution alert 
— Solid yellow 


Terrain warning alert 
— Solid red 


as synthetic radar altitude, the cost of Class B TAWS 
is substantially reduced in terms of both equipment 
and certification costs. 


17.3 External references 


The ground proximity Modes are derived from a 
number of signal inputs to the computer; each input 
is received from a variety of aircraft system outputs 
including: 


barometric air data 

radio altitude 

instrument landing system 

attitude and heading reference system. 


The source of these inputs to the computer will 
vary depending on aircraft type. 

Barometric air data includes altitude and vertical 
rate, or vertical speed. These two parameters are usu- 
ally derived from an air data computer (ADC). This 
computer combines the functions of individual instru- 
ments, and can be used to determine data from the 
aircraft’s pitot-static system: 


altitude 

vertical rate, or speed 
calibrated airspeed 
mach number. 


Air data computers usually have an input of total 
air temperature to enable computation of static air 
temperature and true airspeed. 
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Figure 17.5 Low-range radio altimeter: (a) principle of operation, (b) analogue indication, (c) 


electronic indication 


The low-range radio altimeter (LRRA) is a self- 
contained vertically directed primary radar system 
operating in the 4.2 to 4.4GHz band. Airborne equip- 
ment comprises a combined transmitting and receiv- 
ing antenna, LRRA transmitter/receiver and a flight 


deck indicator. Most aircraft are fitted with two inde- 
pendent systems. Radar energy is directed via a trans- 
mitting antenna to the ground (Fig. 17.5(a)); some of 
this energy is reflected back from the ground and is 
collected in the receiving antenna. This is displayed 
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Altitude 


Height 
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Elevation 


Figure 17.6 Elevation, altitude and height 


MAMA, 


(c) Localizer 


Figure 17.7 Instrument landing system 


to the crew on an dedicated display (Fig. 17.5(b)) or 
an electronic instrument (Fig. 17.5(c)). 

For aircraft operations, and in particular for TAWS, 
it is important to differentiate between elevation, 
altitude and height. Referring to Fig. 17.6, the basic 
reference point is mean sea level (MSL). Terrain 
that rises above MSL is measured as elevation. The 


(b) Glide slope 


Vertical 
guidance 


guidance 


A | Horizontal 


aircraft’s altitude is measured (normally in feet) 
above MSL, whereas the aircraft’s height is measured 
above the terrain. 

The instrument landing system is used during 
the final approach and is based on directional beams 
propagated from two transmitters at the airfield; see 
Fig. 17.7. One transmitter (the localizer) guides the 
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Figure 17.8 GPWS Mode 1: 


envelope 


aircraft in the horizontal plane. The second transmit- 
ter (the glide slope) provides guidance in the vertical 
plane and has a range of approximately 10nm. 

The attitude of an aircraft (pitch and roll) is 
sensed by gyroscopes. These sensors provide ref- 
erence outputs that are processed to develop navi- 
gation and attitude data. Larger passenger aircraft 
derive this data from an inertial reference system 
(IRS). Developments in micro-electromechanical 
systems (MEMS) technology have led to silicon 
accelerometers that are more reliable and can be 
manufactured onto an integrated circuit. MEMS is 
the integration of mechanical elements, sensors and 
electronics on a common silicon substrate through 
micro-fabrication technology. This technology is 
being introduced onto general aviation aircraft for 
attitude and heading reference systems (AHRS). 
These systems are described in more detail in Aircraft 
Navigation and Communication Systems. 


(b) 


(a) excessive descent rate profile, (b) excessive descent rate 


Key point 


Warning alerts are given for a terrain threat that 
requires immediate crew action. 


17.4 Ground proximity modes 


17.4.1 Mode 1: excessive descent rate 


Referring to Fig. 17.8, Mode 1 GPWS detects exces- 
sive sink (or descent) rate. The computer will provide 
a repeated aural alert of “SINK RATE’. This is fol- 
lowed by a repeated aural warning of ‘PULL UP’ if 
the excessive descent rate continues, together with 
illumination of the ground proximity warning light. 
Amber and red text messages consistent with the 
aural messages are given on the navigation display. 
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Figure 17.9 GPWS Mode 2 profiles: (a) excessive terrain closure rate, (b) excessive terrain 


closure rate, flaps and gear down 


The computer derives excessive descent rate alert and 
warning from the following primary inputs: 


e radio altitude 
e vertical speed 
e barometric altitude. 


There are two envelopes within the TAWS software 
algorithms. The first envelope provides the ‘SINK 
RATE’ caution, if the aircraft flight path continues 
into the second envelope, the ‘PULL UP’ warning 
is produced. Mode | is inhibited below a minimum 
height, typically 30 feet; it is also independent of air- 
craft configuration, e.g. flaps and/or undercarriage 
positions. 


17.4.2 Mode 2: excessive terrain 
closure rate 


This mode provides protection in one of two ways 
(see Fig. 17.9): excessive terrain closure rate with 
flaps not in landing position (Mode 2 A) and excessive 
terrain closure rate with flaps and gear in the landing 
position (Mode 2B). 

Entering the Mode 2A envelope (see Fig. 17.10) 
will cause the repeated “TERRAIN-TERRAIN” 
aural alert to sound. This is followed by the “PULL 
UP’ warning if the closure rate is too large. Airspeed 
schedules further refine the Mode 2A profile. 

The height of the Mode 2B envelope floor var- 
ies dependent upon barometric descent rate and air- 
speed (Fig. 17.11). The cautionary voice message is 
accompanied with an amber text message consistent 
with the aural message. If the terrain closure rate pen- 
etrates the warning zone, an aural ‘PULL UP’ voice 


message is produced together with a red text message 
consistent with the aural message. Mode 2 is inhib- 
ited below a minimum terrain clearance, typically 
30 feet. 


17.4.3 Mode 3: negative climb rate or 
altitude loss after take off or go around 


During an approach, in the landing configuration, 
Mode 3 arms when the aircraft descends below a spec- 
ified altitude as illustrated in Fig. 17.12. The mode 
becomes active if either gear or flaps are retracted. 

The cautionary alerts are ‘DON’T SINK’ or ‘TOO 
LOW TERRAIN’ (depending on what has been pro- 
grammed into the computer during installation) 
together with an amber text message consistent with 
the aural message. Mode 3 does not have a warning 
zone; it is inhibited below a minimum terrain clear- 
ance and barometric altitude. 


17.4.4 Mode 4: flight into terrain when not 
in landing configuration 


This mode is programmed in one of three ways; see 
Fig. 17.13. Mode 4A is for unsafe terrain clearance 
with flaps in the landing position, but the gear is up; 
this will initially generate a “TOO LOW TERRAIN’. 
This is followed by a ‘TOO LOW GEAR’ voice mes- 
sage with an amber text message consistent with the 
aural message. 

Alternatively, if the flaps are up and the gear is 
down (Mode 4B), the voice message ‘TOO LOW 
FLAPS’ is produced. The third condition (Mode 4C) 
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Figure 17.10 GPWS Mode 2A envelopes: (a) excessive terrain closure rate (airspeed < 220 
knots), (b) excessive terrain closure rate (airspeed > 220 knots) 


is caused by unsafe terrain clearance after take-off or 
go around; the will produce a “TOO LOW TERRAIN’ 
caution. The various envelopes associated with Mode 
4 are illustrated in Fig. 17.14. 


17.4.5 Mode 5: excessive downward 
deviation from an ILS glide slope 


Mode 5 provides protection on the glide slope in both 
hard and soft alert areas (Fig. 17.15(a)). This mode 
becomes active when the number one ILS receiver 
has a valid signal, gear is down and radio altitude is 
between the limits shown in Fig. 17.15(b). 

Descent below the glide slope (G/S) causes 
‘GLIDE SLOPE’ voice message and an amber text 
message. Mode 5 can be inhibited by selecting the 
GPWS G/S push button switch when below 1000 ft 
RA. The mode automatically reactivates for a new 
envelope penetration. 


17.4.6 Mode 6 Altitude callouts 


When the aircraft descends to 500 feet above run- 
way elevation, a voice message of “Five hundred” is 
given; there are no text messages generated with this 
Mode. Within Mode 6, some manufactures offer pre- 
determined altitude callouts, see Fig. 17.16. 

This mode can also incorporate other optional fea- 
tures such as bank angle protection, see Fig. 17.17. 


17.4.7 Mode 7 wind shear 


Additional features on larger aircraft include a wind 
shear functionality within the TAWS computer. This 
is incorporated as ground proximity Mode 7. Wind 
shear can occur in both the vertical and horizontal 
directions; this is particularly hazardous to aircraft 
during take-off and landing. Specific weather condi- 
tions known a microbursts cause short-lived, rapid 
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Figure 17.11 GPWS Mode 2B envelopes: (a) excessive terrain closure rate — flaps down 
(barometric rate < 400f.p.m.), (b) excessive terrain closure rate envelope — flaps down 
(barometric rate > 1000f.p.m.) 
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Figure 17.12 GPWS Mode 3: (a) altitude loss after take-off profile, (b) altitude loss after 
take-off envelope 
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Figure 17.13 GPWS Mode 4 profiles: (a) flight into terrain when not in landing configuration — 
gear up, (b) flight into terrain when not in landing configuration — gear down/flaps up, (c) flight 
into terrain when not in landing configuration (take-off or go-around) 


air movements from clouds towards the ground. 
When the air from the microburst reaches the ground 
it spreads in all directions, this has an effect on the 
aircraft depending on its relative position to the 
microburst. 


17.4.7.1 Microburst 


Referring to Fig. 17.18, when approaching the micro- 
burst, it creates an increase in headwind causing a tem- 
porary increase of airspeed and lift; if the pilot were 
unaware of the condition creating the increased air- 
speed; the normal reaction would be to reduce power. 


When flying through the microburst, the head- 
wind reduces and the aircraft is subjected to a 
downdraught. As the aircraft exits the microburst, 
the downdraught now becomes a tail wind, thereby 
reducing airspeed and lift. This complete sequence 
of events happens very quickly, and could lead to a 
sudden loss of airspeed and altitude. In the take-off 
and climb-out phase of flight, an aircraft is flying 
just above stall speed; wind shear is a severe threat. 
During approach and landing, engine thrust will be 
low; if a microburst is encountered, the crew will have 
to react very quickly to recognize and compensate for 
these conditions. 
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(c) 
Figure 17.14 GPWS Mode 4 envelopes: (a) flight into terrain when not in landing 


configuration — gear up, (b) flight into terrain when not in landing configuration — gear 
down/flaps up, (c) flight into terrain when not in landing configuration (take-off or go-around) 
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Figure 17.15 GPWS Mode 5: (a) excessive downward deviation from an ILS glide slope profile, 
(b) excessive downward deviation from an ILS glide slope envelope 


17.4.7.2 Doppler radar 


Modern weather radar systems are able to detect 
the horizontal movement of droplets using Doppler 
shift techniques. Doppler is usually associated with 
self-contained navigation systems. (This subject is 
described further in Aircraft Communications and 
Navigation Systems.) The Doppler effect can be sum- 
marized here as: ‘the frequency of a wave apparently 
changes as its source moves closer to, or farther away 
from an observer’. This feature allows wind shear cre- 
ated by microbursts to be detected. Referring to Fig. 
17.19, the microwave energy pulses from the antenna 
are reflected by the water droplets as in the conven- 
tional weather radar system. 

Using the Doppler shift principle, the frequency of 
energy pulse returned by droplets (B) moving towards 
the aircraft will be at a higher frequency than the 


transmitted frequency. The frequency of energy pulse 
returned by droplets moving away from the aircraft 
(A) will be at a lower frequency than the transmitted 
frequency. These Doppler shifts are used to determine 
the direction and velocity of the air movement result- 
ing from a microburst. 


17.4.7.3 Predictive wind shear 


Visual and audible warnings of predictive wind shear 
conditions are provided to the crew. The visual warn- 
ings are given on the multi-function or navigation dis- 
plays using a wind shear icon and message, together 
with warning lights on the glare shield. Audible 
warnings are provided as computer generated voice 
alerts over the cockpit speakers, typically “WIND 
SHEAR WIND SHEAR’. The system automatically 
configures itself for the phase of flight; it is normally 


Brandonoutdoors (/member/Brandonoutdoors/) 2016-11-04 Reply 


| like this "ible". I'm seeing a lot of negative comments though so | want lend my 
support to the author. 

In no way is converting radio waves into electricity stealing. | mean think about 
it. When you turn on a radio to listen to music nobody bills you for the radio 
waves. They are paid for by ads. 

With a homesteader in mind who may not live anywhere near transmission lines 
could use somthing like this at a larger scale (our planet is saturated in rf). when 
radio waves cross your property line they become yours to do with what you will 
(in my opinion). | say build (or buy) a large antenna and start experimenting with 
a larger scale. 


cloethix ((member/cloethix/) 2016-08-02 Reply 


good project 


rah187 (/member/rah187/) 2016-07-22 Reply 


Cool project! | have favorited this instructable and it is possible that | will 
eventually construct it. This circuit is actually very simaller to a few others | have 
seen on the internet, all of which produce around three volts. | have even seen 
people use crystal radio sets to generate electricity for LEDs. Of course, there 
are limitations to this setup, including the very low current and the fact that 
making this unit much larger than it already is may be considered illegal. The 
truth is, nobody would probably care about one device running off of the RF, 
seeing as seemingly innoccuous grounded objects such as flagpoles can also 
"steal" radio waves. However, | am glad | read through the comments before 
making a gigantic fractal antennae and getting myself in trouble. 


lIhamiA1 (/member/%C4%BOlhamiA1/) 2016-07-18 Reply 


Lolz its ??? Nano amperes and 0.06 v 


DrewPaulDesigns (/member/DrewPaulDesigns/) > llhamiA1 
(/member/%C4%BOlhamiA1/) 2016-07-18 Reply 


Eureka! You got it working! You now have proof of concept. Now it's time 
to increase your current. 


First, try extending the antennae all the way to the highest point you can 
find (try your roof). Then connect a ground lead to the junction between 
your output terminals (between the two electrolytic caps in series) and run 
that to a piece of steel rod pressed into the dirt. 


Once that is complete, you can optimize it even further! Now, with your 
antennae and ground set up start wiring in more circuits. Wire them in 
series, parallel or both according to your needs. Put all of the components 
on the same circuit board for a supersized version. 


Thanks for checking out my ‘ible! | hope this helps! 


unbottled19208306 (/member/unbottled19208306/) 2016-07-10 Reply 


When you say the 2 12 and 6 matched caps, do you mean 12 and 6 volt caps”? 
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Figure 17.16 GPWS Mode 6 altitude callouts 
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increase of airspeed and lift. 


17.5 Forward-looking terrain 
avoidance (FLTA) 
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When approaching a microburst, it creates an 
increase in headwind, causing a temporary 


Figure 17.17 GPWS Mode 6 bank angle 


inhibited below 50 feet radio altitude during take-off 
and landing. During an approach, Mode 7 is activated 
below 2500 feet radio altitude and has typical enve- 


lope incorporated as illustrated in Fig. 17.20. 


This TAWS feature uses aircraft position, altitude and 
flight path information together with details of ter- 
rain, obstacles and known runways in the database. 
Referring to Fig. 17.21, the system provides an enve- 
lope of protection by comparing the flight path with 
the details contained in the database. There are two 
look-ahead distance features; these are functions 
of terrain clearance floor height and ground speed. 
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Figure 17.18 Microbursts 


Referring to Fig. 17.21, alert areas are projected 


along the flight path in three levels: When a runway has been selected in the naviga- 


tion system, a terrain clearance profile comes into 
o warning effect as shown in Fig. 17.22. This profile take into 
e alert account distance to the runway and height above 
e caution. ground level. 
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Figure 17.19 Doppler radar 
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(b) 
Figure 17.20 GPWS Mode 7: (a) wind sheer detection profile, (6) wind sheer detection envelope 
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Figure 17.22 FLTA flight path 


17.6 Rotorcraft TAWS 


Rotorcraft, or helicopters, require additional TAWS 
considerations as result of their unique flying char- 
acteristics and operational roles. In addition to the 
functions already described, systems installed into 
rotorcraft need to include: 


e excessive bank angle protection 
e tail strike protection 
e autorotation. 


Look-ahead distance 1: function of aircraft ground speed 
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Rotorcraft autorotation: (a) normal powered flight, (b) autorotation 
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During autorotation, the relative upward airflow 
causes the main rotor blades to rotate at their nor- 
mal speed; the blades are ‘gliding’ in their rotational 
plane, see Fig. 17.23. Autorotation facilitates a con- 
trolled descent through to an emergency landing in 
case of power plant failure; this flight regime has to 
be recognized by TAWS. 

Many national aviation authorities including 
the FAA and CAA recommend the use of TAWS in 
helicopters performing specialized roles, e.g. emer- 
gency medical services and oil-pipe inspections these 
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Figure 17.23 FLIA runway 
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Figure 17.24 TAWS architecture 


often involve low-level operations at night or in low 
visibility. 


17.7 Architecture and configurations 


Typical Class A system architecture is illustrated 
in Fig. 17.24. Larger aircraft require TAWS Class 
A, smaller aircraft require TAWS Class B; this is 
reflected in the complexity (hence cost) of the hard- 
ware and certification requirements. The various 
TAWS configurations also take into account the type 
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of interfaces that TAWS requires, e.g. whether the 
existing aircraft sensors are digital or analogue. 

Smaller general aviation aircraft are adopting a 
simple terrain only feature. This is normally a sub- 
feature of a GPS navigation system, referred to as 
Class C TAWS. Typical features include: 


terrain data base 

terrain elevations relative to the aircraft 
visual alerting 

reduced terrain clearance avoidance 
imminent terrain impact avoidance 
premature descent alert. 
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17.8 Future developments 


TAWS is specified in transport category aircraft as a 
result of mandatory rulemaking. Two main categories 
of general aviation (GA) aircraft are not included in 
these rules, however: non-turbine, fixed-wing aircraft 
(particularly privately owned aircraft), and rotorcraft. 
Both of these categories fall under the voluntary Class 
C TAWS arrangement. Although there are no firm 
indications of general aviation’s adoption of Class C 
TAWS equipment, the functionality is often included 
within existing equipment, and many aircraft owners 
would prefer some level of protection. 

Some manufactures are developing an assisted 
recovery concept, where the aircraft’s automatic 
flight control system automatically performs the pull- 
up manoeuvre following a TAWS alert. The system 
could also steer the aircraft away from prohibited air- 
space for security purposes. 

Performance-based systems are being developed that 
utilize data from an active aircraft database that stores 
the aircraft’s performance characteristics under varying 
conditions of engine thrust, aircraft weight, altitude, 
temperature and other inputs. When a TAWS ‘PULLI 
UP” warning is given, the system determines if the air- 
craft can actually climb at the required rate to avoid 
impacting the terrain ahead. If the system predicts 
that this is not possible, the crew receive an ‘AVOID 
TERRAIN’ command, and the system indicates an 
alternate manoeuvre to fly the aircraft into safer areas. 

To minimize nuisance warnings, the system lim- 
its its look-ahead terrain search profile to a narrow 
sector either side of the aircraft’s projected track. 
Terrain advisory lines are indicated on a wider scan 
either side of the projected track to visually alert the 
crew of potential obstructions. When a terrain avoid- 
ance manoeuvre is initiated, the system switches to a 
wider scanning sector and anticipates the rate of turn 
while searching the terrain ahead on a from the origi- 
nal track. Terrain that the aircraft can safely climb 
over is then depicted with appropriate graphics on the 
navigation display. 

The ground collision avoidance module (GCAM) 
is a predictive alerting technique derived from a ter- 
rain-following/terrain-avoidance system used by mili- 
tary aircraft. GCAM uses a collision prediction and 
alerting (CPA) function that combines terrain and 
airport databases with a Model of the aircraft’s climb 
capability. The CPA function predicts potential terrain 
conflicts from the terrain environment and the air- 
craft’s predicted flight path. 


Aircraft electrical and electronic systems 


The former correlates precise aircraft position 
information from the GPS and/or other naviga- 
tion sources with the digital database. The flight 
path prediction uses current aircraft flight path data 
to project the flight path more than 2 minutes ahead 
of the aircraft, and provides visual cautions up to 
4minutes ahead. Alerts are generated when the CPA 
system predicts the flight path could intersect the ter- 
rain, providing terrain avoidance rather than just a 
warning. 


17.9 Multiple choice questions 


1. A terrain awareness display is only required for: 
(a) Class A TAWS 
(b) Class-B TAWS 
(c) GPWS. 


2. Mode 1 terrain awareness cautions are given for: 
(a) negative climb rate or altitude loss after 
take-off 
(b) excessive descent rate 
(c) altitude callout at 500 feet. 


3. When approaching a microburst, it creates: 
(a) a decrease in headwind causing a temporary 
increase of airspeed and lift 
(b) an increase in headwind causing a temporary 
decrease of airspeed and lift 
(c) an increase in headwind causing a temporary 
increase of airspeed and lift. 


4. Warning alerts are given for a terrain threat that 
requires: 
(a) immediate crew awareness 
(b) confirmation with air traffic control 
(c) immediate crew action. 


5. Forward-looking terrain avoidance (FLTA) 

looks: 

(a) ahead of and below the aircraft’s lateral and 
vertical flight path 

(b) ahead of and above the aircraft’s lateral and 
vertical flight path 

(c) either side of and below the aircraft’s lateral 
and vertical flight path. 


6. Premature descent alert compares the aircraft’s: 
(a) ground speed with the proximity of the 
nearest airport 


Terrain awareness warning system 


(b) lateral and vertical position with the 
proximity of the nearest airport 

(c) lateral and vertical position with the 
proximity of high terrain. 


7. Red areas are used on TAWS displays to indicate 
terrain that 1s: 
(a) above the aircraft’s current altitude 
(b) level with the aircraft’s current altitude 
(c) safe in terms of required terrain clearance. 


8. The low range radio altimeter (LRRA) is a: 
(a) self-contained vertically directed primary 
radar system 
(b) self-contained horizontally directed primary 
radar system 
(c) self-contained vertically directed secondary 
radar system. 


9. Mode 7 (wind shear) is normally inhibited: 
(a) above 50 feet radio altitude during take-off 
and landing 
(b) below 50 feet radio altitude during take-off 
and landing 
(c) during take-off and landing. 


10. The TAWS computer function creates a four- 
dimensional situation comprising: 
(a) latitude, longitude, heading and time 
(b) latitude, speed, altitude and time 
(c) latitude, longitude, altitude and time. 


11. Referring to Fig.17.25, this illustrates a: 
(a) FLTA profile 
(b) GPWS Mode 2 profile 
(c) GPWS Mode 1 profile. 


12. Referring to Fig. 17.26, this illustrates a: 
(a) GPWS Mode 6 caution 
(b) GPWS Mode 3 caution 
(c) GPWS Mode 1 warning. 


13. Referring to Fig.17.27, this is the warning 
envelope for: 
(a) GPWS Mode 5 
(b) GPWS Mode 2 
(c) GPWS Mode 1. 
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Figure 17.27b See Question 13 


14. GPWS Mode 3 is defined as: 15. Flight into terrain whilst not in the landing 
(a) Excessive terrain closure rate configuration is GPWS Mode: 
(b) Negative climb rate, or altitude loss after take (a) one 
off or go around (b) three 


(c) excessive descent below the glide slope (c) four 


Chapter Flight data and cockpit voice 


18 recorders 


One of the fundamental electrical/electronic systems 
associated with the aircraft industry is the crash- 
survivable flight data recorder (FDR). This is often 
referred to in the press as the ‘black box’, even though 
the item is painted bright orange! Flight data recorders 
used for accident investigation are mandatory items of 
equipment in commercial transport aircraft. Efforts to 
introduce crash-survivable flight data recorders can 
be traced back to the 1940s; the FDR has now been 
supplemented with the cockpit voice recorder (CVR). 
Recorders are used after an incident or accident as an 
integral part of the investigators’ efforts to establish 
the cause(s). 

Data recorders can also be used to indicate trends 
in aircraft and engine performance. Algorithms are 
established for healthy and normal conditions during 
the aircraft’s flight-testing programme and the early 
period of service. These algorithms include engine 
parameters such as engine exhaust temperature, oil 
pressure and shaft vibration for given speeds and alti- 
tudes. These parameters are then monitored during the 
aircraft’s life; any deviations from the norm are ana- 
lysed to determine if the engine requires inspection, 
maintenance or removal. This chapter reviews the 
range of FDR/CVR technologies that are employed 
for both accident investigation and trend monitoring. 


18.1 Flight data recorder history 


A series of fatal accidents involving the De Havilland 
DH106 Comet in 1953 and 1954 led to the ground- 
ing of the entire Comet fleet pending an investiga- 
tion. There were no survivors or witnesses to these 
accidents and an exhaustive investigation at the Royal 
Aircraft Establishment at Farnborough, UK, even- 
tually concluded that metal fatigue was the primary 
cause of the accidents. One of the ideas that came out 
of these investigations was for the development of a 
crash-survivable device to record the flight crew’s 
conversations and other aircraft data. Doctor David 
Warren of the Aeronautical Research Laboratories of 


Melbourne, Australia, was on one of the investigation 
committees; he concluded that such recorders would 
be of tremendous benefit in determining the likely 
cause(s) of an accident. The idea was that design 
improvements and/or operating procedures would 
be introduced to eliminate avoidable accidents from 
the same cause. The proposed recorder would have 
to survive both the high g forces and the potential 
fire resulting from an aircraft crash; the technology 
required for such a device did not become available 
until 1958. 


Key point 


Flight data recorders (FDR) are often referred to in 
the press as the ‘black box’, even though the item is 
painted bright orange. 


Test your understanding 18.1 


Describe how data recorders can also be used to 
indicate trends in aircraft and engine performance. 


18.1.1 Scratch foil 


The technology used in first-generation flight data 
recorders was based on a roll of steel foil tape 
embossed with five separate items of recorded data 
(parameters), see Fig. 18.1; these parameters were: 


e heading 

altitude 

air speed 

vertical acceleration 
time. 


The foil is made from a high nickel content steel; sev- 
eral hundred feet of foil, approximately 125mm wide, 
is rolled onto a spool. When the recorder is switched 
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on, the foil is transferred from a feed spool onto the 
take-up spool after passing under five recording needles 
(hardened or diamond-tipped styli) that move across 
the foil in response to their respective inputs. With the 
foil tape removed from the recorder, the various traces 
(Fig. 18.2) are compared with a transparent overlay 
with markings to measure the recorded parameters. 

This early ‘scratched-foil’ technology gave the 
investigators more data than had been previously avail- 
able; however, it was soon realized that five parameters 
did not provide sufficient data for meaningful accident 
investigation. 


18.1.2 Magnetic recording 


Second-generation recorders were introduced onto 
aircraft during the 1960s based on one of two record- 
ing media; steel wire or magnetic tape. When the 
recorder is switched on, the wire is transferred onto 
another drum after passing over record/replay heads. 
Steel wire recording technology was used by the teleg- 
raphy industry from the late 1890s; it was subsequently 


Movement of stylus arm 


Stylus 


—> Movement of foil 


Recorded 
data 


Feed-spool Take-up spool 
Figure 18.1 Scratched foil recorder 
principles 


1 hour mark 1 minute mark 


Figure 18.2 Scratched foil recorded data 
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developed for other industrial applications and home 
entertainment until the introduction of magnetic tape 
recorders in the late 1940s. Even with very fine diam- 
eter of approximately 100 micrometers, steel wire is 
intrinsically more crash-survivable than magnetic 
tape, and this medium was used for recording ana- 
logue data from the 1950s through to the 1970s. Wire 
recorders have a high media density; this is made 
possible by the solid metal medium and relatively 
fast speed (typically 24 inches per second) over the 
record/replay heads. One hour of recorded data could 
be achieved with approximately 7000 feet of wire 
wound onto a three-inch-diameter drum. 

The technology required to protect magnetic wire 
or tape was eventually developed; the first applica- 
tion of magnetic tape recorders was to record the last 
thirty minutes of crew voice communications and noise 
within the flight compartment environment. The cock- 
pit voice recorder (CVR) required substantial packag- 
ing to enable it to be crash-survivable. This magnetic 
tape technology (recording data in a digital format) 
was then applied to FDR applications. This third- 
generation FDR facilitated the recording of many more 
flight parameters from the airframe and engines while 
meeting higher crash and fire protection requirements. 
Inside the write head is a small coil; when voltages are 
applied to the coil, an electromagnetic field is created; 
particles in the wire or tape are aligned on a micro- 
level with the field as it passes over the head. 

To analyse electromagnetic recorded tape, an elec- 
tronic process is required such that digitally coded data 
can be converted back (decoded) into its analogue form 
required for presentation and/or display purposes. To 
read the data stored on the wire/tape, it 1s passed over 
a reading head; this is similar in physical construction to 
the writing head. As each section of wire or tape passes 
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over the head, the particles are aligned in specific direc- 
tions, inducing small voltages into the coil. The polarity 
of the voltages indicates whether a binary one or zero 1s 
stored. The voltage signals are processed electronically 
to produce analogue signals for use in displays or charts. 


18.1.3 Solid state data recorders 


Solid-state digital flight data recorder (DFDR) tech- 
nology became commercially viable in the 1990s. 
Data is stored in semiconductor memory via inte- 
grated circuits. Solid-state memory does not require 
any servicing, maintenance or overhaul. Furthermore, 
retrieval and interpretation of the data via personal 
computer-based software is a more efficient process. 

Recorders are now also used for reasons other than 
accident investigation, e.g. to indicate trends in aircraft 
and engine performance. Algorithms are established for 
healthy conditions during the aircraft’s flight-testing pro- 
gramme and the early period of service; these include 
engine parameters such as oil temperature, oil pressure 
and shaft vibration for given speeds and altitudes. These 
parameters are then monitored during the aircraft’s life 
and any deviations from the norm are analysed to deter- 
mine if the engine requires inspection, maintenance or 
removal. Low-cost, high-performance, rugged solu- 
tions are required for the processing and data recording. 
Equipment such as the S3DR product range developed 
by Specialist Electronics Services (SES) Ltd has many 
applications in the aerospace and defence industry. The 
S3DR product range developed and fielded by SES is 
designed with flexibility and expandability in mind. 

The S3DR-F is a panel-mounted data recorder pro- 
viding a recording solution where space and mass 
are at a premium. It is specified where access to the 
removable media is required from within the flight 
compartment. The unit features a high-speed recording 
function that is able to write data to a removable solid 
state memory module from multiple monitored inter- 
faces at speeds up to 35 Mbits per second (MBPS). 
Memory modules are available in many sizes up to 
16GBytes. A Pentium® compatible processor, allow- 
ing application specific data gathering regimes to be 
accommodated, provides processing functions. 

The Solid State Data Recorder-Expandable (S3DR-E) 
is a high-speed, high-capacity expandable data recorder 
with extensive data acquisition and communications 
flexibility. The recorder is built from the concept of 
multiple recording, data acquisition and communica- 
tion modules that are assembled together to provide a 
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system that meets the specific bespoke requirements of 
a customer application. 

The recorder contains a master processor mod- 
ule which provides control and configuration of any 
other modules contained in the system. This master 
processor provides a high-performance general pur- 
pose processor that controls all other data acquisition, 
recording and communication modules. The proces- 
sor module also provides multiple high-speed USB 
2.0, Giga Ethernet and VGA interfaces. 

The baseline S3DR-E recorder is built from a mas- 
ter processor combined with a recording module and 
an integrated power supply. Alternative recorder con- 
figurations can be built from any combination of up to 
seven data acquisition, communications and recording 
modules. Each recording module can be built from 
either a dual PCMCIA recorder with a dedicated I/O 
processor, or a high-capacity (100 byte), high-speed 
(up to 480 MBPS) dedicated recording module. 


18.2 Mandatory equipment 
requirements 


In the late 1960s, the UK Civil Aviation Authority 
(CAA) stipulated a need for additional parameters to 
be recorded; FDRs using scratched foil were devel- 
oped to mark both sides of the foil. This allowed for 
the recording of additional parameters, e.g. pitch, roll 
and flap position. Although this provided additional 
information for the accident investigator, 1t increased 
the complexity of the recorder resulting in lower reli- 
ability. Furthermore, the additional information con- 
tained on the scratch-foil was becoming harder to read 
and required high skill levels to interpret the data. 
Larger, more complex aircraft were introduced in 
the 1960/70s. These aircraft were flying faster, higher 
and farther than had been previously possible. They 
had reduced flight crew; the navigator and wireless 
operators were being replaced by computerized (albeit 
analogue) avionics bringing reduced operating costs. 
High-density passenger operations, reduced flight 
crew and longer flights were becoming the norm. This 
created new problems for the accident investigators; 
more data was required to identify the probable cause 
of an accident. Flight data acquisition units (FDAU) 
were introduced to provide an interface between air- 
craft systems and the FDR. The FDAU collects, or 
acquires, a variety of analogue signals from around the 
aircraft, converts them into a single digital data stream 
to the recorder. In the late 1970s and early 1980s the 
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digital flight data recorder (DFDR) could record 32 
parameters for a 25 hour period. (This represented the 
round-trip time between cities in the USA, Europe and 
Asia.) 


Key point 


The FDAU collects, or acquires, a variety of ana- 
logue signals and converts them into a digital data 
stream to the recorder. 


The specific parameters to be recorded are stipulated 
by the regulatory authorities. In Europe, commercial 
air transport (fixed wing and rotary wing) aircraft 
are regulated under JAR OPS 1 and 3 respectively. 
For flight data recorders, these regulations take into 
account when the aircraft was first issued with an 
individual Certificate of Airworthiness. Aircraft oper- 
ating under JAR OPS 1 are required to install a dig- 
ital flight data recorder (DFDR). The DFDR has to 
be able to retain the recorded data for a minimum of 
the last 25 hours of its operation (10 hours for aircraft 
below 5700 kg maximum take of mass). The flight data 
recorder must start to record data automatically prior 
to the aircraft being capable of moving under its own 
power. The recorder must stop automatically after the 
aircraft is incapable of moving under its own power. 
The flight data recorder must have a device to assist 
with locating that recorder if it is submerged in water. 

The mandatory parameters required for an aircraft 
depend on the size of the aircraft and the prevailing 
regulatory rules applied to that aircraft. The manda- 
tory parameters required for multi-engine turbine pow- 
ered with maximum approved seating configuration 
for more than nine passengers and maximum take-off 
mass under 27,000kg are shown in Table 18.1. (Note 
that all parameters must be referenced to a timescale 
or relative time count.) 

For aircraft over 27,000 kg maximum take-off mass, 
additional mandatory requirements are required; these 
are listed in Table 18.2. Aircraft with an electronic 
flight instrument system (EFIS) are required to have 
the additional parameters listed in Table 18.3. 

Electronic flight instrument system (EFIS) tech- 
nology was introduced during the 1980s based on the 
cathode ray tube (CRT); the established technology is 
now liquid crystal displays (LCD). The attitude direc- 
tor indicator (ADI) and horizontal situation indicator 
(HSI) are included within a basic EFIS installation; 
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Table 18.1 
parameters 


JAR OPS 1 mandatory FDR 


Time or relative time count 

Pressure altitude 

Indicated airspeed 

Heading 

Normal acceleration 

Pitch attitude 

Roll attitude 

Manual radio transmission keying 

Propulsive thrust/power on each engine and 

thrust/power lever position (if applicable) 

Trailing edge flap or cockpit control selection 

Leading edge flap or cockpit control selection 

Thrust reverser status 

Ground spoiler position and/or speed brake 

selection 

e Total or outside air temperature 

e Autopilot and autothrottle mode and 
engagement status 

e Longitudinal acceleration (body axis) 

e Lateral acceleration! 

e Angle of attack? 


'Tateral acceleration on aircraft with 5700kg maximum 
take-off mass. 

Angle of attack on aircraft with less than 5700 kg maxi- 
mum take-off mass. 


other indications and displays are incorporated 
through various configurations. 

There are some exceptions to the above allowed 
under JAR OPS 1, that have to be agreed and author- 
ized, e.g. if the required transducer is not available; 
or if the aircraft system or equipment producing the 
data needs to be modified; or if the signals are incom- 
patible with the recording system. It is a fundamental 
requirement that the parameters being recorded are 
obtained from sources that enable accurate correla- 
tion with the information displayed to the flight crew. 

Helicopters used for commercial transportation (with 
maximum certificated take-off mass over 3175 kg) also 
require a flight data recorder. This must be capable 
of recording data during at least the last eight hours 
of its operation; mandatory parameters are shown in 
Table 18.4. Helicopters over 7000 kg require the addi- 
tional parameters shown in Table 18.5. 
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Table 18.2 JAR OPS 1 Mandatory FDR 
parameters (aircraft over 27,000 kg) 


e Primary flight controls — control surface 
position and/or pilot input (pitch, roll, yaw) 

e Pitch trim position 

e Radio altitude 

e Vertical beam deviation (ILS glide path or MLS 
elevation)! 

e Horizontal beam deviation (coupled 
approaches: ILS localizer or MLS azimuth) 

e Marker beacon passage 

e Warnings (specified on the aircraft installation) 

e Optional navigation receiver frequency 
selection 

e Optional DME? distance 

e Landing gear squat switch status or air/ground 
status 

e Terrain awareness warning system (TAWS) 

e Angle of attack 

e Low pressure warning (hydraulic and 
pneumatic power) 

e Groundspeed 

e Landing gear or gear selector position 


Instrument landing and microwave landing systems 
(ILS and MLS) are used for precision approach and 
landing. 

“Distance measurement equipment (DME) is a short/me- 
dium-range navigation system based on secondary radar 
principles. (These systems are described in a related book 
in the series: Aircraft Communications and Navigation 
Systems.) 


Table 18.3 Additional parameters for aircraft 
with electronic instruments 


Selected barometric setting 

Selected altitude 

Selected speed 

Selected mach 

Selected vertical speed 

Selected heading 

Selected flight path 

Selected decision height 

EFIS display format 

Multi function/engine/alerts display format 
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Table 18.4 Mandatory FDR parameters for 
commercial transport helicopters (less than 
7000 kg) 


Time or relative time count 
Pressure altitude 

Indicated airspeed 

Heading 

Normal acceleration 

Pitch attitude 

Roll attitude 

Manual radio transmission keying 
Power on each engine 

Engine power control position 
Main rotor speed 

Rotor brake (if installed) 
Primary flight controls 
Collective pitch 

Longitudinal cyclic pitch 
Lateral cyclic pitch 

Tail rotor pedal 

Controllable stabilator 
Hydraulic selection 

Warnings 

Outside air temperature 
Autopilot engagement status 
Stability augmentation system engagement 


Table 18.5 Additional 
helicopters over 7000 kg 


parameters for 


Main gear box oil pressure 

Main gear box oil temperature 

Yaw rate or yaw acceleration 

Indicated sling load force (if installed) 
Longitudinal acceleration (body axis) 

Lateral acceleration 

Radio altitude 

Vertical beam deviation (ILS glide path or MLS 
elevation) 

Horizontal beam deviation (ILS localizer or 
MLS azimuth) 

Marker beacon passage 

Warnings 

Optional navigation receiver frequency selection 
Optional DME distance 

Optional navigation data 

Landing gear or gear selector position 
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Key point 


The flight data recorder must stop automatically 
after the aircraft is incapable of moving under its 
own power. 


Key point 


Parameters being recorded are obtained from 
sources that are accurately correlated with the infor- 
mation displayed to the flight crew. 


18.3 Flight data recorder (FDR) 
specifications 


Initial FDR technology required that the unit be able 
to withstand 100 g of impact; the equipment was often 
installed alongside other equipment in the avionics bay. 
As more experience was gathered in the operational 
use of FDRs, the impact requirements were increased 
to 1000 g. It was also learned through experience that 
the optimum location for the recorder was at the rear 
of the aircraft. This rational is based on the statistical 
probability that, following initial impact, the rear struc- 
ture of the aircraft will remain intact. When the front of 
the aircraft is crushed, it effectively reduces the shock 
impact that reaches the rear of the aircraft. Evidence 
from aircraft accidents shows that the rear fuselage and 
empennage are most likely to survive intact and there- 
fore provide the optimum location for the recorder. It 
is imperative that, in the event of an accident, the data 
recorder be located as swiftly as possible. For this rea- 
son they are painted bright orange and are fitted with 
an underwater location transmitter, see Fig. 18.3. 


Key point 


The underwater location transmitter is sometimes 
called an underwater locator beacon (ULB). 


To ensure survivability of a flight data recorder, mod- 
ern products are typically double-wrapped in strong 
corrosion-resistant stainless steel or titanium, with 
high-temperature insulation. The crash-survivable 
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Figure 18.3 Underwater location transmitter 


Figure 18.4 Crash-proof recorder 


portion of the recorder (see Fig. 18.4) is designed and 
tested for a variety of severe conditions derived from 
aircraft crash data; the most significant requirements 
being: 


Crash impact: 3400 g deceleration for 6.5 ms. 


Crushing: 5000 pounds pressure applied 
against all six sides of the 
recorder 

Piercing: 500 pounds mass with a hardened 
steel pin dropped from ten feet 

Fire: 1100°C for 60 minutes 

Water: 20,000 ft (submerged) 
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Figure 18.5 Crash-proof recorder tape drive 


These are specific requirements for the crash-survivable 
section of the recorder. This part of the recorder fully 
encloses the tape and transport mechanism (Fig. 18.5); 
the drive motor is contained externally. Generic require- 
ments for the entire product include resistance to a 
number of environmental conditions including: 


e hydraulic fluids 
e fuel de-icing fluids 
e fire extinguishing agents etc. 


Key point 


The mandatory parameters required for an aircraft 
DFDR depend on the size of the aircraft and the 
prevailing regulatory rules applied to the operation 
of that aircraft. 


18.3.1 Recording tape 


Typical DFDR recording tape is 0.25in. wide made 
of Kapton or Mylar; these are the trade names for 
self-lubricating polyamide films which can remain 
stable in a wide range of temperatures from —269°C 
to +400°C. Up to 500 feet of tape is arranged by 
eight bi-directional tracks with sequential switching. 
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The tape is transferred from one reel to another by a 
motor-driven belt, and transported over the write/read 
heads. The motor is a reversible stepper motor, located 
outside of the crash-survivable enclosure rotating at a 
nominal rate of 700 steps per second. Odd-numbered 
tracks are used when the tape is travelling in the nom- 
inal forward direction; even-numbered tracks are used 
in the reverse direction, see Fig. 18.5. When an entire 
track has been used, the direction of travel is switched 
and the next track utilized. At the end of recording 
on track eight, the recording will be switched back 
to track one, and old data is thereby overwritten. The 
tape travels at speeds up to five inches per second 
on an incremental basis when data is being written, 
or five inches per second continuously when data is 
being read. Beginning of tape (BOT) and end of tape 
(EOT) sensors are used to reverse the direction of 
travel and switch to the next track. 


Key point 


The DFDR on large aircraft has to be able to retain 
the recorded data for a minimum of the last 25 
hours of its operation. 
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Test your understanding 18.2 


What are the five significant requirements that a 
crash-survivable recorder has to withstand? 


Two four-channel write/read heads are used for 
recording and playback from the tape. One head is 
enabled when the tape moves in one direction, and 
writes the odd numbered tracks. When the tape direc- 
tion is reversed, the other write/read is enabled and 
writes to the even numbered tracks. Data is written 
at a rate of 11.4 kilo bits per second (kbps). Before 
writing new data, the old data are removed on the 
engaged track by dedicated erase heads. 


18.3.2 Data acquisition 


Modern flight data recorders are based on digital 
technology to enable more parameters to be recorded. 
Digital flight data recorders (DFDR) installed on 
aircraft equipped with a distributed digital data bus 
(Fig. 18.6) are integrated as one of the many avionic 
systems. 

There are many aircraft, however, that have lim- 
ited or no digital equipment. Depending on the size 
and category of aircraft, e.g. if it is used for public 
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transport, it still has to have a DFDR. The DFDR will 
be used for recording both mandatory and domestic 
parameters. The latter is used for the benefit of the 
operator; it might only have a 30 minute duration, suf- 
ficient for monitoring specific systems, e.g. to evalu- 
ate the performance of engines or automatic landings. 
This type of data is often recorded on a cassette 
termed a quick access recorder (QAR); the QAR is 
removed at the convenience of the operator and infor- 
mation is analysed via customized software packages. 

Assuming that the aircraft has limited digital capa- 
bility, parameters required for both mandatory and 
domestic recording are gathered in analogue form and 
converted into digital form via an aircraft integrated 
data system (AIDS). This system also allows the dig- 
ital information to be retrieved and formatted for ana- 
logue purposes, e.g. for display on a monitor or printed 
on a chart; Fig. 18.7 illustrates a typical system. 

The acquisition units sample the data to be recorded 
and converts them into digital form suitable for record- 
ing. The logic unit also inhibits the recording (REC) 
function until the aircraft is capable of moving under 
its own power; this switch is controlled by one of many 
possible options, e.g. when ground power is removed, 
when an alternator comes on line or when ground 
speed increases over a specified value. The TEST 
switch allows the system to be tested on the ground by 
overriding the REC logic. 
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Test your understanding 18.3 


What is the purpose of a QAR? 


The DFDR control display panel is used to enter the 
aircraft flight number (or some other identification, 
weight, date etc. Once the system is in operation, spe- 
cific parameters being recorded can be displayed on 
the panel. The control panel often has a push-button 
momentary switch that 1s used to mark a particular 
event. (Pushing the event button puts a discrete signal 
on the recording to highlight the timing of the event.) 


18.3.3 Digital data recording formats 


Typical data output to the DFDR comprises a con- 
tinuous stream of digital data formed into frames, see 
Fig. 18.8. Each frame 1s divided into four sub-frames, 
typically of one-second duration each; the sub-frame 
is formed by 64 12-bit words. 

The first word in each sub-frame is a synchronizing 
word; the other three contain data. Each word contains 
12 bits of digital information; the total number of bits 
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in a sub-frame is therefore 768. Various formats are 
used to form the digital bits of logic one and logic 
zero, see Fig. 18.9. These formats include: 


e non-return-to-zero (NRZ) 
e bipolar-return-to-zero return-to-zero (RZ) 
e Harvard bi-phase format. 


Non-return-to-zero (NRZ) logic one is formed by a 
5V DC level; logic zero is indicated by 0V DC. The 
two logic levels are therefore represented by one of 
two significant conditions, with no other neutral or 
rest condition. A clock waveform is required to dis- 
tinguish between bits. Two wires are used to carry 
the signal, together with a third wire for a clock 
reference. 

Bipolar-return-to-zero return-to-zero (RZ) 
describes a code in which the signal drops (returns) 
to zero between each pulse. This takes place even 1f 
a number of consecutive logic zeros or ones occur 
in the signal. Logic one is indicated by a 0.5V DC 
level, and logic zero by a +0.5V DC level. The signal 
returns to 0V DC in the second half of each bit. The 
signal is self-clocking; therefore separate clock pulses 
are not required alongside the signal. 

In the Harvard bi-phase format, each bit changes 
state at its trailing edge; either from high to zero or 
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One frame, 4 seconds duration 
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Figure 18.8 Digital data formed into frames 


zero to high independently of its value. A logic one is 
indicated by a mid-bit change of state; a logic zero is 
indicated by no mid-bit change of state. 

The 64th word of 16 consecutive frames are com- 
bined into a super-frame. These words are formed 
in binary coded decimal (BCD) format; each word 
comprises four bits, used to represent the denary 


numbers zero to nine, see Table 18.6. This illustrates 
how binary numbers and then BCD represent the 
denary (or decimal) numbers 0-20. 

The advantage of BCD is that 1t allows conversion 
to decimal digits for printing or display and faster 
decimal calculations. This is particularly useful where 
a numeric value is to be displayed, e.g. recording 
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Figure 18.9 Digital bits of logic one and logic zero 


systems consisting solely of digital logic. 
Manipulation of numerical data for the recording 
readout can be simplified by treating each digit as a 
separate single sub-circuit. This matches the physi- 
cal reality of data displayed to the pilot and recorded 
data. The disadvantage of BCD is the complexity of 
circuits needed to implement mathematical opera- 
tions; BCD is a relatively inefficient technique for 
encoding, 1.e. it occupies more memory than a binary 
representation. 


Test your understanding 18.4 


How would the following denary numbers be repre- 
sented in BCD: 27, 3, 1954? 


The data transmitted by these super-frames includes 
frame count, error codes and voltage levels used in 
the calibration of analogue signals. The DFDR con- 
tinuously verifies the data integrity from the tape; this 
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Table 18.6 Binary coded decimal (BCD) 


Decimal Binary Binary coded decimal 
A B 
0 00000 0000 0000 
l 00001 0000 0001 
2 00010 0000 0010 
3 00011 0000 0011 
4 00100 0000 0100 
5 00101 0000 0101 
6 00110 0000 0110 
7 00111 0000 0111 
8 01000 0000 1000 
9 01001 0000 1001 
10 01010 0001 0000 
11 01011 0001 0001 
12 01100 0001 0010 
13 01101 0001 0011 
14 01110 0001 0100 
15 01111 0001 0101 
16 10000 0001 0110 
17 10001 0001 0111 
18 10010 0001 1000 
19 10011 0001 1001 
20 10100 0010 0000 


is accomplished by backing up the tape after a write 
operation and then reading the data. 

A typical DFDR receives data from an acquisition 
unit in Harvard bi-phase code. This data is then pro- 
cessed and stored in solid-state non-volatile memory 
(NVM). The data is received at the interface card 
and is transferred to the power supply card. Arinc 
573 data transmitters and receivers interface with a 
compression/storage acquisition processor; this proc- 
essor stores the data in a buffer memory before send- 
ing it to a flash memory unit in the crash-survivable 
portion of the recorder (Fig. 18.10). 

The compression/storage acquisition processor also 
monitors the system for faults via built in test rou- 
tines. If any of these tests should fail, appropriate 
warning lights or LEDs are illuminated on the front 
of the unit. 
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18.4 Cockpit voice recorders 


Commercial aircraft are required to carry a cockpit 
voice recorder (CVR). This unit captures and stores 
information derived from a number of the aircraft’s 
audio channels that may later become invaluable in 
the event of a crash or serious incident. The CVR 
can provide valuable information that can later be 
analysed. The voice recorder preserves a continuing 
record of typically between 30 to 120 minutes of the 
most recent flight crew communications and conver- 
sations. The storage medium used with the CVR fit- 
ted to modern aircraft is usually based on one or more 
solid state memory devices whereas, on older aircraft, 
the CVR is usually based on a continuous loop of 
magnetic tape. The CVR storage unit must be recov- 
erable in the event of an accident. This means that 
the storage media must be mounted in an enclosure 
that can withstand severe mechanical and thermal 
shock as well as the high pressure that exists when 
immersed in deep water. 

The CVR control panel is usually fitted with a test 
switch, headphone jack and status light; the recorder 
itself is fitted with an underwater locator beacon (ULB) 
to facilitate undersea recovery. The ULB is a self- 
contained device (invariably attached to the front of 
the CVR) that emits an ultrasonic vibration (typi- 
cally at 37.5kHz) when the water-activated switch is 
immersed in water. A label on the ULB indicates the 
date by which the internal battery should be replaced. 
The specification for a typical ULB is shown in Table 
18.7. An external view of a CVR showing its exter- 
nally mounted ULB is shown in Fig. 18.11. 

The audio input to the CVR is derived from the 
captain, first officer and observer position(s) and also 
from an open area microphone in the flight compart- 
ment which is usually mounted in the overhead panel 
and thus collects audio input from the entire flight- 
deck area. 

In order to improve visibility and aid recovery, the 
external housing of the CVR is painted bright orange. 
The unit is thermally insulated and hermetically sealed 
to prevent the ingress of water. Because of the cru- 
cial nature of the data preserved by the flight, the unit 
should only be opened by authorized personnel fol- 
lowing recovery from the aircraft. 

Magnetic tape CVRs use a multi-track tape trans- 
port mechanism. This comprises a tape drive, four 
recording heads, a single (full-width) erase head, a 
monitor head and a bulk erase coil. The bias generator 
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Table 18.7 Typical ULB specification 


Parameter 


Operating frequency 
Acoustic output 


Pulse repetition rate 
Pulse duration 
Activation 


Power source 
Battery life 


Beacon operating life 
Operating depth 
Housing material 
Length 

Diameter 

Weight 


Figure 18.11 


Specification 


37.5 kHz (+1kHz) 

160 dB relative to 1 Pa 
at | m 

0.9 pulses per second 
10 ms 

Immersion in either salt 
water or fresh water 
Internal lithium battery 
6 years standby (shelf- 
life) 

30 days 

20,000 ft (6096 m) 
Aluminium 

3.92 in. (9.95 cm) 

1.3 in. (3.3 cm) 

6.7 oz (190 g) 


sl e ME : 
CVR/ULB installation 


usually operates at around 65 kHz and an internal sig- 
nal (at around 600 Hz) is provided for test purposes. 
Bulk erase can be performed by means of an erase 
switch; this is interlocked so that erasure can only 
be performed when the aircraft is on the ground and 
the parking brake is set. The erase current source is 
usually derived directly from the aircrafts 115 V AC 
400 Hz supply. The magnetic tape (a continuous loop) 
is typically 308 feet in length and Y in. wide. 
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18.5 Health and usage monitoring 
system (HUMS) 


HUMS was originally pioneered to monitor heli- 
copters servicing the oil platforms in the North Sea. 
It monitors a variety of aircraft parameters, includ- 
ing aircraft vibration, engine and structural health. 
Ground support equipment and software are designed 
to decrease maintenance costs and increase opera- 
tional readiness. The system includes on-board 
sensors and data processing to calculate specific 
maintenance recommendations. HUMS provides 
engine health and usage monitoring, exceedance 
monitoring, performance trends, operational usage 
monitoring and flight data monitoring and record- 
ing. Systems developed for helicopters now include 
rotor track and balance. All the required airborne data 
acquisition and processing, including crash-survivable 
cockpit voice recorders (CVR) and flight data record- 
ers (FDR), are often combined into a single line 
replaceable unit. 


18.6 Multiple choice questions 


1. The flight data recorder must stop automatically: 
(a) after the aircraft is incapable of moving under 
its own power 
(b) before the aircraft is incapable of moving 
under its own power 
(c) after landing. 


2. Parameters being recorded on the FDR are 
obtained from sources that are: 
(a) not displayed to the flight crew 
(b) independent of information displayed to the 
flight crew 
(c) accurately correlated with the information 
displayed to the flight crew. 


3. Inputs form the audio system are recorded on the: 
(a) FDR 
(b) CVR 
(c) ULB. 


4. The mandatory parameters required for an aircraft 
DFDR depend on the: 
(a) speed and weight of the aircraft 
(b) maximum weight of the aircraft 
(c) size of the aircraft and the prevailing 
regulatory rules applied to that aircraft. 
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8. 


9. 


10. 


11. 


. The DFDR requires an electronic process such 


that: 

(a) digitally coded data can be converted back 
(decoded) into its analogue form 

(b) digitally coded data can be converted back 
(encoded) into its analogue form 

(c) analogue data can be converted back 
(decoded) into its digital form. 


. In binary coded decimal (BCD) format, each 


word comprises: 

(a) four bits, used to represent the denary 
numbers zero to nine 

(b) four bits, used to represent the binary 
numbers zero to nine 

(c) four bits, used to represent the denary 
numbers zero to ten. 


. The DFDR on large aircraft has to be able to 


retain the recorded data for a minimum of the 
last: 
(a) 30 minutes of its operation 
(b) 25 hours of its operation 
(c) 25 flights. 
Lateral acceleration and radio altitude are typical 
parameters recorded on the: 
(a) FDR 
(b) CVR 
(c) ULB. 


The FDAU collects, or acquires, a variety of: 

(a) analogue signals and converts them into a 
digital data stream for the recorder 

(b) analogue signals and outputs for the recorder 

(c) digital signals and converts them into an 
analogue data stream for the recorder. 


The flight data recorder must start to record data 

automatically: 

(a) after the aircraft is capable of moving under 
its own power 

(b) after take-off 

(c) prior to the aircraft being capable of moving 
under its own power. 


Referring to Fig. 18.12, the underwater locator 
beacon is activated when immersed in water: 
(a) after a time delay 

(b) immediately 

(c) at a specified depth. 
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Figure 18.12 See Question 11 


12. Referring to Fig. 8.13, data bits that change at 


the trailing edge are: 
(a) Harvard bi-phase 
(b) Non-return-to-zero 
(c) Return-to-zero. 


. Referring to Fig. 18.14, what is the purpose of 


EOT/BOT sensors? 

(a) convert digital data into a numerical display 

(b) convert analogue data in digital format 

(c) reverse the direction of tape travel and switch 
tracks. 
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One of the consequences of operating electrical and 
electronic equipment is the possibility of disturbing, 
or interfering with, nearby items of electronic equip- 
ment. The term given to this type of disturbance is 
electromagnetic interference (EMI). Placing a port- 
able radio receiver close to a computer and tun- 
ing through the radio’s wavebands can illustrate this 
effect. The computer will radiate electromagnetic 
energy; this is received by the radio and heard as 
‘noise’. Radio equipment is designed to receive elec- 
tromagnetic energy; however, the noise in this simple 
experiment is unwanted. Electrical or electronic prod- 
ucts will both radiate and be susceptible to the effects 
of EMI. This is a paradox since many principles of 
electrical engineering are based on electromagnetic 
waves coupling with conductors to produce electri- 
cal energy and vice versa (generators and motors). 
Furthermore, systems are specifically designed to 
transmit and receive electromagnetic energy, 1.e. radio 
equipment. The problem facing aircraft electrical and 
electronic systems is the unwanted noise; in the case 
of the computer/radio experiment, this unwanted 
noise is no more than a nuisance. In complex avionic 
systems, the consequences of EMI can be more seri- 
ous. The ability of an item of equipment to operate 
alongside other items of equipment without causing 
EMI is electromagnetic compatibility (EMC). 

Modern digital equipment operates at very high 
speed and relatively low power levels. In addition to 
EMI, high-intensity radiated fields (HIRF) are recetved 
from the external environment, e.g. from radio and radar 
transmitters, power lines and lightning. The high energy 
created by these radiated fields disrupts electronic com- 
ponents and systems in the aircraft. (This effect is also 
referred to as high-energy radiated fields — HERE) 
The electromagnetic energy induces large currents to 
flow, causing direct damage to electronic components 
together with the secondary effects of EMI. 

Advances in electronic technology bring many new 
features and benefits, e.g. faster processors, higher- 
density memory and highly efficient displays. These 
advances are primarily due to the reduction in the 


physical size of semiconductor junctions; this leads to 
higher-density components in given size of integrated 
circuit. One significant problem associated with the 
handling of semiconductor devices is that the smaller 
junctions are susceptible to damage from electrostatic 
voltages. This is a problem that can potentially affect 
a wide range of electronic equipment fitted in an air- 
craft. Effects range from weakening of semiconduc- 
tor junctions through total failure of the equipment; 
both these effects can occur without any visible signs 
of damage to the naked eye! Electrostatic sensitive 
devices (ESSD) are electronic components that are 
prone to damage from stray electrical charge pro- 
duced primarily from human operators. This problem 
is particularly prevalent with high-density memory 
devices and electronic displays. Weakening and 
damage to static sensitive devices can result from 
mishandling and inappropriate methods of storage. 

This chapter looks at some of the practical aircraft 
maintenance aspects of EMI, EMC and HIRF together 
with background information and specific guidance 
on the correct handling and storage of ESSD. 


19.1 Electromagnetic Interference 


Electromagnetic interference (EMI) can be defined 
as the presence of unwanted voltages or currents that 
can adversely affect the performance of an electrical/ 
electronic system. The effects of EMI include: 


errors in indications 

unwanted noise on audio signals 

random patterns on electronic displays 

repetitive ‘buzzing’ on intercom and cabin phone 

systems 

e desensitizing of radio and radar receivers 

e false indications in radar and navigation 
equipment 

e nuisance triggering of alarms. 


Consider the current-carrying conductor illustrated 
in Fig. 19.1. It can be seen that the field strength is 
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Current-carrying conductor 


Figure 19.1 


a measure of flux density at any given point. From 
first principles, the field strength B 1s proportional to 
the applied current and inversely proportional to the 
distance from the conductor. If an alternating current 
is applied to the conductor, this field will build up and 
collapse around the conductor. If a second conductor 
is now placed alongside the first conductor, the alter- 
nating field from the first conductor will induce cur- 
rents in the second conductor. These induced currents 
will be superimposed onto any current flowing in the 
second conductor. The first conductor is radiating 
EMI; the second conductor is susceptible to EMI. 
The total EMI effect depends primarily on the 
amount of current in the first conductor, rate of change 
of current (i.e. alternating, digital or switched cur- 
rents) and the distance between the two conductors. 
Alternating currents, or digital signals being carried by 
a conductor, will set up alternating magnetic fields thus 
causing EMI as described. In summary, the amount 
of electromagnetic field radiated from a conductor 
depends on amount of current in the conductor and the 
rate of change of a magnetic field from the conductor. 


Key maintenance point 


EMI can also be created if a conductor carrying 
direct current is vibrated close to another conduc- 
tor. The net result is relative movement of a mag- 
netic field over a conductor with the consequences 
of induced currents. Wiring looms must be secured 
to prevent them vibrating excessively. 


19.1.1 Shielding 


For a given current, the distance between conductors 
and the provision of shielding (or screening) are the 
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19.2 Shielding 
conductors unshielded, 
shielded, (c) both conductors shielded 


main considerations when trying to design and install 
wiring and equipment to minimize EMI. From Fig. 
19.1 we can see that the distance between conduc- 
tors has a direct effect on the amount of unwanted 
current induced into the second conductor. The addi- 
tion of shielding on conductors limits the coupling of 
electromagnetic fields, see Fig. 19.2. The electromag- 
netic field created by current /, in the first conductor 
induces a current J in the second conductor. 
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Figure 19.3 E and H lines mutually at right angles 


With one conductor shielded, some of the electro- 
magnetic field created by current /,; induces current in 
the shielding; this current and taken away to a ground 
connection at one or both ends of the shielding. The 
shielding effectively absorbs some of the electromag- 
netic field created by /,; the remaining (weaker) field 
induces a reduced current J in the second conductor. 
If both conductors are shielded, most of the weaker 
field created by J, is absorbed into the shielding of 
the second conductor; this further reduces the current 
I, in the second conductor. 

Shielding can reduce the coupling of electro- 
magnetic fields between conductors. The amount of 
reduction depends upon the screening material used, 
its thickness, and the frequency of the applied cur- 
rent. Typical materials used for shielding are metallic 
mesh, or braiding formed on the outside of the con- 
ductor’s protective sheath; this ensures that the wire 
or cable retains some degree of mechanical flexibility. 
The shielding impedes the radiation of signals from 
the first conductor, and also minimizes signals from 
being induced into the second conductor. 


19.1.2 Electromagnet waves 


We have been using the term electromagnet wave 
to develop the concept of EMI. The electromagnet 
wave actually comprises two components. As with 
light, electromagnet waves propagate outwards from 
a source of energy (transmitter) and comprise elec- 
tric (E) and magnetic (H) fields at right angles to 
each other. These two components, the E-field and the 
H-field, are inseparable. The resulting wave travels 
away from the source with the £ and H lines mutu- 
ally at right angles to the direction of propagation, as 
shown in Fig. 19.3. 
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Transmitter Receiver 
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Figure 19.4 Radio transmitters and receivers 


Electromagnet waves are said to be polarized in 
the plane of the electric (E) field. Thus, if the £-field 
is vertical, the signal is said to be vertically polarized 
whereas, if the E-field is horizontal, the signal is said 
to be horizontally polarized. 

In the case of intentional propagation of electro- 
magnet waves, i.e. radio transmitters and receivers 
(Fig. 19.4), the electric E-field lines are shown in 
the space between a transmitter and a receiver. The 
transmitter aerial (or antenna) is supplied with a high- 
frequency alternating current. This gives rise to an 
alternating electric field between the ends of the aer- 
ial/antenna and an alternating magnetic field around 
(and at right angles to) it. The direction of the E-field 
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lines is reversed on each cycle of the signal as the 
wavefront moves outwards from the source. 

The receiving aerial/antenna intercepts the moving 
field, and voltage and current is induced as a conse- 
quence. These voltages and currents are similar (but 
of smaller amplitude) to those produced by the trans- 
mitter. Note that in Fig. 19.4 (where the transmitter 
and receiver are close together) the radiated E-field 
is shown spreading out in a spherical pattern (this is 
known more correctly as the near field). The magnetic 
field (not shown) will be perpendicular to the E-field. 

In practice, there will be some considerable dis- 
tance between the transmitter and the receiver and 
so the wave that reaches the receiving aerial/antenna 
will have a plane wavefront. In this far field region, 
the angular field distribution is essentially independ- 
ent of the distance from the transmitting antenna. 
(Radio wave theory is addressed in more detail in a 
related book in the series, Aircraft Communications 
and Navigation Systems.) 

A simple wiring installation connects the shielding 
to ground, thereby ‘soaking’ away the unwanted cur- 
rents, rather than inducing them into the second con- 
ductor. Although shielding provides some protection 
against EMI, it also adds cost and weight to the instal- 
lation. Furthermore, the currents being carried away 
in the shielding radiate their own fields that can cause 
secondary EMI. This unwanted current is referred to 
as a ground loop; current flows in a conductor con- 
necting two points that are intended to be at the same 
potential, e.g. ground potential. (The fact that current 
is flowing can only occur because they are actually 
at different potentials.) As with many engineering 
situations, solving one problem often comes at a cost 
together with the introduction of new problems! 


Test your understanding 19.1 


Explain the difference between EMI and EMC. 


19.1.3 Twisted pair 


Another technique used to minimize EMI in wiring 
is the twisted pair. This a form of wiring in which 
the two conductors are wound together to cancel out 
electromagnetic interference (EMI) from external 
sources, and minimize cross-talk between adjacent 
pairs of wires. Cross-talk is the consequence of EMI 
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Figure 19.5 Magnetic field 


between one electrical circuit to another, 1.e. when a 
signal transmitted in one circuit creates an undesired 
effect in another circuit. A twisted pair cable consists 
of two independently insulated wires twisted around 
one another. 

Twisting the cables forms repetitive loops; each 
twist reverses the polarity of the loop, therefore mag- 
netic fields can only couple into each loop and not the 
entire cable length. When current is supplied through 
a loop, a magnetic field is set up; 1t can be seen that 
the flux is concentrated in the centre of the loop as 
illustrated in Fig. 19.5. The twisted pair also provides 
a physical means of minimizing EMI in wires carry- 
ing digital signals; each wire is positioned alterna- 
tively next to the source of interference; the net effect 
is to cancel out any differential between the wires. 

Twisting a pair of wires to form a cable is an 
extremely effective way of transmitting high-speed 
signals because: 


e most of the electrical noise entering into and/or 
radiating from the cable can be eliminated 

e cross-talk (signals ‘leaking’ between wires in the 
cable) is minimized. 


In addition to the electrical energy flowing down each 
wire, energy can also be coupled between wires due 
to electrostatic and magnetic effects. For the electro- 
static effects, the insulation between the two conduc- 
tors is the dielectric of a capacitor. More surface area 
is created by longer cables; this leads to increased 
inter-wire capacitance. Higher frequency signals can 
lead to cross-talk between wires as a result of reduced 
capacitance. 

Typical applications of signals transmitted down 
a twisted-pair of wires include Arinc 429 signals as 
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Figure 19.6 Digital signal 


illustrated in Fig. 19.6. Any other system wires adja- 
cent to this pair will be affected by cross-talk. 

Two wires (A and B) each carry a £5 volt digital 
signal arranged as bipolar return to zero (BPRZ). The 
extent of the cross-talk is equal to the sum of the dig- 
ital signals; if this sum is zero (or nearly zero) then 
the affects of cross-talk are eliminated. 

Consider three wires in a cable as illustrated in 
Fig. 19.7. Wires A and B are formed as a twisted pair 
carrying a digital signal. If the signal sent through 
wire A is +10 volts with respect to wire B (a refer- 
ence voltage of zero) then wire C wire picks up cross- 
talk noise. If the digital signals are arranged as per 
the second illustration, the opposite polarity signal of 
+5 volts on wires A and B cancel each other out, the 
cross-talk effect wire C is eliminated. 


Key maintenance point 


Twisting wires together also provides a neater 
installation; the number of twists per given length 
should be specified in order to achieve the desired 
EMI protection. 


Key maintenance point 


In some installations, further EMI protection is given 
by the addition of shielding over the twisted pair of 
wires. 
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Figure 19.7 Twisted pairs and cross talk 


19.1.4 Bandwidth 


Bandwidth is the difference between the upper and 
lower cut-off frequencies of analogue amplifying 
circuits; the unit of bandwidth is hertz (Hz). The 
characteristics of bandwidth is illustrated in Fig. 
19.8. This is a central concept in electronics, radio- 
frequency (RF) systems and signal processing. It also 
has to be considered in the context of EMI; high fre- 
quencies should be filtered out of a circuit wherever 
possible, without compromising its functionality. 
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Figure 19.8 Bandwidth 


In computers, digital bandwidth refers to the rate at 
which data is transmitted/received; this is measured 
in bits per second (BPS). A digital communication 
network has a given bandwidth in terms of its over- 
all channel capacity and throughput (consumption). 
Channel capacity (in BPS) is proportional to the ana- 
logue bandwidth in hertz (Hz); this is the maximum 
amount of error-free digital data that can be transmit- 
ted via a communication link with a specified band- 
width in the presence of EMI. The deeper theory 
associated with this subject is beyond the scope of this 
book; students wishing to research this subject in more 
detail should refer to the Shannon—Hartley theorem. 


Test your understanding 19.2 


Why do higher-frequency signals lead to increased 
cross-talk? 


Test your understanding 19.3 


How does twisting pairs of wiring reduce cross-talk? 


19.1.5 Radiated EMI 


There are many sources of EMI throughout the air- 
craft. Those sources known to radiate EMI include: 


fluorescent lights 

radio and radar transmitters 

power lines 

AC powered window heat controllers 
motors/generators 

switching and light dimming circuits 
microprocessors 

pulsed high-frequency circuits 
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e data bus cables (but not fibre optic cables) 
e static discharge and lightning. 


The energy generated by these sources is radiated as 
an electromagnetic field. From first principles, we 
know that the coupling only takes place when there 
is a relative movement of electromagnet field and 
conductor; digital circuits are (by definition) switch- 
ing currents on/off with fast and short pulse rise/fall 
times. Unless adequate precautions are taken to elim- 
inate the interference at source and/or to reduce the 
equipment’s radiation of EMI, the energy can then 
become coupled into other circuits. In electromag- 
netic field radiation, energy is transmitted through 
electrically nonconductive paths, such as air, plastic 
materials, or fibreglass. 


19.1.6 EMI susceptibility 


There are many systems on the aircraft that which 
may be susceptible to electromagnetic interference. 
These include: 


radio and radar receivers 

microprocessors and other microelectronic systems 
electronic instruments 

control systems 

audio and in-flight entertainment systems (IFE). 


Whether a system will have an adverse response to 
electromagnetic interference depends on the type 
and amount of emitted energy in conjunction with the 
susceptibility threshold of the receiving system. The 
threshold of susceptibility is the minimum interfer- 
ence signal level (conducted or radiated) that results in 
equipment performance that is indistinguishable from 
the normal operation. If the threshold is exceeded 
then the performance of the equipment will become 
degraded. Note that, when the susceptibility threshold 
level is greater than the levels of radiated emissions, 
electromagnetic interference problems do not exist. 
Systems to which this applies have electromagnetic 
compatibility (EMC). In other words, the systems 
will operate as intended and any EMI generated is at 
such a level that it does not affect normal operation. 


19.2 EMI reduction 


Planning for electromagnetic compatibility must be 
initiated in the design phase of a device or system. 
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If this is not satisfactorily addressed, interference 
problems may arise. The three factors necessary to 
produce an EMI problem are: 


e source(s) of interference (sometimes called noise) 
e ameans of coupling (by conduction or radiation) 
e susceptible components or circuits. 


To reduce the effects of EMI, or electrical noise, at 
least one of these factors must be addressed. The fol- 
lowing lists some techniques used for EMI reduction 
to tackle these three factors (note that some tech- 
niques address more than one factor). 


1. Suppress the interference at source 
e Enclose the interference source(s) in a screened 
metal enclosure and then ensure that the 
enclosure is adequately grounded 
e Use transient suppression on relays, switches 
and contactors 
e Twist and/or shield bus wires and data bus 
connections 
e Use screened (i.e. coaxial) cables for audio and 
radio-frequency signals 
e Keep pulse rise times as slow and long as 
possible 
e Check that enclosures, racks and other 
supporting structures are grounded effectively. 
2. Reduce noise coupling 
e Separate power leads from interconnecting 
signal wires 
e Twist and/or shield noisy wires and data bus 
connections 
e Use screened (i.e. coaxial) cables for audio and 
radio-frequency signals 
Keep ground leads as short as possible 
Pay close attention to potential ground loops 
Filter noisy output leads 
Physically relocate receivers and sensitive 
equipment away from interference sources. 
3. Increase the susceptibility thresholds 
e Limit the bandwidth of circuits wherever 
possible 
e Limit the gain and sensitivity of circuits wherever 
possible 
e Ensure that enclosures are grounded and that 
internal screens are fitted 
e Fit components that are inherently less 
susceptible to the effect of stray radiated 
fields. 
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19.3 High-intensity/energy radiated 
fields 


High-intensity/energy radiated fields (HIRF/HERF) 
are generated by certain radio-frequency (RF) sources 
that are external to the aircraft. These fields disrupt 
electronic components and systems within the aircraft 
via currents that are induced from these fields into the 
aircraft’s wiring. (The terms HIRF and HERF mean the 
same thing; HIRF will be used for the remainder of this 
chapter.) Radio, radar and television transmitters (par- 
ticularly highly directional broadcasts) have the capa- 
bility of adversely affecting the operation of aircraft 
electrical and electronic systems. The HIRF environ- 
ment has become a significant threat to aircraft using 
the electronic systems described in this book, together 
with the communications, navigation and flight guid- 
ance systems. These systems are potentially very 
susceptible to the HIRF environment. Accidents and 
incidents on aircraft with such systems have led to the 
need for a thorough understanding of, and increased 
protection from, high-intensity radiated fields. 

Practical experience with the effects of HIRF often 
result in unexplained and unrelated disruption to air- 
craft systems e.g. simultaneous navigation errors and 
erroneous engine indications. These systems then 
start operating normally again without being attrib- 
uted to any specific equipment failures. HIRF has 
been cited as the cause of misleading roll and pitch 
information on electronic displays and the total loss 
of engine power due to interference with electronic 
control systems. The need for protection of mod- 
ern electrical and electronic systems from HIRF is 
required because of the: 


e dependence on these systems used for the 
continued safe flight and landing of the aircraft 

e increased use of composite materials (reducing 
the natural Faraday cage protection of metallic 
structures) 

e Increased complexity of digital systems (faster 
operating speeds, higher-density integrated circuits) 

e expanded frequency usage of microwave energy 

increased quantity and power of transmitters 

e proliferation of RF transmitters. 


19.3.1 HIRF environment 


The HIRF environment is created by the transmis- 
sion of high-power radio-frequency (RF) energy into 
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free space. These transmissions can be from military 
systems, television, radio, radars and satellites com- 
municating with ground-based equipment, ships or 
other aircraft. When an aircraft operates in a HIRF 
environment, this can have an adverse effect on the 
aircraft systems and equipment that could result in 
system failure, malfunction, or misleading informa- 
tion. The process whereby electromagnetic energy 
from an RF source is induced in a system by radiation 
is termed coupling. It is entirely possible that HIRF 
will affect individual components through to system 
level via individual wires (or wire bundles) that con- 
nect the items of equipment. In the event of the HIRF 
environment having an adverse effect on systems, it 
is essential that the aircraft has the capability for con- 
tinued controlled flight and landing to a suitable loca- 
tion, albeit under emergency conditions. 


19.3.2 HIRF characteristics 


The analysis of HIRF is centred on the frequency of 
transmission and field strength. The practical con- 
siderations of RF transmissions are from approxi- 
mately 10 kilohertz (10kHz) through to 100 gigahertz 
(100 GHz). Field strength is defined as the magnitude 
of the electromagnetic energy propagating in free 
space expressed in volts per meter (V/m). Aircraft 
systems need to be tested and/or analysed across 
a range of frequencies and field strengths to deter- 
mine their susceptibility characteristics. Certain sys- 
tems (or individual items of equipment) are immune 
to HIRF and have the ability to continue to perform 
their intended function. This could occur as an inher- 
ent or system design feature of the equipment, e.g. if 
it is located behind a material (reflection plane) that 
reflects RF signals. 

Alternatively, a decrease in electromagnetic field 
strength in transmission from one point to another 
can occur by attenuation, expressed in decibels (dB). 
Attenuation is the scalar ratio of the RF energy input 
magnitude and output magnitude. (Further details of 
attenuation are given in the appendices.). In the HIRF 
environment, the ratio of current induced in a wire 
bundle form the external HIRF field strength (as a 
function of frequency) is termed the transfer func- 
tion. An item of equipment or system that is suscep- 
tible to the HIRF environment means that it is unable 
to perform its intended function; this will be defined 
by a susceptibility level, where the effects of interfer- 
ence from HIRF become apparent. 
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Figure 19.9 Electrical storm 


19.4 Lightning 


Lightning together with precipitation is associated 
with electrical activity within cumulonimbus clouds, 
see Fig. 19.9. Lightning results from the build up 
of huge amounts of static charge in the atmosphere. 
Precipitation may defined as the result of water 
vapour condensing in the atmosphere that subse- 
quently falls to the earth’s surface. 

Electrical activity can originate at the top of thun- 
derclouds or the outside edges of the precipitation 
area. If an aircraft is subjected to a lightning strike, 
or discharge, the structure and bonding are designed 
to dissipate this energy, see Fig. 19.10. 


Key maintenance point 


The probability of an aircraft experiencing a light- 
ning strike on any given flight is one. High stand- 
ards of design and maintenance are required to 
ensure that serious damage from a lightning strike 
is a rare occurrence. 


19.4.1 Faraday cage 


The metallic aircraft structure acts as a Faraday cage 
(or Faraday shield), named after the British physi- 
cist Michael Faraday. This is an enclosure formed 
by a conducting material that shields the inside of 
the structure from electromagnetic effects. An exter- 
nal electrical field will cause the electrical charges 


Electrical and magnetic fields 


Thunder cloud 


UY 
| 


Discharge (1) 


Energy dissipated 
À through structure 


Discharge (2) 


Ground 


Figure 19.10 Lightning strike; dissipation of 
energy through the aircraft 


within the structure to redistribute themselves so as 
to cancel the field’s effects inside the fuselage. This 
effect is used very effectively in aircraft to protect 
electronic equipment from lightning strikes and other 
electrostatic discharges. Lightning normally enters 
the aircraft at an extremity, e.g. the nose cone or wing 
tip; currents flow through the conductive structure, 
and then exits the aircraft at another extremity. This 
can cause short-term interference with systems, but 
there should be no permanent damage. Some currents 
could enter the structure due to the high voltages, the 
energy will normally be conducted through bonding 
leads and back into the fuselage skin. The aircraft is 
categorized into specific areas when planning system 
and equipment locations, see Fig. 19.11: 


e zone one is where lightning can be expected to 
enter and exit the aircraft 

e zones two and three provide the conductive paths 
through the aircraft. 


Key maintenance point 


The majority of physical damage on the aircraft 
occurs at the exit point of the lightning strike. 
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Figure 19.12 Radome protection 


19.4.2 Aircraft construction 


The metal structure dissipates electric currents gener- 
ated from the external electromagnetic fields, thereby 
reducing or even eliminating electromagnetic inter- 
ference. More aircraft are now being built using 
(non-conducting) composite materials, ranging from 
individual items of structure through to the complete 
exterior. In this case, the Faraday cage effect has to 
be designed into the composite structure as a mesh 
of conducting material. Additional design effort, test- 
ing and on-going maintenance are required as a con- 
sequence. One particular part of the aircraft often 
affected by lighting is the nose cone; this is made 
from a composite material and therefore has no inher- 
ent conductive paths. Lightning strips can be fitted to 
protect this area, see Fig. 19.12. 
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Key maintenance point 


The aircraft is designed to provide conductive paths 
to dissipate the energy from lightning strikes. Over 
periods of time, certain parts of the aircraft will cor- 
rode and be subjected to vibration; it is essential 
that these conducive paths are maintained, e.g. by 
inspection of bonding leads. 


Even when the lightning discharge is dissipated 
safely through the aircraft, structural damage can 
occur at the exit points of the discharge. Furthermore, 
the high circulating currents can causes EMI as previ- 
ously discussed. Lightning discharges via the atmos- 
phere from one cloud to another, or directly to the 
earth’s surface. The atmosphere has a very high die- 
lectric breakdown (depending on moisture content), 
typically three million volts per meter. The voltage 
generated by lightning depends on the length trav- 
elled by the lightning discharge; this will be approxi- 
mately one gigavolt (10? volts) for a 300m (1000 ft) 
lightning bolt. With a typical current of 100kA, this 
gives rise to a power dissipation of 100 terawatts 
(100 x 101 watts). The high energy radiated by a 
lightning discharge carries sufficient electromagnetic 
field strength to couple into the aircraft’s wiring. This 
causes high currents of relatively short duration to be 
injected into electronic equipment. Adequate protec- 
tion must be designed into the equipment to prevent 
disruption of signal processing and/or damage to 
components. 


19.4.3 Certification of aircraft for 
HIRF and lightning protection 


Although the sources of HIRF and lightning (HIRF/L) 
threats are very different, the strategies used in 
design, certification and maintenance are very simi- 
lar, if not the same. The external HIRF and light- 
ning (HIRF/L) environment has evolved over time 
and varies between aircraft types. Various specifica- 
tions defining HIRF/L threat levels have emerged in 
response to the increasing understanding of the prob- 
lem. In Europe, aircraft have been required to comply 
with HIRF requirements since early 1992. In-service 
aircraft are therefore specified with varying HIRF 
standards ranging from no requirement through to the 


Aircraft electrical and electronic systems 


current standards. HIRF threat levels can be broadly 
thought of in terms of field strength and frequency of 
the RF signal. Compliance with HIRF requirements 
typically involves a range of factors including: 


e testing the entire aircraft 
e equipment tests 
e analogy/similarity with other installations. 


Equipment and systems being certified for HIRF/L 
immunity and susceptibility are in fact achieved by 
any combination of the above. Comprehensive test 
programmes are required on new aircraft types; this 
is carried out on entire aircraft, with engines and 
systems operating. Various techniques are used for 
HIRF/L testing: 


e bulk current injection (BCI) via a probe that 
injects RF signals directly into wire bundles when 
clamped around them. 

e direct drive testing (DDT) involves connecting 
an RF signal source directly to the unit being 
tested. 


Testing is an expensive and time-consuming activity, 
one that has to be planned and agreed with the certi- 
fying authorities well in advance of the aircraft going 
into service. An alternative strategy is to use exist- 
ing HIRF compliance documentation and data from 
a similar system (or aircraft) to demonstrate HIRF 
compliance. Failure conditions resulting from HIRF/L 
are assessed against certification requirements and are 
given classifications, 1.e. catastrophic, hazardous or 
major. The classifications for HIRF/L related system 
failures are assigned certification levels of: 


A. Catastrophic: where system failure(s) would 
prevent the continued safe flight and landing of 
the aircraft 

B. Hazardous: where system failure would 
significantly reduce the capability of the aircraft 
and/or the ability of the flight crew to respond to 
the failure(s) 

C. Major: where system failure reduces the 
capability of the aircraft or the ability of the 
flight crew to respond to an adverse operating 
condition(s). 


A safety assessment is prepared to address all poten- 
tial adverse effects. The safety assessment could 
establish that some systems have different failure 
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Table 19.1 External HIRF environments 
Environment Frequency Field Field 
range strength strength 
(Vím) (V/m) 
(peak) (average) 
I 10kHz—40 GHz 3000 200 
II 10kHz—40 GHz 3000 230 


Il 10kHz40GHz 7200 490 


conditions in different phases of flight, e.g. a naviga- 
tion system may have a catastrophic failure condition 
during the landing phase, but in cruise the classifica- 
tion could be reduced to a major failure condition. 
To cater for these different classifications on the 
same system, varying HIRF environments would be 
applied, see Table 19.1. 

The field strength values shown in Table 19.1 are 
the maximum for any given frequency within the 
range. Field strength values are expressed in root- 
mean-square (RMS) units, measured during the peak 
of the modulation cycle. 


19.4.4 Maintenance for HIRF/L protection 


The maintenance engineer has a number of essential 
tasks to ensure that HIRF/L protection features and 
devices are serviceable for continued airworthiness 
of the aircraft. These tasks include, but are not 
limited to: 


e bonding resistance measurements 

e wire/cable resistance or impedance measurements 

e inspection and disassembly of connectors to detect 
corrosion or termination failure. 


19.4.5 Aircraft wiring and cabling 


When many potential sources of EMI are present in 
a confined space, aircraft wiring and cabling has a 
crucial role to play in maintaining electromagnetic 
compatibility. Adequate wire separation should be 
maintained between noise source wiring and suscepti- 
ble equipment. For example, radio-frequency (RF) nav- 
igation systems’ wiring should be strategically routed 
in the aircraft to ensure a high level of EMC. Any 
changes to the routing of RF systems’ wiring could 
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have an adverse affect on EMC. Separation require- 
ments for all wire categories must be maintained; wire 
lengths should be kept as short as possible to maintain 
coupling at a minimum. Where wire shielding is incor- 
porated to protect against EMI caused by lightning, it 
is important that the shield grounds (pigtails) be kept 
to their designed length. An inch or two added to the 
length will result in degraded lightning protection. 
Equipment grounds must not be lengthened beyond 
design specification. A circuit ground with too much 
impedance may no longer be a true ground. 


Key maintenance point 


With the aid of the aircraft technical manuals, 
grounding and bonding integrity must be main- 
tained. This includes proper preparation of the sur- 
faces where electrical bonding is made. 


19.5 Grounding and bonding 


The aircraft structure provides an extremely impor- 
tant means of reducing EMI and also protecting 
the aircraft, its passengers, crew and systems, from 
the effects of lightning strikes and static discharge. 
Grounding and bonding are specific techniques that 
are used to achieve electrical integrity, see Fig. 19.13. 

Grounding and bonding can also be instrumental 
in minimizing the effects of high-intensity radiated 
fields (HIRF) emanating from high-power radio trans- 
mitters and radar equipment. Grounding and bonding 
resistances of less than 0.001 ohms to 0.003 ohms are 
usually required. 

Grounding can be defined as the technique of elec- 
trically connecting components to either a conduc- 
tive structure or another return path for the purpose 
of completing a circuit. Bonding refers to the elec- 
trical connecting of two or more conducting objects 
that are not otherwise adequately connected. Bonding 
and grounding connections are made in an aircraft in 
order to accomplish the following: 


e dissipate energy from a high-intensity radiated 
fields (HIRF) and lightning strikes 

e dissipate static electricity 

limit the potential difference between equipment 

e provide a low resistance path for earth return 
systems. 


348 


Figure 19.13 Examples of bonding 
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The following general procedures and _ precau- 
tions apply when making bonding or grounding 
connections: 


e bond or ground parts to the primary aircraft 
structure where possible 

e make bonding or grounding connections so that no 
part of the aircraft structure is weakened 

e bond parts individually if feasible 

e install bonding or grounding connections against 
smooth, clean surfaces 

e install bonding or grounding connections so that 
vibration, expansion or contraction, or relative 
movement in normal service, will not break or 
loosen the connection 

e check the integrity and effectiveness of a bonded 
or grounded connection using an approved 
bonding tester. 


The main types of bonding are: 


Equipment bonding. Low impedance paths to 
the aircraft structure are generally required for 
electronic equipment to provide radio-frequency 
return circuits and to facilitate reduction in EMI. 

Metallic surface bonding. All conducting objects 
located on the exterior of the airframe should be 
electrically connected to the airframe through 
mechanical joints, conductive hinges, or bond 
straps, which are capable of conducting static 
charges and currents induced by lightning strikes. 

Static bonds. All isolated conducting paths inside 
and outside the aircraft with an area greater than 
3 in.” and a linear dimension over 3 inches that are 
subjected to electrostatic charging should have 
a mechanically secure electrical connection to 
the aircraft structure of adequate conductivity to 
dissipate possible static charges. 


19.6 Electrostatic sensitive devices 
(ESSD) 


Advances in electronic technology bring many new 
features and benefits, e.g. faster processors, higher- 
density memory and highly efficient displays. These 
advances are primarily due to the reduction in the 
physical size of semiconductor junctions; this leads 
to higher-density components in given size of inte- 
grated circuit. One significant problem associated 
with the handling of semiconductor devices is that 
the smaller junctions are susceptible to damage from 
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electrostatic voltages. An example of static elec- 
tricity that the reader might have encountered is the 
electric shock received when stepping out of a car. 
The synthetic materials used for clothing as well as 
the vehicle’s interior are capable of producing large 
amounts of static charge which is only released when 
the driver or passenger sets foot on the ground! 


19.6.1 Triboelectric effect 


When two dissimilar non-conducting materials are 
rubbed together, the friction transfers electrical charge 
from one material to the other. This raises the electri- 
cal potential between the materials, and is known as 
the triboelectric effect. The build-up of charge, and 
subsequent attraction of materials, can be observed 
when clingfilm is separated from its roll. The polarity 
and strength of the electrical charges depend prima- 
rily on the materials, surface finish, ambient tempera- 
ture and humidity. The triboelectric series classifies 
different materials according to how readily they cre- 
ate static electricity when rubbed with another mate- 
rial. The series is arranged on a triboelectric scale 
of increasingly positive and increasingly negative 
materials. 

Materials that give up electrons and become posi- 
tive when charged (thereby appearing as positive 
on the triboelectric scale) include glass, air and dry 
human skin. Materials that attract electrons become 
negatively charged (appearing as negative on the tri- 
boelectric scale) include: 


polyester 

polystyrene 

polyethylene 

poly(vinyl chloride) (PVC). 


Certain materials do not readily attract or give up 
electrons when brought in contact or rubbed with 
other materials are neutral on the triboelectric scale; 
examples include cardboard, cotton and steel. 

The largest amounts of static charge resulting 
from materials being rubbed together (or separated 
from each other in the case of cling film) are at the 
extreme ends of the triboelectric scale. For example, 
PVC rubbed against glass or polyester rubbed against 
dry human skin both produce an accumulation of 
charge. A common occurrence when working in a dry 
atmosphere is that people rapidly discharge current 
(sometimes producing a spark) when touching metal 
objects. This is because they have relatively dry skin 
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Table 19.2 Representative values of electro- 


static voltages generated in typical work 

situations 

Situation 20% relative 80% relative 
humidity humidity 

Walking over a wool/ 35kV 1.5kV 

nylon carpet 

Sliding a plastic box 18kV 1.2kV 

across a carpet 

Removing parts from 15kV 1 kV 

a polystyrene bag 

Walking over vinyl 11kV 350V 

flooring 

Removing shrink 10kV 250V 

wrap packaging 

Working ata bench 8kV 150V 


wearing overalls 


(which can become highly positive in charge), and is 
accentuated when the clothes they wear are made of 
man-made material (such as polyester), which will 
acquire a negative charge. The effect is much less 
pronounced in a humid atmosphere where the stray 
charge can ‘leak away” harmlessly into the atmos- 
phere. (Note that moist skin tends to dissipate charge 
more readily.) People that build up static charges due 
to dry skin are advised to wear all-cotton clothes 
since cotton is neutral on the triboelectric scale. 


19.6.2 Working environment 


The problem for the electronics industry is that high 
voltages can be accumulated in people and materials 
and then discharged into equipment. This discharge 
can weaken and/or damage electronic components. 
Representative values of electrostatic voltages gener- 
ated in some typical working situations are shown in 
Table 19.2. (Note the significant difference in voltage 
generated at different values of relative humidity.) 

Static voltage susceptibility varies for different 
types of semiconductor device or components, for 
example static discharge voltages as low as 20V to 
100V can affect complex devices such as microproc- 
essors. Single components such as silicon-controlled 
rectifiers are not affected until levels of between 4kV 
to 15kV are reached. 
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ATTENTION 


DO NOT HANDLE 
ELECTROSTATIC SENSITIVE 
DEVICES 
UNTIL GROUND STRAP HAS 
BEEN ATTACHED TO WRIST 


a 


\ 


Figure 19.14 ESD warning notices 


Electrostatic sensitive devices (including printed 
circuit boards, circuit modules, and plug-in devices) 
are invariably marked with warning notices. These 
are usually printed with black text on yellow back- 
grounds, as shown in Fig. 19.14. 

Special precautions must be taken when handling 
removing ESSD. These precautions include use of the 
following: 


wrist/heel straps 

static dissipative floor and bench mats 

ground jacks 

grounded test equipment 

low-voltage soldering equipment and anti-static 

soldering stations (low-voltage soldering irons 

with grounded bits) 

e anti-static insertion and removal for integrated 
circuits 

e avoidance of nearby high-voltage sources (e.g. 

fluorescent light units) 
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Figure wrist 


19.15 ESD Typical 
grounding point 


strap 


e anti-static packaging (static-sensitive devices and 
printed circuit boards should be stored in their 
anti-static packaging until such time as they are 
required for use) 

e Protective materials. 


Wrist straps (and also heel straps) are conductive 
bands that are connected to an effective ground point 
by means of a short wire lead. The lead is usually fit- 
ted with an integral 1 MQ resistor which minimizes 
currents arising between the person wearing the strap 
and the equipment being worked on. Wrist straps are 
usually stored at strategic points on the aircraft, or 
they may be carried by maintenance technicians. 

Figure 19.15 shows a typical wrist strap being 
used for a bench operation. The bench itself must be 
grounded; this is achieved by connecting the conduc- 
tive mat to an external earthing point outside of the 
building (Fig. 19.16). 

There are three main classes of materials used for 
protecting static sensitive devices. These are: 


e conductive materials, e.g. metal foils 

e static dissipative materials (a cheaper form of 
conductive material) 

e anti-static materials, e.g. cardboard and cotton. 


Of these, conductive materials offer the greatest 
protection whilst anti-static materials offer the least 
protection. The working environment plays an impor- 
tant part in the safe handling of ESSD; extra vigilance 
is required when the relative humidity is low, e.g. in 
air conditioned workshops. (Further reading on the 
subject of EMI and ESSD can be found in a related 
book in the series, Aircraft Digital and Electronic 
Computer Systems.) 
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Figure 19.16 ESD work area protection 


Key maintenance point 


The effect of lower humidity on ESSD components 
in typical working environments will be to cre- 
ate higher voltages and pose more threat to the 


components. 


19.7 Multiple choice questions 


l. 


The ability of an item of equipment to operate 
alongside other items of equipment without 
causing EMI is called: 

(a) EMC 

(b) ESSD 

(c) HIRE. 


Higher-frequency signals can lead to cross-talk 

between wires as a result of the: 

(a) dielectric effect of the wire insulation causing 
increased capacitance 

(b) dielectric effect of the wire insulation causing 
reduced capacitance 

(c) dielectric effect of the wire conductors 
causing reduced capacitance. 


Radio and radar transmitters in the external 
environment are sources of: 

(a) EMC 

(b) ESSD 

(c) HIRF. 


Of the materials used for protecting static 

sensitive devices: 

(a) conductive and anti-static materials offer the 
least protection 

(b) conductive materials offer the least protection 
whilst anti-static materials offer the most 
protection 

(c) conductive materials offer the greatest 
protection whilst anti-static materials offer 
the least protection. 


Shielding of conductors: 

(a) reduces radiation and minimizes susceptibility 

(b) increases radiation and minimizes 
susceptibility 

(c) reduces radiation and increases susceptibility. 


The presence of unwanted voltages or currents in 
systems is caused by: 

(a) EMC 

(b) ESSD 

(c) EMI. 


. When the lightning discharge is dissipated safely 


through the aircraft, structural damage is most 
likely to occur at the: 

(a) bonding between structures 

(b) exit points of the discharge 

(c) entry points of the discharge. 


In the context of EMI, high-frequency signals 
should be: 

(a) filtered out of a circuit wherever possible 
(b) introduced into a circuit wherever possible 
(c) used only in unshielded cables. 
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9. The twisted pair is designed to: 
(a) maximize cross-talk between adjacent pairs 
of wires 
(b) protect static sensitive devices 
(c) minimize cross-talk between adjacent pairs 
of wires. 

10. The effect of lower humidity on ESSD 
components in typical working environments 
will be to: 

(a) create lower voltages and pose more threat to 
the components 
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(b) create higher voltages and pose more threat 
to the components 

(c) create higher voltages and pose less threat to 
the components. 
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20 


Many processes are required throughout the aircraft’s 
operating life to ensure that it complies with the appli- 
cable airworthiness requirements and can be safely 
operated. The generic term for this range of processes 
is continuing airworthiness. The term ‘maintenance’ 
is used for any combination of overhaul, repair, 
inspection, replacement, modification or defect recti- 
fication of an aircraft or component, with the excep- 
tion of the pre-flight inspection. Persons responsible 
for the release of an aircraft or a component after 
maintenance are the certifying staff. Maintenance of 
an aircraft and its associated systems requires a vari- 
ety of test equipment and documentation; these are 
required by certifying staff to fulfil their obligations 
in ensuring continued airworthiness. Aircraft wiring 
cannot be considered as ‘fit and forget’. Legislation 
is being proposed to introduce a new term: electri- 
cal wire interconnection system (EWIS); this will 
acknowledge the fact that wiring is just one of many 
components installed on the aircraft. EWIS relates 
to any wire, wiring device, or combination of these, 
including termination devices, installed in the air- 
craft for transmitting electrical energy between two or 
more termination points. This chapter reviews some 
practical installation requirements, documentation 
and test equipment required by the avionics engineer 
to ensure the continued airworthiness of aircraft elec- 
trical and electronic systems. 


20.1 Wire and cable installation 


The importance of aircraft wire and cable selection, 
installation and maintenance cannot be overstated. 
Modern aircraft (or upgraded older aircraft) are 
installed with more wiring, carrying more current 
than earlier generations of aircraft; much of this wir- 
ing carries digital signals. Wiring and cables must be 
treated as integral components of the aircraft; they are 
not to be treated as ‘fit and forget’. Wires are formed 
from a single solid conductor or stranded conductors, 


contained within insulation and protective sheath 
materials. Cables can be defined as: 


e two or more separate wires within the same 
insulation and protective sheath 

e two or more wires twisted together 

e any number of wires covered by a metallic braid, 
or sheath 

e asingle insulated conductor covered by a metallic 
outer conductor (co-axial cable). 


The terms wires and cables are often interchanged. In 
this chapter, reference will be made to ‘wiring’ in the 
all-embracing generic sense; cables will be referred to 
in specific terms as and when required. Surveys and 
inspections of aircraft have revealed a number of issues 
and problems that require the close attention of system 
design and maintenance to ensure continuing airworthi- 
ness. Wire insulation can deteriorate over time (typically 
over ten years); exposed conductors create the environ- 
ment for potential faults, spurious signals and arcing. 
Wires are vulnerable to their installed environment, 
e.g. changes in temperature, exposure to moisture and 
vibration that can lead to open circuits and/or chafing. 
In certain areas of the aircraft, e.g. the leading/trailing 
edges of the wing and wheel wells, the physical environ- 
ment is harsher than protected areas, e.g. the flight com- 
partment or passenger cabin. The installation of wire and 
cable is very important; the following must be avoided: 


e sharp bend radi 

e unsupported wires 

e routing high and low power circuits in the same 
bundle, or loom. 


All the above can intensify the ageing and environ- 
mental effects on wiring. Certain older standards of 
wire insulation, notably single-walled aromatic polya- 
mide, have a known vulnerability to high temperature 
that can lead to the insulation forming small cracks; 
this can lead to moisture ingress, and overheating. 
Under these conditions, the carbonized insulation 
becomes a conductor and the situation propagates 
leading to the possibility of fire. It is essential that 
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older standards of wiring are inspected in accordance 
with maintenance schedule; the wiring should be 
replaced 1f there are any signs of deterioration. Care 
must be taken not to disturb or damage wiring during 
maintenance or inspection of nearby equipment. 


Key maintenance point 


Faulty wiring is often overlooked as the reason for 
systems becoming unserviceable. Line replaceable 
units (LRU) are often changed first, with the inevita- 
ble ‘no fault found’. 


20.1.1 Cable and wire looms 


Grouping individual wires and cables into bundles 
forms a loom (or harness); these bundles are tied, or 
strapped together to form a secure assembly. Wire looms 
must be installed and maintained to ensure maximum 
integrity. The loom should be formed without twist- 
ing or overlapping the cables/wires. They can be tied 
together with waxed string, lacing cord or nylon straps. 
These ties are made at regular intervals, equally spaced 
along the loom; the loom is then secured to the airframe 
with clamps. The current-carrying capacity of wires 
reduces in looms since the inner wires are not able to 
radiate heat efficiently. To illustrate this point, a single 
20-gauge wire in free circulating air is rated at 14A; this 
reduces depending on the number of wires in the loom: 


single wire, 14A 
three wires, 9A 
seven wires, 7A 
twelve wires, 5A. 


Figure 20.1 provides some examples of installed wire 
looms. The loom will follow a path through the air- 
craft dictated by existing structure and obstacles; 
additional support and protection is provided where 
required. Any bends or branches in the loom must not 
be so sharp that the loom becomes kinked (never bend 
or form wires or cables with pliers or any sharp edge). 
Looms must be installed such that they are supported 
with clamps and protected from chaffing through con- 
tact with sharp edges, pipes and other wiring. 

Cable clamps and grommets are used throughout 
the aircraft to provide this protection. General guide- 
lines for the installation of wire looms are as follows: 


e Install with a downward slope away from equipment 
to prevent moisture running into the equipment 
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Do not install below fuel pipes 

Avoid areas of high temperature 

Install to minimize EMI 

Make provision for at least one remake of the wire 
Take care not to crush coaxial cables 

Areas of high vibration require additional loom 
support 

e Breakout should not cross over the main loom. 


Open looms are formed with bound wires in a 
bundle; these are supported by p-clips and protected 
by grommets. The use of open looms is dictated by 
temperature and length of loom, together with any 
EMI considerations. Conduits (Fig. 20.2) are used in 
specific areas, e.g. wing leading edges to protect wir- 
ing loom from rain and other fluids; these conduits 
are made from plastic or metal. 

When looms can be passed through bulkheads, they 
must be prevented from chaffing; this can be achieved 
by clamping or potting, see Fig. 20.3. Ducted looms 
are formed in channels made from a suitable mate- 
rial, e.g. aluminium alloy or composite. They provide 
more support and are used to guide the looms through 
and around specific areas of the aircraft. When the 
loom passes through bulkheads, they are often sealed 
with a rubber bung, see Fig. 20.3. 

Certain areas of the aircraft will experience high 
vibration (Fig. 20.4); wiring in these areas will be 
subjected to a harsher environment. These areas 
include: 


wheels wells 

empennage 

wing roots 

wing trailing edges 

wing leading edges 

engine pylons and nacelles. 


The wiring in these areas will be exposed to severe 
wind and moisture problems (SWAMP); wiring 
specifications and inspection requirements must be 
adhered to. 


Key maintenance point 


Cracking and breakdown of the insulation material 
through exposure to moisture, the speed of break- 
down depending on both temperature and stress; 
this phenomenon is known as hydrolysis. 
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Figure 20.1 Examples of installed wire looms 


Figure 20.2 Examples of cable-loom conduit 


Figure 20.3 Bulkhead wire looms: (a) sealant/potting, (b) connectors 
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Figure 20.4 High vibration areas 


Key maintenance point 


Carbon arc tracking occurs when contaminating 
moisture (including aircraft fluids) creates a short 
circuit between an exposed conductor and the air- 
craft structure or an adjacent exposed conductor at 
a different potential; this phenomenon is known as 
wet arc tracking. 


Key maintenance point 


Carbon arc tracking occurs in dry conditions when 
one or more conductors are shorted as a result of 
abrasion from: the aircraft structure, wire to wire, or 
installation error. This phenomenon is known dry 
arc tracking. 


20.1.2 Wire terminations and connections 


It is highly unlikely that a single wire or cable will be 
routed from the power source directly to the load — it 
will invariably pass through bulkheads via connectors. 
Certain areas in the aircraft are not suitable for the 
routing of wires (e.g. zones exposed to high tempera- 
ture or EMI). Wiring is invariably installed in sections 
and joined at intervals. Terminations and connection 
types used will depend on a number of factors driven 
by cost and continued airworthiness requirements. The 
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Main wheel 
wells -N 
All wing body 


fairing areas 


Area aft of 
rear spar 


Area forward 
of front spar 


size and configuration of the aircraft will determine 
where connectors are needed and located. Other con- 
siderations are when aircraft sections (wings, fuselage, 
etc.) are manufactured at various geographical loca- 
tions and come together at a different place for final 
assembly. Finally, the need for inspection, removal 
and installation of equipment needs to be consid- 
ered; quick-release connectors are used for most line- 
replaceable units (LRU), see Fig. 20.5. 

Wires can be joined by soldering, although this is 
normally only used within equipment. (Soldering 
aircraft wires reduces their flexibility and can lead 
to premature failure.) The majority of cable and wire 
terminations in the airframe are made by attaching 
crimp tags for use with terminal blocks or pin and 
sockets within connectors, see Fig. 20.6. There are 
two types of crimp: dimple and confined; the latter is 
the type normally used on aircraft. 

The confined crimp is formed by compressing the 
crimp’s shank onto the conductor. This results in the 
cold flow of metal between shank and conductor form- 
ing a homogeneous mass. The crimping operation also 
causes the crimp to form over the insulating and sheath 
materials. The crimping operation is performed with 
crimping pliers that contain two dies to form the crimp 
in a controlled and preset way. For larger-diameter 
cables and wires, power tools are required. Connections 
can be made to terminate a cable with a ring-tag, or 
join two cables together with a splice. These can be 
used for repairs or as permanent installations. They can 
also be used to form junctions, e.g. when modifying 
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Figure 20.5 Quick-release connectors (LRU) 


an aircraft to “tap” into a signal line. General rules for 
the use of splices will be given in the relevant aircraft 
documents; these will address the: 


e spacing of splices in the same wire 

e maximum number of splices in a given length of 
wire 

e support of the splices (they should not be located 
in curved sections). 


Both tags and splices have a plastic or nylon insu- 
lating sleeve covering the shank. This insulation is 
coloured red, blue or yellow depending on size; this 
colour coding relates to the specific crimping pliers 
required for the operation. To perform the crimping 
operation on a tag or splice, the wire must have its 
insulation/sheath stripped from the end. Stripping is 
carried out taking the following requirements into 
account: 


e an approved stripping tool must be used with the 
correct size of cutting blades 

e knives or side cutters must not be used since they 
can sever or damage the conductor(s) 

e all insulating and sheath material must be removed 
to suit the crimp or splice. 


If the above is not adhered to, problems will be intro- 
duced, e.g. reduced current-carrying capacity and 
reduced mechanical strength; this could lead to pre- 
mature failure and/or overheating of the wire. Once 
stripped, the strands of a wire should be formed by 
hand so that they lie neatly together. They must be 
100% inserted into the barrel of the tag or splice; if 
any strands are disturbed by the insertion, the wire 
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Figure 20.6 Terminal blocks with connections 


must be withdrawn and the strands straightened. 
Excessive twisting will increase the diameter of the 
conductor, making it difficult to insert into the bar- 
rel. Once formed, the tag can be attached to terminal 
blocks with connections made to respective circuits. 
Some terminations benefit from a heat-shrink sleeve; 
this provides extra mechanical protection and support. 
Heat-shrink material is polythene based and reduces 
to a pre-determined diameter (but not length) when 
heated. The advantages of crimping are: 


good conductivity 
consistent operation 
good strength 
resistance to corrosion. 


Key maintenance point 


Always use approved crimping tools; crushing a ter- 
mination does not constitute a good connection! 


20.1.3 Connectors 


Wires and cables also have to be routed through bulk- 
heads or production breaks; this is normally achieved 
by using quick-release connectors. General aviation 
connectors (D-shaped) are the same type as used on 
personal computers, see Fig. 20.7. 

Larger aircraft use circular quick-release connectors 
as shown in Fig. 20.8. Pins and sockets are crimped 
onto their respective ends of stripped wires; the con- 
nector is assembled usually with a supporting bracket. 
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Figure 20.7 General aviation connectors 


(D-shaped) 


Figure 20.9 Pin/socket identification 


Connectors are released by screws or by twisting 
the quick-release mechanism. Pins and sockets are 
removed and inserted using special tools; they are 
crimped onto the wires in a similar way to crimping of 
tags and splices. 


Key maintenance point 


If the connector is to be left undone for a period of 
time, always protect the pins/sockets with a cap or 
plastic bag. 
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Figure 20.8 Circular quick-release connectors 


The bodies and shells of quick-release connectors are 
made from light alloy, stainless steel or cadmium- 
plated alloys. Keyways ensure the correct alignment 
and prevent any twisting movement. The pins slide- 
fit into the respective socket; the pins are gripped by 
springs inside the socket to provide the electrical con- 
tact surface. A number identifies each pin/socket; see 
Fig. 20.9 for examples. 


Key maintenance point 


Pin/socket numbers of a connector are referenced 
to a physical point, or marking on the connector. 


Key maintenance point 


Connector socket spring-grips wear over time and 
can cause loss of continuity. Inserting anything but 
the correct pin can cause permanent damage. 


Key maintenance point 


When re-making connectors, always check the 
alignment of keyways of mating connectors before 
making the connection. 
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20.1.4 Aluminium wires or cables 


Some applications use aluminium wires or cables to 
save weight. It is essential that the correct procedures, 
tools and materials are used when working with alu- 
minium wires or cables. Aluminium oxidizes imme- 
diately when exposed to air, leading to high-resistance 
joints; compounds must be used to prevent this. 
Petrolatum (semi-solid mixture of hydrocarbons) and 
granular zinc compounds can either be applied during 
the crimping process, or be pre-filled within the crimp. 
When the crimp joint is made, the compound pene- 
trates around each of the strands; the abrasive action 
of the compound scours the surfaces and removes the 
oxidation. When the crimping process is completed, 
the compound remains in the crimp to form a sealed 
termination. Aluminium wiring crimps joined into 
the main aircraft distribution system, it will be joined 
with relatively hard materials, e.g. copper or steel. 
Fixing hardware, e.g. nuts, bolts and washers must be 
made of materials such as cadmium-plated aluminium 
that will not cause electrolytic corrosion. It 1s essen- 
tial that washers are used to protect the softer alumin- 
ium material. The surfaces must first be cleaned and 
treated with compound; the terminations are secured 
with nuts that must be torque-loaded. 


Key maintenance point 


Flexing of aluminium wires during installation 
together with aircraft vibration causes work-harden- 
ing leading to brittle joints. 


20.2 Bonding 


It is a mandatory requirement that aircraft structure 
and equipment are electrically bonded. Specific bond- 
ing and grounding connections are made in an aircraft 
to accomplish the following: 


e dissipate energy from a high intensity radiated 
fields (HIRF) and lightning strikes 

@ dissipate static electricity 

limit the potential difference between equipment 

e provide a low resistance path for earth return 
systems. 


Bonding connections are made between components 
and structure using purpose-made straps, see Fig. 20.10 
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Figure 20.10 Bonding 


(further examples are given in Chapter 19). Bonding 
is categorized as either primary or secondary; this is 
determined by the magnitude of current being con- 
ducted. Primary bonding is designed for carrying 
lightning discharges and to provide electrical return 
paths. Secondary bonding is used to dissipate static 
electricity and keep all structure at the same poten- 
tial. Bonding straps (or leads) are pre-fabricated from 
braided copper or aluminium terminated with crimps. 


20.2.1 Composite materials 


There is an increasing use of composite materials 
being used in the construction of aircraft because of 
their good strength-to-weight ratio (compared with 
aluminium). Composite material has a high electri- 
cal resistance and is intrinsically unsuitable for bond- 
ing, earth returns and lightning strike dissipation. A 
ground plane has to be integrated into the airframe; 
this is normally achieved by bonding an aluminium 
wire mesh into the composite structure during manu- 
facture. This mesh is accessed at key points around 
the aircraft to gain access to the ground plane. 

Direct bonding (Fig. 20.11) is achieved by expos- 
ing the mesh (ground plane) and mounting the equip- 
ment directly onto the conductive path. Indirect 
bonding (Fig. 20.12) is achieved by exposing the 
mesh and installing a bonding wire and connec- 
tor. The mesh must always be coated after making a 
connection since the aluminium will oxidize when 
exposed to air, leading to high resistance and unreli- 
able joints. 

Lightning protection in composite aircraft is 
achieved via aluminium wire integrated into the outer 
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Figure 20.11 Direct bonding on composite 
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layers of the composite construction. The lightning 
strike will enter and leave the aircraft at its extremi- 
ties; the integrated wires are installed in anticipation 
of this and the energy dissipated through the aircraft 
along pre-determined routes to the exit point(s). 


20.2.2 Maintenance requirements 


Maintenance requirements for bonding include inspec- 
tion of the two crimped tags to ensure that they are 
secure and not corroded. The braided conductor should 
be inspected for any visual signs of mechanical dam- 
age; 1t must not interfere with any moving items e.g. 
flying controls or actuators. The bonding lead must 
have sufficient slack to allow for aircraft flexing. All 
contacting surfaces must be bare metal; the crimp 
tags are then treated and sealed in accordance with the 
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maintenance manual. Electrolytic corrosion can occur 
at the bonding lead connection; it is essential that the 
correct bonding lead materials and treatments are used. 


Key maintenance point 


If a bonding lead has to be changed, refer to the 
aircraft documentation to obtain the correct type 
and part number. 


20.3 Static charges 


Static charges build up on the airframe during flight 
and these must be discharged into the atmosphere to 
avoid interference with avionic equipment. Electric 
charge is dissipated from the surface of an aircraft 
during flight by an effect called corona discharge. 
Coronas can generate both audible and radio- 
frequency (RF) noise, thereby disrupting the avi- 
onic systems. (Power lines produce an audible sound 
because they are producing a corona discharge that is 
interacting with the surrounding air.) Static electricity 
is discharged from the aircraft to atmosphere through 
static wicks (Fig. 20.13), sometimes called static 
dischargers. These ensure that the discharge of static 
electricity is from pre-determined points. 

Static dischargers are fabricated with a wick of 
conductive element that provides a continuous low- 
resistance discharge path between the aircraft and 
atmosphere. The corona discharge can cause a faint 
glow adjacent to the prominent sections of the air- 
craft, e.g. wing tips; this results from ionization of 
oxygen and the formation of ozone in the surround- 
ing air. The electric field created by the flow of elec- 
trons into the conductive section of the wick contains 
enough energy to ionize the oxygen and nitrogen in 
the air. This can produce low-energy plasma, the 
corona discharge. Plasma is a fourth state of matter 
along with solids, liquids, and gases. It is similar in 
appearance to a gas or liquid, but the molecules are 
separated into atoms from which the electrons in the 
outer shell are released into the plasma. 


Key maintenance point 


Helicopters (or rotorcraft) build up additional static 
charges through their rotor blades. 
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Figure 20.13 Static discharger locations 


Despite the precautions taken to dissipate static charge 
during flight, it is highly likely that some charge will 
remain in the aircraft after landing. This presents a 
personal shock hazard for crew, passengers and ground 
staff. Static electricity is dissipated through tyres when 
the aircraft lands; the tyres are impregnated with a con- 
ductive compound. The retained static electricity also 
presents a major hazard during refuelling since the air- 
craft and fuel bowser will almost certainly be at differ- 
ent potentials, thereby causing a spark to jump across 
the fuel connections. The aircraft and fuel bowser are 
therefore connected by a length of cable onto specified 
points before refuelling starts. 


Key maintenance point 


A loose bonding connection causes more problems 
than having no bonding at all. 


20.4 Earth returns 


Aircraft with metallic structure use the airframe as 
the means of completing the electrical circuit, thereby 
reducing the cost, weight and installation time of 
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Figure 20.14 Airframe “earth return’ circuit 


installing a return wire, see Fig. 20.14. In this exam- 
ple, the positive side of the battery power supply is 
connected to the navigation light via the circuit pro- 
tection and control switch. 

The earth (or ground) return is connected to the 
negative side of the power supply via the aircraft 
structure. In some installations, grounding of the load, 
e.g. the navigation light is via the body of the compo- 
nent’s housing. In other installations, all the negative 
connections are collected at earth stations. (Wires ter- 
minating at an earth station are usually identified with 
a suffix letter N.) 

The location of the earth stations depends on a 
number of factors including the: 


mechanical strength of the structure 
current through the connections 

corrosive effects (dissimilar materials) 
ease of accessing/making the connections. 


It is essential that the ground (or earth points) are not 
mixed between different types of circuit e.g. AC and 
digital signals. Using a common return path can lead 
to corrupted signals as illustrated in Fig. 20.15(a). 
Separate return paths (Fig. 20.15(b)) should be consid- 
ered on all new system designs; this separation must be 
maintained whenever specified in the aircraft manuals. 

Taking these factors into account, installations will 
vary considerably; see Fig. 20.16 for some examples. 
In order to make good electrical contact, there must 
be minimal resistance between the conductor and 
structure. Earth stations incorporate an anti-corrosion 
tag or plate to prevent electrolytic reaction between 
the base of the assembly and aircraft structure. The 
stations are usually identified on the adjacent struc- 
ture by numerals preceded by an asterisk. 
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Figure 20.16 Earth station installations 


Certain circuits must be isolated from each other, 
e.g. AC neutral and DC earth-returns must not be on 
the same termination; this could lead to current flow 
from the AC neutral through the DC system. Relay 
and lamp returns should not be on the same termina- 
tion; if the relay earth connection has high resistance, 
currents could find a path through the low resistance 
of the filament lamp when cold. 

For aircraft that have non-metallic composite 
structure, an alternative means of providing the return 
path must be made. This can be in the form of cop- 
per strips running the length of the fuselage or a wire 
mesh formed into the composite material. The prin- 
ciples of earth return remains the same as with bond- 
ing; the method of achieving it will vary. 


Aircraft electrical and electronic systems 


20.5 Aircraft manuals 


There is a wide range of technical manuals required 
by certifying staff, including, but not limited to: 


maintenance manuals 
illustrated parts catalogues 
wiring diagram manuals 
schematic diagrams. 


These documents contain information required to 
explain how equipment operates, how it is main- 
tained, and the correct part numbers that can be used 
when replacing components. For electrical and elec- 
tronic systems, additional information is required 
to show how the systems are supplied with power, 
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interconnections with other systems etc. For larger 
aircraft, a standardized manual format was devel- 
oped by the Airline Transport Association (ATA) of 
America called ATA Spec. 100. This specification 
contains format and content guidelines for technical 
manuals written by aircraft manufacturers and suppli- 
ers. The format has widespread international accept- 
ance by aircraft manufactures, airlines and equipment 
suppliers for the maintenance of their respective 
products. The specification is organized into ATA 
chapters that are specific to an aircraft system, e.g. 
ATA Chapter 24 contains all subjects within the elec- 
trical power systems, Chapter 33 contains details of 
the aircraft lights. (A complete list of ATA chapters 
is given in Appendix 8.) The ATA Spec. 100 is not 
widely adopted by the general aviation (GA) indus- 
try; the information required by certifying staff on 
GA aircraft is presented in a number of formats. In 
2000, ATA Spec 100 (documentation) and ATA Spec 
2100 (for inventory management) were incorporated 
into ATA iSpec 2200. 


20.5.1 Maintenance manual 


This is the primary source of information and data 
for certifying staff. When based on ATA Spec. 100, 
the maintenance manual (MM) is organized into spe- 
cific sections for complete systems and/or individual 
components: 


detailed description (from p. 1) 
component locations (from p. 101) 
maintenance practices (from p. 201) 
servicing (from p. 301) 

removal and installation (from p. 401) 
adjustment /test (from p. 501) 
inspection/checking (from p. 601). 


Not all of these sections apply to every system and/or 
individual component. 


20.5.2 Wiring diagram manual 


Aside from the aircraft maintenance manual, the pri- 
mary manuals used by avionic engineers are the wir- 
ing diagram manuals (WDMs), schematic diagrams 
and/or circuit diagrams. Wires and cables should be 
identified to facilitate installation, trouble-shooting 
and potential modifications. There are various specifi- 
cations that provide details of how wiring identifica- 
tion is implemented, including those adopted by the 
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aircraft manufacturers. The simplest form of identify- 
ing cables is to mark the ends of the wires with the 
source and destination of the individual wire or cable. 
The wire/cable insulation is marked with indelible ink 
or laser printing. Wires are sometimes identified by 
the system type, wire number and gauge. Some manu- 
facturers mark the cables at intervals along the cable. 
On more complex installations, where cables are 
bundled into looms, the entire loom may be given an 
identification code; this would be marked on a sleeve 
or band. 

When created under ATA Spec. 100, the WDM pro- 
vides details of equipment locations, wiring between 
equipment and connectors (including wire and cable 
identification). Schematic diagrams provide an over- 
view of the system interconnections and equipment 
locations; individual wire numbers and connections 
are omitted for clarity. In some GA applications, 
basic electrical and electronic system informa- 
tion is contained within the maintenance manual. 
In smaller GA aircraft, much of the avionic equip- 
ment is installed as a customer option; in this case, 
the equipment installer provides the necessary details 
as supplements. This also applies in the case where 
new equipment is installed as part of an equipment 
upgrade. For the majority of cases, symbols used in 
wiring diagrams and schematics are standardized; 
however, some variations do exist among manufactur- 
ers. Symbols used for electrical and electronic equip- 
ment are provided in Appendix 9. 


20.6 Circuit testing 


The typical sequence in which electrical and elec- 
tronic systems are checked and tested is as follows: 


e visual inspection; this enables obvious faults to be 
identified and the appropriate action(s) taken 

e bonding test; this checks the continuity of the 
earth return path back to the power supply(s) 

e continuity test; this checks the interconnections 
between all circuits 

e insulation resistance (IR) test; this checks 
for adequate insulation resistance between 
conductors and between conductors and the 
airframe (earth) 

e functional test; there will be varying levels of test 
depending on complexity of circuit. These range 
from simple ‘self tests’ through to deeper tests that 
can only be carried out in the workshop. 
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Key maintenance point 


For personal safety and to reduce the risk of dam- 
age to wiring and/or components, isolate power 
supplies when changing equipment or inspecting 
interconnecting wiring. 


There are a number of techniques used to identify and 
locate faults in aircraft wiring and equipment, e.g. 
continuity and resistance measurements. There is a 
variety of equipment available to the avionics engi- 
neer to check and test aircraft electrical and electronic 
systems, including multimeters and oscilloscopes. 


20.6.1 Multimeters 


The most popular item of test equipment used for sim- 
ple troubleshooting is the multimeter; these can be 
either analogue or digital instruments, see Fig. 20.17. 
Multimeters combine several functions into a single 
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Figure 20.17 Multimeter; analogue or digital 
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item of test equipment; the basic functions on simple 
multimeter include the measurement of current, volt- 
age and resistance. 


20.6.1.1 Analogue instruments 


A popular analogue instrument used in the aircraft indus- 
try is the Avometer® (registered trade mark of Megger 
Group Limited). This instrument is often referred to 
simply as an AVO, deriving its name from the words 
amperes, volts, ohms. It has been in widespread use in 
the UK from the 1930s and can still be found in many 
hangars, workshops and repair stations. Referring to Fig. 
20.18, features include the measurement of: 


e alternating currents up to 10 A 
e voltages up to 1000V 
e resistance from 0.1 Q up to 200k(). 


The instrument is very accurate, typically +1% of 
full-scale deflection (FSD) on DC ranges and +2% 
on AC ranges. Maximum current consumption for 
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Figure 20.18 Avometer® (registered trade- 
mark of Megger Group Limited) 


voltage measurement is SOuA (corresponding to a 
sensitivity of 20,000(2 per volt); thereby minimiz- 
ing voltage measurement error. Two rotary switches 
are used to select the function and range to be meas- 
ured; if the wrong combination of function or range 
is selected, an overload cut-out switch (similar to a 
circuit breaker) disconnects the test circuit. Some 
multimeters can measure the voltage drop across 
semiconductor junctions and measure additional cir- 
cuit/component quantities such as: 


capacitance 
frequency 
temperature 
conductance 
inductance. 


20.6.1.2 Digital multimeters 


Digital multimeters are generally smaller than the ana- 
logue type of multimeter making them a useful hand- 
held device for basic fault finding on the aircraft. Higher 
specification devices can measure to a very high degree 
of accuracy and will commonly be found in repair 
shops and calibration laboratories. Digital multimeters 
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offer more features than basic analogue instruments; 
commonly available measurement features include: 


autoranging 

sample and hold 

graphical representation 
data acquisition 

personal computer interface. 


Autoranging selects the appropriate range for the 
quantity under test so that meaningful digits are 
shown. For example, if a battery cell terminal voltage 
of 1.954 VDC was being measured, autoranging by 
a four-digit multimeter would automatically display 
this voltage instead of 0.019 (range set too high), or 
0.999 (range set too low) via manual range selection. 
Sample and hold retains the most recent display for 
evaluation after the instrument is disconnected from 
the circuit being tested. Graphical representation of 
the quantity under test can be displayed in a number 
of ways, e.g. as a bar graph. This facilities observa- 
tions of trends. Simple data acquisition features are 
used in some multimeters to record maximum and 
minimum readings over a given period of time, or to 
take a number of sample measurements at fixed time 
intervals. Higher-specification multimeters feature 
a personal computer interface, typically achieved 
by infrared (IR) links, or datalink connections, e.g. 
RS-232 or universal serial bus (USB). This interface 
allows the multimeter to upload measured data into 
the computer for storage and/or analysis. 


20.6.2 Bonding meters 


Aircraft bonding is tested with a bonding meter; the 
maintenance manual will define specific points on 
the airframe where measurements are made. The 
maximum resistance between specific points will 
be defined in the maintenance manual. The bonding 
meter consists of a low reading ohmmeter and two 
leads. One lead is 60 feet long with a single prodded 
end-piece; the other lead is 6 feet long with a double 
prodded end-piece. (Note that these leads must never 
be shortened.) The bond meter is first checked by: 


e shorting all three prods together to check for 
zero-reading 

e momentarily short the two prods of the 6 feet lead 
to check for full-scale deflection. 


The maximum resistance for between extremities 
of fixed portions of a metallic aircraft and between 
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bonded components/earth stations will be stated in 
the maintenance manual; the typical maximum value 
is 0.05 ohms for an aircraft with metal structure. The 
maximum value for composite aircraft will vary from 
type to type, but 1t will by necessity be very low. 


20.6.3 Oscilloscopes 


The oscilloscope (often referred to as a scope”) is an 
item of electronic test equipment used to measure and 
view signal voltages as a two-dimensional graph (usu- 
ally signal voltage on the vertical axis versus time on 
the horizontal axis). The oscilloscope will be found in 
most workshops, repair stations and calibration labo- 
ratories, see Fig. 20.19. 

Original equipment was based on the cathode ray 
tube (CRT) display, making them heavy and bulky. 
Use of liquid crystal display (LCD) technology 
makes the oscilloscope useful as a portable device. 
(More information is provided on CRTs and LCDs 
in a related title in the series: Aircraft Digital and 
Electronic Computer Systems.) The portable oscil- 
loscope has many uses during troubleshooting, e.g. 
checking for electrical noise and measurement of dig- 
ital signals. PC-based oscilloscopes can be configured 
in an existing laptop via a specialized signal acquisi- 
tion board and suitable hardware interfaces; the PC- 
based oscilloscope has a number of features: 


e lower cost compared to a stand-alone oscilloscope 

e efficient exporting of data into standard PC 
software, e.g. spreadsheets 

e control of the instrument via custom programmes 
on the PC 

e utilization of the PC’s networking and disc storage 
functions 


Figure 20.19 Oscilloscope 
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e larger-/higher-resolution colour displays 
e colours can differentiate between waveforms 
e portability. 


20.7 Automatic test equipment 


Automatic test equipment (ATE) is dedicated ground 
test equipment that provides a variety of different 
functional checks on line-replaceable units (LRUs) or 
printed circuit boards (PCBs). The equipment being 
tested is connected to a variety of external circuits 
that represent the aircraft interfaces; addition connec- 
tions are often made for diagnostic purposes. ATE is 
able to gather and analyse a large amount of data very 
quickly, thus avoiding the need to make a very large 
number of manual measurements in order to assess 
the functional status of an item of equipment. 

ATE usually incorporates computerized control 
with displays and printouts that indicate what further 
action (repair or adjustment) is necessary in order 
maintain the equipment. Equipment may then require 
further detailed tests and measurements following ini- 
tial diagnosis. ATE tends to be dedicated to a particu- 
lar type of avionic system; it is therefore expensive to 
develop, manufacture and maintain. Because of this, 
ATE tends to be only used by original equipment 
manufacturers (OEMs) and licensed repairers. 


20.8 On-board diagnostic equipment 


Systems have been developed to match the complex- 
ity of electrical and electronic systems to assist the 
avionics engineer in fault finding on aircraft systems. 
On-board diagnostics use a range of techniques that 
are built into and integrated with the aircraft systems. 


20.8.1 Built in test equipment 


As the name implies, built-in test equipment (BITE) 
is primarily a self-test feature built into aircraft elec- 
trical and electronic equipment as a means of: 


detecting and indicating specific equipment faults 
monitoring equipment performance 

detecting problems 

storing fault data 

isolate faulty sensors/components. 


The origins of BITE started with simple on/off dis- 
plays on the front of line replaceable units (LRU) to 
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assist the avionics engineer with troubleshooting; this 
display (typically a light-emitting diode, LED) would 
indicate the go/no-go status for a particular unit, 
either as a result of system test or in-flight fault. If 
the LED indicates an LRU fault, the engineer either 
changes the LRU or check the interfaces with the 
unit. This simple technique is applied to individual 
LRUs, and will only indicate real-time faults. BITE 
techniques were developed alongside the increasing 
complexity of electrical and electronic equipment. 
Features such as fault storage provide an indication 
of faults over many flights; this information is often 
provided in coded form and needs to be interpreted 
by the engineer. 

BITE is usually designed as a signal flow type 
test. If the signal flow is interrupted or deviates out- 
side accepted levels, warning alerts indicate a fault 
has occurred. The functions or capabilities of BITE 
include the following: 


real-time monitoring of systems 

continuous display presentation 

sampled recorder readouts 

module and/or subassembly failure isolation 
verification of systems status 

go/no-go indications 

quantitative displays 

degraded operation status 

percentage of functional deterioration. 


20.8.2 Centralized maintenance systems 
(CMS) 


BITE technology has now been developed into cen- 
tralized maintenance systems on modern aircraft. 
The electronic centralized aircraft monitoring sys- 
tem (ECAM) developed for Airbus aircraft oversees a 
variety of aircraft systems and also collects data on a 
continuous basis. While ECAM automatically warns 
of malfunctions, the flight crew can also manually 
select and monitor individual systems. Failure mes- 
sages recorded by the flight crew can be followed up 
by maintenance personnel by using the system test 
facilities on the maintenance panel in the flight com- 
partment. Printouts can be produced as permanent 
records for further analysis, see Fig. 20.20. 

Dedicated CMS control display units (CDU) are 
installed on the centre pedestal. The CDU allows 
systems to be investigated via a menu selection; this 
provides a description of the flight deck effect (FDE) 
and likely reasons for the fault. Typical centralized 
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Figure 20.20 ECAM printout 


maintenance systems have a dedicated centralized 
maintenance computer (CMC) to collect, analyse 
and store fault information. The CMC has up to 50 
data bus inputs, 10 data bus outputs and can store 
up to 500 fault messages into non-volatile memory 
(NVM). 


20.8.3 Aircraft communication addressing 
and reporting system 


Some aircraft are installed with a system called ACARS 
(aircraft communication addressing and reporting sys- 
tem). This is a digital data link system transmitted in 
the VHF range (118 MHz to 136 MHz). ACARS pro- 
vides a means by which aircraft operators can exchange 
maintenance and operational data directly without 
human intervention. This makes it possible for airline 
staff to communicate directly with the aircraft in their 
fleet in much the same way as it is possible to exchange 
data using a land-based digital network. ACARS uses 
an aircraft’s unique identifier and the system has some 
features that are similar to those currently used for 
electronic mail. Typical ACARS messages are used to 
convey routine information such as: 


fuel data 

engine performance data 
aircraft fault data 
passenger loads 
departure reports 

arrival reports. 


This information can be requested by the company 
and retrieved from the aircraft at periodic intervals or 
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on demand. Prior to ACARS this type of information 
would have been transferred via VHF voice communi- 
cations. (Additional information on ACARS is provided 
a related book in the series: Aircraft Communications 
and Navigation Systems.) 


20.9 Multiple choice questions 


1. ACARS is a digital data link system transmitted 
in the: 
(a) VHF range 
(b) LF range 
(c) UHF range. 


2. Secondary bonding is designed for: 
(a) carrying lightning discharges through the 
aircraft 
(b) keeping all the structure at the same potential 
(c) discharging static electricity from the aircraft 
to atmosphere. 


3. Some electrical installations use aluminium wires 
or cables to: 
(a) reduce EMI 
(b) save cost 
(c) save weight. 


4. Visual inspection of wiring installations: 
(a) enables obvious faults to be identified and the 
appropriate action(s) taken 
(b) checks for adequate insulation resistance 
between conductors 
(c) checks the continuity of the earth return path 
back to the power supply(s). 


5. In terms of bonding, composite material has a: 
(a) high resistance and is unsuitable for bonding 
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(b) low resistance and is unsuitable for 
bonding 

(c) high resistance and is suitable for 
bonding. 


. For a given wire size, when installed in a loom it 


will be able to safely conduct: 

(a) more current compared to a wire in free 
circulating air 

(b) less current compared to a wire in free 
circulating air 

(c) the same current compared to a wire in free 
circulating air. 


. Bonding is categorized as primary or secondary 


determined by the: 

(a) use of composite or metal structure 
(b) locations of static wicks 

(c) magnitude of current being conducted. 


The use of composite materials for aircraft 
structures results in: 

(a) less natural paths for bonding 

(b) more natural paths for bonding 

(c) higher probability of a lightning strike. 


. Bonding is made between components and 


structure using: 

(a) coaxial cable 

(b) purpose-made straps 
(c) general-purpose wiring. 


Static electricity is discharged from the aircraft 
to atmosphere through: 

(a) composite structure 

(b) earth stations 

(c) static wicks. 


Appendix Abbreviations 


1 and acronyms 


Abbreviations and acronyms are extensively used to 
describe electrical and electronic systems, as well as 
the parameters with which they operate. The abbrevi- 
ations and acronyms used in this book, together with 


some commonly used terms, are listed below. 


ABS Automatic braking system 

A/C Air conditioning 

AC Alternating current 

ACARS Aircraft communication addressing and 
reporting system 

ACAS Airborne collision avoidance system 

ACM Aircraft cycle machine 

ACMS Aircraft condition monitoring system 

ADC Analogue to digital converter 

ADC Air data computer 

ADF Automatic direction finder 

ADI Attitude director indicator 

ADIRS Air data/inertial reference system 

ADS Air data system 

AEEC Airlines electronic engineering 
committee 

AES Aircraft earth stations 

AFC Automatic frequency control 

AFCS Auto flight control system (autopilot) 

AFS Automatic flight system (autopilot) 

AGL Above ground level 

AGM Absorbent glass mat 

AHRS Attitude/heading reference system 

AHS Attitude heading system 

Al Airbus industries 

AIAA American Institute of Aeronautics and 
Astronautics 

AIDS Aircraft integrated data system 

AIMS Airplane information management 
system 

AIS Aeronautical information system 

AIV Anti-icing valve 

ALT Altitude 

AMLCD Active matrix liquid crystal display 

AMM Aircraft maintenance manual 

AoA Angle of attack 


AP 
APP 
APU 
ARINC 
ASCB 
ASI 
ASM 
ASR 
ATA 


ATC 
ATE 
ATFM 
AVLAN 
AVOD 
AWG 


BC 
BCD 
BCF 
BCI 
BGA 
BIC 
BIOS 
BIST 
BIT(E) 
BIU 
BJT 
BOT 
BPCU 
BPV 
BSU 
BTB 
BTM 


CABLAN 


CAGE 
CAI 
CAN 
CAS 
CAS 
CAT 
CDI 
CDU 


Autopilot 

Approach 

Auxiliary power unit 

Aeronautical radio incorporated 

Aircraft system common data bus 

Air speed indicator 

Air separation module 

Aerodrome surveillance radar 

Actual time of arrival or Airline Transport 
Association (ATA) of America 

Air traffic control 

Automatic test equipment 

Air traffic flow management 

Avionics local area network 

Audio visual on demand 

American wire gauge (US spelling gage) 


Bus controller 

Binary coded decimal 
Bromochlorodifluoromethane 
Bulk current injection 

Ball grid array 

Backplane interface controller 
Basic input/output system 
Built in self-test 

Built in test (equipment) 

Bus interface unit 

Bipolar junction transistor 
Begining of tape (FDR) 

Bus power control unit 
Bypass valve 

Bypass switch unit 

Bus tie breaker 
Bromotrifluoromethane 


Cabin local area network 
Commercial and government entity 
Computer-aided instruction 
Controller area network 

Collision avoidance system 

Crew alerting system 

Clear-air turbulence 

Course deviation indicator 

Control display unit 


370 


CFDS 
CFIT 
CIDS 
CMC 
CMOS 


CMS 
CNS/ATM 


CO, 
CPU 
CRT 
CSD 
CVR 
CWT 


DA 
DAC 
DC 
DDR 
DDT 
DECU 
DEOS 
DFDAU 
DFDR 
DFLD 
DH 
DIL 
DIMM 
DIP 
DES 
DMA 
DMC 
DME 
DO 
DPM 
DPU 
DRAM 
DSP 
DVD 


EADI 
EATMS 
ECAM 
ECM 
ECS 
ECU 
EDP 

EEC 
EEPROM 


EFIS 
EGPWS 


Central fault display system 
Controlled flight into terrain 

Cabin intercommunication data system 
Central maintenance computer 
Complementary metal oxide 
semiconductor 

Centralized maintenance system 
Communication, navigation, surveillance 
and air traffic 

Carbon dioxide 

Central processing unit 

Cathode ray tube 

Constant speed drive 

Cockpit voice recorder 

Centre wing tank 


Drift angle 

Digital to analogue converter 
Direct current 

Digital data recorder 

Direct drive testing 

Digital engine control unit 
Digital engine operating system 
Digital flight data acquisition unit 
Digital flight data recorder 
Database field loadable data 
Decision height 

Dual in-line 

Dual in-line memory module 
Dual in-line plastic 
DME-based landing system 
Direct memory access 

Display management computer 
Distance measuring equipment 
Design organization 

Data position module 

Display processor unit 
Dynamic random access memory 
Display select panel 

Digital versatile disc 


Electronic attitude director indicator 
Enhanced air traffic management system 
Electronic centralized aircraft monitoring 
Electronic countermeasures 
Environmental control system 
Electronic control unit 

Engine-driven pump 

Electronic engine control 

Electrically erasable programmable 
read-only memory 

Electronic flight instrument system 
Enhanced ground proximity warning 
system 
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EHSI 
EICAS 


EMC 
EMF 
EMI 
EOT 
EPROM 


EROPS 
ESD 
ESSD 
ETA 
ETFE 
ETOPS 
EWIS 


FAC 
FBW 
FCC 
FCGC 
FCU 
FDAU 
FDC 
FDD 
FDDI 
FDE 
FDR 
FDS 
FEP 
FET 
FG 
FGC 
FIFO 
FIR 
FIS 
FL 
FLS 
FLIR 
FLTA 
FMC 
FMS 
FOG 
FPM 
FSD 
FQIS 
FWC 


GA 
GCB 
GCU 
GEO 
GND 
GNSS 


Electronic horizontal situation indicator 
Engine indication and crew alerting 
systems 

Electromagnetic compatibility 
Electromotive force 

Electromagnetic interference 

End of tape (FDR) 

Erasable programmable read-only 
memory 

Extended range operations 
Electrostatic discharge 

Electrostatic sensitive device 
Estimated time of arrival 

Ethylene tetrafluoroethylene 

Extended range twin-engine operations 
Electrical wire interconnection system 


Flight augmentation computer 
Fly-by-wire 

Flight control computer 

Flight control and guidance computer 
Flight control unit 

Flight data acquisition unit 
Fight director computer 
Floppy disk drive 

Fibre distributed data interface 
Flight deck effect 

Flight data recorder 

Flight director system 
Fluorinated ethylene-propylene 
Field effect transistor 

Flight guidance 

Flight guidance computer 
First-in first-out 

Flight information region 
Flight information system 
Flight level 

Field loadable software 
Forward-looking infrared 
Forward-looking terrain avoidance 
Flight management computer 
Flight management system 
Fibre optic gyros 

Feet per minute 

Full scale deflection 

Fuel quantity indicating system 
Flight warning computer 


General aviation 

Generator circuit breaker 
Generator control unit 
Geostationary earth orbit 

Ground 

Global navigation satellite system 
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GPCU 
GPM 
GPS 
GPWS 
GS 


HDG 
HEIU 
HERF 
HFDS 
HGS 
HIRF 
HIRF/L 
HIRL 
HM 
HP 
HSI 
HUD 
HUGS 
HUMS 


I/O 
IAPS 
IAS 

IC 

IDE 
IDG 
IFE 
IFR 
IHUMS 


ILS 
IMA 
INU 
INS 
IOAPIC 


IOM 
IP 
IPC 
IPR 
IR 
IRS 
ISA 
ISAS 
ISU 


LAAS 
LAN 
LCC 
LCD 
LE 
LED 
LEO 


Ground power control unit 
Ground position module 

Global positioning system 
Ground proximity warning system 
Ground speed or glide slope 


Heading 

High-energy ignition unit 
High-energy radiated field 

Head-up flight display system 
Head-up guidance system 

High intensity radiated field 

High intensity radiated field/lightning 
High intensity runway lights 

Health monitoring 

High pressure 

Horizontal situation indicator 
Head-up display 

Head-up guidance system 

Health and usage monitoring system 


Input/output 

Integrated avionics processing system 
Indicated air speed 

Integrated circuit 

Integrated drive electronics 
Integrated drive generator 

In-flight entertainment 

Instrument flight rules 

Integrated health and usage monitoring 
system 

Instrument landing system 

Integrated modular avionics 

Inertial navigation unit 

Inertial navigation system 
Input/output advanced programmable 
input controller 

Input/output module 

Internet protocol 

Instructions per cycle 

Intellectual property rights 

Infrared 

Inertial reference system 
International standard atmosphere 
Integrated situational awareness system 
Iridium subscriber unit 


Local area augmentation system 
Local area network 

Leadless chip carrier 

Liquid crystal display 

Leading edge 

Light emitting diode 

Low earth orbit 


LFC 
LGC 
LIDAR 
LP 
LRRA 
LRU 
LSAP 
LSB 
LSD 
LSI 
LVDT 


MAU 
MCDU 
MEL 
MEMS 
MFD 
MFDS 
MSL 
MLS 
MLW 
MMI 
MMM 
MMS 
MNPS 


MOS 


MOSFET 


MPU 
MRO 
MSB 
MSD 
MSI 
MTBF 
MTBO 
MTOW 
MWS 


NC 
ND 
NEA 
NGS 
NO 
NRZ 
NTSB 
NVM 


OBI 
OBS 
OEA 
OEM 
OFD 
OFV 
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Laminar flow control 

Landing gear control 

Light radar 

Low pressure 

Low range radio altimeter 
Line replaceable unit 
Loadable aircraft software part 
Least significant bit 

Least significant digit 

Large scale integration 

Linear variable differential transformer 


Modular avionics unit 
Microprocessor controlled display units 
Minimum equipment list 
Micro-electromechanical systems 
Multi-function flight display 
Multi-function display system 
Mean sea level 

Microwave landing system 
Maximum landing weight 

Man machine interface 

Mass memory module 

Mission management system 
Minimum navigation performance 
specification 

Metal oxide semiconductor 

Metal oxide semiconductor field effect 
transistor 

Multifunction processor unit 
Maintenance/repair/overhaul 
Most significant bit 

Most significant digit 

Medium scale integration 

Mean time between failure 

Mean time between overhaul 
Maximum takeoff weight 

Master warning system 


Normally closed 

Navigation display 
Nitrogen-enriched air 
Nitrogen generating system 
Normally open 

Non-return to zero 

National transport safety board 
Non-volatile memory 


Omni bearing indicator 

Omni bearing selector 

Oxygen enriched air 

Original equipment manufacturer 
Optical fire detector 

Out flow valve 
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OS 


PA 

PA PI 
PBGA 
PCMCIA 


Operating system 


Public address 

Precision approach path indicator 
Plastic ball grid array 

Personal computer memory card 
international association 
Personal computer 

Printed circuit board 

Portable data loader 

Primary flight display 

Pin grid array 

Plastic leadless chip carrier 
Power-on self-test 

Pre-processor 

Plastic quad flat package 
Programmable read-only memory 
Pressure relief shut-off valve 
Proximity switch electronic unit 
Power supply module 

Passenger service unit 
Polytetrafluoroethylene 
Polyvinylidene fluoride 

Personal video screen 


Quick access recorder 
Quad flat package 


Random access memory 

Ram air turbine 
Radio-frequency 
Radio-frequency interference 
Read-only memory 

Radio magnetic indicator 
Root mean square 

Area navigation 

Resistance temperature device 
Return to zero 


Silicon controlled rectifier 

System data acquisition concentrator 
System definition document 
Source/destination identifier 

Single in-line 

Single in-line package 
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SLA 
SG 
SNOC 
SRAM 
SRD 
SROM 
SPDT 
SSI 
SSM 
STP 
SWAMP 


TACAN 
TAS 
TAWS 
TBO 
TCAS 


TE 
TRU 
TTAC 
TTL 


ULB 
ULSI 
UMS 
USB 
UTP 
UV 


VAS 
VFR 
VGA 
VLSI 
VRLA 
VSCF 


WAAS 
WDM 
WORM 
WoW 
WX 
WXP 
WXR 


Sealed lead acid 

Signal generator 

Satellite network operation center 
Synchronous random access memory 
System requirement document 
Serial read only memory 

Single pole double throw 

Small scale integration 

Sign/status matrix 

Shielded twisted pair 

Severe wind and moisture problems 


Tactical air navigation 

True air speed 

Terrain awareness warning system 

Time between overhaul 

Traffic alert and collision avoidance 
system 

Trailing edge 

Transformer rectifier unit 

Telemetry tracking and command/control 
Transistor transistor logic 


Underwater locator beacon 
Ultra-large-scale integration 
User modifiable software 
Universal serial bus 
Unshielded twisted pair 
Ultraviolet 


Virtual address space 

Visual flight rules 

Video graphics adapter 

Very large scale integration 

Valve regulated lead acid 

Variable speed constant frequency 


Wide area augmentation system 
Wiring diagram manual 
Write-once read-many 

Weight on wheels 

Weather 

Weather radar panel 

Weather radar 
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Appendix Revision papers 


2 


These papers are intended to provide you with prac- 
tice in preparation for examinations. Each paper con- 
tains 20 questions; these should be attempted without 
the use of a calculator or notes. The time allocation 
for each paper is 25 minutes. 


Paper 1 


1. Which one of the following gives the symbol 
and abbreviated units for resistance? 
(a) symbol, R; unit, Q 
(b) symbol, V; unit, V 
(c) symbol, R; unit, A. 


2. When testing a diode with an ohmmeter, what 
resistance will be measured between the anode 
and the cathode? 

(a) high resistance one way 
(b) high resistance both ways 
(c) low resistance both ways. 


3. A DC generator produces an output of 28 V at 
20A. The power supplied by the generator 
will be: 

(a) 14W 
(b) 560 W 
(c) 1.4kW. 


4. A silicon transistor has a base-emitter voltage 
of OV. In this condition the transistor will be: 
(a) conducting heavily 
(b) conducting slightly 
(c) turned off. 


5. Battery capacity is measured in: 
(a) volts 
(b) amperes 
(c) ampere-hours. 


6. TRUs are used to convert what forms of 
electrical power: 
(a) AC into DC 
(b) AC into AC 
(c) DC into AC. 


10. 


11. 


t2. 


13. 


. For a given AWG, a wire will have a 


specified: 

(a) diameter and hence a known conductance 
(b) length 

(c) screening. 


. The main distribution bus is sometimes 


called the: 

(a) essential bus 

(b) emergency bus 
(c) non-essential bus. 


. Metal elements used in RTDs have a 


temperature coefficient that is: 

(a) negative, temperature increases cause an 
increase in resistance 

(b) positive, temperature decreases cause an 
increase in resistance 

(c) positive, temperature increases cause an 
increase in resistance. 


Engine pressure ratio (EPR) is used to 
measure a gas turbine engine’s: 

(a) torque 

(b) thrust 

(c) temperature. 


When fuel level decreases, the capacitance of 
the fuel quantity sensor: 

(a) decreases and the reactance increases 

(b) Increases and the reactance increases 

(c) Increases and the reactance decreases. 


The starboard wing tip navigation light 
is has the following colour and 
divergence: 

(a) red and 110 degrees 

(b) green and 110 degrees 

(c) white and +70 degrees. 


Satellite communication systems use a low 
earth orbit to: 

(a) provide greater coverage 

(b) maintain a geostationary position 

(c) minimize voice delays. 
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14. 


15. 


16. 


17. 


18. 


19; 


20. 


Indications of landing gear fully down and 
locked are: 

(a) red lights on, green lights off 

(b) red lights on, green lights on 

(c) red lights off, green lights on. 


Stall warning systems provide the crew with a 
clear and distinctive warning: 

(a) before the stall is reached 

(b) after the stall is reached 

(c) at all angles of attack. 


The action of twisting a fire handle closes 
micro-switches that: 

(a) activate the engine fire extinguisher 
(b) cancels the alarm 

(c) shuts off the fuel. 


Red areas are used on TAWS displays to 
indicate terrain that is: 

(a) above the aircraft’s current altitude 

(b) level with the aircraft’s current altitude 

(c) safe in terms of required terrain clearance. 


The flight data recorder must start to record 

data automatically: 

(a) after the aircraft is capable of moving 
under its own power 

(b) after take off 

(c) prior to the aircraft being capable of 
moving under its own power. 


Shielding of conductors: 

(a) reduces radiation and minimizes susceptibility 

(b) increases radiation and minimizes 
susceptibility 

(c) reduces radiation and increases 
susceptibility. 


For a given wire size, when installed in a loom 

it will be able to safely conduct: 

(a) more current compared to a wire in free 
circulating air 

(b) less current compared to a wire in free 
circulating air 

(c) the same current compared to a wire in free 
circulating air. 


Paper 2 


l. 


The relationship between power, P, current, J, 
and resistance, R, 1s: 
(a) P = IR 
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(c) P = PR. 


. In order to make a silicon-controlled rectifier 


(thyristor) conduct a: 
(a) small current pulse must be applied to 
its gate 
(b) high voltage must be applied to 1ts anode 
(c) load must be connected between 1ts anode 
and cathode. 


. A two-input NAND gate with both inputs 


inverted will become which of these: 
(a) NOR gate 

(b) AND gate 

(c) OR gate. 


. Decreasing the current in the field coil of a 


generator will: 

(a) decrease the output current 
(b) increase the output voltage 
(c) decrease the output frequency. 


. Static electricity is discharged from the 


aircraft to atmosphere through: 
(a) composite structure 

(b) earth stations 

(c) static wicks. 


. When the lightning discharge is dissipated 


safely through the aircraft, structural damage is 
most likely to occur at the: 

(a) bonding between structures 

(b) exit points of the discharge 

(c) entry points of the discharge. 


. The mandatory parameters required for an 


aircraft DFDR depend on the: 

(a) speed and weight of the aircraft 

(b) maximum weight of the aircraft 

(c) size of the aircraft and the prevailing 
regulatory rules applied to that aircraft. 


. Mode 1 terrain awareness cautions are 


given for: 

(a) negative climb rate or altitude loss after 
take-off 

(b) excessive descent rate 

(c) altitude callout at 500 feet. 
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9. Open area smoke detectors rely on the transfer 


10. 


11. 


12: 


13. 


14. 


fey 


of particulate matter from the source of fire to 
the detector by: 

(a) convection 

(b) radiation 

(c) conduction. 


In the automatic braking system, when a 
wheel is approaching a skid condition, this 1s 
detected when the speed is: 

(a) decreasing at a given rate 

(b) increasing at a given rate 

(c) constant. 


Engine fire or loss of cabin pressure would be 
displayed on ECAM as: 

(a) level 3 failures 

(b) level 2 failures 

(c) level 1 failures. 


Audio-video on demand (AVOD) 

entertainment enables passengers to: 

(a) pause, rewind, fast-forward or stop a 
programme 

(b) make phone calls via satellite 
communication 

(c) ignore PA system voice announcements 
and chime signals. 


Incandescence is the radiation of light from: 

(a) a gas-discharge device 

(b) an electrical filament due to an increase in 
its temperature 

(c) a combined optical and electrical 
phenomenon. 


The volume of fuel in a tank varies with 

temperature; as the temperature changes: 

(a) the mass and volume of fuel remains the 
same 

(b) the mass of fuel changes but the volume 
remains the same 

(c) the mass of fuel remains the same, but the 
volume changes. 


Ground idle speed occurs when the engine has: 

(a) stabilized (slightly above self-sustaining 
speed) 

(b) stabilized (slightly below self-sustaining 
speed) 

(c) Just been started. 
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16. The thermocouple principle is based on the 


Seebeck effect, when heat is applied: 

(a) a change of resistance is measured 

(b) this causes the element to bend 

(c) an electromotive force (EMF) is generated. 


17. The reverse current relay is needed on any DC 


generation system to prevent the: 

(a) battery from feeding excess current back 
through to the generator’s armature 

(b) generator from feeding excess current back 
through to the battery 

(c) battery from feeding excess current to the 
Starter motor. 


18. Two or more separate wires within the same 


insulation and protective sheath is referred 
to as a: 

(a) screened wire 

(b) coaxial cable 

(c) cable. 


19. The desired output frequency of a rotary 


inverter is determined by the: 
(a) AC input voltage 

(b) input frequency 

(c) DC input voltage. 


20. The energy storage capacity of a cell 1s 


determined by the: 

(a) terminal voltage 

(b) electrolyte specific gravity 

(c) amount of material available for chemical 
reaction. 


Paper 3 


1. A cabin reading lamp consumes 10 W from 


a 24V DC supply. The current supplied 
will be: 

(a) 0.42A 

(b) 0.65A 

(c) 2.4A. 


. The output frequency of an AC generator 


driven at a constant speed: 

(a) increases with the number of pole pairs 

(b) decreases with the number of pole pairs 
(c) is independent of the number of pole pairs. 
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10. 


11. 


A compound-wound generator has: 

(a) only a series field winding 

(b) only a shunt field winding 

(c) both a series and a shunt field winding. 


. The decimal equivalent of the natural binary 


code 10110 is: 
(a) 12 
(b) 22 
(c) 38. 


. Lead acid batteries are recharged by 


constant: 

(a) voltage 

(b) current 

(c) ampere-hours. 


. Inverters are used to convert what forms of 


electrical power? 
(a) DC into DC 
(b) AC into AC 
(c) DC into AC. 


. Trip-free circuit breaker contacts: 


(a) can always be closed whilst a fault exists 
(b) cannot be closed whilst a fault exists 
(c) are only used during maintenance. 


. Different size pins are used on external 


DC power connectors to: 

(a) prevent a reverse polarity voltage being 
applied 

(b) prevent excessive power being applied 

(c) prevent power being applied when the 
battery is discharged. 


. The rotors of an torque synchro transmitter 


and receiver are supplied from: 
(a) the same power supply (normally 26 V AC) 
(b) Different power supplies (normally 
26V AC) 
(c) the same power supply (normally 26V DC). 


HEIUs can remain charged for several: 
(a) seconds 

(b) minutes 

(c) hours. 


Air and fuel have dielectrics of approximately: 
(a) unity and zero respectively 
(b) unity and two respectively 
(c) two and unity respectively. 
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12. Green or indicator blue lights in the 
instrument panel are used inform the 
crew that: 

(a) a safe condition exists 
(b) an unsafe condition exists 
(c) an abnormal condition exists. 


13. The passenger address (PA) system is 
primarily a safety system that provides 
passengers with: 

(a) in-flight entertainment 

(b) reduced amount of IFE wiring to a seat 
position 

(c) voice announcements and chime 
signals. 


14. An electrical flap drive system uses a: 
(a) reversible DC motor 
(b) variable-speed DC motor 
(c) unidirectional DC motor. 


15. The stall identification system contains an 
actuator that: 
(a) maintains the angle of attack 
(b) pulls the control column rearward 
(c) pushes the control column forward. 


16. When a pneumatic fire detector is rapidly 
heated; hydrogen is liberated causing: 
(a) sufficient gas pressure to close the alarm 
switch 
(b) the integrity switch to open 
(c) the alarm switch to reset. 


17. Forward-looking terrain avoidance (FLTA) 

looks: 

(a) ahead of, and below the aircraft’s lateral 
and vertical flight path 

(b) ahead of, and above the aircraft’s lateral 
and vertical flight path 

(c) either side of, and below the aircraft’s 
lateral and vertical flight path. 


18. The DFDR on large aircraft has to be able to 
retain the recorded data for a minimum of 
the last: 

(a) 30 minutes of its operation 
(b) 25 hours of its operation 
(c) 25 flights. 
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19. The ability of an item of equipment to operate 


alongside other items of equipment without 
causing EMI is called: 

(a) EMC 

(b) ESSD 

(c) HIRE 


20. Visual inspection of wiring installations: 


(a) enables obvious faults to be identified and 
the appropriate action(s) taken 

(b) checks for adequate insulation resistance 
between conductors 

(c) checks the continuity of the earth return 
path back to the power supply(s). 


Paper 4 


l. 


A generator delivers 250W of power to a 502 
load. The current flowing in the load will be: 
(a) 0.2A 

(b) SA 

(c) 10A. 


. The power factor in an AC circuit is defined as 


the ratio of: 

(a) true power to apparent power 
(b) apparent power to true power 
(c) reactive power to true power. 


In a PNP transistor, conventional current: 
(a) flows into the collector 

(b) flows out of the collector 

(c) there is no current flow in the collector. 


. Gillham code from an altitude encoder is 


based on: 

(a) natural binary code 

(b) a form of Gray code 

(c) self-correcting hexadecimal code. 


In terms of bonding, composite material has a: 
(a) high resistance and is unsuitable for 
bonding 


(b) low resistance and is unsuitable for bonding 


(c) high resistance and is suitable for bonding. 


. Higher frequency signals can lead to cross-talk 


between wires as a result of the: 
(a) dielectric effect of the wire insulation 
causing increased capacitance 


10. 


11. 
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(b) dielectric effect of the wire insulation 
causing reduced capacitance 

(c) dielectric effect of the wire conductors 
causing reduced capacitance. 


. Lateral acceleration and radio altitude are 


typical parameters recorded on the: 
(a) FDR 
(b) CVR 
(c) ULB. 


. Premature descent alert compares the 


aircraft’s: 

(a) ground speed with the proximity of the 
nearest airport 

(b) lateral and vertical position with the 
proximity of the nearest airport 

(c) lateral and vertical position with the 
proximity of high terrain. 


. To operate an engine fire extinguisher, the fire 


handle is: 

(a) twisted 

(b) twisted and then pulled 
(c) pulled and then twisted. 


When the AoA reaches a certain angle, the 

airflow over the wing: 

(a) becomes turbulent and the lift is 
dramatically decreased 

(b) becomes streamlined and the lift is 
dramatically decreased 

(c) becomes turbulent and the lift is 
dramatically increased. 


When an electrically operated landing gear is 

fully retracted, the up-lock switch contacts: 

(a) open thereby removing power from the 
motor 

(b) close thereby removing power from the 
motor 

(c) open thereby applying power to the motor. 


12. Fibre optic cable bends need to have a 


sufficiently large radius to: 

(a) minimize losses and damage 

(b) maximize immunity to electromagnet 
interference (EMI) 

(c) accurately align the connector optical 
components. 
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13. The starboard wing tip navigation light 1s has 
the following colour and divergence: 
(a) red and 110 degrees 
(b) green and 110 degrees 
(c) white and +70 degrees. 


14. Intrinsic safety is a technique used for: 
(a) safe operation of electrical/electronic 
equipment in explosive atmospheres 
(b) ensuring fuel temperature does not become 
too low/high 
(c) reducing fuel quantity. 


15. The starting sequence for a gas turbine engine 
is to: 

(a) turn on the ignition, develop sufficient 
airflow to compress the air, and then open 
the fuel valves 

(b) develop sufficient airflow to compress the 
air, open the fuel valves and then turn on 
the ignition 

(c) develop sufficient airflow to compress the 
air, turn on the ignition and then open the 
fuel valves. 


16. When a foil strain gauge is deformed, this 
causes: 
(a) an electromotive force (EMF) to be 
generated 
(b) its electrical resistance to change 
(c) different coefficients of thermal expansion. 


17. 


18. 


19. 
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The split bus system is sometimes called a: 
(a) non-parallel system 

(b) parallel system 

(c) standby and essential power system. 


The white collar just below a circuit breaker 
button provides visual indication of the: 

(a) circuit breaker trip current 

(b) system being protected 

(c) circuit breaker being closed or tripped. 


The voltage coil of a carbon pile regulator 

contains a: 

(a) large number of copper wire turns 
connected across the generator output 

(b) low number of copper wire turns connected 
across the generator output 

(c) large number of copper wire turns 
connected in series with the generator 
output. 


20. The only accurate and practical way to 


determine the condition of the nickel- 
cadmium battery is with a: 

(a) specific gravity check of the electrolyte 
(b) measured discharge in the workshop 
(c) check of the terminal voltage. 
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and units 


Quantity 


Angle 
Capacitance 
Charge 
Conductance 
Current 
Energy 

Flux 

Flux density 
Frequency 
Impedance 
Inductance 
Power 
Reactance 
Resistance 
Time 
Voltage 


S 
= 
> 
= 


SCO Re WANS GS QO AS 


Unit 


radian or degree 
farad 
coulomb 
siemen 
ampere 
joule 
weber 
tesla 
hertz 
ohm 
henry 
watt 
ohm 
ohm 
second 
volt 


Abbreviated units 


N oS 


4° DOs moOmHs 
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Appendix Electrical formulae 
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Charge, current and voltage 


Q=IXt 


Ohm's law 


V = I X Rand? = VIR and R = VII 


Similarly if resistance is replaced by reactance or 
impedance: 


V = I X X andI =V/X and X = V/I 
V = I X Zand I = VIZ and Z = V/I 
Power and energy 
P =I XV andP = V’°/R and P = I'R 
J = P X t and since P = I X V soJ = IVt 
Resistors in series 


R. =R +R, +R, 


Resistors in parallel 


l l 
Se aS 
R, R; 


m|- 


l 
Ry 
but where there are only two resistors, 


_& X&, 
RER 


T 


Capacitance 


EA 
d 


C = 


where e is the permittivity of the dielectric and € = £ọ €,. 


Capacitance, charge and voltage 


O = CV 


Inductance 


where u is the permeability of the magnetic medium 
and u = Ho pr 


Energy stored in a capacitor 
W = ¥%CV* 

Energy stored in an inductor 
W = YLP 

Inductors in series 


L=L+L +L, 


Inductors in parallel 


but where there are only two inductors 


_L XL, 
LL, 


T 


Capacitors in series 
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but where there are only two capacitors 


CG 
C +C, 


T 


Capacitors in parallel 


C.=C+64+¢, 


Induced e.m.f. in an inductor 


e= =p 
dt 


di. ee 
where T is the rate of change of current with time. 
t 


Current in a capacitor 


dv 
where di 1s the rate of change of voltage with time. 


Sine wave voltage 


Vi a sin (wt) or v = Vows sin (27 ft) 
because w = 27f 
fur 


where T is the periodic time. 


For a sine wave, to convert: 


RMS to peak multiply by 1.414 
Peak to RMS multiply by 0.707 
Peak to average multiply by 0.636 
Peak to peak-peak multiply by 2 


Capacitive reactance 
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Resistance and reactance in series 
X 
Z = (R? + X’) ando = arctan Z | 


Resonance 


l 
27 f C 


1 
A, = Xe thus wL = — or 2r f L = 
wC 


"TO e 
° 27N LC 


Power factor 
Power factor = true power/apparent power 
watts/volt-amperes = W/VA 
V XxX (I X coso) = VI coso 
Power factor = cosp = R/Z 
Reactive power = V X (I X sing) = VI sing 


True power 


Motors and generators 
F = Bil 
f = pn/60 


where p is the number of pole pairs and n is the speed 
in r.p.m. 


Three phase 
Star connection 


V, = 1.732 x V, and I, = I, 
Note that 1.732 = 3 
Delta connection 


V =V,and/, = 1.732 x Ip 


Power in a three-phase load 


P = 3 X VI pcos = 1.732 X Y, I cos@ 


Appendix Decibels 
6 


Decibels (dB) are a convenient means of comparing 
power, voltage and current in electrical and electronic 
circuits. They are also commonly used for express- 
ing gain (amplification) and loss (attenuation) in 
electronic circuits. They are used as a relative meas- 
ure (1.e. comparing one voltage with another, one 
current with another, or one power with another). In 
conjunction with other units, decibels are sometimes 
also used as an absolute measure. Hence dB V are 
decibels relative to 1V, dB m are decibels relative to 


Decibels (dB) Power ratio 


0 l 

l 1.26 

2 1.58 

3 2 

4 25l 

5 3.16 

6 3.98 

ei 5.01 

8 6.31 

9 7.94 

10 10 

13 19.95 

16 39.81 

20 100 

30 1,000 

40 10,000 
50 100,000 
60 1,000,000 
70 10,000,000 


1 mW, etc. The decibel is one-tenth of a bel which, in 
turn, is defined as the logarithm (base 10) of the ratio 
of power, P, to reference power, Pr. Provided that the 
resistances/impedances are identical, voltage and cur- 
rent ratios may be similarly defined, 1.e. one-twentieth 
of the logarithm (base 10) of the ratio of voltage, V, 
to the reference voltage, Vp, or one-twentieth of the 
logarithm (base 10) of the ratio of current, /, to the 
reference current, Jp. 


Voltage ratio Current ratio 


l l 

1.12 1 
1.26 1.26 
1.41 1.41 
1.58 1.58 
1.78 1.78 

2 2 

2.24 2.24 
2.51 2:91 
2.82 2.82 
3.16 3.16 
3.98 3.98 
6.31 6.31 
10 10 
31.62 31.62 
100 100 
316.23 316.23 
1,000 1,000 
3,162.3 3,162.3 
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Appendix Wire and cable sizes 


7 


The sizing of most, if not all, aircraft wiring instal- 
lations is based on the American wire gauge (AWG). 
The size of wire (or gauge) is a function of its diam- 
eter and cross-sectional area. The cross-sectional area 
of each gauge is an important factor for determining 
its current-carrying capacity. Increasing gauge num- 
bers give decreasing wire diameters. 

Measurement of wire gauge is based on a linear 
measurement of one thousandth of an inch (one mil). 
A square mil is a unit of area equal to the area of a 
square with sides of one thousandth of an inch. This 
unit of area is usually used in specifying the area of 
the cross-section of rectangular conductors, e.g. bus 
bars or terminal strips. 

The circular mil is a unit of area, equal to the area 
of a circle with a diameter of one mil. Note that a cir- 
cular mil is not the true cross sectional area of a wire 
(given by 11”). One circular mil is equal to the cross 
sectional area of a 0.001 in. diameter wire. (Although 
the term ‘mil’ is used, there is no relationship to any 
metric units.) 

Circular mils are a convenient unit for comparing 
wires and cables, without the need to reference T. 
Circular mils were introduced into the aircraft indus- 
try from the USA and should be used with caution 
since potential error will result from the lack of 7 in 
its definition! This is particularly relevant when work- 
ing with the resistivity of metals; these figures are 
based on the true cross-sectional area. 

When the wire is contained within a bundle (or 
loom) the current-carrying capacity reduces since 
heat dissipation is reduced. The voltage drop along 
a given length of wire will also be a limiting factor 


Table A7.1 Copper wire, American Wire 
Gauge (AWG) 


Wire size Diameter Cross-section Maximum 
(AWG) (mils) (Circular current (A) 
mils) in free air 
20 32.0 1,024 11 
18 40.3 1,624 16 
16 50.8 2,581 22 
14 64.1 4,109 32 
12 81.0 6,561 41 
10 102.0 10,404 55 
8 128.5 16,512 73 
6 162.0 26,244 101 
4 204.0 41,616 135 
2 258.0 66,564 181 


for the current-carrying capacity; tables are published 
that allow the circuit designer to calculate the wire 
gauge for a given power supply voltage, wire length 
and whether the current is intermittent or continuous. 


Key maintenance point 


The maximum current (A) in Table A7.1 is for train- 
ing purposes and guidance only; always consult the 
approved data. 
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For larger aircraft, a standardized manual format was 
developed by the Airline Transport Association (ATA) 
of America called ATA Spec. 100. This specification 
contains format and content guidelines for technical 
manuals written by aircraft manufacturers and sup- 
pliers. Note that in 2000, ATA Spec 100 (documenta- 
tion) and ATA Spec 2100 (for inventory management) 
were incorporated into ATA iSpec 2200. Many 
aircraft documents that were written via the 
ATA Spec. 100 will be in service for many years to 
come. 

The following gives a list of ATA chapters and sub- 
sections within the chapter. 


Chapter 21 Air Conditioning 


21-00-00 General 

21-10-00 Compression 

21-20-00 Distribution 

21-30-00 Pressurization control 
21-40-00 Heating 

21-50-00 Cooling 

21-60-00 Temperature control 
21-70-00 Moisture/air contamination 


Chapter 22 Autoflight 


22-00-00 General 

22-10-00 Autopilot 

22-20-00 Speed-attitude correction 
22-30-00 Autothrottle 

22-40-00 System monitor 

22-50-00 Aerodynamic load alleviating 


Chapter 23 Communications 


23-00-00 General 

23-10-00 Speech communication 

23-20-00 Data transmission, auto. calling 
23-30-00 Passenger address and entertainment 
23-40-00 Interphone 


23-50-00 Audio integrating 

23-60-00 Static discharging 
23-70-00 Audio & video monitoring 
23-80-00 Integrated automatic tuning 


Chapter 24 Electrical Power 


24-00-00 General 

24-10-00 Generator drive 

24-20-00 AC generation 

24-30-00 DC generation 

24-40-00 External power 

24-50-00 AC electrical load distribution 
24-60-00 DC electrical load distribution 


Chapter 25 Equipment & Furnishings 


25-00-00 General 

25-10-00 Flight compartment 
25-20-00 Passenger compartment 
25-30-00 Buffet/galley 

25-40-00 Lavatories 

25-50-00 Cargo compartments 
25-60-00 Emergency 

25-70-00 Accessory compartments 
25-80-00 Insulation 


Chapter 26 Fire Protection 


26-00-00 General 

26-10-00 Detection 

26-20-00 Extinguishing 
26-30-00 Explosion suppression 


Chapter 27 Flight Controls 


27-00-00 General 
27-10-00 Aileron & tab 
27-20-00 Rudder & tab 
27-30-00 Elevator & tab 
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27-40-00 Horizontal stabilizer 
27-50-00 Flaps 

27-60-00 Spoiler, drag devices, fairings 
27-70-00 Gust lock & damper 
27-80-00 Lift augmenting 


Chapter 28 Fuel 


28-00-00 General 
28-10-00 Storage 
28-20-00 Distribution 
28-30-00 Dump 
28-40-00 Indicating 


Chapter 29 Hydraulic Power 


29-00-00 General 
29-10-00 Main 
29-20-00 Auxiliary 
29-30-00 Indicating 


Chapter 30 Ice & Rain Protection 


30-00-00 General 

30-10-00 Airfoil 

30-20-00 Air intakes 

30-30-00 Pitot and static 

30-40-00 Windows, windshields & doors 
30-50-00 Antennas & radomes 

30-60-00 Propellers & rotors 

30-70-00 Water lines 

30-80-00 Detection 


Chapter 31 Indicating & Recording Systems 


31-00-00 General 

31-10-00 Instrument & control panels 
31-20-00 Independent instruments 
31-30-00 Recorders 

31-40-00 Central computers 

31-50-00 Central warning systems 
31-60-00 Central display systems 

31-70-00 Automatic data reporting systems 


Chapter 32 Landing Gear 


32-00-00 General 
32-10-00 Main gear & doors 
32-20-00 Nose gear & doors 
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32-21-01 Actuators 

32-30-00 Extension & retraction 
32-40-00 Wheels & brakes 
32-50-00 Steering 

32-60-00 Position and warning 
32-70-00 Supplementary gear 


Chapter 33 Lights 


33-00-00 General 

33-10-00 General compartment 

33-20-00 Passenger compartments 
33-30-00 Cargo and service compartments 
33-40-00 Exterior 

33-50-00 Emergency lighting 


Chapter 34 Navigation 


34-00-00 General 

34-10-00 Flight environment data 

34-20-00 Attitude & direction 

34-30-00 Landing & taxiing aids 

34-40-00 Independent position determining 
34-50-00 Dependent position determining 
34-60-00 Flight management computing 
34-70-00 ATC Transponder 


Chapter 35 Oxygen 


35-00-00 General 
35-10-00 Crew 
35-20-00 Passenger 
35-30-00 Portable 


Chapter 38 Water/waste 


38-00-00 General 
38-10-00 Potable 
38-20-00 Wash 
38-30-00 Waste disposal 
38-40-00 Air supply 


Chapter 51 Structure 
51-00-00 General 


Chapter 52 Doors 


52-00-00 General 
52-10-00 Passenger/crew 
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52-20-00 Emergency exit 
52-30-00 Cargo 
52-40-00 Service 
52-50-00 Fixed interior 
52-60-00 Entrance stairs 
52-70-00 Door warning 
52-80-00 Landing gear 


Chapter 53 Fuselage 
53-00-00 General 


Chapter 54 Nacelles/pylons 


54-00-00 General 
54-10-00 Nacelle section 
54-50-00 Pylon section 


Chapter 55 Horizontal & vertical stabilizers 


55-00-00 General 

55-10-00 Horizontal stabilizer or canard 
55-20-00 Elevator 

55-30-00 Vertical stabilizer 

55-40-00 Rudder 


Chapter 56 Windows 


56-00-00 General 

56-10-00 Flight compartment 
56-20-00 Passenger compartment 
56-30-00 Door 

56-40-00 Inspection & observation 


Chapter 57 Wings 


57-00-00 General 

57-10-00 Centre wing 

57-20-00 Outer wing 

57-30-00 Wing tip 

57-40-00 Leading edge and leading edge 
57-50-00 Trailing edge and trailing edge 
57-60-00 Ailerons and elevons 

57-70-00 Spoilers 


Chapter 61 Propellers 


61-00-00 General 
61-10-00 Propeller assembly 
61-20-00 Controlling 
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61-25-01 Governor, propeller 
61-30-00 Braking 

61-40-00 Indicating 

61-50-00 Propulsor duct 


Chapter 71 Power plant 


71-00-00 General 

71-10-00 Cowling 
71-20-00 Mounts 

71-30-00 Fireseals 
71-40-00 Attach fittings 
71-50-00 Electrical harness 
71-60-00 Air intakes 
71-70-00 Engine drains 


Chapter 72 Engine — turbine 
72-00-00 General 


Chapter 73 Engine fuel and control 


73-00-00 General 
73-10-00 Distribution 
73-15-00 Divider flow 
73-20-00 Controlling 
73-25-00 Unit fuel control 
73-30-00 Indicating 


Chapter 74 Ignition 


74-00-00 General 

74-10-00 Electrical power supply 
74-15-01 Box, ignition exciter 
74-20-00 Distribution 


Chapter 75 Air 


75-00-00 General 

75-10-00 Engine anti-icing 
75-20-00 Cooling 

75-30-00 Compressor control 
75-35-01 Valve HP & LP bleed 
75-40-00 Indicating 


Chapter 76 Engine controls 


76-00-00 General 
76-10-00 Power control 
76-20-00 Emergency shutdown 
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Chapter 77 Engine indicating 


77-00-00 General 

77-10-00 Power 

77-20-00 Temperature 

77-30-00 Analysers 

77-40-00 Integrated engine instrument systems 


Chapter 78 Exhaust 


78-00-00 General 

78-10-00 Collector/nozzle 
78-20-00 Noise suppressor 
78-30-00 Thrust reverser 
78-40-00 Supplementary air 


Aircraft electrical and electronic systems 


Chapter 79 Oil 


79-00-00 General 
79-10-00 Storage 
79-20-00 Distribution 
79-30-00 Indicating 


Chapter 80 Starting 


80-00-00 General 
80-10-00 Cranking 
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Batteries Fuse 
—| 4 Single-cell ÓNO ==>» ||] 
Gearbox 


— | | =— Mutti-cell (battery) x] 


Audible devices 


Grounds 
ee mor > |I Internal 


Busbar 


— |! External 
| Crossing 


- conductor — Chassis 
y 


Warning lights 


ier o Ò with press 
ARO O a) to test 


Slip ring 
— p) Meters 
Connector test point Bag bvd T 
Y Amps Volts Frequency 
. . Shunt 
Single pin connector 
A q O O b B 
——< 
C D 
Resistors 
Complete connector 
Fixed 
Mie —_  p- 
Tapped 


Receptacle plug 


Y > ña 


Variable —Q— Co-axial 
A A —— Single 


Heater a 
=mn mie of. o | | Shielded 


Ballast 


A 
snie 
ae, 


x Twisted 
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Semiconductors 


C 
Anode Cathode B NPN transistor 
Diod 
iode E 
A C 
B PNP transistor 
E 
Light emitting diode 
es s 
Thyristor 
A K 


Photo sensitive diode 


Transformers 


e e Phase shift 


BIE ger" SE a 


Basic Step-down Step-up” 
Auto 
Fixed Variable Current 
Wye-Wye Wye-Delta 


Thermal devices 


ae, ¿A 


Sensing element Thermal resistor Thermal relay Continuous loop 
with time delay detector 
sxe — N.C. Contacts N.O. Contacts N.C. 


Thermal switch Thermal overlaod Thermocouple 


Electrical and electronic symbols 


Switches 
OO ae: oi oTo 
oO o 0 90 o O 
O 
S.P.S.T. D.P.S.T. S.P.D.T. D.P.D.T. Push-pull 
at Y NC 
oi AA | ds de | P IANO 
P l 
E — 
Off-Momentary ON Push ON Pressure 
0 1 
A ss A E LE E 
(in) CO (out) (in) (out) ES 
Solid-state Reed Push with 
hold-in 
Relays A 
S.P.D.T. S.P.S.T. D.P.D.T. with 


a.c. excitation 


Antennas 


Y. Y 


Dipole Loop 
Circuit breakers 
Ea e zoe NA 
Trip free Switch type Automatic trip Automatic reset 
push to reset 


Logic gates 


Inverter 


Exclusive OR 
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Wires and cables should be identified to facilitate 
installation, trouble-shooting and potential modifica- 
tions. There are various specifications that provide 
details of how wiring identification is implemented, 
including those adopted by the aircraft manufacturers. 
The simplest form of identifying cables is to mark the 
ends of the wires with the source and destination of 
the individual wire or cable. The wire/cable insulation 
is marked with indelible ink or laser printing. Wires 
are sometimes identified by the system type, wire 
number and gauge. Some manufacturers mark the 
cables at intervals along the cable. On more complex 
installations, where cables are bundled into looms, the 
entire loom may be given an identification code; this 
would be marked on a sleeve or band. The ATA speci- 
fication is illustrated here to describe the principles of 
wire coding. 

The code consists of a six-position combination 
of letters and numbers that is marked on the wire or 
cable, and is documented in the wiring diagram man- 
uals. If the number cannot be marked on the wire or 
cable, e.g. due to its small diameter, it is printed onto 
sleeves that are fitted to the ends of the wire or cable. 
The following examples illustrate the principles of 
coding; the wire code would be marked thus: 


2P4B20N 


Each of the six positions has a specific purpose: 
2, P, 4, B, 20; N, 


Position 1 indicates the system number, e.g. in a 
twin-engine aircraft; this would be the wiring associ- 
ated with the number two engine. 

Position 2 indicates the function of the circuit or 
system, e.g. P = electrical power. Other examples of 
circuit functions/system codes are given below. 

Position 3 indicates the sequential number of wires 
in the same circuit; three wires used by the stator wind- 
ings of synchro system would be numbered 1, 2 and 3. 


Position 4 indicates the segment of wiring in 
a circuit, 1.e. that portion of wire between two con- 
nections. This normally starts with A and builds up 
sequentially through the circuit. 

Position 5 indicates the AWG size of the wire or 
cable; on certain cable types, e.g. coaxial and thermo- 
couples, this number is not used, and is replaced by a (-). 

Position 6 indicates whether the wire is being used 
as either: a connection to a ground/neutral point, an 
AC supply or a thermocouple. Codes used for posi- 
tion 6 are as follows: 


N ground/neutral 

V single-phase AC supply 
A,B,C three-phase AC supply 
AL alumel thermocouple 
CH chromel thermocouple 
CU aluminium thermocouple 
CN constantan thermocouple 


Examples of circuit functions/system codes: 


Flight control 
De-icing/anti-icing 
Engine instruments 
Flight instruments 
Heating/ventilation 
Ignition 

Engine control 
Lighting 
Miscellaneous 
Power 

Fuel/oil 

Radio navigation/communication 
Inverter 

Warning devices 
AC power 


e als See oS 
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A/C pack, 250 

AC generator, 82, 89, 91, 92, 104, 105, 
106, 107 

AC motor, 95, 96, 97 

AC ratiometer, 174, 175 

AC torque synchro, 180, 181, 182 

ACARS, 367 

ACM, 249, 250, 251 

ADC, 55 

AES, 245, 246 

AGM, 117 

AIDS, 328 

AMLCD, 207, 262 

AMM, 7 

AND logic, 59 

APU, 105, 111, 134, 135, 191 

APU fire detection, 284 

APU start, 191, 192 

APU starter logic, 64 

ARINC 429, 74, 75, 213 

ARINC 631, 75 

ATA chapter, 363, 391 

ATA specification, 363 

ATC, 299 

ATE, 366 

AVO, 342 

AVOD, 244 

AWG, 139, 389 

Abbreviations, 369 

Absorbent glass mat, 117 

Accretion, 271 

Acronymns, 369 

Active matrix liquid crystal display, 262 

Active-low, 63 

Address bus, 76 

Aerofoil, 265, 266 

Air conditioning, 249, 250, 251 

Air cycle machine, 249 

Air distribution system, 193 

Air traffic control, 299 

Aircraft Maintenance Manual, 7 

Aircraft battery, 111 

Aircraft communication addressing and 
reporting system, 367 

Aircraft earth station, 245 

Aircraft integrated data system, 328 

Aircraft manual, 362 

Airline Transport Association, 391 

Airstairs, 254 


Alarm switch, 289 

Alert, 262 

Alpha radiation, 292 
Alternating current, 19, 20 
Alternator, 89, 105 

Alternator master switch, 130 
Alternator schematic, 149 
Altitude, 305 

Altitude callout, 306 
Aluminium wire, 359 
American wire gauge, 139, 389 
Amplifier, 54 

Amplitude, 21 

Analogue multimeter, 364 
Analogue signal, 55 

Analogue to digital converter, 55 
Angle of attack, 265, 266, 267 
Anode, 38, 111, 112 
Anti-collision light, 236, 238 
Anti-icing, 275, 276 
Anti-skid, 277, 280 

AOA, 265, 266, 269 

AOA sensor, 270 

Apparent power, 27, 162 
Armature, 85, 88, 168, 170 
Assisted recovery, 318 
Asynchronous, 74 

Atom, | 

Attitude, 306 

Audio entertainment system, 243 
Audio-video on demand, 244 
Aural warning, 281 
Auto-transformer, 133, 134 
Automatic test equipment, 366 
Autoranging, 365 
Autorotation, 316 

Autosyn, 181 

Auxiliary power unit, 105, 111, 134, 191 
Average value, 21 

Averaging linear detector, 286 
Avionic bus, 148 

Avometer, 364, 365 


BCD, 66, 68, 69, 330, 331, 332 
BCE, 283 

BCI, 346 

BITE, 366, 367 

BJT, 49, 50 

BJT circuit configurations, 53 


BNC, 141 

BPCU, 162 

BPS, 342 

BPV, 220 

BTB, 154, 162 

BTM, 283 

Baggage compartment, 293 
Balanced load, 93 
Bandwidth, 341 

Bank angle, 313 

Bar magnet, 14 

Battery, 6, 111, 113, 120 
Battery bus, 152 

Battery busbar, 155 

Battery charging, 150, 156 
Battery compartment, 123 
Battery connection, 123, 124 
Battery location, 122, 123 
Battery maintenance, 118 
Battery master switch, 147 
Battery pack, 150 

Battery venting, 122, 124 
Battery-backed memory, 77 
Beacon light, 236, 238 
Bi-metallic strip, 175, 176 
Bi-phase rectifier, 46 

Bias, 49, 50, 54 
Bidirectional bus, 72, 73 
Bimetallic element, 144 
Bimetallic principle, 285 
Binary, 68, 76 

Binary coded decimal, 66, 330, 332 
Binary to Gray code conversion, 68 
Bipolar junction transistor, 49 
Bipolar return to zero format, 329 
Bistable, 65, 66 

Bits per second, 342 

Bladder tank, 213 

Bleed air, 279 

Bleed air leak, 283 

Blow out, 195 

Bohr model, 1 

Bonding, 347, 348, 359 
Bonding meter, 365 

Bonding test, 363 

Boost pump, 218 

Boost resistor, 131 

Boots, 274 

Boundary layer, 267 
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Bourdon tube, 174, 206 
Breaker, 159 

Bridge rectifier, 47, 48 
Bromochlorodifluoromethane, 283 
Bromotrifluoromethane, 283 
Brushes, 82 

Brushless generator, 106, 107 
Buffer, 59, 248 

Built-in test equipment, 366 
Bulk current injection, 346 
Bulk erase, 334 

Bulkhead loom, 355 

Bus, 152, 154 

Bus cable, 74 

Bus coupler, 72 

Bus speed, 75 

Bus system, 72, 73 

Bus terminator, 74 

Bus tie breaker, 154 

Busbar schematic, 149 
Bypass valve, 220 


CAGE, 140 

CAS, 208 

CDU, 367 

CFIT, 299, 301 

CHT, 201 

CIVIL, 23, 24 

CMC, 367 

CMOS RAM, 77 

CMS, 367 

CPA, 318 

CPU, 76, 77 

CRT, 207, 262, 324 

CSD, 107 

CVR, 322, 332, 334 
CWT, 221, 222, 223 
Cabin altitude, 254 

Cabin light, 230 

Cabin pressurization, 253 
Cabin zone, 250 

Cable, 137, 140, 353, 359, 389 
Cable loom, 353, 354, 355 
Cabling, 347 

Camber, 265 

Capacitance fringing, 218 


Capacitance fuel quantity sensor, 216 
Capacitive fuel measurement system, 215 


Capacitive reactance, 23, 24, 25 
Capacitor, 3, 4, 6, 23 

Capacitor run, 103 

Capacitor start, 103 

Capacitor starting, 102 
Capacity, 112 

Capacity check, 116 

Capsule, 174, 206 

Carbon dioxide, 284 


Carbon-pile regulator, 128, 129, 130 


Cargo bay, 291, 293 


Cargo bay fire extinguisher, 296, 297 
Cargo compartment, 254 

Cartridge fuse, 143 

Cathode, 38, 111, 112 

Cathode ray tube, 262 

Caution alerting system, 208 
Caution light, 228 

Caution panel, 231 

Cell, 6, 111, 112, 114 

Cell capacity, 112 

Central processing unit, 76 
Centralized maintenance computer, 367 
Centralized maintenance system, 367 
Centre wing tank, 221, 222 
Centrifugal compressor, 134 
Changeover relay, 169 

Charge, 2, 4, 6 

Charge carrier, 2, 35 

Charging, 114, 117, 150, 156 
Circuit breaker, 144, 145 

Circuit breaker panel, 145 

Circuit breaker symbols, 146 
Circuit protection, 142 

Circuit testing, 363 

Circuit trip, 144 

Cladding, 248 

Class A, 54 

Class of fire, 284, 293 

Clock, 76, 77 

Coaxial cable, 141, 142 

Coaxial connector, 142 

Cockpit voice recorder, 321, 332 
Coding, 399 

Cold flow, 356 

Cold junction, 180 

Collector characteristic, 51 
Collision prediction and alerting, 318 
Combinational logic, 60 
Combustion, 283 

Commercial and government entity, 140 
Common base, 52 

Common base amplifier, 53, 54 
Common collector, 52 

Common collector amplifier, 53, 54 
Common emitter, 52 

Common emitter amplifier, 53, 54 
Common emitter current gain, 52 
Commutator, 83, 84, 86, 87 
Compensation unit, 217 

Complex wave, 20 

Composite material, 359, 360 
Compound-wound, 88 

Compressor, 250, 254 

Computer, 76, 77 

Conductor, 2, 8 

Conduit, 354, 355 

Cone of vision, 290 

Configuration warning, 279, 281 
Connector, 355, 356, 358 
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Constant speed drive, 107 
Contact armature, 168 
Contactor, 159, 168 

Continuity test, 363 

Control bus, 76 

Control display unit, 367 
Control surfaces, 261 
Controlled flight into terrain, 299 
Conventional current, 6 
Cooling, 252 

Copper loss, 30 

Core, 248 

Corona discharge, 360 
Coulomb, 2 

Couple, 85 

Coupler panel, 74 
Crash-survivable, 321 
Cross-talk, 248, 340, 341 
Current, 2, 6, 7 

Current gain, 52, 54 

Current limiter, 143, 148, 150 
Current mode, 74 

Current protection, 156 
Current regulation, 128 
Current transformer, 106, 109, 156, 158 
Cut-off, 54 

Cylinder head temperature, 201 


D-type bistable, 66 

DAC, 55 

DC, 6 

DC circuit, 8 

DC generator, 82, 84, 104 
DC motor, 87 

DC ratiometer, 177, 212 
DC synchro, 180, 181 

DCU, 209 

DDT, 346 

DFDR, 323, 324, 327, 328, 329 
DITS, 74 

DVD, 243, 244 

Data bus, 74, 76, 328 

Data communication, 244 
Data concentrator unit, 209 
Data recording formats, 329 
Data selector, 70, 71, 77 
De-icing fluid, 274 
Decibels, 387 

Decoder, 66, 68 
Decompression, 254 

Deep stall, 271 

Defuelling, 221 

Delta connection, 93, 94, 95 
Depletion region, 38 

Desyn, 180 

Detection loop, 285 
Dielectric, 3 

Differential bus, 74 
Differential current protection, 158 
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Differential protection, 156, 158 

Digital data bus, 328 

Digital flight data recorder, 323 

Digital multimeter, 364, 365 

Digital signal, 55, 341 

Digital to analogue converter, 55 

Digital versatile disk, 243 

Diode, 38, 39, 40, 41 

Diode characteristics, 39, 40 

Diode symbols, 41 

Direct bonding, 359, 360 

Direct cranking, 189 

Direct current, 6, 20 

Direct drive testing, 346 

Discharge, 6, 118, 360 

Discharge characteristic, 115, 118, 119, 
121 

Discharge plug, 295 

Discharger, 3 

Discharging, 114, 118 

Discrete component, 55 

Discrete linear detector, 286 

Distribution, 147, 161 

Distributor, 185 

Dome light, 226 

Doping, 36 

Doppler radar, 312, 315 

Doppler shift, 312 

Downdraught, 310, 315 

Drag cup, 196 

Ducted loom, 353, 355 

Ducted smoke detector, 291 


E-I sensor, 172, 173 

E-field, 339 

E.m.f., 7 

ECAM, 206, 209, 210, 262, 263, 367 
ECS, 249 

EDP, 218 

EFIS, 324 

EGPWS, 299 

EGT, 198, 208, 210 

EICAS, 206, 207, 208, 209, 210, 262 
EMC, 342 

EMI, 109, 225, 248, 337, 338, 340, 342 
EMI reduction, 342 

EMI susceptibility, 342 

EPR, 201, 208, 210 

EPR transducer, 202 

ESD, 3 

ESD warning notices, 350 

ESSD, 337, 348, 350 

ETFE, 139 

EWIS, 137, 353 

Earth loop, 362 

Earth return circuit, 361 

Earth station, 362 

Eddy current, 196 

Eddy current loss, 30 


Effective value, 21 

Efficiency, 30 

Eight to three line encoder, 70 

Electric charge, 2, 4 

Electric current, 2, 6, 7 

Electric field, 3, 4, 339 

Electric shock, 32 

Electrical formulae, 385 

Electrical noise, 343 

Electrical power breaker, 159, 160 

Electrical power panel, 155 

Electrical quantities, 383 

Electrical starting system, 186 

Electrical symbols, 383, 395 

Electrical system synoptic, 263 

Electrical units, 383 

Electrical wire interconnection system, 
137, 353 

Electroluminescence, 225 

Electrolysis, 117 

Electrolyte, 114, 115, 139 

Electrolyte spillage, 119 

Electromagnetic circuit breaker, 144 

Electromagnetic compatibility, 337, 342 

Electromagnetic induction, 16 

Electromagnetic interference, 225, 248, 
337, 342 

Electromagnetic interference filter, 109 

Electromagnetic wave, 339 

Electromagnetism, 14 

Electromotive force, 7 

Electron, 1, 2 


Electronic centralized aircraft monitoring, 


206, 262 
Electronic indicating systems, 206 
Electronic symbols, 395 
Electronic voltage regulator, 130 
Electrostatic effect, 1 


Electrostatic sensitive device, 3, 337, 348 


Electrostatic voltage, 349 

Electrostatics, 3 

Elevation, 305 

Emergency exit light, 230 

Emergency light, 226 

Emergency power, 136 

Emitter follower, 52 

Encoder, 69 

Energy, 12 

Engine electrical systems, 185 

Engine fire detection, 284 

Engine fire extinguisher, 295 

Engine indicating and crew alerting 
system, 206, 262 

Engine indicating system, 195 

Engine instruments, 195 

Engine pressure ratio, 201 

Engine speed indication, 197 

Engine start, 192 

Engine temperature, 198, 199, 200 
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Engine torque indicator, 205 

Engine-driven pump, 218 

Enhanced ground proximity warning 
system, 299 

Environment, 137 

Environmental control system, 249 

Equalizing system, 153 

Equipment bonding, 348 

Equipment cooling, 252 

Erase head, 328 

Essential bus, 152 

Essential load, 111 

Essential power, 155 

Ethernet, 75 

Ethylene tetrafluoroethylene, 139 

Eutectic salt, 288 

Exciter generator, 107 

Exclusive-NOR, 60 

Exclusive-OR, 60 

Exhaust gas temperature, 198 

Exit light, 230 

Exterior light, 232, 234, 235 

External power, 131, 150, 151, 152, 156 

External reference, 303 

Extinguisher, 294, 295 


FDAU, 323, 324 

FDDI, 75 

FDE, 367 

FDR, 321, 334 

FDR parameters, 324, 325 
FDR specifications, 326 

FEP, 139 

FLTA, 299, 300, 302, 313, 316 
FLTA runway, 317 

FQIS, 215 

FSHR, 192 

Failure mode, 139 

Faraday cage, 344 

Faraday shield, 344 

Faraday’s law, 17 

Fibre distributed data interface, 75 
Fibre optic, 248, 249 

Fibre optic cable, 248 

Fibre optic connector, 248, 249 
Field, 88 

Field connections, 87 

Field strength, 344 

Field winding, 86 

Fire bottle, 295 

Fire detection, 284, 286 

Fire detector loop, 287 

Fire extinguisher, 294, 295, 296 
Fire protection, 283 

Flameout, 193 

Flaps, 260, 261 

Fleming’s rule, 86, 87 

Flight data acquisition unit, 323 
Flight data recorder, 321 
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Flight deck effect, 367 

Flight idle speed, 193 

Flight path, 313, 316 

Float gauge, 212 

Float stick, 215 

Float valve, 212 

Flood light, 226 

Flooded cell, 113 

Floor path lighting, 230 

Fluid pressure measurement, 206 

Fluid pressure transducer, 176 

Fluorescent lamp, 225 

Fluorinated ethylene-propylene, 
139 

Flux density, 15, 338 

Foil recorder, 321 

Formulae, 385 

Forward conduction voltage, 39 


Forward looking terrain avoidance, 299, 


313 

Forward-bias, 39 

Four to one multiplexer, 71, 72 

Frangible diaphragm, 295 

Free electron, 2 

Frequency, 20, 21 

Fuel, 213 

Fuel distribution, 218, 219, 220 

Fuel dumping, 221 

Fuel feed, 218 

Fuel flow indication, 201, 203, 204 

Fuel flow metering, 203 

Fuel indication, 213 

Fuel jettison, 221, 222 

Fuel quantity indicating system, 215 

Fuel quantity measurement, 213, 214, 
215,216, 217 

Fuel solenoid holding relay, 192 

Fuel tank, 217 

Fuel tank venting, 221 

Fuel temperature, 220 

Fuel temperature indicating system, 
205 

Fuel transfer, 220 

Full-load, 30 

Full-wave rectifier, 45, 47, 48 

Functional test, 363 

Fuse, 142 

Fuse construction, 143 

Fuse holder, 143 

Fuse location, 144 

Fuse panel, 144 

Fuse symbol, 143 

Fusible link, 142 


GCAM, 318 
GCB, 154 
GCCU, 109 
GCR, 109, 158 


GCU, 106, 108, 109, 158 

GEO, 246 

GPCU, 162 

GPS, 246, 300 

GPWS, 299, 301, 303 

GPWS Mode 1, 306 

GPWS Mode 2, 307, 309 

GPWS Mode 3, 307, 309 

GPWS Mode 4, 307, 310, 311 

GPWS Mode 5, 308, 312 

GPWS Mode 6, 308, 313 

GPWS Mode 7, 308, 315 

Galley equipment, 243 

Gas turbine engine, 189 

Gasper fan, 252 

Gate, 59 

Ge, 36 

Generated e.m.f., 83, 84, 85 

Generator, 81, 82, 84, 153, 154 

Generator circuit breaker, 154 

Generator control logic, 65 

Generator control relay, 109 

Generator control unit, 106, 108, 109, 
158 

Generator conversion control unit, 109 

Generator output, 160 

Geostationary earth orbit, 246 

Germanium, 36, 40 

Gillham code, 69 

Gillham interface, 69 

Glide slope, 305 

Global positioning system, 246 

Go/no-go status, 367 

Gray code, 66, 68 

Gray code to binary conversion, 68 

Ground collision avoidance module, 318 

Ground idle speed, 192 

Ground loop, 340, 362 

Ground power, 151, 152 

Ground power available, 154 

Ground power relay, 150 

Ground proximity warning light, 306 

Ground proximity warning system, 299 

Grounding, 347, 348, 350 


H-field, 339 

HEIU, 190, 192, 195 

HERE, 337, 343 

HIRE, 337, 343, 344, 346 
HIRF environment, 347 

HIRF threat, 346 

HUMS, 334 

Half-wave rectifier, 43, 44, 45 
Halogenated hydrocarbon, 283 
Halon, 283 

Hand-held fire extinguisher, 295 
Harvard format, 329 

Head wind, 310, 315 
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Health and usage monitoring system, 334 
Height, 305 

Hertz, 20 

Hexadecimal, 66, 68 

High state, 76 

High-energy ignition unit, 190 
High-energy radiated field, 337, 343 
High-intensity radiated field, 337, 343 
Holdover time, 274 

Hole, 36 

Hot battery bus, 155, 156 

Hot junction, 178 

Hydrocarbon fire, 290 

Hydrolysis, 354 

Hysteresis loss, 30 


I/O, 76, 77 

IDG, 107, 153 

IFE, 243, 244, 245, 248 

ILS, glide slope, 308 

IR, 284, 290 

IR lossses, 137 

IR test, 363 

IRS, 306 

ISU, 245 

Ice detection, 271 

Ice detector, 272, 273 

Ice inspection light, 233 

Ice protection, 271, 272, 274, 275 
Igniter, 191 

Ignition cable, 187 

Ignition system, 194 

Ignition unit, 190 
Impedance, 25 

Impedance bridge, 216 
Impedance triangle, 25 
Impurity atom, 35, 36 
Impurity element, 36 
In-flight entertainment, 243 
In-flight start, 190 

In-line splice, 141 
Incandescence, 225 
Indicating cap, 142 

Indirect bonding, 359, 360 
Induced e.m.f., 16, 17, 81 
Inductance, 28 

Inductance loop, 167 
Induction, 16 

Induction motor, 96, 100, 101 
Inductive reactance, 23, 24 
Inductor, 14, 19 

Inertial reference system, 306 
Infrared, 284, 290 

Input characteristic, 50, 51 
Input/output, 76 

Instrument landing system, 305 
Instrument lighting, 227 
Insulation resistance test, 363 
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Insulator, 2 

Integral fuel tank, 213 
Integrated circuit, 55, 56 
Integrated drive generator, 107 
Integrity switch, 289 
Inter-turbine temperature, 198 
Internal resistance, 112, 117 
Internet, 244 

Interphone system, 241 
Intrinsic safety, 218 

Inverted input, 60, 61 
Inverted output, 60, 61 
Inverter, 100, 131, 132 
Inverting input, 55 

Ion, 1 

Ionization smoke detector, 291 
Ionized gas, 225 

Iridium, 244, 246, 247 
Iridium subscriber unit, 245 
Iron loss, 30 

Isolated charge, 4 

Isotope, 292 


J-K bistable, 66, 67 

JPT, 198 

Jet pipe temperature, 198 
Jettison pump, 219 

Joule, 12 

Junction, 177, 178 
Junction diode, 38 


KWh, 12 

Kevlar, 249 

Kilobyte, 77 

Kilowatt, 12 

Kirchhoff’s laws, 10, 11 
Knife-edge cutter, 271, 272 
Ku-band, 247 


L-band, 246 

LAN, 248 

LCD, 244, 324 

LED, 43, 225, 230, 237, 248, 292 
LEO, 246 

LP cock, 218 

LRRA, 304 

LRU, 72, 73, 74, 356, 357, 366 
LVDT, 170, 172, 201 

Landing gear, 257, 258, 259 
Landing gear warning logic, 60, 62 
Landing light, 233, 234 
Lead-acid battery, 113, 114 
Lead-acid cell, 111 

Leading edge, 265 

Leak, 116, 119 

Leaning, 201 

Left-hand rule, 87 

Lenz's law, 17, 99 


Level 1 failure, 263 

Level 2 failure, 263 

Level 3 failure, 262 

Lift, 267 

Light, 234 

Light control, 227 

Light refraction, 215 

Light-emitting diode, 43, 225 

Lighting, 225, 230, 232 

Lightning, 344 

Lightning strike, 345 

Lightning zone, 345 

Lights, 225 

Limiting resistor, 146 

Line current, 94, 94, 95 

Line replaceable unit, 72, 356, 366 

Line voltage, 94, 95 

Linear displacement transducer, 170 

Linear fire detector, 286, 287 

Linear variable differential transformer, 
170, 172, 201 

Liquid crystal display, 244 

Lithium battery, 111, 120 

Lithium-ion battery, 120 

Load, 8, 30, 111 

Load sharing, 162 

Load shedding, 152, 155, 159 

Local area network, 248 

Local bus, 72 

Localizer, 305 

Logic, 59, 63 

Logic 0, 76, 331 

Logic 1, 76, 331 

Logic gate, 59 

Logic gate symbol, 59 

Logo light, 232 

Look ahead distance, 313 

Loom, 353 

Loop, 15, 340 

Low earth orbit, 246 

Low state, 76 

Low-pressure cock, 218 

Low-range altimeter, 304 


MFD, 303 

MIL/ANSI symbols, 59 

MM, 363 

MSL, 305 

Magnesyn, 181, 182 

Magnetic field, 14, 15, 16, 81, 86, 339, 
340 

Magnetic flux, 15 

Magneto, 185 

Magneto ignition, 185, 186, 188 

Main bus, 152 

Main engine start, 192 

Main tank, 222 

Maintenance manual, 363 
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Majority vote, 62 

Manual, 362 

Mark 33 digital information transfer 
system, 74 

Mass flow, 202 

Master switch, 147 

Master warning circuit, 230 

Master warning light, 228, 285 

Maximum reverse voltage, 39 

Maximum value, 21 

Mean camber line, 265 

Mean sea level, 305 

Measured discharge, 118 

Memory, 76 

Memory effect, 112 

Merz Price protection, 158, 159 

Mesh, 10 

Metallic hydride compound, 289 

Metallic surface bonding, 348 

Metering vane, 201 

Microburst, 310, 314, 315 

Microswitch, 166, 167, 257 

Molecular sieve, 223 

Monostable, 63 

Montreal Protocol, 283 

Motor, 81, 85, 86, 95 

Motor field connections, 87 

Motor-driven impeller, 202 

Moving map system, 244 

Multi-stranding, 137 

Multimeter, 364 

Multiphase supply, 22 

Multiple fuel tanks, 217 

Multiplexer, 70, 71 

Multiplexing, 247 

Mutual inductance, 28, 19 


N1, 208, 210 

N1 engine speed indication, 197 
N2 engine speed indication, 198 
NAND logic, 60 

ND, 303 

NEA, 223 

NOR logic, 60 

NPN, 49, 50 

NRZ, 329 

NTC, 37 

NVM, 208, 332 

Natural binary, 66, 68 
Navigation display, 303 
Navigation light, 235, 236, 238 
Near miss, 69 

Negative charge carrier, 35 
Negative ion, | 

Negative ramp, 20 

Neutron, 1 

Ni-Cd, 117 

Ni-MH, 121 
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Nickel-cadmium battery, 117 
Nickel-metal hydride battery, 111, 121 
Nitrogen enriched air, 223 
No-load, 30 

Node, 10 

Nominal voltage, 115 

Non return to zero format, 329 
Non-inverting input, 55 
Non-parallel system, 153 
Non-volatile memory, 210, 332 
Numbering, 399 


OBIGGS, 223 

OEA, 223 

OFV, 253 

OR logic, 60 

Obstacle clearance, 231 

Octal, 68 

Octal to binary encoder, 70 

Ohm, 8 

Ohm's Law, 8, 137 

Oil pressure, 109 

Oil temperature, 109 

Oil temperature indicating system, 205 

Oleo leg, 166, 257 

On-board diagnostic equipment, 366 

On-board inert gas generation system, 
223 

One-shot, 63 

Open area smoke detector, 291 

Open loom, 353, 354 

Operational amplifier, 55 

Optical fire detector, 284, 290, 291 

Oscilloscope, 366 

Out-of-balance condition, 106 

Outflow valve, 253 

Output characteristic, 51 

Overhead panel, 105 

Overheat protection, 283 

Overheat switch, 285, 286 

Oxygen enriched air, 223 


P-N junction, 38, 39 
Pd., 7 

P/TEST, 165 
PA, 241, 242 
PE 162 

PIV, 39 

PMG, 106 
PNP, 49, 50 
PRSOV, 249 
PSEU, 167, 168 
PSOV, 249 
PTC, 37, 38 
PTFE, 139 

PU, 241 

PVC, 349 
PVFD, 139 
PVS, 244 


PWM controller, 100 

Panel, 155 

Paperless cockpit, 262 

Parallel bus, 72, 155 

Parallel circuit, 10, 11 

Parallel data, 73, 75 

Parallel load distribution, 156 
Parallel plate capacitor, 4 
Parallel system, 152 

Passenger address system, 241, 242 
Passenger cabin light, 230 
Passenger cabin zone, 250 
Passenger service unit, 241 
Passenger telephone system, 244 
Peak inverse voltage, 39 

Peak value, 21 

Peak-peak value, 22 

Peltier effect, 179 

Pentavalent impurity, 36 
Per-unit regulation, 30, 31 
Per-unit slip, 100 

Period, 20 

Periodic time, 20, 21 

Permanent magnet generator, 106 
Personal video screen, 244 
Phase angle, 25 

Phase current, 94, 95 

Phase protection, 158 

Phase voltage, 95 

Phasor diagram, 93, 94 

Phonic wheel, 206 

Phosphorous lighting, 229 
Photoelectric smoke detector, 292 
Piezo-resistive strain gauge, 179 
Pin/socket identification, 358 
Piston engine, 185 

Plaque, 117 

Plasma, 225, 360 

Plate group, 113 

Pneumatic fire detector, 289 
Pneumatic ice protection, 274 
Polar inductor, 186 

Polarization, 339 

Polarized relay, 169 

Pole, 165, 169 
Polytetrafluoroethylene, 139 
Polyvinylidene fluoride, 139 
Position light, 237 

Positive charge carrier, 35 
Positive ion, 1 

Positive ramp, 20 

Positive temperature coefficient, 177 
Pot, 170 

Potential difference, 7, 8 
Potentiometer, 170 

Potting, 355 

Power, 12, 95 

Power breaker, 159, 160 

Power connector, 151 
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Power control, 156 

Power conversion, 131 

Power distribution, 147, 161 
Power factor, 27, 95, 162 
Power panel, 155 

Power supply, 147 

Pre-stall, 271 

Predictive wind shear, 312 
Premature descent alert, 302 
Press to test, 165 

Pressure capsule, 174 
Pressure relief valve, 254 
Pressure sensor, 269, 270 
Pressure transducer, 175 
Pressure-regulating shutoff valve, 249 
Pressurization, 252 

Primary, 28 

Primary bonding, 359 

Primary cell, 6 

Primary coil, 186 

Primary power, 153 

Priority encoder, 69 

Priority logic, 281 

Projector, 243 

Propeller de-icing, 275 
Propeller synchronization, 208 
Protection, 142, 156 

Proton, 1 

Proximity sensor, 257 
Proximity switch, 166, 167, 168 
Proximity switch electronic unit, 167 
Pulse wave, 20 

Pulse width modulation, 100 
Pyro-electric cell, 290 
Pyrotechnic device, 295 


QAR, 328 

Quadrature, 25 

Quantities, 383 

Quick access recorder, 328 

Quick release connector, 123, 357, 358 


R-S bistable, 65, 66 


RAM, 76, 77 

RAT, 127, 135, 136 
RMS, 21, 22 

ROM, 76, 77, 78 

RTD, 176, 177, 178, 250 
RTDE, 206 


Radiated EMI, 338, 342 
Radiated field, 339 

Radiation, 140 

Radio altimeter, 304 
Radioactive isotope, 292 
Radome protection, 345 

Rain protection, 271, 275 
Rain repellent, 277, 278, 279 
Ram air turbine, 127, 135, 136 
Ramp wave, 20 
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Random access memory, 76 
Ratiometer, 174, 177 
Reactance, 23, 24 

Reactive material, 120 
Reactive power, 162 
Read-only memory, 76 
Read-write memory, 76 

Real power, 162 

Real-time fault, 367 

Receiver, 181 

Recirculation fan, 252 
Rectifier, 43 

Reed relay, 169 

Reed sensor, 268 

Reed switch, 167, 168 
Reflected code, 66 

Refuelling, 221 

Regulator, 127 

Relay, 149, 148, 150, 168, 169, 170 
Relay configurations, 170 
Reserve tank, 222 

Reservoir capacitor, 44, 45, 46, 47 
Reset, 65 

Resistance, 7, 8 

Resistance temperature device, 176, 206 
Resistivity, 137 

Resistor, 9 

Resistor symbols, 170 
Resonance, 26 

Resonant circuit, 26 
Responder, 289 

Response time, 290 

Return path, 362 

Return to zero format, 329 
Reverse current relay, 148, 149 
Reverse-bias, 39 

Reversible motor, 257 
Revision papers, 373 

Rheostat, 170 

Rheostat light control, 227 
Rigid fuel tank, 211 

Ring tongue terminal, 141 
Ripple, 45 

Rocker switch, 166 

Root mean square, 21, 22 
Rotary inverter, 131 

Rotary position transducer, 179 
Rotating beacon light, 236, 238 
Rotating rectifier, 107 

Rotor, 86, 98 

Rotorcraft, 316 


SDAC, 262 
SG, 115 
SNOC, 247 
SPST, 165, 171 
STP. 74 

SV, 246 
SWAMP, 354 


Safety, 32 

Sample and hold, 365 
Satellite communication network, 245 
Satellite communications, 244 
Satellite network operation centre, 247 
Saturation, 54 

Scratch foil, 321 

Scratch foil recorder, 322 
Screened cable, 140 
Screening, 137, 140 

Sealant, 355 

Sealed battery, 113, 116 
Sealed beam, 236 

Secondary, 28 

Secondary bonding, 359 
Secondary cell, 6 

Secondary indicating system, 205 
Secondary power, 153 
Seebeck effect, 177 

Segment, 84 

Self-clocking, 75 
Self-inductance, 28 
Self-oxidizing, 137 
Self-sustaining speed, 189 
Selsyn, 180 

Semiconductor, 35 

Sensor vane, 269 

Separation point, 266 

Serial bus, 72 

Serial data, 73, 75 

Serial interface module, 72 
Series circuit, 10, 11 

Series wound motor, 87 
Service light, 233 

Set, 65 

Severe wind and moisture problems, 354 
Shaded pole, 103 

Shading coil, 103 

Shaft horsepower, 204 
Shannon-Hartley theory, 342 
Shell, 1, 35 

Shielded twisted pair, 74 
Shielding, 137, 140, 338 
Shock hazard, 32 

Shunt resistor, 133 
Shunt-wound, 88 

Si, 36 

Sidetone, 241 

Sight glass, 211, 212 

Silicon, 36, 40 

Silicon controlled rectifier, 42 
Single-phase generator, 89, 91 
Single-phase motor, 101 
Single-phase supply, 22 
Situational awareness, 303 
Slats, 261 

Slip, 99 

Slip-rings, 82, 180 

Slow-blow fuse, 143 
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Slugged relay, 169 

Smoke detector, 291, 292, 293, 294 
Solenoid, 15, 86, 170 

Solid state recorder, 323, 333 
Space vehicle, 246 

Spark plug, 187, 188 

Specific gravity, 115, 116 
Spillage, 116, 119 

Splice, 357 

Split bus, 148, 152 

Split bus system, 153 

Split parallel system, 152 
Split/parallel bus, 155 
Spongy lead, 114 

Square wave, 20 

Squat switch, 257 

Squib, 295 

Squirrel cage, 98 

Stagnation point, 266 

Stall, 265, 266, 271 

Stall identification system, 270 
Stall protection, 265 

Stall warning, 265, 267, 269, 270 
Standby bus, 156 

Standby power, 155 

Star connection, 93, 94, 134 
Starter-generator, 89, 90, 189 
Starting, 102 

Static bonds, 348 

Static charge, 360 

Static discharger, 3, 360, 361 
Static inverter, 132 

Static wick, 3, 360 

Stator, 99 

Step-down transformer, 28 
Step-up transformer, 28 
Stick push, 271 

Stick shaker, 267, 269 
Storage cell, 111, 112 

Strain gauge, 179, 180, 204 
Strain transducer, 179 
Streamline flow, 266 

Strobe light, 225, 226, 227, 235, 236, 238 
Stub cable, 74 

Sulphation, 116 

Switch, 165, 166 

Switch configurations, 166 
Switch/light, 167 

Symbols, 383, 395 

Synchro receiver, 181 
Synchro transmitter, 181 
Synchronizing, 155 
Synchronous, 74 
Synchronous motor, 96, 98 
Synoptic, 263 

System data acquisition concentrator, 262 


T-tailed aircraft, 270 
T.p.v., 29 
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TAWS, 281, 299, 301, 302, 303, 316, 
317,318 

TCAS, 69, 281 

TGT, 198 

TIT, 198 

TNC, 141 

TOT, 198 

TRU, 127, 133, 153, 154 

TTAC, 247 

TTL, 63 

Tachometer, 195, 196 

Tail wind, 315 

Take-off warning, 279, 280 

Tape drive, 327 

Target wheel, 197 

Taxi light, 232, 234 


Telemetry tracking and command/control, 


247 
Telephone gateway, 247 
Telephone system, 244 
Temperature, 36, 37 
Temperature bulb, 176 
Temperature coefficient, 37 
Temperature transducer, 175 
Terminal block, 357 
Termination, 356 
Terminator, 74 
Terrain avoidance, 318 
Terrain awareness display, 302 
Terrain awareness warning system, 299 
Test switch, 228 
Testing, 363 
Thermal anti-icing, 276 
Thermal circuit breaker, 144 
Thermal fire detection, 284, 285 
Thermal ice protection, 274 
Thermal runaway, 37, 118 
Thermistor, 37, 38, 176, 286, 287 
Thermocouple, 177, 178, 179, 198, 199, 
200, 201 
Thermoelectric effect, 177 
Thermostat, 176 
Three-phase cabling, 108 
Three-phase generator, 92, 93 
Three-phase power, 95 
Three-phase supply, 22, 23 
Throw, 165, 169 
Thrust indication, 201 
Thyristor, 42 
Timer, 55 
Toggle switch, 165, 166 
Torque, 85, 88, 202 
Torque indicator, 205 
Torque transducer, 205 
Torque-slip characteristic, 99 
Torque-speed characteristic, 88 
Traffic alert and collision avoidance 
system, 69 
Trailing edge, 265 


Trailing edge flaps, 260 
Transducer, 165 

Transfer bus, 154 

Transfer characteristic, 52 
Transfer relay, 154 

Transformer, 19, 28, 29, 30, 31 
Transformer rectifier unit, 127, 133 
Transistor, 49, 52 

Transistor characteristic, 50, 51 
Transistor light control, 228, 229 
Transistor symbols, 53 
Transistor-transistor logic, 63 
Transition point, 266 
Transmitter, 181 

Triangle wave, 20 

Triboelectric effect, 349 
Triboelectric scale, 349 

Trickle charge, 116 

Trip, 145 

Trivalent impurity, 36 

True power, 27 

Truth table, 59, 62, 67 

Turbine, 189 

Turbine engine starter, 189, 190 
Turbine gas temperature, 198 
Turbine inlet temperature, 198 
Turbine outlet temperature, 198 
Turbine starting system, 194 
Turboprop, 189 

Turns-per-volt, 29 

Twin-engine starting system, 185, 187 
Twisted pair, 340, 341 

Two to four line decoder, 68 

Two to one multiplexer, 71 
Two-phase motor, 101 

Two-shot fire extinguisher, 295, 297 


ULB, 326, 332 

ULB specification, 334 

UV, 284, 290 

Ullage, 221, 223 

Ultrasonic detector, 273 

Ultrasonic ice detector, 271 
Ultraviolet, 284, 290 

Under-wing fuel measurement, 215 
Underwater location beacon, 326, 332 
Unidirectional bus, 72, 73 
Unipolar voltage, 84 

Unit fire detector, 285 

Unit of electricity, 12 

Units, 383 

Unusable fuel, 223 


VRLA, 116 

VSCE, 107, 109 

Valence shell, 35 

Valve-regulated lead-acid battery, 116 
Vane sensor, 268, 269 

Variable reluctance, 197 
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Variable resistor, 170 

Variable speed constant frequency, 107 
Ventilation, 252 

Venting, 122, 124, 221 

Vibrating contact regulator, 127, 128 
Vibration, 206, 356 

Vibration sensor, 207 

Video entertainment, 243 

Video projector, 243 

Viscosity, 206 

Viscous damper, 269 

Visual inspection, 363 

Voltage, 7 

Voltage divider, 170 

Voltage mode, 74 

Voltage regulation, 30 

Voltage regulator, 41, 42, 127, 128, 130 
Volume flow, 202 


WDM, 363 

Warning panel, 231 

Waste bin fire extinguisher, 295 
Watt, 12 

Watt-second, 12 

Waveform, 19, 20, 21 
Weight on wheels, 257 

Wet arc tracking, 139 

Wet cell, 113 

Wet start, 194 

Wheatstone bridge, 177, 178, 206 
Wind shear, 308, 312, 315 
Windscreen de-icing, 277 
Windscreen heater, 134 
Windscreen ice protection, 275 
Windscreen wiper, 276, 278 
Wiper, 276, 278 

Wire, 140, 353, 359, 389 
Wire coding, 399 

Wire construction, 137 

Wire gauge, 139 

Wire identification, 140 
Wire loom, 354, 353 

Wire materials, 137 

Wire numbering, 399 

Wire performance, 140 
Wire recorder, 322 

Wire size, 139 

Wire specification, 139 
Wire termination, 141, 356 
Wiring, 137, 347 

Wiring diagram manual, 363 
Wiring loom, 353 

WoW, 257 

Wound rotor, 98 

Wrist strap, 350 


Xenon, 225, 226, 227 


Zener diode, 40, 41, 42 
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The "Noisy Regen" 2007-07-17 


This circuit is essentially the same topology as the "noisy oscillator" in EMRFD (page 4.13, diagram 4.21). I've 
just used PNP transistors (2N 3906) so | can "ground" the tuning capacitor rotor and still use a "conventional" - 
ve potential ground plane (making it easier to integrate with common-grounded test equipment). 


V 


100KkS yo, tu 
LS Audio Out 
“7 P100k 
Noisy Regen’ 
(small) — 


Although running at a very low current (which gives the transistors a reasonably high Re) the tight coupling of 
the resonator with the transistors severely degrades its Q, especially as the regeneration is turned up high. It 
actually performs fairly well when the reaction coefficient is just less than 1, but once the -ve resistance is 
increased until it oscillates is becomes one of the noisest oscillators I've ever seen. Even when just 
regenerating it is pretty noisy and broad. 


OK, so it sucks electrically, but it does have some utility. It is extremely easy to get going, virtually any inductor 
that isn't completely hopeless will work in the circuit. It pulls very, very little current and works from LF to VHF. It 
needs only just over a volt to oscillate on the lower bands, and 3 volts will work into the low VHF region. The 
only frequency determining components are the L and the C, although the transistor capacitances are very 
significantly coupled to the resonator, limiting its MUF and complicating estimating the appropriate values for a 
particular frequency - two seconds of empirical capacitor swapping will get you in the right ballpark. The 
regeneration control modulates the transistor capacitances as well, pulling the frequency a bit, but this isn't 
unusual for a regenerative receiver and the selectivity is so bad anyway it doesn't matter much above MF. 
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About 2 minutes after | assembled it on the solderless breadboard | was listening to Radio Australia on 6.025 
MHz with just a short clip lead for an antenna (coupled directly to the tank at the collector though a 2.2 pF cap - 
the tank itself was simply a 10 UH Ohmite RFC and my low-C jig). It truly is an instant gratification receiver, and 
can be used with a crystal earpiece resulting in a circuit that pulls less than 300 uA, meaning no off-switch is 
required for a pair of AA batteries. | added a stage of audio amplification, using an 2N3904 with the familiar self- 
biasing (1M feedback, 4k7 collector load). Even without this, the circuit can drive the old Archer "Mini Amplified 
Speaker" Tandy used to sell, but the extra gain is helpful for weaker stations. 


http://www.vk2zay.net/article/128 2/8 


1/10/2018 Alan Yates' Laboratory - The "Noisy Regen" 


Other Uses 


The circuit can be setup to super-regenerate by changing the emitter circuit to contain an RFC and a 
capacitance across the emitter resistor. In this mode it seems the circuit would be an excellent telemetry or 
control receiver; micropower, sensitive, and not too tuning critical. It would be fairly easy to integrate this circuit 
with a microcontroller for remote-control use. My surplus of 27.195 MHz crystals suggests some direction for 
future experiments with this topology. 


Another use might be a LF receiver for a lightning detector. Many moons ago | built a version of Charles' 
lightning detector (a great little project, build one, they are fun). One thing that bugs me about it though is the 
need for an antenna. | think this little cross-coupled regen circuit would be perfect (being micropower) to build a 
lightning detector with a loopstick magnetic antenna rather than an electric whip. 


Building a more Permanent Version 


The "Noisy Regen" might not be much of a radio, but | couldn't help myself, | just had to give it a permanent 
place amongst my homebrew receivers. The circuit was rebuilt on PCB, this time with a 65 pF trimmer for tuning 
and a toroidal inductor wound on a 137-2 core (an additional 200 pF of fixed inductance was needed to put the 
receiver on the 49 metre band - this gives you a good idea of just how much the transistor capacitance is 
coupled to the tank, the inductor measures around 2.3 UH, which means it must see an additional 50+ pF of 
capacitance elsewhere to resonate near 6 MHz with the mid-trimmer capacitance). 
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A simple three transistor audio amplifier was thrown together to drive 32 Ohm headphones. Complete the radio 
pulls about 3.5 mA and delivers enough audio for comfortable listening at home. (Omitted from this diagram is a 
1 nF capacitor across the 2M2 feedback resistor in the first amplifier, this rolls off the AF response and kills the 
HF noise.) 
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The PCB was cut and filed down to be a perfect friction fit in the top of a Jaycar potting case. The case itself 
houses half a 9V battery, the power switch and a stereo 3.5 mm headphone socket. To create the battery | 
dismantled a cheap 9V unit and snapped the wax-potted cell stack in half. (Some batteries have 6 sub-AAA 
cells instead of a linear stack of "pellet" cells, but even sub-AAA cells were too large to fit comfortably in the 
case.) This gives a 4.5 volt battery of moderate internal resistance. Actually the higher source resistance meant 
| had to raise the decoupling cap in the audio amplifier to 470 uF to prevent howling at max gain. My general 
purpose bench supply and AA batteries did not need this much capacitance for stability. A 10 nF cap from the 
emitter follower base to ground might help a little too, but I'm happy with the final result. 
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reasonable reception of the stronger stations. The radio tunes approximately 5.8-6.7 MHz which covers all of 49 
metres, but it might be helpful to pull it a little lower to spread out the channels a little. 
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The little unit is quite cute. It is not a huge performer as receivers go, and you have to adjust it with a 
screwdriver, but it was a nice project none the less. This weekend it let me listen to Saturday Night Country on 
Radio Australia, but | also heard Radio New Zealand and a bunch of other stations. Sure, | can use any number 
of other radios | have, some with the comfort of AGC and other features, but there is nothing quite like using a 
radio you designed and built yourself, even one as backward and hacky as this one. 


Suggested Improvements 


e Add a 220-1K resistor and large (at least 10 uF) capacitor before the 10K volume control pot. This will 
stop AF noise on the power supply rail getting into the AF amplifier and causing howling at minimum 
volume with bad layouts and/or weak batteries. 

e Adding a similar decoupling network to the intermediate BC549 and the detector stage can't hurt either if 
you are having stability problems. 

e Consider building something less primitive than the emitter follower audio output stage! 

e Add band-switching. (41 and 31 metres would be nice too) 

e Build it bigger! (Although its small size is a large part of its charm) 


Update: 2007-08-25 


| use this little radio quite a lot, so much that I've flattened the battery three times now. The process of replacing 
the battery has grown tiresome; it involves hacking open a particular brand of 9 Volt battery and fixing up the 
anode contact with some care. | decided to install an external power jack (mono 3.5 mm socket) and run with 
conventional AA batteries in a 4-cell holder. 


The "complete" radio isn't a self-contained 2 cubic inches any more, but | still get great joy out of using it. 


7 comments. 


Attachments 
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application/postscript | 14.563 kbytes 
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The "Wee Willy" RF Power Amp 2007-01-22 


| first saw the Dick Pattinson VE7GC Wee Willy on the "Popcorn" site. It is quite an interesting little rig, but some 
things about the design concerned me, so until now I've largely ignored it. In particular, the final power amplifier 
stage is essentially class-C which seemed unlikely to work well for a DSB signal. The Solder Smoke guys were 
talking about it in an episode | heard on the way home from work tonight (21 I believe), so | decided to build and 
test it out. The circuit is so simple, | figured | could whack it together before dinner - which indeed | did, took less 
than 2 hours to build and customise the device. 


| did not have VN10KM devices, but they are /fairly/ similar to 2N7000 devices, so | built it with 2N7000 devices 
instead. The VN10KM has slightly worse properties in most ways, except its dissipation capability, which is 
somewhat better, | suspect due to the metal tab most versions have embedded in the TO-92 case. 


ne ee a = 


If you do the math on the output network at a 6 V supply you'd expect gain compression around 500-600 mW 
out. | *really* doubted the claims of 1 W out at 6 V. At 12 V it is definitely possible to get 1.5 W or more out, but 
the efficiency at either voltage will be pretty bad due to the modest on-resistance of the devices. 


The driver stage is clearly designed for high-Z in and out, at 50 Ohms its power gain is only about 12 dB. My 
completed amplifier gave 25 dB more or less flat to 18 MHz (without the LPF network). Gain drops to about 23 
dB at 1 MHz because of the transformers, and the gain is still usable at 30 MHz (about 20 dB). The 2N7000 has 
quite low capacitances, it is practical to build a HF-flat amplifier that puts out about 2 Watt with them paired up in 
push-pull. 


Built as specified in the Wee Willy there is a noticeable "threshold" effect from the unbiased output stage. | 
assume either the noise or carrier leakage from earlier circuits make this a minor problem in the actual Wee 
Willy. Either that, or the VN10KMs have much lower threshold voltages. To avoid this problem with my amplifier | 
added another pot to bias the output stage as well. 


Best efficiency is achieved with about 10 mA on the driver and 25 mA on the final pair. Efficiency isn't that good 
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about 680 mW out at a woeful 20% efficiency! 


Envelope linearity seems fairly good, but | am yet to do IMD tests on it. The waveform without an LPF looks 
absolutely terrible! The LPF is *not* optional, without it you will be heard quite well on 40 metres. 
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Without a load the circuit is fairly well behaved. It will not pull much current from the supply and appears to be 
able to tolerate the abuse continuously. Stability seems good with the input floating as well, however is it 
possible to cause self-oscillation by touching the input and output at the same time - not very advisable! 
Removing your fingers will stop it. When the input is terminated in a low impedance this goes away. 


| didn't try shorting the output, but | did try running a torch globe from it. It wasn't a good match to 50 Ohms, so it 
largely refused to load up the circuit properly. The amplifier pulled normal amounts of current, but produced little 
output (a dim glow - and poor voltage across the load). The output devices got a bit warmer than usual, but 
survived the test (about 2 minutes). This is probably how it will behave into low-Z loads. | didn't fiddle much with 
reactive loads, and lacking a ready-to-go tuner for 80 metres | suspended testing at this point (| might have a 
fiddle with an L-network later). | did cook some 1/4 Watt 47 Ohm resistors though - the 20 Watt dummy load got 
warm to the touch, so there is real power there. 
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The output devices get quite warm, no doubt because of the poor drain efficiency. Being superglued top-down to 
the PCB does cool them somewhat. It doesn't get that hot that it will melt the wax | used to hold the toroids in 
place. The bias current drifts up after cooking the amplifier with 1.6 W out for a few minutes. As the devices cool 
it comes back down again, this seems to be non-damaging, the 2N7000 is a pretty robust device. Note that this 
is CW power, not what the amplifier would actually have to contend with in a phone rig like the Wee Willy. 
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| intend to rebuild the amp at some point with the specified VN10KM devices. Jaycar carries them, but at about 
$4.00 each, | am hesitant to invest the money when | know the 2N7000 (much cheaper) works just fine. It would 
be interesting, however, to compare the performance with the devices specified. 


Update 


| built a LPF for the unit and started playing with it in a practical DSB transmitter using a few other bits and 
pieces | had laying around. 
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The signal looks *much* better with this filter in place. 


O 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS togale 
http://www.vk2zay.net/article/102 6/7 


3,386,883 


P. T. FARNSWORTH 


June 4, 1968 


METHOD AND APPARATUS FOR PRODUCING NUCLEAR-FUSION REACTIONS 


Filed May 13, 1966 


. INVENTOR 
T, FARNSWORTH 
i ; 


16 Sheets-Sheet 9 


ATTORNEYS 


PHO 
BY Nod, 


7 Y 


LLLLLL LD 


- 
4 OCT PP 


E AR 20 a a rea 
Y 


ee te 


E 


on 
> 
he 
= 
> 
— oo 
ae 


1/10/2018 Alan Yates' Laboratory - The "Wee Willy" RF Power Amp 


The insertion loss is less than 0.5 dB in-band. The efficiency and power output were not significantly affected by 
its addition. The stability seems unchanged as well. | tried shorting the output too, it reflects the transformer 
primary reactance to the collector in a similar manner to open-circuiting the output, so the circuit is poorly loaded 
and pulls much less current. | still haven't experimented with pathologically reactive loads. 


Update 2007-04-09 


l've since built the entire Wee Willy (which will be the subject of another article). This time | used VN10KM FETs 
for the final stage. | can now confirm that the 2N7000 performs identically in all ways, the only difference being 
the easier heat sinking of the VN10KM devices with the drain-connected tabs which you can solder a heat sink 
to. 


l've also had the 2N7000 and the VN10KM operating at 6 metres delivering over half a watt per device. The 
VN10KM has internal protection zener diodes, which makes it more robust in theory, but | am still yet to kill 
either device by load mismatches or severe overdrive. The 2N7000 has less capacitance, which may mean it 
will operate better into the VHF region, but this is yet to be confirmed. 


4 comments. 
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The Fredbox 2007-05-26 


| first heard about The G3XBM Fredbox transceiver via Solder Smoke. As soon as | saw it | just had to give it a go. It is a very simple 
and elegant design. Of course it offers no bells or whistles, just a fixed TX and RX frequency, and a flea-power output on TX, but it has 
a special charm in its simplicity and the retro usage of AM on VHF. 


Transmitter 


| built the transmitter side first. BF199s were selected as a good candidate for the RF devices, but I lacked a crystal in the range 
specified in the original article. Instead, | used a common 16.384 MHz crystal and redesigned the circuit to be two triplers rather than 
two doublers. This crystal is a common "computer" crystal, but places the TX frequency in the high-end simplex segment. This is a bit 
too close to the pager-splattered end of the band for my liking, and doesn't match the band-plans. For now this is OK, I'll get a custom 
crystal cut eventually. 


| didn't use shielded cans or variable inductors for the transmit coils (as specified by the article), rather | used fixed inductances wound 
on 137-6 toroid cores with bare 0.71 mm tinned copper wire. My LC resonance calculator and nH inductance meter were enormously 
helpful in making the selection and testing of the tripler and output stage resonators. Each stage was tuned with trimmer capacitors. 


It was amazingly easy to get the TX-side working, | just built each stage from the crystal to the final amp in turn, testing as | went. Each 
stage is well behaved and peaks nicely. 


Peter VK2TPM could hear the signal at his QTH several kilometres away when | connected the half-finished TX board into my flower- 
pot antenna. The DC input power was about 23 mW, and no special attempt was made to match the output into the load, in fact the 
series trimmer in the matching network was absent at this point, just a fixed 12 pF capacitor was used for DC blocking. 


Upon finishing the TX circuit | did experience a bit of RF pick-up in the microphone amplifier 2nd stage. A 1 nF capacitor to ground 
discouraged its RF gain and eliminated the problem. The 2nd AF amp stage is located immediately adjacent the crystal oscillator stage 
and was picking up RF directly. The effect was not audible, but was visible on the spectrum analyser as weak 16.384 MHz sidebands 
either side of the carrier. This wasn't causing feedback, just high-frequency modulation of the signal. If nothing else it proved the 
bandwidth of the modulator, which is perhaps a surprise considering the 100 nF decoupling on the modulated rail, however the output 
impedance of the series modulator emitter is so low it could deliver a few tens of mVs of HF ripple into that kind of load. 


Receiver 
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As easy as the Transmitter was, the Receiver was hard. It fought me every inch of the way. | spent an entire day trying to work out why 
it was simply not super regenerating from about 130-160 MHz. It turned out to be a 10 nF decoupling capacitor on the cold-end of the 
detector resonator. The article specified 1 nF, and | originally intended to use this value, but | had a strip of 10 nF mono's on the bench, 
so | used them. At build time | did consider why 1 nF was specified in the first place, | figured it was avoid the exact problem that would 
befall my unit, decoupling resonance. (Lesson #1: Trust the original builder and your initial instinct.) When the unit wouldn't oscillate 
properly | assumed that | had damaged the capacitor on install - this is a pretty common fault, so | tested it in-place by ensuring it would 
shunt a HF signal (my standard decoupling cap test), it passed this test just fine. (Lesson #2: Test at the frequency of operation.) 


My hubris about "modern components" being superior and likely "purely capacitive" at VHF turned out to be completely wrong. It took 
*hours* to work it out, but eventually | determined the entire decoupling network was resonant near the operating frequency. Much foul 
language later and | replaced the cap with a ceramic 1 nF, with its "flashing" broken off and scraped right back to the disc to minimise 
the lead length. This cured the problem. 


For the longest time | had assumed it was the source coil - and in fact the first source RFC | used (a molded choke) was being operated 
above its self-resonant frequency and prevented any oscillation at all. | replaced it with a few turns on a ferrite bead which seems just 
fine now. 


A couple of other minor annoyances/mistakes were worked through (like picking larger inductances and making the entire circuit so 
sensitive to stray capacitance it was a nightmare to tune - DUH!). 


Eventually the unit super-regenerated right through the region of interest and the LNA stage was constructed. Initially | put the LNA 
drain coil too close to the detector coil and they over-coupled. This meant as | tuned through resonance on the LNA drain it would pull 
the detector so much it would shut down. Bugger! Moving the coils apart a little reduced this effect to acceptable levels, but the core of 
one still effects the other a little. I'm happy with the current coupling, and it is actually useful to help tuning the LNA resonator. As you 
rock it through resonance it will pull the detector, and by observing the wiggle on the spectrum analyser you can tell you've got it tuned 
up. The AGC action of the detector makes it hard to tune for maximum smoke otherwise, as the AF output doesn't change much at all 
even when the front-end isn't tuned up properly. Once you've got it nearly right you can use a weak signal to tune for best signal to 
noise. 
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Note the pagers above the 2 metre band in this spectrogram. The hump in the noise floor is the receiver super-regeneration side bands. 
The smaller peak in between is the output of the Fredbox transmitter, the leakage from the unshielded prototype on my desk operating 
into a 47 Ohm load. It is rather disturbing that the pager signals are *larger* than this local signal just a foot or two from the spectrum 


analyser antenna. 
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| used J310s for the receiver FETs, and a 2N3904 for the audio amp. Although the main design requirement for Roger appears to have 
been flea-power, | think a better AF amplifier that can drive modern low-impedance headphones would be preferable. Only Jaycar now 
carries crystal earphones with a nice soft silicone ear piece. The one | used comes from DSE and it is hard-plastic - not very nice on the 
ear. | really hate these kind of earphones anyway, I'll probably be rebuilding it for a low-Z output at some point, but it does work pretty 
well as-is. 


BTW: While | was in the "Special Hell" of decoupling resonance | took the RX down to the FM broadcast band, and up to the VHF-hi TV 
band. It works wonderfully in both, which isn't a surprise. However, by adjusting the drain-source feedback (then a trimmer, now fixed) | 
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Hall's regen on the FM band. The topology is more forgiving however, allowing grounding of the tuning cap. | also built several different 
oscillator topologies in desperation before | identified the decoupling fault, in one | got a Colpitts-like oscillator working with emitter 
coupled feedback to a tapped capacitor across the tank. This is something | should have thought about a *long* time ago, I'll probably 
build yet another FM broadcast regen using this topology for the detector, it seemed quite easy to control just by manipulation of the 
base voltage. 


Boxing It Up 


| am still tossing up between a cast Aluminium box, a custom box folded out of Aluminium sheet, or an Altoids tin. The circuit is small 
enough to just fit inside an Altoids tin but it probably won't fit with a battery. I'll pick up a centre-off momentary-one-side switch over the 
next week and finish off the radio one way or the other. 
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Note the use of an old telephone receiver as the microphone. It is nearly as large as the entire TX board. I'll have to find my electret 
mics, | know | have a bag of them somewhere that | got from a Rockby sale. 


I'm strongly considering rebuilding the radio, perhaps through-the-hole to minimise its size. Although my prototype isn't too large as-is, it 
would be nice to neaten it up. Maybe I'll build it with fixed caps and variable inductors to save space too, although shielded cans are 
about the same size. It *might* be possible to tune the multiplier stages with stretched coils and fixed caps, this would make it much 
more compact and save money too if it ends up being kitted... 


More TX Power 


| am considering running the unit on 12 Volts to get a bit more RF out, and perhaps building in a small amplifier to get it up to 1 Watt 
region. This would probably involve a rebuild of the TX side to use a 2N4427 or similar final device, and a more robust series modulator 
transistor. This won't be efficient, but is probably easier to get going than a linear amp which would need careful drive adjustment. 


I'll probably conduct some experiments around using a 2N 7000 or VN10KM as the output device. The math suggests they may operate 
on 2 metres. I've already got them working on 6 metres in a brief experiment last month (must document that). 


Comments 


Working with VHF is fun! | find it a great learning experience, especially when you get problems like the resonant decoupling cap. That 
kind of thing really pushes your understanding of the physics and teaches you a lot. 


| know a lot of HAMs won't touch anything above the bandwidth of their oscilloscopes. | can understand the frustration when something 
doesn't work, especially when you can't see why, but it really isn't that much worse at VHF. With just a diode probe you can achieve a 
lot. It does help enormously if you have VHF test equipment, for example | likely would have never noticed the HF modulation problem 
had | not had a spectrum analyser (although the HF was visible on the collector of the modulator drive amp, and most of us have a 
CRO that can see fine near 16 MHz). 


A wavemeter can be helpful, if a bit retro, especially for making sure your multipliers are tuned up right and for looking for spurs. You 
can build one quite easily, it only needs to be a resonator with a detector and a LED or meter as a read-out. I'm a big fan of the biased 
1N5711 through the decoupled bottom of the tank coil topology. For super-sensitivity you can use a MPSA18 as a DC amplifier. With a 
signal generator or dipper and a counter or scanner/receiver you can easily calibrate it. It can be used like a poor-man's spectrum 
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My only advice when you get stuck is to trust the physics, do the math and follow your instinct when nothing is making sense. Rebuild 
parts of the circuit and test them independently. Measure what is actually happening and try to figure out what kind of misbehaviour in 
the circuit would cause the observed of behaviour. That will often solve an otherwise intractable problem. 


Update 2007-06-05 


| took the Fredbox boards to the local Homebrew Group meeting. | had both halves hooked up and talking across the room. Peter 
VK2TPM had brought along a digital audio recorder and did an interview with many of us in attendance. You can hear what | said about 
The Fredbox on Soldersmoke 62, and even a brief snippet of audio going through The Fredbox. 


Also on the recording are Peter VK2EMU talking about the 80 meter challenge, John VK2ASU talking about his transmitter modules for 
the challenge (and an interesting diversion into IRF510 gate-modulation with some input from Brian VK2TOX - something | was thinking 
about back here, apparently Drew Diamond VK3XU has already produced a design doing just this). Mike VK2BMR also talks about his 
great VSWR/power meter project. His unit was absolutely beautiful, | was very much taken by the excellent job he did of cutting the 
PCB stock that made up the external directional coupler box, essentially flawless, perfectly square workmanship. 


Update 2007-06-09 


I've built a weak-signal source for aligning the receiver. One of the biggest weaknesses of the Fredbox receiver is that it drifts in 
frequency quite significantly with Vcc variations. Powered by a 9 Volt battery near the end of its life, it may drift enough to make the 
receiver completely off-frequency despite its poor selectivity. If | build this circuit again I'll probably put in a stabilized supply for the 
detector stage to avoid this problem. 
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The signal source is a Pierce oscillator driving a tuned circuit which selects the VHF harmonic of interest. Because of the oscillator 
topology the crystal isn't pulled down as much as in the Fredbox circuit. The difference is fairly minor for my purposes, the poor 
selectivity of the receiver makes the difference in frequency of no real consequence. There is no active (or passive) multiplier, so the 
tuned circuit is merely extracting the harmonic energy from the oscillator. The harmonic energy available is very small, which is perfect 
for the application, giving an almost undetectable signal 1 metre away. 


Update 2007-06-10 


l've boxed up the Fredbox. As discussed earlier | went with the Altoids tin, despite this not allowing the battery to also fit inside the 
enclosure. | tossed up soldering an additional tin to the back to hold the batteries, but for now I've gone with the 9-volt battery snap just 
hanging out. It will work well with 6xAA battery holders which can just be held to the box with a rubber band. 
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For the RF connector | chose an RCA. | can hear all the VHF engineers cringing, but for the purposes of this prototype it works just fine. 
The Antenna is a half-wave of wire helical which is quarter-wave resonant (with some pruning). The former is a piece of centre 
conductor and insulator from RG-213 coax. The centre conductor was left in place and is soldered into the RCA plug centre conductor, 


adding some capacitive loading and shortening the length of wire needed for resonance. | have no idea if this is good or bad, but it 
works. 


A 
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| didn't find my stash of electret microphones, so | ended up just soldering the telephone receiver into the top of the Altoids tin. Ugly as 
hell, but also kinda unique. It looks somewhat like those Vietnam-war era VHF-low walkie-talkies. 


| couldn't find a momentary-one-side toggle switch, so a centre-off on-both-sides switch was used instead. A special dummy load/diode 
peak-voltage probe was assembled for the final alignment. The carrier power ended up being near 25 mW on 12 Volts, on 9 Volts 10 
mW just like Roger says in the article. 


Update 2007-06-11 


The 2N7000 on 2 metres experiment was a failure, it simply doesn't produce useful power beyond 90 MHz or so. However, it is very 
usable below 70 MHz. My input network was far from optimal, so perhaps with some more work it would be possible to get it working 
higher up, and | haven't tried an VN10KM in the same circuit. 


I've also been fiddling around with grounded-base class-C multipliers. (Not just decoupled, biased base, the base actually soldered 
directly to the ground plane.) At first this seems a little weird, but if you pull the emitter low with a link-coupling to the previous stage 
collector current will flow. The advantage is excellent reverse isolation, which might help with stability with less than ideal layouts and 
devices. Such a topology was apparently quite common years ago with the 2N918. 


1 comment. 
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Trivial Electric Motor 2002-10-17 


OK, so its a child's toy, but lately I've been getting into simple things that show physics principles. Most importantly, 
trivial projects like this keep my hands dirty, in the world where | spend more and more time behind a keyboard. 


At first sight it is very simple, a coil, a magnet and some beads and bearings. But then you start to think about how 
it works. It appears to have no commutator, how can it work? Well actually it has a commutator, only half the 
enamel is stripped from the wires (one side, facing away from the camera), so the coil is active only half the time, 
inertia takes the coil around until it contacts again and gets another torque kick. 


This is an excellent project to build with your children. It is simple, takes only minutes, and is instant gratification. 
Once assembled it runs up to speed quickly and rattles and shakes all over the desk. The physics are easy to 
explain (perhaps not to understand mathematically, but it all helps) and it works, they built it themselves, unlike 
some cold diagram in a textbook. 


You might like to make your bearings out of bare wire, saves the stripping which took me the most assembly time. 
The power source is a D cell, which will run the motor for over 24 hours (I've timed it). The armature is wound on a 
AA cell or similar diameter tube. Being square would actually be better, and different sizes and turn counts all work 
with different outcomes, lots of experimentation there! My original prototype was 6 turns, this one is 40 turns, they 
both spin about the same speed, but the 40 turn one requires less magnets and produces more torque. The 
magnet is the strong boron magnets you used to get from Tandy (aka Radio Shack). They were once about 50c 
each, now they want something like $4.50 for them, but you can still get them if you are looking to build an exact 
replica. 


The beads are just to keep the armature centred in the bearings. You don't really need them, but they help with the 
speed and consistency of the motor. My original prototype was held between the open alligator clips and worked 
fine. Don't expect it to self-start, it may if there is electrical contact, but you'll probably need to give it a small flick to 
get it going. A good replacement for my magnet would be the head positioning servo magnet out of a junked hard 
disk drive, just note the pole placement is a bit strange, but they are very powerful (perhaps too powerful, they give 
blood-blisters if they pinch you against the fridge for example). 


Here is the parts list if you are shopping for it in Australia. Chances are you will be able to source all the parts for 
free, but worst case you can buy all the ideal parts you'll need at the local mall for about $10: 
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Alan Yates' Laboratory - Trivial Electric Motor 


Smith, 


Lincraft. 


money, the 25 grams is way more than you need, it would make 20 motors. The 
gauge is not that important, #22 or #24 is the easiest to use too thin and it can't 
support the weight, too thick and it becomes impossible to bend. 


Magnets from science stores or electronic stores are priced very high, don't buy 
them there. Scavange for them, old speakers work great, as do old hard disk drives, 
stepper motors, or anything else that has perm magnets in it. The poles may be in 
strange places, but they will probably still work if you experiment with the placement. 
Fridge magnets won't work unless they are the solid disk or bar type, the flat polymer 
ones are too weak and have alternating poles closely spaced. 


My girlfriend dontated a small pack from her cross-stitch supply for this project. They 
are not strictly needed, but make operation much nicer. You could use a small length 
of soda straw instead but your bearings would need to be larger. 


You may as well get a good D cell holder. You can just tape wires to end of the 
battery, but the cell holder makes it a no-brainer and saves connection problems. 
While you are there, buy a small switch and hook it up in series with one power lead, 
that way you can turn it on and off easily and save juice. 


Any old D cell will do, you don't need fancy ones. 


Always handy, not strictly required but saves twisting wires or soldering, and you 
don't need a switch that way. Reusable and a must for any electronic geek. 


In addition you'll need some tools, | used the pair of pliers and knife in a Leatherman to build the whole thing sitting 
at my computer at home. The hardest part is winding and bearing only one side of the wire for the armature. One 
leg can be completely bared, | realised this after | carefully bared only half of each side. The main thing is that the 
bared side be the same on each end. You can make the motor run a little better by adjusting the phase of the 
torque spike, just twist the wires slightly so they contact later or sooner. Quadrature is probably the best. 


2 comments. 


Updates 


2002-11-10: Bill Meara N2CQR writes 
My first meeting with Bill of SolderSmoke fame. 
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Tube Regenerative Receiver 2001-08-27 


Inspired by an old movie | saw one late night, | thought I'd have a crack at building something with tubes (this was my first tube project). | 
was a bit turned off at the thought of having to build a 90-250V DC supply (or lots of 9v batteries) just to experiment, so | took a look at the 


tube data available online. After a bit of digging, | found a range of fairly modern tubes that are designed to run very starved, just the ticket | 
thought, so | ordered 4 12DZ6 units and matching bases from The Tube Store 


| ordered them on a Sunday night (local time), and they arrived on the same Friday. | was pretty impressed, as | had requested the cheaper 
shipping that is ment to be rather slow. They arrived nicely packed and in good shape. 


That Saturday, | had some spare time to burn, so | set a tube up in its socket with lots of alligator clips, playing around with it, | was surprised 
how FET like it was, just like a JFET only more forgiving, more legs and gates, and much bigger and hotter. 


Using a fairly conventional BRF981 style regen design, | ‘ported’ it to the tube. 


12V+ 


simple Tube Regen’ 
VK2ZAY 


= 100n 


Ant 


+ 10n 


The unlabelled tank is a tuning gang and coil determined experimentally for the bandspread required. 
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| built the prototype on a chunk of single sided unetched board (my favourite construction technique, a cross between ugly-bug and 
Manhattan). The coil was just a random bunch of turns on a film canister, it just happened to have holes in it from a previous project that 
were perfect for the tickler and tank winding lengths. 


The antenna coupling coil is just some turns wrapped around the resulting structure and soldered to the ground plane. The ferrite rods you 
can see are some random ones | picked up at DSE for $1 each. | have no idea what material they are, physically they are hard enough to 
blunt my hacksaw blades, and quite resistant to shattering, even when notched (they are like tungsten carbide or something, but more 
elastic. The only way | could cut them for a later coil was to clamp them in a vice and beat on them with a hammer until they shattered, 
hopefully at the right length). Whatever the designation of this ferrite, it is unlike any | have seen before, | must try to measure its properties 
some day. 


Here is a close-up of the prototype in a largely finished state, note the ugly 200p cap just dangling there in mid-air. | took the picture while | 
was finding out just where on the band it was working. The choke wound on the bolt is to prevent my PSU from oscillating. It has been 
playing up lately when connected to capacitive loads, | must fix it. 


Also note the little black things with three legs littering the board (well there is only two of them). | ran out of room to use another tube for the 
AF stage, so | resorted to transistors, and built around the tuning cap (it was an after-thought really). The amp stages are identical, fairly 
conventional AF designs with a gain of around 10dB each, | have not included a circuit for them as they don't appear in the final version and 
you can replace them with you favourite building-block AF pre-amp. The just visible black thing that the AF lead heads off to is a small 
desktop amplified speaker. This arrangement provided enough gain to listen to DX stations while | built its daughter (the slightly better 
designed and more attractive version) 
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This image comes from about half-way though the construction, the surfaces are unetched single-side PCB material with a solder fillet 
holding them together. | was concerned about its mechanical strength, but it is more than capable. The front panel has a largish knob for the 
tuning gang (a -315p unit | purchased in a lot 20 from Antique Electronic Supply, another rapid shipment and very reasonable prices). There 
is also a smaller but still quite large knob for the regen control pot, and a medium knob for the AF gain pot. There is also a 3.5mm mono 
headphone jack, headphones being the main target output device, although the desk amp works well, and the internal speaker is OK for 
local stations, if a bit tinny because it has no resonant cavity. 


Just behind and to the left of the unit, the prototype is cluttering up my workspace, as | listen to some DX broadcast station (it is about 3 AM 
by now). It IDs as 'Radio 16 NTC’ and | can hear other copies of its content elsewhere on the band, it plays country music. | am told this is a 
new network of country channels... 


EA 


A 


7 
ae 
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Here is the almost complete unit. There is no finishing touches to the face plate yet, and the coil is still a temp' one | wound on the tube box. 
The AF amp in this unit is almost identical to the one in the desktop amp the unit is plugged into, except it uses a cheaper (and nastier) 
LM1458 rather than an LF353, and the preamp stage has been given more gain and a different frequency response. 
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Note that I've added a 3 terminal regulator (the thing with the heatsink behind the speaker) so | can run the thing straight off my 15V PSU 
without reducing the heater life. 

You can probably see the tinning on the board near the big green-cap, | originally built the unit with a three-stage direct coupled AF amp 

(100dB design gain) but the rest of the circuit is too microphonic for that. The transistors | used in it were labelled BC549C, but they were 
pathetic, quite noisy and low gain. | used carbon resistors too, which only made things worse. Maybe some day l'Il rebuild the amp using 
metal film resistors and good quality BC550Cs. 
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The finished product. The coil is socketed with a 5 pin DIN connector, allowing bandswitching. The tuning knob has a clear plastic needle 


overlay, and some 'dynamo' style labels have been added to the other front panel features. 


| haven't ripped the prototype apart either. It is a workable radio in its own right. | may recoil it for WWVH and build a rather power-hungry 
stratum-0 clock receiver for the local network. 


5 comments. 


Attachments 


A CO l 


circuit postscript source | application/postscript | 12.636 kbytes 
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UHF Log-Periodic Array 2001-10-27 


Presented here is an experimental LPA for the Australian UHF broadcast TV bands IV and V. They span about 520 MHz to 
820 MHz. The original design was started when a friend wanted to build a cheap and effective TV antenna for his girlfriend's 
TV. 


The boom/feeder is constructed out of PCB material, two strips of single sided fibreglass substrate, with about '1 ounce' 
copper cladding. The material is available from DSE in 300mm square sheets, so one fundamental constraint on the design 
was a 300mm boom length. 


This constraint puts Tau at about 0.8 and sigma at 0.11, giving approximately 6 dBi of gain and a fairly flat VSWR profile 
across the design range. Originally the PCB/transmission line was carefully designed for 75 Ohms, but the dimensions 
required were mechanically challenging owing to the high dielectric constant of the substrate. 20mm wide strips, glued back- 
to-back was the final choice, mainly for its excellent mechanical properties rather than any real Zo design point. 


Here you can see the boom marked with element spacings and reminders about the phasing of alternating elements. The 
two largest elements are also seen, like all the elements, about 20mm extra length was cut, and trimmed as the final 
construction step. The boom is already laminated at this point, common super-glue was used for this step. 


Tip-Tip Length (mm) | Spacing (mm to next element) 
i 


Eutectic Tin/Silver solder was used, again not for any particular design purpose, it was what was plentiful and on hand. The 
higher melting point of this alloy compared to normal Tin/Lead solder made holding the shorter elements while soldering 
them to the boom quite a painful experience. The elements themselves are 1.5mm diameter solid copper wire, from the 
centre of heavy-duty mains cable. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/43 1/3 


1/10/2018 Alan Yates' Laboratory - UHF Log-Periodic Array 


The array is fed directly by 50 Ohm coax (DSE branded RG-58CU in this case). The feed point is as the 'sharp' end of the 
array, the braid simply going to one side and the centre conductor to the other. A sleeve bead choke of VHF/UHF ferrites 
helps maintain balance, as does an air-wound choke coil in the coax. Some experimentation was performed with the 
placement of the sleeve choke, the final decision was to take the coax along the braid connected side of the boom/feeder 
and place the chokes beyond the end of the boom. There is no terminating stub. This arrangement produced the cleanest 
pattern 


A short piece of wood dowel extends the boom and provides a mounting surface. Nylon cable ties are used to hold the 


feeder/boom to the dowel and dress the coax from the feed-point back along the boom. 


Performance testing is work in progress. So far the antenna shows excellent balance for such a simple feed. The first null is 
outstandingly deep (full) and symmetric off either side of the main 60-90 degree lobe. Polarization purity is also excellent, 
with full nulls being achieved by cross polarization. Tests have were carried out by ear, eye and S-meter, using the local 


North Head ansiatoras a signal so z he antenna appears 'useful' well above and below the design ranae No 
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Once the feed VSWR has been assessed a new prototype will be constructed out of hobby store brass tube and box stock. 
The pattern and bandwidth seem excellent so far, so only the matching really needs validation/tuning. The extra expense of 
the brass material may not be worthwhile, the cheap (but somewhat easily bent) wire is doing an excellent job. 


6 comments. 


Updates 


2009-01-10: Mathias Katzar Builds One 
Mathias Katzar builds an all-brass UHF Log-Periodic antenna. 


2003-04-14: Tjerk Schuringa PE9ZZ writes 
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The recent blinkenlight projects have giving me a need for a AVR programmer that will work with my Win32 
based laptop so | can fiddle with their scripting in place (especially the larger tree project which just won't fit in 


the attic lab). I've been meaning to play with WinAVR anyway, it is handy to have a Win32 setup for working with 
AVRs, especially on the road. 


ud 


EA C T amit 5 
p- auydudo e208 = Device signature * Bco SOR? 
avrdude .oxa: gafemode: Fuses OK 


aurdude.axe done. Thank you. 


č surduda -p tid -E us bt iny | 
aurdude.cxe: AUR device initialized and ready to accept instructions 
ad ing 1 A eee ee ee Ai SERRE l 188% a. fis 
aurdude.exe: Device signature = Gxie9@87 
riude exe? safemodo: Fuses OR 
s wordode axe done. Thank you. 


The project is a simple doughnut board implementation of a variant of the USBtinyISP and USBtiny projects. 
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The wiring pencil made quick work of assembling the circuit. | used my current parallel port programmer to 
program the Atmel ATtiny2313. | left out the 3v3 clamping zeners as | did not have them in the junkbox, but put 
100 Q resistors in series with D+/D-, this seems to work with my USB ports. l'Il likely add them when | get some 
to keep the signal lines in-spec. 


| did not bother to implement the "programmer programming" header option via the ISP header that the 
USBtinylSP has. | did implement the power control jumpers, letting the programmer run off the external circuit or 
vice versa. | added protection resistors to all the ISP lines for robustness. Mine also has a 8-pin DIP socket on 
the board for my current programming ZIF socket adapter (or direct connection of smaller devices) in addition to 
the standard 6-pin and 10-pin ISP headers. Unlike the original USBtiny project | did not implement a full parallel 
port D25 (although that is quite tempting as | have many parallel port projects that are deprecated now due to 
the obsolescence of the parallel port). 


Naturally the device works fine under Linux too. In fact it was easier to get working under Linux than Windows. 


1 comment. 
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Apart from lash-ups with inductors on the bench I've never built a permanent, mechanically robust Variometer 
before. It has been a long-time interest though, both as a bench variable inductance tool and for practical uses 
in RF circuits - especially antenna matching. 


The Variometer relies on varying the mutual inductance between two coaxial solenoid inductors. This allows an 
inductance range of 4 times the mutual inductance, generally resulting in a 2:1 range of inductance/reactance 
for the finished device. The coupling of the inductors is varied by rotating one of the inductors with respect to 
the other. Rotation through a complete 180 degrees allows mutual inductance sign reverse (phase inversion) 
giving the full 4 times the mutual inductance range, as Ltotal = L1 + L2 + 2*Lm. Uncoupled, the inductors in 
series would total just L1 + L2 as per normal circuit theory, but their mutual coupling gives rise to the Lm term. 
Lm can be negative if the magnetic coupling is anti-phase, which like a capacitance can cancel the normally 
additive inductance. 


| started construction by drawing a sketch and doing the maths to determine the geometrical limits on the inner 
inductor to allow rotation within the outer one. If the ID of the outer coil form is "D", the OD of the inner coil (coil 
+ form) is "d", and the height of the inner coil form is "I", then this inequality must be met to allow rotation: d42 + 
1^2 < D^2, which implies the inner former length can i exceed sqrt(D^2 - d^2). Similarly, if you want the inner coil 
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Some 25 mm PVC conduit was selected for the inner coil form, along with 38 mm ID PVC water pipe this 
constrained the inner coil form hight to be less than 28 mm, | chose 25 mm to give it a little bit of play. The 
"square" inner coil form constrained the outer coil form height to exceed 36 mm for bench-mountable niceness, 
so | picked 38 mm and cut up the tubes with a pipe cutter. Some rather inelegant geometrical constructions later 
to find the centres of the tube walls in both directions and the pipes were drilled. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/206 


1/10/2018 Alan Yates' Laboratory - Variometer Prototype 


http://www.vk2zay.net/article/206 3/5 


1/10/2018 Alan Yates' Laboratory - Variometer Prototype 


Some 1.3 mm holes were drilled for securing the coil turns and the coils wound. 710 um wire was used for the 
inner coil, 12 turns total, 6 either side of the rotation axle. For the outer coil 5 turns each side for a total of 10 
with 1 mm wire. Some liquid electrical tape was used to hold the windings of both coils in place. Some twisted- 
pair of 500 um wire coiled around the axle brought out the inner coil connections in a flexible manner (but | have 
my doubts about the long-term robustness of this arrangement, multi-strand wire would be better where the 
flexing occurs). The axle was formed by a 3 mm bamboo kebab stick. After trial assembly the rotor was fixed to 
the axle with hot-melt glue and the centring assured using brass chocolate-bar connector inserts secured over 
the axle as it exits the outer coil form. 
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The outer coil measures 4.473 uH. The inner 3.127 uH. In phase they total 10.371 uH and anti-phase 4.869 uH. 
The matching mutual inductance Lm = [Ltotal - (L1 + L2)] / 2 is 1.386 uH. The coupling coefficient k = 
Lm/sqrt(L1*L2) is 0.371. The measured "range" of 5.5 uH closely agrees with the theoretical 4*Lm figure of 
5.542 uH. | was also surprised by the extremely good agreement of the measured figures with the calculator on 
this excellent variometer page. If you punch in the geometry of my device the figures it outputs are very close 
indeed, within a few percent. lt seems to slightly over-estimate the Lm, but not enough to be a problem in 
practice. 


This "5-10 uH" variable inductor might become my long desired "L-jig" to match the other R and C ones, or it 
might become the interpolating inductor along with a fixed taped inductor in an L network matching unit. It's 
unfortunately high 5 uH inductance limits the HF response of such a matcher, having about ¡943 Ohms 
impedance at 30 MHz, however this could be tuned-out with a series capacitor capable of tuning below 5.6 pF. 
Designing a tapped inductor with ~ 10 uH steps for 90-100 uH would let me tune a 23 pF vertical at minimum of 
80 metres. | know the 3 metre vertical on my balcony takes less than 60 UH to tune it (ie 32-33 pF of 
capacitance), so even just a 50 uH fixed inductor tapped 5 times plus this inductor could tune out its 
capacitance across HF as long as | had a way to switch in a series variable capacitance on the last tap 
(Variometer only). 


7 comments. 
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VHF Impedance Bridge 2007-01-13 


I've been trying to get into the 147.0 ARNSW repeater, so | can join their homebrew group's net on some 
Tuesdays of the month. Unfortunately my old FT-415 just can't make the trip barefoot, so | wanted to make an 
antenna that | could wander up the street with and perhaps get in... 


I've been meaning to give the "flower pot antenna" a go, so | wrote to John Bishop VK2ZOI and he was kind 
enough to send me his articles which include dimensions and all the information needed to make 6 m, 2 m, 70 
cm and dual-band 2 m/70 cm antennas. All | needed was a way to assess the VSWR and prove I'd constructed 
them correctly... | had to build myself some kind of SWR detector for 2 metres. 


In the past, I've used my trusty Z-bridge on HF, but at 2 meters it gave me non-zero returns into a known-good 
dummy load - not a good sign. This project is another Z-bridge, direct from the pages of EMRED (page 7.24, 
diagram 7.43). It is claimed to operate into the UHF region, | haven't proved that or really expect it with the sub- 
optimal resistors | used, however it is perfectly flat to beyond 200 MHz according to my measurements. 
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| threw it together in about 1 hour - most of that time was trying to get the damn BNC plugs to tin, so I could 
solder them direct to the board. Some filing and lots of heat did the trick eventually. The meter is from KW- 


TUBES on eBay, | have several left, they are perfect for this kind of project. 
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At maximum sensitivity even my "loadstar" signal generator can make a deflection, so QRP use is fine. With the 
resistors | used it should handle a few watts. 


Impedance Bridge 
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the repeater... More work to be done here, QRO will be needed | suspect. | might have a go at making a helical 
resonator to null the pager quite close to my QTH, or even a BPF for the band, but that is probably more 
plumbing than the old HT is actually worth. 


3 comments. 


Attachments 


PC E a 


Circuit Diagram Source | application/postscript | 11.993 kbytes 


© 2000 - 2009 Alan Yates - All Rights Reserved. 


http://www.vk2zay.net/article/97 


June 4, 1968 P. T. FARNSWORTH 3,386,883 
METHOD AND APPARATUS FOR. PRODUCING NUCLEAR-FUSION REACTIONS 


Filed May 13, 1966 16 Sheets-Sheet 1: 


Hi ee 38 


O- 180° 
PLANE 


47b 
ES 


NORTHER 

NEMISPEERE 

EQUATORIAL 
PLANE | 


SOUTHERN 
HEMISPHERE 


EQUATORIAL 


ne PLANE 
270° 
GAS INLET 
FILAMENT D FILAMENT 
TERMINAL go ol TERMINAL 
say Y 
FILAMENT CR yr + 
LTAGE 
QU 
-l | 
VOLTS aF 7 
È + 100 | -22,220 
| 
| 
RA © INVENTOR 
T PHILO T FARNSWORTH 
z BY Kood. Husk y hish 


ODE 
T TERMINAL ATTORNEYS 


1/10/2018 Alan Yates' Laboratory - VHF Super-Regenerative Receiver 


Alan's Lab \ a es ES 


= 


Home Twitter YouTube Calculators 


me and my geeky hobbies 


VHF Super-Regenerative Receiver 2002-03-07 


| have started straight with the circuit out of the ARRL handbook, by Charles Kitchen N1TEV. | didn't have a 6v8 zener, or a few 
other part values, so | had to substitute a bit. 


Unlike Charles' original circuit | found an audio pre-amp was needed to get sufficient AF gain so the 386 could actually be driven 
into saturation at full volume. | did have the 386 in its lowest gain configuration (nothing between pins 1 and 8), but the audio was 
still too weak when | tried it with a gain of 200. The single transistor pre-amp is collector-base feedback biased, which gives high 
gain, moderate noise, great stability and a good-enough frequency response, it isn't the best topology but it has a low parts 
count. | used 100n coupling caps in the audio path because | have a huge quantity of them, not because they are a good value 
choice. That said, the bass response is still quite acceptable, and the monolithic devices are much cheaper/smaller than electros. 
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Construction was an organic affair, the unit was built as a prototype, | never intended to finish it off and use it as much as | now 
do. | listen to FM broadcast radio stations with it almost every night, | even take it to work and listen to the radio there some days. 


Note the main tuning coil, it is made from the thick 1.5mm Cu core of house mains wiring. Such wire is cheap, about $1/metre, 
but contains 2 quite solid conductors, and one stranded (earth) conductor which can be unravelled to give 8 thinner solid wires, 
or used as-is. The coil must be kept high off the board to reduce stray capacitance for good performance. In hindsight, my choice 
to use a slab of unetched circuit board for the prototype limits its performance severely. However, it is mechanically robust and 
forms a low Z ground plain which helps stabilize the receiver. 


The audio power amp has a touch of instability operating into higher Z loads with long leads (ie headphones). At high volume 
levels it can groan. A 10 ohm resistor in its power supply decoupling circuit should fix this, but | haven't bothered to add one yet, | 
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Here is an image of much earlier in the construction, the audio stages were built last (unusual), the audio pre-amp is on the 
breadboard, tacked to the rest of the circuit by some hook-up wire. There is no volume or fine-tune control at this stage, and the 


inter-stage coupling is a gimmick (later replaced by a 1p cap). 
The coil was attached with IC socket pins, which allowed trying many geometries for performance and to play with different VHF 


frequency ranges. The thin solid hook-up wire used for the main coil was very poor for its performance, the losses being quite 
high, often the unit would refuse to oscillate at all unless the supply voltage was raised to 15v and the drain-source feedback cap 


tweaked. 
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Here is a spectrogram of the receiver in regenerative oscillation. There is no quenching here, it is just making a pure RF sine 
wave, there is only modest amplification in this mode (there would be more if the regeneration was backed off to the edge of 
oscillation, but then there would be nothing to see), the selectivity is enormous, you can beat carriers of FM stations, even an AM 
signal generator's 1.5kHz sidebands are resolved and can be beat separately without a lot of heterodyne from the other 2 line 
frequencies (carrier and other sideband) in the audio passband, this is straining the stability of the receiver though, the fine tune 
control is a must to be able to keep up with the thermal drift from your breath. 


o] 


Here is a spectrogram of the receiver in super-regenerative oscillation. The quenching rate is about 120kHz, the waveform looks 
rather sawtooth like, but has smooth edges. The spectrum analyser's IF bandwidth is about 100kHz, so it doesn't really resolve 
the quenching sidebands and their harmonics, but you can see the sinc shaped envelope of the higher harmonics due to the 
scan rate harmonically beating with them. 


While the poor IF selectivity of my SA has smudged the details it appears that the main oscillation is actually FMed as well as 
AMed by the quenching oscillation. lt makes sense, the operating point (and hence the drain capacitance) of the FET is being 
pulled around by the quenching oscillation voltage on the source. This makes it much more complex to say what is really going 
on during the FM demodulation. The slope can't be too flat, and could be quite complex. | would like to investigate this 
mathematically in the future. 
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4 comments. 
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VHF Wavemeter 2008-10-19 


Very similar to the HF version, just designed around a hairpin of 4 mm copper wire instead of a solenoidal coil. 
The ~60 pF gang of the polyvaricon is used alone to resonate the hairpin. An additional 120 pF of capacitance 
can be switched in parallel to implement the lower band. 


| search | 


Construction is upon a square slab of rather thick PCB material that Kevin VK2ZKB was kind enough to give me 
for my experiments. Also from Kevin came the smaller pieces of PCB that the hairpin is soldered to. He has 
tooling to make short-work of cutting up PCB, a task for which | keep promising myself that I'll purchase some 
better equipment for at some point. He and | have been discussing cutting thin strips of PCB the right geometry 
to implement strip lines for higher frequency work. It took a lot of heat to solder that thick chunk of copper to the 
PCB, challenging the super-glue used to attach the pads to the main board. 
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The circuit is otherwise identical to the HF instrument, power supply is the same 3V lithium cell inside the black 
plastic box which also houses the meter. There is no off-switch or any means provided to turn it off. It tunes 49 - 
57 MHZ for 6 metre coverage, and 76 - beyond 150 MHz for FM broadcast band and 2 metre coverage. 


| use it mainly as a selective signal strength meter looking for stray currents in antennas. It isn't a very useful 
instrument in terms of absolute frequency resolution, but relative RF power and frequency ball-parking it works 
fine for. 


| successfully made a coil for the HF meter which covers a similar range but with somewhat less sensitivity. 
Here is a video of me demonstrating mutual inductance coupling between tuned circuits at 2 metres using the 
older wavemeter. 


Resonator Coupling Demonstration 
(8.102 Mbytes) 


| must admit | kinda like the HF unit better, it is a neater package and is more flexible, but this fixed-coil 
wavemeter covers the FM broadcast band and 6 metres with better bandspread. It would be excellent for 
people making FM wireless microphones (bugs) for both working out their rough TX frequency and tuning them 
up for best output. | wish | had made one this sensitive back in the days when | was an FM broadcast pirate. | 
did build a VHF wavemeter long ago, but it was a passive one and needed a fair signal for a reasonable 
deflection, | also then lacked the instruments to calibrate it properly. 
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Wireless Power Demo Circuit 2011-04-26 


A lot of people have been asking me for the circuit of the demonstration TX | used in the video, so here it is: 


This is *not* an efficient design and is meant as a demonstration only. The compression trimmer should be fairly high quality, but 
as the demo was on a solderless breadboard perhaps any old junk trimmer would work OK? The IRF510 is hardly the best 
device for this service. There should *really* be a gate-source resistor on the MOSFET, if the drive disappears it will probably 
smoke, the drive probably isn't within spec either. 


The tuning is quite sharp. Peak the trimmer for best range using the LED receiver. You may need to tweak the 27 pF capacitor in 
the RX coil to match your particular coil inductance, use a trimmer if you prefer. 


Other frequencies for the canned TTL oscillator module should work fine if you adjust the tuned circuits appropriately. | used my 
resonance calculator to get ballpark values then tweaked from there. It is also helpful if you can measure inductance with some 
precision, | used my Carver-style LC measurement device for that. 
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best efficiency into whatever load is reflected. It would be useful if you could predict/measure the impedance seen to optimise the 
power amplifier design, but an L or Pi network and standard antenna matching techniques can be used. 


29 comments. 
Parent article: Wireless Power Experiments. 
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Verowire and Road Runner pens/pencils are not available in Australia (at least as far as I've been able to find), so I've always built digital prototype 
circuits point to point with magnet wire by hand (ie juggling a spool of urethane enamel magnet wire, tweezers, side cutters and the soldering iron). 
Today | had to build a relatively simple interface board for LED matrix devices, but in frustration after dropping the spool and tangling the wire | 
finally got around to building a proper wiring pencil. 


Some brass tubing from a hobby store bulk-pack was used. The pack came from Hobby Co and while moderately expensive contained a great 
variety of different sizes, all about 100 mm long. The smallest ID tube available was about 0.8 mm (allowing comfortable use of 125 um, 200 um and 
500 um wire depending on the application), this was telescoped with several other pieces to build the barrel of the pencil. Some channel stock was 
used to attach the pencil barrel to a rectangle of PCB material which supports the sewing machine bobbin containing the wire. Electrical solder 
holds the works together - | had all the parts except the brass tubes sitting in the pile of junk of my desk. You could no doubt build something similar 
using a discarded writing pen, perhaps with a sports-ball inflation needle. 
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Some felt was fixed to the PCB material to facilitate variable tension; the spool axle is a brass machine screw which is tapped into the thick PCB 
material, a cap nut is tightened onto the bolt and the entire bolt moved in or out of the PCB to control the friction between the bobbin and the felt. 
This works quite nicely to control the flow of wire. 


5 m j 


T 
"i AAT) "ii 
| 


The bobbin was filled with wire by attaching it to my electric drill and running on enough wire to fill it from a larger spool. (BTW: a 6.5 mm audio jack 
just happens to be an excellent friction fit with the ~ 1/4" centre of the sewing machine bobbin. No doubt a bolt with washers would be a safer and 
more conventional choice - or perhaps a bobbin winder machine if you have access to one.) 
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| am yet to find a local source for something like the wire management combs both commercial prototyping systems use. It is said that the self- 
fluxing wire the commercial guys offer is easier to work with than common UCW - dunno, never used it. The UCW wire is quite easy to tin, 
especially the 125 um wire which tins even starting far from a cut end. | prefer the mechanical properties of 200 um wire for general purpose work, 
and use 500 um wire for lines carrying significant current, but | often put thicker lines in by hand anyway. You might like to have several spools (or 
better, complete pencils) of different colour wire, say red and green for power, amber for signal, etc. 


10 comments. 
Updates 
2009-02-16: Solderability of Enamelled Copper Wire 


Tests of tinning various types of enamelled copper wire both from cut ends and through unbroken enamel. 
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The Fredbox 2007-05-26 


| first heard about The G3XBM Fredbox transceiver via Solder Smoke. As soon as | saw it | just had to give it a go. It is a very simple 
and elegant design. Of course it offers no bells or whistles, just a fixed TX and RX frequency, and a flea-power output on TX, but it has 
a special charm in its simplicity and the retro usage of AM on VHF. 


Transmitter 


| built the transmitter side first. BF199s were selected as a good candidate for the RF devices, but I lacked a crystal in the range 
specified in the original article. Instead, | used a common 16.384 MHz crystal and redesigned the circuit to be two triplers rather than 
two doublers. This crystal is a common "computer" crystal, but places the TX frequency in the high-end simplex segment. This is a bit 
too close to the pager-splattered end of the band for my liking, and doesn't match the band-plans. For now this is OK, I'll get a custom 
crystal cut eventually. 


| didn't use shielded cans or variable inductors for the transmit coils (as specified by the article), rather | used fixed inductances wound 
on 137-6 toroid cores with bare 0.71 mm tinned copper wire. My LC resonance calculator and nH inductance meter were enormously 
helpful in making the selection and testing of the tripler and output stage resonators. Each stage was tuned with trimmer capacitors. 


It was amazingly easy to get the TX-side working, | just built each stage from the crystal to the final amp in turn, testing as | went. Each 
stage is well behaved and peaks nicely. 


Peter VK2TPM could hear the signal at his QTH several kilometres away when | connected the half-finished TX board into my flower- 
pot antenna. The DC input power was about 23 mW, and no special attempt was made to match the output into the load, in fact the 
series trimmer in the matching network was absent at this point, just a fixed 12 pF capacitor was used for DC blocking. 


Upon finishing the TX circuit | did experience a bit of RF pick-up in the microphone amplifier 2nd stage. A 1 nF capacitor to ground 
discouraged its RF gain and eliminated the problem. The 2nd AF amp stage is located immediately adjacent the crystal oscillator stage 
and was picking up RF directly. The effect was not audible, but was visible on the spectrum analyser as weak 16.384 MHz sidebands 
either side of the carrier. This wasn't causing feedback, just high-frequency modulation of the signal. If nothing else it proved the 
bandwidth of the modulator, which is perhaps a surprise considering the 100 nF decoupling on the modulated rail, however the output 
impedance of the series modulator emitter is so low it could deliver a few tens of mVs of HF ripple into that kind of load. 


Receiver 
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As easy as the Transmitter was, the Receiver was hard. It fought me every inch of the way. | spent an entire day trying to work out why 
it was simply not super regenerating from about 130-160 MHz. It turned out to be a 10 nF decoupling capacitor on the cold-end of the 
detector resonator. The article specified 1 nF, and | originally intended to use this value, but | had a strip of 10 nF mono's on the bench, 
so | used them. At build time | did consider why 1 nF was specified in the first place, | figured it was avoid the exact problem that would 
befall my unit, decoupling resonance. (Lesson #1: Trust the original builder and your initial instinct.) When the unit wouldn't oscillate 
properly | assumed that | had damaged the capacitor on install - this is a pretty common fault, so | tested it in-place by ensuring it would 
shunt a HF signal (my standard decoupling cap test), it passed this test just fine. (Lesson #2: Test at the frequency of operation.) 


My hubris about "modern components" being superior and likely "purely capacitive" at VHF turned out to be completely wrong. It took 
*hours* to work it out, but eventually | determined the entire decoupling network was resonant near the operating frequency. Much foul 
language later and | replaced the cap with a ceramic 1 nF, with its "flashing" broken off and scraped right back to the disc to minimise 
the lead length. This cured the problem. 


For the longest time | had assumed it was the source coil - and in fact the first source RFC | used (a molded choke) was being operated 
above its self-resonant frequency and prevented any oscillation at all. | replaced it with a few turns on a ferrite bead which seems just 
fine now. 


A couple of other minor annoyances/mistakes were worked through (like picking larger inductances and making the entire circuit so 
sensitive to stray capacitance it was a nightmare to tune - DUH!). 


Eventually the unit super-regenerated right through the region of interest and the LNA stage was constructed. Initially | put the LNA 
drain coil too close to the detector coil and they over-coupled. This meant as | tuned through resonance on the LNA drain it would pull 
the detector so much it would shut down. Bugger! Moving the coils apart a little reduced this effect to acceptable levels, but the core of 
one still effects the other a little. I'm happy with the current coupling, and it is actually useful to help tuning the LNA resonator. As you 
rock it through resonance it will pull the detector, and by observing the wiggle on the spectrum analyser you can tell you've got it tuned 
up. The AGC action of the detector makes it hard to tune for maximum smoke otherwise, as the AF output doesn't change much at all 
even when the front-end isn't tuned up properly. Once you've got it nearly right you can use a weak signal to tune for best signal to 
noise. 
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Note the pagers above the 2 metre band in this spectrogram. The hump in the noise floor is the receiver super-regeneration side bands. 
The smaller peak in between is the output of the Fredbox transmitter, the leakage from the unshielded prototype on my desk operating 
into a 47 Ohm load. It is rather disturbing that the pager signals are *larger* than this local signal just a foot or two from the spectrum 


analyser antenna. 
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| used J310s for the receiver FETs, and a 2N3904 for the audio amp. Although the main design requirement for Roger appears to have 
been flea-power, | think a better AF amplifier that can drive modern low-impedance headphones would be preferable. Only Jaycar now 
carries crystal earphones with a nice soft silicone ear piece. The one | used comes from DSE and it is hard-plastic - not very nice on the 
ear. | really hate these kind of earphones anyway, I'll probably be rebuilding it for a low-Z output at some point, but it does work pretty 
well as-is. 


BTW: While | was in the "Special Hell" of decoupling resonance | took the RX down to the FM broadcast band, and up to the VHF-hi TV 
band. It works wonderfully in both, which isn't a surprise. However, by adjusting the drain-source feedback (then a trimmer, now fixed) | 
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Hall's regen on the FM band. The topology is more forgiving however, allowing grounding of the tuning cap. | also built several different 
oscillator topologies in desperation before | identified the decoupling fault, in one | got a Colpitts-like oscillator working with emitter 
coupled feedback to a tapped capacitor across the tank. This is something | should have thought about a *long* time ago, I'll probably 
build yet another FM broadcast regen using this topology for the detector, it seemed quite easy to control just by manipulation of the 
base voltage. 


Boxing It Up 


| am still tossing up between a cast Aluminium box, a custom box folded out of Aluminium sheet, or an Altoids tin. The circuit is small 
enough to just fit inside an Altoids tin but it probably won't fit with a battery. I'll pick up a centre-off momentary-one-side switch over the 
next week and finish off the radio one way or the other. 


= |- Bss mi 


Note the use of an old telephone receiver as the microphone. It is nearly as large as the entire TX board. I'll have to find my electret 
mics, | know | have a bag of them somewhere that | got from a Rockby sale. 


I'm strongly considering rebuilding the radio, perhaps through-the-hole to minimise its size. Although my prototype isn't too large as-is, it 
would be nice to neaten it up. Maybe I'll build it with fixed caps and variable inductors to save space too, although shielded cans are 
about the same size. It *might* be possible to tune the multiplier stages with stretched coils and fixed caps, this would make it much 
more compact and save money too if it ends up being kitted... 


More TX Power 


| am considering running the unit on 12 Volts to get a bit more RF out, and perhaps building in a small amplifier to get it up to 1 Watt 
region. This would probably involve a rebuild of the TX side to use a 2N4427 or similar final device, and a more robust series modulator 
transistor. This won't be efficient, but is probably easier to get going than a linear amp which would need careful drive adjustment. 


I'll probably conduct some experiments around using a 2N 7000 or VN10KM as the output device. The math suggests they may operate 
on 2 metres. I've already got them working on 6 metres in a brief experiment last month (must document that). 


Comments 


Working with VHF is fun! | find it a great learning experience, especially when you get problems like the resonant decoupling cap. That 
kind of thing really pushes your understanding of the physics and teaches you a lot. 


| know a lot of HAMs won't touch anything above the bandwidth of their oscilloscopes. | can understand the frustration when something 
doesn't work, especially when you can't see why, but it really isn't that much worse at VHF. With just a diode probe you can achieve a 
lot. It does help enormously if you have VHF test equipment, for example | likely would have never noticed the HF modulation problem 
had | not had a spectrum analyser (although the HF was visible on the collector of the modulator drive amp, and most of us have a 
CRO that can see fine near 16 MHz). 


A wavemeter can be helpful, if a bit retro, especially for making sure your multipliers are tuned up right and for looking for spurs. You 
can build one quite easily, it only needs to be a resonator with a detector and a LED or meter as a read-out. I'm a big fan of the biased 
1N5711 through the decoupled bottom of the tank coil topology. For super-sensitivity you can use a MPSA18 as a DC amplifier. With a 
signal generator or dipper and a counter or scanner/receiver you can easily calibrate it. It can be used like a poor-man's spectrum 


© 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS toggle 


http://www.vk2zay.net/article/123 


1/9/2018 Alan Yates' Laboratory - The Fredbox 


My only advice when you get stuck is to trust the physics, do the math and follow your instinct when nothing is making sense. Rebuild 
parts of the circuit and test them independently. Measure what is actually happening and try to figure out what kind of misbehaviour in 
the circuit would cause the observed of behaviour. That will often solve an otherwise intractable problem. 


Update 2007-06-05 


| took the Fredbox boards to the local Homebrew Group meeting. | had both halves hooked up and talking across the room. Peter 
VK2TPM had brought along a digital audio recorder and did an interview with many of us in attendance. You can hear what | said about 
The Fredbox on Soldersmoke 62, and even a brief snippet of audio going through The Fredbox. 


Also on the recording are Peter VK2EMU talking about the 80 meter challenge, John VK2ASU talking about his transmitter modules for 
the challenge (and an interesting diversion into IRF510 gate-modulation with some input from Brian VK2TOX - something | was thinking 
about back here, apparently Drew Diamond VK3XU has already produced a design doing just this). Mike VK2BMR also talks about his 
great VSWR/power meter project. His unit was absolutely beautiful, | was very much taken by the excellent job he did of cutting the 
PCB stock that made up the external directional coupler box, essentially flawless, perfectly square workmanship. 


Update 2007-06-09 


l've built a weak-signal source for aligning the receiver. One of the biggest weaknesses of the Fredbox receiver is that it drifts in 
frequency quite significantly with Vcc variations. Powered by a 9 Volt battery near the end of its life, it may drift enough to make the 
receiver completely off-frequency despite its poor selectivity. If | build this circuit again I'll probably put in a stabilized supply for the 
detector stage to avoid this problem. 
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The signal source is a Pierce oscillator driving a tuned circuit which selects the VHF harmonic of interest. Because of the oscillator 
topology the crystal isn't pulled down as much as in the Fredbox circuit. The difference is fairly minor for my purposes, the poor 
selectivity of the receiver makes the difference in frequency of no real consequence. There is no active (or passive) multiplier, so the 
tuned circuit is merely extracting the harmonic energy from the oscillator. The harmonic energy available is very small, which is perfect 
for the application, giving an almost undetectable signal 1 metre away. 


Update 2007-06-10 


l've boxed up the Fredbox. As discussed earlier | went with the Altoids tin, despite this not allowing the battery to also fit inside the 
enclosure. | tossed up soldering an additional tin to the back to hold the batteries, but for now I've gone with the 9-volt battery snap just 
hanging out. It will work well with 6xAA battery holders which can just be held to the box with a rubber band. 
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For the RF connector | chose an RCA. | can hear all the VHF engineers cringing, but for the purposes of this prototype it works just fine. 
The Antenna is a half-wave of wire helical which is quarter-wave resonant (with some pruning). The former is a piece of centre 
conductor and insulator from RG-213 coax. The centre conductor was left in place and is soldered into the RCA plug centre conductor, 


adding some capacitive loading and shortening the length of wire needed for resonance. | have no idea if this is good or bad, but it 
works. 


A 
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| didn't find my stash of electret microphones, so | ended up just soldering the telephone receiver into the top of the Altoids tin. Ugly as 
hell, but also kinda unique. It looks somewhat like those Vietnam-war era VHF-low walkie-talkies. 


| couldn't find a momentary-one-side toggle switch, so a centre-off on-both-sides switch was used instead. A special dummy load/diode 
peak-voltage probe was assembled for the final alignment. The carrier power ended up being near 25 mW on 12 Volts, on 9 Volts 10 
mW just like Roger says in the article. 


Update 2007-06-11 


The 2N7000 on 2 metres experiment was a failure, it simply doesn't produce useful power beyond 90 MHz or so. However, it is very 
usable below 70 MHz. My input network was far from optimal, so perhaps with some more work it would be possible to get it working 
higher up, and | haven't tried an VN10KM in the same circuit. 


I've also been fiddling around with grounded-base class-C multipliers. (Not just decoupled, biased base, the base actually soldered 
directly to the ground plane.) At first this seems a little weird, but if you pull the emitter low with a link-coupling to the previous stage 
collector current will flow. The advantage is excellent reverse isolation, which might help with stability with less than ideal layouts and 
devices. Such a topology was apparently quite common years ago with the 2N918. 


1 comment. 
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-20 dB Tap Attenuator 2008-08-23 


Another device I've been meaning to build for a long time. The QRSS work has caused more interest in 
attenuators and transmission line monitoring, my current bodgy attenuator was tested with my most recent 
instrumentation and found quite lacking - more work on that instrument soon... Pi or Tee pads have precision 
issues, especially if you only stock E12 resistor values, so this tap is based on a transformer, the familiar 10:1 
turns ratio -20 dB tap. It can offer quite good accuracy if carefully constructed and terminated correctly on all 
ports. 


Pa 


| tried various core materials and sizes. The FT50-61 was looking quite promising, especially at higher HF 
where its insertion loss is lower than type 43 material, but its performance didn't extend as well into lower 
frequencies so | settled on using an FT50-43 core. Physical construction in a diecast box limits the high- 
frequency response, and the inductance limits the low-frequency response. 10 turns on an FT50-43 is about 66 
uH, using a 3 times the load resistance (50 Ohms) reactance (j150 Ohms) gives a lowest usable frequency of 
about 360 kHz. Experimentally roll-off starts to become annoying at about 400 kHz. On the high end the 
response is more difficult to predict and measure with my available equipment, l've only confirmed its response 
flat to 20 MHz, but a spot-test at 144 MHz using a 1 W HT as a signal source gave -20 dB to within my 
measurement accuracy at the tap port. Performance which | found quite surprising. I'm calling it 500 kHz to 20 
MHZ and have labelled it as such. 
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Vv 


Precision wise my fairly limited measurement accuracy says better than +/- 0.3 dB 500 kHz to 20 MHz as long 
as both output ports are terminated properly. | can't stress that enough, if the "thru" or "tap" ports aren't 
terminated in 50 Ohms (or whatever you're measuring in/from - the BNCs are 50 Ohms units) the attenuation 
will be wrong. To be completely correct, the 10:1 turns ratio transformer reflects a resistance 100 times smaller 
than the tap termination in line with the thru termination. So 0.5 Ohms from a 50 ohm tap termination is added 
to a 50 Ohm thru termination (or a 1 % error). This means the total load impedance is slightly wrong, and the 
return loss seen looking into the input is measured slightly worse than just into a dummy load, but the effect is 
quite small and much better than my best -20 dB Pi attenuator constructed using E12 5% value resistors. 
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end to the box. This will minimise the impedance step created by transitioning from the coax/connectors into the 


lumen of the box where the wire to box geometry gives nothing like 50 Ohms of impedance. HF response will 


still be limited by mismatch effects 


low UHF anyway. 


ve ordered some PCB-mount BNCs that are constructed like your typical SMA connector with four solder pins 
tape over the transformer. | once constructed a VHF directional coupler by passing insulated wire under the 


You may be able to extend the HF performance by using a length of coax through the core 
braid of a piece of RG-213, it worked quite well. 


Construction using a binocular core might be superior. 
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30 Metre Autodyne Receiver 2008-01-27 


As mentioned in the Australia Day article, building this receiver was the result of QRP-L discussions of WWV receivers. The 
design comes from Nick Kennedy's page, and itself seems to be the result of QRP-Tech discussions. | only discovered QRP- 
Tech last week, and just subscribed, looks better than QRP-L which has a somewhat worse signal to noise ratio if you interests 


are more technical. 
i ia 
pat 
A 


cl 


The receiver worked fairly well breadboarded, but did suffer from tunable-hum. This isn't surprising, as unshielded it is 
essentially a direct conversion receiver and the LO was illuminating all kinds of mains powered devices in close proximity. In 
particular my soldering iron which seems very efficient and hum modulating the near-field of coherent detectors. The 
breadboarded prototype wasn't (easily) tunable, but would lock my noisy BK (im)Precision generator/sweeper and hold it 
indefinitely with sufficient signal. 
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What does this look like in the time domain? When locked the LO perfectly phase-tracks the RF signal. When unlocked you 
see hetrodyne from the frequency difference of the LO and RF. Triggered from the RF signal you see something like this: 
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And unlocked, this: 
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| had a much better dual signal trace with the LO and RF triggered from the RF in several configurations, but | didn't take 
pictures, sorry. 

Akshay Parelkar VA7AAX shot me an email about the bread boarded version shortly after | posted it, and inspired me to build it 
properly. 
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With the toroids waxed to the board and a trimmer to bandset the receiver more practical tests could be made. The varicap 


(1N4007 rectifier) gives a good range for fine tuning and it is quite easy to lock moderately strong shortwave signals with just 
an alligator clip lead for the antenna! 


WWVH is far too weak here to lock with such a primitive antenna, or even really hear above the garbage coming from my 
computers. However the 31 metre broadcast band gave me plenty of strong signals to experiment with. Radio Australia gave 
three closely spaced, rock solid signals. | could also hear a few others, but | didn't catch their call signs. Quite surprisingly | 
could briefly lock them too as their signals came up. 
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; 


Apparently my counter's frequency reference disagrees with whatever Radio Australia is using. | assumed they have a 
precision clock. All three Radio Australia signals seemed to disagree by the same amount, as did the others | could briefly lock, 


so | took the leap and tweaked the calibration of my counter to reduce the error. 
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—— 
Pee wy E 
The lash-up held this to within 200 mHz for over an hour. Pretty good considering my counter has only a fairly cheap reference. 


Now and then the signal would fade and the receiver would break lock. The hetrodyne was immediately obvious and a tweak 
of the tuning pot would relock it, or the signal strength coming back up would also drag the LO back into phase lock. 


Videos 


There was something about the Australian Open on Radio Australia at the time | was experimenting with the circuit. Here is a 
video of a rocking the receiver across lock with the strongest copy. | also stick my finger near the tuned circuit which pulls it off 
lock temporarily. You'll note how it captures the carrier of the station, a normal direct conversion receiver would have all kind of 
beating and phasing effects as you approached zero-beat. 


Tuning the Receiver across 9.58 MHz 
(3.102 Mbytes) 


Radio Australia was transmitting three signals separated by only 10 kHz, here we have a video of tuning across all three. It 
displays the heterodyne heard when the receiver is unlocked, and the locking effect once you are close enough to the carrier. 
Observe the frequency counter settling into each of the frequencies once lock is achieved. 


Tunin Across Radio Australia's Three Signals 
(4.006 Mbytes) 


ee 


Problems 


Alan Yates - All Rights Reserved XHTML | CSS 


http://www.vk2zay.net/article/154 7/9 


June 4, 1968 P. T. FARNSWORTH 3,386,883 
METHOD AND APPARATUS FOR PRODUCING NUCLEAR-FUSION REACTIONS 


Filed May 13, 1966 16 Sheets-Sheet 15 


Ax 
ee ee ee tia 


eeu 


14g. 
SS 


ali 


| NÑ 
\ 

N 

| N 

| N 
N 
N 

7 N] 433 


BCC 


TN 
| p 


A E OA E T A A A T G 
ae oh A 


: A 


Se ee ee 


¿di INVENTOR. 
Fhilo TParasworih, 


ki rod Hafe dal 


Attorneys. 


1/10/2018 Alan Yates' Laboratory - 30 Metre Autodyne Receiver 


One minor problem with the receiver is VHF interference. The 270 pF capacitor that feeds back the LO tank to the transistor 
base appears to be resonant in the FM broadcast band. At one particular setting of the bandset trimmer 2MIX FM 106.5 MHz 
can be heard! Shielding the unit inside a box would fix this (and any final traces of direct-conversion LO radiation hell). It 
seems to be largely direct pick-up by the circuit, although putting a lashed-up low-pass filter into the antenna line did reduce 
the problem a bit. 


| mentioned to Akshay that | thought the receiver needed a real front-end. A 30 metre bandpass is advised. | can't imagine 
what would happen with a real antenna rather than just a foot-long clip lead! 
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Better layout might be advised, reducing the length of all the HF circuit paths and pushing any possible spur resonances above 
the transistor bandwidth. | tried beads on the transistor base, but it killed the oscillation as well. Experimentation with a small 
amount of additional Miller capacitance may tame any VHF oscillations. 


The VHF interference does suggest a similar circuit topology might work quite well as an FM radio autodyne front-end. Even 
fairly modest modern transistors (l used 2N3904s) have huge bandwidth in the differential configuration. I'd imagine it would be 
possible to have one side a tuned LO resonator and the other an IF one, with the cascoded transistor in the tail as the input 
buffer. 


Notes 


This autodyne receiver implements a coherent AM demodulator, which has some advantages to conventional envelope 
detection. It lacks AGC, which is annoying for general shortwave reception, but otherwise it makes a pretty good general 
purpose receiver. It can receive AM, CW and SSB with one only adjustment (tuning), unlike a regenerative set. Strong CW 
signals can grab the LO though, and pull it, right into lock in some cases, eliminating the beat note! Also, strong adjacent 
signals will capture the LO pulling it into around, which can be extremely annoying. If there is sufficient noise margin just 
attenuating the signal will help. 


| shunted the AF amplifier feedback resistor with a 1 nF capacitor to roll off the HF response. The audio was otherwise a bit 
sharp. You might like to add a pair of cascaded Sallen-Key filters to roll it off more sharply and improve the selectivity. | 
wouldn't recommend the receiver for CW, but you might also like to add a 700 Hz bandpass for that purpose if you intend to 
use it. Not too tight though, its a bit chirpy with strong adjacent signals. 


| used the same turns ratio at the input transformer, but wound 3:12 instead. This isn't too critical really, and | am yet to 
measure the input impedance or attempt to predict it, I'd imagine it will be moderately high though. 


Shield your counter interconnection, LO leakage here will cause the all too familiar direct conversion tunable hum problems. 
The buffering is generally sufficient, but | can hear the count windowing of one of my counters back through the AF output 

which suggests you might like to improve it. A common-base isolator or padding will probably help. | picked off the LO at the 
tap point on the tank rathe 
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Updates 


2008-02-04: Autodyne Receiver Now In a Box 
| add a front-end and a box to the 30 Metre Autodyne Receiver 
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30 Metre QRSS Beacon Updates 2008-08-16 


The MEPT Beacon has gone through some steady changes over the past few days. Most importantly it is now in somewhat of 
a "finished" state, stable and boxed-up ready for real transmitting experiments. A fourth piece of foam surrounds the circuit for 
insulation once the top is closed, the open ends of this "oven" don't seem to hurt. Modules are (clockwise from the 
microcontroller board); The ATtiny13V based controller, the fine tuning and FSK modulator, the carrier oscillator and buffer, the 
amplitude modulator (on wall), the driver amplifier, the low pass filter (on wall), and finally the class-E power amplifier. 


Carrier Oscillator 


Essentially unchanged from the original circuit, except | have stripped out the diode switched modulation trimmer and replaced 
it with the frequency modulation and tuning board. Conventional Colpitts oscillator using a 2N3904 buffered by a J310 with a 
low-pass filter delivering 900 uW into 50 Ohms. 
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8v regulated 12v 


10.140 MHz a 
100g ap 


That 3.1 uH inductor in the filter is implemented by 32 turns on a T37-6 toroid. The 78 pF caps are two 39 pF in parallel. 


The reverse-isolation of this circuit is pretty good. It might be used as-is for a QRPp beacon or with the driver amplifier for 14 
dBm output which is quite usable. 


Frequency Modulator and Tuning 


A pair of 1N4007s are used as varactor diodes. | picked 1N4007s not because they are particularly well suited, but simply that 
| had some on the bench. One of the varactors is directly coupled to the xtal circuit through 1 nF so most of its capacitance 
change is seen, the other is coupled through a small trimmer to adjust its maximum effect. This gives two independent 
channels, one for relatively coarse frequency tuning, the other for FSK modulation. Thanks to John for his suggestion around 
this part of the circuit. 


10k In 
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The varactor modulators were characterised to design the bias network in the controller for best linearity and desired range of 
shift (etc). 
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Fine was measured with the coupling trimmer quite loose, and subsequently tightened on final assembly to give a good 
maximum modulation width. 
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The data looks characteristically parabolic as expected. | suspect the oddness of the fine is measurement error. The y 
coordinates are in Hz relative to 10.138000 MHZ (x is reverse voltage) so it doesn't take much error in measurement to make 
the fine trace look lumpy. 


Driver Amplifier 


The driver amp is a simple 2N3904- pases feedback late delivering about 29 Wie Hel the ne Ba ramet ` the oscillator 
d. utim when loaded w 


The amplifier inp pedance is about 300 ohm ed with 50 at the output, this rett s mismatch 


© 2000 - 2009 Alan Yates - All Rights sad ET | CSS | CSS toggle 
http://www.vk2zay.net/article/181 3/11 


1/10/2018 


Alan Yates' Laboratory - 30 Metre QRSS Beacon Updates 


the circuit in practice measured about 15 dB transducer gain from using the oscillator as a signal source, probably because of 
the increased output of the oscillator with the lower loading offered by the input impedance (compared to a dummy load). DC 


input power is about 500 mW, so this stage is woefully inefficient, running at its limits, and should probably be redesigned. The 
supply line is keyed by the amplitude modulator to affect CW modulation. 


33 
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Amplitude Modulator 


The amplitude modulator is simply a BD140 PNP transistor with a 2N7000 switching its base voltage. A resistor network gives 
some envelope shaping to soften the keying. In theory PWM could be used for fine-grain power control from the 
microcontroller board, but | don't think | will attempt this. 


12v 


BD140 


keyed 
2N'7000 


Power Amplifier 


The power amplifier is a single 2N7000 running Class-E. From its 25 mW drive it can deliver about 2 Watts output (33 dBm) 
through the output filter into 50 Ohms from a 13.8 Volt supply. It barely gets warm although it is biased very slightly on by the 
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drive voltage. At the normal supply voltage (regulated 12.0 volts) it will deliver about 1.5 Watts - note also that optimal tuning 
changes noticeably with a change in supply voltage. 

Impedance matching into the gate could be better but | suspect acheiving a good return loss would reduce the drive voltage 
amplitude and kill the output power, another active device would likely be required - in any case the impedance doesn't appear 
to upset the oscillator buffer LP filter even though the driver is partially "transparent" being a feedback amplifier. The mid-stage 
filter is largely redundant, but was useful for initial experiments, you might like to omit it. 


12v 


| wrote a calculator to help design class-E amplifiers. The design was based around 1 Watt out from a 12 Volt supply and a 
loaded Q of 5. The result gives a load of about 75 Ohms, but empirical tests showed 50 Ohms was suitable loading giving a 
sightly worse efficiency and more voltage at the drain (without changing the shunt capacitor). The shunt capacitor value was 
decreased from the calculated value to match the output capacitance of the 2N 7000 (about 18 pF), experimental 
measurements closely agreeing with theory. Even better efficiency is likely achievable, but the circuit works quite well as-is. 


The drain choke is 12 turns on an FT50-43, its precise value is not critical, it just acts as a current source and could be (and 


a AN a a ala alaTa aire Ta aar-ia a ralan ar) > ara 


XHTML | CSS | CSS toggle 
5/11 


© 2000 - 2009 Alan Yates - All Rights Reserved. 


http://www.vk2zay.net/article/181 


1/10/2018 Alan Yates' Laboratory - 30 Metre QRSS Beacon Updates 


analysis was not carried out, T50 or perhaps even T37 might be OK? The trimmer is probably not the best for higher Q circuits, 
but at 5 it seems to work OK and doesn't get hot. 


Low-Pass Filter 


The filter is a Chebyshev with its final peak at the frequency of operation. It has pretty good measured characteristics, the 
centre capacitor was tweaked to tune out the effect of using E12 preferred values. Normal ceramic capacitors were used with 
no measurable ill effects. 


3u1 Sut 
78p 120p 78p 


The 3.1 UH inductors are 28 turns on T50-6 toroids. 
The Controller 


An ATtiny13V is the brains of the MEPT beacon. The microcontroller code hasn't changed since the original build. The board 
also contains the resistor network for deriving the modulator and tuning signals from the "width" and "centre" pots, in addition 
to the green indicating LEDs which show the CW and FSK keying state. 


5v regulated 


ke > coarse 
fine  Ptune" 50k 
—_ 
k > 33k 
C a width" skf 


{K2 key = = 


= 3907 3907 


Y Y 


There are some elements omitted from these diagrams, for example the 5 and 8 volt three-terminal regulators, some filter 
capacitors, decoupling, supply filtering at entrance to the box, etc. All are extremely non-critical and conventional so | haven't 
detailed them here. Please post a comment if you want anything clarified. 


Vertical Antenna 


The antenna has also changed, I've built a matching network to feed my 3-metre vertical used in the 80 metre beacon on 30 
metres. | hope to eventually build a diplexer and matching network that can feed this same chunk of metal with both beacon 
TXs concurrently - but much design work remains before | can attempt that. 
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The matching inductor is 7.8 uH. A polyvaricon fine-tunes the match. Oddly enough the return loss into this simple network 
alone is quite good. This is suggestive of rather large ground losses... A lot more antenna work needs to be done, while | get 
excellent signals into David VK6DI and Bob VK7KRW's sites | am yet to be seen anywhere else by the online grabber network. 


Results 


David VK6DI has been able to copy my beacon in all its various states of construction and stability. One experiment in 
particular used just the 25 mW output of the driver amplifier. Signal to noise measurements from this test indicate | should be 
just visible above his noise floor running only 25 uW! 
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With the beacon output now at an easily measured ~30 dBm it is a simple matter to attenuate down for the real QRPp(p) 
experiments. 

Bob VK7KRW has been seeing my signal as well. He is my first report from VK7, including the 80 metre beacon experiments. 
Next time | fire up the 80 metre beacon Bob will listen out for it as well. 
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di Argo ¥1 build 134 O 
Argo Setup Mode Speed Falette Log About 


05:48:53 16/08/2008 Peak at10140066.00 (41.2 dB; (ASS einer 
gq Mode: 3s dots, slow Estim: Magnitude L| Full Band View _| Save to WAY file Hz 
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—— Contrast Capture OFF Ticks : 10 seconds 


QRSS Reception 


My attempts to receive QRSS have not been as successful as my TX work. My noise floor is *horrible*, combined with poor 
antennas this limits my chances. | did accidentally see VK6DI's 500 mW signal during measurement experiments on my 


beacon. 
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2 comments. 


Attachments 


tte | tee sice 
Oscillator Circuit Source application/postscript | 14.584 kbytes 
Frequency Modulator Circuit Source | application/postscript | 11.443 kbytes 


Driver Amp Circuit Source application/postscript | 12.719 kbytes 
it Source | application/postscript | 11.658 kbytes 
Power Amplifier Circuit Source application/postscript | 12.412 kbytes 
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Controller Circuit Source application/postscript | 12.063 kbytes 


Parent article: 30 Metre QRSS Beacon. 
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Home Twitter YouTube Calculators 


30 Metre QRSS Beacon 2008-08-10 


This weekend | had decided would be "QRSS weekend", I've been fiddling with the idea for too long now, it was time for a strong effort 
to complete the project. As luck would have it, David VK6DI found my 80 metre beacon and added some extra inspiration to get my act 
together on a 30 metres beacon. 


| ordered my 10.140 MHz xtals from DL6JAN. The arrived quickly, nicely packed - it was an easy process, | highly recommend him as a 
source for QRSS rocks. 


The Transmitter 


The oscillator is a conventional Colpitts, with an 8 volts, 3-terminal regulator for voltage stabilisation. The buffer is a J310 JFET source 
follower with a 10 k input impedance fed through a 5p6 cap, the output is filtered through a LPF and delivers about 900 uW into 50 


ohms. 

2g eee ce : aoe E ; E e? ras ge ian f = sin Hin ae TEA j: j = | 
This is followed by a 2N3904 feedback amplifier giving about 20 dB of gain. This then drives my old SMOVPO QRP RF amplifier as a 
power amp. 
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A small low-pass filter follows to clean up the output suitable for delivery to the antenna. About 29 dBm is delivered into 50 Ohms. 


| 


The Keyer 


The beacon keyer is a Atmel ATtiny13V running very simple code. It offers two outputs, one for CW keying (currently unused), and the 
other for FSK. The beacon CW idents three times at 10 WPM between the QRSS6 FSKCW idents. A small trimmer in the oscillator 
circuit is diode switched by the beacon controller to pull the oscillator an adjustable amount. 
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The Antenna 


The antenna took much of Saturday to setup and debug. It is a loaded inverted V. Two ~27 uH coils allow the ~2.5 metre arms to be 
resonant on 30 metres. 
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Precise tuning is achieved by a Z-match at the feedpoint. 
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The antenna is still very much work in progress, but looks like it will work OK for now. Return loss can exceed 40 dB, but seems to drift 


with the temperature of the day (can be tuned back up again). | suspect the loading coils are drifting around a little as they change 
shape with temperature. I'll have to lacquer the turns in place, but | am cautious about increasing their distributed capacitance and 


causing SRF and Q-reduction problems. 


Results 


David's grabber has been enormously useful during this development work. From the initial lash-up on solderless breadboards into the 
newly constructed antenna l've been able to see my wiggly signal on his grabber. Here is a shot of my first 250 mW signal through the 
antenna bridge while | was still playing around with the Z-match. The relatively stable signal is also mine, which | then QSYed to prove 
to myself it was really my signal | was seeing, that's the wiggly bit, | was using the C-jig to tune the xtal oscillator by hand. 


di Argo VK6DI OF88cd 
argo Setup Mode Speed Palette Log About 


10:30:47 AM 10/08/2008 Peak at 10140130.00 (-62.4 dB) 
m Mode: 3s dots, slow Estim: Magnitude L| Full Band View 


Contrast Capture ON Ticks 


That's less than 1/4 of a watt from 3300 km away! 
Improvements through the day lead to good signal reception at David's end. 
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Palette Capture Log About | 
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Ticks : 10 seconds 


Stability is still a problem, as the TX isn't boxed the air conditioning in the lab is causing the oscillator to drift around. | have some PTC 
thermistors that should make good oven heaters for the final assembly, | figure a nice diecast aluminium box will do the trick, with its 
larger mass and thermal inertia providing improved stability. Load variation frequency stability is excellent BTW, the JFET buffer and 
extremely conservative gain distribution gives good reverse isolation. 


I've been monitoring the signal locally using my FT-817 and baudline running a 16384 point FFT. 
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1950 1975 2000 2025 2050 2075 2100 


This isn't really optimal for QRSS visualisation, but gives me a good idea of my shift width, centre frequency and stability. Also, | found 
using my new 30 metre antenna into the same setup | could easily see many of the signals David can, in particular a stable carrier near 
14.140000 MHz that seems to come and go. | may have to build my own grabber RX... 


All in all, the results are very encouraging. | achieved an enormous amount of work in only 2 days, from building the antenna and Z- 
match, through to the various TX modules and software for the beacon. There is still much to be done however, | need to box and 
stabilise the beacon, build a dedicated 1W output amplifier for it rather than using the boxed test amplifier, and fix up the antenna in a 
more permanent manner, in particular water proofing the Z-match and fixing the end-insulators for the dipole arms. I'll have to post the 
technical details too, circuit diagrams, etc. Next weekend... :) 


4 comments. 


Updates 


2009-03-06: Hellschreiber ARSS 

| implement sequential multi-tone Hellschreiber modulation in the 30 metre QRSS beacon. 
2009-02-24: 30 Metre QRSS Beacon Calibrated 

| finally sit down and calibrate the front-panel controls of the QRSS beacon. 


2008-08-16: 30 Metre QRSS Beacon Updates 
| complete and box-up the QRSS beacon, and experiment with a vertical antenna. 
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3,386,833 
METHOD AND APPÁRATUS FOR PRODUCING 
NUCLEAR-FUSION REACTIONS 


Philo T., Farnsworth, Fort Wayne, ind., assignor to Inter- 


national Telepkone and Telegraph Corporation, a cor- 
poration of Delaware 
Filed May 13, 1966, Ser. No. 549,849 
19 Claims. (CI. 176—1) 


ABSTRACT OF THE DISCLOSURE 


A method and apparatus for producing controlled 
nuclear-fusion reaction by use of self-generated electric 
fields and inertial ionized-gas containment. The apparatus 
comprises a spherical anode which concentrically sur- 
rounds a cathode. A plurality of ion guns are mounted 
on the exterior of the anode in spherically spaced and 
diametrically aligned relationship such that the beam axes 
intersect at the center of the cathode. Appropriate aper- 
tures are provided in the cathode for passage of the 
ions. Other apertures permit passage of positively charged 
particles outwardly from the cathode interior, but are 
biased negatively to prevent the flow of electrons into the 
interelectrode space. , 

A voltage is applied between the anode and cathode. 
Ions from the guns are propelled and focused into the 
center of the cathode establishing in the cathode interior 
a series of concentric spherical sheaths of alternating 
maxima and minima potentials called “virtual electrodes.” 
The ions in the innermost “virtual electrode” have fusion 
energies, and are contained at a density sufficient to pro- 
duce a self-sustained fusion reaction. 


TET E a ge EC 
I. introduction 


The present invention relates to a method and appa- 
ratus for producing nuciear-fusion reactions, and more 
particularly to a method and apparatus for producing con- 
trolled nuclear-fusion reactions by use of self-generated 
electric fields and inertial ionized gas containment. 

In the well-known fusion reactions, nuclei of two light 
elements are combined to ferm a nucleus of a single 
heavier element, together with a release of the excess 
binding energy in the form of sub-atomic particles (neu- 
trons and protons). Before the positively charged nuclei 
can be brought close enough together for fusion to take 
place, sufficient energy must be supplied to overcome the 
forces of electrostatic repulsion between them. There are 

many possible reactions involving the combination of two 
light nuclei which are accompanied by the release of 
energy, but hydrogen isotopes (deuterium and tritium) 
and helium, under the proper circumstances, are con- 
sidered to be the most likely to produce controllable 
fusion reactions. Examples of these reactions are: 


(1) ,D?+,D2>,He? (.82 mev.)-+ on! (2.45 mev.) 
(2) ,D?4+,D2>,F? (1.01 mev.)+4-1p! (3.02 mev.) 
(3) ¡D?*7,T3>,He* (3.5 mev.) +ogn! (14.1 mev.) 
(4) ,D?-+-.He > Hst (3.6 mev.) + 1p? (14.7 mev.) 


It has been determined that to produce a “self-sustained 
fusion reaction” (release of more energy from the re- 
action than is required to produce it) the density of the 
fusionable particles must be maintained at a high order. 
It is generally accepted that if such a density could be 
so contained, the other problems involved in producing 
a self-sustained fusion reaction, principally that of raising 
the particle energy-levels high enough to overcome their 
repelling forces, could be solved. Most suggestions and 
proposals for plasma containment employ very high mag- 
netic fields; these include the pinched discharge, the 
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Stellerator, the magnetic mirror, the Astron, and the like. 
This invention departs widely from those approaches by 
utilizing self-generated electric fields for containing the 
ionized gases. Through the use of such electric fields, 
many, if not most, of the complex problems inherent in 
the magnetic-field devices have been overcome. 
Methods and apparatus capable of producing such 


continucus reactions are disclosed and claimed in my 


application Ser. No. 165,639, filed Jan. 11, 1962, entitled, 
“Electric Discharge Device for Producing Interactions 


Between Nuclei,” now U.S. Patent No. 3,258,402, issued 


on June 28, 1966. Generally speaking, one form of the 
invention of my aforesaid application is of spherical 
geometry, in which an electron-emissive cathode con- 
centrically surrounds a shell-like anode having an inner 
concentric cavity or space. The anode is permeable to 
the flow of atomic particles, while the cathode is not. 
In operation, an electrical discharge, composed of high- 
order magnitude electron and ion currents in the space 
enveloped by the anode, produces a radial potential dis- 
tribution which is, generally speaking, a minimum adja- 
cent to the center of the anode cavity and a maximum 
adjacent to the anode wall. Icons created at points inter- 
mediate the center and the anode wall fall toward and 
oscillate through the center at velocities which are depend- 
ent upon the operating potentials, the potentials devel- 
oped within the anodic space and the potentials at which 
the ions are born. With developed potentials of suffi- 
ciently high magnitude, the ions are propelled at nuclear 
reacting energies, so that ion collisions occur at the center 
and thus produce nuclear-fusion reactions. 

The present invention structurally differs fundamentally 
therefrom in the respect that the cathode and anode ele- 
ments are reversed, and the anode therefore surrounds 
the cathode. The cathode is substantially impervious to 
the flow of electrons therethrough and is reasonably 
permeable to the free flow of positively charged parti- 
cles, while the anode shell is not. An electrical gaseous 
discharge developed within the device causes the con- 
centration of electrons and ions toward and into the 
central structureless zone of the volume enclosed by the 
cathode, thereby producing in said zone concentric, 
abrupt, shell-like, potential barriers of alternating polar- 
ities or virtual cathodes and anodes. High-energy ions 
within the space of the structure are propelled toward 
and through these virtual electrodes to the geometric 
center of the structure, there producing, in concert with 
the low-energy ions created in that region, an ion con- 
centration of extremely high density. When the space 
charge in the center fully develops, the potential differ- 
ence between the innermost virtual cathode and the first 
adjacent virtual anode reaches a magnitude sufficient to 
propel ions through the center at fusion-reacting ener- 
gies. Atomic and sub-atomic products produced by these 
reactions are available for the production of useful power. 
The present invention involves novel and improved means 
and methods for confining the ionized gas particles, re- 
gardless of the charge; compressing them into small 
volumes with high densities; and then maintaining them 
in a stable condition for a prolonged and continuous 
period of time. 


It is, therefore, an object of the present invention to 
provide a method and means for compressing and confin- 
ing an ionized gas discharge by the use of self-generated 


electric fields. 


It is another object of the present invention to provide 


‘an electric-field method and means for producing a stable 


electric discharge. 

It is still another object of this invention to provide 
a method and apparatus for converting the energy re- 
leased from the nuclear reactions into useful heat energy. 
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Home Twitter YouTube Calculators 


30 Metre CW Beacon 2008-06-21 


The local Homebrew Group has been talking about Peter Parker VK3YE's Carnegie Communicator project in Lo-Key. The general 
design of the circuit (based on the old "Oner" CW transceiver) lead in the usual round-about way to build this CW beacon. OK, so how 
does a top-band AM transceiver lead to a Morse beacon? Well, inspiration is a complex thing, and with the PSK beacon stuck in phase 
jitter hell, a CW beacon sounded like a good project to initially test the waters with. 


Y 
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A 
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The design is very brute-force and simplistic, closely following the old Oner design. A Pierce oscillator drives a FET output stage with a 
keyed drain and an output filter. The output is loaded directly at 50 Ohms with no impedance transformation, limiting the output power to 
~1.5 Watts from a 13.8 Volt supply when you consider the saturation voltage of the BD140 keying BJT. | tried several output devices, 
including IRF510 and VN10KM, but settled on a paralleled pair of 2N7000s which provided the best performance from the limited drive. 
A single 2N7000 will work and produce slightly more output power as the drive sees only half the capacitive load, but the device will run 
stinking hot and is being driven outside its safe working area. Two devices get warm to the touch and output about 200 mW less, but 
will probably last forever. The IRF510 on the other hand is under-driven in this circuit because of its much larger gate capacitance. The 
output with an IRF510 is still OK, and if its all you have it will work and give a little under a watt out for about the same drain current 
(~210 mA). With a little more than 1.5 Watts out, the efficiency is horrific at only about 60%. Modification of the output network to run in 
class-E could improve this towards 95% and the output devices would run much cooler, one 2N7000 would probably be fine. The 60 
volt Vds limit of the 2N7000 gives a limited safety factor in this mode of operation however. 
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80 Metre CW Transmitter 
1.5 Watts VK2ZAY 


140u 20t FT37-43 


3.579 MHz 


4x 820p = 
2x 2u 20t on T50- 2 


100p = 
— 2N3904 = 


The crystal is an NTSC colourburst one from the junkbox, the output frequency is around 3.57867 MHz, but the crystal isn't oven- 
controlled so it will probably drift around a bit. Please send me a reception report if you hear it! 


The keying is performed by an ATtiny13V. A small board holds a socket for the microcontroller a LM78L05 regulator and a decoupling 
capacitor. The active-high output of the keyer is used to drive the keyline through an extra 2N7000 pull-down. The microcontroller 
software is available here. 


The "backwave" (key-up output power) is suppressed only about -46 dBc, which may prove to be insufficient. The backwave output 
power is of a similar order of magnitude as the total output power of some of Michael Rainey's beacons! Of course it is still very much 
QRP, and currently | am loading up my 40 metre end-fed dipole using 18 turns on an FT120-43 and my end-fed coupler which is just a 
terrible antenna for 80 metres so the actual radiated power is probably quite small. I'll probably build a loaded vertical with top-hat for 
this beacon if | keep it running. 


6 comments. 


Attachments 


IO E a 


Transmitter Circuit Diagram Source | application/postscript | 15.456 kbytes 


Updates 


2008-08-03: Beacon Reports 
Summary of the reports received for the 80 metre beacon experiment. 
2008-07-13: New Beacon Antenna 
| finally rig up a vertical antenna for my 80 metre CW beacon. 
2008-06-29: More Beacon Work 
| put the 80 metre beacon in a box and do some more work towards an antenna for it. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/172 2/2 


1/10/2018 Alan Yates' Laboratory - A Working Receiver 


>> 


| | search | 


Me and my geeky hobbies 


A Working Receiver 


| completed a basically working AM receiver using the IF building-block from last week: 


2007-02-17 


Note the lash-up with a 3.2768 MHz crystal oscillator, and the a two transistor veroboard AF amplifier | often use while 
prototyping. The resistance wheel is just acting as an attenuator for the AF signal path. 


Some FT23-43 ferrite toroids arrived during the week from Kits and Parts. These tiny things allowed me to make an pretty small 
mixer without using excessively thin and difficult to manage wire, as | usually would when using ferrite beads at this frequency to 
get sufficient reactance (i.e. more than two or three turns through the bead means the wire must be very thin). 
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The receiver produced a noisy, but quite usable signal from about 10uV of RF at 3.68 MHz: 


Finally | could use the AM transmitter to produce a test signal for the receiver. For this test, the TX was powered from a pair of 6 
V gel-cells. The receiver was powered from my bench PSU. My VR-500 supplied the audio signal for the AM modulator, tuned to 
an FM radio station. 


A dedicated AF amplifier was built for the receiver. | actually made it too sensitive, using a design | would normally use for direct 
conversion receivers. The output of the MK484 is high enough to make such extreme AF gain unnecessary. Removing the 
emitter bypass on the first stage offered acceptable gain, but a simpler amplifier with only two transistors would be sufficient. | 
also made the output class-A, with a 2N3904 standing quite a few mA - | may rebuild this module to something less of a hack, 
more efficient, and better suited to the mV output level of the MK484. 
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Note the small board with an IF can on it, this is a 455-ish kHz BFO oscillator for resolving CW/SSB. This doesn't work as well as 
a proper product detector, the injection level needs to be adjusted with varying signal strength, but the AGC makes a set level 
usable over a fair range. Higher injection levels de-sense the IF by activating its AGC. There is little way around this as the AM 
detector is buried inside the MK484 where you can't access it for BFO injection, and is simply the price you pay for such a simple 
IF circuit. That said, the BFO works fine, | was able to receive the ARNSW morse beacon on 3.699 MHz using this receiver and 
the BFO. Some success was obtained from injecting the BFO into the mixer LO port, requiring somewhat less injection level 
adjustment. | would like to avoid a front-panel BFO level adjustment, but a simple switched pot would be a practical solution if you 
don't mind the extra control. 


Some VHF break-through interference was observed with the IF stage during testing. Vega FM at 95.3 MHz would be heard in 
the noise, extremely distorted. | assume the fairly long input lead from the MK484 to the IF can pad is picking this up, nothing 
else in the circuit changes the effect when touched. Shielding will correct this, but if | build this kind of IF circuit again I'll be more 
careful with the layout of this rather high impedance point. 


As currently lashed-up the front-end allows anything into the mixer. This means it can harmonically resolve signals, for example, 
Radio Australia's monster signal on 6.020 MHz made it impossible to listen for ARNSW's morse beacon 3.699 MHz until after the 
shortwave station moved to another allocation for the day. While their respective IF frequencies where 100 kHz apart, the 
receiver selectivity was not sufficient to handle the enormous shortwave signal, some front-end filtering will take care of this. A 
ceramic filter in the IF path would improve the selectivity, or a Q-booster on the IF resonator. 


By tuning around with the IF can, the receiver as-is makes a usable shortwave receiver. The AF amplifier can produce ear- 
splitting audio into headphones, and pretty room-filling audio using a matching transformer into a small speaker. You just slot in 
different crystals and tune around with the IF can, but doing so will eventually take its toll on the IF slug and its plastic threads. It 
would be a simple matter to replace the crystal LO with a VFO and tune that way. In fact, once | improve the selectivity | may 
build a copy to dedicate to SWL. The very trivial nature of the circuit would make it an excellent project for novices or foundation 
calls (or whatever we call newer hams now days). 


2 comments. 
Parent article: "2007 80m Homebrew Challenge". 
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AD8307 RF Power Meter 2010-02-01 


At the latest ARNSW Homebrew Group meeting | had the opportunity to finally calibrate my AD8307-based RF 
power measurement head. 


Mark VK2XOF brought along his power and frequency reference equipment and gave me a bunch of calibration 


points. 
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AO0S3G, RF Power Meter Calibration 


Output Voltage Lv) 


-0 -50 -40 -30 -20 -10 0 10 20 
Signal Level CdBma 


Data points above 13 dBm were given using the generator out of levelling-loop calibration so the slight 
compression approaching 20 dBm is to be expected. The levelling off below -40 dBm however is not. | know the 
noise floor of the meter (dummy-load terminated) is about 500 mV DC output, -40 dBm is about 2.65 V out, 
suggesting wideband noise from the generator was swamping the lower level spot calibration signals. 


Regardless in between the data is very consistent and lets me compute a "slope + intercept" calibration relying 
on the excellent linearity of the AD8307. The 0 dBm intercept is 5.09 Volts and the slope is 16.469 dB per Volt 
(60.7 mV per dB). Based on the 500 mV noise floor this equates to about -75.6 dBm, or about 80 dB dynamic 

range - as expected for an AD8307-based unit. 


Frequency response wise, my use of leaded resistors means it maintains its accuracy to about 250 MHz, which 
is sufficient for my immediate purposes. The circuit design itself is the W7ZOl design from EMRFD, page 7.7, 
figure 7.13. 


3 comments. 
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Almost a Tesla Coil 2002-10-21 


Over the weekend | had a chance to catch up with my electronics stuff which | haven't touched for ages, work 
has been nuts. | was sitting there building an inverter to drive a fluro tube, when | got interested in the properties 
of the primary and secondary windings, they were misbehaving, pulling the oscillator to one frequency, then 
another. | guess it was their self-resonance frequencies they were settling in, so curious as | was | wanted to 
measure them. 


| tried a few ways, external drive coils with the CRO across the the coil, driven directly measuring the absorbed 
current with a in-line resistor, and probing with a dipper. It turned out that the primary's was about 1.6 Mhz and 
the secondary was about 50 kHz. The results of all methods agreeing with each other to within a percent or so. 


All this fooling with inductors got me curious, so | put aside the project for a moment and started testing every 
inductor | could find. After finishing the junkbox full and promising to make a jig or tool to do this useful array of 
tests in the future really easy, | started winding my own with the left over wire from the inverter transformer. | 
think | learnt more about parasitics in inductors that night than ever before. 


I've ended up with a simple measuring system, the square wave generator on my bench. Just injecting it into 
the inductor directly gives you almost all the information about an inductor you'll ever need, its resistance, its 
capacitance, its core losses. Try it sometime you'll never just grab a molded choke and whack it in the circuit 
without thought again. 


So anyway, | decided to wind a long solenoid on a cardboard tube and measure its properties. A few turns at 
one end allowed tight coupling for injecting RF and seeing what happened. Here is the test set-up, my half-watt 
RF amp boosting the output of my signal generator: 
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The solenoid has a self-resonance of around 730 kHz with both ends of open. On grounding the bottom end, 
this falls to about 715 kHz kHz. Those numbers surprised me a bit, although the wire is normal multi-strand 
hook-up wire of very poor quality, $DEITY knows what its dielectric properties are. lts self-resonance harmonics 
are not 'perfect harmonics'. This is normal for a coil but somewhat surprising at first. My amp doesn't cover its 
fundamental, so | fed it at its higher overtones. Grounded is on the left, open on the right. 
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Note that there is no connection to the frequency counter. The huge field around this coil fed at resonance is 
r nenetratina the shielding of the meter and inducing RE currents directly_in its input circuits The frequency. was 
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It is another object of this invention to provide a 
method and apparatus for converting positively-charged 
particles from the nuclear-fusion reaction directly into 
electrical power. 

It is still another object of this invention to provide a 
source of electrical power and heat in which the kinetic 
energy Of the products of the nuclear-fusion reactions 
are converted directly into electrical power with or with- 
out accompanying neutrons. 


IJ. Description of theoretical device 


In the accomplishment of the above and related objects, 
an electric discharge device has an anode which surrounds 
a cathode that electrically encloses a structureless space 
or volume. The cathode is rendered practically impervious 
to electrons but reasonably pervious to ions. The anode 
and cathode are uniquely designed and assembled to form 
an electron-optical system wherein the cathodic space is 
maintained completely filled with the electrical discharge. 
Traversing electrons, under the influence of the electron 
optice, follow radial-like paths through the cathodic space 
and, as the cathode is quite impervious to electrons, they 
are thereby kept from being intercepted in appreciable 
numbers by the surrounding anode. Electron energy 
spread is thus maintained at minimum values, and there 
is developed a high-magnitude electron circulatory cur- 
rent which serves to produce the required potential gradi- 
ent in the cathodic space. 

A variety of fusion reactions are possible, with certain 
of the reactions being useful in directly generating elec- 
trical power. The charged particles of these particular 
fusion reactions are emitted at sufficient kinetic energies 
to overcome the decelerating field of the anode. This 
results in the particles, charged positively, performing 
work against the anode field, and thereby augmenting the 
energy stored in that field. The remainder of the energy 
is converted into heat at the anode, but the deposit of 
the positive charges thereon results in their conversion 
directly into electrical energy or power. Energy converted 
into heat also may be utilized in the generation of power. 

The above-mentioned and other features and objects of 
this invention, and the manner of attaining them, will 
become more apparent and the invention itself will be best 
understood by reference to the following description of 
embodiments of this invention taken in conjunction with 
the accompanying drawings, wherein: 

FIG. 1 is a diagrammatic illustration of an embodiment 
of the present invention used in explaining the theory of 
operation; 

FIGS. 2 and 3 are potential distribution curves used 
in explaining the operating principles of this invention; 

FIG. 4 is a simplified diagram used in explaining the 
theory of charged particle scattering; 

FIGS. 5a, 5b, 6, 6a, 6b, 6c, 7 and 8 are graphs used in 
explaining the principles of this invention; 

FIG. 9 is a further diagrammatic illustration of an 
embodiment of this invention (more elaborate than FIG. 
1) used in explaining the theory of operation; 

FIG. 10 is a graph of the deuterium-tritium reaction 
used in explaining the operation of this invention; 

FIG. 11 is a partial diametral cross-section of a work- 
ing embodiment of this invention; 

FIG, 12 is an axial section of one part of the terminal 
and supporting structure for the embodiment of FIG. 11; 

FIG. 13 is a fragmentary axial section of one ion gun 
of FIG. 11; 

FIG. 14 is an enlarged fragmentary plan view of a 
cathode biasing screen assembly of FIG. 11; 

FIG. 15 is a cross-section taken along section line 
15—15 of FIG. 14; 

FIG. 16 is an enlarged fragmentary plan view of an ion 
aperture assembly of FIG. 11; 

FIG. 17 is a cross-section taken along section line 
17—17 of FIG. 16; 
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FIGS. 18a and 18b are diagrams used in explaining the 
relative positions of the ion guns and the screen-covered 
apertures in the cathode; 

FIG. 19 is an end view of an ion gun; 

FIGS. 20 and 21 are cross-sections taken along section 
lines 20—20 and 21—21, respectively, of FIG. 13; 

FIG. 22 is a cross-section taken along section line 
22—22 of FIG. 11; 

FIG. 23 is a partial cross-section of another working 
embodiment of this invention; 

FIG. 24 is an enlarged fragmentary cross-section of the 
biasing screen assembly mounted on the cathode shown 
in FIG. 23; 

FIG. 25 is an enlarged fragmentary cross-section of the 
ion-aperture assembly mounted on the cathode shown in 
FIG. 23; 

FIG. 26 is an enlarged fragmentary cross-section of the 
terminal assembly for applying the biasing voltage to the 
biasing screen assembly of FIGS. 23 and 24; 

FIG. 27 is an enlarged, fragmentary sectional view of 
another embodiment of an ion gun assembly; 

FIG. 28 is a cross-section taken substantially along 
section line 28—28 of FIG. 27; and 

FIG. 29 is a cross-section taken substantially along 
section line 29—29 of FIG. 27. 


Il. Simplified explanation of operation 


It has been accepted that fusion reactions, which will 
yield more energy than that supplied to produce the eifect, 
will occur only in high-density plasmas in which the over- 
all kinetic energies of the ions composing the gas are high 
enough to overcome their mutual repelling forces. Most 
approaches proposed or under study to produce these 
conditions employ powerful external magnets to contain 
and compress the plasma into a small volume to increase 
the density and temperature (energy) of the particles 
therein. Such magnetic fields thus far have been successful 
in confining the plasma particles in the required high- 
density configuration for only extremely short (micro- 
seconds) fusion reactions. The time required to produce 
the favorable conditions (interval between pulses) is so 
great that energy output is extremely small when com- 
pared with the energy input. 

This invention differs fundamentally from those in that 
charge-particles are compressed into a suitably dense 
configuration through the action of an “electrodynamic 
lens” established by confined bi-polar charges in a volume 
of free space. Such bi-polar charges are developed into 
a spherical configuration in such a way as to establish a 
plurality of concentric spherical potential sheaths radially 
spaced, these sheaths having large potential differences 
therebetween. The maxima and minima potential sheaths 
alternate radially and are characterized, respectively, as 
virtual anodes and cathodes. A virtual cathode is inner- 
most and substantially coincident with the geometric 
center. 

From this arrangement to virtual anodes and cathodes, 
a radial potential distribution obtains in a spherical space, 
with one potential minimum being near the center. Thus 
positively charged particles in this space fall toward and 
through the center; hence, in effect they are focused onto 
the center. The focusing forces may be considered as 
resulting from bi-polar (electron-ion) charge optics. 

Bi-polar charges moving radially within the space 
produce a radial potential distribution as described above. 
It is, therefore, convenient to characterize these bi-polar 
charge optics as “Poisson Optics” inasmuch as the solu- 
tion of Poisson’s differential equation (given later on) fer 
the radial potential distribution resulting from bi-polar 
charges in a spherical configuration reveals the phe- 
nomenon of the aforedescribed virtual anodes and 
cathodes. The electric field which obtains within this free 
space occupied by these virtual electrodes I call a 
“poissor.” 


1/10/2018 Alan Yates' Laboratory - Almost a Tesla Coil 
Considering the input power is only about 500 mW the field is very strong. Strong enough to light a neon bulb 
held near the coil. Tuning is touchy, my body capacitance pulls the coil around as | approach so | had to tune 
the generator while | was near the coil. Strange effects could be witnessed, like going too close detunes the coil 
so much the bulb goes out and multiple anti-nodes in the field along the axis of the coil. The photo doesn't really 


do it justice, the flash has washed it out, the neon was glowing very brightly, like a mini road flare. You can also 
see the PSU's drop-out light is on, the RF is upsetting its ripple detection circuit: 
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Itis possible to strike a tiny RE arc across the output terminals. perhaps 1mm lona at best. | would loved to 
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lousy neon that has seen better days in a ion counter. 


With more RF power I'd imagine | would have had a small Tesla coil. lt was clearly a very high impedance at the 
top when grounded at the bottom. My poor little half-watt amp just isn't up to job though. It got stinking hot 
running into this load (I was abusing it too, running it from 24 volts to get more power). | would like to build a 
dedicated driver amp or maybe a power oscillator that uses the secondary as its frequency determining part, 
that would solve the detuning as | load up the coil approaching it. I've always wanted to build a Tesla coil, and a 
solid state one seems achievable now. It shouldn't be too different from making a lowfer power amp, or class-D 
transmitter, hell it is almost identical to the original inverter, complete with its parasitic oscillation problems. 


1 comment. 
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Another VHF Super-Regenerative Receiver 2003-05-10 


Similar to my other VHF Super-Regenerative Receiver this design borrows heavily from Charles Kitchen N1TEV's 
various published designs. The audio stage is my own design, and | spent a lot of time tuning the component values for 
the FM broadcast band. 
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The three inductors are mounted orthogonally with respect to each other to minimise cross coupling. It isn't perfect, they 
are all in each other's near field and are not co-incident (obviously!) so there is some interaction, but it is greatly 
reduced compared to mounting them parallel, right alongside of each other. It is important to minimise local oscillator 
leakage back out the antenna, but as the entire board isn't screened the effort may not actually be worthwhile. 


The low impedance current source supply for the regenerative stage improves performance over the usual 5 k pot 
regeneration control. It also reduces the current consumption of the entire circuit by about 2 mA, the regenerative stage 
pulling less than 3 mA max. The RF isolation stage by comparison pulls 3-4 mA. The circuit oscillates nicely down to 5 
or 6 V which is much better than the previous receiver which had problems achieving super-regeneration with a 9 V 
supply. 
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With a little bit of careful adjustment of the band-spread trimmer and the main oscillator coil | was able to achieve 87- 
109 MHz coverage. It spreads nicely across the 180 degrees sweep of the tuning capacitor which is designed for linear 
tuning in commercial AM radios. The main tuning coil is seven turns of 1mm bare copper wire from a length of mains 
cable. The inside diameter is about 10mm, | wound it on my hobby knife's Aluminum rod handle. 


The other two coils are wound on soda straw using 0.4mm wire. The thick transparent soda straws from Subway, which 
have an outside diameter of about 8mm, make excellent coil formers for light winding wire. The RFC for the buffer 
amplifier drain circuit is 30 turns, the coil in the source of the detector is 25 turns. Neither are especially critical, but the 
detector one may need some experimentation to achieve the best super-regeneration quench. It is important however, 
that their self-resonant frequency is well above the frequency of operation. 


The audio output stage is fairly crude. The design could, in theory at least, suffer thermal run away. Adding a few tens 
of Ohm resistance in the emitter circuits would prevent this. | did not find it necessary however and the amp seems to 
work just fine with minimal cross over distortion for such a simple design. The diodes gently bias a few mA of standing 
current, ie class AB operation, but there is no bootstrapping so positive going amplitude distortion might be a problem 
at high output powers. All that said, driving 32 Ohm headphones the sound quality seemed quite good. Good enough 

compared to the quality of the audio recovered by slope detection of FM by such a simple detector. 


The volume control pot could be placed as the collector load of the audio preamp, saving a capacitor, but | wanted to 
have one side of it earthed so | could solder it down to the board like the regeneration pot and the tuning capacitor. The 
same could be achieved by using a PNP device in the preamp instead, but | didn't think of that at the time. :-) 


The biggest problem with using this receiver to listen to FM broadcast radio is beating of the quench frequency with the 
higher frequency stereo signal components. Quite frankly is sounds horrible and makes it hard to listen to stereo music 
broadcasts for extended periods. | can't see an easy way to fix this. Increasing the quench frequency so it is above the 
L-R sidebands and any SCA sub-carriers reduces the selectivity and gain of the detector significantly, and there are still 
mixing problems: The super-regeneration process is very non-linear and the IMD is pretty bad, aliasing the sidebands 
into the audible range. 


Perhaps locking the quench at 38 kHz with a separate crystal oscillator would help? Any slight frequency difference 
beating should be below audio frequencies. The quench filtering could be better. This is a common problem with all 
super-regenerative designs I've found on the net. The single pole RC filter works 'well enough’, especially when the 
output is an LM386 and for human consumption. However the output stage | use works to many hundreds of kHz so the 
inductance and mechanical response of the mylar speakers is relied upon to deal with the remaining leakage quench 
signal. Injecting the output of this circuit into a sound card or a tape recorder could cause problems with beating against 
the sample rate or the bias oscillator. 


2 comments. 
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circuit postscript source | application/postscript | 19.009 kbytes 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/52 


1/10/2018 Alan Yates' Laboratory - Antenna and Weather Station Work 


| | a 
Alan's Lab 3 SF ás 


me and my geeky hobbies ' $ Home Twitter YouTube Calculators 


> 1 


ry ~~ a "> | SAA g _ e 

A YA TY A | EN 9 A Y 

M wa Yu va ya oO Sa Y ya | Ti EUF fe ow tie mw A! J- aw a Ed ad > YA JAS ga va iF” 

im A | r | a = Y a BD | SA | y 7 | | VA Vay & i LD | y ray] | w a | O A Ss YA 1 VA VÍ A h Y 4 
A, | om | | | Pa r | | Y | W W Y E | l B | | A Y rE | | | ww | d A` = z 
A J A F | dy AAA (S u ca poe G e sé Y Y y Uy Ca YA Wy de Y y LO uo a Y | L VU Wo) AS 


YA US 4» E Y YI 2 


A recent wind storm broke the support rope for my end-fed 40 metre dipole (also used as a random wire at 
times). While putting it back up | took the opportunity to do some other antenna work and put up the weather 
station my parents gave me in July last year! 


For many years I've had a commercial discone antenna | picked up at the Wyong field day in a DSE clearance 
sale. IIRC it cost me about $40 which is *much* less than it normally retailed for. I've had it assembled on the 
balcony for several years, continuously getting in the way and spending most of its time upside-down collecting 
water in the mounting tube. Putting it up was long overdue. No idea what | will actually use it for, perhaps the 
airband - scanning was never really a big hobby for me. 


Not exactly the ideal place for it, right next to my HF base-loaded vertical, but for now this is way better than 
sitting upside down. | chickened out on using the right-angle bargeboard mount in the manner it was intended 
after some back of the envelope calculations suggested the couple it would produce with an estimated wind 
loading from our infamous "southerly busters" was approaching the estimated mechanical limits of the 
bargeboard! Instead the bargeboard mount was used as a simple mast to attach the antenna to the balcony 
railing. At some point in the future I'll clean up this install and probably use a small bargeboard mount in that 
corner for other antennas. 
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I'm now out of coax lines to the balcony again, | only had sufficient coax to install three in the last coax run, It is 
now time to go and purchase some more and fill the remaining BNC feed-thru. I'll need another pair of 
wallplates to install more after this, and | doubt | can get away with too many more antennas on the balcony 
anyway. Eventually the HF vertical will have an remote tuning mechanism to cover HF and release one coax run 
currently used for 30 metres instead of just swapping the same run between 80 and 30 metres. 


The 2 metre "flower-pot" vertical has been lashed to the railing in a very temporary manner for almost exactly a 
year now, it was also well due for relocation to a more permanent spot. | placed it on a large bargeboard mount 
with an offset. This raised it several metres improving reception of most repeaters. Unfortunately its RG-213 
coax run is still partially water logged and must be replaced eventually. 


The bargeboard mount also now hosts the weather station anemometer and wind vane assembly. While not an 
ideal position for such a device, this is the best | can do given the limited mounting options. 
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The weather station's tipping bucket rain gauge was mounted to the balcony railing, again not ideal but fairly 
unshadowed. The temperature/pressure/humidity and RF backhaul link module was mounted under the eaves 
in the exposed corner of the balcony to keep it out of direct sunlight but still offer good airflow (and distance it 
from the air conditioning condenser/compresser unit). 
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The 30 metre loaded inverted-V dipole remains in place, but unconnected. It should really be removed and 


replaced by something more efficient and actually useful, perhaps a 20 metre antenna for PSK31, but | hope 
eventually to run all HF through the vertical with remote tuning leaving more space for experimental antennas. 


The work cost me a fairly high UV radiation dose to the upper forearms, enough to cause erythema but (so far 
at least) no pain or desquamation. | was wearing a hat and sunglasses, but no topical protectant. | suspect the 
majority of the dose was absorbed on the walk to and from the hardware store to collect the coach screws used 
to install the bargeboard mounting bracket, not during the actual work on the balcony. | got a *far* larger dose 
on the DX-pedition with Peter last year. The exposure is very minor compared to what | see many people on the 
beach take on a daily basis - salmon pink and pealing but still going out for more - they will no doubt regret 
those burns in time. 


Leave a comment on this article. 
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rogrammer 2008-05-03 


actually ended up taking me all damn day to debug the programmer hardware... Initially | thought | had software problems, but it turned 
out to be clock bounce from the cabling causing me grief. 


| was too lazy to make the trip downstairs to get my Win32 laptop and look at the waveforms using my USB DSO, even when | 
eventually strongly suspected this was the cause. My laziness probably cost me hours of frustration, but | blindly added an RC low-pass 
in the clock line and everything started magically working. Don't you just hate that! Especially after you've spent most of the day 
wondering if the datasheet is wrong. (The ATtiny13 datasheet version | have actually does have several other errors l've noticed, but 
apart from a redundant address bit for reading the OSCCAL it appears the HVS protocol table is correct.) 
— = = | l u A 
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Anyway, the programmer has some switching to control Vpp and Vcc via a few data pins on the PC parallel port, the rest of the signals 
are directly bit banged, with the exception of the SDO pin, which has a pull-down for the initial HV-programming mode assertion. | 
depended upon the status line pull-up in the parallel port, supplying none externally. 


Adventures also included smoking a 2N7000 accidentally when | shorted out the drain resistor with the multimeter probe and the PNP 
above it delivered the full current the PSU's 4000 uF of storage at 15 volts could deliver through the EB diode drop. The 2N3906 was 
unharmed surprisingly, but the 2N 7000 explosion was quite spectacular. Naturally this didn't help my frustration level with the project! | 
was almost about to give up and just dig another ATtiny13 out of the rail from Futurlec when that happened. 


Some moments of desperation caused me to build a LED on 8-pin IC socket jig to physically watch the logic levels change at a very 
slowed down rate and verify my code wasn't completely wrong: 
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The code is very basic, it just reads all the fuses out of the device and then blindly does a chip erase and sets the fuses back to the 
factory default. It expects to be run in Linux with /dev/parport0 being the interface to use. Calling it "rescue-attiny13.c" might be more 
appropriate than "hv-programmer.c". In the end it worked nicely and unbricked my device - | was happy. 


| should probably build this as a permanent circuit and finish the code, adding argument parsing and other niceties. | don't think I'll 
bother implementing flash/eeprom read/write, once you've fixed the fuses you can use SPI to do that. You can always use this 
programmer just to un-bugger a device you've bricked. 


3 comments. 


Attachments 
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The Circuit Diagram | image/jpeg | 64.603 kbytes 
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The trajectories of the charged particles are determined 
by the composite field or poissor which is produced by the 
aggregate of the fields of the oppositely charged particles, 
When a positively charged particle (ion) of zero velocity 
falls from a point just inside a virtual anode (which 
defines a spherical positive-potential boundary), it is 
accelerated toward the adjacent virtual cathode and, in 
passing beyond it, decelerates toward a condition of zero 
velocity at an equipotential boundary of that from which 
it started, and then repeats this velocity rate of change 
from zero to maximum, and then again to zero in the 
opposite direction. Electrons likewise will oscillate 
through virtual anodes between negative equipotential 
barriers. Since one polarity of charged particle approaches 
its maximum velocity whiie the other polarity approaches 
its minimum, the two species maintain their separate 
identities and spaced charges. Hence, it is seen that the 
particles are trapped inertially between such equipotential 
boundaries; accordingly, I call my method for containing 
the nuclear-fusion reacting particles “inertial contain- 
ment.” The ions which are created on the inward sides of 
the boundaries of the spherical virtual anodes and which 
oscillate through or near the center of the device produce 
the required density thereat to satisfy the conditions for 
a self-sustaining nuclear fusion reaction. Thus, the charged 
particles are literally compressed into the required density 
in the central region by the process of inertial contain- 

ent, and the present device utilizes this process. 

Referring to the drawings, and more particularly to 
FIG. 1, an evacuated spherical electron-tube structure is 
shown which comprises a spherical, anode shell 20 at 
radius r,, enclosing a sperical, cathode shell 21 of 
radius r¿, and an ion gun 22 which is mounted on the 
outside of the anode 2@ as shown. The anode and cathode 
electrodes are concentrically arranged as shown. The 


cathode 21 and its field are substantially impervious to. 


electron flow to the anode 20, but is pervious to the flow 
of positively charged particles such as ions. In this 
theoretical exemplification, the cathode 21 may be con- 
sidered as an open-mesh electrode formed of metallic 
screen or the like, which is constructed of a material, the 
surface of which emits electrons upon bombardment by 
ions or electrons and preferably is photoelectric in the 
ultra-violet spectral region. Suitable connections are made 
to the electrodes, a lead 23 being connected to the anode 
20 for applying a positive potential thereto and another 
lead 24 being connected from the cathode 21 for con- 
nection to a negative potential terminal. A power source, 
such as a battery 25, delivering a suitably high voltage 
is connected as shown to the leads 23 and 24. In the 
preferred embodiment of this invention, the anode 20 is 
operated at ground potential. 

In one embodiment of this invention, ions of a suitable 
nuclear-fusion reactive gas are introduced into the space 
enclosed by the cathode 21. An electrical discharge com- 
posed of high-magnitude electron and ion currents forms 
in the cathodic volume and develops a difference of 
potential which is, generally speaking, a minimum near 
the geometric center 26 and a maximum adjacent to the 
anode 20, with one or more potential maxima (virtual 
anodes) and minima (virtual cathodes) concentrically 
enclosed within the cathode 21. Ions created at points 
adjacent to potential maxima (virtual anodes) fall toward 
and oscillate through adjacent potential minima (virtual 
cathodes) with energies equivalent to the potentials at 
ihe points where they start their journeys. These ions, 
falling inwardly toward the center 26 from regions of high 
potentials, will be propelled at velocities (energies) which 
are sufficient to overcome the repelling forces of other 
high-energy ions and also the slower (target) ions born 
in the region near the center 26 and collide, thus pro- 
ducing nuclear-fusion reactions. 

tn order to obtain ions with fusion-reacting energies, 
the sizes of the virtual cathodes and anodes must be 
maintained such that the boundaries thereof are well 
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defined, and the potential differences therebetween are 
pronounced. This is achieved by methods which are ex- 
plained in detail in the written description later following. 


IV. Description of poissor (virtual-electrode system) 
formation 


With suitable potentials applied to the electrodes, and 
with the ion gun 22 energized, ions of a fusion reactive 
gas are directed into the space enclosed by cathode 21, 
where they will be accelerated radially inwardly toward 
the geometric center 26. Since there is a potential gradient 
between the anode 20 and cathode 21, the positively 
charged ions, as indicated by the numeral 27, will be 
accelerated by the cathode 21. Inasmuch as the latter is 
substantially ion permeable, each ion 27 will continue its 
transit and, if the optics are considered to be perfect, it 
will pass through the center 26 and travel onwardly in a 
straight line until the repelling field of the anode 20 at 


- about the point 28 is reached. At this point, the direction 
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of travel of the ion will be reversed, and it will repeat 
the diametric excursion to the opposite side of the device 
adjacent to the anode 20, passing through the center 26 
enroute. - 

Because the potential within the cathode is uniform 
{assuming no other ions or electrons are in existence), 
ions 27 will experience no velocity-changing force while 
traveling therethrough. Thus, an ion may be considered 
as starting its travel at or near a given point on the anode, 
accelerating toward the cathode, traveling with constant 


velocity through the cathodic space, and then decelerat- 


ing from the cathode to the vicinity of the anode where 
its velocity becomes zero and it reverses its direction of 
travel. This ion wiil continue its oscillatory motion until 
it is lost by one of several competing actions, which will 
be explained later on. The significance of this single-ion 
concept is two-fold: firstly, it recognizes that the normal 
space potential inside cathode 21 is uniform at the value 
of the cathode, and an ion traveling thereacross does so 
with uniform velocity; and secondiy, that the ion will 
oscillate within the space enclosed by anode 26 until 
ultimately collected by the cathode 21. 

Now let it be assumed that two ions leave the anode 
simultaneously from diametrically oposite points, such 
as from ion guns 22 and 22a. Each of these ions will 
be propelled radially inwardly toward the exact center 
26 of the cathodic space so that they would collide at 
that point in the absence of any other forces. Inasmuch 
as each ion is positively charged, it will exert a repelling 
force upon the other, such that their respective velocities 
will be progressively decreased until they nearly reach 
the exact center 26, where they will have given up all 
of their energies and stop. Under the repelling influence 
of their respective fields, they will reverse their direction 
of travel and be accelerated outwardly. In a practical 
embodiment, however, the ions will experience a divert- 
ing effect and will pass each other at minimum velocity 
rather than stopping. Upon passing through the cathode 
21, the ions will be decelerated by the anode 20 field 
until they stop adjacent to the anode 20, whereupon the 
cycle is repeated. Even though the unipotential space in- 
side the cathode 21 exerts no force on a single ion 
passing therethrough, two ions approaching each other 
along a diametral path experience coulomb repulsion and 
velocity changes which serve to create a positive electric 
field in the cathodic space, the maximum effect oc- 
curring in the central region where the velocity is the 
least. This may te properly described as a space-charge 
effect. 


Now assume that a copious quantity of ions are in- 
troduced into the space immediately adjacent to the 
anode 20 from a number of symmetrically disposed ion 
guns. These ions will converge toward the center 26 at 
progressively decreasing velocities until they reach a 
minimum velocity and thereafter diverge outwardly along 
essentially the same diameters, accelerating until they 
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I've whacked the 30 Metre Autodyne Receiver into the an Altoids tin along with a front-end low-pass filter and 
impedance matching network. 


The input impedance magnitude was measured to be approximately 820 Ohms, dropping slowly with increasing 
frequency suggesting a somewhat capacitive reactance as well. A low-pass Pi matching network was computed 
to transform this to a standard 50 Ohms. The filter was built on a small piece of circuit board, 2.5 uH 
implemented as 29 turns on a 137-6 core, the shunt capacitances as a mixture of NPO ceramic and Polystyrene 
capacitors. The input capacitance was absorbed into the high-side shunt capacitance, although its magnitude is 
quite small and the moderate design Q of only 6 means it wasn't especially critical to do this. 
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The filter was tested after construction with a hacked together return-loss bridge. Matching my signal generator 
into an 820 Ohm resistor it showed better than 0.5 F over about 2 MHz centred around 10.2 MHz. This is quite 
consistent with the design, and the precision of the measurements which wasn't very high. Similar results were 
seen into the receiver front-end once installed - actually | accidentally installed the filter backwards at first, 
additional testing of the input return loss showed my error quite quickly. (The receiver also performed extremely 
poorly with the filter reversed which was a big hint - it was quite deaf and had troubles locking even strong 
signals.) 


The Antenna input and RF output are made via BNC connectors. The DC power and AF output pass through 
feed-through capacitors. The shielding with the lid closed is quite good, completely eliminating any tunable-hum 
and the VHF interference problems. The low-pass input, while not very aggressive is quite sufficient for my 
purposes. You can try a two or three resonator band-pass if you experience persistent problems. 


There is sufficient room inside for an AF amplifier and even a small mylar speaker in the lid of the tin. This 
would make the receiver self-contained (except for the PSU of course). 


1 comment. 
Parent article: 30 Metre Autodyne Receiver. 
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Basket-Weave Coil Jig 2008-10-25 


A mate in Queensland was discussing building a crystal set with his daughter to help introduce her to homebrew electronics. 
The discussion kicked off some thoughts and eventually modelling of crystal sets with Spice... The Q of the resonator being 
the major figure of merit | wanted to attack first, research into high-Q coils at MF brought up the old spider web and basket 


weave geometries to decrease distributed capacitance and the proximity effect. | had to try this in practice and see just how 
much of a difference it made. 


To this end | built a quick jig for winding basket weave coils. The base is just a 5" square piece of MDF. | wrote a calculator to 
help construct the dowel spacings around the 100 mm diameter circle. This particular jig has just 7 pins (it must be an odd 


number), each 6 mm in diameter, which is a good fit to common soda straws - helpful for keeping the coil in shape after it has 
been removed from the jig. 


The first coil was wound with 1 mm diameter multi-strand zip-cord from the junkbox. A length of about 8.5 metres, initially 
used as part of an antenna, it had been corroded at the ends and replaced. 27 turns were made with the available length, 
tied together with some cotton string. The inductance was measured at 55.8 uH with a distributed capacitance of 4.3 pF. Q at 
2 MHz was 149 and at 1 MHz was 151. Not very good but considering the wire used this is to be expected. 
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For comparison the other half of the same dipole was wound over the outside of the jig pins, giving an inductance of 62.1 uH 
and a distributed capacitance of 4.1 pF. The Qs where 165 at 2 MHz and 167 and 1 MHz. That didn't seem right at all, better 
Q and lower distributed capacitance. I'd clearly not taken enough care with the measurements or the corrosion of the wires 
had migrated unevenly and further into the cable than | had discarded. 
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To make sure | wasn't going insane | bunched up the "close wound" coil into a doughnut-shaped bundle and repeated the 
measurements. L = 88.6 uH, Cd = 11.9 pF, Q = 83 @ 830 kHz, 73 @ 1.6 MHz. That looked better, and got "worse" as | 
tightened up the bundle by tying more strings around it. Still it didn't leave me feeling very confident that my choice of the 
junk-box zip-cord wire was representative. | initially thought it was the worst choice and would make an interesting lower 
bound - that it did, but its properties also probably hid any real advantage of the basket weave. Its jacketing definitely makes 
a coil much longer for the same inductance because it effectively spaces it out for you. The dielectric properties of the jacket 
are also an unknown. 
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Frustrated by this likely invalid result | decided to go smaller. A 5 pin basket weave jig was constructed using BBQ kebab 
skewers and a 25 ml syringe barrel (about 20 mm in diameter). Using this jig and 0.5 mm enamelled copper wire a quite 
artistic pentogram-like coil was wound, giving 3.3 uH of inductance. My initial resonance measurements had sufficient error 
to cause -ve distributed capacitance results in my calculator - however it gave an accurate estimate of the true inductance 
and placed the distributed capacitance in the 0.5 - 1 pF region. The Q at 8.8 MHz was 176 and at 4.4 MHz 96. Self- 
resonance was measured using my tone dipper and the frequency measured to better than 1% by comparison against the 
signal generator and counter; 87.7 MHz which put the distributed capacitance at almost exactly 1 pF. 
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For comparison purposes a close-wound solenoidal coil was constructed of similar diameter and turn count using the same 
0.5 mm wire. | was shooting of the same inductance, but overshot by almost twice at 6.3 uH. | guess leakage from the very 
non-circular cross-section of the basket weave coil is significant - the value estimated by the coil calculator is close to that for 
the solenoidal coil, but even reduction based on the approximate cross-sectional area still over-estimates the inductance a 
bit. | guess it is a bit like having two mutually coupled coils of triangular cross-section in series with the turns interleaved out 
of alignment. The solenoidal coil distributed capacitance was also lost in the initial resonance measurement error 
(considering the test fixture used is based on 100 pF and 400 pF caps trimmed to 1% and the distributed capacitance is 
about 1% of the smaller one this is not surprising! I'm lucky to measure anything except frequency to within 1%.). Self- 
resonance was measured in the same manner as for the basket coil and at 57.6 MHz gives a distributed capacitance of 
about 1.2 pF. The Q at 6.3 MHz was 114 and at 3.2 MHz 85.5. 
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Also for comparison purposed a "long-thin" solenoid was wound on a 8 mm soda straw with 0.5 mm wire. Also shooting for 
about the same inductance | got 7 uH and didn't bother to remove turns to bring it back to ~ 6.3 UH. Its Qs were 63 at 3 MHz 
and 91 at 6 MHz. Not very impressive and worse than both previous coils on a root-frequency basis. The SRF was 78.3 
MHz, quite impressive for a 7 uH inductor, which is about 580 fF of distributed capacitance! Around half that of the basket- 
weave coil and twice the inductance. This follows conventional wisdom that "flat" coils have more capacitance and a lower 
SRF than long thin ones, which in turn tend to make better chokes. 
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It is interesting to note that the slope of the Q change with root-frequency is much shallower for the basket-weave coil, 
suggesting perhaps its proximity losses are smaller. Only 2 data points for each coil is insufficient to say this, but it seems 
like the proximity effect reduction is visible in the numbers. More data points for each coil and comparison with a space- 
wound solenoidal coil would be a worth-while investigation. Measuring Q is laborious with the current jig and manual data 
reduction (3 dB points method - although | have recently constructed a 3 dB switched attenuator to make the process slightly 
more pleasant). A direct-reading Q meter would speed things enormously and will likely feature shortly. 


The wire used in the larger coil is probably the reason the measurements were odd, in a way it is already spaced - by its 
jacket. Results with the smaller coils do look interesting. Once | have Q-measurement worked out I'll revisit this, and try using 
better wire, including some Litz wire | have (unfortunately not especially high-count). Litz wire could be homebrewed, but the 
machine to do it would be quite non-trivial, | could imagine doing it in hexagon-number (ie 7) wires at a time, then spinning 7 
bundles of 7 together, etc. | think tension control would be the hard part, otherwise I'd invest in a few kg of very fine wire and 
give it a go - Litz wire is insanely expensive online and | haven't found an Australian supplier of it yet. 


11 comments. 
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Biasing JFETs, AGC IF and other fun 2007-06-09 


The W7ZOI tutorial on JFET biasing is a great place to start if you are looking to understand JFETs and use them in practical circuits. | 
encourage you to buy Experimental Methods, but the JFET biasing sidebar is reproduced on the popcorn site while you wait for the 
book to ship from the ARRL. 


| wrote a simple calculator that implements this source resistor self-biasing. All you need do is measure your JFETs Idss and Vp then 
plug in the numbers to the calculator which will then spit out the source resistor required and the transconductance of the FET when 
biased like this. 


| characterised three different JFETs from my collection, the MPF102, the J310 and the 2N5484. The J310s | tested gave an Idss of 
around 100 mA! This is far outside their datasheet spread of 24-60 mA, so | repeated the measurement several times on three 
randomly selected devices and played with biasing in trial circuits. The math was consistent, which makes me wonder about my 
particular batch of J310s. The J310 is obsolete, so perhaps these aren't NOS, but rebadged modern devices. | got them off eBay from a 
seller | trust. | guess the higher saturation current is actually a blessing, making them more useful at higher powers. 


| selected 2N5484 for my AGC IF experiments, its lower Vp sounded easier to generate with a single diode detector, but this and their 
relatively low transconductance would limit the AGC range achievable. | picked an Id around 2 mA for the quiescent bias which is 
achieved with an Rs of 330 Ohms. 


A very straight-forward JFET IF circuit was constructed, using a set of 455 kHz IF cans, the line-up being white into the 1st FET gate, 
yellow in its drain and the 2nd FETs gate, and black in the 2nd FETs drain feeding the detector. The untuned sides were placed in the 
drains, this was against my initial instinct, especially for the detector, but it seems to work fine. The IF cans themselves are designed for 
lower impedance BJT devices, so the design is sub-optimal, but it offers a reasonable 40 dB or so of dynamic range. 
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pass out through the cathode 21. The ions contribute 
a positive charge to the cathodic space which increases 
progressively as the coulomb forces become effective and 
reach a maximum within center 26; as the ions leave the 
center 26, they absorb energy from that field on their 
passage to the cathode 21. Thus, surrounding the cathodic 
center 26 (and inside the cathode 21), a virtual anode 
will be produced which can be made to have a potential 
which can exceed that potential (V,) of the anode 20 
by a factor AV, equal to the average voltage increase 
which is required by the ions from the ion guns to pene- 
trate the anode 20 field. The ions, therefore, oscillate 
back and forth through the permeable cathode 2% until 
lost by one of several competing actions which will be 
explained later, since they do not re-enter the anode 20. 

The establishment of the ion space-charge inside the 
cathode 21 may be better understocd by reference to the 
eraph of FIG. 2 wherein the abscissa represents the 
radius of the device and the ordinate represents the 
potential distribution therein. The magnitude of the ion 
space-charge is dependent upon the amount of space- 
charge current flowing in the cathodic space. For a min- 
ute quantity of current, the positive charge contribution 
is small, and the potential at the center would appear 
as shown by curve a. A larger current will produce a 
more positive potential distribution such as curve b. 
Greater or lesser currents will change the potential at 
the center 26 correspondingly. 

Since the cathode 21 is not completely permeable to 
the flow of ions therethrough, ions will impact it and 
dislodge secondary and Auger neutralization electrons 
thereby. (During operation of the device, electrons also 
will be supplied from the photoelectric cathode 21 by 
ultra-violet radiation from Bremsstrahlung and recom- 
bination.) Electrons, to be able to leave the cathode 21, 
must be excited to a potential (V¿+AV¿), Ve being the 
potential of the cathode 21. The electrons so emitted by 
cathode 21 will leave with a Fermi-Dirac distribution of 
velocities and the potential gradient near the cathode 
21 thereby becomes more negative by the factor AV, 
than that of cathode 21, and the potential curve moves 
down until it has a minimum at a radius ře}, close to that 
of the cathode 21, at which the potential corresponds to 
the average velocity of emission, For this condition, most 
of the electrons are slowed down until they come to rest, 
thus creating a virtual cathode 29 at a radius rg, and 
from which the electrons may flow in either direction, 
i.e., either return to the cathode 21 or flow into the 
central cathodic volume. 

Some electrons, under the attractive influence of the 
positive potential gradient (virtual anode) created in 
the central volume by the ions and the repelling influence 
of the virtual cathode 29, will be accelerated toward 
the center 26 until their mutually repelling coulomb 
forces predominate. They then will be decelerated, giv- 
ing up kinetic energy to the field, and ultimately may be 
scattered through large angles, returning to the virtual 
cathode 29, where they will repeat the cycle. Since the 
electron density is the greatest in the small spherical 
volume enveloping the center 26, the negative space- 
charge contribution by the electrons will be the greatest 
in that region and a potential minimum or a crater will 
develop in the center of the positive gradient b (FIG. 2) 
which will increase in depth until a virtual cathode 30a, 
with a potential equal to that of virtual cathode 29, is 
created at the center 26, radius rp. This action is accom- 
panied by an outward displacement of the peak of the 
positive potential gradient to a radius r,,, where a spheri- 
cal potential sheath or virtual anode 31 is formed. 

The description thus far has disregarded the presence 
of neutral gas molecules within the device. When neutral 
gas is present, it initially will be distributed equally 
throughout the volume enclosed by anode 20. The elec- 
trons and ions oscillating within the cathode 21 space 
will strike the neutral gas molecules, creating additional 
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electrons and ions which, under the influence of the 
electric fields, will be set into oscillatory motion, the 
lengths of their respective paths being determined by 
the potentials at the points within the cathodic space 
where they were created. For example, suppose an ion 
is born in the outward (cathode) side of the virtual 
anode 31 (FIG. 2); it will be propelled through the vir- 
tual cathode 29 and impact the cathode 21, thereby pro- 
ducing additional electrons. The electron which was re- 
leased during the creation of the ion will pass through 
the virtual anode 31, and be brought to rest in the vicinity 
of the virtual cathode 38a where, neglecting any devia- 
tion, it will reverse its direction and return to the point 
where created. Now suppose the ion and electron were 
created on the inside of virtual anode 31 (FIG. 2). The 
ion will move inwardly, being accelerated toward and 
through the virtual cathode 30a, and wiil come to rest 
at the positive barrier on the opposite side of the center 
26, and then oscillate between those barriers. The elec- 
tron will be propelled through the virtual anode 31 and 
will go into oscillation between the virtual cathode 29 
and the virtual cathode 30a. By far the greatest number 
of ions (and electrons) will be produced near the virtual 
cathode 30a, because the probability of ionization by 
electron impact is greater the slower the electron and 
because the electron density is the greatest in the virtual 
cathode. 

As the process continues, the ion and electron space 
currents tend to build up a small positive potential maxi- 
mum within the virtual cathode 39a (FIG. 2) by virtue 
of the ions that are created in that region and which oscil- 
late through it. Thus, a vestigial virtual anode 32 (FIG. 
3) is formed in the center 26, and the virtual cathode 
30a moves to a new location 30 at radius res. When neu- 
tral, gas molecules are present in the virtual cathode, 
ionization will occur. The electrons so created will be 
nearly indistinguishable from and react in the same man- 
ner as those in the virtual cathode, i.e., they will be ac- 
celerated outwardly toward a virtual anode. The associ- 
ated ions will be born with the very low kinetic energy of 
the neutral particles and therefore will remain in the 
vicinity of the virtual cathode, neutralizing some of the 
space charge. These combined actions of electrons and 
ions will result in smaller negative space charge which 
decreases the radius of the virtual cathode. The new 
radial potential distribution is shown in FIG, 3. It 
will be noted that an increase in the electron space- 
charge current within the virtual anode 32 could resuit in 
the formation of a new virtual cathode therein. This proc- 
ess of adding virtual electrodes, theoretically, could con- 
tinue until a point of confusion is reached where they 
merge and the field collapses. In actual practice, however, 
the number of virtual electrodes in a poissor may, and 
will, be controlled. In the practical exemplifications de- 
scribed herein, only two virtual cathodes (29 and 39), 
one virtual anode 31 and the vestigial ancde 32 will be 
assumed to exist. 

It must be borne in mind that in an actual operating 
device neither the ions nor the electrons are traveling 
precisely radially; moreover, there is a velocity spread 
within both the ion and electron groups due to interpar- 
ticle scattering. As a result, the points where ions and 
electrons reverse their direction of motion do not lie on 
mathematically thin surfaces; accordingly, the virtual 
anodes and cathodes have finite radial thicknesses which 
are called “potential gradient sheaths” or simply “sheaths.” 

At this point, it will be appreciated that the space charge 
buildup inside the cathode 21 has resulted in the develop- 
ment of concentric potential gradient sheaths which serve 
in confining negatively and positively charged particles to 
movement in paths, almost all of which intersect at the 
center 26, while others oscillate along path lengths which 
are determined by the energy levels at which the charged 
particles were created. When a high kinetic energy ion 
(projectile) passes near a low kinetic energy ion (target) 


1/10/2018 Alan Yates' Laboratory - Biasing JFETs, AGC IF and other fun 


The AGC voltage is applied to the decoupled cold-side of the gate resonators. The AGC time constant is quite short, but | prefer it that 
way. Without AGC the circuit is actually slightly unstable, with at least 33 Ohms needed in the drain circuit of the second stage for 
stability, but once the AGC rail is unshorted it floats about -0.12 volts and the IF amplifier works great. The AGC rail swings down to 
about -1.8 volts before the dynamic range of the amplifier is exceeded and gain compression begins at the second stage, the distortion 
becoming severe by 2 volts below ground. 


The remaining red oscillator IFT could be used to build an autodyne converter for a front end, completing a MW receiver with only two 
more active devices (one for the AF-side as well). However, this IF stage might find use in the 80 Meter Challenge receiver, if | ever 
finish that! 


7 comments. 
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Bicycle Rim Antenna for 20 Metres 2008-03-08 


Several months ago | was walking home from the post office, nearing my place | saw it was "clean-up week", the curb dotted 
with various piles of junk people had put out to be disposed off by the council pickup. The pile outside my block of units had 
mostly busted furniture, but one item caught my eye, an Aluminium bicycle rim. | dug it out and took a closer look. The spokes 
and hub were all rust-pitted chromed steel, and physically it was for a child's bike, only around 580 mm in diameter, but the 
Aluminium itself looked to be in good shape. Antenna was the immediate thought, so | carried it back to the shack. 


The spokes and hub where removed and discarded. The rim had a join where steel pegs had been inserted into cylindrical 
openings in the extrusion and epoxy used to close and secure the join, forming the round shape. | used a cut-off wheel on the 
rotary tool to cut through the join, breaking the rim so | might measure and feed it. 


Experiments 


The rim is roughly 1.3 uH of inductance. This is a good fit with the "ring" inductor formula. | experimented with the loop of metal 
for some months before | finally settled on making it into an antenna for 20 metres. The efficiency is fairly poor on 40 metres and 
even somewhat marginal on 20, but on the higher bands it is an exceptional antenna. | even tuned it up on 11 metre CB and 
listened around, hearing not much but some Asian fishermen and the usual braindead 27.355 MHz crowd. It is self-resonant 
near 6 metres (distributed capacitance about 8 pF) and is therefore limited to upper-HF, roughly 30-10 metres. 


Loop Demo on 40 Metres 
(7.930 Mbytes) 
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Radio Australia Demo 
(4.982 Mbytes) 


For its life on 20 metres | chose the more electrically straight forward and tunable taped-capacitance feeding arrangement. The 
disadvantage of this arrangement is that it is a bit more difficult to tune, as the match and tune capacitances affect each other, 
but some iteration finds a good match quite quickly. 


TX Loop A > 
Tapped Cap Feed Tune 


| did experiment with small coupling loop and gamma matching. Both work just fine but are a bit fiddly if you want to change 
bands a lot. Small driven loop has the advantage that you can twist the coupling loop with respect to the resonated loop to 
adjust the matching, and can pass the coax feed right through the main loop at its nodal-point where it has a voltage minima. 
The rim had a hole directly opposite the join where the tire valve likely was placed, this allowed hanging the loop by its coaxial 
feed. While interesting experiments and valuable lessons for future experiments, | like the tune/match capacitor coupling | ended 
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Alternative Loop Feeds 


Gamma Match Coupling Loop 


Construction 

The loop was screwed to a piece of timber (a poor insulator unfortunately) as a base. The tuning and matching capacitors were 
screwed to the timber base as well and the coaxial feed fed though some holes in the timber as strain relief. The tuning gang 
was used in "split-stator" mode to reduce losses, leaving it with a capacitance range of about 20 pF. Some binding posts were 
used to allow different silver-mica transmitting capacitors to be put across the loop to shift bands. 
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Two 160 pF capacitors are used for 20 metres, giving an equivalent capacitance of 80 pF. The loop tunes about 13.9 to 14.6 
MHz, and the 2:1 VSWR bandwidth exceeds this. 


The matching capacitor is a fixed 18 pF in parallel with a 10 pF trimmer. This value was determined experimentally with a signal 
generator, mini C-jig, and return loss bridge as the best arrangement for matching the loop over the frequency range of interest 
without excessive touchiness in the tuning. 
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Notes 


Power handling is limited by the capacitors. The Silver-Mica caps used are rated to only 200 Volts, but for my current QRP use 
this isn't a problem. Efficiency if affected a little bit by using binding posts instead of soldered connections for the capacitors as 
well. I'll probably solder the caps in place permanently once | settle on them, but | am hoping to find higher voltage ones on 
eBay first. 


The connection to the Aluminium of the rim is made with nickel plated hardware, thick copper wire and lots of star washers, etc. 
Ideally it should be spot-welded, as should all the rotor plates in the capacitor to the shaft and the stator to their connections. 
The stator plates are copper, l've never seen a capacitor quite like this one before, it would be possible to solder them together 
to reduce the losses. The rotor plates are Aluminium, the shaft brass, which presents more of a problem. The shaft has an 
inbuilt coaxial reduction drive with a 1/8" shaft that comes out of the middle of the 1/4" one. l'm having problems finding a 
suitable knob. 


A ferrite suppression bead was slipped over the coax feedline near the feed-point to reduce a slight interaction with the coax 
position/body capacitance upon return-loss seen while experimenting. 


9 comments. 


Attachments 


Alternative Feeds Source application/postscript | 10.002 kbytes 
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Digital Display for the Bolometer 2009-03-01 


To make the bolometer direct-reading | threw together this relatively simple 4-digit 7-segment digital display, driven by an atmel ATtiny 13V. 
The tiny13 ADC measures the heater supply voltage, and computes the current applied power based on its memory of the quiescent bias 
power. The bias zeroing power is remembered with a button press. 


Hardware 


The display is quite straight forward, but a little involved to construct because of the low lO pin count of the ATtiny13. | did not have an LCD 
display in the junkbox, but | had lots of 7-segment LED units, so naturally enough | used what | had. A pair of 74HC595 serial-in parallel-out 
registered shift registers does the 3-wire to 12-wire conversion required to multiplex the display. The displays are common cathode, the 8 
anodes (7 segments + decimal point) are fed by the first 74HC595 in parallel through current limiting resistors. The four cathodes are each 
connected through a 2N7000 multiplexing FET, and the FET gates driven from the 4 LSB of the second 74HC595. (As there are 4 spare 
multiplexing pull-downs the general scheme could drive 8 digits). 


| briefly toyed with using 4 74HC595s, one for each 7-segment unit so each would have its own 8-bit memory register... While this would 
have simplified the driving logic (no need to multiplex, just clock the data in once and latch it), it would have meant 32 current limiting 
resistors and | didn't feel like soldering in that many (also | lacked 32 220 ohm resistors anyway). 
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The wiring pencil once again made the construction fairly swift. The wiring is quite dense and much care was required, but otherwise 
construction was uneventful. 
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The display interface is via a 5-pin header. Two power lines, one data, and two clocks (shift and output latch). | toyed with the idea of 
bringing out the output enable so the display could be blanked and perhaps made somewhat more fail-safe in the event of lost multiplexing 
drive (which might cause excessive current in the static display). Instead | just used 220 ohm dropper resistors, giving a somewhat dimmer 
display but an inherently fail-safe one. The reset line of the tiny13 would be required to drive the enable line anyway as | needed two spare 
pins for the rest of the application. 
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The remaining work is simply software. The display is multiplexed continously in a tight loop. The digits are bit-mapped into a byte wide, 18 
byte long table for the digits 0-9, A-F, decimal point and blank. (The last two being trivial and not strictly required). | tested the display by 
having it dump a 16 bit integer in hex that was being incremented... The final application only requires the 0-9 (and E) states, so the rest 
could be omitted to save ROM space. The current version of the application takes about 900+ bytes so it just fits. 


The ADC runs continously in auto-triggered mode. This is a problem as the ADC noise is significant and the application really needs more 
than the 10 bits of precision available... | need to work on this some more. The tiny13 timer is being used to periodically update the display 
state vector. It is possible to use the timer interrupt to trigger an ADC conversion in full noise-reduction sleep, but it will cause a small gap in 
the multiplexing which may be noticeable... Haven't tried that yet. 
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It does however basically work. The power computation is done in fixed-point arithmetic using longs. One intermediate code version was 
simply a 0-5 volt display (which worked quite well). A pin-change interrupt is utilised to cause memorisation of the current heater power (i.e. 
the zero button), each timer interrupt the difference between that value and the current value is placed into the display vector. 


While annoying to wire-up the display is straight forward, easy to drive and expandable almost without limit. The dedicated register version 
would be quite nice as it requires no CPU time to maintain, you just clock in new data when you want an update. The 74HC595 can be 
clocked at 100 MHz, so most MCUs need no wait states and only a few cycles per segment. A PCB would remove the drudgery of building 
the display. The 74HC595 costs $0.30 - $1.50 depending on where you buy it, and 7-segement displays are about the same (4-digit display 
modules suitable for the multiplexing system | used are about $1.20 retail). At < $4 that is fairly competitive with LCD displays for a small 
number of digits. LCDs are obviously more flexible and cheaper but perhaps for some applications these nice bright displays are easy to 
build and talk to. 


Application wise, the code is still work in progress. | think the limitations of the tiny13 will make the display stability an issue, the ADC just 
isn't good enough. Using a multimeter and a calculator is better for precision measurement, and the moving coil meter is nicer for general 1- 
100 mW trending. Building the display and its drive code was quite fun however, and probably more useful in the long run than a digital 
display for the bolometer. 


Leave a comment on this article. 
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title type size 
The Code for the Bolometer Display | application/gzip | 5.744 kbytes 


Parent article: RF and Optical Bolometer. 
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! Theory 


Electrical ignition systems use the ohmic heating caused by an 
electrical current passing through a conductor to initiate a 
pyrotechnic composition. They are typically designed to produce a 
short burst of hot gases and sparks for initiating other compositions 
further down the pyrotechnic chain. 


Electric igniters, "fuse heads", "electric matches" or "e-matches", 
do not detonate. They contain only low-explosives and will not 
initiate a secondary high-explosive. However a similar device 
containing a primary high-explosive in a metal tube is called an 
electrical detonator and is used to initiate high-explosives. A 
"squib" is neither an e-match or electrical detonator, but is more 
similar to the later and must never be used to replace an e-match. 
The term "squib" is unfortunately ambiguous and is best avoided 
IMO. In this text we will address only e-matches used for igniting 


low-explosive pyrotechnic devices. 


Physically e-matches are two wires that come together at the pyrotechnic end of the device where a small blob of "pyrogen" 
composition is found. Within this blob of composition is usually a very fine "bridge wire", typically of nichrome alloy, that 
connects each of the lead wires. It functions purely as a heating element, its job is to reach the initiation temperature of the 
pyrogen and reliably initiate it. Some e-matches, so called "bridgeless" e-matches, have no bridge wire at all, the pyrogen is 
formulated to be conductive and forms its own bridge wire. Some e-matches come with a removable plastic shroud that 
protects the match head and can be used to direct the gases and sparks if required. 


Shroud 


Lead Wires Pyrogen Bridge Wire 


Electrically e-matches are essentially a pure resistive element. Typical values are 1.5 Ohms across the device. Commercial 
e-matches are rated by the "no-fire current" and the "all-fire current", the currents at which all units in a lot of devices won't 

"cook-off" and will reliably fire respectively. The no-fire current is typically 50 mA, and the all-fire current 500-1000 mA. The 
region between the all-fire and no-fire currents is undefined and must be avoided. The no-fire current is used for continuity 

test purposes in practical firing systems. 


To reliably fire the e-match a voltage source is applied sufficient to cause at least the all-fire current to pass through the 
device for a specified time. Currents many times larger than the all-fire current still may not ignite the e-match if applied for 
very short intervals. Commercial e-matches come with a table or graph describing their "dynamic" behaviour with short- 
duration current pulses. 


When computing the firing supply requirements it is important to take account of the line losses in the current loop between 
the supply and the e-match itself, as well as the internal resistance of the supply. The diagram and equation below can be 


© 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS toggle 
http://www.vk2zay.net/article/14 1/6 


1/10/2018 Alan Yates' Laboratory - Electrical Ignition 


Rs Rw ile 


Vs > le * (Rs + Rw + Re) 


As a simple example, take the supply internal resistance as 200 mR, the line resistance as 25 R, the match resistance as 
1R5, and all-fire current as 500 mA. This results in a minimum firing voltage of 14.2 V. Ignoring the match and supply 
resistances would give you a figure of 12.5 V, which would not reliably ignite the e-match! In practical circuits the line 
resistance is typically the most dominant figure and adding "a couple of volts" over what is required by it will generally work, 
but be sure to do the calculation anyway. 


Note that Rw figure includes all resistance from the battery terminals through to the binding post on the "slat" (or "rail") you 
are using, and the Re figure includes the resistance of the leader wires. Non-trivial resistances can accumulate, even with 
short lengths of hook-up wire inside slats and firing boxes. 


Multiple e-matches can be interconnected to initiate multiple devices at once. You have three choices in the connection 
topology; series, parallel, and series-parallel. Each has its own advantages and disadvantages: 


Series connection is the most widely used in practice, it has the advantage of being easy to debug, as the continuity testing 
feature of most firing systems will detect an open joint. The individual e-match resistances accumulate slowly, requiring only 
an extra volt or so per additional e-match. However, as all the bridge wires are in series, should any of them open 
significantly before the others it is possible that not all e-matches in the loop will fire. Any significant difference in e-match 
resistances or pyrogen sensitivity can cause only a single match to fire, the most sensitive protecting the rest in the loop 
from the firing current. 


Rs L Rw le 


Vs > le * (Rs + Rw + (n*Re)) 


Parallel connection solves this problem, all connected e-matches will fire eventually. However as all e-matches are in 
parallel a faulty joint in the circuit can be be hidden by other correctly connected e-matches. Parallel circuits also demand 
larger current requirements from the supply and put limits on the line losses. For every N matches you have, Rs and Rw 
become N times more important: 
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in the central volume, scattering occurs. An energy trans- 
fer takes place therebetween which sets the target ion into 
oscillation and tends to trap the projectile, The positively 
charged particles for fusion reactions thus are compressed 
into such a densely packed volume concentric with the 
geometric center 26 that the probability of those particles 
being fused is high. | 

The manifestation of a poissor (virtual-electrode sys- 
tem) by radiation of light within spherical geometries 
similar to the device described above has been observed 
through viewing ports and studied photographically, on 
many occasions, 


V. Other atomic processes in the discharge 


In the immediately preceding discussion, the ions and 
electrons have been considered as moving past each other, 
interacting only through their respective space charges. 
There are a number of other atomic processes which can 
occur, however, and it will be shown in the following that 
the design of the apparatus can be such as to minimize 
some of these effects and use others to good advantage. 

As has already been explained, the high-energy ions or 
electrons, in the absence of outside influences, would os- 
cillate radially through the space of the anode 20 or the 
cathode 21 (FIG. 3). The ion transit time between the 
limits of its travel, i.e., the time which an ion takes for 
one traversal of its path, is proportional to the ion path 
length and inversely proportional to its average velocity. 
This ion oscillatory action will, in the presence of elec- 
trons and neutral gas, continue only until one of four pos- 
sible actions occurs: . 


(a) the ion path is altered by the “scattering process”; 

(b) the ion “captures” an electron from a neutral atom, 
called charge exchange, or recombines with an electron 
and becomes a neutral atom; 

(c) the ion is fused by a nuclear reaction; or, 

(d) the ion is captured by the cathode or the anode wall. 


A scattering event is a collision of or near coliision of 
two or more particles in which the energies and momen- 
tums of the individual particles are altered, but total en- 
ergy and momentum are conserved. In an ionized gas, ion- 
ion scattering and electron-electron deflecticns from cou- 
lomb forces are of primary importance because energy is 
most readily transferred between particles of similar 
masses. Electron-ion deflections involve much less energy 
transfer because of the large mass difference between the 
two species. | 

“Scattering” is the total statistical effect of the prob- 
ability of electrostatic deflection of like particles with boh 
radius and distance as variables; i.e., the deflecting of par- 
ticles of like charge by the coulomb repeiling forces. Ion 
scattering takes place mostly in the virtual anodes where 
the kinetic energies are low and the ion densities are many 
fold greater than anywhere else along the ions’ paths. 
Scattering in the virtual anodes cannot result in a large 
energy transfer. When an ion is scattered in a virtual 
anode and is accelerated toward a virtual cathode, it 
gains high kinetic energy and its path is essentially radial. 
(As the ions and electrons are oscillating within a spheri- 
cal enclosure, their current densities increase radially in- 


wardly as 1/r2 where r is the distance from the geometric - 


center 26 to the point where the density is measured.) 
An ion will be deflected from its path as it approaches 
another ion if it is unable to approach closely enough 
(within the radius of fusion, r;) for the sub-atomic at- 
tractive nuclear forces to predominate. This particular 
distance between two ion (rs) where scattering is re- 
placed by fusion, can be calculated if the fusion cross- 
section for the particular ion is known. For example, if 
we assume that the fusion cross-section (ep) for tritium 
ions with deuterium ions is: 


5x 104 cm. 
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If scattering is too great, it will not be possible to main- 
tain the high ion density at the center 26 necessary to 
assure the required fusion probability. In other words, the 
effect of scattering is to increase the size of the minute 
volume of the central vestigial virtual anode 32. Thus it 
becomes advantageous to limit the number of ion trips 
through the center, for a given particle energy, in order 
to prevent an increase in that volume by scattering. 

The deflection angle will depend upon how closely the 
two ions approach each other, this angle being directly 
proportional to the density of the target ions bound within 
the innermost virtual cathode 39 (FIG. 3) and inversely 
proportional to the square of the energy of the scattered 
ion. Ions which approach each other at a distance less 
than r; will fuse; those that are unable to close within 
that range will be deflected. The scattering angle will be 
greater the closer the ions come to each other. The criti- 
cal angle where fusion occurs, called the “angle of fu- 
sion,” can be calculated using Rutherford’s formula. 
Neglecting multiple scattering for the tritium-deuterium 
ions, this angle turns out to be 58°; thus, scattering will 
take place only when the angles are less than 58°. It can 
be shown mathematically that the probability of the scat- 
tering angle exceeding 8° is only about 10%. 

As an ion has a much shorter wavelength than an elec- 
tron, its atomic dimensions are much smaller. Two im- 
portant consequences follow: 

(a) Diffraction effects will not occur in elastic scatter- 


(5) 


ing. Thus, over a major part of angular range, elastic 


scattering will be the same as that given by the classical 
theory. (At very small angles, the quantum theory will 
give better results.) 

(b) Elastic scattering will be confined to very small 
angles. The scattered intensity will decrease with an in- 
crease of scattering angle, and the scattering is concen- 
trated to small angles as the incident energy is increased: 
the total scattering will decrease with increasing energy. 

For elastic collisions, the cross-section will be small if: 


(6) ALA 
y 2r 
where 


de=ionization energy 
h=Planck's constant 
v=Vvelocity of the ions 
r=radius of ion deflection 


The greater the value of de, the greater will be the energy 
at which maximum inelastic cross-section will occur. Be- 
cause of small values of de, charge-exchange is the most 
important inelastic collision process, 

An ion can be neutralized by an encounter with an 
electron. This can happen in two different ways: an ion 
can collide with a neutral atom and rob it of its electron 
(“charge-exchange”), or the ion may collide with the free 
electron and recombine to form a neutral atom, The 
probability of recombination is extremely unlikely com- 
pared to charge exchange (see Brown, “Basic Data of 
Plasma Physics,” Wiley, 1959, page 104) and will occur 
only if the two colliding particles are traveling in the 
same direction at about the same velocity. Since the 
charge-exchange cross-section is greater than 1016 cm.? 
between 1 kev. and 50 kev., charge exchange will occur 
over a wide range. The gentler the slope of the potential 
eradient, the longer will be the ion path length within 
which charge-exchange can occur. The only region in 
which recombination can occur is close to the virtual 
cathodes 29 and 30 where the electron velocity is lowest 
and ion velocity is highest. 

When charge-exchange occurs, there is very little energy 
transfer between the two particles other than the trans- 
fer of an electron from one nucleus to the other. The old 
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Rs Rw nile 


Vs > (n*le) * (Rs + Rw + (Re/n)) 


Series-Parallel is uncommon, but tries to make the best of both worlds. It places as many e-matches in series as you dare 
accept the chance of not firing correctly and as many strings on these series connected e-matches in parallel as you need 
in total. It is also the optimal topology for firing the largest number of e-matches from a given source resistance. This is 
helpful if firing a large number of devices together, as in clustered rocket engine arrangements, or large fronts of 
pyrotechnic devices. Such an arrangement, or a similar one fitting the same model, may be mandated by the physical 
arrangement of long fronts with multiple daisy-chained slats. 


Rs Rw nile 
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Vs > (n*le) * (Rs + Rw + ((m/n)*Re)) 


Practical Firing Boxes 


A firing system can be as simple as a battery and a pair of wires which you touch to the terminals at the right moment, or a 
bunch of nails in a piece of timber (a "nail board" - handy for sequenced fronts). However, for safety it is best to have a 
somewhat more complicated arrangement. At minimum it is best to have a safety arming switch and a separate firing 
switch. The arming switch is best if it is physically difficult to press accidentally, a key-operated or shrouded rocker switch is 
ideal. The firing switch may also be shrouded for extra safety. 


So called "shunt-plugs" are also a good safety feature, and are required by the standards in many countries. They simply 
short every shot circuit at the slat until just before testing or firing. Providing the facility to have a shunt-plug installed at the 
same time as a firing cable is useful, but risky in that someone may plug the other end of the cable into the firing box while 
you are up at the slat unplugging the shunt-plug. Generally a shunted lead is swapped for the shunt-plug and you take the 
key to the firing system with you out to the slat while performing the shunt-plug/firing lead swap. 


Ideally your firing system should also have a continuity checking system. Activation of the continuity checker should be at 
the very least part of the arming procedure, if not a separate difficult to accidentally activate button. The potential exists in 
practical situations for the no-fire current being used to test the continuity to cook-off an e-match and prematurely discharge 
a pyrotechnic device, perhaps with lethal results! 


Probably the most entry level firing box would be a circuit (per-channel) like this: 


O 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/14 3/6 


1/10/2018 Alan Yates' Laboratory - Electrical Ignition 


Fire 
Arm | fire 


e-match 
and wires 


Vbatt > Ifire * Rloop 
Rled > Vbaitt / min(lled, Itest) 
PRled > (lled*2) * Rled 


Vbatt is chosen such that it can deliver the all-fire current Ifire through Rloop. Rled is chosen such that worst-case 
somewhat less than the no-fire current Itest passes through it (ie, setting Rloop = 0). This current must also be less than the 
maximum the LED is rated for, lled. Vbatt must also be greater than the forward voltage drop of the LED or else it will never 
light. The power dissipation of Rled can become significant at higher Vbatts, ensure it is sufficiently rated. 


Here is a picture of a simple single channel system using such a circuit: 


——= 


~~ le 


It is a simple matter to duplicate the circuit above as many times as required to build multi-channel firing boxes. Practical 
issues like quick interconnects between the firing box and the slats, and the slats and e-matches will drive the plug and 
socket selection. D-style data plugs are popular between the box and slats, they can take several Amps briefly which is 
more than sufficient for series connected e-matches. A D-25 system can carry 25 shots using the shell as the return, or 24 
shots using one pin as the return. Multiple pins can be used for a single channel to boost current capability if required. D- 
type connectors make implementing shunt-plugs very easy. Spring-loaded speaker terminals are very popular for the slats, 
but some use binding posts for better mechanical restraint at the expense of somewhat longer set-up times. 


Advanced Systems 


Capacitor Discharge systems are becoming increasingly popular. They offer very high firing voltages and extremely low 
source resistances, capable of pushing large currents through even thin wiring. They are ideal for driving a large number of 
e-matches per channel at a great distance from the firing box. As smaller batteries can be used they offer a mass/volume 
benefit as well. Their charge-time and extra complexity tends to limit amateur construction, but modified photo flash units 
are easy to put together for single-channel use: 
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The unit above has a 130 uF capacitor which is charged to 340 V, delivering up to 7.5 J into the loop. The typical simplified 
circuit of a capacitive discharge firing box resembles this: 


armed (Ne) 


O 


charge 


fast 
schottky 


hyratron 


ero tygger 


The HV capacitor(s) in such devices store lethal energies. Construction and use of capacitive discharge firing boxes is for 
experts only! There is quite a bit more to a successful circuit than show above. 


Diode multiplexed, microprocessor controlled, computer driven, and RF linked systems are beyond the scope of this page, 
but much information can be found online about them. Anyone with sufficient electronics knowledge and attention to safety 
can easily build one for far less than the commercial asking price. Commercial systems are of course expedient and have 
some expectation of performance and reliability which many find very attractive. Be aware though that there are many 
commercial systems out there that are just terrible, either in design or build quality, frequently both. Quite a few builders of 
commercial systems found online have never used them in practice, or used them so infrequently that they don't have a 
good feel for making a practical rugged unit that will survive use in the hostile field environment. 


Practical E-Matches 


The simplest e-match is made by taking a suitable length of bell wire and bearing both ends, a short length of fine gauge 
nichrome is shorted across one end (preferably by soldering), and the result dipped in a slurry of black powder then allowed 
to dry. Almost all e-matches are also given a final coat of thick lacquer to protect and waterproof them, often nitrocellulose 
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Nichrome is not the only bridge wire material that may be used. Any metal that is ductile enough to be drawn into a filament 
sufficiently fine to achieve the required resistance in practical dimensions can be used. Nichrome is quite difficult to solder 
without resorting to acid-based fluxes (which require clean-up neutralization after use) so other metals are quite desirable. 
Folding and crimping the lead wires to the bridge wire is popular, but no substitute for a good pair of solder joints. Fine steel 
threads from steel wool pads or scourers work and solder quite well, and are very cheap compared to extra-fine nichrome. 
Very fine copper wire can also be used but | find it unmanageably small in practice. 


A more sensitive pyrogen can be used to make ignition more immediate and reliable. Typical compositions are dark flash- 
like. Such a sensitive composition is always prepared as a slurry and is treated with the up-most respect. The smallest 
amount possible is used. Usually another layer of a less sensitive composition will be coated over the top to protect the e- 
match and give it better ignition qualities. Metal powders or thermitic mixtures are often added to generate long-lived hot 
sparks for their fire-giving properties, amorphous silicon or boron are also popular additions. 


As the e-match head ignites from the inside they generally explode with a loud snap and throw burning pieces of pyrogen in 
all directions, this is where a shroud comes in handy to direct the blast where it is needed, and keep it away from where it 
isn't. The shroud also protects the sensitive e-match head from accidental friction and casual impacts. Crush damage is the 
most likely form of abuse to cause an accidental ignition, many commercial e-matches will ignite when crushed, stepping on 
them is generally enough to set them off. 


Peroxides of Barium or Zinc are popular oxidisers for ultra-sensitive pyrogens. Barium Chlorate is quite popular too. One 
must balance their requirement for a "death mix" pyrogen with safety, most commercial pyrogen compositions are quite 
friction sensitive and can lead to nasty accidents while matching shell leaders, especially without a shroud or with it pulled 
back. Having sulfur containing blackmatch stabbing into the shroud-protected e-match head is probably just as dangerous. 
One school of thought suggests you match the shell leader while the shell is already in the mortar with all body parts well 
clear for the best safety, but | prefer to make less sensitive e-matches and beef up the firing system, it gives you that extra 
margin of safety against accidental ignitions. 


Conductive pyrogens for bridgeless e-matches typically use conductive lampblacks and/or metal powders to form a 
"composition resistor" around the bare lead wires. The composition and the bare leader geometry is tuned to achieve the 
desired resistance. Acetylene black is very conductive and a popular choice, but more modern nano-structured carbon 
materials are now available and could be interesting to try. The bridge wire attachment is the most time consuming part of 
making e-matches, so bridgeless e-matches are very attractive. However they are generally considered less reliable and 
more difficult to make with controlled characteristics which makes them difficult to use in series strings. 


Expedient e-matches may be made by soldering commercial 1/4 Watt (or less) low value resistors to a length of bell wire 
and then coating with a pyrogen. Surface mount components are gaining popularity. Other expedient systems use "grain of 
wheat" bulbs or Christmas tree lights as pre-wired e-match heads, almost ready to be dipped (the envelope is carefully 
opened before applying the pyrogen). Such a construction technique has quite a following in the amateur rocketry world. In 
the past Zr/Mg/O2 flash bulbs were very popular, those multi-shot flash bars and cubes were easily dismantled and the 
individual bulbs used. Narrow strips of PCB material, copper clad on both sides, are easily spiral wound with bridge wire 
then soldered the complete length. A fibre cut-off disk is then used to cut individual e-match "chips" that can be soldered to 
bell wire then dipped as usual, this is a very expedient way to make hundreds of e-match heads per hour. 


As bell wire is becoming more difficult to get in Australia, | find using Cat-5 data cable pairs for e-matches quite usable. You 
can use stranded wire if you wish, but solid core wire is much easier to work with. Be careful, especially with bridgeless e- 
matches, that your pyrogen composition is compatible with the wire material, dry the pyrogen quickly to limit corrosion of 
the lead wires (and bridge wire), and then coat with syrupy lacquer for a good moisture seal. 


Like commercial firing systems, commercial e-matches are expensive but extremely reliable. They offer very tight 
repeatable ratings, which is very important for series firing of large strings. For mission critical shots with cold batteries or 
long runs they are the only choice. Never shoot a commercial display with homebrew e-matches, it just isn't worth it! 
However being able to make a cheap e-match for testing things and other times when it just doesn't matter is quite useful. 


2 comments. 


Attachments 
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ematch fig source | application/octet-stream | 1.377 kbytes 
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Elektor FM Broadcast Super- 2008-12-07 


Regenerative Receiver 


In my continuing procrastination in not playing with levelling loops | finally got around to building the FM 
broadcast receiver from September 2007's Elektor magazine. Peter VK2TPM saw this article and suggested it 
to me because of my well-known love/hate relationship with super-regenerative receivers. 


_ 


The circuit appears in the "Mini Projects" section of the magazine and is credited to Burkhard Kainka. The circuit 
is fairly conventional in all but one way; it returns the emitter/source capacitor to the collector circuit to partially 
suppress the quench waveform from the AF output. The effect isn't perfect, but it does work fairly well. 


AS as pu] 


The audio output into 64 ohms isn't very loud, as the article says, it works better with a higher impedance load. 
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of the final version to save space. The audio output is enough for listening in a quiet room. RF Performance is 
reasonable, but nothing special. My micropower FM receiver works better IMHO. 


Google Translate is useful for looking at Mr Kainka's fine website. The receiver is mentioned here. Note also the 
regenerative receiver similar to his KW-Audion. lt is very similar to my Noisy Regen, as is the KW Audion, 
except it uses an "infinite impedance" detector of sorts instead of the emitter current to recover the AF - 
something | must try myself. 


Build Notes 


| did have some trouble convincing the circuit to super-regenerate properly, it was extremely fiddly to get a good 
quench oscillation going, and would take-off in UHF oscillations if | wasn't careful. The picture in the article 
shows - well - an abysmal layout, perhaps that is why the author's circuit worked better than mine - | guess too 
much RF hygiene can be a bad thing?! 


Looking up with BF494 | found its Ft is only 200 MHz or so... This explains a lot, | used a BF199 which has a 
*much* higher transition frequency. | probably would have made it a lot easier on myself if | had used a "worse" 
transistor. | am still suspicious about my current batch of 10 nF caps. | have thousands of them and they are 
axial-leaded so | rather like building with them, but they have caused me trouble before... | tried swapping them 
out with 10 nF disk ceramics, but it didn't seem to help, so perhaps the collector circuit strays are responsible, | 
did use fairly long wires on the resonator coil. Anyway, | replaced the emitter resistor with a multi-turn cermet 
trimmer and was able to adjust the circuit with good usability without resorting to a different transistor. 


The RFC suggested in the article killed oscillations above 90 MHz with the other component values suggested, 
but oscillation could be achieved by varying the emitter resistor and/or power supply voltage. | replaced it with 9 
turns on an FT23-43 which works great to beyond 150 MHz in all configurations. 


As built | used the following circuit: 


10u — 


A 3-12v| 
2N3906 


10n 


10n Y 
10p "|4-35p == 


| 213u 


= (9t FT23-43) 


a SH 20k 
au 


It tunes from the VHF-Low channel 0 audio carrier (about 51 MHz) to about 150 MHz, covering the FM 
broadcast band, air band, 2 metres and the pagers just above it. More bandspread would be preferable, 
especially if dedicated to FM broadcast use, this is a major reason why | favour my micropower unit who's 
tuning is carefully arranged to cover just the 3 metre broadcast band. 


The antenna may be applied at the emitter, but isn't really needed as the unshielded unit just sitting on the 


bench works fine with the local stations. even airband siana dnev approach being heard fa > ne 
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and the rail decoupling 150 nF (it might be preferable to add collector-base feedback instead of the collector 
cap as it might cause instability itself with the inductive collector load, but with my headphones it didn't). The 
frequency of oscillation was quite high, in the HF region, and was pulled by the headphone leads. Again a 
"poor" transistor would probably avoid this problem, but the BC559C specified is actually quite likely to take off 
itself without the capacitor. Using a BC559C is probably overkill for the quality of audio recovered by the 
regenerative detector. 


Using a trimmer instead of the fixed 10 pF emitter/collector feedback capacitor is helpful if your unit 
misbehaves. It allows more precise adjustment of the feedback. In the past I've had some transistors refuse to 
oscillate except in very narrow ranges of feedback capacitance. This particular circuit was fairly well behaved, 
but | did at one point use a trimmer. 10 pF was near the optimal, so | replaced it with a fixed value. 


13 comments. 


Attachments 


A O 


Circuit Diagram Source | application/postscript | 15.441 kbytes 
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Emitter Follower Regenerative Receiver 2009-01-14 


| find myself really inspired by Burkhard's work. He experiments with some unique topologies and always comes 
up with something interesting to play with. Google Translate is as always very useful for reading his work if like 
myself you can't read German. 


This receiver he calls the "The emitter-follower Audion". As usual he built it on a tinplate lid and uses a PC as 
the AF amplifier system. The unusual oscillator/detector topology drew me to it, naturally | just had to try it, 
being so simple it was easy to throw together. 


| built mine in a Altoids Tangerine Sours tin | picked up in Las Vegas. A 12 k switch pot was used for the 
regeneration and a pair of polyvaricons for bandset + bandspread tuning rather than a single trimmer capacitor, 
and a toroidal core inductor instead of a slug-tuned one. Otherwise | followed his design (except | used 2N390x 
devices, despite having BC-series devices in stock - | had the non-European transistors sitting on my bench, left 
overs from the dekatron emulator build - no other reason). The antenna connection was applied at a tap on the 
tank circuit (5th turn from the cold end through a 3p9 capacitor). The inductor value (about 5 uH; 32 turns ona 
T50-2) was selected using my LC VFO calculator to optimise the tuning range given the polyvaricon 
capacitance of about 210 pF with the gangs combined. 


r> 


i The radio works quite well. It tunes from about 4.8 MHz to beyond 23 MHz. Break into oscillation is fairly 
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reception of AM broadcast stations. With strong signals it tends to injection-lock the carrier, becoming an 
autodyne-style receiver. Weaker signals can be resolved as hetrodynes in oscillating mode, and by using 
software on the PC I was able to mix-down either sideband of a weak AM signal using the receiver oscillating 
and off-tuned. 


Stability is quite reasonable, but degrades as expected with increasing frequency. A more robust mechanical 
construction might help in this regard (flexing the tin shifts the frequency a bit), but long-term drift is actually 
very good, surprising considering a type-2 toroid was used. The regeneration control pulls the RX frequency 
quite a lot, which is not unexpected when the tank is so heavily coupled to the transistor. It might be interesting 
to tap-down on the tank the connection to the transistor base. The bandspread polyvaricon makes tuning in 
stations quite easy. It's "antenna" gang (160 pF) is coupled to the tank via a 10 pF, this might be reduced if you 
want to more easily resolve SSB signals. It would be very unpleasant to use the radio without the 
bandspread/bandset tuning, at least with weaker stations. 


| STORE 
d IN A COOL, ERILE S i i P 
pay DREPLACE 0 -UOL Ace Lip 
o - TS SETY EN USE 


| haven't labelled the front yet. I'll probably calibrate the bandset capacitor (chicken-head knob) with the 
bandspread centred so I'll know roughly where it is tuned, at least highlighting the shortwave broadcast and 
HAM bands. 


31 metres was very active during testing, and Radio Australia and Radio New Zealand dominated the band. 
Voice of America and China Radio International were easily heard. Weaker stations were a bit harder to tune in 
with Radio Australia overloading the receiver at times, a pre-selector would be helpful, but reducing coupling to 
the antenna is helpful and once the regen is tightened towards the onset of oscillation the detector Q becomes 
sufficient to reject adjacent signals, even ones within 10 KHz (like the pairs of RA transmissions). Many stations 
were not identified, carrying non-english content or failing to identify within my limit of patience for listening to 
rapid QSB. 


This video is of Radio Australia in oscillating mode, showing the receiver injection locking to RA's enormous 
signal. 
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Some Music on Radio Australia 
(5.974 Mbytes) 


Naturally the receiver lacks AGC and rapid QSB on long-path signals can be rather annoying to listen to. 
However, for its simplicity you can't help but be rather amazed how well it actually works. As Burkhard suggests, 
it might be a great first-project for someone interested in building shortwave receivers, but direct drive of 
"walkman" headphones would be helpful, untying it from an external amplifier or PC. (I tried a crystal earpiece, 
which works but only with the very strongest stations). | might design a matching 1.5 Volt amplifier capable of 
driving 32 ohm headphones and build that into the unit, making it stand-alone. 


10 comments. 
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lon, Which becomes a neutral atom, retains almost all of 
its velecity, and, since it is no longer influenced by the 
electric field, it simply travels onwardly until it is lost 
at the tube wall. The newly formed ion has the energy 
corresponding to the potential at the point in space where 
it was created. It begins an oscillatory motion of its own 
through the center 26, or travels to the cathode 21 with 
no indication of having been previously deflected. The 
newly formed ion may be considered to be continuing to 
increase the average number of trips started by the old 
ion, but with the disadvantage of having suffered an 
energy loss. The ion charge-exchange cycle of the inner 
side of the virtual anode 341 may be repeated several times 
before the energy loss becomes so great that fusion will 
not occur. 

When recombination occurs, a neutral atom results, 
which travels outwardly until it is either reionized by 
another electron or ion or migrates to the tube walls. Re- 
combination results in a loss of energy through radiation 
as well as a loss of both ions and electrons from the 
space charge; it is fortunate that the probability cf this 
event occurring is so low and thus represents a negligible 
energy Joss. This condition is achieved by maintaining 
the paths of the electrons as nearly radial as possible. 
One means for obtaining this radial motion is to hold the 
velocity spread of the electrons to a minimum. 


Control of charge-exchange by limiting ion trips 


Ion scattering will be limited if the number cf ion trips 
through the center of the device can be limited. It will 
now be shown that this number of ion trips hence charge- 
exchange can be controlled. 

The extent of charge-exchange may be calculated from 
the relationship which expresses that probability per trip 
P, as follows: 


(7) 

in which: 
L=the length of one ion path in centimeters; 

pn=the neutral gas density in particles per cubic centi- 


meter; and 
o,=the charge-exchange cross-section in cm.?. 


P¿=ppX0¿XL 


The highest possible value for P, is unity (1), since this 
means that the event of charge-exchange occurs. The ob- 
vious minimum value of P, is zero (0). From the for- 
mula, if the calculated value for P, is 1078, this means 
that an ion makes on an average 10° oscillatory trips be- 
fore the energy loss of the ion by charge-exchange be- 
comes so great that it will not be able to reach a fusion 
radius. Values for charge-exchange cross-section may be 
obtained from the curve of Jackson & Schriff in “Physical 
Review,” vol. 89, No. 2, page 359, 1953, 

In the case at hand, it is desirable to limit the number 
of ion trips to less than one million during the occurrence 
of from four (4) to six (6) charge-exchange cycles. If 
an average of four (4) captures per 106 is assumed, then: 


E 4X10- 


Po=5p 


Now assuming as an example that the path length is 0.135 
centimeter and the value of sẹ is 10-16 cm.?, then the 
value of the neutral gas density pp may be derived from 
Equation 7 as follows: 


Po 4X100 _ 1 
Pa XL 10-15X0.135 250,000 X 10-10<0.135 
~3X 10! particles/cm.? 


Thus, it is readily observed that the control of charge- 
exchange, which in turn governs to a major extent the 
shape of the potential distribution, is achieved by adjust- 
ment of gas density as charge-exchange cross-section is 
inversely proportional to gas density. Thus it is desirable 
to work at the lowest practicable gas density. 
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Maintaining radial thinness of virtual cathode by 
controlling electron scattering 


During space charge build-up, electrons initially have 
energies for oscillating within the confines of the cathode 
21 along radial paths which pass through the center 26. 
These electrons suffer the same type of deflective forces 
as approaching ions, such that meeting electrons scatter. 
Electrons approaching each other at or near the center 26 
defiect along different paths which are also radial. How- 
ever, if the electrons should meet at points other than 
the center 26, they will deflect along new paths which 
may become either more radial or less radial. As the 
electron transits continue, the non-radial electrons can 
and do meet with other electrons, producing further non- 
radial and radial electrons such that eventually, after a 
relatively large number of electron transits, electron 
movements inside the cathode 21 tend to become, in some 
measure, non-radial. FIG. 4 shows a simplified example 
of this deflection for two different locations of an elec- 
tron (33 and 34) with respect to an electron traveling 
along a non-radial path. In FIG. 4, the electron 33 is de- 
flected along the new (and radial) path, while electron 
34 is deflected along a more non-radial path. If the de- 
fiection angle is large, some of the electrons could, unless 
otherwise prevented, acquire sufficient energy to penetrate 
the virtual cathode 29 and the cathode 21 and be ab- 
orbed by the anode 29 or to enter the cathode 21 and 
hus be removed from the field; others will accumulate 
rbital momentum. 

The required condition for producing sharply resolved 
virtual anodes and cathodes is initially achieved by con- 
trolling the number of electron trips within the cathodic 
space. This condition may be represented by the equation: 


(8) L¿=2N eX leo 
where 


I,=the circulatory electron current through the virtual 
anode 31 inside the cathode 21 (FIG. 3), 

lsop=the electron current emitted from the inner surface 
of the cathode 21 (FIG. 3), 

WV =the average number of electron trips (2N, is the 
average number of round trips). 


If a particle’s path is through the center, the distance 
from its starting point to the point where it commences 
its return journey is the equivalent of two trips or one 
“round trip.” Where the path of the particle is away from 
the center, the distance from its point of origin to its re- 
versal point is one trip. It is desired that the factor Ne 
fall somewhere between the figures of 103 and 104. If Ne 
becomes too large, the virtual cathodes and anodes will 
not form properly. Thus, by preventing the number of 
electron trips from becoming excessive, the non-radial 
component of the electron space-current can be held to a 
minimum. 

The number of electron trips may be made relatively 
small by maintaining a high electron current density 
within the cathodic space. Since the maximum value of 
the circulatory electron current I, is limited by space- 
charge saturation, which is a function of the cathode volt- 
age gradient, I, (Equation 8) may be made to approach 
its saturation limit by increasing the cathode current lege, 
thereby confining a very large number of electrons within 
the cathode 21 which make but few round trips. Accord- 
ingly, few orbital electrons will be formed. In a practical 
device, the electron current can be increased by the use 
of electron emitters within the cathode 21. 

The paths of the orbiting electrons are elliptical, and 
each such electron is therefore subjected to a precessional 
force which causes the electron’s path to sweep a spherical 
surface inside the cathode. These electrons contribute to 
the electron circulatory current and also to the fields of 
the virtual cathodes. Because of their elliptical paths, with 


+ C4 


.non-radial velocity components, orbital electrons cannot 


approach the virtual cathodes as closely as radial elec- 
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End-Fed Half-Wave Antenna & Tuner 2007-03-11 


For the on-going 2007 ARNSW Homebrew Group Challenge work | needed a simple 80 metre antenna. As a home-unit resident the 
size of a full half-wave is pretty impractical, but | decided to try it so | had a base-line to compare future shortened verticals to. 


While centre-fed would be the simplest to get going and probably the easiest to install in a semi-permanent manner, | went with end- 
feeding. | would like to have the option of using the antenna portable, where a transmission line is just something else to carry and end- 
feeding is probably the easiest to set-up. 


| read everything | could on the subject, the ARRL antenna book is good, but | found Steve Yates AASTB's website especially useful. 
Steve explains the physics of the counterpoise well, and gave me confidence that it would indeed work as | had planned without stray- 
RF problems. 


The Tuner 


A matching box was constructed, containing both a matching circuit and a resistive 50 Ohm VSWR bridge that borrows heavily from 
Dan Tayloe N7VE (et al). The matching inductor value was picked to resonate the available variable capacitor gang just below 80 
metres at maximum capacitance. The Hi-Z side floats to make it more versatile, a simple clip lead can be used to return the 
counterpoise side to the coax braid, if so desired. 


The final device tunes a resistive load of 3-7 kilo-Ohms from 3.2 MHz to 12.6 MHz. 40 metres is covered (and 30 metres too, but | lack 
a transceiver for it currently), it is unfortunate that 20 metres could not be covered as well, without switching out some of the windings. 
WOCH switches his inductor taps, but this also changes the impedance match too much for my taste (Note that you can compensate 
somewhat for a few kOhms of resistive mismatch and an undetermined amount of reactive mismatch with the tuning). His circuit is 
otherwise very similar to mine (and just about everyone else's who has an internal bridge). 


The unit was built in a small plastic box, and it was quite a squeeze to fit the tuner and the bridge inside. The resulting unit is very small 
and should work fine in portable operations. The tuner can be seen running about 1 Watt CW from the challenge transmitter into a 4k7 
dummy load and a neon bulb which is getting stinking hot! 
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This gross abuse of a Neon bulb shows the voltage step-up of the tuner and proves it can feed a high impedance load fairly efficiently. 


The Antenna 


The radiator itself is simply a half-wave long piece of wire. | used an unzipped length of "zip cord", a full free-space half wave length 
(about 41.6 metres) which makes the antenna a bit reactive, but this is easily tuned out. Managing the wire while it was measured and 
unzipped was actually one of the more challenging parts of the project, but with the help of the XYL and the parents it took only 20 
minutes or so. Black plastic egg insulators from the WICEN stand at Wyong were strung on the wire, two fixed at each end and two 
floating to allow various geometries for deployment. Banana plugs were added to each free end of the wire, so either might be used as 
a feed point. 
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Testing 


After some trial and error it was found possible to just fit the antenna's enormous length on my property. The centre was strung up at 
my 3rd story bedroom window and the ends sloped down to the extreme boundaries, one being the car park railing at the edge of a cliff, 
the other being the adjoining property's fence. The car park end was the most practical to feed from, so | took some gel-cells, a few 
radios and a fold-up chair down to the cliff edge and set-up there. 


The antenna works much better than any I've used before. The inverted-V configuration may have something to do with this. | used the 
railing around the car park as a counterpoise, but it was possible to run using just the radio and its coax as a counterpoise too, by 
clipping the counterpoise connector to the coax socket outer with an alligator clip lead. lt was very easy to tune in either way, on both 80 
and 40 metres. The ARNSW morse practice beacon was full-scale on my VR-500, were normally is is barely S1 on my north-south 
horizontal 40 metre dipole. With a homebrew 80 metre transceiver | could hear lots of DX and local QSOs, and | listened to the WIA 
broadcast using my 80 metre VXO receiver for the first time at a good signal level. As the sun went down the mosquitoes got too bad to 
stand any longer, so packed up and went back indoors. 


| had to take down the antenna, it is simply too big to leave up all the time, if | want to keep the neighbours on side anyway. The car 
park end is also a bit of pedestrian hazard, so this antenna will only be going up for special occasions. The experiment was otherwise a 
complete success, and | am very impressed with the antennas performance. | also now have good figures to shoot for with a shortened 
vertical. 


5 comments. 
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| threw this antenna together while playing with the Fredbox transmitter. | wanted a reasonable radiator for 
stuffing around, but without tying up the main half-wave on the balcony. 


It is simply a half-wave radiator fed at the end with a matching network comprising a tuned tank. A balun is 
provided to decouple the feed-line, and the match to coax is affected by tapping into the tank coil near its cold 
end. It is hung by a string when used. 
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The tuning is pretty sharp, but once tuned has reasonable bandwidth and offers an excellent match to 50 Ohms. 
The radiator is a piece of mains cable earth (multi-strand), cut for the harmonic centre of 2 metres. The coil is a 
bare piece of the active conductor from the same cable, 5 turns well spaced on a AA battery. The trimmer is a 2- 
9 pF air-space unit from Rockby. 
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Power handling is likely limited by the trimmer plate spacing, and the balun core saturation. lt works fine at QRP 
levels. 


4 comments. 
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Fixed the MFJ-207 FM Problem 2008-12-23 


Upon hearing that other HAMs have MFJ-207s free from the FM modulation problems my device shipped with | decided to take another 
crack at fixing the loop. Inspired by the design of the MFJ-269's ALC loop | simply added an AC feedback network to the LM324 
lowering its AC gain but leaving DC unaffected. A easy, two component fix: 10 nF cap and a 1 Meg resistor, in series from pin 1 to pin 2 
of the LM324 (output and inverting input). 
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After this addition | reset the ALC loop control point to that indicated in the manual. The oscillator is now nice and quiet, with only 
moderate noise sidebands, no more FM! 


This fix does nothing about the buffering issues. The oscillator is still pulled around by the load on the bridge (and counter output), but it 
is now much narrower and suitable for use as a stand-in signal generator. It still doesn't particularly like narrow loads, but it is far more 
usable. 


| took the opportunity to more carefully test the SWR scale. To do this | constructed a series of precision dummy loads into BNC 
connectors. I've been meaning to do this for a while, and have been getting by with a cermet trimmer pot wired to a BNC, these spot 
loads are much more expedient and allow doing a calibration (especially of the MFJ-269) in only a few minutes. | lacked some of the 
smaller resistors in sufficient precision, so | took the next smallest preferred E12 value | had and filed away part of the film until the 
required value was achieved. The file knick was then filled with liquid electrical tape to prevent ageing effects on the exposed element 
edges. | was careful to null my multimeter and use the most accurate one | have which seems to be around 1% on the 200 Ohms range 
when compared to voltages dropped across the similar power resistors. 
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The 207's SWR meter calibration is still utterly abysmal. You can only adjust it so one load resistance gives an accurate reading. Even 
reciprocal loads like 100 and 25 ohms, both 2:1, produce quite different readings. With loads on the lower side of the reference 50 
Ohms the bridge seems to read low. Doesn't detract too much from its usefulness when tuning up a matching unit, it still dips sharply at 
50 Ohms. 


2 comments. 
Parent article: MFJ-207 Review. 
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FM Broadcast Band Transmitter 2001-11-25 
Li. Building my AM broadcast loop antenna 
Neer W brought back old memories of being an FM 


broadcast pirate while | was at high school. 
So, figuring I've learnt a lot about VHF 
engineering since then, and having a evening 
to kill | assembled this half-watt transmitter out 
of whatever | had laying in the junkbox. 


| am not going to provide the circuit diagram, 
at least not until | have it all stable and nicely 
engineered. I'll probably be besieged by 
requests for it, just as | am as a result of the 
page about my pirate days. Let's face it, a lot 
of us started of this way, and | am not shy 
about admitting that | was once a pirate. While 
licensing is preferable to anarchy, | don't mind 
seeing interested people building their own 
gear for any RF frequency, at any power level. 
Provided of course, they don't hurt anybody, or 
themselves in the process. 


The design is a simple free-running VCO 
which runs at the transmit frequency of about 
94.5 MHz. Coarse tuning is made via the red 
tuning slug of the VCO coil, fine tuning is 
available via the small pot also visible in the 
photo. The fine tuning voltage also effects the 
sound quality as it controls the bias on a tuning 
diode (a simple 1N4001), the wiper is also 
connected via a DC blocking cap to the input 
audio signal. The bandwidth is many MHz. 


The VCO is almost a power oscillator, running 
at many milliwatts, about the limit for the 
25C710 used to implement it. The signal is 
then coupled into a two state driver and simple 
tank filter, followed by the C-class output stage 
consisting of a 2N4427, an RFC, and a pull- 
down resistor, (and not much else except 
decoupling of course). There is a simple PI 
filter on the output to suppress any harmonics, 
but there really should be a better filter, with 
notches at the harmonic points, the final stage 
is fairly dirty resulting in barely -36dBc of the 
first harmonic. 


Stability is excellent, there are no spurious 
signals other than the harmonics. The shielded 
VCO coil makes for excellent stability as well. 
It is firmly soldered to the board so even 
mechanical abuse causes little drift. There is 
however quite a large thermal drift before 
equilibrium is achieved, this is to expected for 
a VCO running at such power levels, the 
25C710 is getting quite warm. 
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I've made a simple ground-plane antenna for it out of some copper wire and a panel mount BNC. Most of the 
time the unit is plugged into four 220 Ohm carbon resistors in parallel, but at least once I've hung the antenna 
from the roof of the office, plugged the audio line into the sound card turned on some copyright music and took 
off down the street with a Walkman to see how well it gets out. It gets out *very* well for such a primitive design, 
it was still pretty much 100% quieting when | decided I'd walked far enough and turned back. 


4 comments. 
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The Fremodyne is a type of minimal super-heterodyne receiver intended for FM reception. It utilises a super- 
regenerative |F detector which doubles as a mixer stage. lt has a long history, that began with vacuum tubes 
back at the beginning of FM broadcasting when a cheap receiver was needed to fill the lower-end market of 
receivers for the new FM services. John Hunter has an excellent site covering Fremodyne Receivers. 


While the great majority of published designs are for vacuum tube devices my interest was in building a solid- 
state version for fun. This little experimental radio is the result of a quick back-of-the-envelope design during my 
commute to work, and a few hours of work on a late Sunday evening. lt was intended to be an experimental 
receiver purely to work the bugs out of the design, so no effort was put into calibrating its tuning elements. 
Physically, the ugly hack was built on the tin-plate bottom of a Pringle chips can with a fragment of PCB edge 
connector glued to it acting a bit like a tag-strip. 


Despite having no in-built AF stage and needing about 6-8 volts for the detector to oscillate well, it is quite a 
good little receiver. It is sensitive enough to pick up all the local FM stations (even with little or no antenna) and 
works quite wonderfully on the air-band and TV-audio channels. Like all minimal self-quenched designs it is 
basically impossible to completely eliminate interaction between the quenching of the detector and the FM 
multiplex signal. A multi-turn trimmer allows positioning the quench frequency so as to minimise any 
objectionable squeals mixed down to base-band, but the modulation of the oscillator operating point by the 
super-sonic multiplex signals produces intermodulation distortion and rumbling effects that are rather annoying 
to listen to. With monophonic signals this does not occur, and with AM signals one does not need to tune off 
centre to slope detect and gains a little more sensitivity from the IF. 
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trons. Thus, their maximum space charge contributions 
occur farther from the virtual cathodes than those from 
radials, and the virtual cathodes will tend to be displaced 
inwardly. Excessively large numbers of orbital electrons 
(greater than 10% of the electron circulatory current) 
therefore are undesirable as they prevent the maintaining 
of sharply defined virtual electrodes. In actual practice, 
the orbital electrons appear not to exceed that limit. 

Orbital electrons, in addition to their contribution to 
the electron circulatory current, further reduce the prob- 
ability of recombination. In the fusion-reaction volume 
enclosed by the virtual cathode 30, this becomes ex- 
tremely important as it greatly reduces the loss of fusion- 
reactive ions from that region. In the region outside of 
the virtual cathode 30, the orbital electrons, as previously 
shown, not only contribute to the field which maintains 
the virtual cathode 29, but also displaces that cathode in- 
wardly toward the virtual anode 34 and thereby reduce 
greatly, any cusps or singularities in the electric field pat- 
tern of the virtual cathode 2% produced by the anode 20 
field penetrating through the apertures in the cathode 21. 


VIL. Particle flow 


Further consideration of the process involved in the 
present invention requires investigation of the space- 
charge optics and the particle flow. The laws by which 
charged particles move from an emitter to a collector 
without regard to the direction of voltage between elec- 
trodes have been described by Langmuir and Blodgett 
(“Physical Review,” vol. 24, No. 1, pp. 49-59, June 1924), 
That particular derivation was made to calculate the 
currents limited by space-charge between concentric 
spheres (either electron or ion but not in the presence of 
each other). For this invention, however, bi-polar charges 
exist within the spherical electrodes, and the Poisson’s 
equation becomes: 


(10) BV 2/dV\_ 
ah eae =4r( pe— pi) 


where V is the eee at any radius r, and pe and pi 
are the electron and ion volumetric space-charge densities. 
Equation 10, together with the energy equations 


Y Mevet=eV, and Y My 2= el V¿—V) 


where M is the mass of the charged particle, e the charge 
of the electron, v the velocity of the charged particle at 
any potential V, and b is the point of ion entry (which in 
this invention is considered to be the anode since most 
of the charged particles are assumed to be formed at or 
very near to their respective electrodes); and the density, 
charge and velocity relationships 


dv 


J¿=peve, and J¡=pju1 


(where J is the charge of the space-charge) are sufficient 
to determine all the relations involved in the electron and 
ion space-charge flows; i.e., all motions are assumed to 
be radial in this basic determination. 

By following the general approach employed by 
Langmuir in a later paper, “The Interaction of Electron 
and Positive Ion Space Charges in Cathode Sheaths,” 


(“Physical Review,” vol. 33, page 954, June 1929), 


Equation 10 reduces to 


(11) 


du pis 1/2 
sua (Ge) +84) rl 
where 
l; IM; 
\=T.V M, 


(12) 

1,=the circulatory ion current; 

I,=the circulatory electron current in the presence of 
ions; 

y=!n(r/r9), (ro being the radius of the emitting surface); 
and 
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p=f(y), (corresponding to the « of Langmuir and 

Blodgett and becomes « when equals zero). In this 

ideal treatment uy is taken at.the anode and is thus a 

constant. 

A quantity similar to A was used by Langmuir in his 
June 1929 referenced paper which he called a. He showed 
that the potential gradient at the surface of the anode 
was proportional to (1—«)' and so became imaginary 
if «>1. In other words, if « were to become greater than 
unity, ions would be withdrawn faster than injected. 
While those calculations referred to a plane-parallel dis- 
charge, the same limitation has been found to apply to 
the spherical concentric shelis if the area used in evaluat- 
ing the current density J from the total current I is taken 
to be the area of a surface four-fifths of the distance from 
the emitter to the collector. (See I. Langmuir and K. T. 
Compton, “Review of Modern Physics,” Vol. TIL, No. 2, 
April 1931) where one is confronted with radial flow, 
however, \ may be larger than unity and still satisfy the 
boundary conditions. 

Once I, is selected, then A and I) are uniquely deter- 
mined; the ratio of the radii is likewise uniquely deter- 
mined. 

It will be noted, from Equation 12, that when one is 
concerned with a fixed ratio of the radii of the virtual 
electrodes, \ has but one value and therefore becomes a 
constant. When A is zero (no jon current present), 
Langmuir and Blodgett’s « may be substituted for y in 
Equation 11 and reduces to: 


(18) es en(a +30(#)— i 


which, as should be, i is the Langmuir and Blodgett equa- 
tion. 

Spangenberg (book “Vacuum Tubes,” ist ed. 1948, 
§ 8.4, p. 181) submits that the equation for the electron 
space-charge flow of current for concentric spherical elec- 
trodes in the absence of ions is: 


(14) 29.34 10-§X V3/2 

a 
where V is the potential difference between the spherical 
electrodes and a is a function of A=ln (r/rp) given by 
the Maclaurin series: 


(14a) a=y—0.3y2+-0.075y3—0.0013y4+ ... 


The values for « are valid whether the cathode is external 
or internal and can be found in tabular form in Table II 
of the referenced Langmuir and Blodgett paper. Two 
functions designated as a? and (—«)2? are listed. The first 
applies to the case where the voltage V is evaluated at a 
point P outside the electron emitting electrode; the sec- 
ond where P is inside that source. 

Germane to this invention, Langmuir’s logic may be 
extended into the determination of electron and ion cir- 
culatory currents in the present of each other. As was 
the case for the Langmuir and Blodgett Equation 13, 
Equation 11 probably cannot be integrated directly, but 
a solution was obtained in the same manner as used by 
Langmuir and Blodgett. The electron circulatory cur- 
rent in the presence of ions took the form: 


(15) 29.34 X 10-8 X V3/2 
y? 


Lo= 


I= 


The values for y being obtained by expanding the Taylor’s 
series: 


(15a) 
p= f(y) =wt TBF (wo )+ 
(1 mb PU Coro) PLC py) a 


Equation 15a is expanded near zero to avoid infinite 
terms in the higher derivatives. 


A 
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The circuit is quite straight forward, but has a number of adjustable elements which makes this unit challenging 
for beginners to operate (Ironically exactly the opposite of the original point of super-regeneration). The quench 
adjustment can be set and left if AM and mono FM content is being received, but will almost always need to be 
tweaked when listening to a stereo signal. The quench frequency is a strong function of the received signal 
strength, so this adjustment is best performed last, mercifully it does not pull the IF detector frequency too 
much, so retuning for optimal slope-point is generally not needed. The front-end pre-selector adjustment on the 
other hand can drastically change the signal seen at the detector and alter the quench, so it is best to set it first. 
The pre-selector tunes fairly sharply, | roughly set it by dipping with the tone-dipper, then more precisely once a 
signal is being received by maximising the quench frequency observed on the oscilloscope. You can still tune 
about a bit either side with reduced sensitivity without touching the pre-selector, definitely enough to locate 
signals of interest before re-peaking if so desired (the radio works fairly well with the strong FM broadcast band 
signals if to just centre the pre-selector at 100 MHz and hope for the best). The LO frequency adjustment is 
quite straight forward, it must be set at +/- the IF frequency (or a harmonic) from the signal of interest to mix it to 
the IF. There are two trimmers offered, a coarse band-set one, and a finer band-spread unit (not in the circuit 
diagram, 1-7 pF) which is very helpful for positioning an FM signal correctly for nice slope detection. The 
receiver may be operated at either high or low-side LO injection, low side tunes easier (more band-spread), 
high side has better image rejection. The pre-selector determines which image will be favoured. The IF detector 
tank has a trimmer too, which can be used to precisely set the IF frequency if so desired. | run it at about 28 
MHz which is near optimal for FM broadcast band reception, causing no in-band spurs. 


Notes 


Building something similar is easy. There are no special parts, almost everything is junk-box sourcable. The 
toroids used can be replaced with air-coils at some increase of physical size. The source RFC is non-critical 
and need only be about 10 uH, just make sure its SRF is > 30 MHz. The receiver is quite forgiving, the only 
critical thing is getting the IF detector to super-regenerate, you may need to tweak the Colpitts feedback (the 
two 6.8 pF capacitors) if it refuses to squegg at any reasonable voltage and setting of the source trimmer. Like 
all super-heterodynes test equipment is very useful, but by no means mandatory. | originally used my signal 
generator as the LO before | built the Hartley oscillator onto the board. My tone dipper and VHF wavemeter are 
the main tools | used to play around with the circuit - so no digital gear is really needed if you have some 
experience with VHF work. An oscilloscope is darn useful for checking the quench action, but an audio amplifier 
will tell you when it is working right. 


Layout is surprisingly non-critical for a VHF circuit, my first version of the IF detector was built on a solderless 
breadboard and worked fine - the IF is only high-HF so it somewhat less demanding. The LO needs fairly good 
layout, it operates at mid-VHF, but being a Hartley is rather hard to mess up (it also generates way more LO 
energy than needed, you can decrease its current consumption quite a lot and still have sufficient injection 
amplitude). The gate pre-selector circuit is also ideally built using good RF hygiene, but initially to prove the IF 


© 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS toggle 
http://www.vk2zay.net/article/245 2/3 


1/10/2018 Alan Yates' Laboratory - Fremodyne VHF AM/FM Receiver 


at the gate rather than a tuned circuit. You could just as easily use a resistor, but high-value resistors inject 
more broadband noise into the circuit and really high values allow stray signal pick-up, including AF which will 
be followed to the source and straight into the audio amplifier. 


The LO tunes 54-183 MHz. This means with a suitable front end resonator it can tune 26-155 MHz with high- 
side injection and 82-211 MHz with low-side, assuming you hold the IF at 28 MHz. Various spurs will be seen 
through-out the range however. The IF detector really misbehaves when the pre-selector resonator is tuned to 
the IF or LO frequencies, generally dropping out of oscillation completely or the quench becoming audible 
and/or chaotic. 


Ideas 


Clearly the mixing function can be performed in an extra transistor, this may reduce IF leakage and may 
improve IF rejection. Adding band filtering, buffering and amplification of the RF would be a good idea for a real 
receiver and may improve LO leakage. Separate quenching is worth experimentation, in particular this should 
help with the inherent distortion and intermodulation effects associated with the self-quenching detector. Digital 
control is something | am actively working with, and using an MCU to control the quenching allows easy RSSI 
and squelch integration. 


2 comments. 
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G3XBM's XBM80-2 Trivial 80 Metre CW Transceiver 2010-02-07 


As a keen subscriber to Roger's blog, I've been following his and his audience's work on the XBM80-2. It is such a neat little transceiver, | just had 
to build one myself eventually. 


Of course it is a little ironic that | built a CW transceiver, when | can't RX CW! More incentive to learn. 
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| initially bread boarded the vanilla circuit which works fine. Investigating the performance of the circuit as specified by Roger gave me something 
to compare any customisations against. 


http://www.vk2zay.net/article/238 


1/3 


1/10/2018 Alan Yates' Laboratory - G3XBM's XBM80-2 Trivial 80 Metre CW Transceiver 


Naturally though, | ended up making my own changes in the more permanent version after fiddling with the bread board version: 


u 
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antenna 


3.579 MHz 


2N'7000 
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VK2ZAY's version of the XBM80-2 by G3XBM 
My Changes 


e Raised the lower feedback capacitor which improved the power output for my unit quite a bit. Unfortunately this also decreased the RX 
sensitivity, so | moved the extra capacitance into the keyline to prevent it affecting RX. You may need to RF bypass the keyline as a result. 
| added a microswitch on the board to act as a rudimentary Morse key, but also provide a keyline jack. 

e Added a low pass filter to the antenna line. Michael AA1TJ used a band-pass filter in his version which is probably an ever better idea, but | 
was being lazy and used commercial RF chokes in a simple Q = 1 Pi configuration. Without the filter the output waveform was positively 
square! The harmonic energy is vastly reduced with this modification. The losses of the tiny chokes and vanilla capacitors are minor, there 
is little reason not to add these 6 parts, no toroid winding required, no tuning. (Although you can use 22 turns on T50-2's if you don't have 
the chokes in stock). 

e Used a 10 uH commercial choke in the oscillator collector instead of a tuned value. The value is not critical, it should just be large with 
respect to the 50 Ohm load seen. 10 uH is about 200 Ohms, larger values are OK, but self resonance can be a problem with commercial 
chokes - | tried a 500 uH homebrew inductor at one point; worked fine. | did try tuned circuits in the collector but my oscillator was seriously 
upset as resonance was approached, even with de-Q-ing resistors. 

e Added aLPF in the audio path to keep the RF out of the audio amplifier. Without this mod the audio amplifier was misbehaving on TX and 
worsening the harmonic radiation of the circuit. | toyed with the idea of making the filter series-tuned at 700 Hz to give some AF selectivity, 
but the required values | did not have and the large inductors required (88 - 100 mH) would likely be largely capacitive at 3.5 MHz. Still this 
might be worth a try, maybe fronted with the smaller RFC and cap to remove the RF first, or perhaps Michaels method of transformer 
matching into sensitive headphones and omitting the AF stage altogether is better? 
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e Added an automatic TX/RX frequency shift circuit. lt adds complexity and a tiny bit of chirp to the circuit, but avoids the hardware T/R 
switch. The off-keying is a bit sharp IMO, adding a large capacitor across the keyline helps but worsens the chirp associated with my auto 
T/R change, so | omitted it. The on-keying is naturally soft because of the circuit time constants. The T/R transients in the AF output are 
annoying, but | couldn't do much to suppress them without making the circuit much more complex. 


e | used 470 nF coupling caps because | have a lot of them. The value is valid where it is used, but frequently larger than the minimum 
required. 


2 comments. 


Attachments 
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Circuit Diagram Source | application/postscript | 18.068 kbytes 
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Heterodyne Sweep Generator 2008-11-23 


Now days one would probably use DDS to implement such a device, but | wanted to build it the old-fashioned way to work out roughly what I'd face building one that sweeps 
much higher, to at least 150 MHz... The resulting HF instrument won't be useless itself and will be stand alone requiring no PC to drive it. 


Heterodyne Sweep Generator 


b- > VCO-out level 
rate 


> -6dB 
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The sweep generator is quite simple in design. It mixes a 50 MHz xtal oscillator with a 50-80 MHz VCO then filters out the difference product and amplifies it to a constant level 
with a levelling loop. While quite straight forward to draw on paper there are a quite a few details that need to be carefully considered to get good spurious-free output from it. 


I've gone overboard with blocks in the block diagram, adding lots of pads and buffering amplifiers in an attempt to achieve good clean performance. How many of these will 
actually be required to make a useful instrument remains to be seen. For now I've started with the key modules, the xtal LO and VCO, filters and the mixer. These 6 modules 
can be lashed-up in a crude fashion as a proof of concept, which is what | have done (in fact | initially left out the oscillator filters, building the LPF first). 


The result you can see in the video, a practically DC to 33 MHz swept source with pretty good flatness even without the levelling loop. My CRO bandwidth is only 20 MHz and 
its roll-off is much more significant than the level change until 28 MHz. The unshielded prototype is a bit buzzy, the VCO control input having a sensitivity of about 2 MHz/V, but 


otherwise it is surprisingly stable and well-behaved. The 50 MHz BPF cleaned up some harmonic mixing that was noticeable beyond 25 MHz, as did the VCO LPF. Without a 
real SA it is hard to test the device further, and largely pointless until it is fleshed out with the extra buffers and pads, and all nicely boxed up. 
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Sweepin Manuali 
(1.598 Mbytes) 
As a useful device the main thing it is missing at the moment is the ramp generator control system. | intend to build it last though, as it is a relatively straight forward circuit 
using some op-amps. Presently a 100 k pot is providing tuning. The RF parts present more of a challenge, especially the levelling loop, I've never designed a servo-loop from 
scratch before but | imagine a primitive 1st order one will be fine? 


Levelling Loop Idea? 


Development work at the moment is concentrated on making the variable gain amplifier for the levelling loop. I've prototyped a low-distortion BUT/JFET cascode VGA that 
looks quite promising, but it has virtually no gain when setup to terminate the input at a reasonable return loss. | need to follow this with a feedback amplifier or two capable of 
delivering at least 10 dBm, preferably more. It would be nice to have a few volts RF into 50 Ohms to play with, say 15-20 dBm. 
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VGA Demo 
(2.166 Mbytes) 

The directional coupler might be replaced with just a simple moderate-impedance diode level detector in this initial HF instrument. This should offer a stable-enough level for 


sweeping antennas, filters, etc. The VCO output offers the possibility of using common sweep-circuitry in a HF spectrum analyser, a 50 MHz LC filter and downmixer + xtal 
iltered ould be added externally or even using some of the modules of the sweep generator itself. A log-detector would complete the primitive but use A 
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8 comments. 


Attachments 
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HF Sweep-Generator Block Diagram Source | application/postscript | 14.497 kbytes 
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HF Receiving Loop 2007-12-16 


This experiment was inspired by Peter VK2TPM's 
receiving loop experiments for 80 metres. | saw his blog 
post last night and noted that his resonant frequencies 
looked a bit high, so | emailed him off my back-of-the- 
envelope calculations for what | figured he should be 
seeing. This morning | decided to check my own math by 
building a loop myself. 


My loop is a bit smaller than Peter's, a single turn, the 
circumference is 4 metres + a little for the aligator clip 
lead, made from medium gauge mains lamp cord 
("zipcord" for the yanks). The frame is just two pieces of 
25 mm electrical conduit, lashed together with some 
sash cord. The winding simply taped in place for this 
quick experiment. 


The "ring conductor" inductance formula suggests an 
inductance on the order of 6.4 uH, maybe a little more 


because of the relatively thin gauge of the wire. Direct 
measurements of the inductance at low frequencies 
using my larger-value inductance meter showed a similar 
order of magnitude, but the meter has limited resolution, 
at such values. 


To get more accurate measurements | resonated the 
winding with my C Jig and coupled the loop into my VR- 
500 receiver with a large ferrite ring and some alligator 
clip leads. This allows detecting resonance at any 
frequency the receiver covers by just tuning the 
capacitance for maximum noise. In the local RF 
environment (lots of computers and telecommunications 
gear) there is plenty of noise for this kind of test, but 
even in the middle of no-where there should be a very discernible noise peak at resonance. 


The receiver side of the coupling loop has too few turns | believe. The transformer reflects the receiver input 
impedance as a transformed value in series with the LC resonant circuit, degrading its Q. The LCR circuit so 
formed would be optimised by reducing the R (loss plus transformed loading) as much as possible, so the 
transformer ratio should be large to make the inserted series impedance very small (c.f. typical RF ammeter 
construction). Alternatively you might couple across the LC circuit instead of in series with it, into a very high 
input impedance amplifier, like a JFET. 
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Lloop 


Ctune 


Rloss 


The Q-degrading is easily observed with the receiver, the loop is not near as sharp as | initially expected, but 
the simplicity of the feed works for the purposes of the experiment. 


Low-Q Demonstration 
(1.926 Mbytes) 


Systematically measuring the capacitance needed to resonate the loop from 4-17 MHz showed an interesting 
pattern which | can't quite explain. The affective inductance of the loop appears to rise with frequency. Some 
rise is expected as the distributed capacitance of the loop becomes more significant at higher frequencies 
(becomes non-trivial compared to the tuning capacitance), but it does seem to take off a bit too fast above 13 
MHz. 


Note that the numbers at each end are bounds because of the limits of the C Jig, and the outlier at 8 MHz is 
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It is apparent from Equation 15 that the electron cir- 
culatory current I, is independent of the actual sizes of 
the spheres since the radii enter only as a ratio. 

Knowing the value of A and the circulatory electron 
current from Equation 12, circulatory ion current 1, can 
be determined. Thus: 


(16) Me __29.34X10°X VR 


Mi M 
‘a 2 Cc 
(Tu) VI, 


It was at this point in the solution of the Poisson equa- 
tion for bi-polar charges in a spherical geometry that I 
was led to conclude, and which was later verified by ex- 
perimentation, that a phenomenon of alternating virtual 
cathodes and anodes could be made to exist in the volume 
enclosed by the inner hollow electrode of a fusor. Fur- 
thermore, to satisfy the Poisson’s equation, \ would have 
to be greater than unity when a virtual cathode enclosed 
a virtual anode, such as shown by re, and ra, (FIG 3). 
A “singularity” or mathematical discontinuity appears to 
exist at the virtual anode. Likewise, such a “singularity” 
appears to exist at the virtual cathode r,,, enclosed by 
the virtual anode 7,,. In this type of system “a space- 
charge saturated current cannot be produced on the side 
of an emitting surface which radiates outwardly.” The 
radial potential distribution for the fusor of this inven- 
tion is shown in FIG. 5a. That such “singularities” do 
exist in the fusor of this invention can be likened to the 
case of a charge uniformly distributed over an imaginary 
spherical shell. 

If one assumes that a positive charge Q is uniformly 
distributed over an imaginary spherical shell of radius 
ri, Gauss’ law for electrostatic charges may be applied 
to calculate the field intensity (E) and the potential (V) 
at any radius r inside and outside of the radius r}, (FIG. 
5). Additionally, the surface charge density p, may be 
calculated as a function of the radial distance r. (See 
Sec. 1-20, Chapter 1, Part L of “Electromagnetics” by 
John D. Kraus, McGraw-Hill Electrical and Electronics 
Engineering Series, Ist Ed., 1953.) It is found that the 
field intensity E is zero (in the absence of electric 
charges) for any radius inside the shell and the absolute 
potential at a radius outside the shell is given by 


(17) Tad 
4rrEo 

where Q is the positive charge in coulombs; and & is the 
permittivity of air in farads per meter. Since the field in- 
tensity is zero inside the shell, the potential within the 
shell will be constant. The surface density ps is zero 
everywhere except at the radius of the shell where it has 
the value 


(18) Q 


La 
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The variation of E, V and ps is shown by FIG. 6, curves 
(a), (b) and (c). 

The similarity of the radial potential gradients of 
FIGS. 5a and 6b is marked, Inasmuch as the gradient 
(AV /dr) at ry (FIG. 6) and fa, (FIG. 5a) is zero, and a 
condition for space-charge saturation at ra, is defined by 
an infinitely thin spherical shell at that radius, it is reason- 
able to assume that Equations 17 and 18 can be applied 
to the treatment of a radial potential distribution such 
as shown by FIG. 5a, even though that field is not pro- 
duced by bound charges. It is helpful to identify the 
referenced emitting surfaces by subscripts (cathode c and 
numeral or anode a and numeral) which produced the 
circulating current (electron or ion) being calculated. 

Since the circulatory currents through all virtual elec- 
trodes have constant values for all radii between the lim- 
its of travel thereof, it becomes fundamental that: 


(19) 
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where k2 is a constant independent of the voltages at any 
radii. Using Equations 14 and 15, Equation 19 may be 
written in the form: 


(20) 29.34 X 10-5X V,3/2 
Mis O 2 
29.34X10-°XV 32 pè 
Soo 


when the real cathode c is the emitting surface, 

Langmuir’s Equation 12, et seq., in his paper of June, 
1929, teaches a method for computing values of /,/1, for 
plane-parallel electrodes for any values of his « (which 
corresponds to my A for the spherical-electrode geom- 
etry). 

When the ratio of the radii r,,/r¢, (FIG. 3) approaches 
unity, the spherical geometry approaches the plane-paral- 
lel gecmetry so closely that the potential gradient at ro, 
becomes zero and /,/I, (and k?) takes the same value as 
Langmuir’s for « equal to unity, which is 1.8605. This 
means that the electron circulatory current in the presence 
of unlimited ions will be 1.8605 times that for the same 
applied potential in the absence of ions. 

When A becomes zero, i.e., no ion current present, 
1./I, again is the same as Langmuir’s a and £,/1, (and 
k2) which is unity. 

Thus, one observes that with the limits for Langmuir's 
a and my A being identical, it holds that « and A will be 
the same for intermediate values. Accordingly, I have 
computed and plotted in FIG. 7 the values of Z,/1, for 
various values of A so as to permit obtaining any inter- 
mediate values readily. 

Experimentally, one may apply a desired potential be- 
tween the real anode 20 at radius r, and the real cathode 
23 at radius r, (FIG. 3) and measure the current I, there- 
between. Ions from the ion sources are then injected and 
measurements of the resulting currents I, recorded. The 
ratios of le/la may then be calculated and the corre- 
sponding values for A obtained from FIG. 7. 

Thus, having values for J,/Z, (or k*), I, and A, one 
may compute values for the correspcnding I, (—a)?2, 
and (—u)?, keeping in mind that the virtual electrodes 
cannot emit outwardly and only the negative values for 
o and y are valid. With these data, one has the means for 
obtaining the radial potential distribution. 

The radius of the virtual anode ra, (FIG. 5a) is gen- 
erally known quite accurately from experimental data of 
a variety of kinds and largely by heuristic reasoning based 
on those data. The actual value of ra, (and the resulting 
ratio 1c,/Fa,) depends upon the total energy losses, which 
will be taken up later, required to maintain the desired 
poissor and the magnitude of the high-energy ion current 
which flows through (or into) the real cathode 21 (radius 
re). The approximate values for r,, have been determined 
visually for experimental fusors. 

In the design of a working embodiment of a fusor, it 
is essential that the volume enclosed by the innermost 
virtual cathode, such as 30 at radius re, (FIG. 5a) be 
adequate to confine a sufficient total number of fusion 
particles (at a volumetric density of unity fusion proba- 
bility) to assure the generation of a useful amount of 
power. It has been found that if the ratio of the radii of 
the adjacent pair of virtual electrodes is much greater 
than 3, the inner virtual cathode may not form; if the 
ratio of radii is too small, the circulatory currents re- 
quired to maintain the poissor become excessively large. 

In an actual working embodiment of a fusor, the radii 
of the virtual anodes and cathodes can be computed, as 
well as the vaiues of the currents and the radial potential 
distribution outside of the virtual cathode 38 at radius 
Yoo. The radial potential within the aforementioned virtual 
cathode has not been computed because as the radii of 
the balance of the virtual electrode system become much 
samiler, errors in ion and electron optics begin to reveal 
themselves to the extent that it is not known whether or 
not the system continues to repeat itself. Since fusion 
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scales), but the numbers do show a 6-7 uH inductance which is roughly consistent with the initial inductance 
estimate. Unfortunately the loop is too big to fit in the lab and measure with my full range of test gear, but from a 
purely empirical point of view the loop works fine, and the calculations give you figures in the right ballpark. 


Still, | was curious just what was going on... At first | thought the receiver input impedance was being reflected 
into the loop circuit through the transformer (or was so high the transformer primary reactance was being seen 
directly, 1 fully-coupled turn on a FT240-43 core is about 1 uH and the affective coupling would rise with 
frequency). | also suspected the ferrite material itself may have been causing the effect, but some checking with 
the tone dip meter showed consistent results without the coupling transformer in place. | started to doubt the 
calibration of my C Jig, but after testing that with fixed inductances back in the lab, it appears there is another 
effect at work. l'm at a bit of a loss, but it might be related to the skin effect, or I've underestimated the 
distributed capacitance significantly. 


EM 


i 1 k 


if d 
Dipping at 40 Metres Confirming Resonance by Dipping at 10 Rocking Across Resonance at 5 MHz 
(517.605 kbytes) MHz (1.010 Mbytes) 
(4.950 Mbytes) 


My capacitor wasn't large enough to take the loop down to 80 metres, at least not without adding more turns, 
but there is no reason why a similarly sized single turn loop couldn't be used on 80. The normal LC circuit 
calculator would give you the required capacitance. 
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This experiment was quite a bit of fun on a rainy Sunday. Very educational, especially thinking about the 
transformer feed and how | might use it in a transmitting version. | think such an antenna with remote varicap 
tuning would be a good addition to the shack. | was doing some experiments with varicap tuning yesterday, 
while fiddling with a VCO circuit. Red LEDs are surprisingly good varicap diodes, but | have a few BB-series 
diodes for AM broadcast receiver use that should do the trick. 


Leave a comment on this article. 


Attachments 
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Feed Network Equivalent Circuit Source | application/postscript | 12.026 kbytes 
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HF Wavemeter 2008-10-12 


Why build a wavemeter in these days of frequency counters, CROs and spectrum analysers? Well it is a lot cheaper 
than a spectrum analyser, easier to build and can still tell you if you have significant harmonic energy in your signal or 
that you've tuned up to the right harmonic or mixing product. It also doubles as a field strength meter, RF current 
probe/sniffer, etc. It is a fun, if somewhat retro way of seeing what RF something is pumping out, be it your prototype on 
the bench, or a proximity smartcard security reader in the field. 


The circuit is heavily inspired by Charles Wenzel's field strength meter. It uses a diode dropper arrangement to provide 
a stable forward bias for the 1N5711 detector. The pot shown in the circuit diagram was replaced in the practical circuit 
with a fixed resistor, but using the pot offers the ability to set the quiescent current. The exact amount is a trade off 

between sensitivity and moving the meter pointer too much. Mine sits on about "1" on the scale when a coil is plugged 


Sensitive Wavemeter 
250 uA FSD Jo Li 
- MPSA18 
1M2 > gli A 
-|6-210p |100n 
om 3 y 7 7 7 
>  100n Coils 


1N4148 2.9-7.7 MHz 55 turns, 7 mm ID, 12 mm L 
— 8.15 - 25.8 MHz 29 turns, 7 mm ID, 15 mm L 
245-825MHz 4turns, 7 mm ID 


The unit is constructed in a small jiffy-box, the 250 uA FSD VU meter taking most of the box volume. The meter comes 
from eBay seller KW Tubes, | bought a box of them. They are excellent, except they are glued shut so you can't (easily) 
change the scale, also the solder tags are nearly impossible to tin without filing them back to what appears to be a 
rather light on the copper brass. The power is supplied by a 3V lithium cell (CR2025). Current consumption is only 
about 10-15 uA when a coil is plugged in and no signal is being detected, it drops to less 2 uA when there is no coil 
plugged in, so no battery switch is required. The few components are mounted on a postage-stamp sized scrap of PCB 
using my usual technique. A polyvaricon tunes the coils and is fitted with a calibrated dial produced with the help of 
XYLs laminating machine. The PCB is mounted on the back of the polyvaricon internally with the common leg soldered 
directly to the board. The coil plug is an RCA, internally to which a short "transmission line" of magnet wire twisted pair 
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The coils are wound on 7 mm OD clear plastic soda straws (from Subway, they make great coil formers). Three coils 
are used to cover from 2.9 MHz to 82.5 MHz. There is a small gap near 8 MHz due to an excessive change in 
distributed capacitance when | potted the lowest frequency coil in wax. | had anticipated the problem and spread the 
turns out a little before potting, but the magnitude of the change exceeded the headroom | gave it. This could be easily 
corrected by removing a few turns. 


The unit was calibrated using my signal generators and a frequency counter. Because of its fairly small size, the dial 
accuracy/detail isn't especially good, but for the purpose of checking harmonics, spurs and sniffing circuits this is of little 
consequence. 


A better layout is recommended for extending the frequency coverage into higher VHF and UHF. Try forming the 
inductor as a thick loop that sticks out directly from the circuit board. Such a device could be custom built on a piece of 
PCB (and not much else except for the meter). In the opposite direction a larger capacitance cap would be useful, but 
there is nothing stopping MF coverage with the polyvaricon cap. In the picture the 4th coil actually plugged into the unit 
is a MF coil which covers down into the MW broadcast band (but the dial is not calibrated for it), it is about 150 turns 
over 10 mm on the 7 mm OD straws. You'd probably need at least two coils to cover all of MF nicely, and LF probably 
several more unless you get a better cap. A straight-line frequency cap (log cap) is strongly recommended for easiest 
use, unfortunately my stock of polyvaricons are straight-line capacitance (linear) so frequencies bunch towards the top- 
end. A larger knob or even a reduction drive improves the usability of the unit. 


Leave a comment on this article. 


Attachments 


| tite | we size 
Wavemeter Circuit Source | application/postscript | 14.762 kbytes 
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Inductance Meter 2006-09-03 


Essentially identical to Dick's circuit, | built the unit point-to-point on an IC socket for the 74HC14 and a 
fragment of machined pin IC socket for the actual inductor. 


Initially | used a DMM as the display device, but on a whim I tried hooking up a moving-coil meter. To my 
surprise, it actually worked just fine, 1K in series was sufficient to allow a useful calibration and didn't overload 


the drive capabilities of the last gate in the package. 


| calibrated my unit for 0-100 uH, as this is the range | am generally most interested in, and it gives direct- 
readings on the uA scale of the meter. With the values as Dick specified, there is sufficient range to calibrate it 


from about 25 uH to 250 uH FSD. 
Here is the unit measuring a 33 uH commercial RF choke. 
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The resolution of the analogue meter obviously limits its performance, but | generally use it to just ensure | am 
in the right ballpark while winding coils or picking from the junk box. More precise measurements | do with a 


resonance bridge. 
4 comments. 
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Inductor and Capacitor Measurement Fixture 2008-10-26 


While I've built something similar in the past, this is a general purpose version for use with values of inductance and 
capacitance you tend to find around the bench. The circuit is almost exactly the Colpitts reference design in EMRFD (page 
7.12, figure 7.24), except | changed a few of the component values a little. 


| built the unit in a small diecast Aluminium box. Two polystyrene 1 nF and a NPO 12 pF capacitor were used for the 
oscillator. The calibration capacitor (~ 1 nF WIMA cap) is internal to the unit, with a switch used to activate it when needed. 
| measured it at 974 pF and have labelled the unit with this value. | only used 40 turns on a [68-2 core using 0.5 mm wire, 
but waxed them well to the core and ruggedly mounted the toroid in place. All the oscillator and buffer components were 
built point-to-point hanging off the banana jacks and switch posts. The resulting oscillator is extremely stable despite using 
a type-2 core, it sits for hours with < 1 Hz stability near 2.2 MHz. 
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I've written a calculator to speed usage of the unit. As I've mentioned previously, this is a problem I've wrestled with and 
failed to solve in the past, but with some dedication | finally got the problem out. The need to measure inductor true- 
inductance and distributed capacitance for other projects took me in a direction that turned out to be a much better 
approach, the solution was actually quite trivial and should have been apparent much earlier. BTW: This method measures 
the apparent inductance, which can be in error if the coil has significant distributed capacitance. You can utilise the internal 
calibration capacitance along with the distributed capacitance calculator to approximate the coil true inductance. 


My unit has a calibrated inductance of roughly 10.6 uH and a capacitance of 514 pF - this compares very well with what 
was measured of the components out of the circuit and the expected strays. Comparisons with inductors and capacitors 
measured via different means suggests good accuracy and repeatability. | currently use a short piece of 4 mm wire as a 
"zero" inductance reference. | can measure the difference in its inductance based on how far | push it into the unit - the 
measurement is consistent with the inductance of a straight piece of wire - | was pretty impressed by this level of 
resolution. I'll be building a matching test jig that plugs into the banana sockets and enables SMD and other small devices 
to be measured and allow nulling with extremely short lengths of thick wire. | expect I'll use it more to measure inductance 
than capacitance as | already have a digital meter for capacitance but this unit's resolution is superior. It would not be 
extremely difficult to write some MCU code to implement the calibration (reed relay maybe?) and metering giving a direct- 
reading meter - might have a go at that in the future (Yes | Know you can buy a kit, but where is the fun in that). 


Update 


I've since replaced the WIMA calibration capacitor with a carefully measured parallel combination of several ceramic NPO 
capacitors totalling 1017 pF (and relabelled the unit). This has improved the calibration accuracy of the unit slightly. 


| also added a pi LPF choke to the DC power inlet as | noticed a ~3 Hz shift in frequency when | choked the DC power 
lead externally with a ferrite core and could detect a small amount of RF floating on it with my wavemeter. With the internal 
filtering this is no longer apparent. (The filter is simply a few turns on a ferrite bead with 100 nF caps either side of it to the 
lug of the RCA plug.) The DC voltage from my bench PSU is stable enough, but an internal regulator might be advisable if 
you are going to make lengthy measurements following a single calibration from a battery supply. The pushing from the 
supply voltage isn't huge and would probably be lost in the experimental error for most measurements however. 


4 comments. 
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Ionisation Chamber Radiation Detector 2009-04-18 


This is something I've been meaning to try for quite a while. Radioactivity has become a recent area of study, so this 
unit was thrown together. | half expected it not to work, back of the envelope calculations suggested I'd need a very 
large number of ions produced per second to produce the base current required... but it works quite well. 


y 


.r 


"o Y: 


The circuit is basically Charles Wenzel's nuclear war detector. | didn't have Darlington devices in a single package, so | 
just used discrete transistors to implement the NPN pair. | used an MPSA18 for the device connected directly to the 
chamber and generic transistors for everything else. The "switching" device for the piezo buzzer is a 2N7000. The 
chamber is an eclipse mint tin, the collection electrode is a circle of tinned copper wire insulated from the chamber wall 
with a glass bead. The connection is made to the MPSA18 base in mid air. 
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Toy lon Chamber Radiation Detector 


4M7 
MPSA1 


Buzzer 


2N3906 
— 9V 


| 2N7000 


As radiation detectors go, it is insanely insensitive. If this thing ever goes of when you aren't provoking it artificially then 
you are in rather serious trouble. The 37 kBq Americium 241 source | extracted from a smoke detector will activate it 
from about 1" if you leave the lid of the tin open to let the Alpha particles in. Alphas are very effective at generating ions. 
As a comparison, at the same distance from my Geiger counter's Mylar window | only get about 180 CPM (and about 22 
kCPM point-blank). 


Introduction and Americium Source 
(7.022 Mbytes) 


It is also sensitive to ions produced by combustion. Lighting a butane torch or a match near the chamber will trigger the 
alarm. You can also blow ions into the chamber from a gas flame or near the Americium source with your breath or by 
wafting, which will also trigger the detector. Naturally touching the circuit high-Z points will also set it off. Putting the 
Americium source right up to the transistors or heating them with a hot-air gun or contact with the soldering iron will also 
cause an indication. 


Combustion lon Sensitivity 
(4.926 Mbytes) 


The battery is fairly flat (measures 6.8 volts) and came from smoke detector that the Am-241 source was removed from. 
The circuit performs a little better with a fresh battery, but the main improvement is the loudness of the piezo and speed 
of recovery after radiation/leakage is removed, not its absolute sensitivity. 


| was surprised | could get away with building the circuit as unshielded as it is. | suspect not being mains powered and 
being fairly compact helps. You can hear a little mains interference on the 'edges' of its turn on and off points, where the 
MOSFET is in its linear region and amplifies the noise seen across its base resistor. It is quite mild however and needs 
careful modulation of the alpha flux to maintain it outside of saturation or cut-off. 
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does occur in the small volume in the fusor's center, 
the space-charge conditions prevailing therein have there- 
fore been determined by logic and heuristic reasoning. 

In FIG. 3 is illustrated diagrammatically one embodi- 
ment of this invention consisting of an anode 20, a cathode 
21 and an ion gun 22. Enclosed within the cathode 21 
is shown a potssor with a virtual cathode 29 at a radius of 
gy; a virtual anode 31 at a radius of Fa, a virtual cathode 
30 at a radius of r» and a vestigial virtual anode 32 at a 
radius of rẹ To understand the operation of the fusor, 
it is important to distinguish between the currents which 
flow through the apertures of the real cathode 21, referred 
to herein as “mesh currents” (im), and the current which 
flows into the real cathode 21, termed “cathode current” 
(ip). 


The ion “mesh current” (iim) is produced by the ions: 


(a) injected into the cathode 21 space from the ion 
guns; 

(b) released by the anode 20 under bombardment by 
electrons and neutral gas molecules; 

(c) created in the volume between the anode 20 and 
the cathode 21; and, 

(d) created by the ionization process within the vol- 
ume Fa, lO Feje 


Those tons which originate on the anode 26 will be 
_ collected by the cathode 21, or returned to the anode 29 
after but one round trip; those few ions created on the 
inward side of the virtual anode 31 (r=r,,) which have 
sufficient energy to penetrate therethrough will be collect- 
ed by the anode 2@ or the cathode 21 after only a few 
round trips; the other ions will oscillate from the virtual 
anode 31 through the cathode 21 apertures until collected 
by the cathode 21. The potential of the virtual anode 31 
will build up to that of the anode 26, 

The electron “mesh current” (iem) which initially may 
be quite large and is extremely useful in the formation 
of the virtual electrode system, will become so small 
in operation as to be negligible. It is made up of those 
electrons emitted by the inner surface of the real cathode 
21 and which flow through the cathode 21 apertures to 
the anode 20. 

The total mesh current through the cathode 21 aper- 
tures, therefore, is the algebraic sum of the ion mesh 
current and the electron mesh current. Thus, 


(21 ) im=lim-tiem 
The net cathode 21 current i, is the algebraic sum of 
the ion current into, and the electron currents into. and 


out of it. Ions flowing into and electrons flowing out of ; 


the cathode 21 as usual are positive currents to the cathode 
21. Thus, 


(22) ig=lietlego—letet le’ 
where fio is the ion current into the cathode; i» is the 
electron current into the inside of the cathode; iege is the 
electron current out of the inner surface of the cathode; 
and ip.’ is the electron current from the outside surface 
of the cathode to the anode. 

The space current i, into or out of the volume enclosed 
by the cathode 21 is the sum of the mesh current and the 
cathode 21 current, so | 


(23) is=im-tic 
The general condition for an equilibrium potential field 


occurs when i, becomes zero, as no charges are then 
being added or removed from the space. Accordingly, 


(24) 


and when i, is zero, the power consumed by the device is 
a minimum. | | 

It is the ion mesh current iim into the central cathode 
21 volume which maintains the density of the virtual 
anode 31, and which causes any free charges therein to 
be oscillated radially. As the inward fiow of ions con- 
tinues, the positive potential at the virtual anode 31 in- 
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creases until all the inward flow of ions is cancelled by 
the outward flow to the cathode 21. The net ion mesh 
current then becomes zero. Negiecting the minute elec- 
tron mesh current lem, when all the electrons that are 
emitted from the inside of the cathode 21, as well as all 
of the ions and electrons generated within the cathode 21 
volume, return to the cathcde 21, it is apparent from 
Equation 22 that only the electron current, i,,’, remains 
to flow to the anode 28. Thus, for i, to become zero, ig 
must likewise be brought to zero. Such an equilibrium 
potential field can be obtained when there are sufficient 
ions reaching the anode 20 to compensate for ieg. 

Those ions from the virtual anode 31 which have 
energies equivalent to or greater than V, will reach the 
anode 20 and remove an equal or greater number of 
electrons therefrom. With a sufficient number of such 
ions reaching the anode 23, the component of cathode 20 
current, lo, can be reduced to zero. | 


in the disclosure thus far, a space-charge saturation of 
the cathode volume has been assumed. The ions which 
are created near the virtual anode 31 (r=r,,), where the 
ionization process is a maximum, have energies approach- 
ing eVa. They traverse the inner virtual cathode 30 and 
the vestigial virtual anode 32 at fusion-reacting energies; 
this is an essential operating condition. The bulk of the 
ions which make up the ion mesh current iim are created 
in the volume outside the virtual anode 31 (r=ra,) and, 
like those ions from the ion guns 22 and the anode 20, are 
ultimately collected by the cathode 21; thus, if space- 
charge saturation could exist in this region, it would 
produce such an extremely large energy loss that nuclear- 
fusion reactions could not cbtain. Fortunately, as previous- 
ly shown, ion space-charge saturation cannot exist in this 
region, and operating conditions are maintained such that 
the ion circulatory current is just adequate to assure a 
virtual anode 31 of the desired size. Thus, the ideal radial 
potential distribution for the device of this invention 
(sometimes referred to herein as a “fusor”) is as shown 
in FIG. 5a where the poissor is maintained by ion space- 
charge saturation in the volume r=r,, and a non-space 
charge (dissymmetrical) field exists in the cathode 21 
volume where r is greater than r,,. A, therefore, has the 
value which gives ion space-charge saturation only in the 
region adjacent to the radiating surface of the virtual 
anode 31 where the potential gradient is zero; electron 
space-charge saturation obtains in the region just inside 
OÍ tes» 

Within a virtual ancde 31 (FIG. 5a), each positive 
charge must be matched by an electron. Most of the flux 
lines from the ions at a radius r==r,, terminate in the 
virtual cathode 30; where r=r,,, most of the flux lines 
terminate in the virtual cathode 29. All the charged par- 
ticles in the cathode 24 volume are free to move and are 
in oscillation. The virtual anode 31 at ra,, the locus of 
maximum ion density, has the potential practically equiv- 
alent to V,, and very few ions are formed inside that 
virtual anode with energies greater than eVa,. Thus, to 
maintain the potential V,,, it is cnly necessary that there 
be an equal number of flux lines from the inner of ra, to 
Fon as there are outward to re, (FIG. 5a). Ions with lesser 
energies than eVa, will reach their reversal loci at radii 
greater than ra, when r=ra, or less than ra, when r<ra, 
and those ion densities will be less than at r,,. If a few 
ions are generated inside of r,, with energies greater than 
eVap they will pass through the virtual anode 31 and 
fall to the cathode 21, and in some instances to the ancde 
29; they do not contribute to the ion circulatory current. 
The virtual anode 31 thus acts as an effective hi-pass ion 
filter for ions with energies greater than eV,,. Inside the 
virtual anode 31 where r=r¿,, the ions travel slowly for a 
relatively large portion of their radial paths as they ap- 
proach their respective reversal loci; the opposite is true 
outside the radius rą, where the ions are decelerated 
rapidly as they approach ra,, giving up their energies 
within a very short distance from r,,. 
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Electrical Noise Sensitivity 
(4.990 Mbytes) 


All in all, it is a pretty cool toy. Quite amazing really that conventional transistors have sufficiently low leakages to make 
this practical. | want to build a real ion chamber now! I'm having trouble finding the high-value resistors required. | did 
find 1 GO resistors at Farnell for some insane price and have ordered a pair so | can build a device capable of 
measuring larger resistances - hopefully | can build my own 100 GQ - 10 TQ resistors. 


5 comments. 
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IR Remote Control Modem 2000-03-24 
Goals 


The general goal of the project was to develop a universal IR remote control interface for my PC. It was to be 
able to transmit and receive IR signals from a range of consumer electronics IR remote units. 


Design 


The unit had to be low cost, easy to build, and fairly easy to write a driver for. To these ends | chose a simple 
parallel port interface that | could talk to by bit-banging, and listen from using interrupts. 


Not the most efficient design, but simple to implement, and very low cost. The transmit circuit is a simple single 
transistor buffer driving two IR LEDs in the collector. The receive circuit is a single buffer/inverter transistor 
stage driven from an integrated 3 terminal IR demodulator chip. 


The unit case is a D-25 data cable gender changer hood. A small piece of dark red plastic from a scrapped 
alarm clock makes a reasonable IR filter which closes one end. A standard 25 pin female data socket closes the 
other. A single high brightness red LED services as an indicator for RX, (and TX due to reflected signal being 
demodulated). A 9v (216) battery supplies power for the unit. 


Logic interface is achieved by taking the MSB of the data lines (pin 9) as the TX signal, and feeding the 
demodulated RX signal into the ACK pin (pin 10) 


The most expensive part of the device was the IR receiver chip. At almost $6 (Aus) it was about 40% of the unit 
cost. The IR diodes where about $2 each, the other assorted bits and pieces were of negligible cost. All 
materials where purchased at Jaycar Electronics. 


Implementation 


After about 2 hours with a soldering iron and side cutters | arrived at this unit. Simple and neat, except for the 9v 
battery snap. 
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Talking To It 


A simple Linux char device driver was written to talk to the device. It implements: 


open() 
read() 

write() 
select()/poll() 
close() 


Honours O._ NONBLOCK, is fully re-entrant, concurrent read() safe, and serializes write()s. lt should compile on 
linux 1.2.13, 2.0.3x and 2.2.1x, and most likely will work on later kernels too, perhaps with some modification. 


The User/Kernel Protocol 


read() returns the timing, via do_gettimeofday(), of the rising edge of the demodulated IR signal. While this is 
not all the information in the signal, it is enough to decode all common IR signals. 


write() is expected to atomically send a single integer (the IR carrier period in microseconds) followed by signal 
timing values in the form of pairs of integers; microseconds 'on' then microseconds "off. None of the integers 
passed may be zero (1 will do for the last 'off' time), for obvious reasons there is a limit on the maximum delay 
that will be honoured. Separation of the integers is via whitespace. 


Userspace Magic 


| find awk such a nice tool for quick hacks that | wrote some of the early tools to play with the modem's RX 
functions using it. Within a few hours | had worked out RECS-80 remotes, and the Foxtel (ST-100 cable 
decoder) box remote protocol. 
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Shortly after, | wrote a simple TX script that could change channels on the cable receiver, and later, tell my VCR 
to play, stop rewind, etc, basically anything | could do with the remotes. 


Next | started on coding a proper C client for the device. One generic enough to send arbitrary IR signals, but 
with a sensible decoding chain that allows multiple plug-in protocol modules. This is where the project is 
currently up to. The TX hardware is used much more than the RX hardware, which sees use mainly for 
decoding new remotes. 


The code is here: irctrl.tar.gz 
Future Plans 


The under utilized RX side of the device might be nice to work into a CD or MP3 player interface, or perhaps my 
TV card. Using a generic remote, like the one that came with the TV card, which features many buttons for 
TV/Stereo/VCR control, it would be possible to map many functions for remote control. (probably only useful if 
you are distant from your computer while enjoying its multimedia output. | guess some people will want to 
control their house with it :) 


IR identification tags, through PAM modules, might be something fun to play with. Walk up to a workstation and 
it logs into your customized desktop. 


open(), select(), and close() work as expected. 


1 comment. 
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Mains Hum Survey Probe 2003-04-06 


l've been working on VLF/ULF reception recently. In order to get a feel for the local mains noise | pieced together a simple opamp 
transimpedance loop preamp. With only a surplus solenoid coil for the transducer and moderate gain | got a huge signal out of the preamp, 
almost 500mV pk-pk. Clearly I'll need to go somewhere more electrically quiet for my VLF/ULF hunting. 


| figured | may as well build the preamp into a portable unit so | could scout out quiet areas in the local region, hoping not to have to go too far 
into the bush to get away from the BUZZZZ! 


| wanted to retain the TL702 opamp from the breadboard circuit for its fairly good noise factor. No where near as good as l'Il need in the future 
full scale loop preamp, but | wanted to keep the noise low enough that when the mains garbage gets weak the circuit won't deafen me with hiss 
as | rack up the gain. This requires running the circuit off at least 10V. As hard as | tried, | just couldn't get the circuit to behave properly of 9V 
(especially as | am abusing the output with such a low impedance load, direct into a pair of 70 Ohm stereo headphones.) | settled with using 
18V from a pair of 9V batteries. If | knew that voltage swing would be a problem in the first place | would have used the pair of 9Vs for a dual rail 
supply in a more conventional manner. 


Fortunately the whole assembly fitted snugly inside the smallest Jaycar zippy box. At least once | skinned the batteries and soldered direct to 
their plates! The board was cut to mate neatly with the PCB slots in the box walls, the pickup coil nicely friction fitting between the chip at the 
end of the box. Just enough room was left once the middle of the box was consumed by the batteries to fix the gain pot, power switch, and 
3.5mm stereo jack. Sometimes Murphy smiles on you and things come together perfectly. 
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The circuit is a fairly conventional frequency limited transimpedance amp of fixed gain, largely determined by the DC resistance of the pick-up 
coil. The other amp in the 8 pin package is used to provide a headphone acceptable power output, its gain is controlled by varying its feedback 
resistance to provide volume control and offer large dynamic range. | experimented with DC coupling of the two stages, but the untrimmed 
offset voltage of the preamp swings the output into saturation at any reasonable gain. This is only for aural use anyway so response below 
20Hz is not required, still a largish 100uF coupling capacitor was used to get a good corner frequency (and | had a large packet of them sitting 
on the bench). 


It takes a truly enormous signal to drive the preamp into clipping. Such signal levels would not be seen except perhaps when the device is used 
to locate mains wiring inside walls, or is accidentally turned on within a few inches of a computer monitor. | used carbon resistors, which was a 
mistake, noise wise, but the result seems fine, the transducer is too small physically to pick up signals of the kind that would require excellent 
noise levels. 


| used a transimpedance preamp because | am working with 
magnetic signals here. When | think magnetic, | think current. 
Unlike electric fields where potential is the thing you want to 
amplify, magnetism is all about moving charge. It is easier to 
get the current gain with the virtual earth/short of the opamp 
input to satisfy the inductive transducer than it would be to get 
the massive input impedance for a capacitive probe of similar 
dimensions. | guess | could have built a FET input device with 
= . A . a small capacitive plate or whip, but the magnetic transducer 
Mains Murr ~~ SSCs: an excellent null which is good for locating noise sources, 
> a while the vanishing short monopole is almost isotropic. 


It is fun to go for a walk with the unit. Many man-made things 
produce near field magnetic radiation that this device picks up 
easily. It displays the awesome penetrating power of a 
magnetic field, AC hum is easily detected through inch thick 
slabs of iron. My mobile phone makes an almost melodic 
series of pocs and chirps as it goes about its maintenance 
cycle. Computer monitors make grating tones for many 
metres. Inside a car the alternator whine and ignition noise is 
unstoppable. Power cables inside walls are easily located, and 
can be centred quite accurately because of the deep null 
pointing out the top-center of the unit. It is almost impossible to 
quiet the din however, so far | have never been in a location 
quiet enough to not hear the familiar buzz (or soft hum is the 
mains is pure enough - e.g. miles from fluros). 


Survey Probe: 


With a larger coil a circuit not unlike this one would be suitable 
for VLF/ULF monitoring. When | find a quiet enough spot, the 
transimpedance topology will likely feature in my preamp for 
the big loop. A lower noise opamp would be preferable, 
probably a LM833 or better, and more pains would be taken 
= — Ha =! : > with metal film resistors, DC offset, and MF/HF rejection. The 
= ze AA Bee ees virtual earth/short property of the opamp inputs tends to 

z > - — . . . . A 
05 > tae . ii ~ neutralize the winding capacitance (there is almost no voltage 


— 


a EE -= across them), at least as fast as the opamp's slew. 


Leave a comment on this article. 


Attachments 
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circuit postscript source | application/postscript | 14.272 kbytes 
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MFJ-269 Review 2008-12-20 


After my review of my MFJ-207 Peter VK2TPM offered me his MFJ-269 to play with for comparison. Naturally | jumped at 
the chance. The MFJ-269 is the fully-featured descendent of the earlier and simpler antenna bridges like the MFJ-207. The 
manual can be found on MFJ's website. 
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The device is microprocessor based with an LCD interface and two main control buttons "Gate" and "Mode". There is also 
a Frequency band switch, a reduction geared tuning capacitor, power and UHF mode switches. Two analogue meters 
display SWR and impedance magnitude continuously, offering a trending display which is more user-friendly than the 
figures on the LCD display. In UHF mode there is a "bargraph" of sorts on the 2nd line of the LCD for trending SWR. 


The unit tunes about 1.76 MHz to 172.7 MHz in six overlapping bands. There is also a "UHF" switch that triples the 
oscillator in the 114-170 band giving 415-470 MHz coverage the edges of which are enforced in software, the display telling 
you to increase or decrease frequency until within that band. UHF supports only loss and SWR features, not reactive 
measurements - likely because bridge performance issues at UHF would have required extensive calibrations to have any 
hope of accuracy. 


The coaxial connector is a N-type and is surrounded by a generous rubber gasket. The frequency counter input is a BNC. 
The DC plug is a conventional unit, tip positive, | am unsure what internal over-voltage and polarity protection it has. There 
Is 9 llarae grounding lua also. provided 
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The radial potential V, is a function of the radius r 
and the time ¢; i.e., V;=f(r,t). The buildup of the poissor 
inside the radius ra,, together with the creation of the 
asymmetrical field outward from ra,, is shown diagram- 
matically by FIG. 8. The anode 20 and the cathode 24 
initially are at ground potential as shown. If a negative 
potential of V’, (curve a, FIG. 8) of approximately —30 
kv. is applied to cathode 21, and ions from the ion guns 
are injected into the cathode 21 volume concurrently, 
they begin to charge that volume positively. This charge 
will increase until the potential at some interna! radius 
Fa, 1s sufficient to return the ions to the cathode 21 at the 
same rate at which they enter the cathodic 21 volume. 
This equilibrium may be expressed by the relation 
(25) lim™=lic 

As soon as the potential inside the cathode 21 becomes 
positive, electrons emitted from the inner surface of 
cathode 21 will be accelerated toward and oscillate through 
the central volume and quickly establish virtual cathodes 
at re, and Fep With the virtual cathodes formed, the posi- 
tion of the virtual anode between them is determined. The 
equilibrium radius and the potential of the virtual anode at 
Ya, requires a somewhat longer buildup time than the 
formation of the virtual cathodes at re, and Fe» because of 
the longer ion transit time. 

When the negative potential on the cathode 21 is 
abruptly increased from V,’ to V’,’ to V’,”, similar 
sequences of events occur. Each of the subsequent equilib- 
rium radial potential gradients is shown by curves b and 
c of FIG. 8. 

To determine the position of the virtual electrodes, it is 
only necessary to establish the radial density distribution 
of electrons and ions. The radial potential distribution 
already has been so calculated. The virtual anode locus 
will lie close to the surface where the ion density is the 
greatest. The virtual cathodes will lie at the termini of 
the electron paths where the electron densities are the 
highest. 

A practical embodiment of this invention by which the 
aforesaid conditions for a self-sustaining nuclear-fusion 
reaction can be produced is shown diagrammatically by 
FIG. 9, A spherical anode 26 of radius r, encloses dual 
concentric cathodes 21 and 36 of radii rẹ and r,’, respec- 
tively, and ion guns 22 and 22a mounted on the outside 
of anode 20. The concentric cathodes 21 and 36, which 
are constructed of an electron-emitting material such as 
stainless steel, molybdenum or the like, and which have 
an Openness of about 70% by virtue of spherically spaced, 
registered apertures 37 and 38, are supported within the 
anode 20 by suitable insulators (not shown). The con- 
centricity of the cathodes 21 and 36 is maintained by 
suitable insulators therebetween (not shown). Attached to 
the outer cathode 36 on the axis passing through the ion 
gun 22 is a conical sleeve 40 through which the intense 
pencil-like ion beam is focused. Suitable connections are 
made between the unidirectional power supply 25 and the 
electrodes through leads 23, 24, and 42. The anode 20 is 
maintained at or near ground potential as shown, while 
negative potentials are applied to the cathodes 21 and 36 
from a supply 43, with the outer being more negative 
than the inner. 

In operation, most of the ions from the ion guns 22 
and 22a are utilized to establish the initial virtual anode 
in the central volume of cathode 21 as previously de- 
scribed. Electrons from cathode 21 are prevented from 
reaching the anode 20 by the negatively biased outer 
cathode 36. The early removal of ions from the non- 
space-charge saturated field is greatly enhanced by the 
second cathode 36, and only those positive charges with 
energies greater than V, have any likelihood of avoiding 
capture on their first outward pass from the virtual anode 
31 (FIG. 5a). Ions captured by the outer cathode 36 
(FIG. 9), will create electrons therefrom which either 
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will enter the cathodic space or be returned by the outer- 
most virtual cathode. 


VII. Losses 


In order to form and sustain a radial-potential dis- 
tribution such as is shown in FIG. 5a, it is first necessary 
to compensate for all losses. For a typical small fusor, 
these losses, which represent about 10% of the total power 
created, in their order of importance and magnitude arc: 


(1) Heat loss—7% 

(2) Charge interchange—2% 

(3) Power required to create electrons—% of 1% 
(4) Bremsstrahlung—A of 1% 


Heat loss.—In the center of an inner virtual cathode in 
a poissor, the ions from the inner side of the adjacent 
virtual anode are traversing the center from all directions. 
As they pass near other ions, they will experience some 
defiection which will result in small deviations from radial 
paths and thus they will appear to be in random motion. 
This is the equivalent of a very high apparent temperature, 
about 1.6 X109 °K. for 100 kev. or about 11,600 °K./c.v. 
(Maxwell-Bolizman constant). This apparent temperature 
reduces to about 2106 degrees K. in a distance of a few 
millimeters from the center. Any neutral atom which 
passes through this central region will be heated to an ex- 
tremely high temperature. It will experience a cryogenic 
pumping action that will expel it to one of the real elec- 
trodes where, upon impact, it will give up its kinetic 
energy (heat), penetrate the surface to a depth determined 
by its kinetic energy, then diffuse out in a random direc- 
tion following the cosine law. There is very little likeli- 
hood of its again reaching the center as it will remain in 
the vicinity of the electrode until ionization takes place. 

It becomes very serious when too many high-energy 
neutral atoms are intercepted by the cathode as the cocl- 
ing thereof is most difficult. On the other hand, cooling of 
the anode is relatively easy. The cooling of the cathode 
may be accomplished by conduction through its electrical 
connections to the power supply. The size of the cathode 
does affect the cooling problem, as increasing the size re- 
duces the heating per unit area by the ratio of 1/72 since 
the circulating currents are independent of the radii of 
the spheres, 

Rutherford’s scattering equation shows how the neu- 
tron count can be made to increase with an increase in 
applied voltage, for: the current rises by the three-halves 
power; and the particle density may be increased as it is 
proportional to four times the energy (or voltage) 
squared. Accordingly, the heat loss will decrease with 
an increase in voltage as there will be less scattering. For 
example, refer to FIG. 10, which shows a typical neutron 
cross-section curve for an equal mixture of deuterium 
and tritium. The operating points a and b are for the 
same fusion cross-section (er), but from the point of view 
of the heat losses, b provides for more efficient per- 
formance, for: 


(26) 0 
‘ 4 
yee cot o 
where 
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N3 


is the number of ions deflected by half angles; No is the 
total number of ions; and W is the energy (mv.2=2W); 
((mv.2)2=4W2) which shows that the lower the voltage 
the greater the losses. 

Charge interchange.—Ions travel relatively slowly with- 
in the radial thickness adjacent to the virtual anode due 
to the repelling forces of their like charges. Therefore, 
there is a fairly high probability that a charge interchange 
with a neutral atom may occur. This loss is discussed in 
my Patent No. 3,258,402, previously mentioned, This loss 
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MFJ ENTERPRISES, INC. 
STARKVILLE, MS USA 


Features 


There are 4 "Main" analysis features and 3 additional menus of Advanced ones. The advanced ones are mostly just 
different presentations of the same data from the bridge voltages (impedance in polar form, reflection coefficient, return 
loss, etc), but there is the option to select a different "Zo" for the calculations and also a two-frequency point semi- 
automatic calculating feature for line length, distance to fault, etc. The line length and fault distance calculations are pretty 
good, resolving several short (~2 metre) lines and offering compensation for velocity factor. 


By pressing the "Mode" button you can cycle through the different modes, both main and advanced (once entered). 
Holding both the "Mode" and "Gate" buttons gives access to the advanced menus. The "Gate" button is used in frequency 
counting mode and as an enter-key of sorts in the calculating modes. Holding both buttons down on startup then 
alternatively pressing them as it boots enters the "Test" mode which gives a display of the raw ADC data for calibration of 
the unit with a set of calibrated dummy loads. The button mashing required to enter "Test" takes some practice, thankfully it 
isn't something you'd be doing often. The software version is displayed at boot, in this case 4.46, copyright 2004. 


Impedance Analysis 


The default "main" mode is the "Impedance R + X" mode and displays frequency, VSWR, and impedance as Resistive and 
Reactive magnitude (Rs +/- jXs) which update continuously as you tune around. The sign of the reactance is not resolved 
and displayed, which is pretty typical of the bridge system the device uses. The frequency counting is probably the "killer 
feature" of the device as well as the reactive magnitude display which allows searching for true resonances not just 
minimum reflection coefficient magnitude. 
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The impedance mode does seem to work pretty well, especially below 50 MHz, but is limited by the device's calibration 
accuracy. | am not very confident the unit | was playing with is calibrated properly, resistive magnitudes reads high, 
sometimes more than double - and above 300 Ohms resistive the reactive magnitude rises very quickly too, even with a 
"pure" resistance in the lowest frequency band. This and other behaviour | noticed suggests the "Vz" channel gain is a bit 
high. Upon checking the calibration pots under the battery holder | noticed that R72 was bottomed out, offering insufficient 
range to properly calibrate the unit as described in the calibration procedure. This is suggestive of mismatched or damaged 
diodes in the bridge or perhaps an incorrect resistor value or tolerance catastrophe. As the unit is not mine | didn't pull it 
apart to inspect the rest of the circuit and attempt to diagnose it further. 


Coax Loss 


The second "main" mode is "Coax Loss". It appears to simply display half the return loss measured by the bridge. When an 
unterminated coax line is attached the bridge sees the through-and-back (returned) loss of the line, which is twice the line 
loss for that particular length. Similarly you can attach attenuators and other lossy devices to the unit and measure their 
loss this way. The loss maximum appears to be 24 dB and is likely limited by the best bridge directivity over its frequency 
range (ie 48 dB, pretty good). As the unit is measuring with a 12 bit ADC a linear signal (not a log detected one) the 
dynamic range is pretty limited and the loss quantisation is fairly coarse. For "good" vrs "completely waterlogged" 
measurements of coax it is likely sufficient. 
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One annoying thing is the lack of auto-zeroing, this particular unit would always read about 0.9 - 1.6 dB return loss at HF. It 
would be nice to have software zeroing. In fact | can't see why the entire device could not have been designed to ship with 
a set of calibration loads and full software fine calibration. | do understand that some of the gain settings are quite critical, 
especially for reactance zeroing with the limited dynamic range offered by the 12 bit DACs fed by linear detectors. Still it 
would be nice to have "tare"-style zeroing for some measurements. 


Capacitance and Inductance Measurement 


The Capacitance and Inductance measurements simply compute the reactor value that matches the current reactive 
magnitude reading at the current frequency. It has no way of telling if the load is actually inductive or capacitive, and once 
outside the few ohms to 1.5 kohm range of reactance magnitude the software stops giving you a solution. This makes 
perfect sense, you just need to tune the VFO until the frequency offers a reactive magnitude in-range of the unit. The 
computed values are most accurate when the reactance magnitude is close to the bridge reference resistance (50 Ohms). 
This particular unit read high, about 19 pF high (about 6 pF of which was the test fixture) on average and again there is no 
way to null it. Inductance was probably worse but | didn't test it extensively, only a few trial inductances were compared to 
values measured by my LC tester. The LC measurement is nice to have, but | wouldn't trust it - in fact I'd go as far as to 
suggest using the frequency counter feature along with an external jig like the LC tester instead. 
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Correctly calibrated the general measurement method is probably fine and quite useful as it tells you the true impedance of 
the reactive component at radio frequencies (unfortunately only those that present a 7-1500 Ohm impedance). For testing 
a component for spurious resonances this is very useful, but in practice | couldn't seem to easily find misbehaviour in 
capacitors. Inductors on the other hand were fairly easily tested for self resonance, but being placed in the tester 
environment pulled their self-resonances quite a lot. Dipping them instead is probably more reliable. 


Frequency Counting 


The frequency counting feature works as advertised. It can accept signals up to 5 volts and has an high-impedance input. | 
could easily get a stable measurement with just a few turn coil plugged into the input using my dip meter as a signal source 
from several inches. The counter counts to beyond 170 MHz, | didn't test it higher. | assume the "UHF" feature actually 
counts the VHF generator and triples the value in software? | can't see a counting range spec in the manual. The gating 
works as expected, long gating times give more resolution figures. The reference seems stable and accurate enough for 
the resolution offered. 
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Advanced Features 


Of the "Advanced" modes the stub length and resonance searching ones are probably the most useful. The stub length 
helpers are great for cutting matching and phasing stubs. Accuracy for 1/4 lines seems pretty good when compared to 
dipping a line with other instruments. It is unfortunate that the physical lengths are only given in feet. A metric physical 
measures software option would be nice, but considering this is a US product this is perhaps not surprising. The resonance 
searching mode makes the Impedance magnitude meter show Reactive magnitude while looking for a null. Oddly it does 
not use the LCD bargraph like SWR in UHF mode, instead showing Xs numerically. 


The match efficiency mode is arguably the most useless feature. I'm not really sure what the point of it is. | guess there was 
extra room left in the MCU code space, so yet another "feature" was invented to fill it. Personally I'd prefer metric measures 
or software nulling instead. 


Use as a Dipper 


| understand there is an optional dipper coil set for the MFJ-269? - | just plugged my few turns of wire on a BNC into it and 
tried it out on some inductor self-resonances. It works quite well on HF and VHF. I'm not too confident about it on UHF, but 
the UHF range is quite narrow which makes it fairly useless for dipping anyway. 
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Power Consumption 


The device does guzzle power. On HF-VHF in the default mode it pulls 140-170 mA (rising with frequency). On UHF it pulls 
over 350 mA! In counter-only mode it still pulls 90 mA. The AA batteries won't last long, and it takes 10 of them. Unlike the 
MFJ-207 at least you only need to remove two short machine-threaded screws to access the batteries. The external power 
option is almost mandatory (use at least a 500 mA plug-pack), but it does offer the ability to charge rechargeable batteries 
inside the unit by changing a jumper on the PCB. | have no idea how well it manages them if you choose this option. 
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By default the unit enters a sleep mode to reduce power consumption after a period of inactivity. This would help extend 
battery life, but it still pulls more than 50 mA. The sleeping feature can also be disabled by holding down buttons while the 
unit is powered on and remains disabled until the power is cycled again, much like Test mode. 


Comparisons to the MFJ-207 


The 207 is very basic compared to the 269. The 269's frequency counting and reactive magnitude display are its best 
features. The 269 has none of the FMed oscillator problems of my particular 207 and has much improved buffering and 
harmonic distortion. There is a pot in the 269 for setting buffer bias up to minimise the harmonic energy. | didn't test it 
extensively, but there is a detailed procedure available using a coax stub instead of a spectrum analyser to ensure this is 
set correctly. Tests with narrow band antennas like my balcony HF vertical and bicycle loop antenna show it is very much 
improved over the 207. | can resolve the resonance of my balcony vertical on 80 metres with the 269 fairly easily where it 
is next to impossible with the 207. | even tried measuring a colourburst crystal with the 269. The xtal resonance is very 
steep and the analyser tries its best, but it is simply not sufficiently stable or well buffered enough to stay in the resonance. 
You can detect it and even get a fairly good idea of its frequency however, and see spurious resonances of the xtal as well. 


The 269 covers part of VHF where the 207 stops just above 30 MHZ - and the 269 also has the narrow UHF option. On 
UHF the 269 is essentially as limited as the 207 is on HF, measuring just return loss. | am highly suspicious of the UHF 
feature's accuracy and debate it actual usefulness for most HAMs. 


Like the 207 the 269's SWR meter is largely just for trending. The calibration point is 2:1 (using a 100 Ohm load), above 
and below this the displayed figure is quite wrong. The LCD display however shows the correct figure, at least below about 
5 - and of course if the unit is calibrated properly. (The impedance meter is a bit better, its calibration point is 50 Ohms 
using a flat load. Again the screen gives a more accurate reading.) 


Summary 


The good: 


e Frequency display 

e Reactance magnitude display 

e Separate impedance and SWR analogue meters 
e Mechanical reduction driven tuning capacitor 

e Display options including RL and P 


Esiryv compact unit calf 
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e Fairly stable and pure local oscillator 
e Internal battery charging option 


The bad: 


Large power consumption 

No nulling options (especially for L/C measurement) 
Imperial physical length measurements 

Analogue SWR meter scale calibration is poor 
Tendency to arrive broken or poorly calibrated 


On the last point the evidence is only anecdotal... Well, the unit | played with has a poor calibration and Peter experienced 
a lot of problems with it himself. His is not an isolated experience if you search HAM forums. 


Conclusion 


The MFJ-269 seems to be designed quite well. | am sure with careful calibration it is capable of quite reasonable accuracy 
over HF and into VHF. | strongly suspect it would be quite difficult to design something more accurate without ending up 
building a true vector network analyser with log detectors and synthesised local oscillators. With recent advances in 
technology it might be possible to build such a device for about the same asking price, but | am sure the development 
costs would place its initial RRP closer to $1k, making the MFJ-296 look like quite a bargin. 


Is the MFJ-269 overpriced? Well perhaps. Especially in the light of the horror stories out there about some HAMs 
experiences with the unit. How many of them are due to "operator error" is unknown, but MFJ is very well known for having 
quality control issues, so it is likely that many are real hardware problems. Fortunately there is also a great deal of support 
available for the unit, with MFJ sending part kits out to repair blow-up or factory-buggered units. By virtue of its ubiquity 
(and from the earlier 259 and 259B units) the HAM community has plenty of resources for fixing busted MFJ-269s. 


Would | buy one? If it was < $300 AUD - yeah | would take the risk of getting a lemon. | would feel more comfortable if 
there was a circuit diagram in the manual, that way at least | could fix it easily enough. There are diagrams online that 
profess to be of the 269 or 259/259B, they seem pretty correct but | haven't extensively studied this loaner unit for 
comparison. There is a calibration procedure available, and one for the 259/259B as well from the original designer, but 
note that the 259 has 8-bit ADCs so the hex values displayed on the 269 and the pot numbers don't match this page - still it 
is a useful read and the document on the MFJ site seems to match the general guidelines when you convert to 12 bit 
numbers. 


Unlike a VNA-solution the MFJ-269 isn't tied to a PC which is important for field work on antennas, but this is becoming 
less of a problem with USB-based VNAs that can run from a Netbook form-factor PC, perhaps it would be best to save the 
money and invest in a VNA as many of us already have a netbook PC, especially for use in the lab rather than just antenna 
work. Still, it would be nice to have it all in the one portable box like the MFJ-269. 


5 comments. 
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Micropower FM Broadcast Receiver 2007-09-08 


It's been quite a while since | built a super-regenerative receiver for the FM broadcast band and I've been 
meaning to play with a different source feedback topology, so this little radio was thrown together on the 
Saturday of the APEC long weekend. 


The topology is your classic grounded-gate FET VHF Hartley oscillator. The drain resonator inductance is 
centre-tapped with feedback to the source through a small capacitance. By tapping down towards the cold-end 
of the coil the feedback isn't as critical as your usual source-drain capacitor feedback and it tends to be far less 
difficult to get to work across a broad range of frequencies. The RFC to an RC source circuit to implement self- 
quenching is very traditional for super-regenerative detectors. The quench gets frequency-modulated somewhat 
by the drain current, so it varies with signal strength and the recovered modulation, this is typical for self- 
quenched circuits (simplicity has its price). 


Minimum Component u-Power 
super-Regenerative FM Receiver 


BI 
C6 

lez 

C1 6n8 R1 10K L1 120n (5 turns, 7 mm ID & Length) 

C2 1n R2 10K L2 25 uH (13 turns FT23-43) 

C310p R38M2 | | 

C4 1n RA 56K Bi 6 Volts (4x AA cells) 

C5 10p X1 Piezo Ear Piece 

C622p  Q13J310 

C7 2-35p Q2MPSA18 

C8 100n VK2ZAY 
The detector alone provides sufficient audio to drive a crystal ear piece in a very quiet room, giving a true 
“single transistor” EM receiver A largish resistor (~10_k) preven ne sg a circuit from seeing too much of the 
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range. Some additional audio volume can be achieved by redesigning the quench circuit to utilize the piezo 
capacitance directly, but the source resistance has to be dropped quite a lot to achieve a viable quench 
frequency and the gain in sensitivity isn't as fantastic as one might hope. Still, give it a try, a single active device 
FM radio, pulling < 100 uA is mighty impressive! 


The detector can operate with the source resistance approaching 1 M, even at extremely feeble currents it is 
still very sensitive. Best over-all performance was achieved with 10 K and 6.8 nF in the source circuit. 


| decided to add a stage of audio gain, retaining the use of a high impedance ear piece to keep the current 
consumption as small as possible. | picked a super-beta transistor, the MPSA18, for the audio amplifier, and 
used a simple self-bias topology. This was all to keep the total receiver current consumption very small and 
maximise the battery life. The audio quality is quite acceptable (the usual super-regen' slope-detection distortion 
and quench inter-modulation with stereo sub-carrier, etc). There is no volume control, the super-regenerative 
receiver has an AGC-like quality because of its physics. The audio power available is on the low side, it is for 
quiet environment listening only; not exactly library-quiet, but not the local pub on Friday evening either! 


= 


The complete receiver pulls around 500 uA from 6 volts. Four of your average bargain-store dry cells should run 
the receiver for at least a month continuously. Band-name alkaline cells might run it for a very long time indeed. 


Tuning is achieved with a small alignment screwdriver, or similar insulated tool. The trimmer rotor is "grounded", 
but hand-capacitance is still slightly present because of the very high frequencies and gains involved (i.e. minor 
circuit layout strays). 


Some effort was put into setting up the trimmer bandspread to cover the FM broadcast band (i.e. picking C5 and 
C6 to make C7 tune 88-108 MHz). | spent a lot of time doing the algebra to try to come up with a way to 
calculate the circuit stray capacitance and the actual tank inductance by trial frequency measurements with 
different fixed capacitances. The solution is truly horrible; involving finding a parabola that fits three points, 
which means solving a determinate of a 4x4 matrix equated to zero... | gave up after a few hours of wading 
through my sign and subscript mistakes, the whole experience leaving me feeling somewhat defeated! 


| really wanted to achieve a result | could use to write a calculator, not unlike the VFO helper one which | did the 
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3,386,883 


21 | 

becomes sizeable if there are too many gas molecules 
present. The gas density (pressure) must be kept as low 
as is possible to maintain a high fusion probability. This 
affects the fusor’s design characteristics. In practice, the 
fusor is operated at a neutral gas density of 3.535 x 1013 
molecules or less, such that 

Pn Is the normal gas density of 2.68710" molecules/ 
cc. at normal temperature (20° C.) and pressure (760 
mm. of Hg); aud 

pi the operating gas density, in ions per cce., Is 


2.687 X 10% 
760 X 1073 


at a working pressure of one micron (10-7 mm. Hg). 

As the power level of a fuSor is increased, more ion 
current will be required from the ion guns, which in turn 
will increase the radius of the virtual anode 31 (FIG. 5a). 
This will mean a larger volume which, for ion space- 
charge saturation, will result in an increase of the total 
number of the ions contained therein. The greater power 
input (ions) will increase the power loss, thus again in- 
creasing the radius of the virtual anode until equilibrium 
is reached where the power input equals the power dis- 
sipated. 7 | 

Bremsstrahlung.— When high-energy electrons are de- 
flected on their passage through the virtual anode 31, 
they radiate at right angles to their directions of motion. 
As the electrons have momentum which must be con- 
served, there will occur an equal and opposite reaction 
when an electron changes its direction of travel. Since 
these reactions take place after the electron changes its 
direction, they are non-radial. These non-radial electrons 
broaden the virtual cathode 30 with a movement toward 
the center 26, and thus increase the electron tempera- 
tures. The so-called “radiation dampening” effect of the 
excess ions (positive nuclei) in the virtual anode tends 
to reduce the Bremsstrahlung losses to less than 1% of 
the power available in the virtual anode. With the value 
of the ion density in the virtual anode, the electron scat- 
tering can be computed by the well-known Rutherford 
formula for scattering. | 


Xx 10-5=3.535 X 10% ions/ec. 


VII. Fusion reactions 


The fusor, as shown diagrammatically in FIG. 9, is 
initially evacuated to a pressure of from 109 to 10-10 
millimeters of mercury by means of a vacuum pump 44, 
the anode 20 being the hermetically sealed envelope. Po- 
tentials are applied to the various electrodes as already 
explained and a fusion-reactive fuel, in the form of gas, 
is introduced into the ion guns 22, 22a from sources 45 
and 45a at a pressure of from 10-6 to 107% millimeters 
of mercury. This fuel gas is ionized by the guns 22, 22a 
and formed into ion beams directed diametrically toward 
center 26. A poissor forms, as previously explained. 

High energy ions oscillate through the region of the 
center 26 along diametral paths, terminating adjacent to 
the virtual anode 31 (FIG. 5a). Other lower energy ions 
follow shorter diametral paths within the virtual anode 
31 through the same region, thereby contributing to the 
density of ionic particles in the center. With the virtual 
anode 31 potential high enough (100 kv.), collisions of 
the high energy ions with others in the center 26 region 
will produce nuclear-fusion reactions. 

There are a number of nuclear-fusion reactions which 
are possible. Fusion reactions of an exothermic nature 
will be specifically considered as one type of reaction 
which this invention seeks to attain. Power production by 
such reactions is theoretically proportional to both the 
amount of energy released per reaction and the number 
of reactions taking place per unit time. The number of 
reactions per unit time is obtained from the product of 
the nuclear cross-section, which expresses the probability 
for a specific nuclear reaction to occur, the number of 
ions in the center 26 region, and the number of projectile 
particles passing through this region from the anode 20 
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and the virtual anode 31 (FIG. 5a) per unit time. The 


nuclear cross-section, or the probability that a nuclear re- 
action will occur, is a function of the velocity or energy 
of the interacting particles, which in this device is a func- 
tion of the potential difference between the anode 28, the 
virtual anode 31 and the center 26 (FIG. 3). From the 
above, it is clear that good power-producing reactions re- 
quire a large nuclear cross-section and also a large 
amount of input energy. 

One reaction which theoretically is outstanding in meet- 
ing the above requirement is the tritium reaction with 
deuterium. The nuclear equation for this process is: 


(3) D2413- Het (3.5 mev.) For! (14.1 mev.) 


This states that a triton plus a deuteron plus the sum of 
their kinetic energies results in a nuclear reaction whose 
products are helium 4, a neutron, and the sum of the 
excess binding energy and the kinetic energy possessed 
by the original trition and deuteron. The reaction energy 
released is 17.6 million electron voits (mev.) for the 
sample above. This value is large compared with the 
values for otner possible reactions, which in most cases 
yield 3 or 4 mev. The nuclear cross-section for the reac- 
tion shown in Equation 3 peaks at a value of about 
510-74 cm.? for projectile energies of 100 kiloelectron 
volts (kev.). This cross-section value is about 102 times © 
larger than that for most competing reactions when com- 
pared at the same projectile energies. 
Additional possible reactions are the following: 


(1) ,D?+,D*>.He?® (.82 mev.) +gn? (2.45 mev.) 
(2) ,D?+,D%>,T? (1.01 mev.) +1p! (3.02 mev.) 
(4) ,D?-+-.-He > Het (3.6 mev.) +1p! (14.7 mev.) 


Reactions 1 and 2 have a lower value of released energy 
and a lower 100 kev. cross-section value than Reaction 3. 
Reaction 4 has about the same energy value but a lower 
100 kev. cross-section value. 


IX. Fusion products in the discharge 


As already explained, when an external voltage is ap- 
plied between the anode 20 and the cathode 21, 36 (FIG. 
9), a system of virtual anodes and cathodes (poissor) is 
formed within the cathodic space. The radial potential 
distribution of the poissor was shown in FIG. 5a. It is 
within the minute volume enclosed by the virtual cathode 
30, where the ion density is the greatest and the energies 
(velocities) of the projectile ions a maximum, that the 
probability of fusion is the highest. 

It was shown by Equations 1, 2, 3 and 4 that, using 
oniy six deuterons, it is possible to trigger four different 
nuclear-fusion reactions, and these reactions result in the 
creation of five new kinds of particles having a total 
energy of 43.2 million electron volts (mev.). Four of 
these five particles (,p'!, 113, ¿He3 and Het) are posi- 
tively charged, and carry 26.65 mev.; the fifth is a neutral 
particle, the neutron, and the two produced by the two 
reactions carry 16.55 mev. There are two important as- 
pects of this energy distribution between the charged and 
uncharged particles. Firstly, the neutrons will escape from 
the reacting system and dissipate their energy elsewhere 
as heat, because being uncharged, they easily pass through 
material walis. Only the charged particles will be re- 
tained within the reacting region and be available to 
compensate for energy losses (radiation, recombination, 
etc.) and to sustain the nuclear-fusion reactions. Sec- 
ondly, it is only the energy of the charged particles, which 
represents 64% of the energy released by the four re- 
actions, that is available to be converted directly into 
electrical power. It should be noted that only those ions 
which are created by the fusion reaction will have suf- 
ficient energy to produce electrical energy. 

All ef the particles formed by the nuclear-fusion reac- 
tion are ejected radially outward from the reaction 
volume with the high energies shown by Equations 1 
through 4. These energies (velocities) are more than ade- 
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parameters just by measuring the frequency produced after a few capacitor swaps. I'll revisit this | think. 
Anyway, the geometry of the coil (7 mm diameter and length) gives about 120 nH using the Wheeler formula, 
and my inductance meter agrees. Some empirical capacitor swapping and trimmer jig twiddling later | arrived at 
a bandset (C5) of 10 pF and bandspread (C6) of 22 pF, giving a tuning range of 86-110 MHz, give or take. The 
stray capacitance that fits this is around 4.5 pF if I've done the math right. For comparison, my capacitance 
meter says the detector drain looks like 21.8 pF, but that is without a drain current, having the inductance 
disconnected, being measured at AF, etc... I'm happy, it tunes the whole band well. 


Notes 


Component substitution: The J310 is obsolete, | just happen to have a lot of them. Any RF FET should be a 
suitable replacement. The MPF102 is quite suitable. The MPSA18 could be replaced by any NPN signal 
transistor if you don't mind burning a bit more current. I'd recommend a low-noise device with good gain like the 
BC549C or BC550C. You'll obviously need to experiment (calculate) new resistor values for the audio stage if 
you Change the transistor, the circuit is not particularly B independent. 


You might like to play with the quench frequency by altering R1 and C1. The selectivity is at a minimum 4 times 
the quench frequency. Lower quench frequencies become audible and will mix down higher signal components. 
If you want to place the quench below 15 kHz you'll need to add much better filtering, perhaps a Sallen Key filter 
or two. Higher quench frequencies reduce the gain somewhat, so pushing it too high is a bad idea. The FM 
stereo MPX signal has energy to around 56 kHz, more if there are SCA services. Typically the quench is set 
around 30 kHz (8 kHz into the lower L-R sideband), but as discussed it will vary with signal strength and the 
modulation. The quench will tend to mix down the L-R sidebands and/or beat with the pilot tone at 19kHz. The 
result can be absolutely horrible to listen to, especially when the quench is getting pulled around by the 
modulation or the L-R sidebands are especially intense (lots of stereo difference content). For purely mono 
signals the recovered audio can be reasonably high fidelity if you position the slope properly. For AM signals 
(i.e. The Airband) the receiver is especially affective. 


L2 is not especially critical, it is just an RFC to isolate the RF signal at the source from being shunted by the 
quench oscillation capacitor. Anything that gives > j1 kQ of reactance should be fine, so 1.6 uH or more is 
sufficient, perhaps a little less would still work. The 10 pF feedback capacitor is about -j/160 Q at 100 MHz, 
anything at least 5-10 times larger in magnitude than that should be fine. The RFC specified has about j15 kQ of 
reactance. A few turns on a ferrite bead will work, as will an RFC wound on a high-value resistor. Just make 
sure the inductor's self-resonant frequency is far above the frequency of interest so it is still inductive. It is 
difficult to make an inductor too large at VHF that would upset the circuit that isn't already looking very 
Capacitive. 


L1 and the associated C5,C6,C7 capacitors can be changed to put the receiver anywhere you like from high-HF 
to low-UHF. My particular receiver topped-out at 235 MHz with the 120 nH coil (indicating a stray capacitance of 
around 4 pF which is in reasonable agreement with the bandspread capacitor calculations), but could go much 
higher with smaller inductances. 


Putting the radio on 10 metres is an interesting idea, it isn't especially difficult to build a miniature AM 
transceiver using this as the receiver, if you had enough poles on your TR switch/relay you could use the same 
transistor for the TX and RX, even the same tank. Similar ideas were explored years ago when frequency 
stability standards weren't what they are now. I've seen articles describing construction of 2 metre HTs using 
pairs of nuvistors or acorn tubes with free-running LC oscillators on TX and RX, switching around the cathode 
circuit to achieve either super-regeneration for RX or plate-modulated smooth oscillation for TX. 


29 comments. 


Attachments 


CI eee ee 


Circuit Diagram Source | application/postscript | 16.509 kbytes 
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I've grown 
tired of my 


Í 


regenerative AM broadcast receiver's lack of AGC and its RFI problems, so | decided to build something based 
on the MK484. I've had them laying around for years in the junk box, and my recent work in using them for an 
AM receiver IF prompted this project. 


Other requirements for this project were a small size, something smaller than the current plastic tub | carry in 
my backpack to work every day, and something with a calibrated tuning dial to take the guess work out of 
tuning. | also set myself a challenge to build it using only a single 1.5 volt cell for the supply, and driving 
conventional 32 Ohm dynamic earphones. 


The RF section is very simple, basically the single cell "reference design" MK484 receiver. The ferrite rod is the 
small rectangular prism unit available from Jaycar or Electus (catalogue number LF1016), | measured its mu- 
rod at about 65 and calculated the turns required for 400-450 uH or so, required to cover the extended AM 
broadcast band completely using the 165 + 62 pF tuning gangs also available from Australian electronic stores. 
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MK484 Receiver 


Iv5 jin 10n 


The RF circuit was constructed on a small scrap of veroboard and connections made between it, the rest of the 
components using PCB pins. At this point the smallest grey ABS box from Jaycar was selected as the 
enclosure and the polyvaricon tuning gang mounted in the middle of the lid. A knob was selected, large enough 
for good feel, but small enough to allow a well marked dial to be added later. The adapter hardware from Doug 
Hendricks KI6DS QRP Kits was again used to mate the polyvaricon with the 1/4" grub screw retained knob. The 
RF board was "mounted" with stiff wire on the back of the polyvaricon after its trimmers were set for minimum 
capacitance (a piece of cardboard insulating the track side), and the tuning range customised by removing 
several turns on the loopstick until it covered from about 538 kHz to 1791 kHz - my overshooting the inductance 
no doubt a result of the distributed capacitance of the windings. The windings were fixed in place with wax using 
a candle and the heat gun. The loopstick was then secured to the underside of the enclosure lid with two blobs 
of 2-part epoxy. 
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With the RF side of the receiver complete, now came the more challenging bit, an AF amplifier of reasonable 
performance powered by only a single cell. There have been many "optimised" single-cell headphone amplifiers 
published over the years, most of them heavily using boot strapping and being quite complex with lots of 
transistors and large value electrolytic capacitors. | had no where near enough room to fit such a design, so at 
first | went with a classic two transistor line up that fits on a 4x10 hole piece of veroboard. 


AF Amplifier (Mark 1) 


4k7 


470n 68k 


1v5 


2x BC549C 


In this circuit DC passes through the speakers, and despite some careful design to improve its performance 
compared to the similar circuit in the Regenerative FM Receiver, | found its performance fairly poor. It offers 
sufficient gain and undistorted output for a quiet room, but it is completely unsuitable for the kinds of 
environment | wanted to use the radio in, on my daily commute to work. Its response rolls off at about 15-18 
kHz, and the LF corner is quite good due to the largish coupling caps. From 3 volts up, such a circuit is quite 
usable. If you put a 1K:8 Ohm transformer in the final collector circuit and modified the feedback a little it might 
actually offer quite acceptable performance. 


After using the radio with this Mark | AF amplifier, | decided to modify it for better performance. | picked a 
transformer coupled circuit to get the best output possible with the low supply voltage. Unfortunately this meant 
replacing the AA cell with an AAA cell to make sufficient room for the audio transformer. 


AF Amplifier 1K8 


4k7 


in 


h 


1v5 F 5k (log) $ m. 
n 


| 10u 


2x BC549C 


The emitter resistor bypass on the final transistor is probably redundant, it varies the gain only slightly, you can 
omit it to save space if you wish. The emitter resistance is important to minimise distortion however. The LF 
corner is somewhat worse than the original circuit, and the HF response rolls off a little earlier, but the result 
sounds quite natural. Most importantly there is much more power gain available, delivering ear-bleeding levels 
at the onset of objectionable distortion. 
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The finishing touches were some labelling using a Dynamo label maker, and the creation of a nicely laminated 
dial for the tuning knob. | used the XYLs Xyron 510 machine to make a piece of cardboard into a sticky-backed 
label which was pasted into place. This was marked with the assistance of the signal generator (and off-air 
signals). This was then peeled off and a final version made using the original as a template. The final version 
was run though the Xyron machine again using a laminate cartridge to produce a very pleasing glossy result. 
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Notes 


The wall of the plastic enclosure is too thick for the 3.5 mm stereo socket mounting thread. | ended up epoxying 
it into the wall. With some care | guess you could thread it into a slightly undersized hole, but gluing it right into 
the hole is much less mechanically challenging, especially if you didn't notice the problem until after you drilled 
the hole like | did! 


As usual, a switched pot would avoid the need for a separate power switch. It would also make the radio more 
resistant to accidental turning on while it is knocking around in your bag. If only suitable switched pots were a 
still available from Jaycar or DSE... 


The selectivity could be better, 2BL (702 kHz) is an enormous signal at my QTH and can be heard between 
channels near the centre of the tuning range. It is not all that objectionable, except when trying to chase DX at 
night - which was never a design requirement. | probably should have used Litz wire for the coil, or tried using 
one of the commercial pre-wound coils (like Jaycar catalogue number LF1020). Such coils are designed to 
match the tuning gang | am using, but past experience has suggested their precision leaves a lot to be desired, 
often being incapable of tuning the entire band even when moved physically on the ferrite bar and using the 
trimmers on the tuning gang. They are a cheap source of an approximately correct coil that can be tweaked 
though. 


A Q-booster using a simple FET circuit could tighten the selectivity, but it would chew more power and isn't 
really required for local station work. | am just being picky really, the performance as-is exceeds most bargain- 
store superhets. 


The Xyron 510 machine is a damn handy piece of kit. lt can place adhesive on the back of any thin, fairly flat, 
object, or laminate both sides, or one side and put adhesive on the other. Cartridges are available with a choice 
of re-positionable or permanent adhesive, it can even make fridge magnets. lts main target market is the scrap 
booking community, but homebrew electronic hobbyists would find it very useful for panel work. 
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I've grown 
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regenerative AM broadcast receiver's lack of AGC and its RFI problems, so | decided to build something based 
on the MK484. I've had them laying around for years in the junk box, and my recent work in using them for an 
AM receiver IF prompted this project. 


Other requirements for this project were a small size, something smaller than the current plastic tub | carry in 
my backpack to work every day, and something with a calibrated tuning dial to take the guess work out of 
tuning. | also set myself a challenge to build it using only a single 1.5 volt cell for the supply, and driving 
conventional 32 Ohm dynamic earphones. 


The RF section is very simple, basically the single cell "reference design" MK484 receiver. The ferrite rod is the 
small rectangular prism unit available from Jaycar or Electus (catalogue number LF1016), | measured its mu- 
rod at about 65 and calculated the turns required for 400-450 uH or so, required to cover the extended AM 
broadcast band completely using the 165 + 62 pF tuning gangs also available from Australian electronic stores. 
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MK484 Receiver 


Iv5 jin 10n 


The RF circuit was constructed on a small scrap of veroboard and connections made between it, the rest of the 
components using PCB pins. At this point the smallest grey ABS box from Jaycar was selected as the 
enclosure and the polyvaricon tuning gang mounted in the middle of the lid. A knob was selected, large enough 
for good feel, but small enough to allow a well marked dial to be added later. The adapter hardware from Doug 
Hendricks KI6DS QRP Kits was again used to mate the polyvaricon with the 1/4" grub screw retained knob. The 
RF board was "mounted" with stiff wire on the back of the polyvaricon after its trimmers were set for minimum 
capacitance (a piece of cardboard insulating the track side), and the tuning range customised by removing 
several turns on the loopstick until it covered from about 538 kHz to 1791 kHz - my overshooting the inductance 
no doubt a result of the distributed capacitance of the windings. The windings were fixed in place with wax using 
a candle and the heat gun. The loopstick was then secured to the underside of the enclosure lid with two blobs 
of 2-part epoxy. 
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With the RF side of the receiver complete, now came the more challenging bit, an AF amplifier of reasonable 
performance powered by only a single cell. There have been many "optimised" single-cell headphone amplifiers 
published over the years, most of them heavily using boot strapping and being quite complex with lots of 
transistors and large value electrolytic capacitors. | had no where near enough room to fit such a design, so at 
first | went with a classic two transistor line up that fits on a 4x10 hole piece of veroboard. 


AF Amplifier (Mark 1) 


4k7 


470n 68k 


1v5 


2x BC549C 


In this circuit DC passes through the speakers, and despite some careful design to improve its performance 
compared to the similar circuit in the Regenerative FM Receiver, | found its performance fairly poor. It offers 
sufficient gain and undistorted output for a quiet room, but it is completely unsuitable for the kinds of 
environment | wanted to use the radio in, on my daily commute to work. Its response rolls off at about 15-18 
kHz, and the LF corner is quite good due to the largish coupling caps. From 3 volts up, such a circuit is quite 
usable. If you put a 1K:8 Ohm transformer in the final collector circuit and modified the feedback a little it might 
actually offer quite acceptable performance. 


After using the radio with this Mark | AF amplifier, | decided to modify it for better performance. | picked a 
transformer coupled circuit to get the best output possible with the low supply voltage. Unfortunately this meant 
replacing the AA cell with an AAA cell to make sufficient room for the audio transformer. 


AF Amplifier 1K8 


4k7 


in 


h 


1v5 F 5k (log) $ m. 
n 


| 10u 


2x BC549C 


The emitter resistor bypass on the final transistor is probably redundant, it varies the gain only slightly, you can 
omit it to save space if you wish. The emitter resistance is important to minimise distortion however. The LF 
corner is somewhat worse than the original circuit, and the HF response rolls off a little earlier, but the result 
sounds quite natural. Most importantly there is much more power gain available, delivering ear-bleeding levels 
at the onset of objectionable distortion. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/116 3/6 


3,386,883 


23 

quate to propel them through the virtual anode 31 (FIG. 
5a). Under the influence of the real cathode 21, 36 (FIG. 
9), they will be accelerated on their outward journey 
until passing through the cathode apertures 37, 38, where 
they will be decelerated by the anodic field and either 
brought to rest short of the anode 29 or impact the 
anode. If particles do not reach the anode 20, they will 
then reverse their direction of travel and go into oscil- 
lation through the center. Those which do strike the 
anode 20 will dissipate their remaining energies as heat 
and at the same time deposit their charges on the anode. 
A few particles may strike the cathode and be captured, 
with an accompanying release of secondary electrons. 

With deuterium only in the fusor, for two D—D re- 
actions (Equations 2 and 3) will take place at essentially 
equal rates. The positively charged products of these re- 
actions which go into oscillation increase the ion Cir- 
culatory current, thus increasing the ion density in the 
reaction space and hence the probability of fusion. The 
oscillating reactive particles (,T? and He?) may fuse 
with deuterons to produce the reactions shown by Equa- 
tions 1 and 4, or may experience scattering, capture or 
recombination with electrons and become neutral atoms. 
The non-fusionable particles (,p! and ¿He*) contribute to 
the fusion process only by the creation of fusion-reactive 
ions through the capture of electrons from fuel-gas atoms 
and by their contribution to the space-charge; ultimately, 
they will become neutral gas atoms. The neutral gas 
atoms will drift toward the electrode walls, where eventu- 
ally they will be scavenged from the reaction system 
by the vacuum pump 44 (FIG. 9). 

It has been stated that some of the charged particles 
will reach the real anode 28 when ejected by the nuclear- 
fusion reactions. When this occurs, the particles remove 
enough electrons from the anode 20 to neutralize their 
positive charges and form gas atoms. This is the equiv- 
alent of producing a current which flows from the anode 
20 to the battery 25 (FIG. 9) (power supply). In other 
words, the charged particles have been coverted directly 
into electrical energy. This is one of the unique features 
of this invention. 

Insertion of a suitable resistor 46 (FIG. 9) in series 
with the power lead 24 becomes a means for coupling the 
converted electrical power to an external load. A switch 
47 is used to connect selectively this resistor 46 into the 
series arrangement. 

It will be seen from Equations 1 through 4 that as 
many positive charges enter the fusion region as are re- 
moved therefrom. In other words, nuclear charges are 
conserved. What the fusion reactions do accomplish is 
the formation of new particles with the release of the 
excess binding energy of the original ions and, as the 
Original energy must be conserved, the excess is applied 
to the new particles. Accordingly, the new particles leave 
the reaction volume at extremely high velocities. The 
replacement ions which enter the reaction volume do so 
at the comparatively low velocities of the order of 100 
to 200 kev. Thus, there is an extremely short period when 
the potential in the center is less than prior to the fusion 
reaction which, in effect, tends momentarily to increase 
the negative potential of the virtual cathode 30 as well 
as decrease the virtual anode 31, and there is an associated 
increase in the electron current. This effect produces an 
increase in the radii of the virtual electrodes until the 
original potential of the vestigial anode 32 (FIG. 5a) 
can be restored. Thus, there is a periodic expanding and 
contracting of the poissor volume by the very high fre- 
quency oscillation of the inertially contained particles. 

When the fusion reaction commences, there will be 
more positive charges leaving the center than flowing in 
and this condition will continue until steady state is 
reached. This would tend to develop what might be 
termed a “potential well” (more negative potential) at 
the virtual cathode 38. Such a condition could not exist, 
as current would then flow from the real cathode 21, 36 
(FIG. 10) to the virtual cathode 30, Accordingly, the 
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virtual cathode 30 must be returned to the real cathode 
potential within an extremely short period of time. This 
is accomplished by an equivalent increase in the potential 
of the virtual anode 31. The loss of positively charged 
particles from the center produces a positive bias on the 
virtual cathode 36 which is equivalent to an increase in 
the potential of the virtual anode 31. As these increases 
are cumulative until the steady state condition is pro- 
duced, it is seen that the virtual anode 31 (FIG. 5a) 
reaches the potential of the real anode 29. 

The positively charged particles formed by the fusion 
reaction perform work against the field of the virtual 
anode 31 as they pass through it. In so doing, their veloci- 
ties are reduced somewhat, thus increasing the field and 
contributing to the potential of the virtual anode. They 
are then accelerated by the cathode, regaining energy. 

it is the potential of the virtual cathode 30 (FIG. 3) 
which contributes to the energy of the positively charged 
particles which oscillate through the center 26. As the 
energies Of the reacting particles increase, within the 
resonance limits of the nuclear-fusion cross-section, the 
probability of fusion increases. Electrons which are 
created within the virtual anode 31 are ejected radially 
outwardly with sufficient energy to overcome the repelling 
field of the real cathode. 

if one were to lose control of the input density of the 
fuel-gas atoms, it might appear that the process cf build- 
ing up the potential of the virtual anode 31 could con- 
tinue unabated and might well result in a catastrophic 
accident. Such is not the case, however, as there are “built- 
in” safety processes which act to prevent such a build-up. 
The principal control is the cross-section resonance 
phenomenon which occurs in nuclear reactions. The cross- 
section curves for D—D (total), D—T and D—HE: re- 
actions, such as contained in “Physical Review,” vol. 88, 
p. 468, 1952, by Connor, Bonner and Smith, and also 
“Physical Review,” vol. 88, p. 473, 1952, by the same 
authors, show that the D—T curve exhibits a maximum 
at an energy of 110 kilo-electron volts (kev.), where it 
falls off sharply with increasing deuteron energy. In the 
same energy range, the D—He®* cross-sections are ap- 
preciably less than the D—D (total) and the D—T values, 
but the curve is rising rapidly with increasing deuteron 
energy and it crosses the D—D (total) curve at 120 kev.; 
it approaches the D—T curve at 500 kev., its peak, and 
then falls off rapidly. For example, in the range of deu- 
teron energies from 120 to 200 kev., the D—T cross- 
sections decrease 1 barn (10-24 cm.2) while the D—D 
(total) and the D—He? cross-sections increase only about 
0.5 barn, an overall decrease of approximately 1 barn. 
After the D—He? cross-sections pass their maximum at 
500 kev., the decrease in the overall cross-sections is 
much more pronounced. Thus, it is apparent that the 
build-up in the potential of the virtual anode will be 
checked at deuteron energies greater than about 150 to 
200 kev. 

Another built-in safety process which assists in pre- 
venting a “run-away” by the so-called “potential well” is 
the widening of the negative potential sheath (virtual 
cathode 30) (FIG. 5a), as the radius is changed by the 
oscillating particles, which produces a decrease in the 
fusion cross-sections. 

The conversion of the positively charged particles into 
electrical energy at the anode has been touched upon 
briefly. This phase will now be covered in some detail. 
In order to prevent the over-heating of the anode, it is 
highly desirable that most of the particle energy be given 
up to the decelerating virtual and real anode fields. The 
particles would reach the anode 20 with very much less 
than their original energies and thus dissipate less heat 
to it with a significant increase in the overall efficiency. 
The ideal situation would permit the charges to reach 
the anode 20 (FIG. 9) with little or no remaining energy, 
deposit their charges and drift away as neutral gas atoms. 
Obviously, with such a wide range of energies, 0.82 to 
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The finishing touches were some labelling using a Dynamo label maker, and the creation of a nicely laminated 
dial for the tuning knob. | used the XYLs Xyron 510 machine to make a piece of cardboard into a sticky-backed 
label which was pasted into place. This was marked with the assistance of the signal generator (and off-air 
signals). This was then peeled off and a final version made using the original as a template. The final version 
was run though the Xyron machine again using a laminate cartridge to produce a very pleasing glossy result. 
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Notes 


The wall of the plastic enclosure is too thick for the 3.5 mm stereo socket mounting thread. | ended up epoxying 
it into the wall. With some care | guess you could thread it into a slightly undersized hole, but gluing it right into 
the hole is much less mechanically challenging, especially if you didn't notice the problem until after you drilled 
the hole like | did! 


As usual, a switched pot would avoid the need for a separate power switch. It would also make the radio more 
resistant to accidental turning on while it is knocking around in your bag. If only suitable switched pots were a 
still available from Jaycar or DSE... 


The selectivity could be better, 2BL (702 kHz) is an enormous signal at my QTH and can be heard between 
channels near the centre of the tuning range. It is not all that objectionable, except when trying to chase DX at 
night - which was never a design requirement. | probably should have used Litz wire for the coil, or tried using 
one of the commercial pre-wound coils (like Jaycar catalogue number LF1020). Such coils are designed to 
match the tuning gang | am using, but past experience has suggested their precision leaves a lot to be desired, 
often being incapable of tuning the entire band even when moved physically on the ferrite bar and using the 
trimmers on the tuning gang. They are a cheap source of an approximately correct coil that can be tweaked 
though. 


A Q-booster using a simple FET circuit could tighten the selectivity, but it would chew more power and isn't 
really required for local station work. | am just being picky really, the performance as-is exceeds most bargain- 
store superhets. 


The Xyron 510 machine is a damn handy piece of kit. lt can place adhesive on the back of any thin, fairly flat, 
object, or laminate both sides, or one side and put adhesive on the other. Cartridges are available with a choice 
of re-positionable or permanent adhesive, it can even make fridge magnets. lts main target market is the scrap 
booking community, but homebrew electronic hobbyists would find it very useful for panel work. 


6 comments. 
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Home Twitter YouTube Calculators 


More Beacon Work 2008-06-29 


Beacon Transmitter 


| put the 80 metre CW beacon into an Altoids tin. This worked quite well shielding the unit far better than expected despite no effort 
having been made to decouple the DC input feed. With a dummy load the signal is hardly detectable across the room. The boards are 
held in place with double-sided foam tape, short wires connect to the tin for grounding where required, power comes in via an RCA 
socket. 


Antenna Work 


Previous quick experiments with a ferrite base-loading inductor were reconsidered when | felt how hot the inductor was getting. Almost 
all the transmitter power was being dissipated in the core! Calculations and common sense about high-Q inductors suggested | needed 
copper wire gauges and coil former volumes | just didn't have in stock, so an order was placed for materials. In the meantime | wound a 
159 uH inductor using 0.5 mm wire close-wound on a piece of 25 mm OD conduit. Neatly hand-winding 150 turns without a winding jig 
is a process that requires much patience, my hands where cramping at the end of the job. The self-resonance frequency of the inductor 
is about 10 MHz (confirmed with my super-regen dipper), the aspect ratio was chosen to minimise self-capacity of the coil while still 
having a reasonable Q, while "squarer" coils often have better Q for the same wire gauge they have more self-capacity and hence a 
lower SRF and peak-Q frequency. This inductor has a Q-peak estimated near 2 MHz, so it is being operated non-optimally. Not being 
space-wound and in full contact with the former is the largest Q-limiting factor. 
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While not ideal, this inductor dramatically improved the antenna performance, allowing Peter VK2TPM to hear my feeble signal at his 


QTH and even read parts of it. Here is a short recording he made after the inductor change. Prior to this he could just tell there was a 
signal there, but not read it. 


The new inductor is somewhat larger in value than needed, my C-jig is used to reduce the effective antenna capacitance and tune to 
resonance with the fixed inductor. Resonance is quite sharp (a good sign - means the Q is fairly reasonable), and the RF voltage 
delivered into the high antenna impedance (kilo-ohms in magnitude) is quite high, enough to ionise Neon NE-2 bulbs held near the coil. 


This voltage is not healthy for the C-jig polyvaricon BTW, it resulted in a flash-over of the small trimmers on the back of the polyvaricon 
causing a small region of carbonisation in the insulator edge. This gave an intermittent fault that only appeared as resonance was 
approached and the voltages rose high enough to flash to the burnt spot - the trimmer insulation was carefully scraped cleaned and the 
trimmer position displaced slightly from minimum reducing the 'sharp edge' field concentration curing the problem, but the final 
matching network will use an air-spaced trimmer of higher voltage rating. At higher powers | have no doubt you could destroy a 
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"Matching Network" “Tuning Network" "Antenna" 


Essentially the antenna appears as a small capacitance (Cant - 10-30 pF) in series with a resistance which is composed on a small 
value which models actual signal radiation (Rrad) and a larger value that models the losses in the ground system (Rgnd). The coil has 
its losses modelled as a resistance as well (Rcoil), but basically the entire system resistance appears lumped together once Cant is 
tuned out by Lload (and Ctune, which acts to reduce Lload and/or Cant). This total antenna resistance must then be matched back to 
our transmitter output load resistance, 50 Ohms in this case. The inductive part of the L-matching network could be absorbed into Lload 
but | decided not to do this enabling each section to be tested separately. 


Matching is important because the filters and output devices in the transmitter were designed to operate with a 50 Ohm resistive load, 
reflecting smaller resistances (or more pathological reactive impedances) back into the transmitter can make it pull too much current 
destroying its output devices or cause it to generate spurious signals. Larger resistances are fairly safe with this particular design, it just 
tends to poorly load the unit and result in very little output power. Especially bad is inductive reactance which can result in resonances 
in the output stage and frequency multiplication preferentially producing higher harmonics resulting in overheating - this is unfortunately 
easy to achieve with the L-match feeding scheme and happens close to the optimal resistive match because of the sharpness of the 
tuning. 


Two different feeding schemes have been trialled; initially my trusty end-fed half-wave antenna matching unit was used instead of an L- 
network, having just sufficient range to match the moderate resistance (hundreds of ohms) of the resonated antenna. More recent work 
involved careful measurement of the antenna resistance at resonance (near 300 Ohms) and design of an L-network to match this to 50 
Ohms (5 uH inductor and 330 pF capacitor in a low-pass configuration). A pair of 10 UH Ohmite chokes in parallel were used and a 
silver teflon capacitor from the junkbox, network Q is around 2.2 so the values and component performances aren't especially critical. At 
resonance the [ seen looking into the matching network is < 0.15 which is a VSWR better than 1.35:1. 


The 300 Ohm resonant load resistance figure suggests very high ground losses (Rgnd), | am using the cast iron sewer back-vent of my 
building as a ground system, it may not be well bonded at each joint. The radiation resistance is estimated to be in the 1-5 Ohm region 
for this length of wire, so the total system efficiency is 1.7% at best and perhaps as little as 1/3 of a percent! Radiated power is therefore 
in the 450 uW - 2.5 mW region ignoring mismatch and any other losses | can't quantify. 


Enough to say it isn't getting out very well at present, better antennas are in the works though. 


14 comments. 


Attachments 


ae we | s 


Antenna Network Circuit Source | application/postscript | 12.276 kbytes 


Parent article: 80 Metre CW Beacon. 
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Checking eBay the other day | found a 3-band consumer radio that covers the Sports Ears frequency for $5.48 AUD. Naturally 
enough | ordered it to check out. The shipping was about $5 on top, so < $11 landed. Apparently you can also order it direct from 
the Suntek store and get free shipping. The unit is "Kaide" brand, model designator "BC-R30". It is a little physically larger than the 
AFL Sports Ears product, with 2 VHF FM bands and MW. Turn-the-dial tuning, covering 64-86 MHz, 86-108 MHz and 530-1600 


KHz. 
a =e oe A 


It operates from two AAA batteries, pulls about 17 mA quiescent on all bands and features a red LED power indicator. It has a small 
telescopic antenna, a front-panel speaker and a 3.5 mm stereo headphone jack. The FM detector is only monophonic, but like the 
Sports Ears unit (and unlike so many cheap radios) the actual socket is wired to support stereo headphones not the mono magnetic 
ear piece of years gone by. Unlike the AFL Sports Ears unit its dial indicator is easy to read, and even at full (ear-splitting) volume 
the audio amplifier has very little distortion. The unit does not come with earphones, one must provide their own if they desire 
private listening. 

The front panel speaker offers flexibility that none of the Sports Ears range have - perhaps by design. One could say so as not to 
annoy near-by fans in the stadium, or perhaps because of its limited practicality in the noisy stadium environment. Less charitably, 
to minimise costs and encourage more sales. 
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Inside, the BC-R30 is based on the CD9088CB (a TDA7088 clone). This particular Sol IS PERN similar to the old TDA7000 low-IF 
(70 kHz) with FLL detector architecture and is aimed at the very cheapest end of the FM broadcast receiver market. It provides 
acceptable quality FM detection and features scan/reset varactor or turn-the-dial polyvaricon tuning with or without AFC. Being low- 
IF with FLL recovery it has rather weaker selectivity than the ceramic filtered quadrature detector system used in the genuine Sports 
Ears unit. As supplied | found the mute circuit annoying, so | changed R6 to 10 kQ to disable the mute. | also personally find the 
capturing effect of the FLL demodulator annoying, and prefer the smoother tuning of other architecture FM discriminators. That said, 
the unit is sensitive and more than adequate for the task, even with the mute unmodified. 
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The MW feature of the receiver is based ¢ on iS. era ral BIKI ao mola kes 25 Els (a clone of the TA7641 which is a clone of the 
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which utilises the CC7642 at a 455 kHz IF using the TDA7088 as an RF amplifier and mixer. Rather the CC7642 works directly at 
the RF frequency as a TRF receiver. The drawback is absolutely pathetic selectivity, especially with the fairly poor Q of the loop- 
stick used. One can hear 2BL 702 kHz across most of the band for example, even under some of the weaker stations towards the 
top of the band. 


Indeed, this receiver is built for a price and it shows it. There is little else you could remove and still have a functional receiver. The 
genuine Sports Ears unit has a technically much more advanced architecture, especially on MW where it is a single-conversion 
superhet and uses a ceramic filter for much better performance. The BC-R30 has no IFT cans or ceramic filters in it at all, in fact 
only three inductors, the two VHF LO tanks for the two FM bands and the MW loop-stick antenna, there is no front-end track-tuning 
tank on VHF! This is a "feature" of such minimal AM/FM receivers which minimises the production costs and simplifies the factory 
alignment requirements. 


The lack of a track-tuned front-end means the FM detector will also harmonically detect out-of-band transmissions. For example, on 
the "SCH" band, | can easily hear TV channel 7 audio (187.75 MHz) near the bottom of the dial "64". this is a 3rd harmonic 
response: LO = (187.75 - 0.07) / 3 = 62.56 MHz. (| confirmed this by listening to the LO using my VR-500, the LO being locked to 
the RF signal by the FLL is WBFM modulated by the signal being received.) This harmonic mixing is either a feature or a major 
limitation depending on what you want to listen to. For the 70.2 MHz Sports Ears channel the harmonic spur and image responses 
are in sparely populated regions of the spectrum and will likely cause no problems. 


Still, none of these limitations of the BC-R30 make the Sports Ears receiver look like a great deal. The Sports Ears receiver costs 8 
times more than BC-R30. At least with Sports Ears you are getting a real superhet with fairly good selectivity. It is arguable that 
fixed "UMPS" tuning is also preferable as you do not need to retune, and can flick between your favourite FM station and UMPS 
easily. The Sport Ears receiver also pulls a little less current, so its batteries will last somewhat longer. That said, the BC-R30 is 
quite usable if you don't want to buy the genuine product. 


The big feature of the BC-R30 is the TDA2822 audio amplifier. Even at only a 3 volt supply it can deliver several hundred milliwatts 
of audio at very low distortion. That combined with the front-panel speaker and better treble response makes the BC-R30 a pretty 
nice radio for casual use, especially as it covers part of the VHF TV band, and for the price is fairly competitive to the Digitor/Tecsun 
receiver available from Dick Smith | suggested as another alternative. 


Converting a Common AM/FM Radio 


For comparison purposes, | picked up a $12 AUD "Sansai" AM/FM radio at Hot Dollar in Cronulla. It is a fairly bulky unit, has a 
monophonic earphone socket, and a really pathetic dial scale pointer that sometimes sticks. It tunes the usual 88-108 MHz and 530- 
1600 kHz bands. It has a belt-clip in addition to the lanyard shared by the other receivers and runs from two AA batteries making it a 
bit cheaper to feed although it pulls about 20 mA quiescent despite having no power indicator LED. There are no screws holding the 
shell together, just rather fragile moulded clips. 
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Inside that extra $5 shows, the radio is arguably better engineered than the BC-R30. It is based on the SA2003 (a TA8164 clone). 
This chip implements a full superhet AM/FM receiver with AM AGC and a quadrature detector for FM. The implementation utilises 
track-tuned circuits for both bands and ceramic filters/quad network. It just happens to use the TDA2822 audio amplifier. Why it only 
has a mono earphone socket despite a dual-channel amplifier is a bit of a puzzle. 
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The MW selectivity is provided by the 455 kHz ceramic filter and is fairly similar to the Sports Ears receiver. Needless to say, a vast 
improvement over the BC-R30's MW receiver. 


For VHF WBFM the ceramic quadrature network based detector is actually a little touchy to tune compared to the LC quadrature 
network detector in the Sports Ears receiver. | am unsure if the ceramic IF filter pass-band does not exactly correspond to the 
ceramic quad network or if the filter itself is a little too narrow, but distortion on deviation peaks is noticeable unless tuned exactly on 


frequency with a strong signal. Despite the locking effect of the FLL in the BC-R30 | think | prefer its detector for overall quality of 
recovered modulation with less than precise tuning. 


Anyway, conversion was a simple affair. Although | had hoped there would be enough adjustment range in the existing coils, this 
was not the case, | was forced to replace the oscillator and front-end tanks. | replaced the LO coil with a 5 turn one (5 turns on 5 
mm ID, 700 um tin-plated Cu wire) and replaced the pair of bandset caps (an 20 pF and 30 pF) with a single 56 pF capacitor. For 
the front-end tuned circuit | replaced the coil with a similar 5-turn coil and needed about 10 pF extra capacitance across the existing 
gang + bandset cap to place 70.2 MHz mid-dial. The turn spacing was tweaked with the tracking trimmers at mid-swing. The 
resulting receiver works just fine, but doesn't quite track-tune properly. This is of no consequence for use with just Sports Ears, and | 


did not believe it was worth the effort to unsolder and measure the polyvaricon properties to compute a L & C solution for near- 
perfect tracking. 


When | said "trivial" affair in my previous article, | may be exagerating a little. Without test equipment, especially a signal generator 
and frequency counter this task would have been pretty daunting, especially if you want to preserve proper track-tuning or add 


band-switching. | found my wavemeter and tone dipper especially helpful for this realignment, more so when | got completely lost 
and couldn't sniff enough LO energy to drive the counter properly. 


A Signal Generator For Testing 


In order to locally test receivers and converters for the Sports Ears frequency | built a simple test source. It is carefully shielded with 
a fairly weak output power and internal PSU so the signal can be attenuated to very feeble levels for sensitivity testing. When 
terminated in a dummy load the signal is undetectable near unit. Despite no special precautions being taken with the AF connector 
line to prevent RF leakage, very little escapes there. Originally an internal AF oscillator was planned, but was found to be 
unnecessary and the socket added to allow a range of audio sources to be used for testing. 
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14.7 mev., this condition cannot be achieved. Therefore, 
one may envision two different operating situations; 
namely, (a) be satisfied with the maximum electrical con- 
version that can be obtained with the minimum heating 
of the anode 29, or, (b) operate the fusor as a heat ma- 
chine to convert heat and charged particles into the maxi- 
mum amount of electric power. 

In the first situation, it becomes necessary to restrict, 
as nearly as possible, the fusion reactions to those of 
Equations 2 and 3, where the energies range from 0.8 to 
3.02 mev., and to operate the anode at a potential which 
will produce a deceleration of the 0.8 mev. particles such 
that they arrive at the anode 29 with just sufficient energy 
to deposit their charges. The 3.02 mev. particles under 
this condition will impact the anode 20 and convert its 
remaining energy into heat. Inasmuch as approximately 
50% of the D—D reactions will follow the proton branch, 
it is not possible to eliminate that higher energy particle. 
The reactions of Equations 1 and 4 may be reduced ap- 
preciably by operating the fusor at a lower than normal 
gas density, thereby removing the neutral helium-three 
and tritium atoms by the use of a large volume vacuum 
pump 44 before they have an opportunity to fuse. 

In direct contrast, if the device is to be operated as a 
heat generator, the D—T and D—He? reactions must be 
encouraged. Since the contribution of the D—T and 
D—He? reactions could be quite significant in the direct 


conversion to electricity, it might prove advantageous in 


some applications to produce tritium by bombarding 
lithium-six with the neutrons: 


(27) 3Li5-t-pnl> oHe*+ 113+4.6 mev. 


and then utilize the tritium as a fuel gas. 

If enough positively charged particles can be made to 
reach the anode 20 to reverse the current flow from the 
battery 25, it then becomes possible to remove the applied 
anode (cathode) voltage 25 while continuing the nuclear- 
fusion reactions. If I and V, are the measured current and 
anode voltage before fusion, then after fusion commences 


the input power in watts will be 
(23) W=V,x| 724) | 
where EN is the fusion expectancy; e is the electric 


SZ 


charge; A is the interception factor of the positively 
charged particles by the anode; and B is the interception 
factor of the positively charged particles by the cathode. 
Since the cathode 21, 36 is almost pervious to positively 
charged particles, A will be very much greater than B 
and when the value of | 


Qu] 


becomes greater than 1(V,), the fusor will become truly 
self-sustaining. This condition will be reached without the 
aid of an external load. To remove electrical energy in 
excess of that required to drive the fusor, it only becomes 
necessary to add an external load 46 such as shown in 
FIG. 9. 


Working embodiment 


A working embodiment of this invention as shown in 
FIG. 9 is illustrated in substantial detail in FIGS. 11 
through 22. In these figures, like numerals indicate like 
parts. The anode 20 is of spherical construction, being 
fabricated of two hemispherical shelis of stainless steel 
hermetically sealed together at the equators by means of 
suitable annular sealing flanges 47a. Concentrically posi- 
tioned inside the anode 29 are the two cathode shells 36 
and 21, respectively, which are also assembled of hemi- 
spherical shells of stainless steel. The means for support- 
ing these electrodes concentrically will be described in 
detail hereinafter. 

Eight ion guns 22, 22a are mounted on the exterior 


or 


10 


15 


20 


40 


45 


50 


60 


70 


26 

of the anode 28 in spherically spaced and diametrically 
aligned relationship, these guns all having beam axes 
which intersect at the center 26 of the fusor. The precise 
location of these ion guns 22, 22a is explained in con- 
nection with the spherical diagrams of FIGS. 18a and 
185 which show the angular relationship therebetween. 
Each of the ion guns is indicated by a circle with a 
center dot indicating the spot at which the gun axis 
intersects a spherical surface defined by the anode 29. 
FIG. 18a illustrates a spherical surface corresponding to 
the ancde and cathode shells with the plane of the draw- 
ing being the same as the cross-sectional plane of FIG. 11. 
This latter plane includes the north and south poles of 
the sphere. The line 47) indicates the equatorial plane 
at right angles to the plane of the drawing. In FIG. 11, 
this equatorial plane would pass midway between the 
annular flanges 47a. The guns 22 and 22a are located 
in the planes spaced 45° from the equatorial plane 47) 
as shown, these planes passing through the tube center 26 
and being rotated about the equatorial diameter which 
is perpendicular to the plane of the drawing. As shown 
in FIG. 18b, which is a right angle projection of the 
spherical surface of FIG. 18a, there are four such guns 
22 spaced 90° apart on the spherical surface and on the 
same meridian. In terms of angular displacement, these 
guns are indicated as lying on the 0°, $0°, 180° and 270° 
lines. Within each plane containing guns, each gun center 
is at the intersection of a radius 45° above the equator 
and the spherical surface, certain of the radii lying in the 
plane of FIG. 18a. 

Four ion guns 22 are so located in the upper or 
northern hemisphere of the sphere while four other guns 
220 are located allochirally in the southern hemisphere. 

The apertures 37 and 38 in the cathode shells 21 and 36, 
respectively, are in twelve registered pairs, each pair 
37 and 38 being diagrammatically indicated by an X mark 
which is assigned numeral 48 in FIGS. 184 and 18b. The 
locations of the ion guns and the apertures 48 are in- 
dicated as being on the same spherical surface for show- 
ing the angular relation therebetween. There are four 
screen aperture pairs 48 on the equator as shown in 
FIG. 186 at the 0°, 90°, 180° and 270° lines. Planes 
intersecting the north and south poles which are spaced 
from each other by 90° contain the remaining aperture 
pairs 48, these planes being spaced 45° from the 0°-180° 
plane which includes the north and south poles also. In 
these individual 90° planes, on a radius at an angle of 
35°16’ with respect to the equatorial plane 47b, lie the 
remaining aperture pairs 48. The spherical surface con- 
taining the aperture pairs 48 may be regarded as that of 
one of the cathode shelis 21 and 36. | 

With the equators of the cathode and anode shells 


lying in the same equatorial plane, the aperture pairs 48 


are thus spherically offset in a regular angular pattern 
from the ion guns 22 and 22a. 

The anode 20 shell, as well as the cathode shells 21 
and 36, are supported in position by a tubular mounting 
assembly indicated generally by the numeral 49. This 
mounting assembly includes a stainless steel pipe section 
59 perimetrically welded at one end to an opening 51 
in the anode shell 29. Coaxially and hermetically secured 
to the opposite end of the tubs 59 is a larger diameter 
supporting tube or pipe section 52. Inside this larger tube 


-52 is a smaller diameter sleeve 53 having a sliding fit 


therewith, the upper end portion of sleeve 53 being 
secured to the radial flange 54 which joins the two pipe 
sections 50 and 52. 


At the bottom end of the sleeve 53 is coaxially secured 
a mounting ring 55 from which depends four metal posts 
56 spaced 90° apart around the axis of the pipe section 
52. A metal disc 57 is coaxially secured to the bottom 
ends of the posts 56 by means of suitable screws 58, this 
disc 57 having secured to the central portion thereof 
a ceramic post 58a. This post 58a is coaxially positioned 
inside the pipe section 52 as well as the smaller pipe 
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The circuit delivers about -13 dBm into 50 Ohms and has sufficient stability for the purpose. It tunes about 52-90 MHz with the 
values indicated. The LED based transistor base bias is to allow operation from a wide range of supply voltages (near constant 
emitter current). This was more useful during testing than in the final circuit with its 3 volt battery supply, you may fix the base bias 


with resistors if you prefer. 
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The oscillator is very conventional, grounded base Colpitts topology. | used a T37-6 core for the tank coil and it seems to offer 
sufficient stability, even without embedding it in wax. A trimmer allows tuning to the frequency of interest (in this case 70.2 MHz), 
and it will only drift 50 kHz or so over an hour once set and drifts much less once completely warmed up. The base bias is 
modulated by the audio signal to provide quite reasonable frequency modulation, with only a small amount of parasitic AM. 
Deviation achievable far exceeds that required for FM broadcast band standards (75 kHz). 
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As you can see, it has no output low-pass filter and matching. It is rather inefficient, pulling about 1 Watt DC. The multiplier stage is 
very coarsely tuned and the output is not very pure, but it works for higher power testing with external clean-up gear. 


9 comments. 


Attachments 
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VHF WBFM Signal Generator Circuit Diagram Source | application/postscript | 15.001 kbytes 
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Multimeter RF Power Add-On 2007-09-09 


Being able to quickly measure RF power from -10 dBm to + 30dBm is extremely useful. This simple 50 Ohm load 
with inbuilt diode peak voltage detector fits the bill. Unfortunately it must be calibrated carefully and isn't direct- 
reading, but a simple table of Voltage or Current measured to delivered dBm can be constructed and kept near the 
unit. 


| wrote a short program to generate a table of the Voltages, RMS, Peak and Peak-to-Peak that represent -20 dBm to 
+30 dBm. The formulae might be simple, but the table is useful for ball-parking, and was used to calibrate the meter 
at DC. 


Calibration at DC isn't perfect, RF will read slightly differently as the dynamic properties of the diode vary. However it 
is extremely easy to just dial up DC voltages on your bench PSU and write down the corresponding reading on the 
multimeter. 


If you use 75 Ohms more than you use 50 you might build and calibrate yours for that impedance. The load 
resistors will tend to dominate the frequency response, but the detector itself does affect the high-frequency return 
loss. The resistors and layout | used are only really suitable to low VHF, but for my immediate uses that is sufficient. 


Build yourself a diode probe too (there is a 470p chip capacitor hidden under the wires). 


© 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS to 
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Unlike the power meter the diode probe is designed to only load the circuit very lightly, measuring the peak RF 
voltage at the point under test. As the impedance of the particular point in question will vary it can only use used for 
relative measurements so there is little point calibrating it. 


Notes 
The diode is a 1N5711. 


The 10 nF capacitor directly across the meter plugs is to prevent RF from upsetting the meter (smaller values using 
ceramic or chip caps might be more appropriate at higher frequencies). The budget meter show is actually very 
resistant to RF interference compared to some of my other multimeters, my old DSE Q-1418 did not like the RF at 
all once more than a few dBm was delivered. (Meter show is a Jaycar QM-1500, about $8 AUD. For the price you 
may as well just dedicate one to this service.) 


The 1 KQ resistor in series is to limit short-circuit currents to something that won't zap the diode. It is small enough 
to be effectively ignored when looking at the peak voltage with the high input resistance of a modern multimeter. It 
also allows you to use a current measurement instead, either with a mechanical VOM or bare meter movement, or 
with the multimeter. Your multimeter might work better in this mode. It can't hurt to produce a calibration for current 
too, so you can compare the measurement of voltage and current if something looks weird. (i.e. If you have your 
doubts about RF upsetting the meter due to an unexpected resonance.) 


4 comments. 


Attachments 
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MW Regenerative Receiver 2006-08-06 


This radio is based on the Moorabbin Receiver. The Regenerative detector is basically identical, however the audio stage in 
the original radio is dependant on a transformer that is now quite expensive in Australia. | also believe the gain of the original 
audio stage is insufficient for comfortable listening with weak signals. 
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The audio pre-amp stage is biased to 750 uA. It is somewhat noisy. Metal film resistors and a transistor with lower noise and 
better gain at a lower collector current would perform better. (Try a BC550 or BC549C.) However, it is simple and works quite 
well. You can increase the 10n capacitor in the collector to roll-off the HF response earlier if you find the audio a little tinny. 
(Doing so will also kill off much of the noise the stage produces.) 


The audio "power-amp" is a simple class A affair, biased to 3.5 mA standing current. The DC passes through the speakers, 
this might be considered undesirable, but is safe at such a low level. Like all such primitive circuits it suffers from positive- 
going amplitude distortion as the beta of the device changes with its collector current. | experimented with a current mirror to 
prevent this, the distortion was almost completely eliminated, but at the expense of two more transistors and more than twice 
the supply current draw. As this device is powered by a 9V battery and | wanted an extremely simple device | elected to use 
the simpler output stage. The distortion is quite small at "normal" listening levels and is basically a non-issue. 


You might like to use something similar to the audio output stage from the VHF regenerative receiver instead. 
The device was built into 250 ml Decor brand Polypropylene kitchen container with a friction-fit lid. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
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The circuit was built point-to-point on a sample swatch of Formica (the kind you find in hardware stores), superglue was used 
to glue down the 3.5 mm stereo headphone jack, the transistors, and several capacitors, giving it sufficient rigidity. The ferrite 
rod (Jaycar's old short one) friction-fits inside the top of the box surprisingly well. The tuning and regeneration control caps, 
and the power switch are mounted on the removable lid. The headphone jack and its attached Formica board bolts to the box 
side, with some foam padding under the board, securing it in place. The 9v battery is simple held in place with a small block of 
foam when the lid is closed. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
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Two banana jacks form the external antenna connections, this was done almost as an after though, the radio is more than 
sensitive enough for local listening with just the loopstick - in fact with an external antenna you may need to modify the AF 
stage to have a volume control, reducing the regeneration to control the audio volume compromises the selectivity, which is 
especially important when you have strong signals like an external antenna can give. 
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The completed radio pulls about 4.5 mA and will work fairly well down to less than 6 volts. Your average 9 V battery should run 
the radio for 48 hours or more. The supply decoupling networks are mandatory if you want good stability with higher 
impedance supplies (like flat 9 V batteries!). The biasing of the AF stages can be modified to work virtually right down to 1.5 V, 
but at much less than 4.5 V and performance of the RF stage drops. It is definitely possible to make the radio run of a single 
alkaline cell, but two or more are easier to work with. 


Usage Experience 


The radio really needs a true RF AGC for casual listening. It is a good radio for beginners to build, it is easy to get going, 
simple and fun. However, compared to an equally simple MK484-based circuit, its very unpleasant to use pedestrian mobile. 
On foot or on a bus the huge variations in signal strength leave you playing the regeneration control. There is a particular spot 
on George St Sydney that 2BL 702 kHz absolutely blasts in at (right at World Square). | don't know why, perhaps it has 
something to do with the height of the world square building, it may be resonant? 


The radio is completely unshielded. Mobile phone radiation goes straight through the receiver and blasts you in the ears. lts 
quite painful when someone calls you and the mobile in your pocket starts actively radiating. | suspect some careful filtering of 
the headphone line would help a lot. However, I've noticed that the amount of RF noise detected changes as you tune the 
radio, probably the internal wiring being tuned as the main gang capacitance changes. lt is extremely annoying and makes the 
radio basically unusable on the Ferry in the afternoon were lots of people are calling their partners to arrange dinner, etc. 


TV transmitters, CFL and RFL bulbs, naval radars, repeaters, computers, in fact just about everything electronic radiates RF 
that will get into this radio and be detected if you aren't careful. This is however quite interesting, listening to all this RF smog 
is instructive, if at times a little deafening. 


A little shielding would go a long way. Peter Parker warns against using a metal box, however if | built the radio again I'd 
definitely use a Aluminium box. The loopstick could be placed outside, in a piece of Aluminium pipe with a slot cut in it to form 
an electrostatic shield, but not a shorted-turn. Alternatively the entire box could be slotted and the loopstick mounted inside. 


7 comments. 


Attachments 
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Circuit Diagram Source | application/postscript | 18.045 kbytes 
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MW Regenerative Receiver 2006-08-06 


This radio is based on the Moorabbin Receiver. The Regenerative detector is basically identical, however the audio stage in 
the original radio is dependant on a transformer that is now quite expensive in Australia. | also believe the gain of the original 
audio stage is insufficient for comfortable listening with weak signals. 
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The audio pre-amp stage is biased to 750 uA. It is somewhat noisy. Metal film resistors and a transistor with lower noise and 
better gain at a lower collector current would perform better. (Try a BC550 or BC549C.) However, it is simple and works quite 
well. You can increase the 10n capacitor in the collector to roll-off the HF response earlier if you find the audio a little tinny. 
(Doing so will also kill off much of the noise the stage produces.) 


The audio "power-amp" is a simple class A affair, biased to 3.5 mA standing current. The DC passes through the speakers, 
this might be considered undesirable, but is safe at such a low level. Like all such primitive circuits it suffers from positive- 
going amplitude distortion as the beta of the device changes with its collector current. | experimented with a current mirror to 
prevent this, the distortion was almost completely eliminated, but at the expense of two more transistors and more than twice 
the supply current draw. As this device is powered by a 9V battery and | wanted an extremely simple device | elected to use 
the simpler output stage. The distortion is quite small at "normal" listening levels and is basically a non-issue. 


You might like to use something similar to the audio output stage from the VHF regenerative receiver instead. 
The device was built into 250 ml Decor brand Polypropylene kitchen container with a friction-fit lid. 
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section 50 by means of the mounting sleeve, rings and 
posts just described. 

Secured to the upper end of the post 58a and coaxially 
extending thereabove is a metal post 59 having threadedly 
connected thereto a disc-like mounting stud 69 which is 
welded into an opening 61 in the outer cathode shell 35. 
Abutting against the flat surface of this stud €9 is a 
ceramic or the like spacer 62 having a boss 63 intimately 
fitting into a locating aperture 64 in the inner cathode 
shell 21. The spacer 62 is sandwiched between the two 
shelis 21 and 36, thereby determining the spacing there- 
between. 

The post 59 is of such length with respect to the pipe 
section 30, for example, as to position the two cathode 
shells 21 and 36 concentrically inside the anode shell 29. 
This post 59 may be regarded as coinciding with the south 
poles of the cathode and anode shells. 

At the north poles of these shells is located further 
supporting structure as well as a terminal assembly for 
connecting the operating voltages to the electrodes. This 
assembly includes an annular spacer 65 of suitable in- 
sulating material, such as boron nitride, positioned be- 
tween the two shells 21 and 36 so as to determine the 
spacing therebetween. This spacing is the same as that 
between the south poles. Coaxially secured inside this 
spacer 65 is a conductive terminal button 66 which is 
intimately conductively fitted into a companion aperture 
in the shell 21. This aperture coincides with the north 
pole of the shell. 

Telescoped over an upwardly projecting portion 67 of 
the spacer 65 is an elongated tubular element or con- 
ductor 68 which intimately fits into and makes conduc- 
tive contact with an aperture 69 in the outer shell 34. 

This conductor 68 passes diametrically outwardly 
through the relatively large insulating aperture 79 in the 
anode 20 in spaced relation therewith, this spacing being 
large enough to provide insulation at the high voltage 
at which the fusor is operated. A conductive tubular 
assembly 71 is rigidly and hermetically sealed to the 
exterior of the anode 2% in registry with the aperture 79 
and extends coaxially outwardly with respect to the con- 
ductor 68. At the upper end of this assembly 71 is secured 
a relatively long, cylindrically shaped insulator 72 (FIG. 
12) which has secured to the upper end thereof a con- 
ductive terminal assembly 73. This terminal assembly 73 
is provided with a suitable connection terminal 74 by 
means Of which cathode bias from the battery 43 may be 
connected to a wire 75 which extends coaxially througn 
the conductor 68 and connects to the terminal button 66. 
This tubular assembly 71, 72 and 73 which coaxially 
surrounds the conductor 68 is hermetically sealed such 
that the space between the conductor 68 and the assem- 
bly 71, 72 and 73 may be evacuated and held at the same 
pressure as the interior of the anode 20. 


Inasmuch as high operating potentials prevail between 
the conductor 68 and the outer tubular assembly 71, 72 
and 73, suitable corona shields 76, 77 and 78, of annular 
configuration, are used for the purpose of preventing 
corona discharge. Other configurations for the terminal 
and supporting assembly may be used without departing 
from the spirit and scope of this invention, the require- 
ment for such an assembly being that it provide the 
necessary physical support for the fusor anode and cath- 
ode elements and also be capable of supplying the anode 
and cathode elements with the operating voltages with- 
out producing corona discharges or field emission. 

All of the ion guns 22 and 22a are identically con- 
structed such that a description of one will suffice for all. 
For this purpose, reference is made to FIGS. 11, 13, 19, 
20 and 21. Each ion gun includes a conductive housing 
or slecve 79 of stainless steel or the like which is perime- 
trically sealed to an opening 88 in the anode shell 29. The 
sleeve 79 is positioned such that its axis coincides with 
a diameter of the anode 20. Coaxially secured internally 
to the sleeve 79 and against the anode 20 is an aperture 
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plate 81 having a beam-defining aperture 82. Coaxially 
positioned inside the sleeve 79 in radially spaced and insu- 
lated relation therewith is an anode sleeve 83 having a 
frusto-conically shaped bore 84, the smaller diameter end 
of this bore being positioned as shown. Three arcuately 
shaped and circumferentially spaced insulators 85 sur- 
round the anode 83 in spaced relation therewith. For 
securing these insulators 85 to the anode 83, a thin metal 
ribbon 86 fits into a shallow circumferentially groove and 
binds the three insulators 85 against the anode 83. 

Axial positional support for the anode 83 is provided 
by means of three ceramic, axially extending posts 87 
which are fastened to the outer surface of the anode 83 
at points spaced circumferentially equally part. One such 
post 87 is shown in FIG, 13. Considering this latter figure 


along with FIGS. 20 and 21, these three posts 87 are 


secured to a metallic mounting ring 88 which in turn is 
secured at its outer periphery to a cap assembly indicated 
by the numeral 89. This cap assembly 89 is composed of 
suitably machined metal parts formed to a substantially 
cylindrical shape of somewhat larger diameter than the 
sleeve 79, this cap assembly 89 being hermetically sealed 
to the sleeve 79, a 

As shown more clearly in FIGS. 19 and 21, three power 
supply terminals 99, 91 and 92 are mounted in the cap 
assembly $9 and are spaced circumferentially apart 120°. 
The terminal 99 has a wire conductor 93 internally there- 
of which passes coaxially through one of the supporting 
posts 87 and connects to the anode 83. The terminals 91 
and 92 have suitably strong, bar-like conductors 94 and 
93 which project into the central portion of the gun and 
pass through a block 96 of insulation for maintaining the 
spacing therebetween. At the innermost ends of these 
conductors 94 and 95 is connected a thermionic filament 
$7, this filament being in the form of a circular loop of 
wire located coaxially with respect to the axis of the ion 
gun. As shown in FIG. 11, this filament 97 is situated to 
the rear of the anode 83. 

A pipe fitting 98 is also secured to the cap assembly 89 
midway between the two filament terminals 91 and 92 
and communicates with the inside of the ion gun as shown. 
By means of this pipe connection 98, fusion-reactive gas 
may be admitted to the interior of the ion guns from a 
suitable source 45 (FIG. 9) by the adjustment of series- 
connected hand valves 99. 

The anode 83 is maintained insulated from the sur- 
rounding sleeve 79 such that a power supply 168 may be 
connected between this anode 83 and the sleeve 79 as 
well as the anode 28. In FIGS. 11 and 13, such a power 
supply 190 is indicated as being connected with the posi- 
tive electrode to the terminal 99 and the negative electrode 
to ground and the housing 79 of the ion gun. This power 
supply 199 in an operating embodiment of this invention 
is designed to supply a voltage which is variable between 
the limits of 0 and 1,000. A suitable voltage connected 
between the two terminals 91 and 92 (FIG. 21) serves to 
energize the filament 97. 


Fach ion gun 22 in operation generates and emits a 
beam of ions which is directed toward the fusor center 
26. In order to approach this center 26, the beam must 
penetrate the cathode structure 36, 21, and for this pur- 
pose a suitable aperture assembly is provided therein. 
This assembly is indicated in enlarged detail in FIGS. 16 
and 17 and is shown in proper coaxial relationship with 
respect to the ion guns in FIG. 11. Each aperture assem- 
bly includes an annular insert 101 having smoothly 
radiused corners, which tightly conductively fits into a 
companion aperture 192 in the shell 36. The shell 21 is 
provided with an aperture 193 of the same diameter as 
aperture 102 in precise radial registry therewith. 

The beam emitted from the respective ion gun 22 passes 
through the annulus 101 and the aperture 103. Each 
aperture 38 in the cathode shell 36 is covered with a bias- 
ing screen indicated by the numeral 104 (FIGS. 14 and 
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The circuit was built point-to-point on a sample swatch of Formica (the kind you find in hardware stores), superglue was used 
to glue down the 3.5 mm stereo headphone jack, the transistors, and several capacitors, giving it sufficient rigidity. The ferrite 
rod (Jaycar's old short one) friction-fits inside the top of the box surprisingly well. The tuning and regeneration control caps, 
and the power switch are mounted on the removable lid. The headphone jack and its attached Formica board bolts to the box 
side, with some foam padding under the board, securing it in place. The 9v battery is simple held in place with a small block of 
foam when the lid is closed. 
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Two banana jacks form the external antenna connections, this was done almost as an after though, the radio is more than 
sensitive enough for local listening with just the loopstick - in fact with an external antenna you may need to modify the AF 
stage to have a volume control, reducing the regeneration to control the audio volume compromises the selectivity, which is 
especially important when you have strong signals like an external antenna can give. 
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The completed radio pulls about 4.5 mA and will work fairly well down to less than 6 volts. Your average 9 V battery should run 
the radio for 48 hours or more. The supply decoupling networks are mandatory if you want good stability with higher 
impedance supplies (like flat 9 V batteries!). The biasing of the AF stages can be modified to work virtually right down to 1.5 V, 
but at much less than 4.5 V and performance of the RF stage drops. It is definitely possible to make the radio run of a single 
alkaline cell, but two or more are easier to work with. 


Usage Experience 


The radio really needs a true RF AGC for casual listening. It is a good radio for beginners to build, it is easy to get going, 
simple and fun. However, compared to an equally simple MK484-based circuit, its very unpleasant to use pedestrian mobile. 
On foot or on a bus the huge variations in signal strength leave you playing the regeneration control. There is a particular spot 
on George St Sydney that 2BL 702 kHz absolutely blasts in at (right at World Square). | don't know why, perhaps it has 
something to do with the height of the world square building, it may be resonant? 


The radio is completely unshielded. Mobile phone radiation goes straight through the receiver and blasts you in the ears. lts 
quite painful when someone calls you and the mobile in your pocket starts actively radiating. | suspect some careful filtering of 
the headphone line would help a lot. However, I've noticed that the amount of RF noise detected changes as you tune the 
radio, probably the internal wiring being tuned as the main gang capacitance changes. lt is extremely annoying and makes the 
radio basically unusable on the Ferry in the afternoon were lots of people are calling their partners to arrange dinner, etc. 


TV transmitters, CFL and RFL bulbs, naval radars, repeaters, computers, in fact just about everything electronic radiates RF 
that will get into this radio and be detected if you aren't careful. This is however quite interesting, listening to all this RF smog 
is instructive, if at times a little deafening. 


A little shielding would go a long way. Peter Parker warns against using a metal box, however if | built the radio again I'd 
definitely use a Aluminium box. The loopstick could be placed outside, in a piece of Aluminium pipe with a slot cut in it to form 
an electrostatic shield, but not a shorted-turn. Alternatively the entire box could be slotted and the loopstick mounted inside. 


7 comments. 
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My Pirate Radio Station 2000-03-25 


Some years ago, when | was still in high school, | decided to start a radio station. Just a few watts, 2 CD 
players, a mic or two, and a mixing desk. Not content with mono operation, | hacked a stereo multiplex, which 
was probably a mistake as weak signals get noisy faster with stereo. Still, it was a lot of fun, | was never caught, 
and | learnt a lot from it. 


At the time, the call sign 2 HOT FM was not in use in Sydney, neither was the frequency of 94.5 MHz. This | 
believe is no longer the case. Now days | could probably get a community low-power licence from the ACA, but 
in those days of the SMA no such provision existed. 


The Hardware 


Bits of the transmitter and studio have gone astray over the years. | sold the mixing desk when other interests 
took my fancy, | believe | got about $200 for it and purchased a CB with the cash. | still have the mics and the 
RF gear, | used 2 radio mics, one for me, the other for guests. 


The exciter was composed of a VCO and buffer, plus a 3 stage amplifier. The VCO has been stripped out for 
other projects (it worked very well for its simple design, it still rocks actually) the three stage amplifier is show 
here. 
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The VCO board connected to the power rails and the MPX signal input (the BNC connector) the buffer output 
fed into the first stage of the amp. 


The 200 mW output of the exciter was fed by coax into a 2 W amp. The output device in this amp was grossly 
under-speced for the abuse | gave it. | blew them weekly, but at about $3 each it was affordable. 


The antenna for the station was a 5/8th wave vertical fed over four 1/4 wave radials. lt made a good match to 
50 ohms, and was fed using a few metres of RG-58. The physical support for the antenna was a combination of 
a potted plant, the balcony roof fascia and a length of nylon rope tied to the balcony railing. 
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The RF system as a whole was 
terrible, it had to be tuned carefully to 
avoid parasitics that would otherwise 
take out TV reception for a block. I've 
learnt much about RF engineering 
since then and cringe at how primitive 
it was, but it did work quite well. 


Once it was all tuned up and working 
the station was heard for several 
kilometres at full quieting. The fringe 
zone extended across most of the 
metro area. My QTH is on the south 
side of a hill, directly over water, VHF 
DX heaven, at least towards the south. 


What We Played 


Well, we are talking about the 90s, so, 
90s music. 


| can't remember what our exact 
programming was, but every Friday | 
would invite anyone | could (mic shy or 
not) over as guests for the broadcasts. 
This must have been quite amusing to 
listen to, and probably refreshing compared to the usual dribble commercial stations air on Fridays. | still have 
at least one analogue tape recoding of "The DJ Crew" sessions, | should digitize it before analogue technology 
disappears completely. 


We were far from professional, but a great time was had by all. After a few months we even had a phone patch 
going (even more laws broken!), which became a feature of the Friday programs. 


Somewhere along the way | got a girlfriend (perhaps the radio station helped a bit with that! :), got into CB radio, 
and had to attempt to study for the HSC. The radio station got less and less attention, and fell into disrepair. The 
Fridays stopped and it was largely forgotten, until | dug out the hardware and took some photos for this page. 


9 comments. 
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Nano-Henry td Meter 


Desiring a simple way to 
quickly measure 
inductances in the 10s and 
100s of nanohenry for 
VHF work, | was inspired 
to build a direct-reading 
meter like Drew Diamond 
VK3XU's design "Nano-L" 
Inductance ‘Bridge’ for 
Small Coils. The circuit is 
published in Volume 2 of 
his excellent series of 
books "Radio Projects for 
the Amateur". | highly 
recommend you purchase 
all three volumes, they are 
great books, | picked up 
my copies from the recent 
Wyong Field Day. They 
can be obtained through 
the WIA. 


| don't know why he calls it 
a bridge, it is rather a 
resonance meter, but the 
name probably comes 
from its relation to his 
other true-bridge 
inductance meter for 
micro-Henry coils. My 
implementation is only 
very slightly different to 
Drew's, and functions in 
exactly the same manner. 
| use a 44.7 MHz TTL 
oscillator package, as | 
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had some in the junk box. (I actually started out with 80 MHz, but it proved too high for Ins range of inductances | 
wanted to measure, with the Lx connection shorted with a piece of brass shim | could peak the meter about 
middle of the range and a 2" hairpin was beyond its measurement range.) 


| also used a "polyvaricon" style capacitor, lacking a suitable air-spaced gang. The detector is identical, and the 
clean-up resonator values picked for the lower design frequency. | used a spring-loaded speaker terminal block for 
the Lx connector. | was concerned this would limit its range, but in practice is has proven quite usable, and much 


more expedient than binding posts. 


The circuit is constructed on a piece of unetched PCB board and mounted in a die-cast Aluminium box which 
came painted glossy black. Four AA cells provide the power supply, the TTL oscillator can is run at the full 6 volts, 


there is no dropper diode to keep it within spec, it gets warm but doesn't seem to mind. 


The Circuit 


The case is dominated by the batteries, inside there is much free space. The Lx hot-side connection is made with 
a fragment of PCB board to minimise the stray inductance and improve the instrument's minimum inductance 


capability. 
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nH Inductance Meter 


Based on "nano-L” 
Drew Diamond VK3XU 


300nH 
9 turns 
Ip T50-6 


44.7 
MHz 


225 


4-24p  1-60p 1-140p==  2x1N5711 


Usage 

To use; one connects the inductor to me measured, switches on the unit and sweeps the knob searching for peak 
brightness of the red LED. The tuning is fairly sharp with moderate-Q inductors, and the peak is generally very 
obvious, a few degrees off the peak the LED will be completely extinguished. 


Calibration 

Building the unit is quite easy, but to make it a practical instrument it must be calibrated. You can probably use 5% 
chokes for the top of the range, but commercial inductors towards the bottom of its range are rare or SMD-only 
devices. 

To calibrate mine | decided to construct a series of calibration inductors of fairly high accuracy, a challenge that 
exceeds that of building the unit by an order of magnitude! 

Having 100p capacitors of fairly high accuracy and stability, | sat down with my LC resonance calculator and came 
up with resonant frequencies for a geometric series of inductors, resonated with 100p and 400p. As I can measure 
frequency and capacitance to within about 1% this gave me a way to trim my inductors to the desired values with 
accuracy beyond what the meter needed. 
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| choose T50-6 cores for the larger inductance values as they offer the best stability/Q/price trade off. The material 
is suitable for the VHF test frequency, and has a fairly low thermal coefficient. Tx-7 (white) cores are better but 
much more expensive - | save them for VFOs. A T50-10 core was used for 200 nH, but | may replace this with a 
air-core inductor as | am unimpressed with its mechanical stability. Values below 200 nH were all air-core, wound 
with stiff tinned copper wire. All coils were dipped in wax once trimmed to stabilise them. Some experimentation 
was performed with enamelled wire on soda straws, but the stability was inferior. Repeatability of sub-150 nH 
inductors is somewhat challenging, even when waxed to a core and the lead length carefully controlled. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/114 


Zo 

15), this biasing screen 184 being secured in position by 
means of a first mounting ring 107 secured to the outside 
of the shell 36 in registry with the opening 38 and another 
ring 106 which clamps the screen 164 to the ring 105. The 
aperture 37 in the shell 21 is of a size equal to that of the 
aperture 38. The two rings 105 and 106 are firmly, con- 
ductively secured to the shell 36 by means of a series of 
circumferentially spaced screws 197. 

Except where otherwise stated, the structure of FIG. 11 
is fabricated of metal and primarily of stainless steel. The 
cathode shell 21 should be of a material which is photo- 
electric, and two suitable materials having the necessary 
properties are stainless steel and molybdenum. Other ma- 
terial obviously may be used without departing from the 
spirit and scope of this invention. 

Inasmuch as the dimensions of the structure of FIG. 11 
are relatively small in comparison with the operating 
voltages which are used, it is of course necessary to take 
the usual precautions in connection with preventing field 
emission and corona discharge. Suitable corona shields 
in various places are used as explained in some detail 
hereinabove, and all sharp edges, corners, points and the 
like, from which field emission could occur, are avoided. 

The ion guns 22 and 22a are disposed in pairs which are 
diametrically opposite each other. Additionally, the axes 
of these opposite pairs are set to be coincident such that 
the ion beams emitted thereby will occupy essentially the 
same pencil-like space. This space passes through the 
fusor center 26. 

The operation of the device of FIG. 11 is essentially as 
has already been described hereinbefore in connection with 
FIG. 9. To start with, all operating voltages are turned 
“Off” and a suitable vacuum pump 44 is connected to the 
interior of the anode shell 26. Referring to FIG. 11, such 
a vacuum pump is connected to an outlet port 108 in the 
cap 109 which seals the end of pipe section 52. Thus, gas 
inside the anode 20 as well as the-cathode shells 21 and 
36 may be evacuated therefrom, through the pipe sections 
50 and 52, through webs in the disc 57 and out of the 
port 108. 

The pump 44 is allowed to operate for a sufficient pe- 
riod of time and the fusor is otherwise outgassed so as 
to remove contaminates which could interfere with opera- 
tion. 

After outgassing and evacuating the fusor to a pressure 
of from 10-9 to 10—10 millimeters of mercury, a suitable 
fusion-reactive gas, such as deuterium, from gas sources 
45 and 45a (FIGS. 9 and 11), is admitted to the ion guns 
22 and 22a by adjustment of the valves 99. For this pur- 
pose, these valves 99 are opened just sufficiently to admit 
small quantities of gas which will raise the pressure to 
from 10-8 to 10-4 millimeters of mercury. However, just 
prior to admitting this gas to the ion guns, operating 
voltages are applied to the fusor as previously explained. 
In this connection, in order to have complete control of 
the fusor operation, it is desirable that all voltages be ap- 
plied progressively starting from zero voltage. Initially, 
the voltage is applied to the terminals 91 and 92 for 
heating the filaments 97 of all of the ion guns 22 and 22a. 
Next, the voltages of ion gun power supplies 189 are in- 
creased progressively starting with zero voltage until a 
sufficiently high difference of potential is applied between 
the anodes 83 and the respective filaments 97 so as to ion- 
ize the fusion reactive gas that has been admitted and to 
form ion beams. Next, the power supply 25 is steadily in- 
creased in voltage until fusion reactions are noted. The 
detection of neutron counts by usual methods can serve 
as such an indication. The power supplies 188 are adjusted 
until a satisfactory degree of ionization as well as suitable 
intense and compact ion beams are obtained which are 
directed toward the fusor center 26. Instrumental in the 
formation and acceleration of-these ion beams is, of 
course, the potential applied to the anode 20 and the 
cathode 21, 36. | 

The vacuum pump 44 connected to the port 108 may 
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be kept operating continuously so as to maintain the neu- 
tral gas pressure within the fusor to suitably low levels, 
and, additionally, the gas valves 99 may be opened slight- 
ly or may be opened and closed intermittently for the pur- 
pose of supplying necessary quantities of fuel gas to the 
fusor in order to obtain the reactions desired. By adjust- 
ing the high voltage supply 25, the reaction rate can be 
changed. Similarly, adjustment of the ion gun anode volt- 
age can affect the reaction rate. Increasing and reducing, 
selectively, the quantity of neutral gas admitted to the 
iusor also affects the reaction rate. Therefore, desired 
reaction rates may be controlled by adjustment of the 
various circuit and system parameters. A gas pressure of 
about 10-5 mm. Hg continuously maintained has beea 
found suitable for producing fusion reactions. 

As shown in FIG. 12, the switch 47 which is connect- 
ed in series with the high voltage supply 25 is closed, and 
the neutron-producing reactions just described are ob- 
tained. If it is desired to obtain an electrical output from 
the fusor, it is only necessary to open the switch 47 to 
place the resistor 46 in series with the high voltage supply. 
As the reaction rate increases within the fusor and reaches 
a suitably high value, a reverse current is developed in 
the circuit of the anode 20 in the direction of the arrow 
Z adjacent to the resistor 46. This results in the develop- 
ment of a voltaged drop acro:s the resistor 46. This 
reverse current Z will develop when the voltage generated 
on the anode 28 exceeds that of the supply 25. Cnce this 
self-sustaining operation is achieved by the generation of . 
this anode voltage, the high voltage supply 25 may be 
taken out of the circuit by first disconnecting the battery 
and then providing a conductive or essentially short circuit 
in place of the supply 25. However, such a circuit change 
is not necessary if the supply 25 is adapted to conduct 
current in the reverse direction. 


In order to form the poissor in the center of the cathode 
21, 36, it is, as previously explained, necessary to have 
both ions and electrons. These ions are supplied primarily 
by the ion guns 22 and 22a. The electrons are in part 
provided by photoemission from the internal surface of 
the cathode shell 21. The ions from the ion guns 22 and 
22a establish the initial virtual anode as previously ex- 
plained in the central volume of the cathode shell 21. The 
poissor thereupon forms, as previously explained. Elec:ron 
flow from the inside of the cathode shell 21 to the anode 
20 is inhibited by reason of the fact that the cathode shell 
36 is biased negatively with respect to the shell 21. This 
bias 1s supplied by the power supply 43 and is adjusted to 
a value at which the external anode 20 current is reduced 
to a desired minimum. The screens 104 over the openings 
38 in the outer cathode shell 36 provide the desired equal 
potential surface which is more negative than the potential 
on the cathode shell 21. This inhibits the escape of elec- 
trons from the inside of the shell 21, thereby reducing 
losses due to the interception of such electrons by the 
anode 20, Also, the screens 104 prevent the positive field 
from the anode 20 from entering the apertures 37 of the 
cathode shell 21 and upsetting the spherical configuration 
of the equal potential surface therein, as previously ex- 
plained. 

The various aperture pairs 37 and 38 are arranged ia 
diametric opposition for radial ion traversal. A cathode 
shell 21 and 36 construciion of about 70% openness pro- 
vides adequate ion permeability. 


Alternaiive working embodiment 


In FIGS. 22 through 26 is illustrated an alternative 
working embodiment wherein like numerals indicate like 
parts. Basically, the difference between this embodiment 
and the one just described and shown in FIG. 11 resides 
in the use of a single cathode shell assembly 21 instead of 
the double-shell arrangement 21 and 36 of FIG. 11. The 
construction of the fusor of FIG. 23 to the extent that it 
differs from the arrangement of FIG. 11 will be described 
in detail in the following. 
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The testing jig in the picture above was specially constructed for the calibration exercise. It allows a trimmed 100p 
or 400p to be switched across the inductor under test. The signal generator is used as the frequency source, 
measured with a high-resolution frequency counter than has had its reference zero-beaten against WWVH 
recently. A CRO or VOM is used to detect resonance, measuring the DC voltage generated by a charge pump. In 
principle it works a lot like the meter itself, except the capacitance is fixed and the frequency variable. 


Signal 
Generator 
In 


50 


Inductance Measuring Jig 


1p5 1p5 2x 1N5711 


2-24p 


m 


DC Out 


100n 


100p/400p 


To use, one hooks it up to the detector and signal generator, then measures the capacitance seen across the Lx 
terminals while trimming it to precisely 100 pF or 400 pF. The capacitance meter is then exchanged for the 
inductor under test and the signal generator swept to find the resonance peak. Note that in some situations 
rearranging the circuit to use series resonance would be preferable. One would then tune for a null, which is 
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generally a better proposition anyway, but | used parallel resonance for all my inductors and had little problem 
achieving high repeatability. 

How precise Is all this? | am not sure, but | estimate at least 5% with careful use, if not better, as long as you are 
well below the self-resonant frequency of the inductors. 


The testing jig is a useful gadget in its own right, and is usable across a wide range of inductances, it can't hurt to 
build something similar yourself. Use NPO capacitors of good quality and their values should be pretty close, even 
without the ability to measure capacitance. The distributed capacitance of my particular jig was 4.6 pF, so even 
untrimmed it is still fairly accurate. 


1 comment. 


Attachments 
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Inductance Measuring Jig Circuit Source | application/postscript | 12.981 kbytes 


Inductance Meter Circuit Source application/postscript | 15.142 kbytes 
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Negistor Applications 2008-02-29 


The "Negistor" is a favourite toy of the Free-Energy Freaks. (More charitably known as the Over-unity 
Experimenters) Unfortunately most over-unity experimenters don't seem to grasp the conceptual difference 
between power, voltage and current. Neither do many seem to understand that average power is an integral 
and most test equipment is not true RMS, and that even true RMS multimeters have bandwidth limitations. Build 
something that will indefinitely deliver more DC power than what it receives from all sources and I'll start taking 
you seriously... 


Anyway, enough OU-bashing, the negistor is a common NPN transistor, biased with its emitter more positive 
than its collector and the base open-circuit. Most signal transistors break down at about 8 volts in this mode and 
in the avalanche region exhibit some negative resistance. Negative resistance is nothing magical of course, just 
a non-monotonic region in the device transfer function, but it lets us build somewhat exotic-looking oscillators. 


Negistor Oscillators 


By placing a tank across the negistor, oscillations up to about 1-2 MHz can be achieved. Even just placing a 
capacitance across the device will cause oscillations, the circuit functioning somewhat like a NE-2 Neon 
relaxation oscillator. 


PY2OHH utilises this curious circuit as a BFO oscillator! This ingenious application inspired my interest in the 
circuit, especially after | realised it could produce pretty linear sawtooth ramps. | was hoping to use it as an 
minimal component external quench oscillator, but the output is very small in amplitude and a unijunction 
oscillator is better suited. With amplification it could be used as a simple sweep generator instead of a 
unijunction, NE555 or Op-Amp circuit. 


The most immediate application | could think of is a simple sidetone oscillator for QRP rigs. Most QRP rigs are 
powered from 12 Volts, so the supply voltage is sufficient, and the resulting circuit has quite a low parts count. A 
piezo squeaker is used to actually make the noise, and just three other components are needed, four if you 
include a keyline diode and maybe five for a shaping capacitor to soften the edges. 
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BC547 


Delux Negistor Sidetone 


You could add a 1k pot for a volume control if you wanted. You might like to pipe the sidetone out via the RX AF 
path instead of via a piezo. In which case you can just capacitive couple it into the AF amp input. 
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Anyway, it works. lts simple, if kinda exotic. Possibly the weirdest code practice oscillator you might like to build 
too. 


Demo Video 
(741.605 kbytes) 


Notes 


Try using the piezo capacitance alone for optimum 3-component minimalism. 

Base voltage affects its properties, one negistor oscillator can FM another... Siren applications”? 

Some transistors work much better than others. | found an old BC109 that worked quite well. 

Can you make a regenerative receiver by putting a variable +ve resistance in the tank and tuning it for 
near-zero affective resistance? 


9 comments. 
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Negistor Circuits Source | application/postscript | 14.431 kbytes 
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bright flashes from 1.2V or less. 
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OK, there is nothing special 
about flashing a neon, but 
this little inverter will run 
from as little as 1.2V (a NiCd 
or NiMH cell). 


The circuit is based on the 
Joule Thief circuit which is 
credited to Z. Kaparnik on 
that site. The circuit is a 
simple oscillator, which in 
the case of the Joule Thief 
has sufficiently high voltage 
spikes at the collector when 
running from less than 1.5V 
to forward bias a LED. In the 
practical circuit | built to test 
the idea (very neat | might 
add!), the spikes are about 
35V peak at 70kHz into an 
open circuit. Add the LED 
and the frequency drops to 
about 40kHz and the voltage 
is clamped to the drop of the 
LED, with a duty cycle of 
about 75%. 


For the neon flasher | have 
used the same Hartley 
oscillator configuration, but 
instead wound it on a xenon 
flash lamp trigger 
transformer to facilitate a 
voltage step-up to the 70- 
90V needed to ionize the 
neon. The raw AC output of 
the transformer will light the 
neon quite well from a 3V 
supply, but adding a rectifier 
and storage capacitor gives 


The trigger transformer is the model available from Jaycar Electronics, it has the secondary wound on the ferrite 
core first, the primary is wound over that with thicker wire. It is a simple matter to remove the primary winding 
and wind 400mm of bifilar 0.2mm winding wire onto the core to make the new primary and feedback windings 
(take about 800-1000mm of wire, halve it, twist it up with a drill, and wind that, then separate out each filament 
with a continuity tester). It isn't really practical to save and re-use the primary, or even leave it in its auto- 
transformer configuration, unless you redesign the oscillator to have the primary in the emitter (probably worth a 


try some day). 


While not really suited to the frequency the 1N4004 works almost as well as an ‘ultra-fast’ device of the same 
current rating, the difference isn't worth being concerned about, | measured it at 2% percent (which was 
surprising). Picking a neon that ionizes at a low voltage allows the circuit to operate usefully to very low input 
voltages. It will continue to oscillate to at least 6|00mV, but won't produce enough voltage to fire a neon below 
about 1V Lorobably wound too many turns on the primary using afew less could extend the operational 
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voltage lower, 
but would make 
the efficiency 
even worse. 
The whole 
transformer is 
‘wrong’, but 
very easy to 
work with. 


My prototype — — 
unit pulls 33mA 1V5 —— 
from 1.5V 
(about 50mW), 
charging the 
output 
capacitor to 
82V before the 
neones hal super Simple Neon Inverter 

means with 

each flash about 500uJ is delivered to the neon gas per shot, at 4Hz flashing rate, that places the efficiency at a 
woeful 4%. Less than 1mW is lost in the bias resistor, the bulk of the losses are in the transformer magnetizing 
current and the capacitive load of the diode and storage cap series combination across the high impedance 
secondary. A resistor to control the charging rate might help with those losses, as might an RF rated rectifier 
with lower reverse capacitance and a fast response time. | am not sure if decoupling capacitors would help, but 
the problem is fundamental, the transformer and rectifier are too lossy because they are operating at around 
200kHz. 


There is no discharge resistor across the cap. | tried a 10M unit, but it loaded the circuit too much to flash at 
1.2V. Instead | just potted the entire device in epoxy. To display how poorly designed and feeble the transformer 
output is, you can place your finger on the epoxy over the hot side of the transformer near the diode and the 
extra capacitance will drop the flash rate. If your unit seems even more pathetically inefficient than mine, try 
reversing the diode, the drive is unipolar and far from square so you should pick the best half of the cycle for 
charging and leave the least for the losses. 


Glow 


Flash 


Although I've made it sound really bad, it works well, even if it isn't very efficient. In glow mode it is quite a bit 
more efficient, the RF output ionizing the neon easily, but the primary still has too few turns and a very large 
magnetization current. Winding your own transformer but keeping the circuit the same you could achieve much 
more efficiency, but the wire would be very thin and take considerable effort to wind without a machine. 


1 comment. 


Attachments 
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circuit postscript source | application/postscript | 12.795 kbytes 
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me and my geeky hobbies 


New Beacon Antenna 2008-07-13 


Its been a while coming, but I've been battling the winter flu so the antenna project has dragged on a lot longer than | wanted. Part of 
the delay was waiting for thick magnet wire to arrive from OBA they were doing a stock take and my order took a few days to process. | 
was happy enough with that as at the time | was in bed crook anyway. 


Once | felt better and had collected all the materials, it was a relatively quick exercise to assemble the new antenna. A three meter 
section of the 15 mm OD Aluminium tube was used for the radiator. A quick lash in the selected position allowed me to measure the 
capacitance it saw against the balcony railing. The figure was a surprisingly high 34 pF... Some quick calculations said | needed about 
60 uH for a base loading coil with enough room to play with assuming my measurements where a bit off. | temporarily tuned out the 
antenna capacitance using the previous loading inductor and my C-jig, then using my impedance bridge and R-jig | was able to 
measure the pure antenna resistance at 22 Ohms. This figure was rather disappointing, but it turned out to be a bit too large, the result 
of significant coupling to my body in the vicinity of the tests. 


Some maths, coil winding and bench testing later | had a 62 uH base load inductor, ~900 pF of matching shunt capacitance and a 
polyvaricon to match the transmitter into the antenna. It turned out the polyvaricons | recently purchased had sufficient voltage rating for 
this application, unlike the one | previously cooked in the C-jig. The loading inductor was close-wound despite this giving is a somewhat 
reduced Q. When the coil losses were compared to the grounding system losses the improvement in Q at the expense of coil volume 
was not really worth it. The coil is already quite large ~2" ID, 5" long and has a pretty good Q, the SRF is beyond 12 MHz. 
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62uH 7-146 pF 


o 


900 pF 


Antenna Matching Network 


A 25 mm dowel and a piece of scrap timber gave me the stand-off and mast for attaching the antenna to the balcony railing. A piece of 
PVC tubing over the timber provided the base insulator (not shown). To hold the radiator square against the mast | bolted two 
appropriately sized pieces of channel section back to back with stainless hardware and held the works together with stainless steel 


hose clamps. This was surprisingly effective and quite easy to assemble with no special tools. Hose clamps also held the mast/stand-off 
to the balcony railing and facilitated the ground connection. 
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The matching network was boxed up and lashed to the mast with cable ties. This is not intended to be its permanent fixture, but it 

seems fine as the matching box is fairly light. If | replaced the cable ties with black UV resistant units it might be better. No doubt the 
matching box itself will suffer from UV exposure, it is just a Sistema Plastics Klip It Meat Keeper box designed for cold-cuts storage. 
Cabling from the matching box to the antenna is currently just alligator clip leads, these will probably fall apart in the salt air within a 


week or two and will be replaced with stainless/Aluminium to copper transitions terminated in banana plugs, all suitably weather 
proofed. 


© 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS toggle 
http://www.vk2zay.net/article/175 3/4 


3,386,883 


31 

The cathode shell 21 of FIG. 23 is mounted in con- 
centric relation with respect to the anode 20 by means of 
the pedestal assembly 42a which corresponds to the as- 
sembly 49 of the fusor of FIG. 11. This assembly 49a 
includes a stainless steel or the like supporting tube 53a 
secured at one end to the anode 28 as shown. An aper- 
tured disc 119 is perimetrically fastened inside the tube 
50a in the position shown and has secured thereto a 
ceramic post 111 which projects coaxially through the 
tube 50a to a position just inside the anode 20, The op- 
posite end of the ceramic post 111 is secured to a mount- 
ing plate 112 suitably rigidly secured to the cathode shell 
21. All the parts just described are sufficiently strong and 
rigid to position securely the cathode 21 with respect to 
the anode 26. 

The left-hand end of the tube 56a of FIG. 23 is adapted 
to have a vacuum pump connected thereto the same as 
has already been described in connection with the preced- 
ing embodiments. 

The high voltage terminal assembly 72a corresponds 
to the assembly 72 of FIG. 11. This assembly 72a com- 
prises a conductive tubular assembly Tia capped at its 
right-hand end as shown in FIG. 23 wiih a bottle-like 
insulator 113 which is sealed in vacuum-tight relation to 
the tubular assembly 7la. Extending coaxially through 
the assembly 71a and the insulator 113 is a rod-like elec- 
trode 114 which corresponds to the tubular element 68 
of FIGS. 11 and 12. The inner end 68a of this electrode 
114 has rigid conductors 115 connected to a mounting 
plate 116 secured to the cathode 21 as shown. The op- 
posite end 117 of the electrode 114 penetrates in vacuum- 
sealed relation the re-entrant end wall portion 118 of the 
insulator 113 to have connected thereto the high voltage 
leads shown diagrammatically in FIG. 23. The parts 7ia, 
113, 114, 115 and 116 are sufficiently strong and rigid 
as to assist in centering and securing the cathode 21 with- 
in the anode 20. A suitable bellows structure 119 is in- 
corporated within the assembly 71a along with a threaded 
micrometer adjustment 129 for tilting the assembly 71a, 


113 slightly so as to position adjustably the cathode 21 < 


within the anode 20. The total support for the cathode is 
provided by the two assemblies 49a and 71a. 

The cathode 21 itself may be made identical to the 
cathode 21 of FIG. 11, apertures 37 and 103 being pro- 
vided therein. The biasing function of the outer shell 
36 of FIG. 11, however, is performed by a biasing screen 
assembly shown in enlarged detail in FiG. 24 and 
identified generally by numeral 121. This assembly in- 
cludes an annular spacer 122 of stainless steel or the like 
which has secured to the underside thereof a fine mesh, 
conductive screen 123 which full covers the aperture 37. 
Concentrically positioned cn the peripheral portion of 
the screen 123 is an annular insulator 124 L-shaped in 
cross-section as shown. Seated on the insulator 124 is an- 
other spacer 125 of some suitable conductor such as 
stainless steel which has secured to the upper side there- 
of a second screen 126 like the other screen 123. The 
screen 126 is arranged parallel to but is spaced from the 
screen 123 for performing the purposes previously ex- 
plained in connection with the screens of FIGS. 14 and 
15 which are attached to the outer cathode shell 36. 

Fitted over the spacer 125 is another annular insulator 
127 of L-shaped cross-section which engages the main 
spacer 122 for holding the second spacer 125 in concen- 
tric position. 

Superposed on and in engagement with the spacer 122 
and the insulator 127 is a flat annular retaining ring 128 
which clamps the parts 124, 125 and 127 into assembly. 
An annular cap 129 fits over the retaining ring 128 as 
shown, and a plurality of circumferentially spaced screws 
130 passing through the parts 129, 128, 122 clamp the 
latter together and secure the same to the cathode 21. 

A sleeve 131 of insulating material is radially secured 
within a companion aperture in the main spacer 122 as 
shown and receives therethrough a conductive connecting 
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wire or lead 132. This lead at its inner end is conductively 
connected to the spacer 125 by being clamped between 
the spacer 125 and the insulator 124 as shown. Each 
of the apertures 37 in the cathode 21 is provided with 
a biasing screen assembly 121 as just described and the 
leads 132 of all of these assemblies are connected to- 
gether so that the biasing potentials applied to all of the 
screens 126 will be the same. 

As in the fusor of FIG, 11, each of the cathode aper- 
tures 1983 of the fusor of FIG. 23 is coaxially aligned 
with the beam axis of the respective ion guns 22 and 22a. 
However, in each of the apertures 103 of the fusor of 
FIG, 23 is provided a biasing-electrode assembly shown in 
enlarged detail in FIG. 25. This assembly includes a tubu- 
lar sieeve 133 of ceramic having an enlarged annular pro- 
jection 134 thereon. The sleeve 133 intimately fits into 
the cathode opening 103 with the projection 134 seating 
against the outer cathode surface. A tubular metal insert 
or electrode 135 is snugly received by the sleeve 133 as 
shown and is provided with an end portion 136 which 
engages the bottom end of the sleeve 133 as shown. The 
upper end of the insert 135 is flared outwardly into a 
smoothly radiused flange 137 which overlaps the upper 
end of the sleeve 133. A suitable wire-like conductor 138 
is wrapped around the insert 135 between the flange 137 
and the upper end of the sleeve 133. This wire 138 is 
of such diameter as to have a wedging fit between the 
flange 137 and the sleeve 133 thereby locking the elec- 
trode 135 to the sleeve 133, The assembly described thus 
far is finally secured to the cathode shell 21 by means 
of a clamping ring 139 fitted over the projection 134 and 
welded to the shell 21. 

Either as a part of the wire 138 or otherwise secured 
thereto is a connecting lead 146 for applying a biasing 
potential to the electrode 135. As will now be apparent, 
this electrode 135 is insulated from the cathode 21. 

All of the ion-aperture assemblies as shown in FIG. 
25 are interconnected by leads 140. All of these leads 140 
are interconnected with the leads 132 of the biasing screen 
assemblies 121 so that the electrodes 135 will have the 
same biasing potential applied thereto as the various 
screen 126. 

Biasing potential is connected to the biasing electrodes 
135 (FIGS. 24 and 25) by means of the assembly shown 
in FIG. 26. This assembly includes an evacuated tubular 
housing, indicated generally by the numeral 141, com- 
posed of tubular housing 142 of metal hermetically sealed 
at the inner end to anode 2@ and at the outer end 
to a glass insulator 143 also of tubular configuration. 
Coaxially within the tubular housing 141 is a center con- 
ductor assembly composed of a metal tube 144 which is 
hermetically sealed at its outer end with a metallic plug 
145. A tubular conductor 146 is also sealed at one end 
to the plug 145 and receives on the other end a sleeve- 
like terminal 147 hermetically sealed at 148 to the con- 
ductor 146 and at the end 149 to the outer end of the 
insulator 143. The space between the outer wall 142, 143 
and the conductor assembly 144, 145, 146 is vacuum- 
tight and in communication with the fusor interior. A 
metal cap 150 conductively carrying a sleeve-like con- 
tactor 151 telescopes over and conductively engages the 
terminal 147. The cap 150 is molded into a protective 
rubber cover 152 which carries a conductive pin 153 
connected at one end to the cap 159 and projects out- 
wardly to a point at which a connection may be made 
to an external biasing circuit. This biasing circuit is in- 
dicated as being in the form of a battery 154 having its 
positive terminal connected to the cathode shell 21 and 
the negative terminal to the pin 153. 

A loop of spring wire indicated by the numeral 155 
conductively engages the peripheral portions of one of 
the screens 126 and is formed by convoluting one end 
portion of a wire 156 which extends through the conduc- 
tive tube 144. This wire 156 is of such length that the 
upper end thereof engages the conductive plug 145 and 
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Connection to the transmitter is made with a few metres of RG-58 coax, the transmitter and switchmode PSU being double bagged and 
placed under the eaves out of the direct weather. | added a "Tune/Operate" switch to the beacon TX which gives a choice between 
keyed CW or just solid carrier. This is very useful for tuning up the antenna network. There is some interaction between my body and 
the antenna, generally | need "overtune" a touch, back off and crouch to minimise my capacitive loading and observe the match. Some 
iteration finds a good setting of the polyvaricon. Initially | used the impedance bridge, but I've found a NE-2 bulb hanging off one of the 
hose clamps on the radiator works very well for tuning for maximum smoke (which very nearly coincides with 50 Ohms resistive input 
impedance to the matching box). 


10 comments. 


Attachments 


O e 


AMU Circuit Diagram Source | application/postscript | 10.604 kbytes 


Parent article: 80 Metre CW Beacon. 
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| threw this receiver together the day before | left for the United States for a months holiday. It is anything but 
physically elegant, | half expected it to be confiscated by TSA so | did not spend a lot of time on making it pretty. 


The circuit is only superficially different to Charles Wenzel's original design. The major departure from Charles' 
implementation is the use of the main tank inductor as a loop antenna. A stiff piece of ECW is used to create a 
50 mm diameter loop, which is both the receiver antenna and the tuned circuit providing the receiver selectivity. 
In this way it is somewhat similar to my VHF Wavemeter, but the detector circuit is an AF amplifier and the 
cross-section of the loop is larger to intercept more RF. 
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Construction centred around the physical bulk of the polyvaricon tuning capacitor, the loop antenna, and the 9 
volt battery power supply. The small centre-off switch selects between bands. One band tunes 32.7 - 126 MHz, 
the other a narrow range of interest in the Air Band, 121 - 133 MHz. In the centre "off" position the loop acts as 
a short-range magnetic probe for RF with sensitivity increasing rapidly with frequency (the loop inductance is 
quite small) - in this mode the device is essentially Charles' Amazing All Band Receiver. 
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The receiver selectivity is so poor tuning can be quite imprecise. This is actually a benefit in practical use, 
allowing sloppy tuning while searching for signals. In practice the only signals you hear on board an aircraft are 
transmissions from the aircraft which hop around in frequency. | did on occasion hear other aircraft on the 
ground or the tower, but the signals were quite weak, the receiver is not very sensitive. That said, on the broad 
tuning band | can hear FM and TV stations quite clearly at home - a high signal area. 
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On the international flight from Australia to the US | heard very little. Once over the pacific VHF is basically not 
used until shortly before landfall in the US. | did hear the push-back, taxi, and take-off clearance 
acknowledgements, and once in the air a few other transmissions before leaving Sydney's controlled airspace. 
Similarly on arrival in the US | heard the pilot contact the approach controller, get talked down through the busy 
LAX airspace and once landed heard the instructions to wait for towing to the gate. Sydney security didn't even 
bat an eyelid about the device, it just went straight through the carry on x-ray scanner. On the aircraft the crew 
and passengers ignored it, but | didn't exactly wave it around nor try to hide it either. 


The domestic flight from LAX to Boston was more interesting. Over land the pilot is continously contacting 
different airspace controllers and moves around in frequency quite a lot. We had to fly around a massive storm 
system and deep into Canadian airspace, changing flight level many times, it is quite interesting hearing the 
pilot request course and level changes to avoid storms or take advantage of jet streams. It is an extra window 
on the whole flight experience. Once upon a time there was an in-flight entertainment channel for this, but 
AFAIK no airline has this option any longer”? Generally tuning coarsely to the "top" and "bottom" ends of the 
narrow range was sufficient to keep up with the pilot, even if you didn't hear what frequency he was 
acknowledging the QSY to. If the signal became weak (indicating the TX frequency was at the other end of the 
band from where | was tuned) you just racked the polyvaricon to the other end of the band. Yep, the selectivity 
is that hopeless you can hear the transmissions (weakly) even if completely mis-tuned by 10 MHz. Once again 
security couldn't care less about the unit. | had purchased a small (Pelican 1030) hard-shell case for the device 
in LA, bright yellow like a Civil Defence radiation meter. One humorous moment was hearing the pilot argue with 
the tower about how much fuel he was wasting while delayed on take-off. 


On the flight back from Boston to LAX TSA did flag the device. | aroused their suspicion somewhat because | 
had a 800 ml dewer of drinking water with me that | forgot to tip out until right at the check-point. | also suspect 
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TSA lady asked me a few questions, | said | was an amateur radio operator, etc. When asked why | built such a 
device | answered simply "I am a geek." Apparently a good answer, | was allowed to continue on my way with 
my receiver. The in-flight reception was a little poorer this time, some broadband RFI from the entertainment 
system was more audible and the air band signal was a bit weaker in the particular seat | was in - still quite 
usable though. 


The international flight from LAX to SYD was quite similar to the initial flight. No security dramas and no traffic 
once out over the pacific. The periodic data-bursts | could hear on all flights was somewhat louder on this flight. 
| assume this is ACARS? Oddly enough the voice transmissions were much weaker, perhaps they use different 
antennas and | was near a node in the RF pattern inside the airframe that the voice TRX antenna excites? 


So, in summary a bit of geeky fun and no security dramas despite a quite conspicuous looking, clearly home- 
made device. 


18 comments. 


Parent article: Non-Emissive Airband Receiver. 
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| was looking into building a non-emissive receiver for the air-band to take with me on the odd occasion | take 
air transport. Obviously with all the EMC paranoia with aerospace technology the only "safe" device is one with 
no possibility of RF emission, even at microwatt levels so regenerative and super-regenerative receivers are 
out. 


Charles Wenzel's excellent site has an interesting circuit along these lines. Essentially an amplified VHF crystal 
set. lt uses a biased 1N5711 to achieve good sensitivity (rather like my wavemeter), and a front-end resonator 
to make it sufficiently selective in the band of interest (instead of being wide-open like his Amazing All-Band 
Receiver). 


The circuit is quite trivial, it took me only minutes to build on a solderless breadboard. | used a TLO72 opamp 
rather than an LM358 (Which makes very little difference at all, despite having many orders of magnitude better 
input bias current and about three times the unity gain bandwidth. lts main advantage is its rather low noise.). 
Once built it works very well indeed. The selectivity is limited almost completely by the Q of the inductor in the 
front-end, and is acceptably wide for the application. | tried tapping down on the inductor (a few turns of tinned 
copper wire) to affect a better match into the detector, the improvement in selectivity isn't really worth the 
reduction of sensitivity. 


The audio gain is more than sufficient to hear the noise from the resistors in the front-end, it might be worth 
using less noisy devices actually. The total audio power might be a bit weak inside an aircraft, but for around 
town it is plenty loud. 
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On the FM broadcast band | could separate about three of the major high-power-end stations, specifically 2DAY, 
2MMM, and 2MIX. 2WS is for some reason the easiest to tune in (at modest distortion), it may be that the circuit 
Q is near-ideal at 101.7 MHz, or perhaps it is just far enough away from other powerful stations that it is easier 
to slope-detect without confounding garbage from adjacent stations. 2DAY and 2MMM are fairly hard to 
separate, you have to tune below 2DAY and above 2MMM to avoid the other. 2JJJ for some reason isn't 
sufficiently powerful in my shack to work well with the receiver, but you can understand the speech of the 
announcer. 2ABC is also easily detectable, but the quality of the demodulation is not fit for its programming. 


You certainly would not want to use this receiver to listen to FM broadcast, it sounds even worse than a super- 
regenerative receiver (and is hopelessly deaf), but perhaps with some effort in constructing a helical resonator it 
might be improved to the point where it was acceptable. | still think the best non-FM receiver I've built for FM 
broadcast is the regenerative one, which has the advantage of variable-Q and good sensitivity. 


On the Airband | couldn't hear a thing with the receiver. It isn't sufficiently sensitive to hear off-air signals, but 
experiments were carried out with the signal generator suggests it should work fine in close proximity to an 
airband transmitter. It works quite well on 2 metres to hear my fredbox, and can separate it from the pagers 
above 2 metres. It can hear TV stations very well, especially ABN-2 and ATN-7. With a baseband amplifier of 
sufficient bandwidth I'd imagine it would be possible to actually watch TV (poorly) with the recovered signal! 
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Thoughts 
Such a circuit is extremely useful around the bench. Much as Charles has built a general purpose one as a 


detector | am considering building one with pluggable coils to cover MF-VHF. It would not be extremely difficult 
to add the audio amplifier stage to my existing wave meter (currently it just has a Hi-Z headphone output). 


For the original purpose of air-band reception at an airport or onboard an aircraft | think a better solution might 
be a TRF receiver. Well, a TRF receiver with a bandwidth of about 20 MHz! Reviewing the noise-floor math, 
suggests it would be quite practical to simply amplify the entire airband (after a good front-end filter) and AM 
detect that (maybe with an AGC loop). The thermal noise floor is around -98 dBm, which means it will need 
signals significantly more than 3 uV for a reasonable SNR assuming a perfect noise figure. At 20 uV the signal 
will need around 80 dB of power gain for a mW of audio (around 200 mV into a 32 ohm mylar speaker - quite 
loud). With 40 dB each of RF and AF gain this seems quite do-able with stability. Making the receiver in this 
manner means it requires no tuning. (i.e. you hear *everything* in band, at once). The big problem would be 
VHF beacons dominating the reception, but perhaps a tunable trap or two in the front-end would let you notch 
out any that were causing you trouble. Beacons are allocated in the 1st 10 MHz of the band, which could be 
rejected by the front-end BPF. 


The BPF for such a receiver would need a loaded Q of only 6 at a harmonic centre of 127 MHz, so it is quite 
practical to build. Two resonators loosely coupled should do the trick, 100 nH and 15 pF is about right with an 
impedance tap about 1/3 of the way up from the cold end. 22 pF trimmers could be used to tune, or some 
squash/spread of the 6 turn coils (8 mm ID, 15-20 mm long). Anyway, that is back of the envelope stuff, only 
way to tell for sure is to build it. The RF amplifier is the most difficult part, 20 MHz wide at VHF, low noise, stable 
and preferably AGC-able with around 40 dB power gain. 


2 comments. 


2010-06-11: Non-Emissive Air-Band Receiver (Implementation & Use) 


A semi-finalised implementation of the passive air-band receiver and field testing while | was travelling in 
the US. 
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Frequency Mixing 
This article is inspired by SolderSmoke 72, where Bill states that he understands the multiplication identity 
maths, but not the actual physical mechanism of frequency mixing through non-linear circuit elements. | decided 
to try to answer that question, to myself mainly, to deepen my own understanding. Of course, it is also an 
excuse to use the new MathML support! 


Multiplication vrs Addition 


As Bill said, frequency mixing results from multiplication of two sinusoids, the familiar trig identity that most of us 
were forced to memorise at school shows this: 


cos(wt)-cos(vt)=cos((w-v)t)+cos((w+v)t)2 


A graphical example might be: 


times 
cos(4-x) cos(5-x) 


which is 


gives 


cos(4-x).cos(5-x) 


plus 
cos(x)2 cos(9-x)2 


An aside to electronics for a moment: This is what we might see at the output of a perfect four-quadrant 
multiplier using a CRO. This might be confusing to some, compared to say the output of a DSB modulator 
driven with an pure AF tone (which looks like what we see below). However remember than the DSB signal is 
actually the superposition of two RF tones, the sum and difference frequency, with the AF and carrier 
suppressed. So quite rightly it looks like the beating below because it actually is the sum of two RF tones. For 
an SSB signal you'd see just the one constant RF tone as one product is suppressed/filtered. For a two-tone 
test you'd see the beating again, and a more complex 4-tone superposition for a two-tone DSB signal. 


Simple addition (Superposition) on the other hand, produces the characteristic "beating" pattern, but this is not 
frequency mixing. The components are simply superimposed. For perfectly linear systems no mixing products 
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cos(wt)+cos(vt)=2c0s((w+v2)t)cos((w-v2)t) 


A graphical example: 


plus 


cos(4-x) cos(5-x) 


gives which is twice 


S(4-x)+cos(5-x) 


times 


cos((92)-x) cos((12)-x) 


The envelope of the w-v2 component is clearly visible, but a filter can't extract energy at w-v2 because there is 
none there, neither is there energy at w+v2. Filters at w or v would however recover the individual components. 
This is obvious if we use our first multiplicative identity upon each apparent "component", essentially reversing 
the process and giving us the separate w and v tones back again. You might like to think of the sum of two 
tones as that which would result from the multiplication of tones of 2 amplitude at their average and half their 
difference. This is somewhat intuitive if you think of it as the result of DSB modulating 2cos((w+v2)t) with 
2cos((W-v2)t) which is cos(wt)+cos(vt). 


In the Frequency Domain 


| personally find it somewhat confusing to visualise this in the time domain, so here is a frequency domain 
picture of what is going on: 


A A A 
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makes conductive contact therewith. The wire 156 is 
maintained in position within the tube 144 by means of 
a small metal ring 157 fitted into the end of the tube 144. 
It will now be seen that by providing one of these assem- 
blies 141 on the fusor of FIG. 23, biasing potential may 
be applied to all of the screens 126 and ion-aperture 
electrodes 135. | 

_ Referring to the ion guns 22 and 22a of the fusor of 
FIG. 23, it should be noted that annular magnets 158 
are provided thereon which encircle the sleeve elements 
79, These magnets 158 have one pole adjacent to the 
anode 20 and the other pole outwardly therefrom. They 
are positioned with respect to the anode 83 (FIG. 13) 
such as to lengthen the travel of the electrons emitted by 
the cathode 97 axially of the gun thereby increasing the 
probability of ionization by each electron. This provides 
an increase in ion generation over the electrostatic ar- 
rangement shown in FIG. 13. In all other respects, the 
ion guns 22 and 22a of FIG. 23 are like that shown and 
described in connection with FIG. 13. 

The operation of a fusor of FIG. 23 is the same as 
that of the fusor of FIG. 11 in almost all respects. The 
same techniques and operating voltages are applied, and 
all of the voltages are made variable so as to provide 
convenient control of fusor operation. As in the case of 
the fusor of FIG. 11, the bias on the screens 126 and 
the electrodes 135 and supplied by the battery 154, for 
example, is adjusted to a value at which the external 
anode circuit current is reduced to a desired minimum. 
The screens 126 over the openings 37 in the cathode shell 
21 provide the desired equipotential surface which is 
more negative than the potential on the cathode shell 21 
as well as the inner screens 123. This inhibits the escape 
of electrons from the inside of the shell 21 thereby reduc- 
ing losses due to the interception of such electrons by 
the anode 20. Also, the screens 126 prevent the positive 
field from the anode 20 from entering the apertures 37 
and disturbing the spherical configuration of the poissor 
therein, as explained previously. 

The electrodes 135 form the same biasing function, 
these being more negative than the cathode shell 21, there- 
by setting up equipotential surfaces which inhibit the out- 
ward flow of electrons from the interior of the cathode 
shell 21. 


Alternative ion gun 


In FIGS. 27 through 29 is illustrated an alternative ion 
gun 22b which may be substituted for the guns 22 and 
22a of the preceding embodiments. Comparing this gun 
226 with the one of FIG. 13, like numerals will indicate 
like parts. Instead of providing a cap such as 89 in FIG. 
13 for sealing off the end of the gun, a ring flange 89a, 
like the flange 87, is used for mounting one end of a 
tubular anode extension, indicated by the numeral 159. 
The outer end of this extension 159 is hermetically sealed 
by means of a cap structure 160. Thus, it will be noted 
that the body or envelope of the gun 22b which includes 
the parts 79 and 159 is considerably longer than the bodies 
of the guns 22 and 22a. 

‘Carried by the wire conductor 93 of the terminal 90 
is a tubular electrode 161 which corresponds to some ex- 
tent to a control grid in an ordinary vacuum tube. ‘This 
‘sleeve 161 is secured to the conductor 93 and additionally 
has a conductive connection 162 to one of the filament 
leads 94. The filament 97 as well as the electrode 161 
are biased negatively by means of a battery 163, the nega- 
tive terminal being connected to the conductor 93 and the 
positive terminal to the body of the gun 22b. This body 
79, 159 constitutes a conductive extension of the anode 
20 such that it is operated at the same potential as the 
anode 20. Surrounding the anode extension 159 is a series 
of bar magnets 164 arranged with the longitudinal axis 
thereof parallel to the axis 165 of the gun 22b. Supporting 
these bar magnets 164 are two axially spaced mounting 
tings 166 and 167, these rings being made of iron or some 
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equally suitable, highly magnetic material. A band 167a 
clamps these magnets onto rings 166 and 167 and retains 
them in assembly. There are six such magnets used in 
the arrangement of FIG. 27 as shown more clearly in 
FIG. 28; however, either a greater or fewer number may 
be used without departing from the scope of this inven- 
tion. 

in operating the guns 22b, the same conditions of fusor 
operation as explained previously are observed. More 
specifically, with respect to the gun 22b, a suitable fila- 
ment voltage is applied to the filament 97 for the genera- 
tion of ionizing electrons. Since the filament 97 is substan- 
tially contained within the length of the electrode 161, the 
electrons in order to travel to the anode 159 must move 
axially of the gun. By reason of the focusing influence 
of the magnets 164, the electrons will be directed right- 
wardly as viewed in FIG. 27 in a spiral path until they 
are eventually collected by the right-hand end portion of 
the anode 159. Fusion-reactive gas admitted to the gun 
via the fitting 98 will be ionized by these electrons, such 
ions thereupon coming under the influence of the more 
negative electrode 161 as well as the fusor cathode 21. 
The ions eventually are accelerated through the aperture 
82 and form into beams which travel paths intersecting 
the tube center 26. | 

Higher ion currents may be obtained from the ion 
guns 22b than those of FIG. 11 inasmuch as the ionizing 
electrons emitted from the filament 97 (FIG. 27) are 
accelerated through longer paths before interception by 
the anode; hence, they have a greater probability of pro- 
ducing tons before being intercepted. 

In the following are given dimensions and values for 
system and circuit parameters for the embodiment of this 
invention as shown in FIG. 23, these being given by way 


of illustration only and not by way of limitation. 
Dimensions 

Internal diameter of anode shell 74 | AE inches... 6 

Thickness of anode shell 20 _....__. do- 0.093 

Anode 20 material _..-.--_-__._o 1304 


Internal diameter of cathode shell 21 -..._inches... 4.38 
Thickness of shell 21 -.----...---______ do... 0.060 
Cathode 21 material _-...-------_--- 1304 
Size of openings y AAA inches diameter... 1.75 
Size of openings 103 -__-__ do... 0.625 
Inner diameter of rings 124, 125, 127 ____inches__ 1.500 
Size of screens 123 and 126 _...________ mesh._ 715 
Spacing between screens 123 and 126 _____ inch__ 0.140 
Overall height of assembly 121 radially beyond 

¿«cathode Ai oat eB a inch... 0.320 
Inner diameter of electrode 135 „z. do____ 0.437 
Length of electrode 135 _____ do____ 0,500 
Distance electrode 135 projects radially outwardly 

from cathode 24 _-.-.-.-- inch. 0,312 
Size of opening 80 ~.. do- 1.125 
Outer diameter of sleeve 79 __________ do- 1.500 
Inner diameter of aperture 82 ____._______ do____ 0.500 
Internal axial length of gun 22, 22a __-___ do- 2.875 
Length of anode 84 ______-__ do- 1.000 
Minimum inner diameter of anode 84 ____do____ 0.625 
‘Maximum inner diameter of anode 84 ___.do____ 0.825 
Spacing of filament 97 from the adjacent end of 

gode Ao. cres inch__ 0.125 


Space between anode $4 and sleeve 79 ____do_.__- 0.187 
Thickness of aperture ring 81 __.________ do... 0.375 
Distance between ring 81 and anode 84 .__do____ 0.500 


1 Stainless steel. 
2 Woven tungsten. 


For a neutron count of 109, the following operating 
parameters for the fusor of FIG. 23 may be used as an 
approximation. Adjustments of voltages and dimensions 
may be required for obtaining this precise count, 
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Lets first consider a linear circuit; two resistors R fed from two AC voltage sources operating at w and v radians 
per second, delivering 1 volt pk-pk each. 


R 
Vout 


cos(nt) 


cos(wt) 


The transfer function is perfectly linear, the output voltage is one half the input voltage, and the input voltage is 
the simple sum of the instantaneous voltages of each AC source. 


Vout=12(cos(wt)+cos(vt)) 


From our identity investigation above, this contains only w and v components in the frequency domain. No 
mixing products are produced. 


Now lets replace the series resistor with a diode. 


Vout 


The diode is the classic non-linear component, its dynamic properties described by the Shockley diode 
equation: 


Id=Is(eVdnVT-1) 


Unfortunately this is absolutely horrible to solve analytically, and | won't attempt to do so here. Read the 
wikipedia Diode Modelling article for a starting point on the gory details. Instead, I'll just assume the diode gives 
as an exponentially changing "resistance" with the applied voltage. This is sufficient for a hand-waving 
argument to show how multiplication occurs. 
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| 


Vd 


a cos(wt) 
S, 


cos(nt) 


Consider cos(wt)+cos(vt) being exponentiated by the diode Vd/Id characteristic. Assume v is much smaller than 
w, such that we can consider cos(vt) to be almost DC during cycles of cos(wt). We'll also assume there is a DC 
bias that prevents the diode rectifying the signals and they are of sufficiently small amplitude to be operating 
near the "knee" of the diode curve - this simplifies the argument and helps the visualisation, but isn't strictly 
required. The voltage seen across the resistor varies something like eAcos(wt)+k. Where k is current value of 
cos(vt) and A some small amplitude constant. You can visualise this as cos(vt) slowly sliding the cos(wt) up and 
down the diode Vd/ld curve. Towards the bottom Id varies quite slowly with Vd, so Vout is some small almost 
constant factor of (a distorted) cos(wt), further up this "constant" increases as the slope of the Vd/ld curve 
increases and so the amplitude of the passed cos(wt) increases. You can think of it as cos(vt) modulating the 
diode's dynamic resistance and hence multiplying its instantaneous value with cos(wt). 


Actually both voltages affect each other, and the products produced also mix. This is intermodulation distortion. 


All this non-linearity also causes harmonic distortion of singly applied signals, distorting their waveshape and 
pushing some of their energy into harmonics. In the simple diode example all kinds of junk is produced, with 
them all intermodulating each other right down into the noise floor. 


More Rigor 


| am always troubled by hand-waving arguments, even if they provide some intuitive understanding. Quite 
frequently such "lies to children" are just that, complete falsehoods of dubious pedagogical merit. Here is a 
more mathematically sound argument... 
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ex=) n=0~(xnn!) 


It is therefore easy to show that ex-1 is well approximated by x+x22 for small x. Remembering for the diode 
equation our x here will contain Vd and that (a+b)2=a2+2ab+b2 it is easy to see that there will be an a-b term in 
the transfer function somewhere. When a and b are our sinusoids x=a+b and we have our multiplying action! 


This is the very heart of intermodulation through a diode. 


The other higher-order terms are less important because their denominator grows as n! and will soon be into 
the noise floor, but it is helpful to remember they exist. In RF systems the 3rd-order products are of some 
concern, because they are quite close to the signals of interest. 3rd-order intercept is hence a figure of merit for 
high-performance mixers. 


This same expansion explains harmonic distortion if you consider that cos2(wt)=1+c0s(2wt)2 and that cosn(wt) 
has a cos(nwt) term in general. 


It is possible to show that all non-linear systems will produce harmonics and intermodulation products. The 
phase and amplitude of the products themselves are a function of the particular system, only in perfectly linear 
systems do the higher-order terms vanish. 


Multiplication by Switching 


Switching mixers can be thought of as multiplying the signal by +k or -k on each excursion of the local oscillator 
waveform. Selectively inverting the signal at the LO rate. Basically the LO is a square wave and its harmonic 
comb is convolved with the input signal, resulting in a heap of mixing products around each harmonic as well as 
the fundamental. Filtering is usually used to pick the IF desired, but this also gives an idea how harmonic and 
sub-harmonic mixing works. 


Symmetric +k multiplication is not strictly required, even just chopping the signal on and off at the LO rate is 
sufficient to achieve frequency mixing (but suffers from other problems due to lack of balance). This can be 
visualised as sampling the signal at the LO rate, where the IF is an alias. If you remove the Vbias from our 
diode example above you have an unbalanced product detector which functions essentially by switching (the 
alias being at baseband). In practice it would need to be driven fairly hard by the LO and would tend to suffer 
from AM break-through, however such circuits are used after IF filtering in many receivers as the signals 
presented to it are well controlled. 


Although not normally described as mixing, the rectification often used to demodulate full-carrier AM is also an 
example of mixing by switching. The carrier toggles the rectified path on and off at the carrier rate, mixing itself 
with the sidebands also present and generating the baseband image (basically folding both sidebands over 
each other). 


True four-quadrant multipliers are ideal mixers and the LO signal remains as pure as it was injected. "Gilbert 
Cell" mixers approach this, and also suppress the injected LO and RF signals because of their symmetry. 
Leaving mostly the IF (and the image) at the output, simplifying the filtering of the IF. 


Parametric Mixing 


We've only discussed time-varying resistance causing intermodulation here, but it is possible to vary reactance 
as well (and impedance in general). Parametric mixers use their pump waveform (LO) to alter the reactance of 
tuned circuits at the LO rate. One or more tuned circuits may be used, depending on the desired result. 


In a parametric mixer one tuned circuit is set up to resonate at the desired IF, and other at the signal frequency, 
they are coupled through a varactor which is then pumped at the sum or difference, converting energy at the 
signal rate into that of the IF rate. The actual mechanism can be considered energy shunting between the 
coupled resonators as their LCR properties are varied, but the mathematics is pretty ugly. Double-sideband 
parametric mixers have three resonators, allowing extraction of both the sum and difference IFs. The IF 
resonators are generally called the idler, which | assume is a term from their mechanical origin? 


It is possible to use a parametric mixer as an amplifier. Parametric mixers have gain as the pump energy is 
converted into the signal and IF frequencies. Hence a small signal in the signal resonator experiences 
amplification and can be extracted there if so desired (directional couplers/circulators are useful to isolate the 
input and output). The gain of the amplifier is controlled by varying the amplitude of the pump. Pump too hard 
and you simply have a parametric oscillator at the IF and signal frequencies. 


Degenerate parametric amplifiers have only a single resonator (i.e. their IF equals the signal frequency) and are 
pumped at exactly twice their resonance frequency. This makes them quite phase-sensitive as the pumping 
must be coherent. The pump frequency for any parametric device must be at least twice the signal frequency. 


Parametric mixing and amplification is typically used at very high frequencies, usually microwaves up to light. It 
is an extremely common practice in optics and low noise microwave converters. However, it can in principle be 
used at any frequency, and even in non-electronic systems, such as mechanics. The playground swing is a 
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familiar example to all of us, changing your centre of mass dynamically alters the inertial terms of the system 
and pumps the oscillation (degenerate parametric amplification). 


1 comment. 


Attachments 


II A ee 


Linear System Diagram Source application/postscript | 9.722 kbytes 


Non-Linear System Diagram Source application/postscript | 10.569 kbytes 
"Non-Linear Multiplication" Diagram Source | application/postscript | 9.788 kbytes 
The Frequency Domain Picture Source application/postscript | 10.181 kbytes 
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One Transistor Voice Transceiver 2008-03-01 


The Inspiration 


Michael Rainey's recent adventures with minimalist transmitters and receivers has been an active topic of discussion on 
QRP-L. Michael's One Transistor Direct Conversion RX inspired me to finally attempt a project I've been toying with for 

years; a one transistor voice transceiver. John Kirk VK4TJ also exchanged some emails with me about single transistor 
TRXs, in particular John reminded me about the QSK-1, Bob Culter N7FKI's single-2N7000 based CW transceiver. 


A one transistor CW TRX isn't that difficult to achieve, but | wanted a phone rig. | was under no illusion that this would be 
extremely difficult to achieve, openly doubting if it was even possible. | agreed to be happy if | managed to achieve any 
kind of "toy" walkie-talkie style performance. 


The General Concept 


| decided to go with minimalist WBFM transmitter and a super-regenerative detector. The topology of both circuits is 
extremely similar, and | had previously got a single transistor FM broadcast receiver working fairly well. It is pretty easy to 
turn a self-quenched super-regenerative detector into an oscillator by just altering source/emitter circuit to prevent 
quenching. This is the approach | took. 


| picked the FM broadcast band as a candidate frequency band. It is not excessively high of a frequency, WBFM is 
already common there, and locally there is an empty gap around 100 MHz where Low Interference Potential Devices are 
allowed to operate (wireless microphones, toys, etc). My spectrum analyser also works well on 3 metres, and includes 
WBFM demodulation. There is no reason in principle why the resulting device could not be rebuilt for 10 metres, which is 
populated, or even maybe 70 cm. 2 metres is too busy now days for a free-running LC oscillator to be 
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frequency stability would become a big problem. Antennas for HTs are much easier at UHF than HF, which might be 
considered an advantage of using 70 cm. 


A Starting Point 


| started with a grounded-gate JFET oscillator. (Using a JFET simplifies the biasing components, while | wasn't trying to 
build a minimum-component receiver, simplicity is always preferable.) A SPDT switch in the source provided the 
switching between straight oscillation and quenched super-regeneration. For RX, a crystal ear piece was used as both 
the audio output device and the quenching capacitance (about 14 nF). The resistor paralleling (4k7) it was chosen to give 
a quench of about 25 kHz which corresponded to the best sensitivity. (Slightly more AF output was available when the 
quench was dropped to around 18 kHz, but the passive filtering required to remove the quench tone killed any extra AF 
output, so | kept the quench supersonic.) For TX just a single resistor was switched in resulting in CW oscillation. A 
trimmer (not show below) in the drain circuit provided tuning from about 70-180 MHz. 


At this point, the RX was working fine. The audio output level is quite low, requiring a quiet room, but the receiver is quite 
sensitive, picking up even the weaker FM broadcast stations with no antenna at all. (The 8 component RX is in itself quite 
impressive in its minimalism!) 


Coupling to the source for an antenna proved to be practical for both TX and RX but did cause some frequency instability 
with hand capacitance. Coupling to the cold-side of the tank offered no better stability. The antenna was left off for further 
experiments, it was just getting in the way, and was something that could be left out for now. 


The frequency shift between TX and RX turned out to be only about 50 kHz for my ugly birds-nest of a prototype. This 
was completely unexpected. Previous experiments had delivered circuits with more than 800 kHz of shift between CW 
and quenched oscillation. The 50 kHz shift is pretty acceptable with WBFM, considering the selectivity of the RX. 


Getting TX Modulation 


To FM modulate the TX carrier | injected 100 mV of audio from my signal generator into the junction between the source 
resistor and the RFC. This resulted in an acceptable deviation, similar in "loudness" to commercial FM stations. However, 
here | had a problem. 100 mV of audio into a low impedance point would require some kind of audio amplifier, no passive 
microphone could deliver this. 


For the purposes of further experimentation | built a two transistor AF amplifier which could amplify a dynamic or electret 
mic signal up to the required level and drive the low impedance of the source. Note that this particular circuit is capable of 
providing RX audio amplification as well, and can drive 32 Ohm headphones to a reasonable volume. 
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In an attempt to avoid the need for the AF amplifier | lifted the J310's gate lead and took it back to ground with a 1M 
resistor, paralleled with 1 nF of RF bypassing. This gave me a higher impedance point into which | could inject much 
smaller AF signals and get the JFET to amplify the signal itself. The result was fairly good deviation with just a dynamic 
Mic and a DC blocking capacitor connected to the gate - at least as long as you yell into the microphone! 


A down side was this change to the circuit caused the RX/TX frequency shift to increase to almost 500 kHz. | had always 
planned to include a switched trimmer to correct the RX/TX shift, so while annoying, this wasn't a fatal flaw. The RX 
frequency was higher, so a DPDT switch could be used to switch in extra capacitance on RX. This gives you a RIT 
feature too which is very helpful in minimising RX audio distortion. 


The low deviation was a problem though, it was no where near as good as with the source injection with the AF amplifier, 
and combined with the fairly poor AF output of the RX this configuration is just barely usable (unit-to-unit anyway)... 


After much fiddling around | decided to cheat and use a electret microphone instead of a dynamic one. A electret mic has 
an internal FET and can't be classified as "passive" (but more importantly for the circuit, its output is significantly greater). 
Along with adding a AF bypass capacitor at the source resistor, this provided acceptable deviation with no additional 
stage of AF gain and only a moderately raised voice. 


A carbon microphone might be a way to avoid the extra "active" device. | also contemplated directly pulling the tank 
frequency with either the capacitance of a microphone diaphragm in close proximity, or a piece of ferrite glued on to a 
diaphragm which might be rubber or acetate sheet stretched across a PETE plastic bottle top as an acoustic "horn". The 
mechanics of this were thought too fiddly for the proof of concept unit, the purists might like to explore this route however. 


Success 


So at this point, | have a working toy VHF transceiver using only a single J310 transistor and just a handful of other 
components. The miniature switch and earphone socket dwarf most of the other components, and the current drain is 
next to nothing. 
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I've contemplated building a pair of these circuits into Eclipse mint tins. 
| do really need to build at least two, so | can have a proper QSO unit-to-unit. 


Improvements 


The proof-of-concept circuit has a lot of limitations, the biggest is no RIT or fixed TX/RX frequency shift compensation. 
When | tightened-up the initial messy layout, the circuit actually ended up having a much smaller T/R frequency offset. 
Almost acceptable considering the selectivity of the RX, but wrong enough to limit its performance significantly. 


At its most primitive using a DPDT T/R switch and a small compensating trimmer would allow correcting this. | am 
tempted however to use varicap tuning for the RIT. Some TX shift would be handy for "netting" three or more units, so 
perhaps a pair of pots; tune + RIT. 


The microphone isn't cut off on RX, you can hear it in the RX audio. Removing the microphone supply or shorting out the 
transistor gate would fix this. More T/R switch poles or some diode switching associated with the RIT implementation 
sounds the most feasible. 


The TX frequency takes a moment to settle while the AF bypass capacitor on the source charges. This isn't a big deal, 
but you can watch the oscillator sweep up the band on the SA as it charges when you first key the transmitter. Reducing 
the value of the capacitor helps, but reduces the low-frequency deviation. Some adjustment of TX frequency is available 
by varying the source resistor, but this also changes the output power and can only be done within certain limits (before it 
starts super-regenerating at a fraction of a Hertz or the transistor saturates). It is possible to tune out the T/R frequency 
difference by this method. 


Obviously coupling the tank to an antenna needs to happen in the final unit too. 


More Devices? 


There is a obvious trade-off here in performance vrs device count. For one active device you get a quiet RX with 
moderate TX deviation, and an output power in the milliwatt region: Usable, but only really to say you've done it! 


Adding another transistor gives you either better RX AF gain, or more TX deviation. Two extra transistors lets you have 
quite good TX and RX performance, but you are still tied to the earphone for RX. Extra switching lets you drive a small 
speaker which will also act as the microphone, but a 4PDT TR switch is required and circuit complexity is rising fast. An 
dual Op-Amp IC gives you similar options for more current draw. 


If you don't mind extra transistors you can just build yourself separate Microphone and Speaker amplifiers. Three or four 
extra transistors gives you a quite capable little rig. You can even just build the TX and RX separately and switch the 
power and antenna, at that point though, you have a transceiver not unlike the Fredbox. 


aYa AWW LIAN a aya AVALAVA i Amala a Alanna Ihala i a aYa AYALA SaVaTadaTa i AWATAarra a CALA a aYa aia a a ALOJA 
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FM in the current circuit, but a modulated buffer would be a better idea to minimise FM. Crystal locking the TX frequency 
would be an option for an AM rig. 


RF buffering on RX would reduce LO radiation. On TX you could develop more power with a stage or two of amplification 
and both would help prevent the antenna loading pulling the frequency around while in use. 


So even if limited to say, 6 transistors total you could make a pretty good transceiver with a tiny footprint and power 
consumption. Of course, it would have none of the wow factor of using a transceiver with only one transistor! 


8 comments. 
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Optical Tachometer 2002-12-14 


| built this simple reflection-pair optical 
tachometer head for my CD-ROM 
structural strength experiments. | 
needed a simple and accurate way of 
measuring their angular speed, while | 
spun them, before | could proceed to 
more scientific tests. 


The circuit is simplicity itself. There is a 
red LED to illuminate the target and a 
photo diode in photo-conductive mode 
to pick up the reflected light. A simple 
three-wire (supply/signal/common) 
umbilical feeds back to the power supply 
and readout. Currently | use my CRO for 
the readout, but | have left room on the 
head board for a pre-amp to help 
integration with a counter circuit at a 
later stage. 


As you can see in the picture, | am using 
a boot from a alligator clip as the light 
shield. The resulting signal is about 
50mV pk-pk for the difference between 
the shiny CD surface and a black region 


painted on with a whiteboard marker. 


The supply voltage is 6V, but anything that E 
correctly biases the red LED and photo diode Optical Tachometer Head 
with the given resistor values will work fine. | 
used 4 AA penlight cells in a holder than offers 
a 9V battery snap style connector. 


Below is an image of the signal observed while 
monitoring a CD being spun via a small electric 
motor. The two peaks are from the non- 
reflective black lines on the CD the smaller 
blurry peaks are the RF noise from the electric 
motor (Their constant phase relationship with 
the optical signal indicates the drive connection 
is solid with no slip, their number also confirms 
the motor has 3 poles). The vertical gain is 20mV/div and the horizontal rate 2ms/div, giving an RPM of about 
4800. 
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Deuterium and 
tritium, equal 
portions. 

2 microns. 

30 milliamperes. 

100 kilvolts, 


Fusion-reactive gas 


eutral gas pressure in fusor 
Anode 20 circuit current 
Anode 20 applied voltage -~-~ 
Voltage of supply 100 as applied to 


the anode 84 AAA 250 volts. 
Voltage applied to the filament 97 -- 6 volts. 
Filament 97 current ~-.....-______ 7 amperes. 
Bias voltage on screens 126 _._.____ 500 volts. 


‘A viewing port assembly 168 is attached to the anode 
20 as shown in FIG. 27 for the purpose of permitting 
observation, either directly or indirectly by means of 
closed circuit television equipment, of the reaction which 


5 


occurs in the center, the outer end of the assembly 168 | 


being vacuum sealed by reason of a window 169. 

While there have been described above the principles 
of this invention in connection with specific apparatus, it 
is to be clearly understood that this description is made 
only by way of example and not as a limitation to the 
scope of the invention. 

What is claimed is: 

1. In a device for producing nuclear reactions, anode 
means, cathode means inside said anode means, said 
cathode means defining a volume centrally located with 
respect to both said anode and cathode means, said vol- 
ume being free of tangible structure, said cathode means 
being open to the flow of gaseous particles therethrough, 
a fusion-reactive gas within said volume, means supply- 
ing a potential between said cathode and anode means for 
establishing an electric field therebetween, means includ- 
ing said cathode and anode means and said potential- 
supplying means for accelerating ions of said gas to fu- 
sion-reacting energies along converging radial paths in 
said volume, and means for inhibiting flow of electrons 
from said volume to said anode means, said inhibiting 
means including means for biasing the open portions of 
cathode means more negatively than the cathode means 
itself. 

2. The device cf claim 1 wherein said volume is sub- 
stantially spherical in shape and said paths have a com- 
mon intersection in the central portion of said volume, 
and further including means maintaining said gas at sub- 
atmospheric pressure. 

3. The device of claim 1, said cathode means being a 
generally spherically shaped metallic shell having a plu- 
rality of openings therein. 

4. The device of claim 3 wherein said anode means 


is a generally spherically shaped metallic shell concen- : 


trically surrounding said cathode shell, said inhibiting 
means including a plurality of biasing electrodes, one 
electrode for each opening, said biasing electrodes having 
portions peripherally coextensive with said openings, re- 
spectively, and means for applying biasing potential to 
said biasing electrodes for establishing said equipotential 
surfaces. 

5. The device of claim 4, including means connected 
to said anode shell for generating and injecting charge- 
particles into the space between said cathode and anode 
means, the magnitude of said electric field being adequate 
to direct at least a portion of said charge-particles through 
at least a portion of said openings and into said volume. 

6. The device of claim 4, including a plurality of ion 
guns carried by said anode shell in radial alignment with 
respective ones of said openings, means including said 
ion guns for directing ions through said openings and into 
said volume, whereby ions from said guns may be pro- 
jected toward the opposite side of said anode shell. 

7. The device of claim 6 wherein the first openings 
diametrically aligned with said ion guns, respectively, are 
free of structure and the remaining second openings are 
covered with biasing screens, respectively, means insulat- 
ing said screens from the cathode shell next adjacent to 
said volume, the biasing electrodes for said first openings 
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including annular elements coaxially fitted into the re- 
spective cathode shell openings, said annular elements 
being insulated from said cathode shell. 

8. The device of claim 7 wherein each of said second 
openings is covered with two screens, the first of said 
screens being conductively mounted on said cathode shell, 
each second opening further having an annular insulating 
device coaxially surrounding the same and operatively 
mounted on the outer side of said cathode shell, each 
insulating device having a second of said screens mounted 
thereon spaced from the first screen, and connections to 
said second screens for biasing the same negatively with 
respect to said cathode shell. 

§. The device of claim 6, wherein the means for main- 
taining said gas at sub-atmospheric pressure includes a 
supply of neutral fusion-reactive gas connected to said 
ion guns and also means for controlling the pressure 
of said gas as admitted to said ion guns in the range of 
from 10-3 to 10-8 millimeters of mercury, said ion guns 
and said anode shell being hermetically sealed and in 
communication with each other, said controlling means 
including a vacuum pump for exhausting gas from within 
the space of said anode shell. 

10. The device of claim 2, said anode. means incudl- 
ing a generally spherical anode shell, said cathode means 
including two generally spherical concentric cathode 
shells spaced apart a predetermined distance, said two 
cathode shells having a plurality of openings therein 
which are in radial registry, said cathode shells being 
concentric with respect to said anode shell, means for 
biasing the outer one of said cathode shells more nega- 
tive than the inner one. 

11. The device of claim 10, including means con- 
nected to said anode shell for generating and injecting 
charge-particles into the space between said cathode and 
anode shells, the magnitude of said electric field being 
adequate to direct at least a portion of said charge- 
particles through at least a portion of said openings and: 
into said volume. 


12. The device of claim 11, including a plurality of ion 
guns carried by said anode shell in radial alignment with 
respective ones of said openings, means including said ion 
guns for directing ions through said openings and into 
said volume, whereby ions from said guns may be pro- 
jected toward the opposite side of said anode shell. 

13. The device of claim 12, wherein the first openings 
diametrically are free of structure and the remaining 
second openings of the outer cathode shell are covered 
with biasing screens, respectively, said screens being 
conductively secured to said outer cathode shell, said 
means for maintaining said gas at sub-atmospheric pres- 
sure includes a supply of neutral fusion-reactive gas con- 
nected to said ion guns and also means for controlling 
the pressure of said gas admitted to said guns in the range 
of from 10-3 to 10-8 millimeters of mercury, said ion 
guns and said anode shell being hermetically sealed and 
in communication with each other, said controlling means 
including a vacuum pump for exhausting gas from within 
the space of said anode shell. 

14. The device of claim 13 including means connected 
to said anode means for coupling electrical power there- 
from. 


15. In a device for producing nuclear reactions com- 
prising anode means, cathode means inside said anode 
means, said cathode means defining a volume free of tan- 
gible structure, a fusion-reactive gas within said volume, 
said cathode means having openings for the traversal 
therethrough of charge-particles, means including said 
anode and cathode means and ions of said gas forming 
a space charge in the central portion of said volume, said 
space charge including electrons and ions of said gas so 
distributed as to produce a substantially spherical electric 
field which confines target ions in a point-like region in 
said central portion and oscillates projectile ions through 
said region at nuclear reacting energies, whereby fusion 
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Leave a comment on this article. 


Attachments 


e | e a 


circuit postscript source | application/postscript | 9.903 kbytes 
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Pancake Geiger Muller Tubes and a new Power 2009-06-07 
Supply 


| found some very nice ~ 50 mm pancake Geiger Muller tubes on eBay. They were about $60 AUD landed from the Ukraine, so naturally 
| couldn't help myself, | bought a pair. 

They are fairly modern devices, built in the 90s with a Neon/Bromine fill and an operating voltage of about 400-500 volts. Their end- 
window is a bit thicker and more alpha absorbing than the one in my old high school tube (likely for the required mechanical robustness 
to not implode), but their overall sensitivity is much better because they are physically larger. 
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With the end window being quite transparent you can easily see the discharges in the tube caused by the ionisation radiation. While not 
particularly localised (the plasma sheath expands rapidly by secondary ionisations in the avalanche) it is a bit like a spark chamber, 
showing you roughly where the particle passed through the detector. | quite enjoyed observing the flashes in the dark, it is a bit like a 
spinthariscope, only with much brighter diffuse pink flashes. | tried to capture the effect on video, but wasn't very successful. 


Video of the GM tube discharge flashes in the dark 
(4.934 Mbytes) 
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1/10/2018 
Initially | used the circuit | built for the previous tube, but | decided to build a smaller portable version | could use a "survey meter" - there 


are some Coleman lamp mantles at Big-W | want to determine are Thoriated or not... A new inverter was constructed on a scrap of PCB 
material. | tried a different 10 mH inductor from the junkbox this time and found it worked better than the unit | had used previously. This 
let me use fewer multiplier stages for the supply, the circuit ending up virtually identical to Charles Wenzel's, except | used a protective 
gas-gap tube (from Rockby's clearance sales) for the regulation string and picked off the voltage at the last multiplier stage. This gives 
my unit excellent regulation and | lucked out that the tube gives almost exactly 500 volts in the circuit. (Open-loop the device delivers 783 
volts.) The 3-pin transient protection tube is designed to be placed across telecom lines and features a 350 volt breakdown from each 
line to earth. It just so happens the breakdown from line to line is about 500 volts - perfect for my purposes. | originally grabbed them for 


a crazy idea of using them in Marx generators as a substitute to spark gaps or avalanche devices, but | am yet to try that. 
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To measure the very high impedance output of the supply | threw together a simple instrument using a 1 GQ resistor and a commercial 
200 mV FSD LCD digital display module. The module came from Rockby and has an input impedance that exceeds 200 MQ, but | am 
shunting it with 10 kO so in relative terms it is quite insignificant. The 1 GO resistor | got from Farnell, and cost a ridiculous $8.40. It is 
rated to 5 kV, but I've tested it to beyond 15 kV. | arranged the meter decimal point so it reads directly in kV, forming a 20 kV FSD meter, 
but | wouldn't trust the single 1 GQ resistor at 20 kV. I've used it to measure 15 kV sources however. | killed one of my favourite 
multimeters trying the same thing at 30 kV, so | am hesitant to push my luck much further until | build a similar device with good insulation 


and protection devices across the divided output. 
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Anyway, the resulting radiation measurement instrument is not calibrated in any way and offers just a piezo clicker for registering tube 
counts. | intend to add a count-out jack and probably interface it with a microcontroller driven LCD. The tubes came with sufficient 
information to roughly calibrate the device (about 200 counts per micro-Röntegen for Cobalt-60 gammas). 
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It fits the bill for a compact activity sensing unit | can take down the mall and check out the Coleman mantles with. Here is a video of the 
unit clicking away to the beta emissions of the small Potassium 40 content of natural Potassium Chloride. 


GM detectin Potassium-40 emissions 
(2.894 Mbytes) 


The sensitivity of the tube is quite excellent. Without integration the emissions from the KCI are easily missed when using the old end- 


window tube. With the pancake tube they are quite obvious to the ear alone. The supply will work just fine with the older tube which is 
handy, and I've re-plugged it with a BNC to facilitate quick swapping. 


12 comments. 
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Parallel Port Breakout 2003-07-11 


One day a fair while ago | built this 
prototype parallel port breakout widget after 
spending a few frustrating hours working 
with the arcane pin-out of the PC parallel 
port. 


It probably isn't a new idea, and it probably 
isn't really that earth shattering, but | find it 
much easier to work with the signals lines 
brought out in the same order as their 
respective bits in the registers that 
represent them. At least when | am probing 
around with a logic probe while debugging. 


The prototype was built using some fine 
gauge enamel wire and about an hour of 
patient soldering. You can build your own 
pretty easily, but it is time consuming. After 
extensive use of the little tool | showed it to 
a few people and they loved it, vowing to 
build their own. 


The idea, for those unfamiliar with the 
practice of using machined-pin IC sockets 
as transient connectors, is to use a piece of 
solid-core (single strand) hook-up wire to 
plug into the socket and then into your 
prototype on a solderless breadboard. | find 
the wire from cat-5 cable, or old PC data leads ideal for this kind of service. A pair of side cutters and a T-Rex 
stripping tool is an excellent rapid bread boarding combination. (Sourcing 0.71mm solid core PVC jacketed wire 
is increasingly difficult and expensive compared to flex hook-up wire, at least in my neck of the woods.) 


| decided to get a small PCB made up to make building them trivial. | figured, worst case, | can probably flog 
them on eBay if my idea turned out to be totally insane. 


Unfortunately the first batch | got made up were missing the silkscreen because the board house's machine 
broke down and they sent them anyway, believing | was in a rush for them. This is a little annoying, but doesn't 
make the entire batch worthless. | am selling them on eBay at cost. I've since received a replacement batch 
from the board house with the silkscreen which will also be sold to friends and on eBay. 


Here is a picture of one without a silkscreen: 
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The leading / denotes signals of inverted logic (i.e. active low, a O in software is 5 Volts in hardware). The PC 
parallel port is represented in software as three 8 bit IO locations. For the first port, the lO base address is 
0x378. Various signals, both input and output and inverted in the hardware of the PC port, this breakout is 
completely passive, doing nothing to 'correct' this, it simply notes it in the silkscreen and lets you deal with it in 
your application hardware (or software). 


The first register (i.e. 0x378) is the Data or D register. By default it is an 8 bit wide output. This breakout maps 
DO-D7 to pins 1-8. By setting a bit in the Control register you may turn these pins into 8 inputs with weak pull- 
ups. There is no facility to do bit-wise I/O selection, it is all 8 bits at once or none. At least for the SPP mode. 
Input (bi-direction) may not be supported on some older ports, but all modern devices claiming to be SPP 
compliant will offer bidirectional mode. The pins can source several mA, and can light a LED via a 560 Ohm 
resistor to the DC return/ground, which this breakout offers as pin 10. 


"In fact I've made up several strips of LEDs with dropper resistors on a piece of IC socket or SIL header. It is 
very handy for viewing byte-wide bus states, or general bit states from a prototype. If you are fortunate enough 
to come across an IC test clip you can make a buffered parallel logic probe." 


The second register (i.e. 0x379) is the Sense or S register. It offers 5 inputs, mapped to the 5 MSB of the 
register. The MSB (S7) is inverted. The inputs typically offer weak pull-ups in hardware, but I've seen many 
ports that are a bit weird in this respect, in particular many Toshiba laptops have truly bizarre parallel ports. The 
bottom 3 unused sense bits seem to always read 1 in SPP mode, but | wouldn't depend on it. 


The third and final register (i.e. Ox37A) is the Control or C register. It offers 4 outputs mapped to the 4 LSB of 
the register. All are inverted except C2. The output will source a few mA and are much like DO-D7, some are 


dono to bho non coll uno ono blos 


( \ il All | VI RÁ E 
i (C a E l al A F X ji N A A 
SL Y E Abi ic ANTE ENIES ALTE IWVIL | as 
: ee en ee hoa 
Bah te: — | = 


y. 


http://www.vk2zay.net/a 2/3 


1/10/2018 Alan Yates' Laboratory - Parallel Port Breakout 


enables interrupt generation, the IRQ associated with the parallel port (i.e. IRQ 7) will fire on the rising edge of 
S6. C6 and C7 seem to always read 1 in SSP mode, but again don't depend on it. 


Strange things to watch out for are ports that tri-state after each read, or only assert DO-7 while the Strobe 
signal is asserted. This is totally broken, but not uncommon on cheap 486 I/O cards and laptops. 


This site has a huge collection of parallel port information. It also carries lots of Win32 specific software and 
links, which is something | can't help you with :-). 


I've also written some software for Linux to help with prototyping with these things. It is very simple, it offers a 
few commands to print the state of the parallel port registers, toggle or set individual bits, and set entire 
registers to decimal, hex, or octal values. It is interactive, the ? command gives the command list: 


Commands: 
q quit 
? this usage message 
r Read status of port 
d <byte val> assign Data register 
D <bit num> toggle bit of Data register 
c <byte val> assign Control register 
C <bit num> toggle bit of Control register 


Byte values can be supplied as decimal (e.g. 34), octal (e.g. 042), or hex (e.g. 0x22). 


In Linux you need to be root to call the ioperm() system call (giving a user space process access to lO space). 
You should setuid the tool and only allow your development people's group to execute it. You may of course just 
run it as root, but setuid is nice. It isn't written to be super secure, it is a development tool, not something you'd 
have on a Internet facing server. #include <std-disclamer.h> 


Some ideas to get you started? How about bread boarding my 12C Interface/Serial EEPROM programmer, or 
how about testing some stepper motors with something like this code and this circuit (I've used this many times, 
works great for small steppers from fax machines, scanners, and disk drives. Use more voltage for more torque, 
you will warm up, but not destroy 5 V steppers running them from up to about 18 Volts, just don't leave them 
sitting there burning, share the current around the windings, or add resistors.). Two steppers can be controlled 
via one port in this manner, for example, to move an X/Y platform. Perhaps some other 2 dimensional control 
system. Limit switches can be read via the Sense bits. Perhaps the Control bits can turn on machines, maybe a 
vacuum clamp, maybe a Z-axis stepper. CNC here we come :-) 


Leave a comment on this article. 
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Pedometer with Morse Interface 2008-05-04 


This project was inspired by the death of my current pedometer's battery. Being too lazy to find my box of 
LR44s buried somewhere in my junque box, | decided to implement my own pedometer. Longer term | have 
visions of storing biotelemetry into a serial EEPROM for later analysis (making it a more useful device than the 
current cheapy commercial unit), but this initial proof of concept is just a step counter. 


The concept was scribbled in my notebook on the evening Ferry trip home for work last Monday, shortly after | 
noticed my commercial pedometer was dead. Unfortunately | didn't get a chance to actually work on the project 
until the weekend, but once | started it only took a few hours to get going - I'd had almost a week to design it in 
vivo. 


Yeah, but Morse Code? 


Using Morse Code as the interface was from the realisation that it was fairly easy to implement, consumed very 
little power and took only one drive pin (compared to the three required to charlieplex LEDs for a 6-pixel POV 
display - a future project no doubt). Usability might be a problem, but it is also a good excuse to drive me to 
learn CW properly, the numbers are easy and | think even complete CW novices would learn to read it quickly. 
No doubt such a device might be good for the vision impaired. 


Hardware 


The interface is simple, a Mercury switch as a footstep detector, a button which you can press to request the 
current count be squeaked out in Morse Code (through a piezo) or held somewhat longer to clear the count 
back to zero. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
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The brain is a ATtiny13V MCU, sourced from Futurlec. Power is from a CR2025 Lithium battery which was 
found on my desk and for which | just happened to have a bag of battery holders from a recent Rockby 
clearance. The same Rockby order also supplied the Hg switch, button, and the piezo. The only other 
component is a 100 nF decoupling cap across the MCU. 


Smaller components could miniaturise the unit a lot, the piezo, battery and switch in particular are quite large, 
but an SMD tiny13 is available too. 


Here is a video of the prototype being tested: 


Prototype Under Test 
(5.878 Mbytes) 


Software 


The MCU spends most of its time sleeping powered-down. Asynchronous pin-change interrupts wake it for a 
footstep transition or the button. Footsteps are de-bounced before counting and have a lockout period to limit 
the transitions to physically likely frequencies (about 5 Hz max which is reasonable for human cadence rates). 
The counter is incremented, then straight back to sleep after toggling the piezo drive line (generates a quiet 
click). Button presses are debounced in a similar manner and then decided between a press and a longer hold, 
which drives either a display action or clearing of the counter. 


The Morse Code is stored as 2 bits per symbol. This is a standard I've used in beacon code in the past, in fact | 
put the full code in there for handling char and word spaces even though it isn't used. | am considering adding 
an interactive menu so it might be needed in future. In the current application | actually only need one bit for 
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reactions result from collisions between said projectile 

ions and between said projectile ions and target ions, 

and means for biasing the openings in said cathode means 

negatively with respect to said cathode means for inhibit- 

- ing the flow of electrons from the volume inside said cath- 
ode means to said anode means. 

16. The device of claim 15 wherein said space charge 
is arranged in a configuration which provides a spherical 
virtual anode concentrically surrounding a spherical vir- 
tual cathode, said cathode means including a generally 
spherical shell concentrically surrounding said virtual 
anode thereby providing an electric field therebetween 
which exerts a force outwardly on a positively charged 
particle in a direction radially toward said cathode means, 
the potential of said virtual anode being of a magnitude 
which propels ions inwardly and oscillates them as pro- 
jectiles through said virtual cathode at nuclear-reacting 
energies, whereby collisions of ions in the region of said 
virtual cathode produces nuclear reactions. | 

17. The device of claim 15 wherein said gas is of a 
composition that reactant products of fusion include posi- 
tively charged particles which are propelled outwardly 
against the field of said anode means with sufficient en- 
ergy to transfer the charges thereof to said anode means 
thereby generating electrical power, and circuit means 
connected to said anode means for coupling the generated 
electrical power therefrom to a utilization device. 
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18. The device of claim 17 wherein said anode means 
includes a generally spherical conductive anode shell, said 
cathode means includes a generally spherical conductive 
cathode sheil concentrically positioned inside said anode 
shell, said cathode shell having said openings therein, said 
positively charged particles passing through said openings 
in transit from said volume toward said anode shell, and 
said circuit means including a load impedance connected 
in series between said anode and cathode means whereby 
said generated electrical power may be coupled from 
said impedance to a utilization device. 

19. The device of claim 17 wherein said space charge- 
forming means includes a power supply connected to said 
anode and cathode means for applying an operating volt- 
age thereto; the value of said operating voltage, the com- 
position of said gas and the number of gaseous particles 
within said volume being so related that the fusion reac- 
tions are self-sustaining and contribute more power to 
said circuit means than is consumed in initiating such 
reactions. 


References Cited 
UNITED STATES PATENTS 


3,258,402 6/1966 Farnsworth 


REUBEN EPSTEIN, Primary Examiner. 


1/10/2018 Alan Yates' Laboratory - Pedometer with Morse Interface 


spacing is constant). There is still a bit of ROM left so | could shrink the CW associated code and put in another 
feature that didn't need Morse, perhaps I2C support for data logging. 


All the timing intervals and frequencies are set by defines and are easily tuned to the user's preferences. The 
800 Hz morse frequency is a bit low for efficient drive of the pizeo used, its resonant frequency is about 4 kHz. 
Lower frequencies are more traditional for CW, but higher ones sound cleaner because of the reduced 
harmonic content. | picked 15 WPM as a good beginners rate, but 25 might be better as you are tempted to 
count dits and dahs at only 15 wpm. 


| did have a little stack-smash problem with the software that took some figuring out. | was simply running out of 
stack because of the number of frames | had in the execution trace. Some code revision fixed it, in particular 
moving the decimal magnitude array into ROM, originally | was creating it on the stack - all 10 bytes of it! | also 
reduced the size of some loop counters to save a bit more when they were pushed. | was at one point going a 
bit nuts though, | even compiled the same algorithm with gcc to prove it was OK on the "big machine". The 
experience made me investigate the standard toolchain utilities much more closely, in particular avr-nm and avr- 
objdump. Reading the assembled output of avr-gcc is always helpful in such a situation. The compiler is very 
good, but looking at what it generates | know | could do a little bit better by hand if | ever need to really squeeze 
more into a small device like the tiny13. 


The source is here. 


Battery Life 


The two internal weak pull-ups probably dominate the current consumption. It takes about 90 UA sleeping, 1.3 
mA while sounding. The CR2025 has a capacity of about 150 mAh so I'd expect about 2 months battery life with 
modest use. This could no doubt be improved. 


2 comments. 
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Phantom-Powered Active Loop Receive 2010-03-27 
Antenna for 30 Metres 


This loop antenna was built for 30 metre QRSS reception, but tunes beyond 30 metres and might be useful for 
general narrow-band (fix-tuned) HF work. 


The Antenna 


The loop is two turns of ~3 mm multi-strand hook-up wire, wound on a large (465 mm diameter) embroidery 
frame. The coil is centre-tapped, and referenced to "ground" at that point. A polyvaricon tunes the coil to 
resonance at the frequency of interest, and a push-pull JFET buffer amplifier transforms the very high 
impedance of the parallel resonant circuit down to something suitable for what is seen through the coax from 
the receiver (and also offers some power gain at the same time to offset feed-line loss). The buffer can deliver a 
relatively large amount of power, in excess of 0 dBm. This should offer good strong-signal handling, but | have 
not measured its IP3. 
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Each J310 stands about 2.5 mA. | hand-picked a pair of well matched J310s (by Vpp and Idss), this is likely 
unnecessary but it can't hurt to ensure each arm has similar biasing and gain to optimise the distortion 
cancelling effects. The 33 Ohm resistors in the drains help eliminate any tendency for spurious oscillation. The 
supply current feeds into the bifilar drain loads from the decoupled "cold"-end of the output winding, using it as a 
choke. This seems to work well in practice, with no visible distortion asymmetry (when over-driven) from the DC 
bias on the magnetics. (The standing currents in the bifilar winding cancel, but those in the output secondary do 
not, fortunately the supply current is only about 5 mA so this should be of no consequence. As long as the 
transistors saturate well before our ferrite core - an FT50-43 - we are in good shape.) 
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Active HF Receive Loop Antenna Bias-Tee 
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More gain is available by bypassing the 100 Ohm source resistors. Oscillation can occur with excessive gain. 
You can set the gain at a higher, but stable level by adding resistance in series with the bypass capacitors. 


The Bias-Tee 


To feed the DC supply to the antenna at the shack-end of the coax a simple bias-tee was constructed. As the 
frequency of operation is only mid-HF a simplistic ferrite toroidal choke and two capacitor affair was constructed 
in a small die-cast box. | was confident this construction was sufficient at the frequency of operation, but Curious 
about its performance elsewhere, as such it became one of the first test subjects for my experimental scalar 
network analyser. 
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Despite having very poor "design hygiene" for high frequency response, sweeps of the bias-tee with the 
analyser suggest it offers acceptable performance across HF. There are some oddities in these measurements 
however. Fortunately they appear to be measurement equipment problems rather than excessively nasty 
behaviour of the device under test: 
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Note how the measured "return-loss" exceeds the bridge directivity below 20 MHz. This is of course an illusion, 
caused by the small stray reactances of the bias-T conjugate matching the bridge for better than calibration 
reference balance. Ideally | should change the graphing software to compute error bars based on the reflection 
signal magnitude compared to the directivity established by Open-Short-Load calibration at the same frequency. 
As the directivity of the bridge exceeds 30 dB above a few MHz all the way to 60 MHz we can safely say the 
bias-Tee is an reasonable match over the same range displaying a return loss exceeding 20 dB the entire way. 
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Transmission measurements similarly have some weirdness. Despite the test setup having 20 dB of attenuation 
in the signal path the bias-T performs the miracle of over-unity performance. Of course this is not real! Again it 
is just conjugate matching something in the system to make the reference calibration invalid. The variation is 
only a fraction of a dB so for all intents the bias-T is near-perfect across HF and into low VHF. 


Lab Testing 


It is rather difficult to lab test a loop antenna in a reasonable way. In particular it is extremely difficult to immerse 
itin a RF field of sufficiently controlled spatial uniformity and consistent amplitude with frequency to make 
absolute and repeatable measurements. For my initial testing a 100 mm diameter coupling loop was connected 
to the signal generator and loosely coupled to the antenna loop. Sufficient drive was applied to achieve a few 
dBm out of the loop buffer and into the power meter at peak of resonance. This allowed crude measurements of 
bandwidth and amplifier compression. 


More detailed investigations were made by sweeping the unit with the same experimental scalar analyser used 
to test the bias-tee. Exact amplitude measurements made in this way are fairly meaningless, as the coupling 
loop is not well matched to the generator. 10 dB of padding was placed between the coupling loop and the 
generator but as the loop was placed almost orthogonally to the antenna loop to provide weak coupling (for Q 
estimation) the coupling loop does not see much of the antenna loop loss resistance. 
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Detected Power wrs Frequency Cactive—-loop-antenna: 


Relative Detected Power (dB 


6 T a g 10 11 12 13 14 15 
Frequency CMHz2 


The loop tunes 7.23 MHz to 12.32 MHz with the polyvaricon used. The apparent loop Q drops with frequency, 
being 55.6 at 7.23 MHz, then 33.3 at 10.33 MHz and 28 at 12.32 MHz. The loop inductance is about 4.1 uH so 
the input impedances which match these Qs are 10 kQ, 8.8 kQ and 8.9 kQ respectively. Wider sweeps show 
problems with the test set-up, in particular generator harmonic energy when tuned below the loop resonances. 
Neither sweeps have me feeling very comfortable about the quality of test set-up (or the loop construction for 
that matter). The HF feed-through is probably due to the unshielded housing of the buffer amplifier and stray 
circuit capacitances. Maybe a LPF should be added to the output to suppress these responses? A HF receiver 
should reject them with no dramas, but the number of hints of internal resonances and general "complexity" of 
the baseline above and around resonance doesn't make me too comfortable. 
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Detected Power wrs Frequency Cactive-loop-antenna: 


Relative Detected Power (dB 
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When the amplifier is left unpowered the loop leaks through RF at a lower amplitude, and the resonance is 
shifted down in frequency somewhat. This is immediately apparent when you connect a receiver to the loop, 
even without powering it on you can peak-up the background noise level by tuning the polyvaricon. However 
once power is applied the loop must be retuned (up somewhat) for maximum background noise. Loop Q is 
degraded quite significantly in the leak-through mode, with Qs of 39.3, 17.1 and 9.1 for the test frequencies 
discussed above. Loop Q in general could be improved by weaker coupling to the JFET gates, some simulation 
could optimise the values required if the resonator usable Q was measured and the FETs well characterised. 
Noise figure would be compromised by resistive DC gate biasing, maybe use chokes? 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/240 8/10 


1/10/2018 Alan Yates' Laboratory - Phantom-Powered Active Loop Receive Antenna for 30 Metres 


Detected Power vrs Frequency ¢loop-on-off-compa 
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On thing | initially found rather disturbing about this particular sweep is the 2nd harmonic peak is absent from 
the "off" run. The 3rd harmonic peak is 15 dB different just as the fundamental is - but the 2nd harmonic "on" 
signal is smaller and 15 dB down from its level is into the -41 dB "leakage floor" we appear to be observing... All 
was revealed when | considered that the reference level here is about -12 dBm meaning the leakage is around 
-53 dBm, quite likely considering the unshielded nature of the amplifier in close proximity to the coupling loop. 


Field Testing 


For real RX testing | lashed-up the antenna on the balcony, mounted a little above railing height, and A/B 
compared it against the base-loaded vertical | use for QRSS transmission. This is *not* a very fair test, as the 
vertical is 3 metres tall, while the loop is less than half a metre in diameter and was mounted at the base of the 
vertical. Also, interaction between the antennas was *not* controlled during the experiment, and experience has 
taught me this is critical for meaningful results. 


The loop is largely limited by its aperture (cross-section). Compared to my loaded vertical it is about 6 dB down, 
making it ineffective for its original design purpose (improving my QRSS RX noise floor). However, unlike the 
omnidirectional vertical it has well defined nulls which are useful for avoiding local interference. The nulls do 
help dodge some noise, but unless | make it larger or mount it higher the loop is simply not as good for QRSS 
RX. 


For comparison purposes | have built a much larger passive tuned loop antenna. The square loop is root-2 
metres on a side in a diamond configuration (for mechanical simplicity) and is matched to the coax using a 
ferrite transformer placed near the polyvaricon that tunes the loop winding to resonance. It was not possible to 
fit the loop in the shack for Q-determination and hence the matching is at best an educated guess. Its Q is likely 
dominated by whatever the receiver input impedance reflects into the loop tank through the matching 
transformer. Experiments continue, comparing the three antennas for relative performance. More experience 
and additional test instrumentation is required before fair comparisons can be made. 


2 comments. 


Attachments 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/240 9/10 


Page 1 


Setup and Shutdown Procedure for Oxy- 
fuel Cutting Torch 


A handout containing the highlights of the video titled Setup and Shutdown Procedure for Oxy-fuel Welding. 


Setting up the Oxy-fuel cutting torch 


1. Make sure torch valves are closed. 


CAPTION 1. THE INSTRUCTOR TURNS THE VALVES ON CUTTING TORCH OFF. 


2. Turn the adjusting screws on each tank out. 


CAPTION 2. THE INSTRUCTOR TURNS THE ADJUSTING SCREW FOR THE 
OXYGEN TANK OUT. DO THE SAME FOR THE ACETYLENE TANK. 
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Active Loop Circuit Diagram Source | application/postscript | 13.671 kbytes 
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Photodiode Gamma Ray Detector 2011-07-10 


Gamma photons interacting with cheap photodiodes produce small current pulses which are easily amplified and allow detection of 
individual photon events. This offers the possibility of cheap, small and rugged radiation detectors of reasonable sensitivity. While not as 
sensitive as larger GM-tube detectors, this solid state device is still quite useful for determining if something is radioactive enough to be 
interesting/concerning. 


The circuit is simple, but as currently implemented has one major problem; poor temperature stability. As it is DC coupled right through to 
the comparator moderate temperature changes cause the threshold level to drift enough that the noise floor starts causing false 
triggering, or the sensitivity to less energetic radiation drops. Similarly DC shifts associated with battery voltage drop is also a problem. 
This is easily remedied by AC coupling the comparator stage. The unit shown has an extra output transistor driving the counter module, 
this is not required for the basic qualitative detector - it is implemented in much the same way as the counter interface of the ion chamber 
alpha counter. There is great similarity between the two circuits really, and one might build a dual gamma/alpha counter in a quite small 
package. (Note that there is also some sensitivity to higher energy beta.) 
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Construction is fairly non-critical. The sensor assembly was built using a mixture of SMD and through-hole components, with the BPW34 
photodiode placed over the PN4117A JFET body. The completed sensor head was then placed in a small brass tube, with a thin piece of 
brass shim-stock foil closing one end to exclude light and offer some EM shielding to the sensitive front-end electronics. The other end 
was closed with wadding and liquid electrical tape. The detector module has three wires emerging from it and can be integrated with 
different electronics. 
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Spectroscopy *may* be possible with this detector, pulses do vary in amplitude, and appear to cluster around several similar amplitudes 
for different sources. However, the physical semiconductor sensor is quite small and no doubt only a small fraction of the energy of higher 
energy gammas is collected by it. It likely makes a very poor spectroscope, resolution wise, but it may be sufficient to tell apart the usual 
suspects, U, Th, Ra, and Am. 


The background count rate is approximately a count every two minutes. The noise floor is quite close to ~59 keV gammas of Americium. 
This is probably the practical limit of the detector in its current form. More overall sensitivity might be achieved with additional or larger 
sized photodiodes. It should be possible to build large arrays with multiple buffer FETs all driving the one amplifier and comparator or 
pixelated detectors which operate like a gamma camera with seperate pulse detectors forming a matrix. 


33 comments. 
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This is my ugly implementation of 
Jens Dyekjaer Madsen's PIC 
programmer. | omitted the IC SP 
header as | do not plan to use it. My 
veroboard embedding of the 
topology borrows heavily from Paul 
Scrivens' veroboard version, but 
mine has a lot more links on the top 
of the board. 


| built it to program OTP 12C50XA 
chips which are quite cheap (about 
$2 AU in bulk). | am planning to 
make a CW beacon controller to 
bang out "test de vk2zay", maybe 
with some sequences of vees and a 
period of long steady carrier for use 
in my VLF experiments. 


Work on a Linux driver is under way 
as a back burner project. I've 
become more interested in the 
ATMEL devices, in particular the 
89C2051, which is a flash 8051 
compatible. At only 40 cents more 


for more pins and a faster clock rate, they sound pretty attractive. The lack of an internal clock and reset is a bit 
of a drawback compared to the tiny 8 pin PICs, at least for the beacon project, but for larger projects they sound 
like a lot of fun. I've worked with 8051s before, | rather like the instruction set, even if the assembler is in Intel 


(backwards: opcode dest source ...) order. 


The 2051 requires parallel programming, so | will have to Macgyver up some kind of parallel port programmer 


with a switchable voltage to the reset pin. 


1 comment. 
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Plasma Diode Detector 2002-12-22 


Recently | bought a gross of neon bulbs for various experiments, they are quite cheap in large quantities. While researching neon glow 
discharges | found a few mentions of their use for microwave demodulation. l've used them for quite a while as sniffers for RF and strong 
electric fields, even as thyratrons, but | never thought about using their nonlinear diode like properties for demodulation. 


While Christmas shopping at a $2-store | saw some cheap and nasty 9v batteries on sale for 
10k about $1 each, figuring | could use them for a B+ battery in tube experiments, or some other 
no-fuss moderate voltage supply, | bought all of them. When this neon experiment came 
along, | had just the right power supply for experimentation. Using 8 of them and a 1M pot | 
experimented with biasing a neon bulb and observing the current through it via the voltage 
across the pot, picked off via a new nano capacitor. lt worked very well for such a primitive 
setup, just a bunch of alligator clips and Blu-Tack holding the prototype together on the bench, 
the 1kHz AM signal from my RF oscillator was clearly visible on the CRO as a few millivolts 
above the noise floor while the end of the coax was held near the neon bulb. 


TAN 


Further experimentation with the biasing showed that the current was more important than the 
voltage in giving the best sensitivity and lowest distortion. While this 1980 Ham Radio article | 
found in my research suggests altering both parameters | found keeping the voltage above the 


| — 1M striking voltage was fine as long as a large series resistance was used to limit the current to 
the point where a gentle glow was just covering the inner surface of the cathode. Balancing 
Bias Testing Circuit the discharge on the edge of collapse was not needed for my particular bulbs, although there 


was much variation in strike voltage and best bias current. In practice | found only 3dB or so 
difference in optimal bias and just giving the bulb 100 volts through 100k. 


Building the practical device was a little more complicated, a bunch of 9v batteries is quite heavy and bulky. An inverter had to be built to 
produce the voltage, and AF amplification had to be provided to drive headphones or a small speaker. 


47 LM386 


Amplifier 


The inverter transformer was wound on a bobbin and ferrite E-core set. The primary windings are 30 turns each, of 0.5mm wire. The secondary 
winding is 0.2mm wire, wound by trial and error to provide about 110 volts. The primary and secondary layers separated by a layer of PVC tape. 
The 470p capacitor across it helps improve its efficiency. The 1N4004 was replaced with a Schottky device but little improvement was 
observed, so the 1N4004 was returned. There is no bleeder resistor across the storage cap, be careful, or add a meg or so resistor across the 
cap. 


The AF amp is a single transistor pre-amp stage, followed by a DSE K5604 LM386 amplifier module. This module is available as a fairly cheap 
kit (about $5 when | bought 10 of them a few years back) the size and good PCB offers a nice short-cut for building a simple audio amplifier. 
Here is a picture of the unit without the audio amp module in place. The switch was later replaced with the headphone socket and power 
supplied externally, | ran out of room inside the box. 
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A 


Note the RF chokes wound on 1W 10M resistors to isolate the plasma from the supply, preventing the RF from being shunted. The detector 
seems to work fine from about 5MHz to many, many GHz. As in the Ham Radio article | tried making coupling loops out of flashing Aluminium, 
they worked quite well for higher frequencies, but for lower frequencies directly coupling the RF to the leads of the neon bulb worked better than 


capacitive coupling through the glass. 
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Placing the detector at the focus of a parabolic dish worked well. | could hear the output of a 24GHz motion detector from across the room, 
chopped with a metal shutter on a small electric motor to give it some AM. 


2 comments. 


Attachments 


bias testing circuit postscript source | application/postscript 
detector circuit postscript source application/postscript 
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Pulse-Counting FM Broadcast Receiver 2010-11-14 


Months ago when | was working in Cronulla | had plenty of time on the daily rail commute to design a pulse- 
integration circuit in LT Spice. At one point | threw the result together on a solderless breadboard and tested it 
with the signal generator - it worked well, but was far from a complete WBFM receiver. | forgot the idea for a 
while and built the Fremodyne instead. Last weekend | decided to revisit the idea. This radio receiver is the 
result. 
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The design isn't fully optimised, the IF in particular is just bench-sweepings, and the audio amplifier isn't going 
to set any audiophile benchmarks, but for the most part the result is very pleasing to use. The pulse-integration 
discrimination method is inherently low distortion, high dynamic range, and has a frequency response to DC. 
Compared to super-regenerative FM receivers of the past this receiver sounds spectacular! 


Pulse-Counting? 


What is pulse-counting FM detection”? Basically you generate a constant-width (narrow) pulse for each cycle of 
a signal (say at the zero crossing) and integrate the pulses to produce a "DC" voltage directly proportional to the 
frequency of the signal. This is the familiar "tachometer" circuit used in many places. Changes in frequency 
produce corresponding changes in the voltage stored in the integrator capacitor - essentially an ideal FM 
discriminator. We don't care about the amplitude of the signal only its frequency so the IF can be class-C and is 
O 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS toggle 
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This radio uses a low-IF with a single conversion front-end. FM broadcast uses +/- 75 kHz peak deviation, so 
the IF needs to be at least 100 kHz or so and have a bandwidth of about 200 kHz. Channel spacing is 200 kHz 
too, which presents a bit of a problem, but in practice even a roughly designed IF/Limiter will perform fairly well. 
The FM multiplex signal has energy to at least 53 KHz so if you want to recover it you need to be a bit more 
careful about the IF system. This radio is not so careful and uses a very brute-force topology. 
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3. Gently turn the valve for the oxygen tank. Once there is pressure in the regulator, you can open 
it the whole way. Turn the adjusting screw in until the pressure line falls on or close to the 
pressure you need to use for the torch you are using. The particular torch used in the video runs 
at 40 psi on the oxygen side. If you are not sure, check the documentation of the equipment you 
are using. 


CAPTION 3. THE INSTRUCTOR SLOWLY TURNS THE OXYGEN VALVE. 


4. Check to make sure oxygen is supplied to the cutting attachment and to make sure the oxygen is 
still at the acceptable level. After checking, close the cutting attachment again. 


CAPTION 4. THE INSTRUCTOR CHECKS IF OXYGEN IS BEING SUPPLIED TO THE 
TORCH. NOTICE THAT THE PRESSURE GAUGE NEEDLE HAS MOVED. 


5. On the acetylene tank, slowly open the valve. Once there is pressure, do a 1 % turn on the valve. 
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This simplistic design means there are two "optimal" local oscillator tuning spots per channel (+/- the IF relative 
to the carrier). In between the LO mixes down and/or aliases the IF into the audible range which is undesirable 
(sounds horrible). Ideally the IF amplifier only amplifies signals above "baseband" up to the peak IF frequency 
and the detector is followed by a filter that rejects the IF. This radio does the later with a simple Sallen Key filter, 
but the former isn't really implemented beyond the As coupling of the IF stages which roll off its SEL 
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noise ratio at baseband where a bit of "out of band IF" leaks through the detector on weak signals. Once in full 
limiting it isn't really a problem as only intermodulation can mix IF energy down into baseband. 


RF Front-End 


The front-end is a simplistic single-JFET mixer with a tuned-loop antenna on the gate. A Hartley JFET oscillator 
implements the LO, and injects into the low-Z source of the mixer JFET from a tap on the LO tank quite close to 
the cold end. The IF is extracted from the drain of the mixer. A choke rejects the higher frequency bits of the 
mess at the drain, but the IF amplifier does the bulk of the band-limiting - an area that probably needs 
improvement. The front-end is not particularly sensitive, but | live in a high-signal area so this is of little 
consequence. The pre-selection tunes sharply which is actually a bit annoying usability wise. Also severely 
detuned the pre-selector lets you tune the mixer to powerful out-of-band signals, this clobbers the signal of 
interest at the IF. In a better design the pre-selector would be track-tuned with the LO. 


The IF Limiter and Pulse Integrator 


The IF limiter is just three cascaded "minimal" common-emitter BUT amplifiers. It is works well enough, but | am 
not very happy with the design. The pulse-generator was originally designed to be biased slightly on, but | 
encountered instability problems doing so. It is now "auto-threshold biasing" class-C which decreases the 
sensitivity to non-limiting IF signals but it behaves... The preceding IF amplifier is largely to blame. In the 
absence of an input signal it can oscillate. This is a hack. The topology of the pulse-generator may look a little 
weird with the grounded base, but it is easy to understand if you simulate it in LT Spice - basically the emitter 
gets pulled below ground by the 39 pF cap on the edge of the previous stage's collector signal. This produces a 
very well defined narrow spike of collector conduction, pulling down the collector voltage proportional to the 
frequency of the IF signal. 


The Audio Bits 


| cheated to save a capacitor (and improve the LF response) by using the de-emphasis RC network to bias the 
Sallen Key emitter follower to near mid-rail on the emitter. The Sallen Key filter has a Q of only 0.5 and a corner 
of around 22 kHz - it works well enough to keep RF out of the following stages. The emitter resistor of the filter 
transistor just happens to be the volume control pot too... 


The audio power amplifier should probably have been an IC, but | had used transistors for everything else, so 
what the heck! The result is very conventional complementary output stage with bias boot-strapping to prevent 
+ve going distortion (if the 10 k resistor just went to V+ instead of the output the bias headroom would 
eventually run out). The 8k2 resistor selects the quiescent current and minimises cross-over distortion. The 3R9 
resistors stabilise the operating point with temperature variations. The frequency response of the output stage 
runs into LF. Attempts to shape it just coloured the audio too much, its current response could be considered a 
feature. The lower frequency corner is quite good - excellent in fact, fine for headphones. Output power is more 
than adequate, ear splitting in fact. The circuit can drive lower impedances, but prefers the 64R of headphones. 
Because of the bias boot-strapping it will not perform well into higher-Z loads and requires DC continuity. 


Notes 


The radio was first built on a solderless breadboard as just the mixer, IF and pulse integrator, using my signal 
generator as the LO. In this form is was actually more forgiving than once built on a PCB. Most of the 
development time was spent keeping it stable on the PCB through addition of RF-hygiene. The filtering of the IF 
rail supply could be better, 100 nF is probably too small. In hind-site, the lack of reasonable filtering down to 
audio frequencies at the mixer drain is probably a major problem... 
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The receiver sounds good enough to actually use for listening to ABC Classic FM (92.9 MHz here in Sydney). 
The response is quite flat and uncoloured despite little attempt being made to implement de-emphasis properly. 
The LF response is excellent. The signal to noise ratio could be improved a bit, you don't notice this on most 
channels, only in the quiet passages of classical content can you notice the noise floor. On a spectrogram you 
can see the 19 kHz pilot signal of the stereo MPX (it is about 30 dB down once it makes it though the filtering), 
with a bit of effort it might be possible to build a stereo version... 


Selectivity is a compromise of course, but the pre-selector helps. Often one of the sides is better than the other 
as it has a "quieter" adjacent band. Dual conversion would help eliminate the image response along with 
ceramic filters. 


The loop antenna makes the receiver a bit fragile for my liking. A solenoidal inductor could replace it at some 
loss of capture aperture (see breadboard version photo - worked fine). The loop antenna interacts with the 
headphone lead a bit (the headphones act as a parasitic antenna too and not always for better signal as the 
phase relationship between them is uncontrolled). One might wish to add chokes to the headphone line and tap 
off the RF it collects for injection into the mixer instead of the using the loop antenna. 


The receiver pulls about 10 mA and runs from four AA cells. 
14 comments. 
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Receiver Boxed Up 2007-12-18 


| finally got around to putting the PA2OHH-style Reflexing-Regenerative Receiver circuit into a more permanent 
form. The tuning was arranged to cover 31 metres, spread nicely across the dial. lt is no longer touchy to use and 
tunes slowly through the band. There is a slight body capacitance effect on the spot on the box nearest the coil, but 
it is hardly noticable unless you are using the receiver oscillating. For using a plastic box (a cheap Jaycar potting 


box) it is surprisingly stable. | chose this box so as to keep the guts accessible for tinkering and show-and-tell 
purposes. 


A very simple audio amplifier was built into the radio to make it self-contained, driving standard 32 Ohm 
headphones in series. Its fidelity isn't wonderful, but its a reasonable match for the quality of the detector. There is a 
common-mode choke in the headphone lead to prevent any stray RF getting into the audio amplifier (which isn't 
especially well designed to reject RFI). The choke was added after experiencing some minor problems with FM and 
TV stations breaking into the AF-side of the radio. 


The dial has not been calibrated yet, and probably won't be. There is no front-end at all, the antenna is directly 
coupled to the resonator, so this is really only a toy radio, but it is quite usable for shortwave listening. | don't think it 
is too bad for 3 transistors and only a few mA of draw. The huge knob is all | had which wasn't for fluted shafts, but 
its large size is useful for smooth tuning, so | may keep it that way if I'm not going to calibrate the dial. 
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The circuit diagram. 
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8 comments. 
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Regenenerative-Reflexive Receiver 2007-11-04 


| first saw this detector topology on PA2OHH's website, and then again saw that PY2OHH had a go at it as well. 
| had to give it a try, it is obviously regenerative, but also appeared to be partially reflexive. 


The circuit is simple and was thrown together in only a few minutes on a small piece of PCB. The lash-up 
included just the detector, using a 168-7 core for the coil and large tuning capacitor. The detected audio was 
delivered to my old Archer amplified speaker to quickly assess the circuit. 


It works very well. The -ve feedback from the collector to the base bias helps control its break into oscillation. 
Initially | used 100 pF, but | increased this to 1 nF for smoother operation. This also enhances its reflexive 
properties, giving it quite good audio gain with only one transistor. 
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There is some distortion inherent in the detector, but its simplicity and stability is a big advantage. It took only 
minutes to get a working receiver with it, and easily heard the stronger shortwave stations with only two alligator 
clip leads for the antenna. 


Here are some videos of the prototype receiver in operation (excuse the enormous mess my bench is currently 
in): 

e Some Jazz on VOA (2 MiB) 

e Tuning Around (4 MiB) 


As there is no bandspread capacitance or reduction drive in this initial lash-up; the receiver is very touchy to 
tune. The full sweep of the cap tunes from about 3.9 MHz to over 18 MHz, far too much bandspread for 
practical use. This is easily fixed in a more permanent version of the receiver however. 


3 comments. 


Updates 


2007-12-18: Receiver Boxed Up 
| put the regen-o-reflexive receiver on 31 metres and put it in a box. 


http://www.vk2zay.net/article/140 2/2 


1/10/2018 Alan Yates' Papell: Regenerative FM Broadcast Receiver 


Alan's Lab ~ a 


me and my geeky hobbies > Home Twitter YouTube Calculators 


7 
y 


D ry > We oh ye VW YN Y E MY MN P =a A ON J- E 5 away bd 
Ki egenera tive FM Broadcast Recelver 2006-08-13 


O Wak e GAL LJ Baw Y 


This radio comes from Everyday Practical Electronics magazine, January 2006, in the Ingenuity Unlimited (Readers Circuits) section. 
Francis Hall, from Meinerzhagen, Germany calls it his "Euro Set". | made only minor changes to the circuit, the diagram below is as | built it, 
see the article for as Francis specified it. 


| must admit, at first | was sceptical looking at the circuit diagram, a single 1.5 V cell supply? But after a quick check of the audio stage bias 
with my calculator | saw that Mr Hall had designed it well, so | dug out the solderless breadboard and made up the audio strip. It "blurt" 
tested OK, and was surprisingly quiet and well-behaved (| used BC548B devices). 


The front-end was more problematic, it was obvious that a real RF transistor would be required. The article specified a BF199, but | had 
none in stock, so | built a point-to-point hack of the circuit with a piece of IC socket to allow experimentation with whatever transistors | had 
in the junk box. Initial experiments were frustrating, | began to believe it would never oscillate, BC54x's definately don't cut it, neither did a 
PN3563, or a whole stack of 2SC's | tried. Eventually | found an ancient BF173, on plugging that in | saw a new peak on the spectrum 
analyzer - it was oscillating at last! 


Now that | had a transistor that would oscillate, | rebuilt the front-end around a large tuning gang with an internal 2:1 reduction drive. (I got 
this unit from KW Tubes on eBay several years ago.). | substituted a 5K pot for the 10K one specified (all | had), and superglued it to the 
end of the tuning gang, giving me a device with a knob on each end. This physical arrangement is actually quite nice to use. 


| retained the transistor socket, so other devices could be tried in the future. One thing became obvious during experimentation, it *requires* 
a large L:C ratio. Too much capacitance and it will not oscillate at 1.5V. The biggest challenge seems to be to get it oscillating, then you can 
adjust the components to the frequency band of interest. My frequency determining components, the coil, tuning gang, and series caps and 
quite different from the article - yours probably will be too. | used 5 turns of tinned 0.71 mm wire on a soda straw for the coil. | am unsure of 
the capacitance on the gang, | didn't measure it. The bandspread cap is a 56 pF in series with a 33 pF = near 20.7 pF. Mine tunes about 85 
MHz to 122 MHz. | could achieve better bandspread, but with the reduction drive the radio is fairly easy to use as-is. Covering part of the 
airband is a nice feature too. 
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- T ae 
The audio amp was rebuilt on a piece of punch-board, this time using NOS Philips BC547s which aren't quite as good as the devices used 
in the breadboard test, but which worked fine. Some 5-minute epoxy was used to glue the board and headphone socket to the frame of the 
tuning gang. A slide switch was added as an "on" switch, and a pair of magnetic battery connectors (Jaycar) were used to make connection 
to the AA cell powering the device. 


= 


The completed device pulls about 2.5 mA, giving it a very long battery life. The regenerative stage and the first two audio pre-amps draw 
450 uA. 
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CAPTION 5. THE INSTRUCTOR TURNS THE VALVE FOR THE ACETYLENE TANK. 


Adjust the pressure valve to needed pressure. In the video, 5 psi is needed for the torch. If you 
are not sure, check the documentation of the equipment you are using. 


CAPTION 6. THE ADJUSTMENT SCREW ON THE ACETYLENE VALVE IS BEING 
SET TO 5 PSI. 


Check to make sure acetylene is supplied to the cutting attachment, and to make sure the 
acetylene is still at the acceptable level. When checking the acetylene, it is best to do it quick so 
that you are not letting the extra gas out and causing a fire explosion hazard. After checking, 
close the cutting attachment again. 
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The Good 


The radio is an excellent performer. It easily picks up all the local channels with more than enough volume. With the regeneration turned up 
it is narrow enough to distort the received signal purely because its bandwidth is too narrow for the signal's deviation. 


Its audio quality is surprisingly good. Unlike the super-regenerative receivers I've built in the past there is no quench to mix the stereo sub- 
carrier and pilot into the baseband. It can also have an extremely high-Q, unlike the super-regenerative receivers which have a minimum 
bandwith of four times the quench. It is perhaps slightly less sensitive, but much, much nicer to use; far easier to tune for best audio quality. 


To tune, you may use the RF stage gently oscillating to locate the station of interest. Tuning across a station will sound like listening to FM 
on a SSB receiver as most of the signal's energy will be outside the detector slope. Once you've got a channel near-by, you back-off the 
regeneration until it stops oscillating and the Q is at an optimal point, then shift the frequency to put the slope at the best position for low 
distortion. This requires some dexterity, manipulating the tune and regeneration controls at the same time to place the signal in the 
bandpass and adjust its width for an undistorted audio output. It takes more words to describe than actually do, you will quickly become 
proficient. 


The Bad 


Because of the regenerative stage topology, neither side of the tuning cap can be referenced to ground. This means the entire bulk of the 
receiver is RF hot, which makes it suffer badly from hand-capacitance effects. The regeneration control spindle is coupled to this 
capacitively (via its case) because | glued it directly to the gang frame - a physical design problem, not a limitation of the circuit as the former 
is, but annoying none the less. | would like to redesign the regenerative stage to use a common-base oscillator which should make the radio 
much more stable and pleasent to use. 


There is no volume control. With strong signals the RF stage can overdrive the audio stage. At the very least this is painfully loud, but it also 
pushes the relatively simple amps into their +ve-going distortion and even into full clipping on very strong local signals. (The local ABC 
Classic FM - 92.9 MHz is a good example, it is a gigantic signal at my QTH and simply can't be tuned in properly at any regeneration level). 
Turning down the regeneration as a volume control is very non-optimal, it rapidly reduces the Q of the tuned circuit, widening the bandwidth 
and destroying the selectivity, however this does work for powerful stations in otherwise relatively quiet parts of the band (2WS FM - 101.7 
MHz for example). 


The Ugly 


This radio is quite possibly the ugliest thing I've ever built. It is fairly small, and fits in a Decor 250 ml plastic tub for transport, but its still an 
ugly hack. 
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Usage Experence 


The lack of AGC means mobile use can be almost impossible. Unlike lower wave bands where the longer wave lengths mean multipathing 
isn't a huge issue, at VHF multipath related fading is severe. Over water or in the city the fades can be so extreme and rapid it is very 
difficult to tune the radio, or listen to the program. 


Stationary the device is quite pleasant to use, despite the body-capacitance issue. I've been considering lowering the gain of the 1st audio 
stage or putting in a volume pot, the radio is significantly more sensitive than is required at times, and often keeping it sufficiently selective in 
the crowded 50 kW+ upper-end of the FM band means the audio is simply too loud or distorted. 


The radio suffers mildly from being unshielded. Some interference from mobile phones in close proximity is experienced, but putting your 
finger on the 1st audio stage biasing resistors shunts most of it. The problem is quite minor however, no where near as severe as with the 
recent MW Receiver with gets hammered by any phone within 20 metres and TV transmitters in Sydney Harbour. 


Future Ideas 


My next attempt at a similar radio will probably be a hybrid including a regenerative stage at a fixed IF in the HF region, with a front-end 
converter based on a varicap tuned VFO feeding a simple cascode mixer. I'll carefully design an 80-115 MHz filter and an LNA to feed it 
from signals taken from the headphone lead and build the entire circuit inside a shielded box to avoid mobile phone noise. | may be able to 
implement an AGC at the LNA stage, or a diode attenuator in the front-end to control the total system gain, however this will degrade the 
noise figure a bit - on the FM broadcast band this shouldn't be a huge issue as the signals are generally quite strong in the metro area 
where I'll be mostly using the unit. That said, a non-linear element in the front-end might produce intermod issues from the same very 
powerful signals in-band, so varying the gain of the LNA might be the better approach. 


10 comments. 
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Resonant Coaxial Feedline Choke 2008-09-28 


This is a tool I've been meaning to make for a while. For HF antenna experiments it is often useful to be able to 
selectively choke the feedline of common-mode currents. While you can use a ferrite bead choke or some 
arbitrary coil of coax to provide a bit of impedance, a resonant choke is tunable so you can make 
measurements with it still inline but detuned and then quickly tune it up for comparison. 


á ii 
i ee 


The coil form is simply a plastic pill bottle about 50 mm in diameter. Onto this 9 turns of RG-58 coax are wound 
giving an inductance of about 3.5 uH. The coax passes out the bottom of the bottle and is terminated in BNCs. 
Inside the bottle the braid of the coax is exposed at each end of the coil and connected across a polyvaricon 
installed in the lid of the bottle. Liquid electrical tape (like RTV) is used to seal up the coax again and bottle 
penetrations. 
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The lid is calibrated in MHz, performed by dipping the coil or tuning it to resonance near the output of my signal 
generator while monitoring the voltage across the BNC plugs on the CRO with a suitably small cap in series. 
The device tunes 5.7 MHz to beyond 16 MHz using the full 210 pF maximum capacitance of the polyvaricon's 
combined gangs. The distributed capacitance of the coil plus internal wiring capacitance is around 12 pF limiting 
operation to around 20 MHz tops. 


Usage 


It covers 20, 30 and 40 metres (it was designed for 40 metres in particular), and 17 metres too but the tuning 
gets fiddly up there. The general idea is scalable to any frequency. Tune-up is simple, place a clamp-on RF 
ammeter over the coax and tune for a dip in current. Alternatively you may pre-tune with a dipper, but it is easier 
to tune in-place where the extra capacitances of the feedline are attached. Pre-tuning will generally need to be 
tweaked up (less capacitance) because of the extra capacitance between the feedline ends. 


It is fairly common practice to use self-resonance without additional lumped capacitance at VHF and UHF to 
choke feedlines, but it seems few people actually try for a resonant breaker, just adding "a few turns" in the 
feedline. With a dipper it is easy to fiddle with a roughly dimensioned coil of coax until you get resonance where 
you want it, then tighten zip-ties to hold the coil in place. Q is generally low at higher frequencies using the coil's 
self-resonance so tuning is not too touchy, but it must be done with care to get the best results. 


The resonating of the coax braid like this DOES NOT effect currents flowing inside the coax. (| confirmed this 
experimentally to the limits of my return loss bridge.) Only currents trying to flow on the outside of the coax 
experience the impedance of the tank so formed. The Q of the tank is not especially good, the coil being close- 
wound of coax braid, but it offers at least several tens of kilo-Ohms to braid currents at resonance and is broad 
enough to not need much retuning in narrow bands. It is possible to construct a similar device for balanced 
lines, using isolated dual capacitors across bifilar mutually wound inductors fed by the feedline. 


2 comments. 
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Return Loss Bridge 2008-08-02 


I've built many return loss bridges over the years, this is but another. I've actually been using it for a while, but 
only just today got around to adding banana plugs for easy attachment to a multimeter and of course writing it 
up on the website. Unlike the VHF Impedance Bridge, output to a multimeter allows fairly precise measurement 
of return loss. The meter scale of the older bridge is better for tuning for best return-loss, or you might use a 
VOM instead of a digital meter with this bridge. The older meter still allows estimation of the reflection coefficient 
and comparisons between the instruments suggests the previous readings were quite valid. 
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The circuit is extremely simple and can be thrown together in a few minutes. | don't really use the external 
detector output much, it would be better terminated in a BNC as well, but if you are going to go to that trouble 
for use with a SA and tracking generator you might want to build the unit nicely in a screened box with a good 
layout to improve the directivity. 
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Generator Return Loss bridge 


In 


Load 
Under Test 
Reference 
50 


10n 100k DC Out to 
External Detector Multimeter 

| 1N571 7 100n 
Transtormer is 1:1 


Initially it was constructed using all SMD 100 Ohm resistors, but abuse with use fractured them several times 
(point-to-point with SMDs soldered directly to BNC plugs is a bad idea!), so | replaced the two splitter resistors 
with leaded ones and kept the SMD ones for the reference load. The original configuration was quite good to 
high VHF, the leaded resistors only slightly worsening it. 
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The extra flexibility of the leaded resistors means they will absorb the flexing of the device as leads pull on the 
connectors without breaking as easily. The splitter resistors are less critical than the reference load anyway, due 
to symmetry all that really matters is that they are fairly well matched. 1% devices would have been a better 
idea, but even with the 5% ones the directivity of the unit exceeds 53 dB to beyond 50 Mhz. 


The unit has been characterised from 100 kHz to 100 MHz and offers better than 43 dB all the way. Directivity 
peaks around 3 MHz at over 69 dB, by 10 MHz it has dropped to 60 dB. At 100 MHz it is at least 43 dB but may 
be slightly better as | am suspicious about the calibration load | was using. 


Usage 


To use the RLB apply a signal source to the generator input large enough to give several volts of DC out when 
the X port is open. Larger drive is better as it keeps you away from the diode non-linearity, but don't burn out the 
resistors. Note the reading on the multimeter, then terminate the X port with a good dummy load, the reading 
should drop enormously. Note the new reading and divide the original reading by it, take the log and multiply by 
20. The result is the bridge directivity in dB. The directivity should exceed the return losses you wish to measure 
by a reasonable margin for sensible results, ideally make sure it exceeds at least 40 dB and the 0-30 dB RL 
region is of most practical interest. 


Similarly in use, note the unterminated reading, then divide it by the reading once connected to the load under 
test, take the log and multiply by 20. The return-loss through an attenuator is twice the attenuator loss (through 
and back, attenuated twice). Return loss is specified as a -ve number by convention, +ve numbers imply gain 
not loss, but it is common to see RL specified loosely as a +ve figure. 


Return loss, Reflection Coefficient (magnitude), and Standing Wave Ratio are all related mathematically and 
measuring one allows to infer the other two. Here is a table of some common data points: 


1 


Alternatively you can use my return loss calculator. 


Practical Application 


One of the first tests | did with it was to measure the line loss of my new coax runs. | spent most of last 
Saturday running 3 RG-58 coax lines from the shack to the balcony. The job is fairly neat, terminated at each 
end using BNC bulkhead female-to-female connectors and standard wall plates. The wall plates come from 
Jaycar and originally had four RCA sockets, which | removed and drilled out the holes to fit the BNC bulkheads. 
Using bulkheads means good terminations can be made at each end. | had to remove a two bricks from the 
cavity wall at the shack-end to feed the cable through, a process which took much time and cost some bruises. 
The real hard part of the job however was at the other end. The eaves are extremely difficult to access from the 
plenum. | was fortunate enough that a previous device had left a circular hole in the soffit cladding which | 
reused for this project, but | had to improvise a cable-snake/fish from some galvanised wire to pull the cables 
through. The access space was barely sufficient for a feline, let alone a larger human, so many more bruises 
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and Oregon splinters were accumulated in the process. Tanya assisted greatly by feeding the snake from the 
balcony side, and | complete with knee pads and a head-mounted light source did the fishing job in the plenum. 
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Anyway, a week after that effort the cables were measured for loss. Leaving the balcony-end open circuited the 
return loss of the cable approximates twice the loss of the line. Of course this is at essentially infinite VSWR 
which increases the line loss, however this simple test gives a good indication of cable health. The run is only 
about 30 metres so a homebrew TDR is unlikely to be useful. One of the three runs is from a different batch of 
cable (I would have run four to utilise all the BNC bulkhead adapters, but ran out of RG-58). This different batch 
had a better loss compared to the other two runs, but only slightly. Runs 1 and 2 measured almost exactly the 
same at 1.40 dB at 3.581 MHz (I used the 80 metre beacon TX as a signal source). Run number 3 measured 


1.26 dB. Considering these figures where measured at infinite VSWR the lines and terminations seem to be in 
fairly good condition. 


The RLB was then used to measure the match of the 80 metre beacon's antenna after recent improvements in 
its water proofing. Once tuned up the return-loss is 26.5 dB, which is a p of 0.047 or a VSWR of 1.099. It drifts 
around a little in the wind as the capacitance of the whip varies, this is unavoidable because of the high-Q 
nature of the matching network to get reasonable efficiency, but the variation is quite small and acceptable. 
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CAPTION 7. THE INSTRUCTOR CHECKS IF ACETYLENE IS BEING 


SUPPLIED TO THE TORCH. 


Lighting the Oxy-fuel torch 


1. Turn the acetylene knob on the cutting torch about a quarter of a turn and light the acetylene. 


Make sure that the flame is up against the tip. If you light up the tip and the flame is away from 


the tip, decrease the acetylene pressure and let the flame come back against the tip. (Use your 


safety equipment.) 


CAPTION 8. THE TORCH IS TURNED ON, AND THE ACETYLENE IS LIT 
UP. 


2. Add in the oxygen and adjust it. When you're adjusting it, you're bringing the acetylene feather 
in the middle comes right up to the inner cone. Hold down the oxygen, and readjust for neutral. 


You are now ready to cut. 
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RF and Optical Bolometer 2009-02-25 


When RF energy is delivered to a resistive load it dissipates heat. If the load has a relatively poor thermal coupling to its surrounding 
environment its temperature will rise. By measuring the temperature rise it is possible to determine the average power delivered to the load. 
There are various problems with the approach though, calibrating it is troublesome as ambient temperatures change and many of the 
coefficients involved are unknown and would need to be determined experimentally. It was during my design of the calibration system | 
discovered it is fairly easy to just put the temperature sensor and load into a servo loop and maintain a constant temperature above the 
ambient. In this way the change in DC power required to maintain the sensor at a constant temperature is directly the amount of power 
delivered to it by other means. 


Bolometer 


Sensor Reference 


Heat 
Power 


To achieve the thermal control system | started with thermistors but rapidly changed to using common silicon diodes who have a temperature 
coefficient of about 2 mV/K. An Op-Amp with offset compensation (a CA3130 was in the junkbox) amplifies the drop voltage difference between 
two diodes and drives a resistor heating element to keep one junction a constant temperature above the other. The amplifier gain is about 30 
dB and is not completely open-loop except for the thermal feedback to give it some stability. The circuit in all is very simple and functions 
adequately for the task. 


© 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS toggle 
http://www.vk2zay.net/article/210 1/6 


1/10/2018 Alan Yates' Laboratory - RF and Optical Bolometer 


Thermal Power Balance Bolometer 
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In the first version | used normal leaded components held together with a drop of liquid electrical tape. This arrangement allowed me to test the 
concept on a solderless breadboard. A centre-nulling meter facilitated "Zeroing" the difference by biasing its other terminal to equal the 
quiescent voltage across the heater. This way | could watch the sensor drift and bias either sensor with my fingers resulting in a swing in the 
appropriate direction. Such an arrangement does not yield direct-reading of power, but can be calibrated at a particular ambient temperature 
and is handy for trending. For direct reading the absolute power levels in the heater load must be measured and subtracted to yield an accurate 
figure of power delivered by the external source. 
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| considered using the same load for RF as the heater. In theory this is quite practical; an RF choke implementing a bias-Tee to deliver the DC 
heating power while the RF is delivered through a DC blocking capacitor. | wanted to be able to calibrate the device with DC (which is easily 
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loop. This mandates calibration as the heating effect of the current in each load may not be precisely communicated at the same level to the 
diode but in practice it was shown to work very well. For RF-only measurement the single heater/sensor system is simple and direct reading 
(but may require a high heater supply compliance to drive the 50 Ohm load). 


single Resistor Head 


Heater DC 


> Temperature 
sense 


'Decouple 


The power delivered to the load/sensor system need not be via the resistor. | discovered external heat sources (like my soldering iron) would 
produce measurable deflections from quite some distance. This enables direct measurement of electromagnetic radiation that the sensor can 
absorb. | tried aiming a toy laser pointer at the initial leaded detector arrangement and measured roughly 2 mW of dissipation difference, this 
seemed consistent with its < 5 mW compliance labelling. 


The time constant of the lashed-up detector was fairly long, and to minimise this | decided to build a more physically compact detector. | used 
SMD components soldered to a small square of brass shim stock. | reasoned the surface area of the plate could be measured and used to 
calculate optical fluxes. | soldered the SMDs directly to each other after bonding them together with superglue and then soldered their common 
ground to the plate. The entire assembly was then suspended over a larger brass plate which holds the reference diode. The larger plate can 
be attached to a physically large heatsink to form a stable ambient reference, while radiation and conduction to the reference mass from the 
sensor implements the heat-leak required. To facilitate the very low reflectance required for radiation measurements | eventually painted the top 
side of the brass sensor plate flat-black using Lampblack mixed with a little Red Gum in alcohol to bind it. 
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It is important to shield the detector and reference junction from drafts and differences in ambient illumination. The sensor is especially sensitive 
to drafts and | reason you could calibrate it quite accurately as an Anemometer (kinda neat, no moving parts!), at least at constant barometric 
pressure. | used a small potting box to cover the detector assembly to exclude drafts. This improved the baseline stability enormously. A small 
hole in the box allows a radiation beam to enter and hit the sensor plate facilitating its measurement. 


With the improved detector the output of the laser pointer was once again measured. 2.4 mW or 3.8 dBm was measured. The DC input from its 
battery is 72.8 mW, giving it a rather unspectacular efficiency of 3.3%. This concerned me that the sensor reflectance might still be fairly high, 
but as the compliance data suggests the output is < 5 mW it seems at least consistent. Diode lasers are usually more efficient than that, but the 
drive electronics is likely wasting a lot of power. | did not dismantle the laser head to directly measure the power delivered to the diode. I'd need 
a Calibrated optical source to check the sensor at optical frequencies. Lampblack should be fairly flat with respect to frequency, at least 
compared to other "black" pigments. A green laser pointer measured 3.6 mW (5.6 dBm) and is also labelled as < 5 mW. Its IR local oscillator 
must be filtered from the output fairly well, | was expecting an unusually large reading from its IR leakage. 


At RF the detector performs very well and consistently. | measured my 50 MHz "16 dBm" signal source at 48 mW (16.8 dBm) The previous 
calibration was by comparison to a DC-calibrated diode detector, so | am amazed by the agreement actually. Similarly | measured attenuation 


steps of a ~100 mW (20 dBm) signal at 10 MHz the results being quite consistent with my previous attempts to calibrate the poorly constructed 
attenuator at DC. 
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The system is configured to measure 1 mW to 100 mW, a 20 dB dynamic range. The poor dynamic range is typical of thermal sensors. Its 
lower limits could be improved by active cooling of the sensor head to achieve more sensitivity and more attention to noise filtering. Its upper 
limit is really only constrained by the temperature limit of the sensor assembly. | used 125 mW rated SMD resistors and set the bias power a 
little bit above that level (which is safe due to the heatsinking effect of the detector assembly). With larger resistors in the detector and a 
suitable power Darlington follower the circuit could be used up to kW. Efficiency is of course terrible, the sensor bias power must exceed the 
power to be measured. Larger RF powers are more easily measured with diode peak-voltage measurements, but as a thermal device is a 
natural integrator it can measure the true average power of complex waveforms containing multiple frequencies (including 0, DC biases which 
may or may not be a problem depending on the application). Attenuation from higher power is probably the most practical method. Amplification 
can be used to measure smaller signals, but the calibration of the amplifier then becomes an issue. MMICs with reasonably flat gain and 
compression points exceeding the detector range are available. The load offers a good return loss well into VHF and is therefore capable of 
absolute average power measurements from DC to several hundred MHz. 


The general design can implement all kinds of radiant energy sensors. A pyrometer is simply a matter of optics and calibration. The device is 
already a fairly usable laser power meter. 


Notes 


e The heater and load resistors must be as ohmic as possible for best accuracy, although thermal variation in their resistance can be 
calibrated out. Obviously the 50 Ohm dummy load resistor must not vary too much or else the return loss will be compromised. For most 
commercial metal film devices the thermal coefficients are quite tiny. 

e The "approximately" constant current biasing of the diodes is fine in this configuration, as it is thermal power balancing (not temperature 
sensing where two different currents would ideally be used to extract the absolute temperature). We don't really care too much about the 
diode coefficients, just that they hold the sensor at a constant temperature difference to the reference. The reference diode compensates 
the bias power for variations with ambient temperature. At constant ambient temperature a reference diode isn't strictly required. It is 
only required that the sensor diode temperature is held constant between zero and applied power conditions for the heater power 
difference to match the applied power. 

e Small decoupling capacitors may be needed across the diodes to prevent RF pick-up upsetting things. 

e Watch out for photovoltaic problems with glass encapsulated sensor diodes. SMD encapsulation is not susceptible, but glass cased 
1N4148s needed painting black. Not all black paints are opaque at the full range of optical sensitivity of Silicon diodes. 

e With a single resistor sensor for RF watch out for magnetic saturation in the RFC core which may drop its impedance dramatically 
shunting RF and degrading the return loss. Fortunately this is likely to happen with the smallest power inputs so mismatch damage to 
the DUT is unlikely, but the measurements will be compromised and perhaps go unnoticed. The RFC is problematic anyway, it must 
have a large impedance with respect to the 50 ohm load across the bandwidth of the instrument - a somewhat challenging requirement 
for a MF-UHF device. Commercial SMD RFCs designed for MMIC biasing may be useful in this service. 

e Larger heating resistances allow the circuit to operate down to smaller power levels, but noise will become a problem. 

e Filtering most of the resistor noise out of the bandwidth of the loop is probably a good idea if going for more sensitivity. 

e The supply must be well regulated, even with the supply rejection of the op-amp the zeroing for the analogue meter will change (minor) 
but more importantly the slightly different dynamic resistance of the sensor and reference diodes reflects supply noise into the loop. It 
might be worth building an ultra stabilised supply for the sensor diode biasing, or even perhaps the entire circuit. 

e The heater supply follower temperature coefficient has a small effect and can be minimised by thermal bonding to the reference 
heatsink. 

e At constant ambient temperature the amplifier circuit temperature drift is unimportant, simply measure the change in heater power 
between quiescent and signal applied to find the applied power. 

e The unit must come to thermal equilibrium before meaningful measurements can be made. Fortunately for the small sensor head this 
happens rapidly (a few seconds). 

e Initial adjustment of the bias power should be done while monitoring the heater voltage. Set for about 150 mW of quiescent power and 
allow to stabilise. Do not set such that the op-amp is pegged out against its upper output voltage limit. Similarly in operation if the input 
power exceeds the bias power the op-amp will bottom out at near zero volts, the follower transistor will obviously be cut-off a bit before 
that happens. 

e 1/f noise is going to be a major problem when trying to increase sensitivity. It might be practical with extremely small detectors to 
modulate the heater current and extract the AC response from the diode drop voltage variation and amplify it at that more reasonable 
frequency. This removes the direct-reading nature of the power balance, and linearity would be compromised based on the diode 
thermal coefficient linearity around the detector temperature, but baseline drift should be fairly small. 


4 comments. 


Attachments 


tite te size 
Basic Bolometer Scheme Diagram Source | application/postscript | 10.429 kbytes 


Thermal Balance Bolometer Circuit Source | application/postscript | 15.383 kbytes 
Single Load Resistor Head Diagram Source | application/postscript | 11.452 kbytes 


Updates 


2009-03-22: Bolometer Head Completed 
| finally assemble the bolometer sensor head into something resembling a completed unit. 


2009-03-18: Bolometer Baseline Noise Improvement 
Gradual improvement of the bolometer baseline noise and the RS-232 sampler data capture system over several days. 


2009-03-01: Digital Display for the Bolometer 
A multiplexed 7-segment digital display for the bolometer. 
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RF Sniffer 2008-11-17 


Yet another circuit based on the biased 1N5711 detector topology utilised in the wavemeter and passive VHF 
receiver projects. The only two differences in this circuit are the lack of a capacitor to resonate the pickup coil 
and | didn't add the pot to set the quiescent current, using just the 1M2 resistor to the diodes produced a 
reading just beyond "1" on the scale with the particular MPSA18 I used. Unplugging the coil is the off-switch, but 
the current consumption is tiny so | usually leave it plugged in. 
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The pickup coil is slightly exotic, having a jumble-wound LF/MF choke in series with a HF/VHF coil with a 
varying pitch along its length. The general idea was to try and produce an probe with several resonances in key 
bands to make the unit more generally usable with the single probe coil. The turns are held in place by dipping 
the coil in molten wax. Other coils can be attached, it uses an RCA socket like the HF wavemeter and the two 
units can share coils. | have several for specific purposes. Sensitivity peaks at the self-resonance of the coil and 
the stray capacitance of the circuit. The hybrid choke probe works fairly well from LF to SHF. 
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The microwave oven and WiFi base station are easily detected, showing the units SHF response. My various 
HAM transmitters happily slam the needle across HF to VHF and UHF. It picks up SAW-locked UHF keyfob 
transmitters, and even stray MF radiation from the LED multiplexing on the air conditioner control panel. LF 
radiation from 256 kHz contact-less proximity card readers is detectable quite a distance with the hybrid coil. 


It is often too sensitive, and a way to vary the sensitivity would be useful. A 5-10k pot in the right place would do 
the trick if you are building your own. This would increase its usability as a stray-current tracking tool in antenna 
work. A probe comprising a split ferrite toroid (clamp-on current probe) would also be quite useful but | haven't 
had the need to build one yet. 
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Probably the most common use is just to see if an oscillator is making RF. For this purpose it was originally 
constructed: While experimenting with UHF oscillators around 1.5 GHz, the sniffer was used check the oscillator 
output, and to detect nulls while playing with Lecher lines. 


2/ comments. 


Attachments 


PC | w | æ 


Sniffer Circuit Source | application/postscript | 12.490 kbytes 
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RF Sweep Generator 2006-11-04 


This simple tool has vastly expanded the kinds of projects | can undertake. My only recommendation is that you build it, or 
something similar. Without it making crystal ladder filters is next to impossible, and it finds other uses, like sweeping IF strips, 
filters, even antennas with the help of a simple resistive bridge. 
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For a long time I've been wanting to build an RF sweeper, the VK5BR one in particular still holds my interest. It is quite 
elegant with the calibrated width and external generator mixing. However, JF10ZL's unit is far simpler to build, it took me only 
2 hours to hack together my copy. Despite a few drawbacks which I'll discuss shortly, it is one of my most useful pieces of test 
equipment. 

The core of the circuit is a VCO based around your basic JFET Hartley oscillator. The oscillator is buffered once with another 
JFET and the signal coupled out via a bifilar transformer. The VCO functionality is implemented with a varicap diode, the 
timebase being a simple 555 timer IC. 
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CAPTION 9. OXYGEN IS ADDED TO THE TORCH. 


Turning off the Oxy-fuel torch 


1. Turn off the valve on the cutting torch for the oxygen first, then the acetylene. 


CAPTION 10. THE VALVES ON THE TORCH ARE TURNED OFF. 


2. Turn the valves on the tanks to close them. 
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| used a 1N4004 as my "varicap" diode, and 2N5484 FETs. A plastic AM-radio tuning gang for the frequency adjustment. 
JF10ZL uses a pot for a fine frequency control, but only when the signal is unswept, | decided to arrange mine to bias the 
varicap at all times, and apply the timebase signal through a capacitor so the frequency swings either side of that set by the 
combination of the tuning cap and the bias on the varicap. Obviously this has linearity issues and width of sweep limitations, 


but the arrangement works quite well in practice. 
My unit tunes 4.5 - 13.7 MHz with the values indicated. 
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If you need variable sweep width, or a wider sweep in general, you can replace the 3p3 coupling capacitor with a trimmer. If 
you require a more narrow sweep than can be provided by the minimum capacitance of your trimmer, pass the timebase 
signal through a 5k pot to reduce its amplitude before it is applied to the varicap (you may also wish to increase the 3p3 
coupling cap and control the width purely by the amplitude of the timebase signal - you may also want to limit the range of the 
DC fine control signal to keep the varicap biased within a fairly linear region). Unfortunately this can not be directly calibrated 
in width, as the effectiveness of the capacitance varies with the main band-set capacitance setting. You could use a fixed 
frequency for the generator and add a mixer at the output to implement something quite similar to the VK5BR sweeper, which 
would then allow direct calibration of the sweep width. 


| did not implement the additional output for a frequency counter. Instead | generally tap a 2-pole 12 dB pad at the 6 dB point 
and feed the counter from that. If | rebuild the unit, | will probably add an additional buffered output for the counter. 


Here is the trace of a 11.98 MHz crystal filter | was tuning using the unit. The -20 dB width is about 4.5 kHz. You can 
determine this by turning off the sweep and using the fine tune control to rock the oscillator across the bandpass manually. 
Combined with a counter (and it is handy to be listening to the signal on a HF receiver) you can note the response and 
measure the circuit bandwidth. 
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Limitations 
Retrace can be a problem, smudging the trace on the CRO. | think a blanking circuit would solve this, and could be easily 


implemented by taking the output from pin 3 of the 555 and using it to switch the RF output or the detected signal fed back 
into the Y-input of the CRO. 


The oscillator buffering is insufficient. The load can pull the oscillator, at times quite badly. For example, crystal filters have 
been known to pull the oscillator so much it simply refuses to tune through the series resonance of the filter. The oscillator will 
jump more than 1 kHz over the "dead-short" region of the filter, going in either direction no matter how carefully you tune it. 
This is apparent even with a 12 dB pad between the generator and the filter. Fortunately this is fairly simple to fix, and it my 
silly choice of a Tx-6 core for the output transformer is largely responsible. This should be a FTx-43 ferrite core, not a 
powdered iron one. But the buffering should be improved, probably by adding another stage, BUT based | think, and an 
internal pad. 


The trace isn't linear. The timebase wave-shape is 1st order exponential because the simple 555 timer circuit charges the 
capacitor via a constant voltage source. Implementing a better timebase with constant current charging (say an op-amp 
triangle generator or FET current source relaxation oscillator). This would improve the display by making a linear scan. 
However, this is only half the problem, the "varicap" isn't remotely linear, especially for wide scans. This can be improved by 
careful biasing after characterising the diode in question, and using relatively small voltage deviations to approximate linear 
V/C characteristics. Obviously the rest of the circuit would need to be modified to support this. | just put up with the non- 
linearity, as shape is generally what | am looking at, not absolute width. 


11 comments. 


Attachments 


tite | ye | se 
Circuit Diagram Source | application/postscript | 17.404 kbytes 
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Rope Light Controller Failure 2010-01-04 


The commercial Rope Light used in the Christmas Star project stopped working suddenly. The usual checks 
failed to revive it or indicate a reason for the failure so the sealed controller box was opened. Opening it was 
quite challenging, eventually | simply smashed the heck out of the box glue joints with a big hammer. 
Unfortunately this rather brute-force approach applied forces and accelerations to the internal components that 
were beyond their limits. The phenolic PCB was smashed and the heavier components torn off the board. 


Even before completely gaining access it was immediately obvious by the smell that something rather 
catastrophic had occurred. A small amount of black fluid leaked out as well, indicating the likely cause for the 
failure was rain water penetrating the "outdoor" control unit. Upon inspection of the PCB there was extensive 
charring around the mains ingress point and foul-smelling, greasy pyrolysis products coated everything inside 
the box. Cleaning with water didn't shift the blackening, but 2-propanol made short work of it. The full horror of 
the failure was then evident; an arcing fault had occurred directly across the mains carbonising the phenolic 
board and spraying copper everywhere. The fault occurred before the internal fuse and did not open it, rather it 
appears to have burnt itself open, as the 30 Amp circuit breaker to the mains circuit in question did not open. lt 
was probably only its containment in the sealed unit that prevented a much more violent event and resulting fire. 


pa | q 


Despite my rather kinetic opening technique it was relatively easy to trace out the circuit and study it. The unit is 
a phase-angle controller, using SCRs to switch the bridge-rectified mains into the two circuits of the rope light. 
The controller logic is a small 10-pin SIP daughterboard with a die packaged directly to it covered in the familiar 
black encapsulation. The controller runs off a 5 volt rail derived directly from the rectified mains via a high- 
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are driven directly from pins on the controller card, suggesting it has internal current limiting. There is a fairly 
substantial EMC filter on the mains side, with a common-mode choke and filter capacitors across the mains. 
There is also a MOV suppressor. The active feeds the controller a phase reference through a 200 K resistor and 
a 100 pF capacitor to LPF it. 


The controller daughter card had some minor damage to its track-work thanks to my aggressive access 
method, but being a metric pitch required a little effort to test. | wired it up to a "standard" 0.1-inch header with 
the wiring pencil and plugged it into a solderless breadboard. 
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Once supplied with 5 volts, its timing resistor, and a zero-crossing reference | quickly determined it was a 4- 
channel unit (with the rope light only utilising channels O and 2) and was undamaged by the fault. The clock is 
about 115 kHz and varies quite dramatically with the timing resistor. It appears to be matched to the mains 
frequency, the zero-crossings of the reference synchronising its internal state so the control signals are phase- 
synchronous to the mains waveform. With smaller timing resistors it will happily generate several gating cycles 
per mains half-cycle, but it realigns upon the next zero-crossing. Larger timing resistor values compress the 
available phase-control range. The standard value 220 K is a little too large for 50 Hz, the supplied value in the 
original circuit (200 K) is also slightly too large, but wastes less of the waveform tail. The 100 Hz frequency of 
the full-wave rectified mains makes the fading quite smooth and flicker free, probably even with LEDs. It would 
not surprise me if this particular device is used with the typical 24 VAC LED lights as well. The gate drive signals 
are high for the entire conduction time, so they could drive non-thyristor switches too. There are a series of 
transients just after the leading edge of the drive lines going high, their purpose, if any is unknown? They exist 
into resistive loads but appear inversely proportional to current delivered (from a slightly higher impedance than 
the main logic level itself). 
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The drive outputs source enough current to directly drive LEDs, so | plugged some in. Not sure how much the 
outputs can sink, | didn't want to push my luck with what was clearly a working unit. 
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Now the choice becomes, do | rebuild the controller, returning the rope light star back to service? Or do | simply 
hard-wire the rope light straight to the mains (through a fuse) and have a static star? Another alternative is to 
chuck out the rope light and just buy a new one in December... Surely the time saved would be far more than 
the $22 price tag of the rope light - but that is never why | build things for myself anyway. | think I've had enough 
of blinken light projects for a little while, time to build some RF stuff again! Might get around to rebuilding it 
eventually though. 
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Parent article: Rope Light Christmas Star. 
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RS-232 ADC Sampling Interface 2009-02-27 


Sometimes you just want to sample a DC voltage periodically and log the results on your PC. The Atmel ATtiny13 has a four- 
channel multiplexed 10-bit ADC capable of sampling at up to about 15 kHz. Its small package, low cost, and modest program 
memory seem to make it ideal for a quick 0-5 Volt sampler feeding a PC. However, the ATtiny13 doesn't have a USART, so 
getting the data out of the device requires a little bit more effort than with other AVRs. 


Software 


To get around this lack of dedicated serial IO hardware | simply implemented serial TX in software. The tiny13 counter is set- 
up to interrupt the processor at the baud rate, a simple state machine bashes out the serial signal on a digital IO pin when 
there is data to send. The CPU spends most of its time asleep either in idle or ADC noise reduction mode. 


Unfortunately the lack of an additional hardware counter means timing the ADC sampling is not very easy. As the application 
is simply "sample at a reasonable rate" (quazi-DC logging use) rather than a precise rate this is of no consequence, but 
perhaps with more work on the software it would be possible to specify the sample rate. The sample rate is deterministic, but 
as | am using the internal 9.6 MHz oscillator the rate isn't completely stable (an external clock could be used if so desired, at 
the cost of an input channel). There is also a phase-shift between the channel samples: ADC conversions are executed in 
series (because there is only one ADC in the chip). After all conversions are complete the results are converted into decimal 
text and sent down the serial line. Once the data has been sent sampling begins again. The full 10 bits of ADC data are 
delivered, the software in the PC can truncate the data if that level of resolution is not required. The text format is simply a line 
of four decimal numbers, the first is a monotonically increasing number (the number of ADC conversions executed since 
reset), the following three numbers are the ADC data 0-1023, finally a CR LF pair terminates the line (canonical text): 


32745 445 440 413 
32748 448 442 422 
32751 453 446 434 
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32757 465 461 458 
32760 468 465 464 
32763 470 470 467 


The fourth ADC multiplexer channel in the tiny13 requires the reset line to be dedicated as an IO pin. Setting this fuse breaks 
simple serial programming, so | chose to use only three of the available four channels. You can alter the code if you don't mind 
HV programming, or if you want to sample less channels (faster). The baud rate could be increased, but eventually the jitter of 
the internal oscillator will start causing problems. 9600 is fast-enough for my current uses. 


Y FUWailc 

For RS-232 signal level conversion | use the trusty old MAX232 (as | happened to have some in the junkbox). More recent 
chips require less external capacitors, or even none at all. Analogue input protection is quite primitive, just a 1k series resistor. 
It is expected the sensor amplifier and conditioning circuit will guarantee 0-5 volts. As this is just for my experimentation, | can 
live with that. 


| love my wiring pencil, but | think I've said that before! 
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CAPTION 11. THE INSTRUCTOR TURNS THE OXYGEN VALVE OFF. 


3. Bleed all the pressure, one tank at a time. Watch as the needles on the gauges drop to zero. In 
the video, the instructor starts with the acetylene tank. Close the torch and turn your adjusting 
screw out. 


CAPTION 12. THE INSTRUCTOR BLEEDS THE ACETYLENE PRESSURE FIRST. 
NOTICE THAT THE NEEDLE ON THE PRESSURE GAUGE HAS DROPPED. 


4. Bleed the remaining oxygen pressure. Watch as the needles on the gauges of the oxygen tank 
drop to zero. Turn your adjusting screw out, and turn off the torch. 
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Notes 


| had a lot of trouble with the software TX. My code was fine, but after much frustration | found the sink-driver of the PBO pin in 
the particular tiny13 | was using was dead! When I added a LED to see what was going on it incidentally implemented a pull- 
down and things starting working fine. Switching over to PB1 cured the problems, but ideally | should replace the chip with one 
| haven't accidentally cooked in previous experiments. 


There might be enough space left to implement software RX and have commanded sampling, rate and channel setting, etc. A 
larger device could easily do this, the current code is about 800 bytes. The full state machine for a software USART might not 
leave a lot remaining for the application in the tiny13; parsing textual commands is probably out. 


Linux makes it really easy to use the device. After issuing stty against the appropriate /dev/ttySx device to configure the port 
you can simply cat data from the device node into a file. | doubt I'll write a client-side utility, as this interface is fine for my 
purposes and can be scripted up as needed. The data format interfaces well with GNUplot (somewhat by design), and is trivial 
to manipulate with awk or other languages. | used canonical text (CRLF) for "Microsoft compatibility" but the CR is easily 
removed with the appropriate stty option (igncr) while using from Linux. 


2 comments. 


Attachments 


IO ee ee CS 


The ATtiny13 C-code For RS-232 Linked ADC Read-out | application/gzip | 5.326 kbytes 
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Here is a simple serial (12C) EEPROM programmer for 
the PC parallel port. | built it to program 24XX devices, 
but it can, in principle at least, talk to any I2C device with 
a suitable adapter or fly-lead, it implements a complete 
I2C bus interface. 


The original prototype and control software was 
developed against a 24LC16B device, but has since 
been extended and tested against the 24LCX range with 
X in { 08, 16, 21, 32, 64, 128, 256 }. It should work fine 
with other 24X I2C EEPROM devices, perhaps with 
slight changes to the addressing logic and sizing for 
larger devices like the 24LC512 (and 24LC1024 when it 
becomes available). Adding an extra device is generally 
just a matter of adding an extra struct near the top of 
24xx.c and recompiling. 


One exception might be the power supply. The 24LC16B 
and other similar chips pull just a little more than 3 mA 
when writing to power the internal programming voltage 
generator (less when reading, and virtually nothing in 
standby). The programmer is port powered but the 
parallel port outputs are specified to source only 3.5 mA. 
That is cutting it a bit fine, but in practice it has worked 
perfectly on several different PC parallel ports. 


Power is sourced from the CO bit, on some weird parallel 
ports this may be open collector rather than being 
capable of sourcing current. If yours is one of them, or 
you suffer other power problems, you can try pulling 
power from D2-D7 and C2-C3 with extra diodes, they are 
all pulled up by the software. If all else fails, supply an 
external 5 V supply. The diodes will protect the port if 
external power is supplied, especially if you intend to use 
the programmer as a generic 12C interface. 


Note the switch/jumper in the diagram that allows selection of the state of the /WP signal on most devices. This was added 
after support for the 24LC21A was requested by Miika Andesmaki. The 24LC21A's /VCLK signal has the opposite sense to 
the usual /WP, as do several others designed for plug-n-play data service. The driver was also modified to pre-clock it as per 
the requirements in its datasheet to get it into the bi-directional operation mode. 


A bi-directional parallel port is not required as the SDA and SCL lines are read through the Error and Paper-Out status bits 
(S3 and S4). The C1 bit drives a power indicating red LED (or a "don't remove chip" warning if you prefer). The DO and D1 
lines drive the pull-down of SDA and SCL, they have a yellow and green LED to display their states. (The state of the pull- 
down drive, not SDA and SCL themselves! You may wish to add two more transistors to drive the LEDs from the bus state 
instead, making them more useful.) 
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Parallel Port 8-pin 12c EEPROM Programmer 
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Supply is sourced from the Strobe (CO) pin. 

This worked fine for the low power EEPROMs 

| tested the device with. Add diodes from spare 

pins, or an external supply, if the current sourced 

from the port is insufficient. 

Measure the rail voltage during writes (when the chip will 
be pulling more than 3 mA. It should not be below 4.8 V 
if the port is supplying sufficient current. 


You can download my Linux user space programmer drivers. They call ioperm() to establish access to the I/O space for the 
parallel port so they must be run as root, or setuid root. Currently the I/O base is hardcoded for the 1st parallel port at 0x378. 
The code is interactive, entering '?' at the prompt will give you a list of options: 


Commands: 
q Quit 
? This usage message 
d Dump EEPROM, as hex 
D <start> <len> Dump EEPROM, as hex 
f <value> Erase EEPROM, filling with value 
r <filename> Dump EEPROM into raw binary file 
w <filename> Program EEPROM from raw binary file 
t <type> Set EEPROM device type (as 24C<type>) 
p <delay> Set delay between I2C transitions (for slower devices) 


It is fairly primitive right now, it only supports raw binary input and output files, but | intend to add support all the common 
hex-file formats. lt already has the option to dump the data pretty-printed in hex for manual inspection, and can fill the device 
with a specified byte to clear it or test it for bit failures near its end of life. 


It would not be very challenging to make this code portable to Win32 console, just replace the inb/outb() and ioperm() calls. 
All else should port directly. This is true for all remotely POSIX systems, as long as they have some facility to allow user 
space programs to invoke I/O instructions. 


10 comments. 
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Simple AF Amplifier 2001-09-24 


| use this device as a desktop AF amp. Just the ticket for listening to signals from new equipment as it is built, or for removing the 
headphone leash from some of the lower power equipment I've built. 


The output power is limited by the final devices, just two garden variety BC5X7 units in push-pull. The LF353 was chosen because it was 
the first | grabbed, and it wasn't a bad choice, | like JFET opamps much more than bipolar ones. The first op-amp is used as a unity gain 
current amplifier, the 100% voltage feedback pretty much eliminates crossover distortion. The remaining op-amp is used as a pre- 
amplifier and low pass filter, the roll-off is much higher than the response of the speaker, which was found in an old TV dumped outside 


my office. 
100p 
22k 
470n 22k 
ae 33n 
22k <= 470n 5k6 


Op-Amp: LF353 


These values in the diagram are from memory, and squinting at the images. They may be a bit off. Nothing it too critical, just be careful of 
too much gain in the first op-amp, it will oscillate. | haven't shown the decoupling caps in the diagram either, the working model has a 33n 
from pin 8 to the ground plane, and a 220u across the rails. If you use a bipolar op-amp instead of the LF353 the 33n coupling cap will 
need to be increased (a lot). Alternatively use DC coupling as | have in a few other implementations. 


The casing is a large-size project box, the 'old style' ones from Jaycar before their great new line of CAD boxes with the drilling helpers 
on the inside of the lid. (the new boxes are really, really good, beats DSEs hands down) This older box however has a weird surface 
layer, it kind of peeled when | drilled it for the speaker grill, and part melted making for a thoroughly ugly result. 
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Feature wise, it is functional though. The front-panel has a volume knob and power switch, with a choice of BNC or RCA signal input 
plugs. There is an internal 6v battery pack (4x AA alkaline cells), plus an external DC plug-pack socket which disconnects the batteries 
on connection. 


1 comment. 


Attachments 


IC | w | œ 


circuit postscript source | application/postscript | 11.914 kbytes 
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A trivial JFET electrometer isn't a new idea, there are millions of designs for them out on the Internet, this is just 
yet another. This one is slightly unique in that it is a bridge configuration that makes it ultra-sensitive, much 
more so than a gold-leaf electroscope, but less than a vacuum tube or electrometer grade FET device. 


When the unit is first switched on the pot is adjusted to give a half-scale reading on the meter. You may wish to 
have a centre-neutral nulling meter, but | only had the conventional meter in the junk box. | used a 10uA FSD 
meter which makes the electrometer fantastically sensitive, probably too sensitive at times, and difficult to null. 
A plastic pen rubbed against your hair slams the needle at more than 2 feet away. 
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Ultra-sensitive Electrometer 
Alan Yates VK2ZAY 


A selection of shunts or another pot across the meter would enable sensitivity adjustment. The 10M gate 
resistor is not strictly needed, but helps to protect the FET gate. Changing the value of the pot would effect the 
sensitivity and may be required if different FSD current meters are used. The 10uA FSD meter is the most 
sensitive DSE carry. The PCB material the device is built on is copper clad on both sides, this forms the ground 
connection and gives the electrometer a ground reference. Both sides are interconnected for good grounding. 


You can charge the gate by induction slightly, which may give more range in both polarities. If you do charge the 
gate it will slowing leak away, but this takes a fair while. If you accidentally touch the gate with a charged object 
and excessively charge it slamming the needle, just touch one finger to the ground plane and another to the 
electrode to return the gate to a relatively neutral state. 


The gate is sensitive enough to sense the electric field of a 9v battery or charged capacitor waved near the 
electrode. A good demonstration is to take a few nano capacitor with long leads, preferably axial, short it to 
discharge it completely. Wave both leads near the terminal and little deflection should be observed, just the 
usual effect of your body near the electrode. Now hold it by one lead, touch the ground plane of the 
electrometer with your other hand and the other lead of the capacitor to the +ve terminal of the electrometer's 
9v battery for a second or so. Now remove it and holding it by one lead approach the electrometer electrode 
with the other capacitor lead, the needle should deflect a bit in one direction. Next carefully let go of the lead 
you are holding, say by taking hold of its body encapsulation with your other hand, then take hold of the other 
lead and again approach the electrometer electrode, it should deflect in the opposite direction. Now hold both 
leads to discharge the capacitor and try each end again to confirm its discharge. 


It is quite amazing to watch it respond to you scuffing your feet on carpet while standing a meter or so away. My 
coke can Van de Graaff Generator slams the needle from across the room. It will respond to the difference 
between you touching the floor with your feet while sitting and not touching it, waving your arms around, or 
approaching the device and taking a step back. If you have a suitable UV light or other ionizing radiation source 
you can watch it discharge a charged object near the electrode. A thoriated gas lighting mantel discharges a 
pen cap in a few minutes. 


Leave a comment on this article. 


© 2000 - 2009 Alan Yates - All Rights Reserved. XHTML | CSS | CSS toggle 
http://www.vk2zay.net/article/9 2/2 


1/10/2018 Alan Yates' Laboratory - Solderability of Enamelled Copper Wire 


Home Twitter YouTube Calculators 


Solderability of Enamelled Copper Wire 2009-02-16 


Kevin asked about the solderability of the wire | had used in the wiring pencil. | picked the wire | had in stock that was subjectively the 
was the right gauge and the easiest to solder based on past experience. | hadn't however made detailed tests, so this quick experiment 
was undertaken to detail the performance of the particular brands | had in stock. 


ANTENA bm e 


— 


JP 


| just happen to have a wide variety of gauges and brands of wire in stock, collected over the years from various suppliers. The supplies 
may no longer carry the particular wire | tested, or carry something different identified by the same catalogue number, so this data is only 
really for my benefit, but the experiment is easy to perform for yourself. 


| generally find enamelled copper wire is much easier to tin from a cut end. Submerging the cut end in a puddle of solder on the tip of the 
iron will rapidly burn back the varnish except for especially refractory varnishes, of which | only have a few samples, mostly on quite 
heavy gauge wire. Tinning in the middle of an unbroken length is generally quite difficult, at normal soldering temperature, except for 
very fine gauge wires. 


| have a cheap DSE sourced temperature controlled soldering station (catalogue number T-1976) which | purchased last year after my 
previous unit (also DSE sourced, the more expensive T-2200) was no longer supported by DSE for spares and | was in need of a new 
element. The unit is adjustable from 250 - 450 °C. | normally run at 340 °C, so | picked four test temperatures, starting with 340 °C and 
going right up the the units limit of 450 °C. Temperatures below 340 °C were not investigated. 


Samples of wire were taped to a cardboard frame and tinning attempted at each of the four temperatures. The heat effected zones may 
have overlapped, especially for the thicker more conductive gauges, but lower temperatures were attempted first, progressing to higher 
ones. The tinning was attempted to a maximum of 20 seconds — test. Wires up to 500 um only were tested. 


HOE 
Catalogue 
°C 
W-3132 Easy | Easy | Easy | tin, but otherwise very easy to Use and mechanicall 
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DSE W-3126 400 Amber No | Hard | OK | Poor | Quite hard to tin at low temperatures. Lots of burnt 
um material at higher ones. 
as In most ways identical to the 200 um DSE wire, just a 
eoar WW4013 Poor | OK | OK Takes a long time to burn through and tin. Lots of heat 
works eventually, fair amount of burnt junk results. 


Around 410 °C seemed optimal for this wire, producing 
less burnt material than higher temperatures, but being 

gaygar weenie dl E eae hard to tin much below this. | found this result a little 
surprising. 


ES WW4016 aoe ES Needs lots of heat, not too bad otherwise. 


"Thermaleze" wire. Tins with rubbing to get it started at 

: the lowest temperature. Higher temperatures tin easier, 

eae a but very high temperatures start to produce more burnt 
material. 


Hendricks 
QRP Kits 


Hendricks 
QRP Kits 


OK | Same as the Red except or the colour. 
This is a twisted pair of red and green wires, intended 
for easy construction of bifilar RF transformers. Both 
colours behave the same. Tins with rubbing eventually, 
but not at the lowest temperature. Higher temperatures 
NA Red/Green i tin easier. Somewhat difficult to tin from a cut end at the 
lowest temperature. No burnt material at high 


temperatures, but the enamel colour fades in the heat 
effected region, appears to thin out and melt away from 
the heat. 


Sourced from Wyong Field Day 2009. Needs lots of neat 
OK | to tin. Was the only material that didn't tin eventually at 


Unknown 
380 *C. 
Sourced from Wyong Field Day 2009. Fairly typical of 
Unknown No OK | OK | Poor | the harder to tin wires. Burnt material at high 
temperatures. 


In general the results indicate thinner gauges are easier to tin. All wires tested tin from a cut end at the lowest temperature, but may take 
quite some time and effort/rubbing. All wires will tin mid-wire eventually at 380 °C, but some can take quite a long time and require 
rubbing back and forth with the iron to start penetration of the enamel. At 410 *C and above all wires tin pretty easily. Higher 
temperatures are more robust and quicker to tin, but also tend to produce more blackening and slaggy solder. 
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Wires that tin only with difficulty tend to produce a blackened region near the edge of the enamel layer which appears to be a mixture of 
burnt enamel and rosin flux. The blackening also seems correlated with decreasing quality of the solder. Wire that really needed a lot of 
cooking produces very slaggy solder that ideally would be removed and replaced with fresh material to make a nice joint. 


The smell of the hardier enamel burning is quite different to that of the easily tinned material. There is a fair variety of enamel 
chemistries available, but | am unsure which correspond to the easiest tinning wires as the wire is uncharacterised as to its particular 
enamel chemistry. At least here in Australia, unless you order directly from a wire supplier, you seem to get almost random material. In 
particular the same type of spools are used for different kinds of wire, probably because of rebranding and splitting of bulk lots by the 
retailers. Some material purchased years apart, but of the same gauge, colour and brand has different enamel. This will no doubt 
frustrate attempts to use the data above. 


One thing | didn't test which might be of more practical value is tinning when twisted around an IC socket pin in contact with PCB pads. 
This is the ultimate fate of the wire used in the wiring pencil, so good performance there is highly desirable. The two easiest to tin 
materials also happen to be those | chose for the wiring pencil, and | know that in practice they work quite well in that application. 
Unfortunately they are also the oldest sourced and perhaps are no longer consistent with what is currently offered by Dick Smith. 

4 comments. 


Parent article: Wiring Pencil. 
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CAPTION 13. THE INSTRUCTOR TURNS THE OXYGEN PRESSURE DOWN 
WITH THE ADJUSTMENT SCREW. 


Looking for other learning materials? 


The Oxy-fuel Welding ¡Tunes U course has videos and other learning materials for you to view. You can download 
iTunes for free to view the course and course materials. Closed-captioned videos are available at T4E's YouTube 


page. 


Disclaimer and License information 


This workforce product was funded by a grant awarded by the U.S. Department of Labor's Employment and 
Training Administration. The product was created by the grantee and does not necessarily reflect the official 
position of the U.S. Department of Labor. The U.S. Department of Labor makes no guarantees, warranties, or 
assurances of any kind, express or implied, with respect to such information, including any information on linked 
sites and including, but not limited to, accuracy of the information or its completeness, timeliness, usefulness, 
adequacy, continued availability, or ownership. 


(cc) E 
Unless otherwise noted, this work is licensed under the Creative Commons Attribution 4.0 International License. 
To view a copy of this license, go to http://creativecommons.org/licenses/by/4.0/ on your web browser. 
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Sports Ears Broadcast Receivers 2010-04-24 


This Saturday | went to see the Sydney Swans slaughter the West Coast Eagles at the Sydney Cricket Ground. 
Murray Tregonning & Associates has been providing the Sports Ears stadium narrow casting service and 
associated receivers for other football codes for some time now, but this week was the first time they have 
offered it at AFL games in Sydney. The general idea is to broadcast the game officials chatter to listeners 
present in the stadium. My partner is a huge AFL fan and just had to partake in the new service, so she parted 
with $45 of her hard earned cash for one of their receivers at the game. | instead took my Yaesu VR-500 (a 
considerably more expensive device) with me to find the transmission and study the system in more detail. 


The Magic Frequency 


It took only a few minutes to locate the appropriate frequency. The transmission is wide-band FM at 70.2 MHz. 
The signal strength is reasonable throughout the stadium, probably several watts of transmitter power located 
locally. Polarisation is difficult to determine with all the scattering of the structure of the stands and people's 
bodies. Multi-pathing can at times cause deep fading as people move about in proximity, but this is not 
particular to the system, just a natural consequence of RF communication at this wavelength - FM broadcast 
band reception suffers similarly. 


The Sports Ears® Receiver 


The AFL Sports Ears receiver itself is a fairly conventional AM/FM broadcast receiver with a 3rd "UMPS" 
position on the band switch. In the UMPS position the local oscillator is fixed-tuned and receives the 70.2 MHz 
transmission regardless of the tuning dial position. The AM and FM positions operate normally, tuning 540-1600 
kHz and 88-108 MHz respectively. The FM reception is monophonic in either UMPS or FM. 


© 2000 - 2009 Alan Yates - All Rights Reserved. 
http://www.vk2zay.net/article/24 1 1/8 


Alan Yates' Laboratory - Sports Ears Broadcast Receivers 


1/10/2018 


s 4, 


A 


r= Fa 
i544 67k 390 SS 


ges Cipla! A 


Inside the plastic enclosure is a small hybrid through-hole and SMD board implementing the receiver. The 
CD1691CB features prominently - a single largish SMD-package AM/FM broadcast receiver and AF power 
amplifier chip. The AM and FM circuits are very conventional, almost the reference design in the datasheet. The 
UMPS channel utilises a crystal locked local oscillator, operating at 59.5 MHz for low-side injection (10.7 MHz IF 


with your typical ceramic filters and quadrature coil). 
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The UMPS crystal is in HC-49/U format, and is completely unmarked - I have no idea if this is an attempt to hide 
its frequency or simply the result of a custom-manufacturing run. The crystal is one of the larger components of 
the receiver, and is mounted on the "back side" of the board, accessing it requires removal of three screws and 
carefully unthreading the red plastic tuning dial indicator from its track. It is no doubt an overtone crystal, but | 
did not unsolder it to measure its properties directly. 
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The local oscillator leakage is easily detected at quite some distance from the receiver - even my wavemeter 
can register the LO energy - but no significant sub-harmonic radiation is detectable. 
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The image frequency 48.8 MHz is not very suppressed, the image response on the FM broadcast band appears 
somewhat better, as does its sensitivity, but this was not assessed with much precision. Like most radios of this 
type the antenna for VHF is the headphone lead and controlling the applied signal is a little challenging without 
modifying the circuit. On FM and AM the LO injection is high-side (the AM IF in 455 kHz), the choice of low-side 
injection for UMPS is probably to place the image further from the FM broadcast band. The TV sound carriers 
for analogue TV channel 2 (69.75 MHz) are quite close to the 70.2 MHz UMPS channel and the receiver's 
selectivity is barely adequate in strong-signal areas when the narrow-casting signal is absent. 


Physically the unit is a nice pocket/palm compatible size. It comes with a lanyard featuring a quick-release 
connector, and a pair of ear-bud earphones of surprisingly acceptable quality. The earbuds are hard-plastic and 
come with no textile covering "socks" like some other ear-bud style phones do, in particular | found they can slip 
out of larger ears easily because of the fairly low friction offered by the hard plastic against skin. On the other 
end of the anatomy scale, smaller-eared individuals may find them too large for comfort. The earphone socket 
is a conventional 3.5 mm stereo one and phones of your choice are easily substituted. Sports Ears themselves 
offer over-the-ear padded headphones as an accessory for $20, | can't comment on their quality. The audio 
power available from the unit before unacceptable distortion is quite adequate with the headphones supplied, 
even in the noisy stadium environment. 
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The AFL unit has one rather annoying feature, the tuning dial pointer is coloured red, as is the dial background, 
making it almost impossible to see even in good lighting conditions. 


| took the opportunity when | had the receiver dismantled to colour the pointer black with a felt-tip marker so as 
to provide some contrast to the display. This is likely an accidental oversight of rushing the device into 
production, the red colour scheme of the casing being very similar to the pointer. Other code's units have better 
contrasting colour schemes. Unlike the higher priced units offered for Rugby, the AFL unit has only one receiver 
and can not simultaneously offer both the umpire audio and FM or AM broadcast band commentary. 


The unit is powered by two AAA-size batteries, user replaceable and supplied in the initial package. Current 
consumption is about 14 mA on FM and UMPS, and 12 mA on AM, at peak AF output power it can rise by an 
additional 3-4 mA. | strongly suspect the bulk of the current is being consumed by the 3 mm red LED power 
indicator light, but | did not disconnect it to make a comparative measurement. The cells provided with my 
partner's unit are brand-name (Mitsubishi) alkaline. Assuming a capacity of about 1 ampere-hour they should 
run the receiver for about 65 hours. The unit is marketed as having sufficient battery capacity for the entire AFL 
season, this is quite accurate assuming it is used only 2-3 hours per game. Having the power LED to indicate 
the "on" state likely helps prevent accidental battery depletion when not in use, despite undoubtedly using quite 
a large amount of energy itself. 


Value? 


Their fine marketing aside, is the Sports Ears product value for money? At $45 it is extremely expensive for 
what's inside the box. A typical AM/FM broadcast receiver of similar quality would be in the vicinity of $10 retail 
and quite a bit less in large quantity. The addition of the special event channel reception is clearly a fairly 
custom feature, and some development has gone into adding this feature to an otherwise widely used general 
"chassis" (not unlike the hundreds of similar merchandising receivers you can get made in Asia in any number 
of different packaging). 


Some unspecified percentage of the sales of the units are contributed back to the AFL and distributed to the 
clubs. No doubt this particular marketing point is important to many buyers, but a little too weakly specified for 
my liking. 


The entire market for these devices is based on the transmission being on a frequency outside the usual tuning 
range of widely available receivers. Special Event FM radio licences are available from ACMA, it would have 
been just as technically easy to offer the service on an FM broadcast frequency that required no special 
equipment to receive. This is clearly more about creating a captive market for merchandise than simply 
providing a "fan-based" adjunct to the at-game experience. 


There is of course nothing fundamentally wrong with this approach, it encourages attendance to the games, 
especially if the game official audio is not provided on other coverage of the event. How popular it will be, 
especially as knowledge of the choices made in its implementation become public remains to be seen. 


Personally | found listening to the umpires very instructive and believe it does add a lot to the experience. | 
frequently record the pay-TV coverage of the event for later viewing, even when | attend the event live - mainly 
so | can hear the commentary and umpire audio explaining the decisions that can otherwise be quite perplexing 
when seen live without the benefit of hearing the calls. 


The quality of the audio is quite high. Too high at times perhaps, some gentle souls may find the gasping, 
swallowing and expectorating sounds a little disturbing, although the pre-game and quarter break advertisement 
loop (and online marketing) warns about the uncensored nature of the content, especially concerning profanity. 
Further scanning around during the day suggests the microphones carried by the umpires operate around 225 
MHz and likely use a diversity reception system to eliminate fading. Other interesting SCG specific frequencies 
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are around 499 MHz, although my VR-500 had insufficient selectivity to separate some of the powerful 
concurrent transmissions in close proximity, especially the camera direction instruction transmissions. 


Security Through Obscurity? 


A junk-store FM radio costing only a few dollars can be trivially modified by a suitably handy person to receive 
the 70.2 MHz transmission. No doubt the great majority interested in listening in will just cough-up the $45 for a 
Sports Ear receiver, despite the fact the transmission is unencrypted and emitted not too far from the FM 
broadcast band so as to make modification of a conventional receiver quite practical (and economical 
production of the Sports Ears receivers for that matter). 


The controlled market for the receivers is obviously bad for the fans. Especially considering the current pricing 
point. | can't see how Sports Ears could prevent other agents developing receivers for the frequencies used in 
AU and NZ. | assume their only protection is the expense of development and barriers to penetration of the 
market. The market is surely large enough, but no doubt competing receivers would not be sold at the games in 
the merchandise stalls. 


No mention of the frequencies involved are made on the product sites. In fact a search of the ACMA registry of 
radio communication licences found no entry for 70.2 MHz. Murray Tregonning as an entity is well known to the 
ACMA, but hold no current licences at all. | could find no entries for anything related to AFL, SCG or Sports 
Ears either. How the frequency can go unspecified in the ACMA database is unclear. 


| have no idea if one of the NRL and ARU frequencies are the same as the AFL one, but it would not surprise 
me if they were be shared. The Rugby broadcasts clearly use at least two different frequencies. The NZ 
frequencies are different it seems, probably because of country-specific licensing. In any case a receiver 
capable of WBFM reception would quickly find them, probably not too far away in the VHF-L band. 


Making Your Own Compatible Receiver 


Retuning a cheap FM broadcast receiver to cover the 70.2 MHz band is actually very easy. Almost any non- 
digital tuning FM broadcast receiver will do, but a turn-the-dial rather than push-to-scan receiver is probably a 
safer bet to try. Simply locate the local oscillator coil and squash its turns together to move the frequency down. 
In many cases there will be sufficient range of adjustment to do this, otherwise you may need to add additional 
capacitance across the oscillator coil, a trimmer can be soldered across it and set to place 70.2 somewhere in 
the range of tuning. You can use the channel 2 TV audio signal as a reference, if you can receive it at the 
bottom of the tuning range (and perhaps still get the bottom couple of the FM radio stations now at the top-end 
of the dial), then 70.2 MHz will be just above, quite close to the TV audio. 


FM radios designed for the Japanese market are even closer to the frequency in question and need less 
prodding and poking to get aligned. 


Alternatively if you don't feel confident hacking a cheap-store receiver, you can even buy a receiver that covers 
the frequency in question (and more) for less than the Sports Ears product. Dick Smith for example still carries 
an TV-audio receiver, catalogue number A-4289 ($29.98 - appears to be a Digitor branded Tecsun). Over the 
years they have carried a number of similar units, | have an older model which is essentially identical internally, 
you often see them at garage sales or ham radio trash and treasure days for about $5. 


Yet another way to receive the signal is to build a converter that mixes the 70.2 MHz up to something in the FM 
broadcast band. The region around 100 MHz is empty by design for LIPD devices, like toy radio microphones. It 
is a Simpler matter to build a 30 MHz oscillator and mixer to shift the signal up to 100.2 MHz. In fact | found by 
experiment that most cheap FM broadcast receivers have such poor front-ends just placing them near a strong 
30 MHz signal will cause them to mix up 70.2 MHz to 100.2 MHz internally. A simple overtone (3x 10 MHz xtal) 
oscillator held near a junk store FM receiver made a test signal at 70.2 MHz easily detectable with the receiver. 
A packaged 30 MHz TTL oscillator + a battery is an instant converter with a suitably average FM broadcast 
receiver. (This trick even works on my VR-500 because its LNA is broad as a barn door and fairly weak IP3 
wise too.) 


Can I Use The "UMPS" Channel Myself? 


Well, technically it is very easy to build an FM modulated flea-power transmitter for 70.2 MHz and use your 
Sports Ears receiver around the house. Just take the typical "FM Microphone", "Wireless Bug" or "Sound 
Feeder" and retune it to operate at 70.2 MHz. Legally this is probably slightly more illegal than LIPD devices on 
the FM broadcast band. Obviously taking such a device to the game would be a very dumb idea, but around 
your home the chances of the signal being seen at any distance are quite small unless you build a good 
antenna for the transmitter. One wonders why you would bother hacking over a perfectly usable FM broadcast 
band transmission device, perhaps even capable of high-fidelity stereo transmission in the case of a sound 
feeder, and locking it down to a fixed-channel, mono uncommon receiver like the Sports Ears. A similar 
argument might equally apply to Sports Ears in the first place... 
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Summary 


Sports Ears works well. It is fun, pretty much as described in the marketing hype, definitely worth a try if you are 
attending the games. The implementation method is perhaps a bit morally questionable, especially as the units 
are arguably overpriced, but the consumer is informed about the proprietary nature of the system and its 
limitations - the FAQ is quite clear in that respect. The consumer however is not informed that alternatives are 
available and this was my main motivation for writing this article. 


17 comments. 
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| recently ordered 200 units of 11.98135 MHz crystals from Hy-Q for use in crystal ladder filters. (They were $5/100 in 
their surplus stock sale section) With the construction of my RF sweeper, | can now make precision filters suitable for 
SSB and CW transceivers. 


Four crystals were selected with a minimum frequency within 50 Hz. The 30p to ground-shorted shift was measured and 
capacitors calculated for a 2.5 kHz bandwidth. Some fiddling later and a filter with fairly good characteristics was 
produced. The termination Z was selected to be 150 Ohms and some tests showed it offered pretty good ripple with the 
particular crystals used. 


A crystal oscillator with padding inductor was constructed to generate the carrier, and a diode DBM was made with ferrite 
beads and 1N4148 diodes. 
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A quick lash-up on the desk proved the carrier oscillator and DBM alone produced a nice DSB signal. 


The crystal filter was added with a buffer amplifier after it to compensate for its insertion loss. Some teaking of the carrier 
frequency later and a very clean LSB signal was produced (LSB is easier because of the filter shape). | used an AM radio 
as a signal source. 
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Next step is to make an microphone amplifier with AGC and then start thinking about switching the modules around to 
enable RX as well (I've already purchased DPDT mini-relays to do this). Then it is a relatively simple matter of building 
transverter-style circuits for the bands of choice. | think I'll investigate switchable carrier oscillator frequencies to enable 
LSB/USB selection. This will also give me more choices of LO injection frequencies. 


40 metres will probably be my first band, | have a dipole for it already, and it is fairly open at the moment despite the solar 
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Carrier suppression could be better, the crystal filter knocks it down 3-6 dB, and it is already about 16 dB down. | may 
replace the DBM with a single-balanced modulator having a carrier nulling pot so | can reduce the carrier power as much 
as possible. 


2 comments. 
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Switching Boost Converter Power Supply 2008-12-28 


Building switchmode converters is something | had basically no experience with and only a very casual theoretical 
understanding of. Some might say it would have been safer and easier to just follow someone else's design, or at least 
pick one of the thousands of commercial blackbox chips out there... If | did that | wouldn't have taught myself as much 
about the wonderful mix of disciplines such circuits require knowledge of. 


Requirements 


First the requirements. My lab is lacking a high-voltage DC variable supply, something capable of say 40-200 volts at a 
few watts (say 10-20 mA) with current limiting protection. Such a device would enable basic vacuum tube experiments 
amongst a whole bunch of other uses. | wanted it to run from 12 volts input as | have plenty of such DC supplies and 
could avoid the dangers associated with low impedance mains work. 


Critical Components 


After reading some theory and sketching circuit ideas | dug through the junkbox looking for suitable parts; a HV MOSFET, 
a fast HV diode, a low ESR HV cap, and a suitable storage inductor. Unfortunately the best MOSFET | had Vds-wise was 
the humble IRF510 which at 100 Volts constrains the boost topology to delivering 112 volts. Diodes | had no problems 
with, | have a stock of BY229-600s which are very over-spec for the project. Output side filtering caps were looking grim, | 
wanted 1 uF 400 V or better, but had only 100 V in anything but vanilla electrolytic. | tested one 100 Volt mylar cap to 
over 300 volts - that will do for initial experiments as my MOSFET limits me to ~100 volts anyway unless | go for a flyback 
topology - maybe later. The inductor was the final remaining critical part, but pot and E-cores | have aplenty, along with 
power chokes. 


Controller 


The controller was originally going to be discrete, but after spending 2 days in LT Spice fiddling | decided to do something 
completely different for me - use software! I'm fairly well tooled up for using the Atmel ATtiny13 so it seemed logical to 
use it. The tiny13 has fast-PWM and ADC capability and a 9.6 MHz internal clock, so it can easily handle the job with 
*far* less parts than any other solution | was looking at. 


Variable Duty-Cycle Experiments 


To begin with | wrote some simple code to allow fiddling with the inductors | had and in general learning about switching 
boost converters. The code simply sets the PWM output duty cycle to match the ADC conversion reading. This lets you 
implement a 0-100% duty cycle controller with only the tiny13 and a pot (at a fixed frequency - 37.5 kHz currently). This 
piece of code is actually quite useful in its own right and can be a speed/power controller for motors, brightness control 

for lamps, etc. Anything that needs a variable duty cycle. 


After some initial tests lighting up LEDs | breadboarded a basic boost converter and tried it out with the variable duty- 
cycle controller. To my surprise most of the inductors | had "worked" to some degree. Many suffered saturation problems, 
but the cheapest and most common 1 mH choke | tried worked quite well with a small load, right up to the voltage limit of 
the IRF510. 
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This oscillogram shows a roughly 80% duty-cycle gate drive and the corresponding drain waveform with the HV side 
under several 10s of mA load. With less loading it was possible to see free-wheeling on the drain after diode cut-off, 
where the inductor and drain capacitance would ring as an LC circuit. This is harmless, normal and quite expected. 
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Here is a video of varying the duty cycle. The free-wheeling is observed at low duty drives, eventually continuous mode is 
entered and voltage increases rapidly, then the inductor saturates and the voltage drops again (with a corresponding 
rapid rise in input current). 


| E i moa 


Duty-Cycle Vary ing Experiment Video 
(3.054 Mbytes) 
Before long | had a dummy load of neon bulbs glowing brightly and a conversion efficiency of about 74% delivering a few 
watts. The efficiency isn't too bad considering the relatively large Ron value of the IRF510 and the choke inductor 
parasitic resistance. 
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The Inductor 


At this point with a 1 mH inductor output current was limited to less than 33 mA, as the 37.5 kHz switching rate only 
allows the inductor to charge to 282 mA in the 88% duty cycle on-time that corresponds to 100 volts from 12 volts input. 
Reduction of the inductor value is required to deliver more current, but inductor saturation then becomes more likely - for 
example a 100 uH inductor can charge to 2.8 Amps in the same time, that's a lot of ampere-turns for most ferrite cores. 
(And near the drain current limit of the switching transistor). 


Time to experiment with gapped cores, and as such | needed an inductor core saturation tester... The test instrument that 
grew out of this need is quite simple, but I've made it the subject of its own article as it is a useful device in its own right. 


Voltage Regulation 


Closing the regulation loop was the next step. The controller programming was altered to adjust the duty cycle 
incrementally based on the ADC input, trying to maintain a value near mid-rail. With simple voltage divider from the HV 
side feeding the ADC input and some logic to drive a LED when the regulator could no longer retain control (dropout 
indicator), | had the basics of a working regulating boost converter. 
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The delay and incremental adjustment affect a low-pass filtering of the control circuit. This seems to work quite well, but | 
have not investigated its behaviour extensively and have no idea of its stability. The regulation point does limit-cycle even 
with several bits of hysteresis, the control logic being digital (only 8-bit PWM) and high duty-cycles having a large "gain" 
in terms of output voltage change with small changes in duty cycle (approaching 100% is an asymptotic limit of voltage 
approaching infinity - 50% gives you twice the input voltage - during continuous-mode operation anyway). Operation in 
discontinuous mode with smaller inductors would allow lower duty cycles, but | am unsure if that would lower the loop 
gain - need to do the maths. Explicit digital filtering in the controller is probably worth investigating. 


The controller logic also misbehaves when the inductor saturates or the MOSFET starts avalanching. When this occurs 
the duty-cycle to output voltage relation stops being monotonically +ve. The regulation will slam hard on against the 
upper duty-cycle limit. This condition is noted by the drop-out indication LED, but typically results in a large current 
consumption and would eventually cause damage. Current limiting in the input-side could allow unconditional safety, but 
it would be nice to detect the condition explicitly and complain because it is a supply hardware problem, not just overload. 
| have not investigated the lower boundary as much, the Neon bulb pilot light loads the output enough for it to not be a 
major problem, and the failure condition of a completely lost load is probably not too bad, the duty cycle lower limit can be 
selected to prevent dangerous voltages being developed. 


Protection 


Input-side current limiting is the most obvious protection scheme. Almost all failure modes result in large currents being 
drawn from the input. A simple circuit to detect this and throttle the current might be the conventional transistor pair with 
an emitter resistor that eventually biases one of the pair on to deprive the other of base current. The voltage drop would 
hurt efficiency and perhaps a more sophisticated scheme would be in order... For now my bench PSU is giving the 
overload protection. 


Higher voltage MOSFETs and Capacitors are needed to take the experiments further towards a practical supply for the 
lab requirements. These devices are on-order, but haven't arrived from their suppliers yet. I'll do more work into the 
protection system and regulator stability after they arrive, and perhaps take a look at a flyback topology to achieve higher 
efficiency. The flyback topology also prevents input-supply shorts, as would AC coupling of the output. Filtering of the 
output ripple is another area that needs investigation, perhaps with LC filters although they have problems with load- 
dumps generating voltage spikes. 


2 comments. 
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A Equivalence Relations 


Cutting Torch: 


e It is used to cut materials. 


e It is similar to welding torch, but can be identified 
by the oxygen blast trigger or lever. 

e This oxygen reacts with the metal, producing more 
heat and forming an oxide which is then blasted 
out of the cut. 

e The cutting torch peripheral flame only heat the 
metal to start the process. 


Preface 


Math is Exciting. We are living in the greatest age of mathematics ever 
seen. In the 1930s, there were some people who feared that the rising 
abstractions of the early twentieth century would either lead to mathe- 
maticians working on sterile, silly intellectual exercises or to mathematics 
splitting into sharply distinct subdisciplines, similar to the way natural 
philosophy split into physics, chemistry, biology and geology. But the very 
opposite has happened. Since World War II, it has become increasingly 
clear that mathematics is one unified discipline. What were separate areas 
now feed off of each other. Learning and creating mathematics is indeed a 
worthwhile way to spend one’s life. 


Math is Hard. Unfortunately, people are just not that good at mathemat- 
ics. While intensely enjoyable, it also requires hard work and self-discipline. 
I know of no serious mathematician who finds math easy. In fact, most, 
after a few beers, will confess as to how stupid and slow they are. This is 
one of the personal hurdles that a beginning graduate student must face, 
namely how to deal with the profundity of mathematics in stark comparison 
to our own shallow understandings of mathematics. This is in part why the 
attrition rate in graduate school is so high. At the best schools, with the 
most successful retention rates, usually only about half of the people who 
start eventually get their PhDs. Even schools that are in the top twenty 
have at times had eighty percent of their incoming graduate students not 
finish. This is in spite of the fact that most beginning graduate students 
are, in comparison to the general population, amazingly good at mathe- 
matics. Most have found that math is one area in which they could shine. 
Suddenly, in graduate school, they are surrounded by people who are just 
as good (and who seem even better). To make matters worse, mathematics 
is a meritocracy. The faculty will not go out of their way to make beginning 
students feel good (this is not the faculty’s job; their job is to discover new 
mathematics). The fact is that there are easier (though, for a mathemati- 
cian, less satisfying) ways to make a living. There is truth in the statement 
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that you must be driven to become a mathematician. 

Mathematics is exciting, though. The frustrations should more than be 
compensated for by the thrills of learning and eventually creating (or dis- 
covering) new mathematics. That is, after all, the main goal for attending 
graduate school, to become a research mathematician. As with all creative 
endeavors, there will be emotional highs and lows. Only jobs that are rou- 
tine and boring will not have these peaks and valleys. Part of the difficulty 
of graduate school is learning how to deal with the low times. 


Goal of Book. The goal of this book is to give people at least a rough idea 
of the many topics that beginning graduate students at the best graduate 
schools are assumed to know. Since there is unfortunately far more that is 
needed to be known for graduate school and for research than it is possible 
to learn in a mere four years of college, few beginning students know all 
of these topics, but hopefully all will know at least some. Different people 
will know different topics. This strongly suggests the advantage of working 
with others. 

There is another goal. Many nonmathematicians suddenly find that 
they need to know some serious math. The prospect of struggling with a 
text will legitimately seem for them to be daunting. Each chapter of this 
book will provide for these folks a place where they can get a rough idea 
and outline of the topic they are interested in. 

As for general hints for helping sort out some mathematical field, cer- 
tainly one should always, when faced with a new definition, try to find a 
simple example and a simple non-example. A non-example, by the way, 
is an example that almost, but not quite, satisfies the definition. But be- 
yond finding these examples, one should examine the reason why the basic 
definitions were given. This leads to a split into two streams of thought 
for how to do mathematics. One can start with reasonable, if not naive, 
definitions and then prove theorems about these definitions. Frequently the 
statements of the theorems are complicated, with many different cases and 
conditions, and the proofs are quite convoluted, full of special tricks. 

The other, more mid-twentieth century approach, is to spend quite a 
bit of time on the basic definitions, with the goal of having the resulting 
theorems be clearly stated and having straightforward proofs. Under this 
philosophy, any time there is a trick in a proof, it means more work needs 
to be done on the definitions. It also means that the definitions themselves 
take work to understand, even at the level of figuring out why anyone would 
care. But now the theorems can be cleanly stated and proved. 

In this approach the role of examples becomes key. Usually there are 
basic examples whose properties are already known. These examples will 
shape the abstract definitions and theorems. The definitions in fact are 


PREFACE xv 


made in order for the resulting theorems to give, for the examples, the 
answers we expect. Only then can the theorems be applied to new examples 
and cases whose properties are unknown. 

For example, the correct notion of a derivative and thus of the slope of 
a tangent line is somewhat complicated. But whatever definition is chosen, 
the slope of a horizontal line (and hence the derivative of a constant func- 
tion) must be zero. If the definition of a derivative does not yield that a 
horizontal line has zero slope, it is the definition that must be viewed as 
wrong, not the intuition behind the example. 

For another example, consider the definition of the curvature of a plane 
curve, which is in Chapter Seven. The formulas are somewhat ungainly. 
But whatever the definitions, they must yield that a straight line has zero 
curvature, that at every point of a circle the curvature is the same and 
that the curvature of a circle with small radius must be greater than the 
curvature of a circle with a larger radius (reflecting the fact that it is easier 
to balance on the earth than on a basketball). If a definition of curvature 
does not do this, we would reject the definitions, not the examples. 

Thus it pays to know the key examples. When trying to undo the 
technical maze of a new subject, knowing these examples will not only help 
explain why the theorems and definitions are what they are but will even 
help in predicting what the theorems must be. 

Of course this is vague and ignores the fact that first proofs are almost 
always ugly and full of tricks, with the true insight usually hidden. But in 
learning the basic material, look for the key idea, the key theorem and then 
see how these shape the definitions. 


Caveats for Critics. This book is far from a rigorous treatment of any 
topic. There is a deliberate looseness in style and rigor. I am trying to get 
the point across and to write in the way that most mathematicians talk to 
each other. The level of rigor in this book would be totally inappropriate 
in a research paper. 

Consider that there are three tasks for any intellectual discipline: 


1. Coming up with new ideas. 
2. Verifying new ideas. 
3. Communicating new ideas. 


How people come up with new ideas in mathematics (or in any other field) 
is overall a mystery. There are at best a few heuristics in mathematics, such 
as asking if something is unique or if it is canonical. It is in verifying new 
ideas that mathematicians are supreme. Our standard is that there must 
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be a rigorous proof. Nothing else will do. This is why the mathematical 
literature is so trustworthy (not that mistakes don’t creep in, but they 
are usually not major errors). In fact, I would go as far as to say that if 
any discipline has as its standard of verification rigorous proof, than that 
discipline must be a part of mathematics. Certainly the main goal for a 
math major in the first few years of college is to learn what a rigorous proof 
is. 

Unfortunately, we do a poor job of communicating mathematics. Every 
year there are millions of people who take math courses. A large number 
of people who you meet on the street or on the airplane have taken college 
level mathematics. How many enjoyed it? How many saw no real point 
to it? While this book is not addressed to that random airplane person, 
it is addressed to beginning graduate students, people who already enjoy 
mathematics but who all too frequently get blown out of the mathematical 
water by mathematics presented in an unmotivated, but rigorous, manner. 
There is no problem with being nonrigorous, as long as you know and clearly 
label when you are being nonrigorous. 


Comments on the Bibliography. There are many topics in this book. 
While I would love to be able to say that I thoroughly know the literature 
on each of these topics, that would be a lie. The bibliography has been 
cobbled together from recommendations from colleagues, from books that 
I have taught from and books that I have used. I am confident that there 
are excellent texts that I do not know about. If you have a favorite, please 
let me know at tgarrity Owilliams.edu. 

While this book was being written, Paulo Ney De Souza and Jorge-Nuno 
Silva wrote Berkeley Problems in Mathematics [26], which is an excellent 
collection of problems that have appeared over the years on qualifying ex- 
ams (usually taken in the first or second year of graduate school) in the 
math department at Berkeley. In many ways, their book is the comple- 
ment of this one, as their work is the place to go to when you want to test 
your computational skills while this book concentrates on underlying intu- 
itions. For example, say you want to learn about complex analysis. You 
should first read chapter nine of this book to get an overview of the basics 
about complex analysis. Then choose a good complex analysis book and 
work most of its exercises. Then use the problems in De Souza and Silva 
as a final test of your knowledge. 

Finally, the book Mathematics, Form and Function by Mac Lane [82], is 
excellent. It provides an overview of much of mathematics. I am listing it 
here because there was no other place where it could be naturally referenced. 
Second and third year graduate students should seriously consider reading 
this book. 
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On the Structure of 
Mathematics 


If you look at articles in current journals, the range of topics seems immense. 
How could anyone even begin to make sense out of all of these topics? And 
indeed there is a glimmer of truth in this. People cannot effortlessly switch 
from one research field to another. But not all is chaos. There are at least 
two ways of placing some type of structure on all of mathematics. 


Equivalence Problems 


Mathematicians want to know when things are the same, or, when they are 
equivalent. What is meant by the same is what distinguishes one branch 
of mathematics from another. For example, a topologist will consider two 
geometric objects (technically, two topological spaces) to be the same if 
one can be twisted and bent, but not ripped, into the other. Thus for a 
topologist, we have 


0-0-0 


To a differential topologist, two geometric objects are the same if one 
can be smoothly bent and twisted into the other. By smooth we mean that 
no sharp edges can be introduced. Then 
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The four sharp corners of the square are what prevent it from being equiv- 
alent to the circle. 

For a differential geometer, the notion of equivalence is even more re- 
strictive. Here two objects are the same not only if one can be smoothly 
bent and twisted into the other but also if the curvatures agree. Thus for 
the differential geometer, the circle is no longer equivalent to the ellipse: 
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As a first pass to placing structure on mathematics, we can view an area 
of mathematics as consisting of certain Objects, coupled with the notion of 
Equivalence between these objects. We can explain equivalence by looking 
at the allowed Maps, or functions, between the objects. At the beginning of 
most chapters, we will list the Objects and the Maps between the objects 
that are key for that subject. The Equivalence Problem is of course the 
problem of determining when two objects are the same, using the allowable 
maps. 

If the equivalence problem is easy to solve for some class of objects, 
then the corresponding branch of mathematics will no longer be active. 
If the equivalence problem is too hard to solve, with no known ways of 
attacking the problem, then the corresponding branch of mathematics will 
again not be active, though of course for opposite reasons. The hot areas 
of mathematics are precisely those for which there are rich partial but not 
complete answers to the equivalence problem. But what could we mean by 
a partial answer? 

Here enters the notion of invariance. Start with an example. Certainly 
the circle, as a topological space, is different from two circles, 
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since a circle has only one connected component and two circles have two 
connected components. We map each topological space to a positive integer, 
namely the number of connected components of the topological space. Thus 
we have: 

Topological Spaces —> Positive Integers. 


The key is that the number of connected components for a space cannot 
change under the notion of topological equivalence (under bendings and 
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twistings). We say that the number of connected components is an invariant 
of a topological space. Thus if the spaces map to different numbers, meaning 
that they have different numbers of connected components, then the two 
spaces cannot be topologically equivalent. 

Of course, two spaces can have the same number of connected compo- 
nents and still be different. For example, both the circle and the sphere 


have only one connected component, but they are different. (These can 
be distinguished by looking at each space’s dimension, which is another 
topological invariant.) The goal of topology is to find enough invariants 
to be able to always determine when two spaces are different or the same. 
This has not come close to being done. Much of algebraic topology maps 
each space not to invariant numbers but to other types of algebraic objects, 
such as groups and rings. Similar techniques show up throughout mathe- 
matics. This provides for tremendous interplay between different branches 
of mathematics. 


The Study of Functions 


The mantra that we should all chant each night before bed is: 


Functions describe the World. 


To a large extent what makes mathematics so useful to the world is that 
seemingly disparate real-world situations can be described by the same 
type of function. For example, think of how many different problems can 
be recast as finding the maximum or minimum of a function. 

Different areas of mathematics study different types of functions. Cal- 
culus studies differentiable functions from the real numbers to the real num- 
bers, algebra studies polynomials of degree one and two (in high school) 
and permutations (in college), linear algebra studies linear functions, or 
matrix multiplication. 

Thus in learning a new area of mathematics, you should always “find 
the function” of interest. Hence at the beginning of most chapters we will 
state the type of function that will be studied. 


Gas Hoses: 


e A double-hose or twinned design can be used, 
meaning that the fuel and oxygen hoses are used 
together. 


e The colour of the hoses varies between countries. 
In UK and other countries(except united states), 
the oxygen hose is blue (black-old equipment) and 
the acetylene(fuel) hose is maroon. 

e The thread on oxygen hose is right handed and on 
fuel hose is left handed just to avoid accidental 
miss-connection. 
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Equivalence Problems in Physics 


Physics is an experimental science. Hence any question in physics must 
eventually be answered by performing an experiment. But experiments 
come down to making observations, which usually are described by certain 
computable numbers, such as velocity, mass or charge. Thus the exper- 
iments in physics are described by numbers that are read off in the lab. 
More succinctly, physics is ultimately: 


Numbers in Boxes 


where the boxes are various pieces of lab machinery used to make mea- 
surements. But different boxes (different lab set-ups) can yield different 
numbers, even if the underlying physics is the same. This happens even at 
the trivial level of choice of units. 

More deeply, suppose you are modeling the physical state of a system 
as the solution of a differential equation. To write down the differential 
equation, a coordinate system must be chosen. The allowed changes of co- 
ordinates are determined by the physics. For example, Newtonian physics 
can be distinguished from Special Relativity in that each has different al- 
lowable changes of coordinates. 

Thus while physics is ‘Numbers in Boxes’, the true questions come down 
to when different numbers represent the same physics. But this is an equiv- 
alence problem; mathematics comes to the fore. (This explains in part the 
heavy need for advanced mathematics in physics.) Physicists want to find 
physics invariants. Usually, though, physicists call their invariants ‘Conser- 
vation Laws’. For example, in classical physics the conservation of energy 
can be recast as the statement that the function that represents energy is 
an invariant function. 


Brief Summaries of Topics 


0.1 Linear Algebra 


Linear algebra studies linear transformations and vector spaces, or in an- 
other language, matrix multiplication and the vector space R”. You should 
know how to translate between the language of abstract vector spaces and 
the language of matrices. In particular, given a basis for a vector space, 
you should know how to represent any linear transformation as a matrix. 
Further, given two matrices, you should know how to determine if these ma- 
trices actually represent the same linear transformation, but under different 
choices of bases. The key theorem of linear algebra is a statement that gives 
many equivalent descriptions for when a matrix is invertible. These equiv- 
alences should be known cold. You should also know why eigenvectors and 
eigenvalues occur naturally in linear algebra. 


0.2 Real Analysis 


The basic definitions of a limit, continuity, differentiation and integration 
should be known and understood in terms of e's and 6’s. Using this e and 6 
language, you should be comfortable with the idea of uniform convergence 
of functions. 


0.3 Differentiating Vector-WValued Functions 


The goal of the Inverse Function Theorem is to show that a differentiable 
function f : R” > R” is locally invertible if and only if the determinant 
of its derivative (the Jacobian) is non-zero. You should be comfortable 
with what it means for a vector-valued function to be differentiable, why 
its derivative must be a linear map (and hence representable as a matrix, 
the Jacobian) and how to compute the Jacobian. Further, you should know 
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the statement of the Implicit Function Theorem and see why is is closely 
related to the Inverse Function Theorem. 


0.4 Point Set Topology 


You should understand how to define a topology in terms of open sets and 
how to express the idea of continuous functions in terms of open sets. The 
standard topology on R” must be well understood, at least to the level of 
the Heine-Borel Theorem. Finally, you should know what a metric space is 
and how a metric can be used to define open sets and hence a topology. 


0.5 Classical Stokes’ Theorems 


You should know about the calculus of vector fields. In particular, you 
should know how to compute, and know the geometric interpretations be- 
hind, the curl and the divergence of a vector field, the gradient of a function 
and the path integral along a curve. Then you should know the classical ex- 
tensions of the Fundamental Theorem of Calculus, namely the Divergence 
Theorem and Stokes’ Theorem. You should especially understand why 
these are indeed generalizations of the Fundamental Theorem of Calculus. 


0.6 Differential Forms and Stokes’ Theorem 


Manifolds are naturally occurring geometric objects. Differential k-forms 
ace the tools for doing calculus on manifolds. You should know the various 
ways for defining a manifold, how to define and to think about differential k- 
forms, and how to take the exterior derivative of a k-form. You should also 
be able to translate from the language of k-forms and exterior derivatives 
to the language from Chapter Five on vector fields, gradients, curls and 
divergences. Finally, you should know the statement of Stokes’ Theorem, 
understand why it is a sharp quantitative statement about the equality of 
the integral of a k-form on the boundary of a (k + 1)-dimensional manifold 
with the integral of the exterior derivative of the k-form on the manifold, 
and how this Stokes’ Theorem has as special cases the Divergence Theorem 
and the Stokes’ Theorem from the previous chapter. 


0.7 Curvature for Curves and Surfaces 


Curvature, in all of its manifestations, attempts to measure the rate of 
change of the directions of tangent spaces of geometric objects. You should 
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know how to compute the curvature of a plane curve, the curvature and 
the torsion of a space curve and the two principal curvatures, in terms of 
the Hessian, of a surface in space. 


0.8 Geometry 


Different geometries are built out of different axiomatic systems. Given a 
line l and a point p not on l, Euclidean geometry assumes that there is 
exactly one line containing p parallel to l, hyperbolic geometry assumes 
that there is more than one line containing p parallel to l, and elliptic 
geometries assume that there is no line parallel to l. You should know 
models for hyperbolic geometry, single elliptic geometry and double elliptic 
geometry. Finally, you should understand why the existence of such models 
implies that all of these geometries are mutually consistent. 


0.9 Complex Analysis 


The main point is to recognize and understand the many equivalent ways 
for describing when a function can be analytic. Here we are concerned with 
functions f : U > C, where U is an open set in the complex numbers 
C. You should know that such a function f(z) is said to be analytic if it 
satisfies any of the following equivalent conditions: 

a) For all zo € U, 


exists. 
b)The real and imaginary parts of the function f satisfy the Cauchy- 
Riemann equations: 


ORef — OImf 
Ox — Oy 
and 
ORef _ 0lmf 
Oy r` 


c) If y is any counterclockwise simple loop in C=R? and if zo is any complex 
number in the interior of y, then 


jeoy= gy [ LD 


2 — Bh 


This is the Cauchy Integral formula. 
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d) For any complex number 29, there is an open neighborhood in C = R? 
of 29 on which 


f(x) = N alz — 20)", 
k=o 


is a uniformly converging series. 

Further, if f : U > C is analytic and if f (20) Æ 0, then at zo, the 
function f is conformal (i.e., angle-preserving), viewed as a map from R? 
to R?. 


0.10 Countability and the Axiom of Choice 


You should know what it means for a set to be countably infinite. In 
particular, you should know that the integers and rationals are countably 
infinite while the real numbers are.uncountably infinite. The statement 
of the Axiom of Choice and the fact that it has many seemingly bizarre 
equivalences should also be known. 


0.11 Algebra 


Groups, the basic object of study in abstract algebra, are the algebraic 
interpretations of geometric symmetries. One should know the basics about 
groups (at least to the level of the Sylow Theorem, which is a key tool for 
understanding finite groups), rings and fields. You should also know Galois 
Theory, which provides the link between finite groups and the finding of 
the roots of a polynomial and hence shows the connections between high 
school and abstract algebra. Finally, you should know the basics behind 
representation theory, which is how one relates abstract groups to groups 
of matrices. | 


0.12 Lebesgue Integration 
You should know the basic ideas behind Lebesgue measure and integration, 


at least to the level of the Lebesgue Dominating Convergence Theorem, 
and the concept of sets of measure zero. 


0.13 Fourier Analysis 


You should know how to find the Fourier series of a periodic function, the 
Fourier integral of a function, the Fourier transform, and how Fourier series 
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relate to Hilbert spaces. Further, you should see how Fourier transforms 
can be used to simplify differential equations. 


0.14 Differential Equations 


Much of physics, economics, mathematics and other sciences comes down 
to trying to find solutions to differential equations. One should know that 
the goal in differential equations is to find an unknown function satisfying 
an equation involving derivatives. Subject to mild restrictions, there are 
always solutions to ordinary differential equations. This is most definitely 
not the case for partial differential equations, where even the existence of 
solutions is frequently unknown. You should also be familiar with the three 
traditional classes of partial differential equations: the heat equation, the 
wave equation and the Laplacian. 


0.15 Combinatorics and Probability Theory 


Both elementary combinatorics and basic probability theory reduce to prob- 
lems in counting. You should know that 


(6) = 


is the number of ways of choosing k elements from n elements. The relation 
of (7) to the binomial theorem for polynomials is useful to have handy for 
many computations. Basic probability theory should be understood. In 
particular one should understand the terms: sample space, random vari- 
able (both its intuitions and its definition as a function), expected value 
and variance. One should definitely understand why counting arguments 
are critical for calculating probabilities of finite sample spaces. The link be- 
tween probability and integral calculus can be seen in the various versions 
of the Central Limit Theorem, the ideas of which should be known. 


0.16 Algorithms 


You should understand what is meant by the complexity of an algorithm, at 
least to the level of understanding the question P=NP. Basic graph theory 
should be known; for example, you should see why a tree is a natural struc- 
ture for understanding many algorithms. Numerical Analysis is the study of 
algorithms for approximating the answer to computations in mathematics. 
As an example, you should understand Newton’s method for approximating 
the roots of a polynomial. 


Chapter 1 


Linear Algebra 


Basic Object: Vector Spaces 
Basic Map: Linear Transformations 
Basic Goal: Equivalences for the Invertibility of Matrices 


1.1 Introduction 


Though a bit of an exaggeration, 1t can be said that a mathematical prob- 
lem can be solved only if it can be reduced to a calculation in linear algebra. 
And a calculation in linear algebra will reduce ultimately to the solving of 
a system of linear equations, which in turn comes down to the manipula- 
tion of matrices. Throughout this text and, more importantly, throughout 
mathematics, linear algebra is a key tool (or more accurately, a collection 
of intertwining tools) that is critical for doing calculations. 

The power of linear algebra lies not only in our ability to manipulate 
matrices in order to solve systems of linear equations. The abstraction of 
these concrete objects to the ideas of vector spaces and linear transforma- 
tions allows us to see the common conceptual links between many seemingly 
disparate subjects. (Of course, this is the advantage of any good abstrac- 
tion.) For example, the study of solutions to linear differential equations 
has, in part, the same feel as trying to model the hood of a car with cubic 
polynomials, since both the space of solutions to a linear differential equa- 
tion and the space of cubic polynomials that model a car hood form vector 
spaces. 

The key theorem of linear algebra, discussed in section six, gives many 
equivalent ways of telling when a system of n linear equations in n unknowns 
has a solution. Each of the equivalent conditions is important. What is 
remarkable and what gives linear algebra its oomph is that they are all the 
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same. 


1.2 The Basic Vector Space R” 


The quintessential vector space is R”, the set of all n-tuples of real numbers 
isa) ey ERN 


As we will see in the next section, what makes this a vector space is that 
we can add together two n-tuples to get another n-tuple: 


(isa Da) T (Winia¿Ua) = (xy + Y1)---,Tn + Yn) 
and that we can multiply each n-tuple by a real number A: 
MB A tn) = (Afise Atn) 


to get another n-tuple. Of course each n-tuple is usually called a vector 
and the real numbers A are called scalars. When n = 2 and when n = 3 
all of this reduces to the vectors in the plane and in space that most of us 
learned in high school. 

The natural map from some R” to an R” is given by matrix multipli- 
cation. Write a vector x € R” as a column vector: 


Tı 


Tn 


Similarly, we can write a vector in R” as a column vector with m entries. 
Let A be an m x n matrix 


411 412 din 
A= : 
m1 oo eee Amn 
Then Ax is the m-tuple: 
0411 012 +... A Li 01171 +... +UG1nTn 
Ax=[{[ i i io: : |= 
Qai. «ee sre mn Tn amiT1 +... +GmnTn 


For any two vectors x and y in R” and any two scalars A and u, we have 


A(Ax + py) = AAx + Ay. 
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In the next section we will use the linearity of matrix multiplication to 
motivate the definition for a linear transformation between vector spaces. 
Now to relate all of this to the solving of a system of linear equations. 


Suppose we are given numbers b,,...,b,, and numbers @j),...,@mn. Our 
y) 7 ? ? 
goal is to find n numbers £1,..., £n that solve the following system of linear 
equations: 
aliti +++ + ainin = b 
AmiT1 +***+OmnTn = Om. 


Calculations in linear algebra will frequently reduce to solving a system of 
linear equations. When there are only a few equations, we can find the 
solutions by hand, but as the number of equations increases, the calcula- 
tions quickly turn from enjoyable algebraic manipulations into nightmares 
of notation. These nightmarish complications arise not from any single 
theoretical difficulty but instead stem solely from trying to keep track of 
the many individual minor details. In other words, it is a problem in book- 


keeping. 
Write 
by 0411 (012 +... Gin 
b er : , A =o 
bm Ami ... s. mn 
and our unknowns as 
, Ti 
x = + 
Tn 


Then we can rewrite our system of linear equations in the more visually 
appealing form of 
Ax = b. 


When m > n (when there. are more equations than unknowns), we 
expect there to be, in general, no solutions. For example, when m = 3 
and n = 2, this corresponds geometrically to the fact that three lines in 
a plane will usually have no common point of intersection. When m < n 
(when there are more unknowns than equations), we expect there to be, 
in general, many solutions. In the case when m = 2 and n = 3, this 
corresponds geometrically to the fact that two planes in space will usually 
intersect in an entire line. Much of the machinery of linear algebra deals 
- with the remaining case when m =n. 

Thus we want to find the n x 1 column vector x that solves Ax = b, 
where A is a given n X n matrix and b is a given n x 1 column vector. 


Non-return Valve: 


e Acetylene is not just flammable but it is explosive 
in certain condition. 


e A Non-return Valve is needed to prevent black 
flow of detonation wave created by acetylene 
explosion. 


e So, It should be installed to prevent flame or 
oxygen-fuel mixture being pushed back into either 
cylinder and damaging the equipment or causing a 
cylinder to explode. 
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Suppose that the square matrix A has an inverse matrix A7* (which means 
that AT! is also n x n and more importantly that A~!A = I, with I the 
identity matrix). Then our solution will be 


x= A'b 


since 
Ax = A(A”*b) =b =b. 


Thus solving our system of linear equations comes down to understanding 
when the n x n matrix A has an inverse. (If an inverse matrix exists, then 
there are algorithms for its calculations.) 

The key theorem of linear algebra, stated in section six, is in essence a 
list of many equivalences for when an n x n matrix has an inverse and is 
thus essential to understanding when a system of linear equations can be 
solved. 


1.3 Vector Spaces and Linear Transformations 


The abstract approach to studying systems of linear equations starts with 
the notion of a vector space. 


Definition 1.3.1 A set V is a vector space over the real numbers! R if 
there are maps: 


1. Rx V > V, denoted by a - uv or av for all real numbers a and 
elements v in V, 


2. V xV > V, denoted by v +w for all elements v and w in the vector 
space V, 


with the following properties: 
a) There is an element 0, in V such thatO+v=v for all v € V. 
b) For each v € V, there is an element (—v) € V with v + (—v) =0. 
c) For all v,w EV, v +w =w +v. 
d) For alla € R and for all v,w € V, we have that a(v + w) = av + aw. 
e) For alla,b € R and all v € V, a(bv) = (a b)v. 
f) For alla,b E€ R and all v € V, (a + b)v = av + bv. 
g) ForallveV, 1-v =v. 


lThe real numbers can be replaced by the complex numbers and in fact by any field 
(which will be defined in Chapter Eleven on algebra). 
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As a matter of notation, and to agree with common usage, the elements of 
a vector space are called vectors and the elements of R (or whatever field 
is being used) scalars. Note that the space R” given in the last section 
certainly satisfies these conditions. 

The natural map between vector spaces is that of a linear transforma- 
tion. 


Definition 1.3.2 A linear transformation T : V > W is a function from 
a vector space V to a vector space W such that for any real numbers a, and 
ag and any vectors vı and vo in V, we have 


T (ay vı + a2 V2) = aiT (vı) + aT (uz). 


Matrix multiplication from an R” to an R™ gives an example of a linear 
transformation. 


Definition 1.3.3 A subset U of a vector space V is a subspace of V if U 
is itself a vector space. 


In practice, it is usually easy to see if a subset of a vector space is in fact 
a subspace, by the following proposition, whose proof is left to the reader: 


Proposition 1.3.1 A subset U of a vector space V is a subspace of V if 
U is closed under addition and scalar multiplication. 


Given a linear transformation T : V > W, there are naturally occurring 
subspaces of both V and W. 


Definition 1.3.4 If T : V > W is a linear transformation, then the kernel 
of T is: 
ker(T) ={vEV:T(v) =0} 


and the image of T is 
Im(T) = {w € W : there exists av € Vwith T(v) = w}. 


The kernel is a subspace of V, since if ví and v are two vectors in the 
kernel and if a and b are any two real numbers, then 


T(av; +bv2) = aT (vy) + bT (v2) 
a:0+b-0 
O. 


In a similar way we can show that the image of T is a subspace of W. 
If the only vector spaces that ever occurred were column vectors in R”, 
then even this mild level of abstraction would be silly. This is not the case. 
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Here we look at only one example. Let C*[0, 1] be the set of all real-valued 
functions with domain the unit interval [0, 1]: 


F:[0,1]>R 


such that the kth derivative of f exists and is continuous. Since the sum of 
any two such functions and a multiple of any such function by a scalar will 
still be in C*[0, 1], we have a vector space. Though we will officially define 
dimension next section, C*[0, 1] will be infinite dimensional (and thus defi- 
nitely not some R”). We can view the derivative as a linear transformation 
from C*[0, 1] to those functions with one less derivative, C*~1(0, 1]: 


d 
PA O*(0,1] > C*=*(0, 11. 
The kernel of E consists of those functions with af = 0, namely constant 
functions. 
Now consider the differential equation 


def df 
Ge an Dae +2f =0. 
Let T be the linear transformation: 
E E aa 421: co 1] + C%(0, 1] 
dx? dz ea 


The problem of finding a solution f(x) to the original differential equation 
can now be translated to finding an element of the kernel of T. This suggests 
the possibility (which indeed is true) that the language of linear algebra can 
be used to understand solutions to (linear) differential equations. 


1.4 Bases, Dimension, and Linear Transfor- 
mations as Matrices 


Our next goal is to define the dimension of a vector space. 


Definition 1.4.1 A set of vectors (v1,...,Un) form a basis for the vector 
space V if given any vector v in V, there are unique scalars a1,...,anE€R 
with Y = avi +... + AnUn. 


Definition 1.4.2 The dimension of a vector space V, denoted by dim(V), 
ts the number of elements in a basis. 
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As it is far from obvious that the number of elements in a basis will 
always be the same, no matter which basis is chosen, in order to make 
the definition of the dimension of a vector space well-defined we need the 
following theorem (which we will not prove): 


Theorem 1.4.1 All bases of a vector space V have the same number of 
elements. 


For R”, the usual basis is 
(001101. 0 OO 0,1). 


Thus R” is n dimensional. Of course if this were not true, the above def- 
inition of dimension would be wrong and we would need another. This is 
an example of the principle mentioned in the introduction. We have a good 
intuitive understanding of what dimension should mean for certain specific 
examples: a line needs to be one dimensional, a plane two dimensional and 
space three dimensional. We then come up with a sharp definition. If this 
definition gives the “correct” answer for our three already understood ex- 
amples, we are somewhat confident that the definition has indeed captured 
what is meant by, in this case, dimension. Then we can apply the definition 
to examples where our intuitions fail. 
Linked to the idea of a basis is: 


Definition 1.4.3 Vectors (v1,...,Un) in a vector space V are linearly in- 
dependent if whenever 


0101 H't + nUn = 0, 
it must be the case that the scalars a1,...,ay must all be zero. 


Intuitively, a collection of vectors are linearly independent if they all point 
in different directions. A basis consists then in a collection of linearly 
independent vectors that span the vector space, where by span we mean: 


Definition 1.4.4 A set of vectors (vj,...,Un) span the vector space V if 
given any vector v in V, there are scalars aj,...,@,€ R with v = avı + 
--- + An Un. 


Our goal now is to show how all linear transformations T : V => W 
between finite-dimensional spaces can be represented as matrix multiplica- 
tion, provided we fix bases for the vector spaces V and W. 

First fix a basis {v1, ..., vn } for V and a basis {w1,..., Wm} for W. Before 
looking at the linear transformation T, we need to show how each element 
of the n-dimensional space V can be represented as a column vector in R” 
and how each element of the m-dimensional space W can be represented 
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as a column vector of R™. Given any vector v in V, by the definition of 
basis, there are unique real numbers a;,...,dn With 


V = 0101 + *** +QnUn- 
We thus represent the vector v with the column vector: 


a] 


Un 


Similarly, for any vector w in W, there are unique real numbers 0),..., bm 
with 


w = biwi +- + bn Wm. 
Here we represent w as the column vector 
bi 


Dm 

Note that we have established a correspondence between vectors in V and 
W and column vectors R” and R””, respectively. More technically, we can 
show that V is isomorphic to R” (meaning that there is a one-one, onto 
linear transformation from V to R”) and that W is isomorphic to R”, 
though it must be emphasized that the actual correspondence only exists 
after a basis has been chosen (which means that while the isomorphism 
exists, it is not canonical; this is actually a big deal, as in practice it is 
unfortunately often the case that no basis is given to us). 

We now want to represent a linear transformation T : V > W as an 
m x n matrix A. For each basis vector v; in the vector space V, T(v;) will 
be a vector in W. Thus there will exist real numbers aj;,...,@.,; such that 


T (vy) = 01401 + *** + amiWm. 


We want to see that the linear transformation T will correspond to the 
m Xx n matrix 


Q11 Q12 Qin 
A= : 
Aml eee eee Amn 
Given any vector v in V, with v = avı +° + AnUn, we have 
T(v) = Tlayv, +--+ antn) 


Il 


aiT (uy) +. + An T (vn) 
= (anw +: +Qm1iW0m) +++" 


+4n (01.01 + -** + QAmnWm). 
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But under the correspondences of the vector spaces with the various column 
spaces, this can be seen to correspond to the matrix multiplication of A 
times the column vector corresponding to the vector v: 


011 Q12 +... Qin a1 by 


Qml1 aoe eee Amn an bm 


Note that if T : V > V is a linear transformation from a vector space to 
itself, then the corresponding matrix will be n x n, a square matrix. 
Given different bases for the vector spaces V and W, the matrix asso- 
ciated to the linear transformation T' will change. A natural problem is to 
determine when two matrices actually represent the same linear transfor- 
mation, but under different bases. This will be the goal of section seven. 


1.5 The Determinant 


Our next task is to give a definition for the determinant of a matrix. In fact, 
we will give three alternative descriptions of the determinant. All three are 
equivalent; each has its own advantages. 

Our first. method is to define the determinant of a 1 x 1 matrix and then 
to define recursively the determinant of an n x n matrix. 

Since 1 x 1 matrices are just numbers, the following should not at all 
be surprising: 


Definition 1.5.1 The determinant of a i x 1 matriz (a) is the real-valued 
function 
det(a) =a. 


This should not yet seem significant. 
Before giving the definition of the determinant for a general n xn matrix, 
we need a little notation. For an n x n matrix 


011 192 aa Qin 
A=[ i: E 


OM ane. el ¡Uña 


denote by A;; the (n — 1) x (n — 1) matrix obtained from A by deleting 


a11 @12 


the ith row and the ¿th column. For example, if A = ( 
a21 022 


) , then 


2 3 5 6 9 
Ai = (a21). Similarly if A= (s 4 9 , then A1> = E 4 . 
7 1 8 
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Since we have a definition for the determinant for 1 x 1 matrices, we 
will now assume by induction that we know the determinant of any (n — 
1) x (n— 1) matrix and use this to find the determinant of an n x n matrix. 


Definition 1.5.2 Let A be ann xn matriz. Then the determinant of A is 


n 


det(A) = Y (-1)"t aig det( Arg). 


k=1 


Thus for A = lea 12 ), we have 


421 022 
det(A) = 0411 det(A11) — 012 det(A12) = (4110422 — 012091, 


which is what most of us think of as the determinant. The determinant of 
our above 3 x 3 matrix is: 


235 
aile A olesia. 2 apace Tara =). 
Fa 1 8 7 8 7 1 


While this definition is indeed an efficient means to describe the determi- 
nant, it obscures most of the determinant’s uses and intuitions. 

The second way we can describe the determinant has built into it the 
key algebraic properties of the determinant. It highlights function-theoretic 
properties of the determinant. 

Denote the n x n matrix A as A = (Aj,...,An), where A; denotes the 
it? column: 


Uni 


Definition 1.5.3 The determinant of A is defined as the unique real-valued 
function 
det : Matrices + R 


satisfying: 
a) det(A1,..., AAx, ..., An) = Adet(Aj,..., Ag). 
b) det(Aj,..., Ar + AA;s,..., An) = det(Az,..., An) fork £ i. 
c) det (Identity matriz) = 1. 


Thus, treating each column vector of a matrix as a vector in R”, the de- 
terminant can be viewed as a special type of function from R” x... x R” 
to the real numbers. 


15. THE DETERMINANT 11 


In order to be able to use this definition, we would have to prove that 
such a function on the space of matrices, satisfying conditions a through c, 
even exists and then that it is unique. Existence can be shown by checking 
that our first (inductive) definition for the determinant satisfies these con- 
ditions, though it is a painful calculation. The proof of uniqueness can be 
found in almost any linear algebra text. 

The third definition for the determinant is the most geometric but is 
also the most vague. We must think of an n x n matrix A as a linear 
transformation from R” to R”. Then A will map the unit cube in R” to 
some different object (a parallelepiped). The unit cube has, by definition, 
a volume of one. 


Definition 1.5.4 The determinant of the matrix A is the signed volume 
of the image of the unit cube. 


This is not well-defined, as the very method of defining the volume of the 
image has not been described. In fact, most would define the signed volume 
of the image to be the number given by the determinant using one of the 
two earlier definitions. But this can be all made rigorous, though at the 
price of losing much of the geometric insight. 

2 0 


Let’s look at some examples: the matrix A = C 1 


) takes the unit 


square to 


Since the area is doubled, we must have 
det(A) = 2. 


Signed volume means that if the orientations of the edges of the unit 
cube are changed, then we must have a negative sign in front of the volume. 
—2 0 


For example, consider the matrix A = o 4 


. Here the image is 
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Note that the orientations of the sides are flipped. Since the area is still 
doubled, the definition will force 


det(A) = —2. 


To rigorously define orientation is somewhat tricky (we do it in Chapter 
Six), but its meaning is straightforward. 
The determinant has many algebraic properties. For example, 


Lemma 1.5.1 : If A and B aren x n matrices, then 
det(AB) = det(A) det(B). 


This can be proven by either a long calculation or by concentrating on the 
definition of the determinant as the change of volume of a unit cube. 


1.6 The Key Theorem of Linear Algebra 


Here is the the key theorem of linear algebra. (Note: we have yet to define 
eigenvalues and eigenvectors, but we will in section eight.) 


Theorem 1.6.1 (Key Theorem) Let A be an n x n matriz. Then the 
following are equivalent: 


1. A is invertible. 
2. det(A) 4 0. 
3. ker(A) = 0. 


4. If b ts a column vector in R”, there is a unique column vector x 
in R” satisfying Ax = b. 
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5. The columns of A are linearly independent n x 1 column vectors. 
6. The rows of A are linearly independent 1 x n row vectors. 


7. The transpose A‘ of A is invertible. (Here, if A = (aij), then 
A" = (aji)). 
8. All of the eigenvalues of A are nonzero. 
We can restate this theorem in terms of linear transformations. 


Theorem 1.6.2 (Key Theorem) Let T : V > V be a linear transforma- 
tion. Then the following are equivalent: 


1. T is invertible. 


2. det(T') 4 0, where the determinant is defined by a choice of basis 
on V. 


3. ker(T) =0. 


4. If b is a vector in V, there is a unique vector v in V satisfying 
T(v) =b. 


5. For any basis v,,...,Un of V, the image vectors T(v,),...,T (vn) 
are linearly independent. 


6. For any basis v,...,Un of V, if S denotes the transpose linear 
transformation of T, then the image vectors S(v,),...,5(vn) are 
linearly independent. 


7. The transpose of T is invertible. (Here the transpose is defined by a 
choice of basis on V). 


8. All of the eigenvalues of T are nonzero. 


In order to make the correspondence between the two theorems clear, we 
must worry about the fact that we only have definitions of the determinant 
and the transpose for matrices, not for linear transformations. While we 
do not show it, both notions can be extended to linear transformations, 
provided a basis is chosen (in fact, provided we choose an inner product, 
which will be defined in Chapter Thirteen on Fourier series). But note that 
while the actual value det(T') will depend on a fixed basis, the condition 
that det(T) Æ 0 does not. Similar statements hold for conditions (6) and 
(7). A proof is the goal of exercise 7, where you are asked to find any linear 
algebra book and then fill in the proof. It is unlikely that the linear algebra 
book will have this result as it is stated here. The act of translating is in 
fact part of the purpose of making this an exercise. 

Each of the equivalences is important. Each can be studied on its own 
merits. It is remarkable that they are the same. 


Fuels: 


e Oxy-fuel processes may use a variety of fuel gases, 
the most common being acetylene. 


e Other gases that may be used 
are propylene, liquefied petroleum gas (LPG), 
propane, natural gas, hydrogen, 
and MAPP(Methylacetylene-propadiene) gas. 

e LPG, Propane, Methane , Butane, Natural gas are 
suitable for cutting but not for welding. 
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1.7 Similar Matrices 


Recall that given a basis for an n dimensional vector space V, we can 
represent a linear transformation 


T:V >V 


asan nxn matrix A. Unfortunately, if you choose a different basis for V, the 
matrix representing the linear transformation T will be quite different from 
the original matrix A. This section’s goal is to find out a clean criterion for 
when two matrices actually represent the same linear transformation but 
under different choice of bases. 


Definition 1.7.1 Two n x n matrices A and B are similar if there is an 
invertible matrix C such that 


A = CT! BC. 


We want to see that two matrices are similar precisely when they repre- 
sent the same linear transformation. Choose two bases for the vector space 
V, say {v1,...,Un} (the v basis) and {w1,..., Wn} (the w basis). Let A be 
the matrix representing the linear transformation T' for the v basis and let 
B be the matrix representing the linear transformation for the w basis. We 
want to construct the matrix C so that A = C7} BC. 

Recall that given the v basis, we can write each vector z € V as an nxl 
column vector as follows: we know that there are unique scalars a,,...,Qn 
with 

Z = QVI +*:** +QpUn.- 


We then write z, with respect to the v basis, as the column vector: 


Qj 


An 
Similarly, there are unique scalars 6;,..., bn so that 
z = biwi +--+ + bnwn, 
meaning that with respect to the w basis, the vector z is the ud vector: 
by 


bn 
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The desired matrix C will be the matrix such that 
al bi 
Gls PS 4 
Un bn 
If C = (c;;), then the entries c;; are precisely the numbers which yield: 
Wi = CiU +... + CinUn. 


Then, for A and B to represent the same linear transformation, we need 
the diagram: 


R” 4 Rp” 
C l i, <6 


=} 


R” B R” 
to commute, meaning that CA = BC or 
A=C BC, 


as desired. 

Determining when two matrices are similar is a type of result that shows 
up throughout math and physics. Regularly you must choose some coordi- 
nate system (some basis) in order to write down anything at all, but the 
underlying math or physics that you are interested in is independent of the 
initial choice. The key question becomes: what is preserved when the coor- 
dinate system is changed? Similar matrices allow us to start to understand 
these questions. 


1.8 Eigenvalues and Eigenvectors 


In the last section we saw that two matrices represent the same linear trans- 
formation, under different choices of bases, precisely when they are similar. 
This does not tell us, though, how to choose a basis for a vector space so 
that a linear transformation has a particularly decent matrix representa- 
tion. For example, the diagonal matrix 


1 0 0 
A=|0 2 0 
0 0 3 


is similar to the matrix 
1 —4 —5 
B==t1 $ =L; 
5 4 15 
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but all recognize the simplicity of A as compared to B. (By the way, it is 
not obvious that A and B are similar; I started with A, chose a nonsingular 
matrix C and then used the software package Mathematica to compute 
C-1AC to get B. I did not just suddenly “see” that A and B are similar. 
No, I rigged it to be so.) 

One of the purposes behind the following definitions for eigenvalues 
and eigenvectors is to give us tools for picking out good bases. There are, 
though, many other reasons to understand eigenvalues and eigenvectors. 


Definition 1.8.1 Let T : V — V be a linear transformation. Then a 
nonzero vector v € V will be an eigenvector of T with eigenvalue A, a 
scalar, if 


Ev) = Av. 


For ann x n matriz A, a nonzero column vector x € R” will be an eigen- 
vector with eigenvalue A, a scalar, if 


Ax = Ax. 


Geometrically, a vector v is an eigenvector of the linear transformation T 
with eigenvalue A if T' stretches v by a factor of A. 


For example, 
So eo Ne 
6 5 2) “1-27” 


, Í 1 i : 
and thus 2 is an eigenvalue and E an eigenvector for the linear trans- 


formation represented by the 2 x 2 matrix $e fd. 


Luckily there is an easy way to describe the eigenvalues of a square 
matrix, which will allow us to see that the eigenvalues of a matrix are 
preserved under a similarity transformation. 


Proposition 1.8.1 A number A will be an eigenvalue of a square matriz 
A if and only if À is a root of the polynomial 


P(t) = det(tI — A). 


The polynomial P(t) = det(tJ — A) is called the characteristic polynomial 
of the matrix A. 
Proof: Suppose that A is an eigenvalue of A, with eigenvector v. Then 
Av = Xv, or 

Av — Av =0, 
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where the zero on the right hand side is the zero column vector. Then, 
putting in the identity matrix J, we have 


0 = Av — Av = (AT — A)v. 


Thus the matrix AJ — A has a nontrivial kernel, v. By the key theorem of 
linear algebra, this happens precisely when 


det(AI — A) = 0, 


which means that A is a root of the characteristic polynomial P(t) = 
det(t] — A). Since all of these directions can be reversed, we have our 
theorem. O 


Theorem 1.8.1 Let A and B be similar matrices. Then the characteristic 
polynomial of A is equal to the characteristic polynomial of B. 


Proof: For A and B to be similar, there must be an invertible matrix C 
with A= C7! BC. Then 


det(tl — A) = det(tl —C7'BC) 
det(tC-!C — C7? BC) 
det(C7*) det (tI — B) det(C) 
= det(tl — B) 


using that 1 = det(C~'C) = det(C~') det(C). O 
Since the characteristic polynomials for similar matrices are the same, 
this means that the eigenvalues must be the same. 


Corollary 1.8.1.1 The eigenvalues for similar matrices are equal. 


Thus to see if two matrices are similar, one can compute to see if the 
eigenvalues are equal. If they are not, the matrices are not similar. Unfor- 
tunately in general, having equal eigenvalues does not force matrices to be 
similar. For example, the matrices 


it 
4=(9 7) 
1 0 
z= (o 2) 


both have eigenvalues 1 and 2, but they are not similar. (This can be shown 
by assuming that there is an invertible two-by-two matrix C with CT !AC = 
B and then showing that det(C) = 0, contradicting C”s invertibility.) 
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Since the characteristic polynomial P(t) does not change under a simi- 
larity transformation, the coefficients of P(t) will also not change under a 
similarity transformation. But since the coefficients of P(t) will themselves 
be (complicated) polynomials of the entries of the matrix A, we now have 
certain special polynomials of the entries of A that are invariant under a 
similarity transformation. One of these coefficients we have already seen 
in another guise, namely the determinant of A, as the following theorem 
shows. This theorem will more importantly link the eigenvalues of A to the 
determinant of A. 


Theorem 1.8.2 Let A1,...,An be the eigenvalues, counted with multiplic- 
ity, of a matrix A. Then 


det(A) = Ay ++- Àn. 


Before proving this theorem, we need to discuss the idea of counting 
eigenvalues “with multiplicity”. The difficulty is that a polynomial can have 
a root that must be counted more than once (e.g., the polynomial (z — 2)? 
has the single root 2 which we want to count twice). This can happen 
in particular to the characteristic polynomial. For example, consider the 
matrix 


95 0 0 
0 5 0 
0 0 4 


which has as its characteristic polynomial the cubic 
(t —5)(t — 5)(t — 4). 


For the above theorem, we would list the eigenvalues as 4, 5, and 5, hence 
counting the eigenvalue 5 twice. 

Proof: Since the eigenvalues A¡,...,A, are the (complex) roots of the 
characteristic polynomial det(tJ — A), we have 


(t — ài) (t — An) = det (tl — A). 
Setting t = 0, we have 
(—1)"Az ++- Ay = det(—A). 


In the matrix (—A), each column of A is multiplied by (—1). Using the 
second definition of a determinant, we can factor out each of these (—1)s, 
to get 

(—1)"A1---An = (-1)” det(A) 


1.8. EIGENVALUES AND EIGENVECTORS 19 


and our result. O 

Now finally to turn back to determining a “good” basis for representing 
a linear transformation. The measure of “goodness” is how close the matrix 
is to being a diagonal matrix. We will restrict ourselves to a special, but 
quite prevalent, class: symmetric matrices. By symmetric, we mean that 
if A = (aij), then we require that the entry at the ith row and jth column 
(aij) must equal to the entry at the jth row and the ith column (a;i). Thus 


5.3 4 

3 5 2 

4 2 4 
is symmetric but 

5 2 3 

6 5 3 

2 18 4 


is not. 


Theorem 1.8.3 If A is a symmetric matriz, then there is a matrix B sim- 
ilar to A which is not only diagonal but with the entries along the diagonal 
being precisely the eigenvalues of A. 


Proof: The proof basically rests on showing that the eigenvectors for A 
form a basis in which A becomes our desired diagonal matrix. We will 
assume that the eigenvalues for A are distinct, as technical difficulties occur 
when there are eigenvalues with multiplicity. 


Let v,,v2,..., Vn be the eigenvectors for the matrix A, with correspond- 
ing eigenvalues A1,A2,..., An. Form the matrix 
C = (v1, V2,- .. da 


where the ith column of C is the column vector v;. We will show that 
the matrix C7*AC will satisfy our theorem. Thus we want to show that 
CAC equals the diagonal matrix 


A O >> 0 
B=| i ii; 
0 0 +++ An 
Denote 
1 0 0 
0 1 0 
ey = »€2 = , En = 
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Then the above diagonal matrix B is the unique matrix with Be; = A;e;, 
for all ¿. Our choice for the matrix C now becomes clear as we observe that 
for all 1, Ce; = v;. Then we have 


C!ACe; = C7 Av; = C71 (Agvy) = AVC Vy = Mies, 


giving us the theorem. O 

This is of course not the end of the story. For nonsymmetric matrices, 
there are other canonical ways finding “good” similar matrices, such as the 
Jordan canonical form, the upper triangular form and rational canonical 
form. 


1.9 Dual Vector Spaces 


It pays to study functions. In fact, functions appear at times to be more 
basic than their domains. In the context of linear algebra, the natural class 
of functions is linear transformations, or linear maps from one vector space 
to another. Among all real vector spaces, there is one that seems simplest, 
namely the one-dimensional vector space of the real numbers R. This leads 
us to examine a special type of linear transformation on a vector space, 
those that map the vector space to the real numbers, the set of which we 
will call the dual space. Dual spaces regularly show up in mathematics. 
Let V be a vector space. The dual vector space, or dual space, is: 


V* = {linear maps from V to the real numbers R} 
= {v*: V —> R |v* is linear}. 


You can check that the dual space V* is itself a vector space. 
Let T : V => W be a linear transformation. Then we can define a 
natural linear transformation 


T* :W* > V* 


from the dual of W to the dual of V as follows. Let w* € W*. Then 
given any vector w in the vector space W, we know that w*(w) will be a 
real number. We need to define T* so that T*(w*) € V*. Thus given any 
vector v € V, we need T*(w*)(v) to be a real number. Simply define 


T™(w")(v) = w*(T(v)). 


By the way, note that the direction of the linear transformation T : 
V — W is indeed reversed to T* : W* —> V*. Also by “natural”, we do 
not mean that the map T* is “obvious” but instead that it can be uniquely 
associated to the original linear transformation T. 
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Such a dual map shows up in many different contexts. For example, if 
X and Y are topological spaces with a continuous map F : X > Y and if 
C(X) and C(Y) denote the sets of continuous real-valued functions on X 
and Y, then here the dual map 


F*:C(Y) > C(X) 


is defined by F*(g)(x) = g(F (x)), where g is a continuous map on Y. 

Attempts to abstractly characterize all such dual maps were a major 
theme of mid-twentieth century mathematics and can be viewed as one of 
the beginnings of category theory. 


1.10 Books 


Mathematicians have been using linear algebra since they have been doing 
mathematics, but the styles, methods and the terminologies have shifted. 
For example, if you look in a college course catalogue in 1900 or proba- 
bly even 1950, there will be no undergraduate course called linear algebra. 
Instead there were courses such as “Theory of Equations” or simply “Alge- 
bra”. As seen in one of the more popular textbooks in the first part of the 
twentieth century, Maxime Bocher’s Introduction to Higher Algebra [10], the 
concern was on concretely solving systems of linear equations. The results 
were written in an algorithmic style. Modern day computer programmers 
usually find this style of text far easier to understand than current math 
books. In the 1930s, a fundamental change in the way algebraic topics 
were taught occurred with the publication of Van der Waerden’s Modern 
Algebra [113][114], which was based on lectures of Emmy Noether and Emil 
Artin. Here a more abstract approach was taken. The first true modern 
day linear algebra text was Halmos’ Finite-dimensional Vector Spaces [52]. 
Here the emphasis is on the idea of a vector space from the very beginning. 
Today there are many beginning texts. Some start with systems of linear 
equations and then deal with vector spaces, others reverse the process. A 
long time favorite of many is Strang’s Linear Algebra and Its Applications 
[109]. As a graduate student, you should volunteer to teach or TA linear 
algebra as soon as possible. 


1.11 Exercises 


1. Let L: V > W be a linear transformation between two vector spaces. 
Show that 
dim(ker(L)) + dim(Im(L)) = dim(V). 
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2. Consider the set of all polynomials in one variable with real coefficients 
of degree less than or equal to three. 

a. Show that this set forms a vector space of dimension four. 

b. Find a basis for this vector space. 

c. Show that differentiating a polynomial is a linear transformation. 

d. Given the basis chosen in part (b), write down the matrix represen- 
tative of the derivative. 
3. Let A and B be two n x n invertible matrices. Prove that 


(AB)! = B47, 


4=(3 5) 


Find a matrix C so that C~!AC is a diagonal matrix. 
5. Denote the vector space of all functions 


4. Let 


f:R>R 


which are infinitely differentiable by C°°(R). This space is called the space 
of smooth functions. 
a. Show that C®(R) is infinite dimensional. 
b. Show that differentiation is a linear transformation: 
d Wales 00 
T : C” (R) > C” (R). 
c. For a real number A, find an eigenvector for + with eigenvalue A. 
6. Let V be a finite dimensional vector space. Show that the dual vector 
space V* has the same dimension as V. 
7. Find a linear algebra text. Use 1t to prove the key theorem of linear 
algebra. Note that this is a long exercise but is to be taken seriously. 


Chapter 2 


e and 0 Real Analysis 


Basic Object: The Real Numbers 
Basic Maps: Continuous and Differentiable Functions 


Basic Goal: The Fundamental Theorem of Calculus 


While the basic intuitions behind differentiation and integration were known 
by the late 1600s, allowing for a wealth of physical and mathematical appli- 
cations to develop during the 1700s, it was only in the 1800s that sharp, rig- 
orous definitions were finally given. The key concept is that of a limit, from 
which follow the definitions for differentiation and integration and rigorous 
proofs of their basic properties. Far from a mere exercise in pedantry, this 
rigorization actually allowed mathematicians to discover new phenomena. 
For example, Karl Weierstrass discovered a function that was continuous 
everywhere but differentiable nowhere. In other words, there is a function 
with no breaks but with sharp edges at every point. Key to his proof is the 
need for limits to be applied to sequences of functions, leading to the idea 
of uniform convergence. 

We will define limits and then use this definition to develop the ideas 
of continuity, differentiation and integration of functions. Then we will 
show how differentiation and integration are intimately connected in the 
Fundamental Theorem of Calculus. Finally we will finish with uniform 
convergence of functions and Weierstrass’ example. 


2.1 Limits 


Definition 2.1.1 A function f : R — R. has a limit L at the point a if 
given any real number e > 0 there is a real number 6 > 0 such that for all 


Cutting 


e A cutting torch has a 
60- or 9o-degree 
angled head with 
orifices placed around 
a central jet. 


e The process consists of 
preheating the metal 
to be cut to its kindling 
temperature e.g. 870° C 
for steel. 


Working of Oxy-acetylene Gas 


fuel gas- cross section 
oxygen 
mixture 
cutting 
oxygen 


heating flame 
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real numbers x with 
0 < |x — al < ð, 


we have 
|f(x) — L| < e. 
This is denoted by 
lim f(x) = L. 
ra 


Intuitively, the function f(x) should have a limit L at a point a if, for 
numbers x near a, the value of the function f(x) is close to the number L. 
In other words, to guarantee that f(x) be close to L, we can require that 
x is close to a. Thus if we want f(x) to be within an arbitrary e > 0 of 
the number L (i.e., if we want |f(x) — L| < e), we must be able to specify 
how close to a we must force x to be. Therefore, given a number e > 0 (no 
matter how small), we must be able to find a number 6 > 0 so that if x is 
within ô of a, we have that f(x) is within an e of L. This is precisely what 
the definition says, in symbols. 

For example, if the above definition of a limit is to make sense, it must 
yield that 


lim 2? = 4. 
r=>2 


We will check this now. It must be emphasized that we would be foolish 
to show that z? approaches 4 as x approaches 2 by actually using the 
definition. We are again doing the common trick of using an example whose 
answer we already know to check the reasonableness of a new definition. 
Thus for any e > 0, we must find a ô > 0 so that if 0 < |x — 2| < 6, we will 
have 
lx? — 4| < e. 
Set E 
ô = min E 1). 


As often happens, the initial work in finding the correct expression for 6 is 
hidden. Also, the '5” in the denominator will be seen not to be critical. Let 
0 < |x — 2] < 6. We want |x? — 4| < e. Now 
|z? — 4| = |z — 2| - |æ + 2l. 
Since x is within 6 of 2, 
lz +2| < (2+6)4+2=4+6<5. 
Thus 


ja? — 4| = |e — 2] -|e +2] <5- -2| <5- =e, 


We are done. 
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2.2 Continuity 


Definition 2.2.1 A function f : R > R is continuous at a if 


lim f(x) = fla). 
Of course, any intuition about continuous functions should capture the 
notion that a continuous function cannot have any breaks in its graph. In 
other words, you can graph a continuous function without having to lift 
your pencil from the page. (As with any sweeping intuition, this one will 
break down if pushed too hard.) 


continuous not continuous 


In e and 6 notation, the definition of continuity is: 


Definition 2.2.2 A function f : R — R is continuous at a if given any 
€ > 0, there is some 6 > 0 such that for all x with 0 < |x — a| < ô, we have 


If(x) — fla)| < e. 


For an example, we will write down a function that is clearly not continuous 
at the origin 0, and use this function to check the reasonableness of the 
definition. 

Let 


1 ifízx>0 
fe) = 4 —1 ifx<0 


Note that the graph of f(x) has a break in it at the origin. 


7 
— 
We want to capture this break by showing that 


lim f(z) # £(0). 
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Now f(0) = —1. Let e = 1 and let 6 > 0 be any positive number. Then for 
any x with 0 < x < ô, we have f(z) = 1. Then 


\f(x) — fO =|1-(-D} =2>1=e. 
Thus for all positive x < 6. 
f(x) — f(0)| > e. 
Hence, for any ô > 0, there are x with 
lz — 0| <ð 
but 


f(x) — F(0)| > e. 


This function is indeed not continuous. 


2.3 Differentiation 
Definition 2.3.1 A function f: R >R is differentiable at a if 
f(x) — f(a) 


lim —— 
t—a T—a 
exists. This limit is called the derivative and is denoted by (among many 


other symbols) f'(a) or E (a). 


One of the key intuitive meanings of a derivative is that it should give the 
slope of the tangent line to the curve y = f(x) at the point a. While 
logically the current definition of a tangent line must include the above 
definition of derivative, in pictures the tangent line is of course: 


y tangent line 
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The idea behind the definition is that we can compute the slope of a 
line defined by any two points in the plane. In particular, for any x Æ a, 
the slope of the secant line through the points (a, f(a)) and (a, f(z)) will 


be 
f(a) - f(a) 


L— a 


slope=f09-4(3) 


of bo) 


We now let x approach a. The corresponding secant lines will approach the 
tangent line. Thus the slopes of the secant lines must approach the slope 
of the tangent line. 


En line 


Hence the definition for the slope of the tangent line should be: 


f(a) —H(a) 


I _ 1 
f (a) = lim con 
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Part of the power of derivatives (and why they can be taught to high 
school seniors and first year college students) is that there is a whole calcu- 
lational machinery to differentiation, allowing us to usually avoid the actual 
taking of a limit. 

We now look at an example of a function that does not have a derivative 
at the origin, namely 

f(x) = jel. 


This function has a sharp point at the origin and thus no apparent tangent 
line there. We will show that the definition yields that f(x) = |x| is indeed 
not differentiable at x = 0. Thus we want to show that 


mm Le) = F(0) 


lim, g — NEO 
does not exist. Luckily 


f(x) — F(0) iS z>0 


2-0. x —1, <0? 


which we have already shown in the last section to not have a limit as x 
approaches 0. 
2.4 Integration 


Intuitively the integral of a positive function f(x) with domain a < x < b 
should be the area under the curve y = f(x) above the z-axis. 
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When the function f(x) is not everywhere positive, then its integral should 
be the area under the positive part of the curve y = f(x) minus the area 
above the negative part of y = f(x). 


positive area 


NS 


negative area 


Of course this is hardly rigorous, as we do not yet even have a good defini- 
tion for area. 

The main idea is that the area of a rectangle with height a and width b 
is ab. 


To find the area under a curve y = f(x) we first find the area of various 
rectangles contained under the curve and then the area of various rectangles 
just outside the curve. 


We then make the rectangles thinner and thinner, as in: 
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We take the limits, which should result in the area under the curve. 

Now for the more technically correct definitions. We consider a real- 
valued function f(x) with domain the closed interval [a,b]. We first want 
to divide, or partition, the interval [a, b] into little segments that will be 
the widths of the approximating rectangles. For each positive integer n, let 


Ds 
At==L 
n 
and 
a = to, 
t = tot ôt, 
to = t+ ôt, 


For example, on the interval [0, 2] with n = 4, we have At = 2—0 = > and 


On each interval [tk—1, tg], choose points l and uz such that for all points 
t on [tk-1, tk], we have 


FU) < Ft) 
and 


flur) > f(t). 


We make these choices in order to guarantee that the rectangle with 
base [t;-1,tx] and height f(J,) is just under the curve y = f(x) and that 
the rectangle with base [t,_1,¢,] and height f(ux) is just outside the curve 
y = f(z). 
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Definition 2.4.1 Let f(x) be a real-valued function defined on the closed 
interval [a,b]. For each positive integer n, let the lower sum of f(x) be 


L(f,n) =X fl)At 


k=1 


and the upper sum be 
U(f n) = 9 f(un)At. 
k=1 


Note that the lower sum L(f,n) is the sum of the areas of the rectangles 
below our curve while the upper sum U(f,n) is the sum of the areas of the 
rectangles sticking out above our curve. 

Now we can define the integral. 


Definition 2.4.2 A real-valued function f(x) with domain the closed in- 
terval [a,b] is said to be integrable if the following two limits exist and are 
equal: 

lim L(f,n) = lim U(f,n). 

noo N—>00 


If these limits are equal, we denote the limit by i f(x)dax and call it the 
integral of f(x). 


While from pictures it does seem that the above definition will capture 
the notion of an area under a curve, almost any explicit attempt to actually 
calculate an integral will be quite difficult. The goal of the next section, 
the Fundamental Theorem of Calculus, is to see how the integral (an area- 
finding device) is linked to the derivative (a slope-finding device). This will 
actually allow us to compute many integrals. 


2.5 The Fundamental Theorem of Calculus 


Given a real-valued function f(x) defined on the closed interval [a, b] we can 
use the above definition of integral to define a new function, via setting: 


Fla) = A f(t) de. 
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We use the variable ¢ inside the integral sign since the variable x is 
already being used as the independent variable for the function F(z). Thus 
the value of F(x) is the number that is the (signed) area under the curve 
y = f(x) from the endpoint a to the value z. 


F(x) = fia 


The amazing fact is that the derivative of this new function F(x) will simply 
be the original function f(x). This means that in order to find the integral 
of f(x), you should, instead of fussing with upper and lower sums, simply 
try to find a function whose derivative is f(x). 

All of this is contained in: 


Theorem 2.5.1 (Fundamental Theorem of Calculus) Let f(x) be 
a real-valued continuous function defined on the closed interval |a, b] and 
define 


F< J ” F(t) dt. 


Then: 
a) The function F(x) is differentiable and 


dF(x) _ dafa f(t) dt _ 
dre du =$) 
and 


b) If G(x) is a real-valued differentiable function defined on the 
closed interval [a, b] whose derivative is: 


dG(xz) _ 
de Co) 


then 


b 
/ f(x) dz = G(b) — G(a). 


First to sketch part a: We want to show that for all x in the interval (a, b], 
the following limit exists and equals f(x): 


lim F(z+h)— F(z) 
h=>0 


= f(z). 
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Note that we have mildly reformulated the definition of the derivative, from 


limg-+2,(f(x) — fzo))/(x — zo) to lima o[( f(x + h) — f(x))/h. These are 
equivalent. Also, for simplicity, we will only show this for x in the open 
interval (a,b) and take the limit only for positive h. Consider 


F(a+h)— F(a) _ SJ s(t)at— fF fae 
h h 
of?" F(t) de 
==; p 


F(x+h)-F(x) = f fat 


a x x+h 


On the interval [x, x + h], for each h define l, and up so that for all points 
ton [z,x + h], we have 


fln) < F(t) 


and 
fun) > F(t). 


(Note that we are, in a somewhat hidden fashion, using that a continuous 
function on an interval like (2, x + h] will have points such as I, and up. In 
the chapter on point set topology, we will make this explicit, by seeing that 
on a compact set, such as [x,x + h], a continuous function must achieve 
both its maximum and minimum.) 


Then we have 
a 


+h 
fons f HEAS Flun)h. 


e The preheating is done by oxy-acetylene gas flame, 
which is supplied from surrounding openings of 
the cutting torch. 


e When this temperature is attained, a jet of high 
pressure oxygen from a central opening of cutting 
torch is directed on the red hot metal. 

e The metal is rapidly oxidized, and slag is formed. 
This slag is washed out by the jet of oxygen. 

e The process of cutting steel consist of following 
reaction: 


3Fe + 20, — Fe, O, + heat (27,000 cal.) 
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Dividing by h > 0 gives us: 


eth 
fe SOS < tun) 


fl) < 


Now both the l» and the up approach the point x as h approaches zero. 
Since f(x) is continuous, we have that 


lim f(la) = lim f(un) = f(x) 


and our result. 
Turn to part b: Here we are given a function G(x) whose derivative is: 


dG(x) _ 
in = Fle). 


Keep the notation of part a, namely that F(x) = Je f(t) dt. Note that 
F(a) = 0 and 


b 
J (Mister 


By part a, we know that the derivative of F(x) is the function f(z). Thus 
the derivatives of F(a) and G(x) agree, meaning that 


d(F(e) - G(w)) _ 


da f(x) — f(x) = 0. 


But a function whose derivative is always zero must be a constant. (We 

have not shown this. It is quite reasonable, as the only way the slope of the 

tangent can always be zero is if the graph of the function is a horizontal 

line; the proof does take some work.) Thus there is a constant c such that 
F(x) = G(x) +c. 

Then 


b 
f FO at= FO = FO- Flo) 
= (G(b) +c) — (Gla) +0) 


= G(b) — G(a) 


as desired. 
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2.6 Pointwise Convergence of Functions 


Definition 2.6.1 Let fn : [a,b] > R. be a sequence of functions 
fi (2), falx), falz), ces 


defined on an interval [a,b] = {x :a < x < b}. This sequence {fn(x)} will 
converge pointwise to a function 


f(x): [a,b] > R 


if for all a in [a,b], | 
Jim fala) = f(a). 


In e and 6 notation, we would say that ([f,,(1)) converges pointwise to 
f(x) if for all a in la, b] and given any e > 0, there is a positive integer N 
such that for all n > N, we have |f(a) — fr(a)| < e. 

Intuitively, a sequence of functions f,(x) will converge pointwise to a 
function f(x) if, given any a, eventually (for huge n) the numbers f,(a) 
become arbitrarily close to the number f(a). The importance of a good 
notion for convergence of functions stems from the frequent practice of only 
approximately solving a problem and then using the approximation to un- 
derstand the true solution. Unfortunately, pointwise convergence is not as 
useful or as powerful as the next section’s topic, uniform convergence, in 
that the pointwise limit of reasonable functions (e.g., continuous or inte- 
grable functions) does not guarantee the reasonableness of the limit, as we 
will see in the next example. 

Here we show that the pointwise limit of continuous functions need not 
be continuous. For each positive integer n, set 


i fn(x) = x” 
for all x on (0, 1]. 
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Set 
L ek 
fla) =4 9) 0<z<1 


Clearly f(x) is not continuous at the endpoint x = 1 while all of the func- 
tions fn(x) = x” are continuous on the entire interval. But we will see that 
the sequence (ff. (1)) does indeed converge pointwise to f(x). 

Fix a in [0,1]. If a = 1, then f,(1) = 1” = 1 for all n. Then 


Jim fn(l) = lim 1=1= (1). 
Now let 0 < a < 1. We will use (without proving) the fact that for any 


number « less than 1, the limit of a” will approach 0 as n approaches oo. 
In particular, 


lim fanla) = lim a” 
N—? CO NCO 
= 0 
= f(a). 


Thus the pointwise limit of a sequence of continuous functions need not be 
continuous. 


2.7 Uniform Convergence 
Definition 2.7.1 A sequence of functions fn : [a,b] > R will converge 


uniformly to a function f : [a,b] + R. if given any e > 0, there is a positive 
integer N such that for alln > N, we have 


|f (z) — fala) < € 


for all points z. 


The intuition is that if we put an e-tube around the function y = f(x), 
the functions y = f(x) will eventually fit inside this band. 


2.7. UNIFORM CONVERGENCE 37 


The key here is that the same e and N will work for all x. This is not 
the case in the definition of pointwise convergence, where the choice of N 
depends on the number z. 

Almost all of the desirable properties of the functions in the sequence 
will be inherited by the limit. The major exception is differentiability, but 
even here a partial result is true. As an example of how these arguments 
work, we will show 


Theorem 2.7.1 Let fn : [a,b] + R be a sequence of continuous functions 
converging uniformly to a function f(x). Then f(x) will be continuous. 


Proof: We need to show that for all a in [a, b}, 
lim f(2) = f(a). 


Thus, given any e > 0, we must find some 6 > 0 such that for 0 < |z—a]| < ô, 
we have 


If(x) — fla)| < e. 


By uniform convergence, there is a positive integer N so that 


f(z) — f(a) < $ 


for all x. (The reason for the 5 will be seen in a moment.) 


By assumption each function fy (x) is continuous at the point a. Thus 
there is a ô > 0 such that for 0 < |z — a| < 6, we have 


€ 
lfn (x) — fnlo)l < z- 
Now to show that for 0 < |x — a| < 6, we will have 


If(x) — f(a)| < e. 
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We will use the trick of adding appropriate terms which sum to zero and 
then applying the triangle inequality ( |A + B| < |A| + |B|). We have 


Fe) -Fal = Iæ) - fule) + f(z) — f(a) + f(a) — f(a) | 
< 110) — fn) + |fw(2) — fula)! + fula) — Fla) 
< 3t3t3 


lI 
M 


and we are done. U 
We can now make sense out of series (infinite sums) of functions. 


Definition 2.7.2 Let f\(x), fo(ax),... be a sequence of functions. The series 
of functions 


flo) + fo(a) +...= fx) 
k=1 


converges uniformly to a function f(x) if the sequence of partial sums: 
fila), file) + foto), f(z) + falo) + falz),... converges uniformly to f(x). 


In terms of e and 6's, the infinite series of functions $ p] f(x) converges 
uniformly to f(x) if given any e > O there is a positive integer N such that 
for all n > N, 


f(x) — Y fe (a)| < e, 
k=1 
for all z. 
We have 


Theorem 2.7.2 If each function f(x) is continuous and if Dj, felz) 
converges uniformly to f(x), then f(x) must be continuous. 


This follows from the fact that the finite sum of continuous functions is 
continuous and the previous theorem. 

The writing of a function as a series of uniformly converging (simpler) 
functions is a powerful method of understanding and working with func- 
tions. It is the key idea behind the development of both Taylor series and 
Fourier series (which is the topic of Chapter Thirteen). 


2.8 The Weierstrass M-Test 


If we are interested in infinite series of functions X >p] f(z), then we must 
be interested in knowing when the series converges uniformly. Luckily the 
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Weierstrass M-test provides a straightforward means for determining uni- 
form convergence. As we will see, the key is that this theorem reduces the 
question of uniform convergence of $`}; f(x) to a question of when an 
infinite series of numbers converges, for which beginning calculus provides 
many tools, such as the ratio test, the root test, the comparison test, the 
integral test, etc. 


Theorem 2.8.1 Let Y, f(a) be a series of functions, with each func- 
tion fx(x) defined on a subset A of the real numbers. Suppose Y, My, is 
a series of numbers such that: 


1. 0 < |fp(x)| < My, for all x € A. 
2. The series Y, My converges. 


Then Y, f(x) converges uniformly and absolutely. 


By absolute convergence, we mean that the series of absolute values 

Ne 1fk(x)] also converges uniformly. 

Proof: To show uniform convergence, we must show that, given any e > 0, 
there exists an integer N such that for all n > N, we have 


[> Aae, 


k=n 


for all x € A. Whether or not Xp, fk(x) converges, we certainly have 


OO OO 
IN fila) < Y fela). 
k=n k=n 
Since Y, Mg converges, we know that we can find an N so that for all 
n > N, we have 
` Mr, <E. 
k=n 


Since 0 < |fk(£)| < My, for all z € A, we have 


IN filo)! < Y AE < Y M <e, 
k=n k=n k=n 


and we are done. O : 
Let us look an easy example. Consider the series Y, Fr, which from 
calculus we know to be the Taylor series for e*. We will use the Weierstrass 
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M-test to show that this series converges uniformly on any interval [—a, a]. 
Here we have f(x) = eng Set 


Mk = =. 


Note that for all x € [—a,a], we have 0 < |z|"/n! < a”/n!. Thus if we can 
show that the series 2, Mx = Dj i converges, we will have uniform 
convergence. By the ratio test, J gı $r will converge if the limit of ratios 


a kt} 
li (k+1)! a a = 
k-+00 e k—=>00 (k + 1) 


Thus the Taylor series for e* will converge uniformly on any closed interval. 


2.9 Weierstrass’ Example 


Our goal is find a function that is continuous everywhere but differentiable 
nowhere. When Weierstrass first constructed such functions in the late 
1800s, mathematicians were shocked and surprised. ‘The conventional wis- 
dom of the time was that no such function could exist. The moral of this 
example is that one has to be careful of geometric intuition. 

We will follow closely the presentation given by Spivak in his Calculus 
[102] in Chapter 23. We need a bit of notation. Set {x} = distance from 
a to the nearest integer. For example, {3} = $ and {1.3289} = .3289, etc. 


The graph of {x} is: 
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Define 
fa) = jor 11077}. 
k=1 
Our goal is: 


Theorem 2.9.1 The function f(x) is continuous everywhere but differen- 
tiable nowhere. 


First for the intuition. For simplicity we restrict the domain to be the 
unit interval (0,1). For k = 1, we have the function + {102}, which has a 
graph: 


This function is continuous everywhere but not differentiable at the 19 
points .05,.1,.15,...,.95. Then {x} + 2(10x) has the graph: 


and is continuous every Where but not differentiable at .05,.1,.15,...,.95. 
For k = 2, the function 355 {100z} is continuous everywhere buti is not 
differentiable at its 199 sharp points. Then the partial sum 25 (1027) + 
100 (100%) is continuous EOS but not differentiable at the 199 sharp 
points. In a similar fashion, —— Ta {1000x} is also continuous, but now loses 
differentiability at its 1999 sharp points. As we continue, at every sharp 
edge, we lose differentiability, but at no place is there a break in the graph. 
As we add all the terms in )> 35 {10*}, we eventually lose differentiability 
at every point. The pictures are compelling, but of course we need a proof. 
Proof: (We continue to follow Spivak) 
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The easy part is in showing that f(x) = $>}: 33 110*2) is continuous, as 
this will be a simple application of the Weierstrass M-test. We know that 
{a} < 5 for all x. Thus we have, for all k, that 


The series 


is a geometric series and thus must converge (just use the ratio test). Then 
by the Weierstrass M-test, the series f(z) = Dj, sr (10%x) converges 
uniformly. Since each function 7 (10*x) is continuous, we have that f(z) 
must be continuous. 

It is much harder to show that f(x) is not differentiable at every point; 
this will take some delicate work. Fix any xz. We must show that 


ym HE +1) = Fle) 
h=>00 h 


does not exist. We will find a sequence, hm, of numbers that approach zero 


such that the sequence Lat he )— Fe) does not converge. 


m 
Write x in its decimal expansion: 
YT=0.0]02..., 


where a is zero or one and each az is an integer between zero and nine. Set 
h = 1077". ¡fam #4 Or if am 4 9 
ds —107” ifam =4 Orif am =9 
Then 


e ee 4.01... (Am +1)Jam+1-.. ifam #4 Orifam 49 
x if a.a1---(Am —1)dm4i--. if Am = 4 Or if am = 9 


We will be looking at various 10"(2 + hm). The 10” factor just shifts 
where the decimal point lands. In particular, if n > m, then 


10” (x + hm) = aa os (am A, A A 


in which case 
{10”(x + hm)} = (102). 
If n < m, then 10”(x + hm) = 401 ...An-Qny1 -- - (Om + 1)4m41-.-, in 
which case we have 


n _ | Oan- -. (am + 1)4my1-+- ifam #4 orifam #9 
{10 (2 + Inn) = { 0.€n41---(@m — 1)Qm+1 --. ifam =4 Or if Am =9 
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We are interested in the limit of 


hm La Ji 


Since {10*(2 + hm)) = {10*x}, for k > m, the above infinite series is 
actually the finite sum: 


3 qr {10*(z + hm)} — Gor {10%@} _ 


him D £10™~*({10*(2-+hm) }—{10*x}). 


k=0 k=0 

We will show that each +10"-*((10*(x + hm)} — (10*%x)) is a plus or 
minus one. Then the above finite sum is a sum of plus and minus ones and 
thus cannot be converging to a number, showing that the function is not 
differentiable. 

There are two cases. Still following Spivak, we will only consider the 
case when 10*a = .ag41... < 5 (the case when .az41 ... > 3 is left to the 
reader). Here is why we had to break our definition of the hm into two 
separate cases. By our choice of hm, {10*(z +hm)} and (10*2) differ only 
in the (m — k)th term of the decimal expansion. Thus 


1 


Then 107*((10*(2+hm)) -(10*x)) will be, as predicted, a plus or minus 
one. LJ 


2.10 Books 


The development of e and 6 analysis was one of the main triumphs of 1800s 
mathematics; this means that undergraduates for most of the last hundred 
years have had to learn these techniques. There are many texts. The 
one that 1 learned from and one of my favorite math books of all times 
is Michael Spivak’s Calculus [102]. Though called a calculus book, even 
Spivak admits, in the preface to the second and third editions, that a more 
apt title would be “An Introduction to Real Analysis”. The exposition is 
wonderful and the problems are excellent. 

Other texts for this level of real analysis include books by Bartle [6], 
Berberian [7], Bressoud [13], Lang [80], Protter and Morrey [94] and Rudin 
[96], among many others. 


e The metal is cut entirely by exothermic chemical 
action. 


e The Iron and Steel itself is not melted because the 
rapid rate at which the oxide is produced blows them 
away from the cut-zone. 


e The heat to keep the cut going—once it has started— 
is provided partly by the heating jet, and partly by the 
heat of the chemical action. 


Fig. 7.104) M.S. Plate Cutting Procedure 
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2.11 Exercises 


1. Let f(x) and g(x) be differentiable functions. Using the definition of 
derivatives, show 

a (f+9) =f +g. 

b. (fg)! = f'g + fg’. 

c. Assume that f(x) = c, where cis a constant. Show that the derivative 
of f(x) is zero. 
2. Let f(x) and g(x) be integrable functions. 

a. Using the definition of integration, show that the sum f(x) + g(x) is 
an integrable function. 

b. Using the Fundamental Theorem of Calculus and problem 1.a, show 
that the sum f(x) + g(x) is an integrable function. 
3. The goal of this problem is to calculate le gdz three ways. The first 
two methods are not supposed to be challenging. 

a. Look at the graph of the function y = x. Note what type of geometric 
object this is, and then get the area under the curve. 

b. Find a function f(x) such that f'(x) = x and then use the Funda- 
mental Theorem of Calculus to find h zdz. 

c. This has two parts. First show by induction that 


a 
La 2 
4==1 


Then use the definition of the integral to find i zdz. 

4. Let f(x) be differentiable. Show that f(x) must be continuous. (Note: 
intuitively this makes a lot of sense; after all, if the function f has breaks 
in its graph, it should not then have well-defined tangents. This problem 
is an exercise in the definitions.) 

5. On the interval [0, 1], define 


G= 1 if zis rational 
- ) O if zis not rational 


Show that f(x) is not integrable. (Note: you will need to use the fact that 
any interval of any positive length must contain a rational number and an 
irrational number. In other words, both the rational and the irrational 
numbers are dense.) 

6. This is a time-consuming problem but is very worthwhile. Find a calculus 
textbook. Go through its proof of the chain-rule, namely that 


Sala) = f'(g(2)) g'a): 
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7. Go again to the calculus book that you used in problem six. Find the 
chapter on infinite series. Go carefully through the proofs for the following 
tests for convergence: the integral test, the comparison test, the limit com- 
parison test, the ratio test and the root test. Put all of these tests into the 
language of e and 6 real analysis. 


Chapter 3 


Calculus for 
Vector- Valued Functions 


Basic Object: R?” 
Basic Map: Differentiable functions f : R” => R” 


Basic Goal: Inverse Function Theorem 


3.1 Vector-Valued Functions 


A function f : R” —> R” is called vector-valued since for any vector x in 
R”, the value (or image) of f(x) is a vector in R”. If (x,,...,tn) isa 
coordinate system for R”, the function f can be described in terms of m 
real-valued functions by simply writing: 


filzı, a +, fn) 
f(E 2n) = 
fm(21 a satn) 


Such functions occur everywhere. For example, let f : R > R? be defined 


as 
_ {cos(t) 
Au leas : 
Here t is the coordinate for R. Of course this is just the unit circle parametrized 
by its angle with the z-axis. 


48 CHAPTER 3. CALCULUS FOR VECTOR-VALUED FUNCTIONS 


(cos(t),sin(t) — 


This can also be written as x = cos(t) and y = sin(t). 
For another example, consider the function f : R? + R? given by 


COS T) 
fx1,22)= | sina, |. 
T2 


This function f maps the (x), z2) plane to a cylinder in space. 
Most examples are quite a bit more complicated, too complicated for 
pictures to even be drawn, much less used. 
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3.2 Limits and Continuity of Vector-Valued 
Functions 


The key idea in defining limits for vector-valued functions is that the 
Pythagorean Theorem gives a natural way for measuring distance in R”. 


Definition 3.2.1 Let a = (a¡,...,an) and b = (b,,...,b,) be two points 
in R”. Then the distance between a and b, denoted by la — bl, is 
CC BP F + (an — al? 


The length of a is defined by 


A al eae 


Note that we are using the word “length” since we can think of the point 
ain R” as a vector from the origin to the point. 

Once we have a notion of distance, we can apply the standard tools 
from e and 6 style real analysis. For example, the reasonable definition of 
limit must be: 


Definition 3.2.2 The function f : R” > R” has limit 
L=(£L;,...,LEm) € R” 
at the point a = (aj,...,@n) E R” if given any e > 0, there is some 6 > 0 
such that for all x E€ R”, if 
0<|x-a| <ô, 


we have 

|f (æ) — L| < e. 
We denote this limit by 

lim f(x) = L 
or by f(x) 9 Lasx-a. 


Of course, continuity must now be defined by: 


Definition 3.2.3 The function f : R” > R” is continuous at a point a 
in R” if lime a f(x) = f(a). 


Both the definitions of limit and continuity rely on the existence of 
a distance. Given different norms (distances) we will have corresponding 
definitions for limits and for continuity. 
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33 Differentiation and Jacobians 


For single variable functions, the derivative is the slope of the tangent line 
(which is, recall, the best linear approximation to the graph of the original 
function) and can be used to find the equation for this tangent line. In a 
similar fashion, we want the derivative of a vector-valued function to be a 
tool that can be used to find the best linear approximation to the function. 

We will first give the definition for the vector-valued derivative and then 
discuss the intuitions behind it. In particular we want this definition for 
vector-valued functions to agree with the earlier definition of a derivative 
for the case of single variable real-valued functions. 


Definition 3.3.1 A function f : R” => R” is differentiable at a € R” if 
there is an m x n matriz A: R” — R” such that 


lim [f(z) — fla) -A-@-a)| =0. 


za |x — al 


If such a limit exists, the matrix A is denoted by Df(a) and is called the 
Jacobian 


Note that f(x), f(a) and A- (zx — a) are all in R™ and hence 
| f(x) — f(a) ~ A- (z ~ a)| 


is the length of a vector in R™. Likewise, x — a is a vector in R”, forcing 
|x — al to be the length of a vector in R”. Further, usually there is an easy 
way to compute the matrix A, which we will see in a moment. Also, if the 
Jacobian matrix Df(a) exists, one can show that it is unique, up to change 
of bases for R” and R””. 

We definitely want this definition to agree with the usual definition of 
derivative for a function f : R > R. With f: R > R, recall that the 
derivative f'(a) was defined to be the limit 


ty) 1 Fe) — $ (a) 
A a 
Unfortunately, for a vector-valued function f : R” — R” with n and m 
larger than one, this one-variable definition is nonsensical, since we cannot 
divide vectors. We can, however, algebraically manipulate the above one- 
variable limit until we have a statement that can be naturally generalized 
to functions f : R” — R” and which will agree with our definition. 
Return to the one-variable case f : R — R. Then 


T-a TQ 
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is true if and only if 


o — tim LOL 


g-a LE == a 


NN f (a), 
which is equivalent to 


f(x) — fla) — f'(a)(z — a) 


0 = lim 
ra r—a 
or 
0 = lim |f(z) — Fla) — fla)(e— a) 
2a, lz — a] 


This last statement, at least formally, makes sense for functions f : R” => 
R”, provided we replace f'(a) (a number and hence a 1 x 1 matrix) by an 
m x n matrix, namely the Jacobian Df (a). 

As with the one-variable derivative, there is a (usually) straightforward 
method for computing the derivative without resorting to the actual taking 
of a limit, allowing us to actually calculate the Jacobian. 


Theorem 3.3.1 Let the function f : R” + R™ be given by the m differ- 
entiable functions f1(21,...,tn),---,fm[(t1,..., Tn), so that 


A 
iaa) = 


anio 


Then f is differentiable and the Jacobian is 


Of Əh 
0x1 7? Tn 

Dfla)=| : 
Bfm Ofi 
Om, °°" an 


The proof, found in most books on vector calculus, is a relatively straight- 
forward calculation stemming from the definition of partial derivatives. But 
to understand it, we look at the following example. Consider our earlier 
example of the function f : R? > R? given by 


COS £1 
f(z1,%2) = | sina, |, 
T2 
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which maps the (21,22) plane to a cylinder in space. Then the Jacobian, 
the derivative of this vector-valued function, will be 


Ocos(11)/0x, 0Ocos(11)/0x2 


Df(#1,22) = O(sinx1,)/0x,  Osin(x1)/0x>2 
Ox2/0x1 0x2 /Ox2 
—sinz, 0 
= costi QO 
0 1 


One of the most difficult concepts and techniques in beginning calculus 
is the chain rule, which tells us how to differentiate the composition of 
two functions. For vector-valued forms, the chain rule can be easily stated 
(though we will not give the proof here). It should relate the derivative of 
the composition of functions with the derivatives of each component part 
and in fact has a quite clean flavor, namely: 


Theorem 3.3.2 Let f : R” + R” and g : R” > R! be differentiable 
functions. Then the composition function 


gof:R”" > R? 
is also differentiable with derivative given by: if f(a) =b, then 
D(go f)(a) = D(g)(b) - D(F) (a). 


Thus the chain rule says that to find the derivative of the composition go f, 
one multiplies the Jacobian matrix for g times the Jacobian matrix for f. 

One of the key intuitions behind the one-variable derivative is that f'(a) 
is the slope of the tangent line to the curve y = f(x) at the point (a, f(a)) 
in the plane R*. In fact, the tangent line through (a, f(a)) will have the 
equation 


y = fla) + f'(a)(x — a). 


y = f(a) + 1(a)(x-a) 
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This line y = f(a) + f'(a)(x — a) is the closest linear approximation to 
the function y = f(x) at = a. 

Thus a reasonable criterion for the derivative of f : R” > R” should 
be that we can use this derivative to find a linear approximation to the 
geometric object y = f(x), which lies in the space R”*"”., But this is 
precisely what the definition 


pp LLO DS! - 


0 


does. Namely, f(x) is approximately equal to the linear function 


f(a) + Df (a): (£ — a). 


Here Df (a), as an m xn matrix, is a linear map from R” > R” and f(a), 
as an element of R”, is a translation. Thus the vector y = f(x) can be 
approximated by 


y ~% f(a) + Df (a) - (x — a). 


3.4 The Inverse Function Theorem 


Matrices are easy to understand, while vector-valued functions can be quite 
confusing. As seen in the last section, one of the points of having a deriva- 
tive for vector-valued functions is that we can approximate the original 
function by a matrix, namely the Jacobian. The general question is now 
how good of an approximation do we have. What decent properties for ma- 
trices can be used to get corresponding decent properties for vector-valued 
functions? 

This type of question could lead us to the heart of numerical analysis. 
We will limit ourselves to seeing that if the derivative matrix (the Jaco- 
bian) is invertible, then the original vector-valued function must also have 
an inverse, at least locally. This theorem, and its close relative the Im- 
plicit Function Theorem, are key technical tools that appear throughout 
mathematics. 


Theorem 3.4.1 (Inverse Function Theorem) For a vector-valued con- 
tinuously differentiable function f : R” —> R™, assume that det Df (a) H 0, 
at some point a in R”. Then there is an open neighborhood U ofa in R” 
and an open neighborhood V of f(a) in R” such that f: U —> V is one to 
one, onto and has a differentiable inverse g: V + U (ie. gof:U >U 
is the identity and fog:V — V is the identity). 


e The following two points should be satisfied: 


1. The melting point of the metal should be greater 
than the oxidation temp. of the metal. 
2. The melting point of the formed oxides must be 
lower than that of the base metal itself. 
e Although acetylene is commonly used as a fuel in 
this process , other gases can be used including 
butane, methane, propane, natural gas. 
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Why should a function f have an inverse? Let us think of f as being 
approximated by the linear function 


fa) = f(a) + Df(a) - (a). 


From the key theorem of linear algebra, the matrix D f(a) is invertible if and 
only if det Df (a) 4 0. Thus f(x) should be invertible if f(a) + Df(a)-(x—a) 
is invertible, which should happen precisely when det Df(a) 4 0. In fact, 
consider 


y = fla) + Df (a) - (£ — a). 


Here the vector y is written explicitly as a function of the variable vector 
x. But if the inverse to Df(a) exists, then we can write x explicitly as a 
function of y, namely as: 


z= a+ Df(a)-- (y— f(a)). 


In particular, we should have, if the inverse function is denoted by f7?, 
that its derivative is simply the inverse of the derivative of the original 
function f, namely 


Df~*(b) = Df(a)™, 
where b = f(a). This follows from the chain rule and since the composition 
sf ofal. 
For the case of f : R > R, the idea behind the Inverse Function 
Theorem can be captured in pictures: 


y locally no inverse 


4“ function 


If the slope of the tangent line, f'(a), is not zero, the tangent line will not 
be horizontal, and hence there will be an inverse. 
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In the statement of the theorem, we used the technical term “open set”. 
There will be much more about this in the next chapter on topology. For 
now, think of an open set as a technical means allowing us to talk about all 
points near the points a and f(a). More precisely, by an open neighborhood 
U of a point a in R”, we mean that, given any a € U, there is a (small) 
positive e such that 

lx: lx—-al<e) CU. 


In pictures, for example, 
{(z,y) ER” : |(z,y) — (0,0)| = Vz? + y? < 1) 


is not open (it is in fact closed, meaning that its complement is open in the 
plane R°), 


while the set 
{(z,y) € R? : |(z, y) — (0,0)| < 1} 


is open. 


À 


S 


10-29-96 


56 CHAPTER 3. CALCULUS FOR VECTOR-VALUED FUNCTIONS 
3.5 Implicit Function Theorem 


Rarely can a curve in the plane be described as the graph of a one-variable 
function 


y = f(z), 


y = 1(x) 


though much of our early mathematical experiences are with such functions. 
For example, it is impossible to write the circle 


z? +y =1 


as the graph of a one-variable function, since for any value of z (besides —1 
and 1) there are either no corresponding values of y on the circle or two 
corresponding values of y on the circle. This is unfortunate. Curves in the 
plane that can be cleanly written as y = f(x) are simply easier to work 
with. 

However, we can split the circle into its top and bottom halves. 


3.5. IMPLICIT FUNCTION THEOREM $1 


For each half, the variable y can be written as a function of x: for the top 


half, we have 
y= Y 1 — ae, 
and for the bottom half, 
y=-—vYy1-a?. 


Only at the two points (1,0) and (—1, 0) are there problems. The difficulty 
can be traced to the fact that at these two points (and only at these two 
points) the tangent lines of the circle are perpendicular to the z-axis. 

This is the key. The tangent line of a circle is the best linear approxi- 
mation to the circle. If the tangent line can be written as 


y=mzx-+b, 


then it should be no surprise that the circle can be written as y = f(x), at 
least locally. 

The goal of the Implicit Function Theorem is to find a computational 
tool that will allow us to determine when the zero locus of a bunch of 
functions in some R^ can locally be written as the graph of a function and 
thus in the form y = f(x), where the x denote the independent variables 
and the y will denote the dependent variables. Buried (not too deeply) is 
the intuition that we want to know about the tangent space of the zero 
locus of functions. 

The notation is a bit cumbersome. Label a coordinate system for R”+* 
by 


Ll; En, Yle- Yk 


which we will frequently abbreviate as (x,y). Let 


filtiri Ais eb Uraa A ee) 


be k continuously differentiable functions, which will frequently be writ- 
ten as 


filt, y), ---, FECL): 


Set 
V = {(x,y) ERP”: filz, y) =0,..., fe(x, y) = 0}. 


We want to determine when, given a point (a,b) € V (where a € R” and 
b € RË), there are k functions 


AO a eos tn) 
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defined in a neighborhood of the point a on R” such that V can be de- 
scribed, in a neighborhood of (a,b) on R"**, as 


[(z, y) = no : Y1 = A A Ve = PE Oian) 


which of course is frequently written in the shorthand of 


Y= {yy = pi(x),. -Yk = pr(x)}, 


or even more succinctly as 


V = {y = p(a)}. 


Thus we want to find k functions pı,..., pp such that for all x € R”, we 
have 


file, pı(£)) =0,..., fe(£, prlx)) = 0. 


Thus we want to know when the k functions f,,..., fẹ can be used to 
define (implicitly, since it does take work to actually construct them) the 
k functions p1,..., pk- 


Theorem 3.5.1 (Implicit Function Theorem) Let f,(x2,y),..., felz, y) 
be k continuously differentiable functions on R™*+* and suppose that p = 
(a,b) ER” is a point for which 


f1 (a, b) =0,..., fila, b) =0. 


Suppose that at the point p the k x k matriz 


Of afi 
Oyi(p) *** Oyxlp) 
M=| : 3 
Ofk Ə fr 
Oyilp) `°? OyK(p) 


is invertible. Then in a neighborhood of a in R” there are k unique, 
differentiable functions 


Pilt hcs PRLE) 
such that 
filz, pi(z)) = Osa filo, pr(z)) = 0. 


Return to the circle. Here the function is f(z,y) = z? + y? — 1 = 0. 
The matrix M in the theorem will be the 1 x 1 matrix: 


Of 
— = 24. 
Oy1 
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This matrix is not invertible (the number is zero) only where y = 0, namely 
at the two points (1,0) and (—1,0): only at these two points will there not 
be an implicitly defined function p. 

Now to sketch the main ideas of the proof, whose outline we got from 
[103] In fact, this theorem is a fairly easy consequence of the Inverse Func- 
tion Theorem. For ease of notation, write the k-tuple (f, (a, y), ..., fe(z, y)) 
as f(x,y). Define a new function F : R”** — RT by 


F(x,y) = (a, f(x, y)). 


The Jacobian of this map is the (n + k) x (n + k) matrix 


I 0 
(>): 

Here the I is the n x n identity matrix, M is the k x k matrix of partials as 
in the theorem, 0 is the n x k zero matrix and x is some k x n matrix. Then 
the determinant of the Jacobian will be the determinant of the matrix M; 
hence the Jacobian is invertible if and only if the matrix M is invertible. 
By the Inverse Function Theorem, there will be a map G: R"+* >) RP+* 
which will locally, in a neighborhood of the point (a,b), be the inverse of 
the map F(z, y) = (a, f(z,y)). 

Let this inverse map G : R"+* — R™** be described by the real-valued 
functions G1,...,Gny and thus as 


G(x,y) = (Gr(z, y), ..-, Gn (2, y)). 
By the nature of the map F, we see that for 1 <i<n, 
GHGs y) = Ti. 
Relabel the last k functions that make up the map G by setting 


piLz, y) ES Gitn(2, y). 


Thus 
G(z, y) = (z1, es Tn, Pi (ZY), vas , Pr(x,y)). 


We want to show that the functions p;(z,0) are the functions the theorem 
requires. 

We have yet looked at the set of points in R”+* where the original k 
functions f; are zero, namely the set that we earlier called V. The image 
of V under the map F will be contained in the set (7,0). Then the image 
G(zx, 0), at least locally around (a,b), will be V. Thus we must have 


fi(G(z, 0)) =0,..., fx(G(w, 0)) =0. 
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But this just means that 
hz, pr (x, 0)) =0,.. ee a ar pr (x, 0)) = 0, 


which is exactly what we wanted to show. 

Here we used the Inverse Function Theorem to prove the Implicit Func- 
tion Theorem. It is certainly possible and no harder to prove the Implicit 
Function Theorem first and then use it to prove the Inverse Function The- 
orem. 


3.6 Books 


An excellent recent book on vector calculus (and for linear algebra and 
Stokes’ Theorem) is by Hubbard and Hubbard [64]. Fleming [37] has been 
the standard reference for many years. Another, more abstract approach, is 
in Spivak’s Calculus on Manifolds [103]. Information on vector calculus for 
three variable functions is in most calculus books. A good general exercise 
is to look in a calculus text and translate the given results into the language 
of this section. 


3.7 Exercises 


1. In the plane R? there are two natural coordinate systems: polar coordi- 
nates (r, 0) with r the radius and @ the angle with the x-axis and Cartesian 
coordinates (x, y). 


The functions that give the change of variables from polar to Cartesian 
coordinates are: 


x = f(r,0) = rcos(0) 
y = g(r, 8) = rsin(0). 


a. Compute the Jacobian of this change of coordinates. 


3.7. EXERCISES 61 


b. At what points is the change of coordinates not well-defined (i.e., at 
what points is the change of coordinates not invertible)? 

c. Give a geometric justification for your answer in part b. 
2. There are two different ways of describing degree two monic polynomials 
in one variable: either by specifying the two roots or by specifying the 
coefficients. For example, we can describe the same polynomial by either 
stating that the roots are 1 and 2 or by writing it as z? — 3x +2. The 
relation between the roots rı and rə and the coefficients a and b can be 
determined by noting that 


(£ —rı)(£z — r2) =z? +axrt+b. 


Thus the space of all monic, degree two polynomials in one variable can be 
described by coordinates in the root space (r1, r2) or by coordinates in the 
coefficient space (a, b). 

a. Write down the functions giving the change of coordinates from the 
root space to the coefficient space. 

b. Compute the Jacobian of the coordinate change. 

c. Find where this coordinate change is not invertible. 

d. Give a geometric interpretation to your answer in part c. 

3. Using the notation in the second question: 

a. Via the quadratic equation, write down the functions giving the 
change of coordinates from the coordinate space to the root space. 

b-d. Answer the same questions as in problem 2, but now for this new 
coordinate change. 

4. Set f(x,y) = r? — y?. 

a. Graph the curve f(z,y) = 0. 

b. Find the Jacobian of the function f(x,y) at the point (1,1). Give a 
geometric interpretation of the Jacobian at this point. 

c. Find the Jacobian of the function f(x,y) at the point (0,0). Give a 
geometric interpretation for why the Jacobian is here the two-by-two zero 
matrix. . 

5. Set f(x,y) = z? — y?. 

a. Graph the curve f(z,y) = 0. 

b. Find the Jacobian of the function f(x,y) at the point (1,1). Give a 
geometric interpretation of the Jacobian at this point. 

c. Find the Jacobian of the function f(z, y) at the point (0,0). Give a 
geometric interpretation for why the Jacobian is here the two-by-two zero 
matrix. 


Chapter 4 


Point Set Topology 


Basic Object: Topological spaces 
Basic Map: Continuous functions 


Historically, much of point set topology was developed to understand the 
correct definitions for such notions as continuity and dimension. By now, 
though, these definitions permeate mathematics, frequently in areas seem- 
ingly far removed from the traditional topological space R”. Unfortunately, 
it is not at first apparent that these more abstract definitions are at all use- 
ful; there needs to be an initial investment in learning the basic terms. 
In the first section, these basic definitions are given. In the next section, 
these definitions are applied to the topological space R”, where all is much 
more down to earth. Then we look at metric spaces. The last section ap- 
plies these definitions to the Zariski topology of a commutative ring, which, 
while natural in algebraic geometry and algebraic number theory, is not at 
all similar to the topology of R”. 


4.1 Basic Definitions 


Much of point set topology consists in developing a convenient language 
to talk about when various points in a space are near to one another and 
about the notion of continuity. The key is that the same definitions can be 
applied to many disparate branches of math. 


Definition 4.1.1 Let X be a set of points. A collection of subsets U = 
{Ux} forms a topology on X if 


1. Any arbitrary union of the Ux is another set in the collection U. 


Types of Flames 
1. Oxidizing flame(Excess of Oxygen) 


2. Neutral flame or Natural flame (Acetylene 
SOxygen in equal amount) 


3. Carburizing or Reducing flame (Excess of 
Acetylene) 
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2. The intersection of any finite number of sets Uax in the collection U 
is another set in U. 


3. Both the empty set @ and the whole space X must be in U. 


The (X, U) is called a topological space. 


The sets Ua in the collection U are called open sets. A set C is closed if its 
complement X — C is open. 


Definition 4.1.2 Let A be a subset of a topological space X. Then the 
induced topology on A is described by letting the open sets on A be all sets 
of the form UNA, where U is an open set in X. 


A collection = = {Ua} of open sets is said to be an open cover of a 
subset A if A is contained in the union of the Ux. 


Definition 4.1.3 The subset A of a topological space X is compact if given 
any open cover of A, there is a finite subcover. 


In other words, if © = {Ua} is an open cover of A in X, then A being 
compact means that there are a finite number of the Ua, denoted let's say 
by U;,...,U,,, such that 


A C(0 UD. OU: U Un). 


It should not be at all apparent why this definition would be useful, much 
less important. Part of its significance will be seen in the next section when 
we discuss the Heine-Borel Theorem. 


Definition 4.1.4 A topological space X is Hausdorff if given any two points 
21,22 E X, there are two open sets Uy, and Us with xı € Uy and xa € U2 
but with the intersection of U1 and Uz empty. 


Thus X is Hausdorff if points can be isolated (separated) from each other 
by disjoint open sets. 


Definition 4.1.5 A function f : X —> Y is continuous, where X and Y 
are two topological spaces, if given any open set U in Y, then the inverse 
image f—*(U) in X must be open. 


Definition 4.1.6 A topological space X is connected if it is not possible 
to find two open sets U and V in X with X =UUV andUNV =¢. 
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Definition 4.1.7 A topological space in X is path connected if given any 
two points a and b in X, there is a continuous map 


f : [0,1] > X 


with 
f(0) =a and f(1) =b. 


Here of course 

[0,1] = {zER:0<z<1} 
is the unit interval. To make this last definition well-defined, we would 
need to put a topology on this interval [0,1], but this is not hard and will 
in fact be done in the next section. 

Though in the next section the standard topology on R” will be devel- 
oped, we will use this topology in order to construct a topological space that 
is connected but is not path connected. It must be emphasized that this is 
a pathology. In most cases, connected is equivalent to path connected. 

Let 


X = {(0,) : —1 < t < 1}U {y = sin(Ż) : £ > 0). 


Put the induced topology on X from the standard topology on R?. 
Note that there is no path connecting the point (0,0) to (4,0). In fact, 
no point on the segment ((0,t) ; —1 < t < 1} can be connected by a 
path to any point on the curve {y = sin(+) : « > 0}. But on the other 
hand, the curve {y = sin(+) : x > 0} gets arbitrarily close to the segment 
{(0,t) : -1 < t < 1} and hence there is no way to separate the two parts 
by open sets. 

Point set topology books would now give many further examples of 
various topological spaces which satisfy some but not all of the above con- 
ditions. Most have the feel, legitimately, of pathologies, creating in some 
the sense that all of these definitions are somewhat pedantic and not really 
essential. To counter this feel, in the last section of this chapter we will 
look at a nonstandard topology on commutative rings, the Zariski topology, 
which is definitely not a pathology. But first, in the next section, we must 
look at the standard topology on R”. 
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4.2 The Standard Topology on R” 


Point set topology is definitely a product of the early twentieth century. 
However, long before that, people were using continuous functions and re- 
lated ideas. Even in previous chapters, definitions were given for continuous 
functions, without the need to discuss open sets and topology. In this sec- 
tion we define the standard topology on R” and show that the definition 
of continuity given in the last chapter in terms of limits agrees with the 
definition given in the last section in terms of inverse images of open sets. 
The important point is that the open set version can be used in contexts 
for which the limit notion makes no sense. Also, in practice the open set 
version is frequently no harder to use than the limit version. 

Critical to the definition of the standard topology on R” is that there is 
a natural notion of distance on R”. Recall that the distance between two 
points a = (a,,...,an) and b = (b,,...,b,) in R” is defined by 


la — b| = Y (ar — b1)? +... + (An — bn). 


With this, we can define a topology on R” by specifying as the open sets 
the following: 


Definition 4.2.1 A set U in R” will be open if given any a € R”, there 
is a real number e > 0 such that 


[x : |lx— aj < e) 
is contained in U. 


In R’, sets of the form (a,b) = [lx :a < x < b} are open, while sets of the 
form [a,b] = {x :a < x < bj are closed. Sets like [a,b) = {z :a< x < b} 
are neither open nor closed. In R?, the set [(x, y) : x? + y? < 1} is open. 


while [(x, y) : £? + y? < 1} is closed. 
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_ Proposition 4.2.1 The above definition of an open set will define a topol- 
ogy on R”. 


(The proof is exercise 2 at the end of the chapter.) This is called the 
standard topology on R”. 


Proposition 4.2.2 The standard topology on R” is Hausdorff. 


This theorem is quite obvious geometrically: 


but we give a proof in order to test the definitions. 
Proof: Let a and b be two distinct points in R”. Let d = la — b] be the 
distance from a to b. Set 


Un = (2 E€ R": jaa] < $) 


and 7 
= {x € R” : |x — b| < z}. 


Both U, and U, are open sets with a € U, and b € Up. Then R” will be 
Hausdorff if 


Ua NU, =4. 


Suppose that the intersection is not empty. Let x € Ua N Up. Then, by 
using the standard trick of adding terms that sum to zero and using the 
triangle inequality, we have 


la=bl = la—x2+x-—bl 
<  la—=x| + |e — bl] 
d d 
< 373 
2d 
= 2 


< d. 
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Since we cannot have d = la—b| < d and since the only assumption we made 
is that there is a point x in both Ua and Up, we see that the intersection 
must indeed be empty. Hence the space R” is Hausdorff. O ' 

In Chapter Three, we defined a function f : R” > R™ to be continuous 
if, for alla € R”, 


lim f(z) = f(a), 


meaning that given any e > 0, there is some ô > 0 such that if |z — al < ô, 


then 
|f (z) — flail < e. 


This limit definition of continuity captures much of the intuitive idea that 
a function is continuous if it can be graphed without lifting the pen from 
the page. Certainly we want this previous definition of continuity to agree 
with our new definition that requires the inverse image of an open set to be 
open. Again, the justification for the inverse image version of continuity is 
that it can be extended to contexts where the limit version (much less the 
requirement of not lifting the pen from the page) makes no sense. 


Proposition 4.2.3 Let f : R” > R” be a function. For alla € R”, 


lim f(z) = f(a) 


if and only, if for any open set U in R”™, the inverse image f—'(U) is open 
in R”. 


Proof: First assume that the inverse image of every open set in R” is 
open in R”. Let a € R”. We must show that 


lim f(x) = f(a). 
Let € > 0. We must find some 6 > 0 so that if |z — a| < 6, then 


If(x) — fla) < e. 


Define 
U = {y E R” : |y — f(a)| < ej. 


The set U is open in R™. By assumption the inverse image 
f (U) {z E R” : f(z) € Uy 
{x € R” : | f(x) — Fla)| < e) 


is open in R”. Since a € f—!(U), there is some real number 6 > 0 such 
that the set 


[x : lx —al < 6} 


4.2. THE STANDARD TOPOLOGY ON RN 69 


is contained in f”*(U), by the definition of open set in R”. But then if 
|z — a| < ô, we have f(x) € U, or in other words, 


|f(x) — f(a)| < e, 


which is what we wanted to show. Hence the inverse image version of 
continuity implies the limit version. 
Now assume that 


lim f(2) = f(a) 


Let U be any open set in R™. We need to show that the inverse f—1(U) is 
open in R”. 

If f—'(U) is empty, we are done, since the empty set is always open. 
Now assume f~!(U) is not empty. Let a € f~!(U). Then f(a) € U. Since 
U is open, there is a real number e > 0 such that the set 


{y ER” : ly — f(a)| < €} 


is contained in the set U. Since lim. f(z) = f(a), by the definition of 
limit, given this e > 0, there must be some 6 > 0 such that if |z — a] < ô, 
then 

f(x) — f(a)| < e. 
Therefore if lx — a| < ô, then f(x) € U. Thus the set 


fx: |x—al < â} 


is contained in the set f—!(U), which means that f~'(U) is indeed an open 
set. Thus the two definitions of continuity agree. O 

In the last section, a compact set was defined to be a set A on which 
every open cover Y = {Ux} of A has a finite subcover. For the standard 
topology on R”, compactness is equivalent to the more intuitive idea that 
the set is compact if it is both closed and bounded. This equivalence is the 
goal of the Heine-Borel Theorem: 


Theorem 4.2.1 (Heine-Borel) A subset A of R” is compact if and only 
if it is closed and bounded. 


We will first give a definition for boundedness, look at some examples and 
then sketch a proof of a special case of the theorem. 


Definition 4.2.2 A subset A is bounded in R” if there is some fixed real 
number r such that for all x € A, 


la] <r 


(i.e., A is contained in a ball of radius r). 
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For our first example, consider the open interval (0,1) in R, which is cer- 
tainly bounded, but is not closed. We want to show that this interval is 


also not compact. Let 
Ga 
n n 


1 1 
E T ER 
(2: <r =} 


Un 


be a collection of open sets. 


Us 
Roe eee ae | 
mf 
p 11 2 3 
A 3 3 4 
ASA 
ua 


This collection will be an open cover of the interval, since every point 
in (0, 1) is in some Uy. (In fact, once a given point is in a set U,,, it will be 
in every future set U,+x.) But note that no finite subcollection will cover 
the entire interval (0, 1). Thus (0,1) cannot be compact. 

The next example will be of a closed but not bounded interval. Again an 
explicit open cover will be given for which there is no finite subcover. The 
interval [0, 00) = {x : 0 < x} is closed but is most definitely not bounded. 
It also is not compact as can be seen with the following open cover: 


U,=(-1,n) =l12-1<w<n) 


The collection {U,}°,, will cover [0, co), but can contain no finite sub- 
cover. 


The proof of the Heine-Borel theorem revolves around reducing the 
whole argument to the special case of showing that a closed bounded inter- 
val-on the real line is compact. (On how to reduce to this lemma, see the 
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rigorous proof in Spivak [103], which is where we got the following argu- 
ment.) This is the technical heart of the proof. The key idea actually pops 
up in a number of different contexts, which is why we give it here. 


Lemma 4.2.1 On the real line R., a closed interval [a,b] is compact. 


Proof: Let © be an open cover of [a, b]. We need to find a finite subcover. 
Define a new set 


Y = {z € [a,b] : there is a finite subcover in Y of the interval [a, z]}. 


Our goal is to show that our interval’s endpoint b is in this new set Y. 

We will first show that Y is not empty, by showing that the initial point 
a isin Y. If z = a, then we are interested in the trivial interval [a, a] = a, 
a single point. Since 2 is an open cover, there is an open set V € X with 
[a,a] € V. Thus for the admittedly silly interval [a, a] there is a finite 
subcover, and thus a is in the set Y, meaning that, at the least, Y is not 
empty. 

Set a to be the least upper bound of Y. This means that there are 
elements in Y arbitrarily close to a but that no element of Y is greater than 
a. (Though to show the existence of such a least upper bound involves the 
subtle and important property of completeness of the real number line, it is 
certainly quite reasonable intuitively that such an upper bound must exist 
for any bounded set of reals.) We first show that the point a is itself in the 
set Y and, second, that a is in fact the endpoint b, which will allow us to 
conclude that the interval is indeed compact. 

Since a € [a,b] and since © is an open cover, there is an open set U in 
£ with a € U. Since U is open in la, b}, there is a positive number e with 


lx :|lr=-al<e) CU. 


Since a is the least upper bound of Y, there must be an z € Y that is 
arbitrarily close to but less than a. Thus we can find an z € Y NU with 


A=X< E, 
Since x € Y, there is a finite subcover U;,,...,Uny of the interval [a, x]. 
Then the finite collection U;,..., Uy, U will cover la, a]. But this means, 


since each open set U;, and U are in Y, that the interval [a, a] has a finite 
subcover and hence that the least upper bound a is in Y. 

Now assume a < 6. We want to come up with a contradiction. We 
know that « is in the set Y. Hence there is a finite subcover U;,,...,U,, of 
the collection © which will cover the interval [a,a]. Choose the open sets 
so that the point « is in the open set Un. Since Un is open, there is an 
e > 0 with 

lx: |z=-a|<ej C Un. 
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Since the endpoint b is strictly greater than the point a, we can actually 
find a point æ that both is in the open set U, and satisfies 


a<x<ob. 


But then the finite subcover U;,...,U,, will cover not only the interval 
[a,a] but also the larger interval ja, x], forcing the point x to be in the set 
Y. This is impossible, since a is the largest possible element in Y. Since 
the only assumption that we made was that a < b, we must have a = b, as 
desired. U 

There is yet another useful formulation for compactness in R”. 


Theorem 4.2.2 A subset A in R” is compact if every infinite sequence 
(tn) of points in A has a subsequence converging to a point in A. Thus, 
if (£n) is a collection of points in A, there must be a point p € A and a 
subsequence Tn, with limg4o Un, = P. 


The proof is one of the exercises at the end of the chapter. 
Compactness is also critical for the following: 


Theorem 4.2.3 Let X be a compact topological space and let f: X > R 
be a continuous function. Then there is a point p € X where f has a 
maximum. 


We give a general idea of the proof, with the details saved for the exer- 
cises. First, we need to show that the continuous image of a compact set is 
compact. Then f(X) will be compact in R and hence must be closed and 
bounded. Thus there will be a least upper bound in f(X), whose inverse 
image will contain the desired point p. A similar argument can be used to 
show that any continuous function f(z) on a compact set must also have a 
minimum. 


4.3 Metric Spaces 


The natural notion of distance on the set R” is the key to the existence 
of the standard topology. Luckily on many other sets similar notions of 
distance (called metrics) exist; any set that has a metric automatically has 
a topology. 
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Definition 4.3.1 A metric on a set X is a function 
p:X XX >R 


such that for all points x,y,z € X we have: 
1. p(x, y) > 0 and p(z, y) = 0 if and only if x =y. 


2. p(z,y) = ply, 2). 
3. (Triangle Inequality) 


p(x,z) < plz, y) + ply, z). 
The set X with its metric p is called a metric space and is denoted by (X, p). 


Fix a metric space (X, p). 


Definition 4.3.2 A set U in X is open if for all points a € U, there is 
some real number e > 0 such that 


[x : |x — al < ej 
is contained in U. 


Proposition 4.3.1 The above definition for open set will define a Haus- 
dorff topological space on the metric space (X, p). 


The proof is similar to the corresponding proof for the standard topology 
on R”, In fact, most of the topological facts about R” can be quite eas- 
ily translated into corresponding topological facts about any metric space. 
Unfortunately, as will be seen in section five, not all natural topological 
spaces come from a metric. 

An example of a metric that is not just the standard one on R” is given 
in Chapter Thirteen, when a metric and its associated topology is used to 
define Hilbert spaces. 


4.4 Bases for Topologies 


Warning: This section uses the notion of countability. A set is countable 
if there is a one-to-one onto mapping from the set to the natural num- 
bers. More on this is in Chapter Ten. Note that the rational numbers are 
countable while the real numbers are uncountable. 

In linear algebra, the word basis means a list of vectors in a vector space 
that generates uniquely the entire vector space. In a topology, a basis will be 
a collection of open sets that generate the entire topology. More precisely: 


Oxidizing Flame 

o It is burnt in excess amount of oxygen with 1.15-1.5 
times of acetylene. 

e It has highest temp amongst all flame at inner 
cone of 3300° C - 3500" C. 

e It produces roaring sound with less smoke. 

e Material-Copper ,Brass , Zinc. 


e The oxidizing flame creates undesirable oxides to 
the structural and mechanical detriment of most 
metals. 
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Definition 4.4.1 Let X be a topological space. A collection of open sets 
forms a basis for the topology if every open set in X is the (possibly infinite) 
union of sets from the collection. 


For example, let (X, p) be a metric space. For each positive integer k 
and for each point p € X, set 


U(p,k) =10 € X : (2,7) < $}. 


We can show that the collection of all possible U(p, k) forms a basis for the 
topology of the metric space. 

In practice, having a basis will allow us to reduce many topological 
calculations to calculating on sets in the basis. This will be more tractable 
if we can somehow limit the number of elements in a basis. ‘This leads to 


Definition 4.4.2 A topological space is second countable if it has a basis 
with a countable number of elements. 


For example, R”, with the usual topology, is second countable. A count- 
able basis can be constructed as follows. For each positive integer k and 
each p € Q” (which means that each coordinate of the point p is a rational 
number), define 


U(p,k) = {2 ER” : la —p| <>, 


There are a countable number of such sets U (p, k) and they can be shown 
to form a basis. 

Most reasonable topological spaces are second countable. Here is an 
example of a metric space that is not second countable. It should and 
does have the feel of being a pathology. Let X be any uncountable set 
(you can, for example, let X be the real numbers). Define a metric on 
X by setting p(x,y) = 1 if x # y and p(z,xz) = 0. It can be shown 
that this p defines a metric on X and thus defines a topology on X. This 
topology is weird, though. Each point x is itself an open set, since the 
open set {y € X : p(z,y) < 1/2} = x. By using the fact that there are an 
uncountable number of points in X, we can show that this metric space is 
not second countable. 

Of course, if we use the term “second countable”, there must be a mean- 
ing to “first countable”. A topological set is first countable if every point 
x E X has a countable neighborhood basis. For this to make sense, we 
need to know what a neighborhood basis is. A collection of open sets in X 
forms a neighborhood basis of some x € X if every open set containing x has 
in it an open set from the collection and if each open set in the collection 
contains the point x. We are just mentioning this definition for the sake of 
completeness. While we will later need the notion of second countable, we 
will not need in this book the idea of first countable. 
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4.5 Zariski Topology of Commutative Rings 


Warning: This section requires a basic knowledge of commutative ring 
theory. 

Though historically topology arose in the study of continuous functions 
on R”, a major reason why all mathematicians can speak the language of 
open, closed and compact sets is because there exists natural topologies 
on many diverse mathematical structures. This section looks at just one of 
these topologies. While this example (the Zariski topology for commutative 
rings) is important in algebraic geometry and algebraic number theory, 
there is no reason for the average mathematician to know it. It is given here 
simply to show how basic topological notions can be applied in a nonobvious 
way to an object besides R”. We will in fact see that the Zariski topology 
on the ring of polynomials is not Hausdorff and hence cannot come from a 
metric. 

We want to associate a topological space to any commutative ring R. 
Our topological space will be defined on the set of all prime ideals in the 
ring R, a set that will be denoted by Spec(R). Instead of first defining the 
open sets, we will start with what will be the closed sets. Let P be a prime 
ideal in R and hence a point in Spec R. Define closed sets to be 


Vp = {Q : Qis a prime ideal in R containing P}. 


Then define Spec R — Vp, where P is any prime ideal, to be an open set. 
The Zariski topology on Spec R is given by defining open sets to be the 
unions and finite intersections of all sets of the form Spec R — Vp. 

As will be seen in some of the examples, it is natural to call the points 
in Spec R corresponding to maximal ideals geometric points. 

Assume that the ring R has no zero divisors, meaning that if x - y = 0, 
then either x or y must be zero. Then the element 0 will generate a prime 
ideal, (0), contained in every other ideal. This ideal is called the generic 
¿deal and is always a bit exceptional. 

Now for some examples. For the first, let the ring R be the integers Z. 
The only prime ideals in Z are of the form 


(p) = {kp: k € Z,pa prime number} 


and the zero ideal (0). Then Spec Z is the set of all prime numbers: 


23 5 7 11 13 17 19 23 29 


and the zero ideal (0). The open sets in this topology are the complements 
of a finite number of these ideals. 
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For our second example, let the ring R be the field of complex numbers 
C. The only two prime ideals are the zero ideal (0) and the whole field 
itself. Thus in some sense the space C is a single point. 

A more interesting example occurs by setting R = Clzxj, the ring of 
one-variable polynomials with complex coefficients. We will see that as a 
point set this space can be identified with the real plane R* (if we do not 
consider the generic ideal) but that the topology is far from the standard 
topology of R*. Key is that all one-variable polynomials can be factored 
into linear factors, by the Fundamental ‘Theorem of Algebra; thus all prime 
ideals are multiples of linear polynomials. We denote the ideal of all of the 
multiples of a linear polynomial x — c as: 


(a — c) = {f(a)(a —¢) : f(a) € Cfa], € C}. 


Hence, to each complex number, c = a+bi with a,b € R, there corresponds 
a prime ideal (2 — c) and thus Spec Cl:x] is another, more ring-theoretic 
description of the complex numbers. Geometrically, Spec C[z] is 


C 


b * (x- (a+bi)) 


Note that while the zero ideal (0) is still a prime ideal in C[z], it does 
not correspond to any point in C; instead, it is lurking in the background. 
The open sets in this topology are the complements of a finite number of 
the prime ideals. But each prime ideal corresponds to a complex number. 
Since the complex numbers C can be viewed as the real plane R?, we have 
that an open set is the complement of a finite number of points in the real 
plane. While these open sets are also open in the standard topology on 
R’, they are far larger than any open disc in the plane. No little e-disc will 
be the complement of only a finite number of points and hence cannot be 
open in the Zariski topology. In fact, notice that the intersection of two of 
these Zariski open sets must intersect. This topology cannot be Hausdorff. 
since all metric spaces are Hausdorff, this means that the Zariski topology 
cannot come from some metric. 

Now let R = Clzx, y] be the ring of two-variable polynomials with com- 
plex coefficients. Besides the zero ideal (0), there are two types of prime 
ideals: the maximal ideals, each of which is generated by polynomials of 
the form x — c and y — d, where c and d are any two complex numbers 
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and nonmaximal prime ideals, each of which is generated by an irreducible 
polynomial f(z, y). 

Note that the maximal ideals correspond to points in the complex plane 
C x C, thus justifying the term ‘geometric point’. 


C 


Na 


Since each copy of the complex numbers C is a real plane R?, C x C 
is R?xR? = R^. In the Zariski topology, open sets are the complements 
of the zero loci of polynomials. For example, if f(x,y) is an irreducible 
polynomial, then the set 


U = {(z,y) € C° : f(x,y) # 0} 


is open. While Zariski sets will still be open in the standard topology on 
R*, the converse is most spectacularly false. Similar to the Zariski topology 
on C[z], no e-ball will be open in the Zariski topology on C[z, y]. In fact, if 
U and V are two Zariski open sets that are non-empty, they must intersect. 
Thus this is also a non-Hausdorff space and hence cannot come from a 
metric space. 


4.6 Books 


Point set topology’s days of glory were the early twentieth century, a time 
when some of the world’s best mathematicians were concerned with the 
correct definitions for continuity, dimension and for a topological space. 
Most of these issues have long been settled. Today, point set topology is 
overwhelmingly a tool that all mathematicians need to know. 

At the undergraduate level, it is not uncommon for a math department 
to use their point set topology class as a place to introduce students to 
proofs. Under the influence of E. H. Moore (of the University of Chicago) 
and of his student R.L. Moore (of the University of Texas, who advised an 
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amazing number of Ph.D. students), many schools have taught topology 
under the Moore method. Using this approach, on the first day of class 
students are given a list of the definitions and theorems. On the second 
day people are asked who has proven Theorem One. If someone thinks they 
have a proof, they go to the board to present it to the class. Those who 
still want to think of a proof on their own leave the class for that part of 
the lecture. This is a powerful way to introduce students to proofs. On the 
other hand, not much material can be covered. At present, most people 
who teach using the Moore method modify it in various ways. 

Of course, this approach comes close to being absurd for people who are 
already mathematically mature and just need to be able to use the results. 
The texts of the fifties and sixties were by Kelley [72] and Dugundji [30]. 
Overwhelmingly the most popular current book is Munkres’ Topology: A 
First Course [88]. 

My own bias (a bias not shared by most) is that all the point set topology 
that most people need can be found in, for example, the chapter in Royden’s 
Real Analysis [95] on topology. 


4.7 Exercises 


1. The goal of this problem is to show that a topology on a set X can also 
be defined in terms of a collection of closed sets, as opposed to a collection 
of open sets. Let X be a set of points and let C = {Ca} be a collection of 
subsets of X. Suppose that 


e Any finite union of sets in the collection C must be another set in C. 
e Any intersection of sets in C must be another set in C. 
e The empty set f and the whole space X must in the collection C. 


Call the sets in C closed and call a set U open if its complement X — U is 
closed. Show that this definition of open set will define a topology on the 
set X. 

2. Prove Proposition 4.2.1. 

3. Prove Theorem 4.2.2. 

4. Prove Theorem 4.2.3. 

5. Let V be the vector space of all functions 


F:[0,11>R 


whose derivatives, including the one-sided derivatives at the endpoints, are 
continuous functions on the interval [0, 1]. Define 


flo = sup |£(x)! 
xE[0,1] 


4.7. EXERCISES 79 


for any function f € V. For each f € V and each e > 0, define 
Us(e) = {9 € V : |F -glo < ej. 


a. Show that the set of all U;(e) is a basis for a topology on the set V. 
b. Show that there can be no number M such that for all f € V, 


d 
¡loo < MI feo 


In the language of functional analysis, this means that the derivative, 
viewed as a linear map, is not bounded on the space V. One of the main 
places where serious issues involving point set topology occur is in func- 
tional analysis, which is the study of vector spaces of various types of func- 
tions. The study of such space is important in trying to solve differential 
equations. 


Chapter 5 


Classical Stokes? 
Theorems 


Basic Objects: Manifolds and boundaries 
Basic Maps: Vector-valued functions on manifolds 
Basic Goal: Function’s average over a boundary 

= Derivative’s average over interior 


Stokes’ Theorem, in all of its many manifestations, comes down to equating 
the average of a function on the boundary of some geometric object with 
the average of its derivative (in a suitable sense) on the interior of the 
object. Of course, a correct statement about averages must be put into the 
language of integrals. This theorem provides a deep link between topology 
(the part about boundaries) and analysis (integrals and derivatives). It 
is also critical for much of physics, as can be seen in both its historical 
development and in the fact that for most people their first introduction to 
Stokes’ Theorem is in a course on electricity and magnetism. 

The goal of Chapter Six is to prove Stokes’ Theorem for abstract man- 
ifolds (which are, in some sense, the abstract method for dealing with ge- 
ometric objects). As will be seen, to even state this theorem takes serious 
work in building up the necessary machinery. This chapter looks at some 
special cases of Stokes’ Theorem, special cases that were known long be- 
fore people realized that there is this one general underlying theorem. For 
example, we will see that the Fundamental Theorem of Calculus is a spe- 
cial case of Stokes’ Theorem (though to prove Stokes’ Theorem, you use 
the Fundamental Theorem of Calculus; thus logically Stokes’ Theorem does 
not imply the Fundamental Theorem of Calculus). It was in the 1800s that 
most of these special cases of Stokes’ Theorem were discovered, though, 
again, people did not know that each of these were special cases of one 
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general result. These special cases are important and useful enough that 
they are now standard topics in most multivariable calculus courses and 
introductory classes in electricity and magnetism. They are Green’s Theo- 
rem, the Divergence Theorem and Stokes’ Theorem. (This Stokes’ theorem 
is, though, a special case of the Stokes’ Theorem of the next chapter.) This 
chapter develops the needed mathematics for these special cases. We will 
state and sketch proofs for the Divergence Theorem and Stokes’ Theorem. 
Physical intuitions will be stressed. 

There is a great deal of overlap between the next chapter and this one. 
Mathematicians need to know both the concrete special cases of Stokes’ 
Theorem and the abstract version of Chapter Six. 


5.1 Preliminaries about Vector Calculus 


This is a long section setting up the basic definitions of vector calculus. We 
need to define vector fields, manifolds, path and surface integrals, diver- 
gence and curl. All of these notions are essential. Only then can we state 
the Divergence Theorem and Stokes’ Theorem, which are the goals of this 
chapter. 


5.1.1 Vector Fields 


Definition 5.1.1 A vector field on R” is a vector-valued function 


F:R”>R”. 
Ifx1,...,2n are coordinates for R”, then the vector field F will be described 
by m real-valued functions fy: R” > R as follows: 
fi(ai,. cs Dn) 
¡E te) = 
fm(T1,..., En) 


A vector field is continuous if each real-valued function fg is continuous, 
differentiable if each real-valued fp is differentiable, etc. 

Intuitively, a vector field assigns to each point of R” a vector. Any 
number of physical phenomenon can be captured in terms of vector fields. 
In fact, they are the natural language of fluid flow, electric fields, magnetic 
fields, gravitational fields, heat flow, traffic flow and much more. 

For example, let F : R? > R° be given by 


F(z, y) = (3,1). 


5.1. PRELIMINARIES ABOUT VECTOR CALCULUS 83 


Here f,(x,y) = 3 and fo(z,y) = 1. On R? this vector field can be pictured 
by drawing in a few sample vectors. 


weer 


wee 
Ve at 


\ 


A physical example of this vector field would be wind blowing in the direc- 
tion (3,1) with velocity 


length(3, 1) = V9+1 = v10. 


Now consider the vector field F(x,y) = (x,y). Then in pictures we have: 


This could represent water flowing out from the origin (0, 0). 


For our final example, let F(z, y) = (—y,1). In pictures we have: 


e A slightly oxidizing flame is used in braze-welding 
and bronze-surfacing while a more strongly 
oxidizing flame is used in fusion welding certain 
brasses and bronzes. 


Inner White Cone [33500 - 34500” 1 


Outer Blue Cone (3300-3500 ] 


E ng 


T 
“Sh. 
. 
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which might be some type of whirlpool. 


5.1.2 Manifolds and Boundaries 


Curves and surfaces appear all about us. Both are examples of manifolds, 
which are basically just certain naturally occurring geometric objects. The 
intuitive idea of a manifold is that, for a k-dimensional manifold, each point 
is in a neighborhood that looks like a ball in R*. In the next chapter we 
give three different ways for defining a manifold. In this chapter, we will 
define manifolds via parametrizations. The following definition is making 
rigorous the idea that locally, near any point, a k-dimensional manifold 
looks like a ball in R*. 


Definition 5.1.2 A differentiable manifold M of dimension k in R” is a 
set of points in R” such that for any point p € M, there is a small open 
neighborhood U of p, a vector-valued differentiable function F : R* > R” 
and an open set V in R* with 

a) F(V)=UNM 

b) The Jacobian of F has rank k at every point in V, where the Jacobian 
of F is then x k matriz 


of, of, 
O21 ae OL» 
Oxi >t OLR 
with 21,...,2,% a coordinate system for RX. The function F is called the 


(local) parametrization of the manifold. 


Recall that the rank of a matrix is k if the matrix has an invertible k x k 
minor. (A minor is a submatrix of a matrix.) 
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A circle is a one-dimensional manifold, with a parametrization 
F:R' >R? 


given by 
F(t) = (cos(t), sin(t)). 


yf (cos(t),sin(t)) 


Geometrically the parameter ¢ is the angle with the x-axis. Note that the 
Jacobian of F is (54°). Since sine and cosine cannot simultaneously be 
zero, the Jacobian has rank 1. 


A cone in three-space can be parametrized by 


F (u,v) = (u,v, Vu? + v2). 


(u,v) —» (u,v, V u2+v2 ) 


Pag > 


X 


This will be a two dimensional manifold (a surface) except at the vertex 
(0,0,0), for at this point the Jacobian fails to be well-defined, much less 
having rank two. Note that this agrees with the picture, where certainly 
the origin looks quite different than the other points. 

Again, other definitions are given in Chapter Six. 

Now to discuss what is the boundary of a manifold. This is needed 
since Stokes’ Theorem and its many manifestations state that the average 
of a function on the boundary of a manifold will equal the average of its 
derivative on the interior. 

Let M be a k-dimensional manifold in R”. 
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Definition 5.1.3 The closure of M, denoted M, is the set of all points x 
in R” such that there is a sequence of points (xn) in the manifold M with 


im Da a. 
n—>00 


The boundary of M, denoted OM, is: 
ƏM = M — M, 
Given a manifold with boundary, we call the nonboundary part the interior. 


All of this will become relatively straightforward with a few examples. 
Consider the map 


r:{-1,2] + R* 


where 


r(t) = (t,t°). 


The image under r of the open interval (—1,2) is a one-manifold (since 
the Jacobian is the 2 x 1 matrix (1,2t), which always has rank one). The 
boundary consists of the two points r(—1) = (—1,1) and r(2) = (2,4). 

Our next example is a two-manifold having a boundary consisting of a 
circle. Let 


r: {(z,y) € R? : £? +y? < 1} > R? 


be defined by 


The image of r is a bowl in space sitting over the unit disc in the plane: 
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Now the image under r of the open disc {(a,y) € R? : a? + y? < 1) isa 
two-manifold (since the Jacobian is 


1 0 2z 
(o 1 <4 i 
which has rank two at all points). The boundary is the image of the bound- 
ary of the disc and hence the image of the circle {(z,y) € R? : z? +y? = 1}. 
In this case, as can be seen by the picture, the boundary is itself a circle 
living on the plane z = 1 in space. 

Another example is the unit circle in the plane. We saw that this is a 
one-manifold. There are no boundary points, though. On the other hand, 
the unit circle is itself the boundary of a two-manifold, namely the unit 
disc in the plane. In a similar fashion, the unit sphere in R® is a two- 
manifold, with no boundary, that is itself the boundary of the unit ball, a 
three-manifold. (It is not chance that in these two cases that the boundary 
of the boundary is the empty set.) 

We will frequently call a manifold with boundary simply a manifold. 
We will also usually be making the assumption that the boundary of an 
n-dimensional manifold will either be empty (in which case the manifold 
has no boundary) or is itself an (n — 1)-dimensional manifold. 


5.1.3 Path Integrals 


Now that we have a sharp definition for manifolds, we want to do calculus 
on them. We start with integrating vector fields along curves. This process 
is called a path integral or sometimes, misleadingly, a line integral. 

A curve or path C in R” is defined to be a one-manifold with boundary. 
Thus all curves are defined by maps F': [a,b] > R”, given by 
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falt) 
F(t) = 


fn(t) 


These maps are frequently written as 


L1 (t) 


Zn(t) 
We will require each component function fi : R — R to be differentiable. 


Definition 5.1.4 Let f(x,,...,tn) be a real-valued function defined on 
R”. The path integral of the function f along the curve C is 


[fas = | £ts..... ondas 


p Ti In 
J taD (YE Sra nt (En a) a 


ll 


Note that 


b 
/ f(ar(t),..-,¢n(6)) ( (Shy 4 + (Sy) as 


while looking quite messy, is an integral of the single variable t. 


Theorem 5.1.1 Let a curve C in R” be described by two different parametriza- 
tions 


F : [a,b] > R” 
and 
G: [c,d] = R”, 
zı (t) yı(u) 
with F(t)=| : and G(u) = 
Ln (t) Yn(u) 


The path integral Ja f ds is independent of parametrization chosen, i.e., 


b 
Pra a GA + (Say dt 


— 
— 


d 
[PFs syn) Pe + + Py du. 
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While we will do an example in a moment, the proof uses critically and is 
an exercise in the chain rule. In fact, the path integral was defined with 
the awkward term 


dz; dtn 


Ca T at 
precisely in order to make the path integral independent of parametrization. 
This is why IN f(xı(t),-.-, Zn(t)) dt is an incorrect definition for the path 
integral. 

The symbol “ds” represents the infinitesimal arc length on the curve 
C in R”. In pictures, for R*, consider the following. 


As == y (AX /)2+(A x2)2 


With As denoting the change in position along the curve C, we have by 
the Pythagorean Theorem 


As Z (Ax)? -+ (Aa)? 
ATi.» Ax2,, 
= At. 
( Ae? + Re i 
Then in the limit as At > 0, we have, at least formally, 


ds = ( (Ey + (y Jas 


Thus the correct implementation of the Pythagorean Theorem will also 
force on us the term ds = \/ ($) + + ($$)? dt in the definition of 
the path integral. 

Now for an example, in order to check our working knowledge of the 
definitions and also to see how the ds term is needed to make path integrals 
independent of parametrizations. Consider the straight line segment in the 
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plane from (0,0) to (1,2). We will parametrize this line segment in two 
different ways, and then compute the path integral of the function 


f(z, y) = x° + 3y 


using each of the parametrizations. 
First, define 


F : [0,1] > R? 


by 
F(t) = (t, 2t). 


Thus we have x(t) = t and y(t) = 2t. Denote this line segment by C. 


Then 
NO [dz dy 
i (a(t) + 3y(t)) ar T Ca di 


= fe + 6t)V5 dt 


J f(a,y)ds 


t3 
= VS lo + 32? (9) 


= e + 3) 
10 


3 V0: 


Now parametrize the segment C by: 
G : [0,2] > C 


where 
G(t) = (5,4), 
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Here we have x(t) = + and y(t) = t. Then 


a | d d 
[reves = feo? + sun (Go? a 
A A t dt 
2 42 
t /1 
= A aa q+idt 
a ie .. Ob a 
= DST o + =37 lo) 
v5,8 
= 3 +0 
10 
ES 
as desired. 


5.1.4 Surface Integrals 


Now to integrate along surfaces. A surface in R* is a two-manifold with 
boundary. For the sake of simplicity, we will restrict our attention to those 
surfaces which.are the image of a map 


r:D>R?, 


given by 

r(u,v) = (z(u, v), y(u, v), z(u, v)), 
where x,y,z are coordinates for R° and u,v are coordinates for R?. Here 
D is a domain in the plane, which means that there is an open set U in R? 
whose closure is D. (If you think of U as an open disc and D as a closed 
disc, you usually will not go wrong.) 


Definition 5.1.5 Let f(x,y,z) be a function on RÌ. Then the integral of 
f(x,y,z) along the surface S is 


| [tenes = | f Hetou) zu): 


Here (2 x or | denotes the length of the cross product (which in a moment 
we will show to be the length of a certain normal vector) of the vectors oe 
and 2r and is hence the determinant of 


ðr ðr 
Ou 


Ay dudv. 


i j k 
a x = Ox/Ou Oy/Ou 0z/0u |. 
A ðz/ðv Oy/Ov Az/dv 
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Thus the infinitesimal area dS is: 
Or Or 
length of (— x —)dudv = 
ength o (aX ay) udu 


dudv. 


(uta ¡E E S ay (cody eeu 
Ou Ov Ou ðv’ Ov Ou ðu ðv’ ‘Ou Ov Ov Ou 


In analogy with arc length, a surface integral is independent of parametriza- 
tion: 


Theorem 5.1.2 The integral f fg f(z,y,z) dS is independent of the parametri 
tion of the surface S. 


Again, the chain rule is a critical part of the proof. 

Note that if this theorem were not true, we would define the surface 
integral (in particular the infinitesimal area) differently. 

We now show how the vector field 


Or gue 


Ou * Ov 


is actually a normal to the surface. With the map r : R? > R? given by 
r(u,v) = (z(u,v), y(u, v), z(u, v)), recall that the Jacobian of r is 


Ox/Ou Ox/Ov 
Oy/Ou Oy/Ov |. 
Oz/Ou Oz/dv 


But as we saw in Chapter Three, the Jacobian maps tangent vectors to 
tangent vectors. Thus the two vectors 


de by 02, 
Ou’ du’ Ou 


and 


dz dy d2 

Ov’ Ov’ Ov 
are both tangent vectors to the surface S. Hence their cross product must 
be a normal (perpendicular) vector n. Thus we can interpret the surface 


integral as 
J [tas=] ftm dua 
S 


with dS =(length of the normal vector gr x gr) dudv. 
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5.1.5 The Gradient 


The gradient of a function can be viewed as a method for differentiating 
functions. 


Definition 5.1.6 The gradient of a real-valued function f(x1,...,2n) is 


_(of of 
Vi = a 


Thus 
Y : (Functions) > (Vector fields). 


For example, if f(x,y,z) = x? + 2xy + 3x2, we have 
V(f) = (8a? + 2y + 3z, 22, 32). 


It can be shown that if at all points on M = (f(21,...,Tn) = 0) where 
Vi #0, the gradient Yf is a normal vector to M. 


5.1.6 The Divergence 


The divergence of a vector field can be viewed as a reasonable way to 
differentiate a vector field. (In the next section we will see that the curl of 
a vector field is another way.) Let F(x,y,z) : R? + R® be a vector field 
given by three functions as follows: 


F (x, y, 2) = (filz, y, z), folz, y, z), fal[x, y, z)). 
Definition 5.1.7 The divergence of F(z, y, z) is 


Oh, Ofs , ls 


div(F) = On T 


Thus 
div : (Vector fields) + (Functions). 


The Divergence Theorem will tell us that the divergence measures how 
much the vector field is spreading out at a point. 
For example, let F(z, y,z) = (x,y?,0). Then 


2 
div(F) = cz p W + 20 =1+ 2y. 


if you sketch out this vector field, you do indeed see that the larger the y 
value, the more spread out the vector field becomes. 


nn 
Neutral Flame 


o It is the most generally used flame for cutting or 
welding. 


A 


e It is burnt with equal amount of oxygen and 
acetylene. 


e It has flame temp of 3100" C at inner core. 

e It produces hissing sound with medium smoke. 

ə Material-M.S, C.I, Low carbon Steel, Medium 
carbon steel. 
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5.1.7 The Curl 


The curl of a vector field is another way in which we can extend the idea of 
differentiation to vector fields. Stokes’ Theorem will show us that the curl 
of a vector field measures how much the vector field is twirling or whirling 
or curling about. The actual definition is: 


Definition 5.1.8 The curl of a vector field F(z, y, z) is 


i j k 
cur(F) = det | & $ 2 
h k h 

Əfs Of2 _,Ofs Ofi, Of2  Ofi 


Saa a Oa ay) 
Note that 
curl : (Vector fields) — (Vector fields). 


Now to look at an example and see that the curl is indeed measuring 
some sort of twirling. Earlier we saw that the vector field F(z,y,z) = 
(—y, z,0) looks like a whirlpool. Its curl is: 


i j k 
cul(F)=dt| £ % ¢ 
—y xv 0 

= (0, 0, 2), 


which reflects that the whirlpool action is in the ry-plane, perpendicular 
to the z-axis. 

We will see in the statement of Stokes’ Theorem that intuitively the 
length of the curl(F) indeed measures how much the vector field is twirling 
about while the vector curl(F) points in the direction normal to the twirling. 


5.1.8 Orientability 


We also require our manifolds to be orientable. For a surface, orientability 
means that we can choose a normal vector field on the surface that varies 
continuously and never vanishes. For a curve, orientability means that we 
can choose a unit tangent vector, at each point, that varies continuously. 

The standard example of a nonorientable surface is the Móbius strip, 
obtained by putting a half twist in a strip of paper and then attaching the 
ends. 
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For an orientable manifold, there are always two choices of orientation, de- 
pending on which direction is chosen for the normal or the tangent. Further 
an oriented surface S with boundary curve OS will induce an orientation 
on OS, as will a 3-dimensional region induce an orientation on its bound- 
ary surface. If you happen to choose the wrong induced orientation for a 
boundary, the various versions of Stokes’ Theorems will be off merely by a 
factor of (—1). Do not panic if you found the last few paragraphs vague. 
They were, deliberately so. To actually rigorously define orientation takes 
a little work. In first approaching the subject, it is best to concentrate on 
the basic examples and only then worry about the correct sign coming from 
the induced orientations. Rigorous definitions for orientability are given in 
the next chapter. 


5.2 The Divergence Theorem and Stokes’ 
Theorem 


(For technical convenience, we will assume for the rest of this chapter that 
all functions, including those that make up vector fields, have as many 
derivatives as needed.) 

The whole goal of this chapter is to emphasize that there must always be 
a deep link between the values of a function on the boundary of a manifold 
with the values of its derivative (suitably defined) on the interior of the 
manifold. This link is already present in 


Theorem 5.2.1 (The Fundamental Theorem of Calculus) Let 
f:la, b] >R 
be a a real-valued differentiable function on the interval [a,b]. Then 


b 
ETE J ag, 


Here the derivative of is integrated over the interval 


[a,b ={xeER:a<2z< bd}, 
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which has as its boundary the points (a) and (b). The orientation on the 
boundary will be b and —a, or 


Ola,b] =b-— a. 


Then the Fundamental Theorem of Calculus can be interpreted as stating 
that the value of f(x) on the boundary is equal to the average (the integral) 
of the derivative over the interior. 

One possible approach to generalizing the Fundamental Theorem is to 
replace the one-dimensional interval [a,b] with something higher dimen- 
sional and replace the one variable function f with either a function of 
more than one variable or (less obviously) by a vector field. The correct 
generalizations will of course be determined by what can be proven. 

In the divergence theorem, the interval becomes a three-dimensional 
manifold, whose boundary is a surface, and the function f becomes a vector 
field. The derivative of f will here be the divergence. More precisely: 


Theorem 5.2.2 (The Divergence Theorem) In R?, let M be a three- 
dimensional manifold with boundary OM a compact manifold of dimension 
two. Let F(x,y,z) denote a vector field on RÌ and let n(z,y,z) denote a 
unit normal vector field to the boundary surface OM. Then 


f| rouas=f ff (ivr dxdydz. 


We will sketch a proof in section 5.5. 

On the left hand side we have an integral of the vector field F over 
the boundary. On the right hand side we have an integral of the function 
div(F) (which involves derivatives of the vector field) over the interior. 

In Stokes’ Theorem, the interval becomes a surface, so that the bound- 
ary is a curve, and the function again becomes a vector field. The role of 
the derivative though will now be played by the curl of the vector field. 


Theorem 5.2.3 (Stokes? Theorem) Let M be a surface in R? with com- 
pact boundary curve OM. Let n(x,y,z) be the unit normal vector field to 
M and let T(z,y,z) denote the induced unit tangent vector to the curve 
OM. If F(x,y,z) is any vector field, then 


/ pra = | | curl(F) - n dí. 
OM M 


As with the Divergence Theorem, a sketch of the proof will be given later 
in this chapter. 

Again, on the left hand side we have an integral involving a vector field 
F on the boundary while on the right hand side we have an integral on the 
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interior involving the curl of F (which is in terms of the various derivatives 
of F). 

Although both the Divergence Theorem and Stokes’ Theorem were 
proven independently, their similarity is more than a mere analogy; both 
are special cases, as is the Fundamental Theorem of Calculus, of one very 
general theorem, which is the goal of the next chapter. The proofs of each 
are also quite similar. There are in fact two basic methods for proving these 
types of theorems. The first is to reduce to the Fundamental Theorem of 
Calculus, f(b) — f(a) = f : de, This method will be illustrated in our 
sketch of the Divergence Theorem. 

The second method involves two steps. Step one is to show that given 
two regions R, and Rə that share a common boundary, we have 


f function + / function = / function. 
OR, ORe2 O(R1UR2) 


Step two is to show that the theorem is true on infinitesimally small regions. 
To prove the actual theorem by this approach, simply divide the original 
region into infinitely many infinitesimally small regions, apply step two and 
then step one. We take this approach in our sketch of Stokes’ Theorem. 
Again, all of these theorems are really the same. In fact, to most mathe- 
maticians, these theorems usually go by the single name “Stokes” Theorem”. 


5.3 A Physical Interpretation of the Diver- 
gence Theorem 


The goal of this section is to give a physical meaning to the Divergence 
Theorem, which was, in part, historically how the theorem was discovered. 
We will see that the Divergence Theorem states that the flux of a vector 
field through a surface is precisely equal to the sum of the divergences of 
each point of the interior. Of course, we need to give some definitions to 
these terms. 


Definition 5.3.1 Let S be a surface in R with unit normal vector field 
n(x,y,z). Then the flux of a vector field F(x, y, z) through the surface S is 


| |E nas. 


Intuitively we want the flux to measure how much of the vector field F 
pushes through the surface S. 

Imagine a stream of water flowing along. The tangent vector of the 
direction of the water at each point defines a vector field F(z, y, z). Suppose 
the vector field F is: 
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A A E eee 
A o as ad 
_—_ —— y — 


ee ee eee 


Place into the stream an infinitely thin sheet of rubber, let us say. We want 
the flux to measure how hard it is to hold this sheet in place against the 
flow of the water. Here are three possibilities: 


— —|—» — — > —— —»> — — —— —> 

— — | —> —» — — — > ——  —> 

— —B|—> — —— — —» — — —— —» 

— lio» —» —= — eS‘ —» — , — — 
A B C 


In case A, the water is hitting the rubber sheet head on, making it quite 
difficult to hold in place. In case C, no effort is needed to hold the sheet 
still, as the water just flows on by. The effort needed to keep the sheet 
still in case B is seen to be roughly halfway between effort needed in cases 
A and C. The key to somehow quantifying these differences of flux is to 
measure the angle between the vector field F of the stream and the normal 
vector field n to the membrane. Clearly, the dot product F -n works. Thus 


using that flux is defined by 
/ i F - n dS, 
S 


the flux through surface A is greater than the flux through surface B which 
in turn is greater than the flux through surface C, which has flux equal to 
0. 

The Divergence Theorem states that the flux of a vector field through 
a boundary surface is exactly equal to the sum (integral) of the divergence 
of the vector field in the interior. In some sense the divergence must be an 
infinitesimal measure of the flux of a vector field. 


5.4 A Physical Interpretation of Stokes’ The- 
orem 


Here we discuss the notion of the circulation of a vector field with respect 
to a curve. We will give the definition, then discuss what it means. 


Definition 5.4.1 Let C be a smooth curve in RÌ with unit tangent vector 
field T(z,y,z). The circulation of a vector field F(z,y,z) along the curve 


C is 
| F- Tas. 
C 
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Let F be a vector field representing a flowing stream of water, such as: 


oo 
ee 
—— ee 


ee wr a 


Put a thin wire (a curve C) into this stream with a small bead attached to 
it, with the bead free to move up and down the wire. 


——Hp | —P —e eo y — 
— | —— —— Pe —_— 
a b 
— -i — — —”——Hp — 
a1 aeaa 
— -i — —_S -y — 
C d 


In case a, the water will not move the ball at all. In case b the ball will be 
pushed along the curve while in case c the water will move the ball the most 
quickly. In case d, not only will the ball not want to move along the curve 
C, effort is needed to even move the ball at all. These qualitative judgments 
are captured quantitatively in the above definition for circulation, since the 
dot product F - T measures at each point how much of the vector field F ` 
is pointing in the direction of the tangent T and hence how much of Y is 
pointing in the direction of the curve. 

In short, circulation measures how much of the vector field flows in the 
direction of the curve C. In physics, the vector field is frequently the force, 
in which case the circulation is a measurement of work. 

Thus Stokes’ Theorem is stating that the circulation of a vector field 
along a curve OM which bounds a surface M is precisely equal to the normal 
component of the vector field curl(F) in the interior. This is why the term 
‘curl’ is used, as it measures the infinitesimal tendency of a vector field to 
have circulation, or in other words, it provides an infinitesimal measure of 
the “whirlpoolness” of the vector field. 


5.5 Sketch of a Proof of the Divergence The- 
orem 


This will only be a sketch, as we will be making a number of simplifying 
assumptions. First, assume that our three-dimensional manifold M (a solid) 
is simple, meaning that any line parallel to the x—axis, y—axis or z—axis 
can only intersect M in a connected line segment or a point. Thus 
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is simple while 


is not. 
Denote the components of the vector field by 


F(z,y,2) (fi(z,y, 2), fo(x,y,z), falz, y, z)) 
(fi, fa, fa). 


On the boundary surface OM, denote the unit normal vector field by: 


II 


lI 


(nı (x, Y, Zz), na(z, Y, z), n3 (x, Y, z)) 
(nı, n2, n3). 


n(x, y, Z) 


ll 


We want to show that 
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J | wenas= f f f aioteyarayae 


In other words, we want 


If. (fini + fone + f3n3)dS = Pf] Es 2 2R) dxdydz. 


If we can show 
EE finidS [ffs oF azdyaz, 
OM 
J / 1% Of ——dadydz 


J J famas 
J J J Z E dsdydz 


J / fangdS 
aM 
we will be done. 
We will just sketch the proof of the last equation 
/ i falx,y, z)n3(a, y, z)dS = / DE ô fs “97 dedydz, 


since the other two equalities will hold for similar reasons. 

The function ng(x, y, 2) is the z-component of the normal vector field 
n(z,y,z). By the assumption that M is simple, we can split the bound- 
ary component M into three connected pieces: {OM pop, where nz > 0, 


{OM | side, where ng = 0 and {OM Joottom, Where ng < 0. 
For example, if OM is 
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then 


gg (9M) bottom 


X 


Then we can sptit the boundary surface integral into three parts: 


JJ fangds = JJ fangas + | | fangdS 
OM OMtop OMside 
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+ fangdS 

OMbottom 

= JJ finsas+ | | fangdS, 
Ə Miop OMbottom 


since ng, the normal component in the z direction, will be zero on 0M bside. 
Further, again by the assumption of simplicity, there is a region R in 
the xy-plane such that {OM ¿op is the image of a function 


(x,y) > (x,y, t(x, y)) 


Z 


and {0M hottom is the image of a function 


(x,y) > (2, y, b(z, y)). 


2 «sy, bey) 


Then 


J fangdS = TI fonsas | | fangds 
OM OMtop OMbottom 


e The welder uses the neutral flame as the starting 
point for all other flame adjustments because it is 
so easily defined. 


e The two parts of this flame are the white inner 
cone and the blue outer cone. The inner cone is 
where the acetylene and the oxygen combined. 


inner Outer 

White Blue 

Cone Cone 
(1275%C) 


Natural Flame 
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| | att dzd + 


J J f3(x, y, b(x, y))dady 


/ jee a(z, y, t(x, y) — fale, y, bz, y)))dady, 


where the minus sign in front of the last term coming from the fact that 
the normal to OMbottom points downward. But this is just 


Í I, / e E azdydz, 
b(z,y) 


by the Fundamental Theorem of Calculus. This, in turn, is equal to 


/ If. a a, andydz, 


which is what we wanted to show. 

To prove the full result, we would need to take any solid M and show 
that we can split M into simple parts and then that if the Divergence 
Theorem is true on each simple part, it is true on the original M. While 
not intuitively difficult, this is nontrivial to prove and involves some subtle 
questions of convergence. 


5.6 Sketch of a Proof for Stokes’ Theorem 


Let M be a surface with boundary curve OM. 


oM 


We break the proof of Stokes’ Theorem into two steps. First, given two 
rectangles Rı and Ra that share a common side, we want 


J F -Tds + | F-Tds = | F - Tds, 
OR, OR2 ORiURe 


where T is the unit tangent vector. 
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a f 


£ 


Second, we need to show that Stokes’ Theorem is true on infinitesimally 
small rectangles. 

The proof of the first is that for the common side £ of the two rectangles, 
the orientations are in opposite directions. This forces the value of the dot 
product (F - T) along £ as a side of the rectangle Ri to have opposite sign 
of the value of (F - T) along £ as a side of the other rectangle R2. Thus 


/ F-Tds=- | F- T ds. 
¿COR £COR» 


Since the boundary of the union of the two rectangles Rı U Ra does not 
contain the side £, we have 


/ FT ds+ | F-Tds= | F - T ds. 
OR, Rz OR¡ UR» 


Before proving that Stokes’ Theorem is true on infinitesimally small 
rectangles, assume for a moment that we already know this to be true. 
Split the surface M into (infinitely many) small rectangles. 


Then 


| 


If curl(F)-ndS = ` f | ari) -ndS 


small rectangles 


= > / F- T ds, 
a(each rectangle) 


since we are assuming that Stokes’ Theorem is true on infinitesimally small 
rectangles. But by the first step, the above sum will equal to the single 
integral over the boundary of the union of the small rectangles 


y F- T ds, 
OM 
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which gives us Stokes’ Theorem. Hence all we need to show is that Stokes’ 
Theorem is true for infinitesimally small rectangles. 

Before showing this, note that this argument is nonrigorous, as the whole 
sum is over infinitely many small rectangles, and thus subtle convergence 
questions would need to be solved. We pass over this in silence. 

Now to sketch why Stokes’ Theorem is true for infinitesimally small 
rectangles. This will also contain the justification for why the definition of 
the curl of a vector field is what it is. 

By a change of coordinates, we can assume that our small rectangle R 
lies in the xy-plane with one vertex being the origin (0, 0). 


Its unit normal vector will be n = (0,0, 1). 
If the vector field is F(z, y,z) = (fi, fe, f3), we have 


Finse Ss 
curl ( ) n = 
We want to show that: 


ah Oh 


= F.T 
( dx Oy \dady J F ds, 


where T is the unit tangent vector to the boundary rectangle OR and dz dy 
is the infinitesimal area for the rectangle R. 


Now to calculate f,, F - T ds. 
The four sides of the rectangle OR have the following parametrizations. 
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Side Parametrization Integral 
I: s(t) =(tAz,0),0<t<1 fo fitz, 0)Aadt 
IT: s(t)=(Az,1Ay);0<t <1 E fo(Az, tAy) Aydt 


TIT: s(t) = (Awv—tAg, Ay),0<t<1 i —fi (Aa — tAr, Ay) Axdt 


IV: s(t) = (0,Ay—tdy),0<t<1 Se —f2(0, Ay — tAy)Ayde 


It is always the case, for any function f(t), that 


[ tou= f ra-oa, 


by changing the variable t to 1—t. Thus the integrals for sides III and 
IV can be replaced by fo —fi(tAzx, Ay)Az dt and fó —fo(0,tAy)Ay dt. 
Then 


F.T ds 
aR 


[¥-Tas+ F.Tds+ FT ds+ f F.Tds 
I II III IV 


ll 


1 

/ (fi (ta, 0)Ax + fl(Azr,tAyAy 
0 

—fi(tAxz, Ay)Ax — fo(0,tAy)Ay)dt 


1 
J (f(Azx,tAy) — f2(0,tAy)) Aydt 


-f “(filtAa, Ay) — f,(tAe, 0) Ande 
[ f (Ar, tAy) — fo(0, tAy) Ay) — f2(0, tAy) 


A A 


as Ax, Ay + 0. But this a o a be 


h _ oh 
Ox Oy 


which converges to 


)dady 
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which is what we wanted. 

Again, letting Ax, Ay — 0 is a nonrigorous step. Also, the whole 
nonchalant way in which we changed coordinates to put our rectangle into 
the xy-plane would have to be justified in a rigorous proof. 


5.7 Books 


Most calculus books have sections near the end on the multivariable calculus 
covered in this chapter. A long time popular choice is Thomas and Finney?s 
text [36]. Another good source is Stewart’s Calculus [108]. 

Questions in physics, especially in electricity and magnetism, were the 
main historical motivation for the development of the mathematics in this 
chapter. There are physical “proofs” of the Divergence Theorem and Stokes’ 
Theorem. Good sources are in Halliday and Resnick's text in physics [51] 
and in Feynmann’s Lectures in Physics [35]. 


5.8 Exercises 


1. Extend the proof of the Divergence Theorem, given in this chapter for 
simple regions, to the region: 


# x 


2. Let D be the disc of radius r, with boundary circle 0D, given by the 


equations: 
D =((2,9,0) : 2” +y” <r}. 


For the vector field 
F(z,y,z) = (x +y + z,3x + 2y + 4z,5x — 3y + 2), 
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find the path integral f, y F - T ds, where T is the unit tangent vector of 
the circle OD. 
3. Consider the vector field 


F(z,y,2) = (2, 2y, 52). 


Find the surface integral f f,,,F -m dS, where the surface 0M is the 
boundary of the ball 
M = {(2,y,z):2° +y +27 <r} 


of radius r centered at the origin and n is the unit normal vector. 
4. Let S be the surface that is the imagé of the map 


r:R*>R° 
given by 
r(u, v) a (z(u,v), y(u, v), =(u, v)). 
Considering the image of the line v = constant, justify to yourself that 


dx dy 02 
du’ Ou’ du 

is a tangent vector to S. 

5. Green’s Theorem is: 


Theorem 5.8.1 (Green’s Theorem) Leto be a simple loop in C and Q 
its interior. If P(x,y) and Q(az,y) are two real-valued differentiable func- 


tions, then 
| Pav+Qay= a-s = dz dy. 


By putting the region 2 into the plane z = 0 and letting our vector field 
be (P(x,y), Q(z, y),0), show that Green’s Theorem follows from Stokes’ 
Theorem. 


Chapter 6 


Differential Forms and 
Stokes’ Theorem 


In the last chapter we saw various theorems, all of which related the values 
of a function on the boundary of a geometric object with the values of the 
function’s derivative on the interior. The goal of this chapter is to show 
that there is a single theorem (Stokes’ Theorem) underlying all of these 
results. Unfortunately, a lot of machinery is needed before we can even state 
this grand underlying theorem. Since we are talking about integrals and 
derivatives, we have to develop the techniques that will allow us to integrate 
on k-dimensional spaces. This will lead to differential forms, which are the 
objects on manifolds that can be integrated. The exterior derivative is the 
technique for differentiating these forms. Since integration is involved, we 
will have to talk about calculating volumes. This is done in section one. 
Section two defines differential forms. Section three links differential forms 
with the vector fields, gradients, curls and divergences from last chapter. 
Section four gives the definition of a manifold (actually, three different 
methods for defining manifolds are given). Section five concentrates on 
what it means for a manifold to be orientable. In section six, we define 
how to integrate a differential form along a manifold, allowing us finally in 
section seven to state and to sketch a proof of Stokes’ Theorem. 
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6.1 Volumes of Parallelepipeds 


In this chapter, we are ultimately interested in understanding integration 
on manifolds (which we have yet to define). This section, though, is pure 
linear algebra, but linear algebra that is crucial for the rest of the chapter. 

The problem is the following: In R”, suppose we are given k vectors 
V1,..., VÍ. These k vectors will define a parallelepiped in R”. The question 
is how to compute the volume of this parallelepiped. For example, consider 
the two vectors 


1 3 
Vv, =| 2] andva=| 2 
3 1 


The parallelepiped that these two vectors span is a parallelogram in R3. 
We want a formula to calculate the area of this parallelogram. (Note: 
the true three dimensional volume of this flat parallelogram is zero, in the 
same way that the length of a point is zero and that the area of a line is 
zero; we are here trying to measure the two-dimensional “volume” of this 
parallelogram.) 

We already know the answer in two special cases. For a single vector 


21 


an 


in R”, the parallelepiped is the single vector v. Here by “volume” we mean 
the length of this vector, which is, by the Pythagorean theorem, 


E ree 2 
a+: + as. 


The other case is when we are given n vectors in R”. Suppose the n vectors 


are 
Q11 Qin 


v] = ; preety Vn = 
an) Ann 
Here we know that the volume of the resulting parallelepiped is 
411 >t Gln 
det 
Ani **" Qnn 


following from one of the definitions of the determinant given in Chapter 
One. Our eventual formula will yield both of these results. 
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We will first give the formula and then discuss why 1t is reasonable. 
Write the k vectors v;,,...,v¿ as column vectors. Set 


A=lVisers Vb): 
a k xn matrix. We denote the transpose of A by A’, the n x k matrix 


T 
Vi 


AS 
È 
Vk 
where each v? is the writing of the vector v; as a row vector. Then 


Theorem 6.1.1 The volume of the parallelepiped spanned by the vectors 


Vi,..., VE 28 
,/det(A? A). 


Before sketching a proof, let us look at some examples. Consider the single 


vector 
ai 


Qn 


Here the matrix A is just v itself. Then 


\/det(AT A) = ,/det(v7 v) 


1 
= | : ) 


= ,/det(a? +---+ a2) 


— aî +---+a2, 


the length of the vector v. 
Now consider the case of n vectors v,,...,Vn- Then the matrix A is 
nxn. We will use that det(A) = det(AT). Then 


4/det( ATA) = 4/det( AT) det(A) 
= y det(A}? 


= |det(A)], 


Reducing Flame 


o It is burnt in less amount of oxygen with 0.85-0.95 
times of acetylene. 


o It has flame temp of 2900° C at inner core. 
e It has no sound with more smoke. 
e Material-Nickel alloys, High Carbon steel. 


e It has secondary luminous cone which is extra in 
comparison to other two types , which gives 
reducing effect in welding areas. 
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as desired. 
Now to see why in general /det(AT A) must be the volume. We need 
a preliminary lemma that yields a more intrinsic, geometric approach to 


y det(AT A). 
Lemma 6.1.1 For the matriz 
A= (Vi: es , VE), 


we have that 
Ivi]? vi-vVa ... VIVE 
A=] | Po EY, 
Vk Vi VRV ...  |vgl! 


where v;:v; denotes the dot product of vectors v; and v; and |vi| = yv; : Vi 
denotes the length of the vector vi. 


The proof of this lemma is just looking at 


Notice that if we apply any linear transformation on R” that preserves 
angles and lengths (in other words, if we apply a rotation to R”), the 
numbers |v;| and v;-v; do not change. (The set of all linear transformations 
of R” that preserve angles and lengths form a group that is called the 
orthogonal group and denoted by O(n).) This will allow us to reduce the 
problem to the finding of the volume of a parallelepiped in R*. 

Sketch of Proof of Theorem: We know that 


\/det(A A) = 


We will show that this must be the volume. Recall the standard basis for 
N. 


Ivi? Vi- V2 ... Wie Vk 
det ; 


Vk: VI Verve... |vpl? 


1 0 0 
0 1 0 
e] = ,€2 = e HE: n = : 
0 0 1 


We can find a rotation of R” that both preserves lengths and angles 
and more importantly, rotates our vectors v,,..., Vg SO that they lie in the 


6.2. DIFF. FORMS AND THE EXTERIOR DERIVATIVE 115 


span of the first k standard vectors e;,...,e,. (To rigorously show this 
takes some work, but it is geometrically reasonable.) After this rotation, 
the last n — k entries for each vector v; are zero. Thus we can view our 
parallelepiped as being formed from k vectors in R*. But we already know 
how to compute this; it is 


lv |? Vi°V2 ... VI:'V 
det, . . a 


VE Vi Ve Vo...  ]vpl? 


We are done. O 


6.2 Differential Forms and the Exterior 
Derivative 


This will be a long and, at times, technical section. We will initially define 
elementary k-forms on R”, for which there is still clear geometric meaning. 
We will then use these elementary k-forms to generate general k-forms. 
Finally, and for now no doubt the most unintuitive part, we will give the 
definition for the exterior derivative, a device that will map k-forms to 
(k+ 1)-forms and will eventually be seen to be a derivative-type operation. 
In the next section we will see that the gradient, the divergence and the curl 
of the last chapter can be interpreted in terms of the exterior derivative. 


6.2.1 Elementary k-forms 


We start with trying to understand elementary 2-forms in R*. Label the 
coordinate axis for RÌ as x1, 22,23. There will be three elementary 2-forms, 
which will be denoted by dz; Adz2, dz; Adz3 and dzz Adx3. We must now 
determine what these symbols mean. (We will define 1-forms in a moment.) 

In words, dz; A dx will measure the signed area of the projection onto 
the x,22-plane of any parallelepiped in RÌ, dz; A dz3 will measure the 
signed area of the projection onto the x,x3-plane of any parallelepiped in 
R? and dzz A dz3 will measure the signed area of the projection onto the 
z213-plane of any parallelepiped in R8. 

By looking at an example, we will see how to actually compute with 
these 2-forms. Consider two vectors in R?, labelled 


1 3 
vi = [2] andvg= | 2 
3 1 
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These vectors span a parallelepiped P in RÌ. Consider the projection map 
Tr: R3 > R? of R? to the 21% plane. Thus 


T(L], La, 23) = (21,22). 


We define dz; A dzz acting on the parallelepiped P to be the area of r(P). 


Note that 
r(v1) = e and m(va) = i 


Then 7(P) is the parallelogram: 


and the signed area is 


da, Adzx2(P) 


det(m(v1),7(v2)) 


_ 1-3 
= det (3 4 


= -4 


In general, given a 3 x 2 matrix 


411 012 
A= 0021 Q22 , 
a31 032 


its two columns will define a parallelepiped. Then dx, A dx2 of this paral- 
lelepiped will be 


day A dz2(A) = det bt a) 


a21 Q22 


In the same way, dx; A dz3 will measure the area of the projection of a 
parallelepiped onto the x; 23-plane. Then 


da, A dx3(A) = det { f! et | 
a aA : 432 
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Likewise, we need 


421 022 
dzz Adzx3(A) = det po Po) 

Before defining elementary k-forms in general, let us look at elementary 
1-forms. In RË, there are three elementary 1-forms, which will be denoted 
by dx,,dx2 and dx3. Each will measure the one-dimensional volume (the 
length) of the projection of a one-dimensional parallelepiped in RÌ to a 
coordinate axis. For example, with 


its projection to the x,-axis is just (1). Then we want to define 


1 
dx, (v) = dz; 2 == le 
3 
In general, for a vector 
(11 
421 
(31 
we have 
411 411 411 
dz, | a21 | =a, des | a21 | =421, dez | a21 | = agı. 
431 431 a31 


Now to define elementary k-forms on R”. Label the coordinates of R” as 
Z1,-.., Tn. Choose an increasing subsequence of length k from (1, 2,...,n), 
which we will denote by 


I = Gen) 
with 1 < ii <... <i, <n. Let 
Qili 012 Qik 
A= : 
Ani a ea Ank 


be an n x k matrix. Its columns will span a k-dimensional parallelepiped 

P in R”. For convenience of exposition, let A; be the ith row of A, i.e., 

Ay 

A=| : 
An 
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We want the elementary k-form 
dz; = dz;, A- Adri, 


to act on the matrix A to give us the k-dimensional volume of the par- 
allelepiped P projected onto the k-dimensional 7;,,...,2;, space. This 
motivates the definition: 


Ai, 
dzr(A) = dr; A---Adz;,(A)=det] : 
Ai, 
Elementary k-forms are precisely the devices that measure the volumes of 
k-dimensional parallelepipeds after projecting to coordinate k-spaces. The 


calculations come down to taking determinants of the original matrix with 
some of its rows deleted. 


6.2.2 The Vector Space of k-forms 


Recall back in Chapter One that we gave three different interpretations for 
the determinant of a matrix. The first was just how to compute it. The 
third was in terms of volumes of parallelepipeds, which is why determinants 
are showing up here. We now want to concentrate on the second interpre- 
tation, which in words was that the determinant is a multilinear map on 
the space of columns of a matrix. More precisely, if M,,(R) denotes the 
space of all n x k matrices with real entries, we had that the determinant 
of an n x n matrix Á is defined as the unique real-valued function 


det : Mnn(R) > R 


satisfying: 
a) det(A1, ..., AAz,..., An) = Adet(A1,..., Ak). 
b) det(Aj,..., Ag + AAj,..., An) = det( A1, ..., An) for k 41. 
c) det(Identity matrix) = 1. 

A k-form will have a similar looking definition: 


Definition 6.2.1 A k-form w is a real-valued function 
w: Mar(R) >R 
satisfying: 
W(Az,..., AB+pC,..., Ag) = AW(Arz,..., B,..., Ag) + pw(Az,..., C;..., Ak). 


Thus w is a multilinear real-valued function. 
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By the properties of determinants, we can see that each elementary k- 
form dgr is in fact a k-form. (Of course this would have to be the case, or 
we wouldn't have called them elementary k-forms in the first place.) But 
in fact we have 


Theorem 6.2.1 The k-forms for a vector space R” form a vector space of 
dimension (7). The elementary k-forms are a basis for this vector space. 


This vector space is denoted by a (R”). 


We will not prove this theorem. It is not hard to prove that the k-forms 
are a vector space. It takes a bit more work to show that the elementary 
k-forms are a basis for A% (R^). 

Finally, note that 0-forms are just the real numbers themselves. 


6.2.3 Rules for Manipulating k-forms 


There is a whole machinery for manipulating k-forms. In particular, a k- 
form and an l-form can be combined to make a (k + 1)-form. The method 
for doing this is not particularly easy to intuitively understand, but once 
you get the hang of it, it is a straightforward computational tool. We will 
look carefully at the R? case, then describe the general rule for combining 
forms and finally see how this relates to the R” case. 

Let x, and x» be the coordinates for R?. Then dx, and dx» are the 
two elementary 1-forms and dz; A dx is the only elementary 2-form. But 
it looks, at least notationally, that the two 1-forms dx, and dz somehow 
make up the 2-form dx, A dx2. We will see that this is indeed the case. 

Let 


be two vectors in R?. Then 
dz, (vı) = Qil and dx, (va) = (012 


and 
dx2(v,) = azı and dua(va) = age. 


The 2-form dz, A dx acting on the 2 x 2 matrix (v1, va) is the area of the 
parallelogram spanned by the vectors vı and va and is hence the determi- 
nant of the matrix (vı, v2). Thus 


dx, A dxo(v1, V2) = 0411422 — 0412091. 
But note that this equals 
dz; (vi) dzz2(v2) — dx, (v2) dgzə(v1). 
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At some level we have related our 2-form dx, A dzə with our 1-forms dz 
and dx, but it is not clear what is going on. In particular, at first glance 
it would seem to make more sense to change the above minus sign to a plus 
sign, but then, unfortunately, nothing would work out correctly. 

We need to recall a few facts about the permutation group on n el- 
ements, Sn. (There is more discussion about permutations in Chapter 
Eleven.) Each element of S,, permutes the ordering of the set {1,2,...,n}. 
In general, every element of S, can be expressed as the composition of flips 
(or transpositions). 

If we need an even number of flips to express an element, we say that 
the element has sign 0 while if we need an odd number of flips, then the sign 
is 1. (Note that in order for this to be well-defined, we need to show that 
if an element has sign 0 (1), then it can only be written as the composition 
of an even (odd) number of flips; this is indeed true, but we will not show 
it.) 

Consider S2. There are only two ways we can permute the set {1,2}. 
We can either just leave {1,2} alone (the identity permutation), which has 
sign 0, or flip {1,2} to {2,1}, which has sign 1. We will denote the flip that 
sends {1,2} to {2,1} by (1,2). There are six ways of permuting the three 
elements {1,2,3} and thus six elements in S3. Each can be written as the 
composition of flips. For example, the permutation that sends {1, 2,3} to 
{3,1,2} (which means that the first element is sent to the second slot, the 
second to the third slot and the third to the first slot) is the composition of 
the flip (1,2) with the flip (1,3), since, starting with {1, 2,3} and applying 
the flip (1,2), we get {2,1,3}. Then applying the flip (1,3) (which just 
interchanges the first and third elements), we get {3, 1,2}. 

We will use the following notational convention. If y denotes the flip 
(1,2), then we say that 


o(1) = 2 and 0(2) = 1. 


Similarly, if ø denotes the element (1,2) composed with (1,3) in 53, then 
we write 
o(1) = 2,0(2) = 3 and o(3) = 1, 

since under this permutation one is sent to two, two is sent to three and 
three is sent to one. 

Suppose we have a k-form and an l-form. Let n = k+l. We will consider 
a special subset of Sn, the (k,l) shuffles, which are all elements ø € S, that 
have the property that 


a(l) < o(2) <--- <o(k) 


and 
o(k+1) <o(k+2) <---<o(k+l). 
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Thus the element o that is the composition of (1,2) with (1,3) is a (2,1) 
shuffle, since 
a(l) = 2 < 3 = g(2). 


Denote the set of all (k,l) shuffles by S(k,1). One of the exercises at the 
end of the chapter is to justify why these are called shufes. 
We can finally formally define the wedge product. 


Definition 6.2.2 Let A = (A1,..., Ax+1) be an N x (k +1) matriz, for 
any N. (Here each A; denotes a column vector.) Let T be a k-form and w 
be an l-form. Then define 


TAWA) = So (IPMINEAA 1)» Agr) Jl Ar (+1) +++ Aa (b+): 
rES(k,l) 


Using this definition allows us to see that the wedge in R* of two elemen- 
tary 1-forms does indeed give us an elementary 2-form. A long calculation 
will show that in R3, the wedge of three elementary 1-forms yields the 
elementary 3-form. 
It can be shown by these definitions that two 1-forms will anti-commute, 
meaning that 
dz A dy = —dy A dz. 


In general, we have that if 7 is a k-form and w is an l-form, then 
TAw = (—1)"wAr. 


This can be proven by directly calculating from the above definition of 
wedge product (though this method of proof is not all that enlightening). 
Note that for k and l both being odd, this means that 


TAW=(-l)wArt. 
Then for k being odd, we must have that 
TAT=(-1)T]A7, 


which can only occur if 
TArT=0. 


In particular, this means that it is always the case that 
dx; A de; =0 


and, if i Æ J, 
dz; \ dz; = —dz; Adz;. 
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6.2.4 Differential k-forms and the Exterior Derivative 


Here the level of abstraction will remain high. We are after a general 
notion of what can be integrated (which will be the differential k-forms) 
and a general notion of what a derivative can be (which will be the exterior 
derivative). 

First to define differential k-forms. In R”, if we let J = (%1,...,1x) 
denote some subsequence of integers with 


LS typ See SO SN, 
then we let 
dgr = dzi A:::*Adz;,. 


Then a differential k-form w is: 


WwW = yn fr dzy, 


all possible T 


where each fr = fr(£1,..-., £n) is a differentiable function. 
Thus 
(xı + sin(z2))dzı + zı £2dz2 


is an example of a differential 1-form, while 
e71+23 dr, Adz3 + 23 dzz A dz3 


is a differential 2-form. 

Each differential k-form defines at each point of R” a different k-form. 
For example, the differential 1-form (xı + sin(z2))dzı + 2,zadxs is the 
1-form 3 dx; at the point (3,0) and is 5dx, + 27dz2 at the point (4, 5). 

To define the exterior derivative, we first define the exterior derivative 
of a differential 0-form and then by induction define the exterior derivative 
for a general differential k-form. We will see that the exterior derivative is 
a map from k-forms to (k + 1)-forms: 


d : k-forms — (k + 1)-forms. 


A differential 0-form is just another name for a differentiable function. 
Given a 0-form f(z1,..., £n), its exterior derivative, denoted by df, is: 


oe = des. 


For example, if f(x,,12) = 12,12 + 23, then 


df = zadzr1 + (21 T 3x2)dz2. 
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Note that the gradient of f is the similar looking (x2, 2, + 312). We will 
see in the next section that this is not chance. 
| Given a k-form w = )_a]] possible I fidx,, the exterior derivative dw 
is: 
dw = >. dfr Adzy. 
all possible [ 


For example, in R3, let 
Ww = fidzı -} fodxe + f3dx3 
be some 1-form. Then 


dw = df idx, + dfədzə + dfzdz3 


= (SA ae zı + Sd Ta + S dns) A dzı 
(Oleg Tı + SE an T LE dx3) A daze 
sob zı + seas + E dx3) A dz3 
- (Of _0f Of _ pa 
= (aa Ox3 day A dx3 T l D dary A dx» 
HE = SP ds, A daz. 


Note that this looks similar to the curl of the vector field 


(fi, fo, fa). 


Again, we will see that this similarity is not just chance. 
Key to many calculations is: 


Proposition 6.2.1 For any differential k-form w, we have 
d(dw) = 0. 


The proof is one of the exercises at the end of the chapter, but you need to 
use that in R” the order of differentiation does not matter, i.e., 


L a OO 
Ox; Ox; T Ox; Ox; í 


and that dz; A dz; = —d2; Adz;. 


e This flame is characterized by three flame zones; 
the hot inner cone, a white-hot ‘acetylene feather’, 
and the blue-colored outer cone. 


e The reducing flame is typically used for hard 
facing operations or backhand pipe welding 
techniques. 


a ta brat: rer date uter 
ere Rec Flee 
[AAA ow] Conve Con 


Carburizing Flame 
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6.3 Differential Forms and Vector Fields 


The overall goal for this chapter is to show that the classical Divergence 
Theorem, Green’s Theorem and Stokes’ Theorem are all special cases of one 
general theorem. This one general theorem will be stated in the language 
of differential forms. In order to see how it reduces to the theorems of last 
chapter, we need to relate differential forms with functions and vector fields. 
In R?, we will see that the exterior derivative, under suitable interpretation, 
will correspond to the gradient, the curl and the divergence. 

Let x,y and z denote the standard coordinates for R3. Our first step is 
to define maps 


functions on R? 
vector fields on R3 


vector fields on R? 


T;:3-forms — functions on R?. 


To : O-forms 


Ti : 1-forms 


4 4 4 


To : 2-forms 


We will see that To, Tı and T; have natural definitions. The definition for 
Tə will take a bit of justification. 

In the last section, we saw that differential 0-forms are just functions. 
Thus Tọ is just the identity map. From last section, we know that there 
are three elementary 1-forms: dx, dy and dz. Thus a general differential 
1-form will be 


Ww = fil, y, z)dz T folx, y, 2)dy za fa (2,y, z)dz, 


where fı, fo and fz are three separate functions on R3. Then define 


Ti (w) = (fi, fo, fs). 


The definition for T; is just as straightforward. We know that on Rê there 
is only a single elementary 3-form, namely dx Ady Adz. Thus a general 
differential 3-form looks like: 


w = f(x,y, z)dx Ady Adz, 
where f is a function on R3. Then we let 
T3(w) = f(x,y, 2). 


As we mentioned, the definition for Ta is not as straightforward. There 
are three elementary 2-forms: dx Ady, dx Adz and dy Adz. A general 
differential 2-form looks like: 


w = fi(2,y,2)du A dy + fola,y,z)da A dz + f(z, y, 2)dy A dz, 
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where, as expected, fı, fo and f3 are functions on R°. Define the map Tz 
by: 
T2(w) = (fs, —fe, fi). 


One method for justifying this definition will be that it will allow us to 
prove the theorems needed to link the exterior derivative with the gradient, 
the curl and the divergence. A second method will be in terms of dual 
spaces, as we will see in a moment. 

We want to show: 


Theorem 6.3.1 On RÌ, let wp denote a k-form. Then 
Ti (dwo) = grad(To(wo)), 
T2(dw,) = curl(T; (01 )), 


and 
T3 (dw) = div(Ts (wa)). 


Each is a calculation (and is an exercise at the end of this chapter). We 
needed to define Ta as we did in order to make the above work; this is one 
of the ways that we can justify our definition for the map T>. 

There is another justification for why T2 must be what it is. This 
approach is a bit more abstract, but ultimately more important, as it gen- 
eralizes to higher dimensions. Consider R” with coordinates 2,,...,Tn. 
There is only a single elementary n-form, namely dz, A... A dzn. Thus 
the vector space A” (R”) of n-forms on R” is one-dimensional and can be 
identified to the real numbers R. Label this map by 


T: A"(R") >R. 


Thus T(adzx, A... A dn) = Q. 

We now want to see that the dual vector space to A*(R”) can be natu- 
rally identified with the vector space AP7*(R”). Let wn—p be in NACER) 
We first show how an (n — k)-form can be interpreted as a linear map on 
A*(R”). If wp is any k-form, define 


Wn-klwk) = LT Wank Awk). 


It is a direct calculation that this is a linear map. From Chapter One we 
know that the dual vector space has the same dimension as the original 
vector space. By direct calculation, we also know that the dimensions for 
AF(R”) and A\”~*(R”) are the same. Thus A”7*(R”) is the dual space 
to A(R”). 

Now consider the vector space A (R), with its natural basis of dz, dy 
and dz. Its dual is then N (R°). As a dual vector space, an element of 
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the natural basis is that which sends one of the basis vectors of A'(R*) to 
one and the other basis vectors to zero. Thus the natural basis for \7(R°), 
thought of as a dual vector space, is dy A dz (which corresponds to the 1- 
form dz, since dy Adz Adz = 1-dz Ady Adz), -dz Adz (which corresponds 
to dy) and dz A dy (which corresponds to dz). Then identifying dx with 
the row vector (1,0,0), dy with (0,1,0) and dz with (0,0,1), we see that 
dy Adz should be identified with (1,0,0), deAdz with (0, —1,0) and dwAdy 
with (0,0,1). Then the 2-form 


w = fi dr Ady + fodx Adz + fady Adz 


should indeed be identified with (f3,—f2, f1), which is precisely how the 
map Tə is defined. 


6.4 Manifolds 


While manifolds are to some extent some of the most natural occurring 
geometric objects, it takes work and care to create correct definitions. In 
essence, though, a k-dimensional manifold is any topological space that, in 
a neighborhood of any point, looks like a ball in R*. We will be at first 
concerned with manifolds that live in some ambient R”. For this type of 
manifold, we give two equivalent definitions: the parametric version and 
the implicit version. For each of these versions, we will carefully show that 
the unit circle S! in R? 


is a one-dimensional manifold. (Of course if we were just interested in circles 
we would not need all of these definitions; we are just using the circle to 
get a feel for the correctness of the definitions.) Then we will define an 
abstract manifold, a type of geometric object which need not be defined in 
terms of some ambient R”. 

Consider again the circle S'. Near any point p € S' the circle looks 
like an interval (admittedly a bent interval). In a similar fashion, we want 
our definitions to yield that the unit sphere S? in R* is a two-dimensional 
manifold, since near any point p € 8°, 
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the sphere looks like a disc (though, again, more like a bent disc). We want 
to exclude from our definition of a manifold objects which contain points 
for which there is no well-defined notion of a tangent space, such as 


which has tangent difficulties at p, and the cone 


Y 


p 


which has tangent difficulties at the vertex p. As a technical note, we 
will throughout this section let M denote a second countable Hausdorff 
topological space. 

For k < n, a k-dimensional parametrizing map is any differentiable map 


ġ : (Ball in R*) > R” 


such that the rank of the Jacobian at every point is exactly k. In local 
coordinates, if u1, ..., ug are the coordinates for R* and if ¢ is described by 
the n differentiable functions ¢1,...,n (i.e., 6 = (ġ1,---3Øn)), we require 
that at all points there is a k x k minor of the n x k Jacobian matrix 


01 ... 2i 
ĝui Our 
Do = a x 
In ... Bn 
Oui Our 


that is invertible. 
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Definition 6.4.1 (Parametrized Manifolds) The Hausdorff topological 
space M in R” is a k-dimensional manifold if for every point p € M în R”, 
there is an open set U in R” containing the point p and a parametrizing 
map @ such that 

(Ball in RË) = MAV. 


Consider the circle St. At the point p = (1,0), a parametrizing map is: 


plu) = (v1=u*2,u), 


while for the point (0,1), a parametrizing map could be: 


p(u) = (u, V p= u?). 


Given the parametrization, we will see in section five that it is easy 
to find a basis for the tangent space of the manifold. More precisely the 
tangent space is spanned by the columns of the Jacobian Dø. This is indeed 
one of the computational strengths of using parametrizations for defining 
a manifold. 

Another approach is to define a manifold as the zero locus of a set of 
functions on R”. Here the normal vectors are practically given to us in the 
definition. 


Definition 6.4.2 (Implicit Manifolds) A set M in R” is a k-dimensional 
manifold if, for any point p € M there is an open set U containing p and 
(n — k) differentiable functions p1,...,Pn—x such that 


1. MOU =(p =0)N---N (Pn-k = 0). 
2. At all points in M QU, the gradient vectors 
VPp1i,.---, VPn-k 
are linearly AI 


It can be shown that the normal vectors are just the various V pj. 
For an example, turn again to the circle St. The implicit method just 
notes that 
S! ={(2,y): £? +y? —1=0}. 


Here we have p = x? + y? — 1. Since 
V(x? +y” — 1) = (2z, 2y) 


is never the zero vector, we are done. 
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The two definitions are equivalent, as discussed in the section on the 
implicit function theorem. But both of these definitions depend on our 
set M being in R”. Both critically use the properties of this ambient R”. 
There are situations where we still want to do calculus on a set of points 
which do not seem to live, in any natural way, in some R”. Historically 
this was first highlighted in. Einstein's General Theory of Relativity, in 
which the universe itself was described as a 4-dimensional manifold that is 
neither R* nor living in any natural way in a higher dimensional R”. By all 
accounts, Einstein was amazed that mathematicians had built up the whole 
needed machinery. Our goal here is to give the definition of an abstract 
manifold and then to show, once again, that S? is a manifold. Throughout 
this we will be using that we already know what it means for a function 
f:R” > R” to be differentiable. 


Definition 6.4.3 (Manifolds) A second countable Hausdorff topological 
space M is an n-dimensional manifold if there is an open cover (Ux) such 
that for each open set, Ug, we have a continuous map 


Da : Open ball in R” > Ux 
that is one-to-one and onto and such that the map 
da be : h3 (Ua N Ug) > zt (Ua N Ug) 


is differentiable. 


Ball in IR” Ball in IR" 
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Note that og (Ua N Ug) and z! (Uxa N Ug) are both open sets in R” and 
thus we do know what it means for $* Hg to be differentiable, as discussed 
in Chapter Three. The idea is that we want to identify each open set 
Ua in M with its corresponding open ball in R”. In fact, if 21,...,Tp 
are coordinates for R”, we can label every point p in Ug as the n-tuple 
given by p,*(p). Usually people just say that we have chosen a coordinate 
system for Ua and identify it with the coordinates x1,...,2%, for R”. It 
is this definition that motivates mathematicians to say that a manifold is 
anything that locally, around each point, looks like an open ball in R”. 

Let us now show that S? satisfies this definition of a manifold. We will 
find an open cover of S! consisting of four open sets, for each of these write 
down the corresponding map ¢; and then see that ¢, l da is differentiable. 
(It is similar to show that the other ¢;7'd; are differentiable.) 


PF 
E p 


Ui = {(x,y) € St: £ > 0} 


Set 


and let 
Qı : (-1,1) > Ui 


ilu) = (V1 — u?, u). 


Here (—1,1) denotes the open interval {z : —1 < x < 1}. In a similar 
fashion, set 


be defined by 


U> = {(a,y)€S':y>0} 
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Us = {(#,y)€S':2<0} 
Us = {(z,y)€S*:y <0} 


and 


polu) = (u,V1—u*) 
d3(u) = (-V1—vu?,u) 
da(u) = (u,-V1—u?). 


Now to show on the appropriate domain that y 1 is differentiable. We 


have 
pi b2(u) = $7 (u, Vy1l—u?)= Vv lw 


which is indeed differentiable for —1 < u < 1. (The other verifications are 
just as straightforward.) 

We can now talk about what it means for a function to be differentiable 
on a manifold. Again, we will reduce the definition to a statement about 
the differentiability of a function from R” to R. 


Definition 6.4.4 A real-valued function f on a manifold M is differen- 
tiable if for an open cover (Ua) and maps fa : Open ball in R” + Ux, the 
composition function 


f o ġa: Open ball in R” > R 
is differentiable. 


There is still one diffculty with our abstract definition of a manifold. 
The definition depends upon the existence of an open cover of M. Think 
of our open cover of the circle St. Certainly there are many other open 
covers that will also place a manifold structure on S', such as: 


but still, it’s the same circle. How can we identify these different ways 
of putting a manifold structure on the circle? We are led to the desire 
to find a natural notion of equivalence between manifolds (as we will see, 
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we will denote this type of equivalence by saying that two manifolds are 
diffeomorphic). Before giving a definition, we need to define what it means 
to have a differentiable map between two manifolds. For notation, let M 
be an m-dimensional manifold with open cover (Ua) and corresponding 
maps fo and let N be an n-dimensional manifold with open cover (Vg) and 
corresponding maps ng. 


Definition 6.4.5 Let f: M > N be a map from M to N. Letp€ M with 
Ua an open set containing p. Set q = f(p) and suppose that Vg is an open 
set containing q. Then f is differentiable at p if the map ng bo fo dy is 
differentiable in a neighborhood of the point ¢;'(p) in R™. The map f is 
differentiable if it is differentiable at all points. 


We can now define our notion of equivalence. 


Definition 6.4.6 Two manifolds M and N are diffeomorphic if there ez- 
ists a map f: M > N that is one-to-one, onto, differentiable and such that 
the inverse map, f~}, is differentiable. 


Finally, by replacing the requirement that the various functions involved 
are differentiable by continuous functions, analytic functions, etc., we can 
define continuous manifolds, analytic manifolds, etc. 


6.5 Tangent Spaces and Orientations 


Before showing how to integrate differential k-forms along a k-dimensional 
manifold, we have to tackle the entirely messy issue of orientability. But 
before we can define orientability, we must define the tangent space to a 
manifold. If we use the implicit or parametric definition for a manifold, this 
will be straightforward. The definition for an abstract manifold is quite a 
bit more complicated (but as with most good abstractions, it is ultimately 
the right way to think about tangent vectors). 


6.5.1 Tangent Spaces for Implicit and Parametric 
Manifolds 


Let M be an implicitly defined manifold in R” of dimension k. Then by 
definition; for each point p € M there is an open set U containing p and 
(n — k) real-valued functions p1,...,Pn—, defined on U such that 


(p =0)N...N (Pn-k = 0) =MnU 
and, at every point q € M NU, the vectors 
Vol (q); a V Pn—k(Q) 
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are linearly independent. We have 


Definition 6.5.1 The normal space N,(M) to M at the point p is the 
vector space spanned by the vectors 


Vpı (p), rrr) V Pn—k(P). 


The tangent space T (M) to the manifold M at the point p consists of all 
vectors v in R” that are perpendicular to each of the normal vectors. 


If x,,..., Zn are the standard coordinates for R”, we have 


Lemma 6.5.1 A vector v = (v;,...,Un) is in the tangent space T,(M) if 
for alli=1,...,n—k we have 


= (p) = Y Dy, 
0=v-Vpilp) = Y, Fa, OÍ 
j 


j=l 


The definition for the tangent space for parametrically defined manifolds 
is as straightforward. Here the Jacobian of the parametrizing map will be 
key. Let M be a manifold in R”, with the parametrizing map 


ġ : (Ball in R*) > R” 


given by the n functions 


p= (f1,---) On). 
The Jacobian for ¢ is the n x k matrix 
0b1 Obi 
ĝui e Ou, 
Dọ = f E 
bn Don 
Ou, ae Ouk 


Definition 6.5.2 The tangent space Tp(M) for M at the point p is spanned 
by the columns of the matrix Dd. 


The equivalence of these two approaches can, of course, be shown. 


6.5.2 Tangent Spaces for Abstract Manifolds 


Both implicitly and parametrically defined manifolds live in an ambient R”, 
which carries with it a natural vector space structure. In particular, there 
is a natural notion for vectors in R” to be perpendicular. We used this 
ambient space to define tangent spaces. Unfortunately, no such ambient 


Limitations of Oxy-fuel cutting 


e Oxy-fuel cutting is not recommended for the cast 
iron because its ignition temperature is higher 
than its melting temperature. 


e The process is not appropriate for cutting 
stainless-steel, high-alloy chromium, chrome- 
nickel alloys, and non-ferrous alloys because 
oxides has higher melting point than base metal 
itself. 
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R” exists for an abstract manifold. What we do know is what it means for 
a real-valued function to be differentiable. 

In calculus, we learn about differentiation as a tool to both find tangent 
lines and also to compute rates of change of functions. Here we concentrate 
on the derivative as a rate of change. Consider three-space, RÌ, with the 


three partial derivatives Z, a and Z. Each corresponds to a tangent 


direction for RÌ but each also gives a method for measuring how fast a 
function f(x,y,z) is changing, i.e., 


of = how fast f is changing in the x-direction, 
e 
Of a 
a, = how fast f is changing in the y-direction 
y 
and 9 
aL = how fast f is changing in the z-direction. 
2 


This is how we are going to define tangent vectors on an abstract mani- 
fold, as rates of change for functions. We will abstract out the algebraic . 
properties of derivatives (namely that they are linear and satisfy Leibniz’s 
rule). 

But we have to look at differentiable functions on M a bit more closely. 
If we want to take the derivative of a function f at a point p, we want this to 
measure the rate of change of f at p. This should only involve the values of 
f near p. What values f achieves away from p should be irrelevant. This is 
the motivation behind the following equivalence relation. Let (f, U) denote 
an open set on M containing p and a differentiable function f defined on 
U. We will say that | 
(f,U) ~ (9, V) 


if, on the open set U N V, we have f = g. This leads us to defining 
Co ={F,0)}/~. 


We will frequently abuse notation and denote an element of C>° by f. The 
space Cp” is a vector space and captures the properties of functions close to 
the point p. (For mathematical culture sake, Cf” is an example of a germ 
of a sheaf, in this case the sheaf of differentiable functions. ) 


Definition 6.5.3 The tangent space Tp(M) is the space of all linear maps 
E SO, 
such that 
v(f9) = fulg) + go(f). 


To finish the story, we would need to show that this definition agrees 
with the other two, but this we leave as nontrivial exercises. 
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6.5.3 Orientation of a Vector Space 


Our goal is to see that there are two possible orientations for any given 
vector space V. Our method is to set up an equivalence relation on the 
possible bases for V and see that there are only two equivalence classes, 
each of which we will call an orientation. 


Let v,,...,V, and W;,..., Wn be two bases for V. Then there exists 
unique real numbers a;;, with 7,7 =1,...,n such that 
Wy =  011V1 +: GinVn 
Wn = GniVi +: + annn 


Label the n x n matrix (a;;) by A. Then we know that det(A) 4 0. We 
say that the bases vj,...,Vn and w;,..., Wn have the same orientation if 
det(A) > 0. If det(A) < 0, then we say that they two bases have opposite 
orientation. It can be shown via matrix multiplication that 


Lemma 6.5.2 Having the same orientation 1s an equivalence relation on 
the set of bases for a vector space. 


The intuition is that two bases vj,...,Vn and W1,...,Wn should have 
the same orientation if we can continuously move the basis v1,...,Vn to 
W1,..., Wn SO that at each step we still have a basis. In pictures for R?, 
the bases ((1, 0), (0, 1)) and ((1,1), —1, 1)) have the same orientation but 
different from the basis {(—1,0), (0, 1)). 


va=(-1 1 ) 


v2=(0,1) v1=(1.1) 


same orientation as: 


v1=(1.0) 


not the same 
orientation as: v2=(0,1) 


Vi =(-1 0) 


Choosing an orientation for a vector space means choosing one of the 
two possible orientations, i.e., choosing some basis. 
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6.5.4 Orientation of a Manifold and its Boundary 


A manifold M has an orientation if we can choose a smoothly varying 
orientation for each tangent space T,(M). We ignore the technicalities of 
what ‘smoothly varying’ means, but the idea is that we can move our basis 
in a smooth manner from point to point on the manifold M. 


Now let X” be an open connected set in our oriented manifold M such 
that if X denotes the closure of X°, then the boundary 0(X) = X — X° is 
a smooth manifold of dimension one less than M. For example, if M = R?, 
an example of an X° could be the open unit disc 


D ={(2,y):2? +y? < 1}. 


Then the boundary of D is the unit circle 


S? = {(z,y) : 2” +y” = J}, 


which is a one-dimensional manifold. The open set X° inherits an orienta- 
tion from the ambient manifold M. Our goal is to show that the boundary 
O(X) has a canonical orientation. Let p € (X). Since O(X) has dimen- 
sion one less than M, the normal space at p has dimension one. Choose a 
normal direction n that points out of X, not into X. The vector n, while 
normal to 0(X), is a tangent vector to M. Choose a basis v1,...,Un-1 
for T,(O(X)) so that the basis n,v1,...,Un-1 agrees with the orientation 
of M. It can be shown that all such chosen bases for T,(O(X)) have the 
same orientation; thus the choice of the vectors v1,...,Un—1 determines an 
orientation on the boundary manifold (X). 


For example, let M = R?. At each point of R*, choose the basis 


{(1,0), (0, 1)). 
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For the unit circle S*, an outward pointing normal is always, at each point 
p= (x,y), just the vector (x,y). Then the tangent vector (—y, x) will give 
us a basis for R? that has the same orientation as the given one. Thus we 
have a natural choice of orientation for the boundary manifold. 


6.6 Integration on Manifolds 


The goal of this section is to make sense out of the symbol 


M 


where M will be a k-dimensional manifold and w will be a differential k- 
form. Thus we want to (finally) show that differential k-forms are the things 
that will integrate along k-dimensional manifolds. The method will be to 
reduce all calculations to doing multiple integrals on R*, which we know 
how to do. 

We will first look carefully at the case of 1-forms on R*. Our manifolds 
will be 1-dimensional and hence curves. Let C be a curve in the plane R? 
that is parametrized by the map: 


o : [a,b] + R?, 


with 
o(u) = (x(u), y(u)). 


If f(x,y) is a continuous function defined on R?, then define the path 
integral, fo f(x,y)dx, by the formula 


b 
/ f(x,9)de = J Falu), ytu) L du. 
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Note that the second integral is just a one-variable integral over an interval 
on the real line. Likewise, the symbol fi c J (z,y)dy is interpreted as 


b ag 
J f(x, y)dy = | fælu), yu) Zau. 


Using the chain rule, it can be checked that the numbers So f(z,y)dz and 
Í c f(x, y)dy are independent of the chosen parametrizations. Both of these 
are highly suggestive, as at least formally f(x,y)dxw and f(x, y)dy look 
like differential 1-forms on the plane R*. Consider the Jacobian of the 
parametrizing map o(u), which is the 2 x 1 matrix 


_ (dx/du 
paa (a wu) | 
Letting f(z,y)dx and f(x, y)dy be differential 1-forms, we have by defini- 


tion that at each point of a(u), 


Heywpda{Do) = dea Gof )) = PEDD 


and 


F(z, sdy(Do) = Seda qye) = Few) vw) E. 


Thus we could write the integrals fẹ f(x,y)dx and fo f(z,y)dy as 


b 
[ temee= f° sedia oy 
C a 
and , 
[ tena = [reso 
C a 


This suggests how to define in general f,,w. We will use that w, as a k- 
form, will send any n x k matrix to a real number. We will parametrize 
our manifold M and take w of the Jacobian of the parametrizing map. 


Definition 6.6.1 Let M be a k-dimensional oriented differentiable mani- 
fold in R” such that there is a parametrizing one-to-one onto map 


ó:B=>M 


where B denotes the unit ball in R*. Suppose further that the parametrizing 
map agrees with the orientation of the manifold M. Let w be a differential 
k-form on R”. Then | 


/ C= J w(Dd)du, --- dug. 
M B 
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Via a chain rule calculation, we can show that fyw is well-defined: 


Lemma 6.6.1 Given two orientation preserving parametrizations fp, and 
b1 of a k-dimensional manifold M, we have 


/ w(Dd,)du, ---duz = w({Dd2)duz +--+ dux. 
B B 


Thus f uw ts independent of parametrization. 


We now know what f,,w means for a manifold that is the image of a 
differentiable one-to-one onto map from a ball in R*. Not all manifolds can 
be written as the image of a single parametrizing map. For example, the 
unit sphere S? in R* needs at least two such maps (basically to cover both 
the north and south poles). But we can (almost) cover reasonable oriented 
manifolds by a countable collection of non-overlapping parametrizations. 
More precisely, we can find a collection {Ux } of nonoverlapping open sets in 
M such that for each a there exists a parametrizing orientation preserving 
map 

va oie a Oe 


and such that the space M — |J Ux has dimension strictly smaller than k. 
Then for any differential k-form we set 


f,= Ef, > 


Of course, this definition seems to depend on our choice of open sets, but 
we can show (though we choose not to) that: 


Lemma 6.6.2 The value of f,,w is independent of choice of set {Ua}. 


While in practice the above summation could be infinite, in which case 
questions of convergence must arise, in practice this is rarely a problem. 


6.7 Stokes’ Theorem 


We now come to the goal of this chapter: 


Theorem 6.7.1 (Stokes? Theorem) Let M be an oriented k-dimensional 
manifold in R” with boundary OM, a smooth (k-1)-dimensional manifold 
with orientation induced from the orientation of M. Let w be a differential 


(k-1)-form. Then 
eae 
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This is a sharp quantitative version of the intuition: 
Average of a function on boundary = Average of derivative on interior. 


This single theorem includes as special cases the classical results of the Di- 
vergence Theorem, Green’s Theorem and the vector-calculus Stokes’ The- 
orem. 

We will explicitly prove Stokes’ Theorem only in the special case that 
M is a unit cube in R* and when 


w = Ti. DE ld A... A dgk. 


After proving this special case, we will sketch the main ideas behind the 
proof for the general case. 
Proof in unit cube case: Here 


M = {(z1,... £k): for eachi,0 < z; < 1}. 


The boundary M of this cube consists of 2k unit cubes in R*—!. We will 
be concerned with the two boundary components 


=((0,22,...,2x) € M} 


and 
Sp =((1,22,-..,2x) € MJ. 


For w = f(£1,... TJ dt2 A... A dgk, we have 


dw = Y” Ldn; Adea A... Adan 


= of dx; AdzgA...Ad&r, 
Ly 


since it is always the case that dz; Adz; = 0. 
Now to integrate dw along the unit cube M. We choose our orientation 
preserving parametrizing map to be the identity map. Then 


f wf fees. dzx. 


By the Fundamental Theorem of Calculus we can do the first integral, to 


get 
1 1 
f a = Jf f(1,22,...,TxJdza «dez 
M 0 0 


1 1 
-| af f(O, £2,..., £k )dT2 - -< dEk. 
0 0 
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Now to look at the integral fay w. Since w = f(21,...,tj)dx2 A... Adzz, 
the only parts of the integral along the boundary that will not be zero will be 
along Sı and S2, both of which are unit cubes in R*~!, with coordinates 
given by xo,...,@%. They will have opposite orientations though. (This 
can be seen in the example for when M is a square in the plane; then Sı 
is the bottom of the square and 53 is the top of the square. Note how the 
orientations on Sı and S2 induced from the the orientation of the square 
are indeed opposite.) 


S2 


Sı 


Then 


ll 


J W [wt fie 
OM Ci Ca 


1 1 
ff — f (0, £2, .. - , Zk )dT2 + * ° dTk 
0 0 
1 1 
+/ me] f(1,22,... 2k )dT2 +: dE, 
0 0 


which we have just shown to equal to f,, dw, as desired. O 


Now to sketch a false general proof for a manifold M in R”. We will use 
that the above argument for a unit cube can be used in a similar fashion 
for any cube. Also, any general differential (k — 1)-form will look like: 


w = X fidsy, 


where each I is a (k-1)-tuple from (1,...,n). 


Divide M into many small cubes. Adjacent cubes’ boundaries will have 
opposite orientation. 
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Ed ME 2 ee Ta 


OA Ta WR O A La ees hs 
LPI 
E E 


Then 


f dw = Sum over the cubes I dw 
M little cube 


= Sum over the cubes / 


w 
a(little cube) 
los 
Ə(M) 


The last approximation is from the fact that since the adjacent boundaries 
of the cubes have opposite orientations, they will cancel out. The only 
boundary parts that remain are those pushed out against the boundary of 
M itself. The final step would be to show that as we take more and more 
little cubes, we can replace the above approximations by equalities. 

It must be noted that M cannot be split up into this union of cubes. 
Working around this difficultly is non-trivial. 


e 


6.8 Books 


An excellent recent book is Hubbard and Hubbard’s Vector Calculus, Linear 
Algebra, and Differential Forms: A Unified Approach [64], which contains a 
wealth of information, putting differential forms in the context of classical 
vector calculus and linear algebra. Spivak’s Calculus on Manifolds [103] is 
for many people the best source. It is short and concise (in many ways 
the opposite of Spivak’s leisurely presentation of e and d real analysis in 
[102]). Spivak emphasizes that the mathematical work should be done 
in getting the right definitions so that the theorems (Stokes’ Theorem in 
particular) follow easily. Its briefness, though, makes it possibly not the 
best introduction. Fleming’s Functions of Several Variables [37] is also a 
good introduction. 
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6.9 Exercises 


1. Justify why it is reasonable for shuffles to indeed be called shuffles. 
(Think in terms of shuffling a deck of cards.) 

2. In R?, let dz, dy and dz denote the three elementary 1-forms. Using 
the definition of the wedge product, show that 


(dx A dy) A dz = dz A (dy A dz) 


and that these are equal to the elementary 3-form dg A dy A dz. 
3. Prove that for any differential k-form w, we have 


d(dw) = 0. 
4. In R”, let dz and dy be one-forms. Show that 
dz Ady = —dy Adz. 


5. Prove Theorem 6.3.1. 
6. Show that the map 


Wn—k (We) = T (Wn—k A Wk), 


with T : A” R” > R as defined in the chapter, provides a linear map from 
NTE R” to the dual space AF R™*. 
7. Prove that the unit sphere S? in R? is a two-dimensional manifold, using 


each of the three definitions. 


8. Consider the rectangle 
with opposite sides identified. Show first why this is a torus 


and then why it is a two-manifold. 
9. The goal of this problem is to show that real projective space is a 
manifold. On R” +! — 0, define the equivalence relation 


(Toti ea ~ AT ATi Aa) 


pÅ 


Applications of Oxy-fuel cutting 


e Oxygen cutting would be useful only for those 
materials which readily get oxidized and the oxides 
have lower melting points than the metals. So it is 
most widely used for ferrous materials. 


e Oxygen cutting is NOT used for materials like 
aluminum, bronze, stainless steel which resist 
oxidation. 


e Cutting of high carbon steels and cast irons require 
special attention due to formation of heat affected 
zone (HAZ) where structural transformation 
occurs. 
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for any nonzero real number A. Define real projective n-space by 
P” = RM) — (0)/ ~. 


Thus, in projective three-space, we identify (1,2,3) with (2,4,6) and with 
(—10, —20, —30) but not with (2,3,1) or (1,2,5). In P”, we denote the 
equivalence class containing (£o,..., £n) by the notation (£o : ... : Ln). 
Thus the point in P* corresponding to (1,2,3) is denoted by (1 : 2 : 3). 
Then in PÌ, we have (1:2:3)=(2:4:6) 4 (1:2:5). Define 


Po : R” > P” 
by 
Qolur,- Un) = (1: u1 :...: Un), 
define 
Py R” — P” 
by 
Oli ün) = hy Ces Uds Un 


etc., all the way up to a defining a map ọn. Show that these maps can be 
used to make P” into an n-dimensional manifold. 
10. Show that the Stokes’ Theorem of this chapter has as special cases: 

a. the Fundamental Theorem of Calculus. (Note that we need to use 
the Fundamental Theorem of Calculus to prove Stokes’ Theorem; thus we 
cannot actually claim that the Fundamental Theorem of Calculus is a mere 
corollary to Stokes’ Theorem.) | 

b. Green's Theorem. 

c. the Divergence Theorem. 

d. the Stokes’ Theorem of Chapter Five. 


Chapter 7 


Curvature for Curves and 
Surfaces 


Basic Objects: Curves and surfaces in space 
Basic Goal: Calculating curvatures 


Most of high school mathematics is concerned with straight lines and planes. 
There is of course far more to geometry than these flat objects. Classically 
differential geometry is concerned with how curves and surfaces bend and 
twist in space. The word “curvature” is used to denote the various measures 
of twisting that have been discovered. 

Unfortunately, the calculations and formulas to compute the different 
types of curvature are quite involved and messy, but whatever curvature is, 
it should be the case that the curvature of a straight line and of a plane 
must be zero, that the curvature of a circle (and of a sphere) of radius r 
should be the same at every point and that the curvature of a small radius 
circle (or sphere) should be greater than the curvature of a larger radius 
circle (or sphere) (which captures the idea that it is easier to balance on 
the surface of the earth than on a bowling ball). 

The first introduction to curvature-type ideas is usually in calculus. 
While the first derivative gives us tangent line (and thus linear) informa- 
tion, it is the second derivative that measures concavity, a curvature-type 
measurement. Thus we should expect to see second derivatives in curvature 
calculations. 


7.1 Plane Curves 


We will describe a plane curve via a parametrization: 
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r(t) = (x(t), y(t)) 
and thus as a map 
r:R > R°. 


r(t) = (x(0,y(0)) 


$$ > 
t-axis 


The variable t is called the parameter (and is frequently thought of as 
time). An actual plane curve can be parametrized in many different ways. 
For example, 


ri (t) = (cos(t), sin(t)) 
and 
ra(t) = (cos(2t), sin(2t)) 
both describe a unit circle. Any calculation of curvature should be inde- 
pendent of the choice of parametrization. There are a couple of reasonable 
ways to do this, all of which can be shown to be equivalent. We will take 
the approach of always fixing a canonical parametrization (the arc length 


parametrization). This is the parametrization r : [a,b] — R such that the 
arc length of the curve is just b— a. Since the arc length is 


2 
we need \/ Cas + ($2) = 1. Thus for the arc length parametrization, 


the length of the tangent vector must always be one: 


2 2 
(2 a NEY (avy? _ 
ds” ds ds ds 


Back to the question of curvature. Consider a straight line 


dr 


KOR 
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Note that each point of this line has the same tangent line. 
Now consider a circle: 


Here the tangent vectors’ directions are constantly changing. This leads 
to the idea of trying to define curvature as a measure of the change in the 
direction of the tangent vectors. To measure a rate of change we need to 
use a derivative. This leads to: 


Definition 7.1.1 For a plane curve parametrized by arc length 


r(s) = (z(s), y(s)), 


define the principal curvature «x at a point on the curve to be the length of 
the derivative of the tangent vector with respect to the parameter s, i.e., 
Z E 


ds 


Consider the straight line r(s) = (as + b,cs + d), where a,b,c and d are 
constants. The tangent vector is: 


Then the curvature will be 
E 
A É (s) 


=| = |(0,0)] =0, 
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as desired. 
Now consider a circle of radius a centered at the origin; an arc length 


parametrization is 
S _ 8 
r(s) = (a COS (+) „asin (—)) , 
a a 


giving us that the curvature is 


ds 
( 1 E 1. /s 
E 
a a a a 
1 S 1 
= cos? (=) + > sin” (=) 
a a a a 


1 
Pi 


E ate) 


Thus this definition of curvature does indeed agree with the intuitions about 
lines and circles that we initially desired. 


7.2 Space Curves 


Here the situation is more difficult; there is no single number that will cap- 
ture curvature. Since we are interested in space curves, our parametriza- 
tions will have the form: 


r(s) = (x(s), y(s), 2(s)). 


As in last section, we normalize by assuming that we have parametrized by 
arc length, i.e., 

dr|  |/dx dy dz 
ds| |\ds’ ds’ ds 


CONO) 


= 1. 


|T(s)| 


Again we start with calculating the rate of change in the direction of the 
tangent vector. 
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Definition 7.2.1 For a space curve parametrized by arc length 
r(s) = (x(s), y(s), 2(s)), 


define the principal curvature x at a point to be the length of the derivative 
of the tangent vector with respect to the parameter s, 1.e., 


_ |dT(s) 
<= 29] 


The number x is one of the numbers that captures curvature. Another is 
the torsion, but before giving its definition we need to do some preliminary 
work. 

Set 


The vector N is called the principal normal vector. Note that it has length 
one. More importantly, as the following proposition shows, this vector is 
perpendicular to the tangent vector T(s). 


Proposition 7.2.1 


at all points on the space curve. 


Proof: Since we are using the arc length parametrization, the length of 
the tangent vector is always one, which means 


Es LS. 


Thus 3 d 


By the product rule we have 


d dT dT dT 
—(T-T)=T-—4+— -T= 2T . —. 
ds Sá ei ds y ds = = ds 
Then aa 
T-— =0 
ds 
Thus the vectors T and cz are perpendicular. Since the principal normal 


vector N is a scalar multiple of the vector E, we have our result. O 


$ 
Set 
B=TxN, 
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a vector that is called the binormal vector. Since both T and N have length 
one, B must also be a unit vector. Thus at each point of the curve we have 
three mutually perpendicular unit vectors T, N and B. The torsion will be 
a number associated to the rate of change in the direction of the binormal 
B, but we need a proposition before the definition can be given. 


Proposition 7.2.2 The vector sB is a scalar multiple of the principal nor- 
mal vector N. 


era We will show that $B is perpendicular to both T and B, meaning 
that d gE must point in the at direction as N. First, since B has length 
one, by the same argument as in the previous proposition, just replacing 
all of the Ts by Bs, we get that Fo gB +B = 0. 
Now 
dB d 
oes a a N 
ds ds Eo) 
dT dN 
= (— xN T x — 
EG SN +T J) 


= (N x N) + (T x E) 


dN 
= (Tx —). 
ES ds 


Thus $$ 2 must be perpendicular to the vector T. O 


Definition 7.2.2 The torsion of a space curve is the number T such that 


dB 

ds 
We need now to have an intuitive understanding of what these two numbers 
mean. Basically, the torsion measures how much the space curve deviates 
from being a plane curve, while the principal curvature measures the cur- 
vature of the plane curve that the space curve wants to be. Consider the 
space curve 


= —TN. 


r(s) = (3 cos 5): 3sin (= Da 5), 


which is a circle of radius three living in the plane z = 5. We will see that 
the torsion is zero. First, the tangent vector is 


Ts) = = = (—sin (=) , COS (=) , 0). 


Then 
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which gives us that the principal curvature is L, The principal normal 


vector 1s 
= = = (—cos 8 Sn (=) , 0). 


Then the binormal is 
B=TxN=(0,0,1), 
and thus iB 
—— = (0,0,0) = 0. N. 
ds (05050) 
The torsion is indeed zero, reflecting the fact that we are actually dealing 
with a plane curve disguised as a space curve. 
Now consider the helix 


r(t) = (cos(t), sin(t), t). 


(cos(t),sin(t),t) 


It should be the case that the principal curvature should be a positive 
constant, as the curve wants to be a circle. Similarly, the helix is constantly 
moving out of a plane, due to the ¢ term in the z-coordinate. Hence the 
torsion should also be a nonzero constant. The tangent vector 


T = (~sin(2), coa(#), 1) 
does not have unique length. The arc length parametrization for this helix 


is simply 
1 


ed (3!) ai (=) 7) 


Then the unit tangent vector is 


Lt) = A sin (=) = cos (=) q) 
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The principal curvature « is the length of the vector 


dt 3” 0 A JE 

Thus 
_1 
Mmg: 


Then the principal normal vector is 


dT 1 1 
N(t) = 2—— = (— cos | —=t | ,— sin | —t ] ,0). 
(0 2 y = cos (gt) sin (751) 0 
The binormal vector is 
B=TxN 


dd) Spee) do 


The torsion 7 is the length of the vector 


oe a COS 2a i EF 0) 

dt ‘2 J/2 /°2 PY OS aaa 
and hence we have 1 
T= z 


7.3 Surfaces 


Measuring how tangent vectors vary worked well for understanding the cur- 
vature of space curves. Á possible generalization to surfaces is to examine 
the variation of the tangent planes. Since the direction of a plane is de- 
cermined by the direction of its normal vector, we will define curvature 
functions by measuring the rate of the change in the normal vector. For 
example, for a plane ax + by + cz = d, the normal at every point is the 
vector 


tt tt 
ron em on «fl 


<a,b,ce>. 


7.3. SURFACES 153 


The normal vector is a constant; there is no variation in its direction. Once 
we have the correct definitions in place, this should provide us with the 
intuitively plausible idea that since the normal is not varying, the curvature 
must be zero. 

Denote a surface by 


X = {(x,y,z): f(x,y, 2) = 0}. 


Thus we are defining our surfaces implicitly, not parametrically. The normal 
vector at each point of the surface is the gradient of the defining function, 


1.€., 

Of Of Of 

n= Vi A 5? aL? 

Ox’ Oy’ Oz 
Since we are interested in how the direction of the normal is changing and 
not in how the length of the normal is changing (since this length can be 
easily altered without varying the original surface at all), we normalize the 
defining function f by requiring that the normal n at every point has length 


one: 
In| = Li 


We now have the following natural map: 
Definition 7.3.1 The Gauss map is the function 
a:X > S?, 


where S? is the unit sphere in R?, defined by 


o(p) = n(p) = VF = (2f Lep), 22 L), aE PL (p)) 


As we move about on the surface X, the corresponding normal vector moves 
about on the sphere. To measure how this normal vector varies, we need 
to take the derivative of the vector-valued function o and hence must look 
at the Jacobian of the Gauss map: 


do: TX > TS’, 


where TX and TS? denote the respective tangent planes. If we choose 
orthonormal bases for both of the two dimensional vector spaces TX and 
TS’, we can write do as a two-by-two matrix, a matrix important enough 
to carry its own name: 


Definition 7.3.2 The two-by-two matrix associated to the Jacobian of the 
Gauss map is the Hessian. 


Safety Precautions 


e Never move cylinders without protective caps in 
place. 


e Do not wear clothing made of synthetic fibers 
while welding. 

e Before and while lighting the flame, keep the tip 
pointed away from your body. 

e Do not cut on containers that have held flammable 
materials. 

e Set the operating pressure carefully. Never use 
acetylene at a pressure Over 15 psi. 
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While choosing different orthonormal bases for either TX and TS? will 
lead to a different Hessian matrix, it is the case that the eigenvalues, the 
trace and the determinant will remain constant (and are hence invariants 
of the Hessian). These invariants are what we concentrate on in studying 
curvature. 


Definition 7.3.3 For a surface X, the two eigenvalues of the Hessian are 
the principal curvatures. The determinant of the Hessian (equivalently 
the product of the principal curvatures) is the Gaussian curvature and the 
trace of the Hessian (equivalently the sum of the principal curvatures) is 
the mean curvature. 


We now want to see how to calculate these curvatures, in part in order 
to see if they agree with what our intuition demands. Luckily there is an 
easy algorithm that will do the trick. Start again with defining our surface 
X as {(x,y,2): f(x,y,z) = 0) such that the normal vector at each point 
has length one. Define the extended Hessian as 


. 0 f/ðx? 9%f/0x0y 0*f/0x02 
H = | 0*f/0x0y 0f/0y? 0*f/0y0z 
021/0102 8 f/OyOz 8 f /dz? 


(Note that H does not usually have a name.) 
At a point p on X choose two orthonormal tangent vectors: 


O O o 
vi = 1a tag Te = (@ b c) 
O 0 O 
va = a5 + brgy toz, = (a2 be cz) 
Orthonormal means that we require 
aj 
Vio vj = (a; b; Ci ) b; = 045; 
Cj 


where 6;; is zero for i Æ j and is one for i = j. Set 
i | 8 
his = (a; b; ci) H bj 


“J 


Then a technical argument, heavily relying on the chain rule, will yield 
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Proposition 7.3.1 Coordinate systems can be chosen so that the Hessian 
matriz is the matriz H. Thus the principal curvatures for a surface X at 
a point p are the eigenvalues of the matriz 


hii hiz 
H = 
ho 
and the Gaussian curvature is det(H) and the mean curvature is trace(H). 


We can now compute some examples. Start with a plane X given by 
(ax + by + cz — d = 0). 


Since all of the second derivatives of the linear function az + by + cz — d are 
zero, the extended Hessian is the three-by-three zero matrix, which means 
that the Hessian is the two-by-two zero matrix, which in turn means that 
the principal curvatures, the Gaussian and the mean curvature are all zero, 
as desired. 

Now suppose X = {(x,y,z) : (£? +y? + 2? — r?) = 0}, a sphere of 
radius r. 


The normal is the unit vector 
t Y 2 
l r F) 


and the extended Hessian is 


H = 


O Osaj. 
Osje O 
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and thus that the Hessian is the following diagonal matrix 


1l 
m=(5 2) =F 
0 r r 


The two principal curvatures are both ; and are hence independent of which 
point is considered on the sphere, again agreeing with intuition. 
For the final example, let X be a cylinder : 


1 
X = {(z,y,2): (0 +y” — 7°) = 0}. 


Since the intersection of this cylinder with any plane parallel to the xy 
plane is a circle of radius r, we should suspect that one of the principal 
curvatures should be the curvature of a circle, namely Ł, But also through 
each point on the cylinder there is a straight line parallel to the z-axis, 
suggesting that the other principal curvature should be zero. We can now 
check these guesses. The extended Hessian is 


B 0 0 
H=|0 < 0}. 
0 0 0 
We can choose orthonormal tangent vectors at each point of the cylinder 
of the form 


u=(a b 0) 
and 

v2 = (0 0 1) . 
Then the Hessian is the diagonal matrix 


1 0 
1=(5 9) 
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meaning that one of the principal curvatures is indeed * and the other is 
0. 


7.4 The Gauss-Bonnet Theorem 


Curvature is not a topological invariant. A sphere and an ellipsoid are 
topologically equivalent (intuitively meaning that one can be continuously 
deformed into the other; technically meaning that there is a topological 
homeomorphism from one onto the other) but clearly the curvatures are 
different. But we can not alter curvature too much, or more accurately, 
if we make the appropriate curvature large near one point, it must be 
compensated for at other points. That is the essence of the Gauss-Bonnet 
Theorem, which we only state in this section. 

We restrict our attention to compact orientable surfaces, which are topo- 
logically spheres, toruses, two-holed toruses, three-holed toruses, etc. 


TT 


The number of holes (called the genus g) is known to be the only topolog- 
ical invariant, meaning that if two surfaces have the same genus, they are 
topologically equivalent. 


Theorem 7.4.1 (Gauss-Bonnet) For a surface X, we have 
J Gaussian curvature = 2r (2 — 2g). 
X 


Thus while the Gaussian curvature is not a local topological invariant, its 
average value on the surface is such an invariant. Note that the left-hand 
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side of the above equation involves analysis, while the right-hand side is 
topological. Equations of the form 


Analysis information = Topological information 


permeate modern mathematics, culminating in the Atiyah-Singer Index 
Formula from the mid 1960s (which has as a special case the Gauss-Bonnet 
Theorem). By now, it is assumed that if you have a local differential in- 
variant, there should be a corresponding global topological invariant. The 
work lies in finding the correspondences. 


7.5 Books 


The range in texts is immense. In part this is because the differential geom- 
etry of curves and surfaces is rooted in the nineteenth century while higher 
dimensional differential geometry usually has quite a twentieth century feel 
to it. Three long time popular introductions are by do Carmo [29], Mill- 
man and Parker [85] and O’Neil [91]. A recent innovative text, emphasizing 
geometric intuitions is by Henderson [56]. Alfred Gray [48] has written a 
long book built around Mathematica, a major software package for mathe- 
matical computations. T'his would be a good source to see how to do An 
calculations. Thorpe's text [111] is also interesting. 

McLeary’s Geometry from a Differentiable Viewpoint [84] has a lot of 
material in it, which is why it is also listed in the chapter on axiomatic 
geometry. Morgan [86] has written a short, readable account of Riemannian 
geometry. Then there are the classic texts. Spivak’s five volumes [102] 
are impressive, with the first volume a solid introduction. The bible of 
the 1960s and 70s is Foundations of Differential Geometry by Kobayashi 
and Nomizu [74]; though fading in fashion, I would still recommend all 
budding differential geometers to struggle with its two volumes, but not as 
an introductory text. 


7.6 Exercises 


1. Let C be the plane curve given by r(t) = (x(t), y(t)). Show that the 
curvature at any point is 
_ gly"! = y al! 
(eye) 


(Note that the parametrization r(t) is not necessarily the arc length parametriza: 
tion.) 
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2. Let C be the plane curve given by y = f(x). Show that a point p = 
(Zo, Yo) is a point of inflection if and only if the curvature at pis zero. (Note 
that p is a point of inflection if f“(xp) = 0.) 

. 3. For the surface described by 


2 

2=2x + =, 
find the principal curvatures at each point. Sketch the surface. Does the 
sketch provide the same intuitions as the principal curvature calculations? 
4, Consider the cone 

z =g + Y. 

Find the image of the Gauss map. (Note that you need to make sure that 
the normal vector has length one.) What does this image have to say about 
the principal curvatures? 
5. Let 


A(t) = (ar (t), a2(t), az(t)) 


and 
B(t) = (bı (t), ba(t), ba (t)) 


be two 3-tuples of differentiable functions. Show that 


dB 


d dA 
qe AE) BO) = + BW) + Alt) >. 


Chapter 8 


Geometry 


The axiomatic geometry of Euclid was the model for correct reasoning from 
at least as early as 300 BC to the mid 1800s. Here was a system of thought 
that started with basic definitions and axioms and then proceeded to prove 
theorem after theorem about geometry, all done without any empirical in- 
put. It was believed that Euclidean geometry correctly described the space 
that we live in. Pure thought seemingly told us about the physical world, 
which is a heady idea for mathematicians. But by the early 1800s, non- 
Euclidean geometries had been discovered, culminating in the early 1900s 
in the special and general theory of relativity, by which time it became 
clear that, since there are various types of geometry, the type of geometry 
that describes our universe is an empirical question. Pure thought can tell 
us the possibilities but does not appear able to pick out the correct one. 
(For a popular account of this development by a fine mathematician and 
mathematical gadfly, see Kline's Mathematics and the Search for Knowledge 
[73].) 

Euclid started with basic definitions and attempted to give definitions 
for his terms. Today, this is viewed as a false start. An axiomatic system 
starts with a collection of undefined terms and a collection of relations (ax- 
ioms) among these undefined terms. We can then prove theorems based 
on these axioms. Án axiomatic system “works” if no contradictions occur. 
Hyperbolic and elliptic geometries were taken seriously when it was shown 
that any possible contradiction in them could be translated back into a con- 
tradiction in Euclidean geometry, which no one seriously believes contains 
a contradiction. This will be discussed in the appropriate sections of this 
chapter. 
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8.1 Euclidean Geometry 


Euclid starts with twenty-three Definitions, five Postulates and five Com- 

mon Notions. We will give a flavor of his language by giving a few examples 

of each (following Heath’s translation of Euclid’s Elements [32]; another ex- 

cellent source is in Cederberg’s A Course in Modern Geometries [17]). 
For example, here is Euclid’s definition of a line: 


A line is breadthless length 
and for a surface: 
A surface is that which has length and breadth only. 


While these definitions do agree with our intuitions of what these words 
should mean, to modern ears they sound vague. 

His five Postulates would today be called axioms. They set up the basic 
assumptions for his geometry. For example, his fourth postulate states: 


That all right angles are equal to one another. 


Finally, his five Common Notions are basic assumptions about equalities. 
For example, his third common notion is 


If equals be subtracted from equals, the remainders are equal. 


All of these are straightforward, except for the infamous fifth postulate. 
This postulate has a different feel than the rest of Euclid’s beginnings. 


Fifth Postulate: That, if a straight line falling on two straight lines makes 
the interior angles on the same side less than two right angles, the two 
straight lines, if produced indefinitely, meet on that side on which are the 
angles less than the two right angles. 


Certainly by looking at the picture 


necessary point 
J of intersection 


interior 
angles 
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we see that this is a perfectly reasonable statement. We would be surprised 
if this were not true. What is troubling is that this is a basic assumption. 
Axioms should not be just reasonable but obvious. This is not obvious. 
It is also much more complicated than the other postulates, even in the 
superficial way that its statement requires a lot more words than the other 
postulates. In part, it is making an assumption about the infinite, as it 
states that if you extend lines further out, there will be an intersection 
point. A feeling of uneasiness was shared by mathematicians, starting with 
Euclid himself, who tried to use this postulate as little as possible. 

One possible approach is to replace this postulate with another one that 
is more appealing, turning this troubling postulate into a theorem. There 
are a number of statements equivalent to the fifth postulate, but none that 
really do the trick. Probably the most popular is Playfair’s Axiom: 

Given a point off of a line, there is a unique line through the point 
parallel to the given line. 


point p 
aan e Or... .... p- 


unique line parallel 
to | through p 


line | 


Certainly a reasonable statement. Still, it is quite bold to make this a basic 
assumption. It would be ideal if the fifth postulate could be shown to be 
a statement provable from the other axioms. The development of other 
geometries stemmed from the failed attempts in trying to prove the fifth 
postulate. 


8.2 Hyperbolic Geometry 


One method for showing that the fifth postulate must follow from the other 
axioms is to assume it is false and find a contradiction. Using Playfair’s 
Axiom, there are two possibilities: either there are no lines through the 
point parallel to the given line or there are more than one line through the 
point parallel to the given line. These assumptions now go by the names: 


Elliptic Axiom: Given a point off of a given line, there are no lines through 
the point parallel to the line. 


This is actually just making the claim that there are no parallel lines, 
or that every two lines must intersect (which again seems absurd). 


e Store oxygen cylinders away from acetylene 
cylinders. A non-combustible wall at least 5 feet 
high should be used to separate cylinders. 


e Be sure the cylinder valves are closed and pressure 
is relieved from the hoses before you leave the 
work area. 


e Wear welding gloves, helmet, leather apron, 
welding chaps, leather shoes, welding goggles, and 
other personal protective equipment to help 
prevent weld burns and injury. 
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Hyperbolic Axiom: Given a point off of a given line, there is more than 
one line through the point parallel to the line. 


What is meant by parallel must be clarified. Two lines are defined to 
be parallel if they do not intersect. 

Geroloamo Saccheri (1667-1773) was the first to try to find a contra- 
diction from the assumption that the fifth postulate is false. He quickly 
showed that if there is no such parallel line, then contradictions occurred. 
But when he assumed the Hyperbolic Axiom, no contradictions arose. Un- 
fortunately for Saccheri, he thought that he had found such a contradiction 
and wrote a book, Euclides ab Omni Naevo Vindicatus (Euclid Vindicated 
from all Faults), that claimed to prove that Euclid was right. 

Gauss (1777-1855) also thought about this problem and seems to have 
realized that by negating the fifth postulate, other geometries would arise. 
But he never mentioned this work to anybody and did not publish his 
results. 

It was Lobatchevsky (1793-1856) and Janos Bolyai (1802-1860) who, 
independently, developed the first non-Euclidean geometry, now called hy- 
perbolic geometry. Both showed, like Saccheri, that the Elliptic Axiom was 
not consistent with the other axioms of Euclid, and both showed, again like 
Saccheri, that the Hyperbolic Axiom did not appear to contradict the other 
axioms. Unlike Saccheri though, both confidently published their work and 
did not deign to find a fake contradiction. 

Of course, just because you prove a lot of results and do not come up 
with a contradiction does not mean that a contradiction will not occur the 
next day. In other words, Bolyai and Lobatchevsky did not have a proof 
of consistency, a proof that no contradictions could ever occur. Felix Klein 
(1849-1925) is the main figure for finding models for different geometries 
that would allow for proofs of consistency, though the model we will look 
at was developed by Poincaré (1854-1912). 

Thus the problem is how to show that a given collection of axioms forms 
a consistent theory, meaning that no contradiction can ever arise. The 
model approach will not show that hyperbolic geometry is consistent but in- 
stead show that it is as consistent as Euclidean geometry. The method is to 
model the straight lines of hyperbolic geometry as half circles in Euclidean 
geometry. Then each axiom of hyperbolic geometry will be a theorem of 
Euclidean geometry. The process can be reversed, so that each axiom of 
Euclidean geometry will become a theorem in hyperbolic geometry. Thus, 
if there is some hidden contradiction in hyperbolic geometry, there must 
also be a hidden contradiction in Euclidean geometry (a contradiction that 
no one believes to exist). 

Now for the details of the model. Start with the upper half plane 
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H = {(z,y) € R?: y > 0}. 


NES 


4 3 -2 -1 0 1 2 3 4 


Our points will be simply the points in H. The key to our model of hy- 
perbolic geometry is how we define straight lines. We say that a line is 
either a vertical line in H or a half-circle in H that intersects the x-axis 
perpendicularly. 


line 


line 


To see that this is indeed a model for hyperbolic geometry we would have 
to check each of the axioms. For example, we would need to check that 
between any two points there is a unique line (or in this case, show that 
for any two points in H, there is either a vertical line between them or a 
unique half-circle between them). 


unique line through 
p and q 


The main thing to see is that for this model the Hyperbolic Axiom is 
obviously true. 
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What this model allows us to do is to translate each axiom of hyperbolic ge- 
ometry into a theorem in Euclidean geometry. Thus the axioms about lines 
in hyperbolic geometry become theorems about half-circles in Euclidean 
geometry. ‘Therefore, hyperbolic geometry is as consistent as Euclidean 
geometry. 

Further, this model shows that the fifth postulate can be assumed to 
be either true or false; this means that the fifth postulate is independent of 
the other axioms. 


8.3 Elliptic Geometry 


But what if we assume the Elliptic Axiom. Saccheri, Gauss, Bolyai and 
Lobatchevsky all showed that this new axiom was inconsistent with the 
other axioms. Could we, though, alter these other axioms to come up with 
another new geometry. Riemann (1826-1866) did precisely this, showing 
that there were two ways of altering the other axioms and thus that there 
were two new geometries, today called single elliptic geometry and double 
elliptic geometry (named by Klein). For both, Klein developed models and 
thus showed that both are as consistent as Euclidean geometry. 

In Euclidean geometry, any two distinct points are on a unique line. 
Also in Euclidean geometry, a line must separate the plane, meaning that 
given any line l, there are at least two points off of l such that the line 
segment connecting the two points must intersect l. 

For single elliptic geometry, we assume that a line does not separate the 
plane, in addition to the Elliptic Axiom. We keep the Euclidean assumption 
that any two points uniquely determine a line. For double elliptic geometry,, 
we need to assume that two points can lie on more than one line, but now 
keep the Euclidean assumption that a line will separate the plane. All of 
these sound absurd if you are thinking of straight lines as the straight lines 
from childhood. But under the models that Klein developed, they make 
sense, as we will now see. 

For double elliptic geometry, our “plane” is the the unit sphere, the 
points are the points on the sphere and our “lines” will be the great circles 
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on the spheres. (The great circles are just the circles on the sphere with 
greatest diameter.) 


Note that any two lines will intersect (thus satisfying the Elliptic Ax- 
iom) and that while most pairs of points will uniquely define a line, points 
opposite to each other will lie on infinitely many lines. Thus statements 
about lines in double elliptic geometry will correspond to statements about 
great circles in Euclidean geometry. 

For single elliptic geometry, the model is a touch more complicated. Our 
“plane” will now be the upper half-sphere, with points on the boundary 
circle identified with their antipodal points, i.e., 


{(x,y,z): 2° +y? +2 =1,2 > 0)/[(x, y, 0) is identified with (—x, —y, 0)). 


line 


A 


line 


Thus the point on the boundary (45, — > 0) is identified with the point 


Ea > 0). Our “lines” will be the great half-circles on the half-sphere. 
Note that the Elliptic Axiom is satisfied. Further, note that no line will 
separate the plane, since antipodal points on the boundary are identified. 
Thus statements in single elliptic geometry will correspond to statements 


about great half-circles in Euclidean geometry. 


8.4 Curvature 


One of the most basic results in Euclidean geometry is that the sum of the 
angles of a triangle is 180 degrees, or in other words, the sum of two right 
angles. 
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Recall the proof. Given a triangle with vertices P, Q and R, by Playfair’s 
Axiom there is a unique line through R parallel to the line spanned by P 
and Q. By results on alternating angles, we see that the the angles a, 8 
and y must sum to that of two right angles. 


Note that we needed to use Playfair’s axiom. Thus this result will not 
necessarily be true in non-Euclidean geometries. This seems reasonable if 
we look at the picture of a triangle in the hyperbolic upper half-plane and 
of a triangle on the sphere of double elliptic geometry. 


ÓN 
cheer GRY 


What happens is that in hyperbolic geometry the sums of the angles of 
a triangle are less than 180 degrees while, for elliptic geometries, the sum 
of the angles of a triangle will be greater than 180 degrees. It can be 
shown that the smaller that the area of the triangle is, the closer the sum 
of the triangle’s angles will be to 180 degrees. This in turn is linked to 
the Gaussian curvature. It is the case (though it is not obvious) that 
methods of measuring distance (i.e., metrics) can be chosen so that the 
different types of geometry will have different Gaussian curvatures. More 
precisely, the Gaussian curvature of the Euclidean plane will be zero, of 
the hyperbolic plane will be —1 and of the elliptic planes will be 1. Thus 
differential geometry and curvature are linked to the axiomatics of different 
geometries. 


8.5 Books 


One of the best popular books in mathematics of all time is Hilbert and 
Cohn-Vossens’ Geometry and the Imagination [58]. All serious students 
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should study this book carefully. One of the 1900s best geometers (someone 
who actually researched in areas that nonmathematicians would recognize 
as geometry), Coxeter, wrote a great book, Introduction to Geometry [23]. 
More standard, straightforward texts on various types of geometry are by 
Gans [44], Cederberg [17] and Lang and Murrow [81] . Robin Hartshorne's 
Geometry: Euclid and Beyond [55] is an interesting recent book. Also, 
McLeary’s Geometry from a Differentiable Viewpoint [84] is a place to see 
both non-Euclidean geometries and the beginnings of differential geometry. 


8.6 Exercises 


1. This problem gives another model for hyperbolic geometry. Our points 
will be the points in the open disc: 


D={(z,y): 2% +y* <1}. 


The lines will be the arcs of circles that intersect perpendicularly the bound- 
ary of D. Show that this model satisfies the Hyperbolic Axiom. 


. Dd Pew 


2. Show that the model in problem 1 and the upper half plane model are 
equivalent, if, in the upper half plane, we identify all points at infinity to a 
single point. 
3. Give the analogue of Playfair’s Axiom for planes in space. 
4. Develop the idea of the upper half space so that if P is a “plane” and p 
is a point off of this plane, then there are infinitely many planes containing 
p that do not intersect the plane P. 
5. Here is another model for single elliptic geometry. Start with the unit 
disc 

D = {(z,y) : 2" +y” < 1}. 
Identify antipodal points on the boundary. Thus identify the point (a,b) 


with the point (—a, —b), provided that a? + b? = 1. Our points will be the 
points of the disc, subject to this identification on the boundary. 
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(a,b) 


(-a,-b) 


Lines will in this model be Euclidean lines, provided they start and end at 
antipodal points. Show that this model describes a single elliptic geometry. 
6. Here is still another model for single elliptic geometry. Let our points 
be lines through the origin in space. Our lines in this geometry will be 
planes through the origin in space. (Note that two lines through the origin 
do indeed span a unique plane.) Show that this model describes a single 
elliptic geometry. 

7. By looking at how a line through the origin in space intersects the top 
half of the unit sphere 


[(x,y, 2) : 2? +y? + 2° = land z > 0), 


show that the model given in problem 6 is equivalent to the model for single 
elliptic geometry given in the text. 


Chapter 9 


Complex Analysis 


Basic Object: The complex numbers 
Basic Map: Analytic functions 


Basic Goal: Equivalences of analytic functions 


Complex analysis in one variable studies a special type of function (called 
analytic or holomorphic) mapping complex numbers to themselves. There 
are a number of seemingly unrelated but equivalent ways for defining an 
analytic function. Each has its advantages; all should be known. 

We will first define analyticity in terms of a limit (in direct analogy 
with the definition of a derivative for a real-valued function). We will then 
see that this limit definition can also be captured by the Cauchy-Riemann 
equations, an amazing set of partial differential equations. Analyticity will 
then be described in terms of relating the function with a particular path 
integral (the Cauchy Integral Formula). Even further, we will see that a 
function is analytic if and only if it can be locally written in terms of a 
convergent power series. We will then see that an analytic function, viewed 
as a map from R? to R*, must preserve angles (which is what the term 
conformal means), provided that the function has a nonzero derivative. 
Thus our goal is: 


Theorem 9.0.1 Let f : U — C be a function from an open set U of the 
complex numbers to the complex numbers. The function f(z) is said to be 
analytic if it satisfies any of the following equivalent conditions: 

a) For all zo € U, 


lim f(z) — f (zo) 


2->20 z — £0 


exists. This limit is denoted by f'(zo) and is called the complex derivative. 
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b) The real and imaginary parts of the function f satisfy the Cauchy- 
Riemann equations: 


ORe(f) _ DIm(f) 
Or Oy 


and 
ORe(f) 0Im(f) 
y — ðr’ 


c) Leto be a counterclockwise simple loop in U such that every interior 
point ofo is also in U. If z is any complex number in the interior of o, 


then 
1 


f(z) 
= | ——dz. 
f (zo) 2ni Je Z — Zo i 
d) For any complex number zo, there is an open neighborhood in U of 
zo in which 


OQ 
f(z) = Ss On(z — zo)”, 
n=0 
a uniformly converging series. 
Further, if f is analytic at a point zo and if f' (zo) 40, then at zo, the 
Jjuncion f is conformal (i.e., angle-preserving), viewed as a map from R* 
to R”. 


There is a basic distinction between real and complex analysis. |Real 
analysis studies, in essence, differentiable functions; this is not a major re- 
striction on functions at all. Complex analysis studies analytic functions; 
this is a major restriction on the type of functions studied, leading to the 
fact that analytic functions have many amazing and useful properties. An- 
alytic functions appear throughout modern mathematics and physics, with 
applications ranging from the deepest properties of prime numbers to the 
subtlety of fluid flow. Know this subject well. 


9.1 Analyticity as a Limit 


For the rest of this chapter, let U denote an open set of the complex numbers 
C. 

Let f : U > C be a function from our open set U of the complex 
numbers to the complex numbers. 


Definition 9.1.1 At a point z € U, the function f(z) is analytic (or 
holomorphic) if 


ia f(z) — f (2) 


z= zo Zz — RO 
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exists. This limit is denoted by f'(zo) and is called the derivative. 


Of course, this is equivalent to the limit 


im Ho + h) — fl) 


h-0 h 


existing for h € C. 

Note that this is exactly the definition for a function f : R > R to 
be differentiable if all C’s are replaced by R’s. Many basic properties 
of differentiable functions (such as the product rule, sum rule, quotient 
rule, and chain rule) will immediately apply. Hence, from this perspective, 
there does not appear to be anything particularly special about analytic 
functions. But the involved limits are not limits on the real line but limits in 
the real plane. This extra complexity creates profound distinctions between 
real differentiable functions and complex analytic ones, as we will see. 

Our next task is to give an example of a nonholomorphic function. We 
need a little notation. The complex numbers C form a real two dimensional 
vector space. More concretely, each complex number z can be written as 
the sum of a real and imaginary part: 


2= +1. 


The complex conjugate of z is 
Z=—. 
Note that the square of the length of the complex number z as a vector in 
RŽ is 
a+ y? = 22. 


THANK YOU 
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Keeping in tune with this notion of length, the product zz is frequently 
denoted by: 
AA ge 
Fix the function 
f(z) =Z>2-1y. 

We will see that this function is not holomorphic. The key is that in the 
definition we look at the limit as h — 0 but h must be allowed to be any 
complex number. Then we must allow h to approach 0 along any path in 
C, or in other words, along any path in R?. We will take the limit along 
two different paths and see that we get two different limits, meaning that 
z is not holomorphic. 

For convenience, let zg = 0. Let h be real valued. Then for this h we 


™ EM) FO) h 

hud h0 Tamh 
Now let h be imaginary, which we label, with an abuse of notation, by hi, 
with h now real. Then the limit will be: 


lim flat) — HO) = lim EURE zoj 


hi>0 hi—0 h30 hi 


= Ll 


Since the two limits are not equal, the function Z cannot be a holomorphic 
function. 


9.2 Cauchy-Riemann Equations 


For a function f : U > C, we can split the image of f into its real and 
imaginary parts. Then, using that 


2=x+1y = (2,9), 


we can write f(z) = u(z) + iv(z) as 


f(z,y) = ulz, y) + iv(z, y). 


For example, if f(z) = 2?, we have 
f(z) = 2 
= (x+iy)? 
z’ — y + Qayi. 
Then the real and imaginary parts of the function f will be: 
ue, y) = -y 
v(r,y) = 2zy. 
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The goal of this section is to capture the analyticity of the function f by 
having the real-valued functions u and v satisfy a special system of partial 
differential equations. 


Definition 9.2.1 Real-valued functions u,v: U — R satisfy the Cauchy- 
Riemann equations if 


du(z,y) _ Ov(e,y) 


and 


Though not at all obvious, this is the most important system of partial 
differential equations in all of mathematics, due to its intimate connection 
with analyticity, described in the following theorem. 


Theorem 9.2.1 A complex-valued function f(x,y) = u(x,y) + iv(x,y) is 
analytic at a point z = Zo + iyo if and only if the real-valued functions 
u(z,y) and v(z, y) satisfy the Cauchy-Riemann equations at zo. 


We will show that analyticity implies the Cauchy-Riemann equations 
and then that the Cauchy-Riemann equations, coupled with the condition 
that the partial derivatives 2u, gu em and oe are continuous, imply analyt- 
icity. This extra assumption requiring the continuity of the various partials 


is not needed, but without it the proof is quite a bit harder. 


Proof: We first assume that at a point zo = Zo + iyo, 


lim f (zo +h) — f (zo) 
h-0 h 


exists, with the limit denoted as usual by f’(z9). The key is that the number 
h is a complex number. Thus when we require the above limit to exist as 
h approaches zero, the limit must exist along any path in the plane for h 
approaching zero. 
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a 


possible paths to Zo 


The Cauchy-Riemann equations will follow by choosing different paths for 
h. 
First, assume that h is real. Then 


f(zo +h) = f(to + h, y) = ulZo + h, y) + iv(zo + h, y). 


By the definition of analytic function, 


mn Fo + ie f (20) 


I — 
f (z0) = lim 
= a E TEES, 
E h=>0 h 
= tim Lot h, Yo) — uo, 80) |; jim 20 +h, Yo) ~ v(eo, Yo) 


= (0,10) = im (0; Yo); 


by the definition of partial derivatives. 
Now assume that h is always purely imaginary. For ease of notation we 
denote h by hi, h now real. Then 


f(zo + hi) = f(z0, yo + h) = u(zo, Yo + h) + iv(zo, Yo + A). 
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We have, for the same complex number f'(z0) as before, 


lim f(zo tth) — f(z) 


1 —« 

F(z) = h>0 ih 
2, ee ul(To, Yo +h) + iv(zo, Yo + h) — (ulzo, yo) + tv(Zo, yo)) 
hh ih | 
= E lan ulZo, Yo Te h) m u(zo, Yo) + lim u(z£o, Yo T h) = v(Zo, yo) 

2 h-0 h h-0 h 
Ou Ov 

— igy (o, Yo) T Oy (Zo, Yo), 

by the definition of partial differentiation and since + = —i. 


But these two limits are both equal to the same complex number f’ (zo). 


Hence 
Ou ðv Ou Ov 


y e 


a = "a 


Since Su w, on and S are all real-valued functions, we must have 
ðu Ov 
Ox Oy 
du Ov 
Oy — Oa’ 


the Cauchy-Riemann equations. 

Before we can prove that the Cauchy-Riemann equations (plus the extra 
assumption of continuity on the partial derivatives) imply that f(z) is an- 
alytic, we need to describe how complex multiplication can be interpreted 
as a linear map from R? to R° (and hence as a 2 x 2 matrix). 

Fix a complex number a+b+. Then for any other complex number ++y, 
we have 

(a + biz + iy) = (ax — by) + ¿(ay + bx). 


Representing z ++2y as a vector (z) in R*, we see that multiplication by 
a + bi corresponds to the matrix multiplication 


a —b Y fax — by 
b a y) \br+ay/] 
As can be seen, not all linear transformations EA : R? > R? correspond 


to multiplication by a complex number. In fact, from the above we have 


(6) 


Lemma 9.2.1 The matriz 
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corresponds to multiplication by a complex number a + bi if and only if 
A= D =a and B=-—C = —b. 


Now we can return to the other direction of the theorem. First write 
our function f : C — C as a map f : R? > R? by 


few = (wan) 


As described in Chapter Three, the Jacobian of f is the unique matrix 


Df = ( 54 (20,40) Zu(zo, yo) 


Se (zo, yo) Sy (xo; Yo) 


satisfying 
| ( u(x, y) ) _ ( u(Lo, Yo) DÍ ( PRMD ) | 
A v(x, y) v(to, Yo) y — Yo 
liie SS ee ee 
zzo (x — zo, y — yo)| 
But the Cauchy-Riemann equations, ĝu = ou and ĝu = — 22, tell us that 


this Jacobian represents multiplication by a complex number. Call this 
complex number f'(zo). Then, using that z = z + iy and Zo = Zo + iyo, we 
can rewrite the above limit as 


a LE (2) — ie) - Heals -*)|_o 
2-429 Z — Y 


This must also hold without the absolute value signs and hence 


0 = tim OEL — Fo) = 20) 


2—>20 Z — BO 


im FO — F(20) 


ao ae f (zo). 
Thus 
f'o) = Jim LLL 


will always exist, meaning that the function f : C + C is analytic. O 
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9.3 Integral Representations of Functions 


Analytic functions can also be defined in terms of path integrals about 
closed loops in C. This means that we will be writing analytic functions as 
integrals, which is what is meant by the term integral representation. We 
will see that for a closed loop Y, 


the values of an analytic function on interior points are determined from the 
values of the function on the boundary, which places strong restrictions on 
what analytic functions can be. The consequences of this integral represen- 
tation of analytic functions range from the beginnings of homology theory 
to the calculation of difficult real-valued integrals (using residue theorems). 

We first need some preliminaries on path integrals and Green’s Theorem. 
Let o be a path in our open set U. In other words, o is the image of a 
differentiable map 


c : [0,1] > U. 


010-1013) 


0)=(x(0), y(0 
a(0)=(x(0),y(0)) O()=(x(0,0(0)) 


Writing o(t) = (z(t), y(t)), with z denoting the real coordinate of C and y 
the imaginary coordinate, we have: 


Definition 9.3.1 Jf P(x,y) and Q(xz,y) are real-valued functions defined 
on an open subset U of R? =C, then 


/ Pde + Qdy = J Plato) Eat + l Q(a(t), ult) Lat. 
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If f:U > C is a function written as 
f(z) = f(x,y) = ulz, y) + iv(z,y) = u(z) + iv(z), 
then 
Definition 9.3.2 The path integral f, f(z)dz is defined by 


J Fae = J (ulz, y) + iule, y) (de + idy) 
/ (u(x, y) + ¿v(x, y)) dx + / (iu(z, y) — v(x, y)) dy. 


The goal of this section is to see that these path integrals have a number 
of special properties when the function f is analytic. 

A path ø is a closed loop in U if there is a parametrization ø : [0,1] + U 
with 0(0) = a(1). 


O(0)=9(1) 


Note that we are using the same symbol for the actual path and for the 
parametrization function. The loop is simple if o(t)4o(s), for all sXt, 
except for when ¢ or s is zero or one. 


simple 
not simple 


We will require all of our simple loops to be parametrized so that they are 
counterclockwise around their interior. For example, the unit circle is a 
counterclockwise simple loop, with parametrization 


a(t) = (cos(2rt), sin(27t)). 
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o(t)=(cos(21t) sin(231t)) 
y 


We will be interested in the path integrals of analytic functions around 
counterclockwise simple loops. Luckily, there are two key, easy examples 
that demonstrate the general results. Both of these examples will be in- 
tegrals about the unit circle. Consider the function f : C — C defined 
by 

fe)= z2r Fiy: 


Then 


/ zdz 


J (x + ¿y) (du + idy) 


fe + iy)dz + [ — y)dy 


| J f(2)dz 


1 
/ (cos(27t) + isin(2nt))— cos(2rrt)dt 
0 


1 
+ / (i cos(2xt) — sin(2nt))-< sin(2rt)dt 
0 
=: O 
when the integral is worked out. 


On the other hand, consider the function f(z) = +. On the unit circle 
we have |z|? = 22 = 1 and hence + = Z. Then 


| fdz = f 2 - | ia J (cos(2rt) — isin(2rt))(dz + idy) 


= 20, 
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when the calculation is performed. We will soon see that the reason that the 
path integral JE dz equals 273 for the unit circle is that the function > is not 


well-defined in the interior of the circle (namely at the origin). Otherwise 
the integral would be zero, as in the first example. Again, though not at 
all apparent, these are the two key examples. 

The following theorems will show that the path integral of an analytic 
function about a closed loop will always be zero if the function is also 
analytic on the interior of the loop. 

We will need, though, Green's. Theorem: 


Theorem 9.3.1 (Green's Theorem) Leto be a counterclockwise simple 
loop in C and Q its interior. If P(x,y) and Q(x,y) are two real-valued 
differentiable functions, then 


[rrom [ (3-5) dady. 


The proof is exercise 5 in Chapter Five. 
Now on to Cauchy’s Theorem: 


Theorem 9.3.2 (Cauchy’s Theorem) Leto be a counterclockwise sim- 
ple loop in an open set U such that every point in the interior of o is 
contained in U. If f:U > C is an analytic function, then 


[ f(z)dz = 0. 


Viewing the path integral f_ f(z)dz as some sort of average of the values 
of f(z) along the loop ø, this theorem is stating the average value is zero 
for an analytic f. By the way, this theorem is spectacularly false for most 
functions, showing that those that are analytic are quite special. 
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Proof: (under the additional hypothesis, which can be removed with some 
work, that the complex derivative f'(z) is continuous). 

Write f(z) = u(z) + iv(z), with u(z) and v(z) real-valued functions. 
Since f(z) is analytic we know that the Cauchy-Riemann equations hold: 


du _ dv 

Ox Oy 
and 

du _ Ov 

Oy Oz 
Now 


] ds = J EE EET 
| (udg — vdy) +i l (udy + vdz) 


Ji (as S=) dady siff (Fe - Fe) ded, 


by Green’s Theorem, where as before Q denotes the interior of the closed 
loop ø. But this path integral must be zero by the Cauchy-Riemann equa- 
tions. O 

Note that while the actual proof of Cauchy’s Theorem was short, it used 
two major earlier results, namely the equivalence of the Cauchy-Riemann 
equations with analyticity and Green’s Theorem. 

This theorem is at the heart of all integral-type properties for analytic 
functions. For example, this theorem leads (nontrivially) to the following, 
which we will not prove: 


Theorem 9.3.3 Let f : U > C be analytic in an open set U and let o 
and & be two simple loops so that a can be continuously deformed to ô in 
U (i.e., o and ĉ are homotopic in U). Then 


| s@ee= | sas. 


Intuitively, two loops are homotopic in a region U if one can be continuously 
deformed into the other within U. Thus 
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gı and gz are homotopic to each other in the region U but not to 93 in this 
region (though all three are homotopic to each other in C). The technical 
definition is: 


Definition 9.3.3 Two paths cı and oz are homotopic in a region U if 
there 1s a continuous map 


T : (0,1) x [0,1] > U 


with 
T(t,0) = 01(t) 


and 
T(t, 1) = dalt). 


01(t)=1(t,0) 


O2(t)=1(t,1) 


S 


T(t.5) 


In the statement of Cauchy’s Theorem, the requirement that all of the 
points in the interior of the closed loop a be in the open set U can be 
restated as requiring that the loop ø is homotopic to a point in U. 

We also need the notion of simply connected. A set U in C is simply 
connected if every closed loop in U is homotopic in U to a single point. 
Intuitively, U is simply connected if U contains the interior points of every 
closed loop in U. For example, the complex numbers C is simply connected, 
but C—(0,0) is not simply connected, since C—(0,0) does not contain the 
unit disc, even though it does contain the unit circle. 
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We will soon need the following slight generalization of Cauchy’s The- 
orem: 


Proposition 9.3.1 Let U be a simply connected open set in C. Let f: 
U => C be analytic except possibly at a point z but continuous everywhere. 
Let o be any counterclockwise simple loop in U. Then 


| flz)dz =0. 


The proof is similar to that of Cauchy’s Theorem; the extension is that we 
have to guarantee that all still works even if the point zo lies on the loop ø. 
All of these lead to: 


Theorem 9.3.4 (Cauchy Integral Formula) Let f : U > C be ana- 
lytic on a simply connected open set U in C and let o be a counterclockwise 
simple loop in U. Then for any point zo in the interior of a, we have 


1 f fz) 
== | ——dz. 
F(20) 271 Jo 2— Zo i 
The meaning of this theorem is that the value of the analytic function f at 
any point in the interior of a region can be obtained by knowing the values 
of f on the boundary curve. 
Proof: Define a new function g(z) by setting 


g(z) = f(z) — f (zo) 


, 
x — zo 


when z Æ zo and setting 
g(z) = f(z) 


when z = Zo. 
Since f(z) is analytic at zo, by definition we have 


f' (zo) = lim f(z) = fo) 
2>20 Z Z0 
meaning that the new function g(z) is continuous everywhere and analytic 
everywhere except for possibly at zo. 
Then by the last theorem we have f, g(z)dz = 0. Thus 


o ID- 110 [1d 


o 2-20 o Z — Zo o 27% 
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Then 
Ho) a, Ho) 4, 


o Z — 20 o Z — £0 


1 
= fleo) | ir, 


since f (zo) is just a fixed complex number. But this path integral is just 
our desired 2rif (zo), by direct calculation, after deforming our simple loop 
g to a circle centered at zo. D 

In fact, the converse is also true. 


Theorem 9.3.5 Let o be a counterclockwise simple loop and f : o => C 
any continuous function on the loop o. Extend the function f to the interior 
of the loop o by setting 


1 f(z) 
= -— d 
Fo) 271 Jo 2 — 2 í 
for points z in the interior. Then f(z) is analytic on the interior of o. 
Further, f is infinitely differentiable with 
Eo f(z) 


k 
Se ee 
Po) 211 Jo (2 — zo)*+! Á 


Though a general proof is in most books on complex analysis, we will 
only sketch why the derivative f’ (zo) is capable of being written as the path 
integral 


1 f(z) 


Qni J, (220)? 


For ease of notation, we write 
1 f f(w) 
=— | ——dw. 
F(z) 7] wz” 


Then 


Il 


d 

qi) 

_ afl f fw) 
dz (= pL aw) 
_ 1 fa f fw) 

= Oni (SS) aw 
1 f iw, 
2ri J, (w — 2)? 


P (2) 
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as desired. 

Note that in this theorem we are not assuming that the original function 
f:0 — was analytic. In fact the theorem is saying that any continuous 
function on a simple loop can be used to define an analytic function on the 
interior. The reason that this can only be called a sketch of a proof was 
that we did not justify the pulling of the derivative < inside of the integral. 


9.4 Analytic Functions as Power Series 


Polynomials anz” +an-1z”7! +- --+aọ are great functions to work with. In 
particular they are easy to differentiate and to integrate. Life would be easy 
if all we ever had to be concerned with were polynomials. But this is not 
the case. Even basic functions such as e7”, log(z) and the trig functions are 
just not polynomials. Luckily though, all of these functions are analytic, 
which we will see in this section means that they are almost polynomials, 
or more accurately, glorified polynomials, which go by the more common 
name as power series. In particular the goal of this section is to prove: 


Theorem 9.4.1 Let U be an open set in C. A function f : U => C is 
analytic at zo if and only if in a neighborhood of zo, f(z) is equal to a 
uniformly convergent power series, i.e., 


f(2) = Y an(z — 20)”. 
n=0 


Few functions are equal to uniformly convergent power series (these “glo- 
rified polynomials”). Thus we will be indeed showing that an analytic 
function can be described as such a glorified polynomial. 

Note that if 


f(z) 


OO 
y anlz— zo)” 
n=0 


ao +.a1(z — zo) + a2(z— 20) +>, 


we have that 


f (20) = (o, 
Ple) = a, 
f(z) = 2a, 


f™ (zo) = kap: 
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Thus, if f(z) = Yo an(z — zo)”, we have 


n=0 


the function’s Taylor series. In other words, the above theorem is simply 
stating that an analytic function is equal to its Taylor series. 

We first show that any uniformly convergent power series defines an 
analytic function by reviewing quickly some basic facts about power series 
and then sketching a proof. 

Recall the definition of uniform convergence, given in Chapter Three. 


Definition 9.4.1 Let U be a subset of the complex numbers C. A sequence 
of functions, fn: A > C, converges uniformly to a function f : U + C if 
given any € > 0, there is some positive integer N such that for all n > N, 


Ifa) — Fle) < e, 
for all points z in U. 


In other words, we are guaranteed that eventually all the functions f,,(z) 
will fall within any e-tube about the limit function f(z). 

The importance of uniform convergence for us is the following theorem, 
which we will not prove here: 


Theorem 9.4.2 Let the sequence {fn(z)} of analytic functions converge 
uniformly on an open set U to a function f : U 4 C. Then the function 
f(z) ts also analytic and the sequence of derivatives (f/,(z)) will converge 
pointwise to the derivative f'(z) on the set U. 


Now that we have a definition for a sequence of functions to converge 
uniformly, we can make sense out of what it would mean for a series of func- 
tions to converge uniformly, via translating series statements into sequence 
statements using the partial sums of the series. 


Definition 9.4.2 A series Y, an[2—20)”, for complex numbers an and 

zo, converges uniformly in an open set U of the complex numbers C if the 
N w A 

sequence of polynomials {9 „o an(z — zo)” } converges uniformly in U. 


By the above theorem and since polynomials are analytic, we can con- 
clude that if 


F(z) = $ anle— 20)” 
n=0 


is a uniformly convergent series, then the function f(z) is analytic. 
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Now to sketch why any analytic function can be written as a uniformly 
convergent power series. The Cauchy Integral Formula from last section 
will be critical. 


Start with a function f which is analytic about a point z. Choose a 
simple loop g about zo. By the Cauchy Integral Formula, 


iia f 4 


dw, 


ont Jw =z 


for any z inside ø. 


Knowing that the geometric series is 


for | r | <1, we see that, for all w and z with |z — zo| < |w — zo], we have 


1 1 1 
w— z w— zo 1-4 


_ 1 5 2 — 20 ý 
— WZ0 w=z0) ` 


n=0 


Restrict the numbers w to lie on the loop ø. Then for those complex 
numbers z with |z — zo| < |w — zol, 
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{z such that 1Z-Zol< dis(Zo, O) 


we have 


f(z) 


1 fw) 

es 

_ f(w) 1 

7 sai | a w — 20 = 

= f(w) = 2— 20 s 
E A aap | z) eq 


_ al flw) [z-z Y" 
AS ™ 


"ERA e 


E o ARE ff) _ ap 
= PI o) e 


a convergent power series. 
Of course the above is not quite rigorous, since we did not justify the 
switching of the integral with the sum. It follows, nontrivially, from the 


n 
fact that the series Y, (¿=) converges uniformly. 


Note that we have also used the Cauchy Integral Formula, namely that 


f(w) 


A o (W— 2p)"+! 


f (zo) = 
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9.5 Conformal Maps 


We now want to show that analytic functions are also quite special when one 
looks at the geometry of maps from R* to R?. After defining conformal 
maps (the technical name for those maps that preserve angles), we will 
show that an analytic function will be conformal at those points where its 
derivative is nonzero. This will be seen to follow almost immediately from 
the Cauchy-Riemann equations. 

Before defining angle-preserving, we need a description for the angle 
between curves. Let 

a, :[-1,1] > R’, 


with oilt) = (21 (t), y1 (t)), and 
07 : [-1,1] > R’, 


with oo(t) = (22(t), ya(t)), be two differentiable curves in the plane which 
intersect, at 


o1(0) = o2(0). 
The angle between the two curves is defined to be the angle between the 
curves’ tangent vectors. 


angle between 
O71 and O2 
y» 


1.. 


Thus we are interested in the dot product between the tangent vectors of 


the curves: 

dor doa. RN Ga ae 

dt d \dt’dt dt’ dt 
dx, dx2 re dy; dyz 
dt dt dt dt 
Definition 9.5.1 A function f(x,y) = (ulx, y), v(x,y)) will be conformal 
at a point (xo, Yo) if the angle between any two curves intersecting at (to, yo) 
is preserved, i.e., the angle between curves a, and oo is equal to the angle 
between the image curves f(0,) and f(ae). 
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Thus 


is conformal while 


f 
PT 


not contormal 
O2 


= (02) 


(01) 


is not. 


Theorem 9.5.1 An analytic function f(z) whose derivative at the point 
Zo ts not zero will be conformal at zo. 


Proof : The tangent vectors are transformed under the map f by multi- 
plying them by the two-by-two Jacobian matrix for f. Thus we want to 
show that multiplication by the Jacobian preserves angles. Writing f in its 
real and imaginary parts, with z = x + îy, as 


f(z) = f(x,y) = ulz, y) + iv(z, y), 


the Jacobian of f at the point z = (to, yo) will be 


Su (£o, yo) SE (zo, yo) 
Se (£0, Yo) y (Lo, Yo) 


Df (to, yo) = 
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But the function f is analytic at the point zo and hence the Cauchy- 
Riemann equations 


ð ð 
zz (to: Yo) = Ay (Zo, Yo) 
ð ð 

— y (20,30) = 5 (Lo, Yo) 


hold, allowing us to write the Jacobian as 


u 


52 (To, Yo) Se (Lo, Yo) 
Df (Zo, Yo) = — Bu (q du . 

dy 0> Yo) Oz (Zo, Yo) 
Note that the columns of this matrix are orthogonal (i.e., their dot product 
is zero). This alone shows that the multiplication by the Jacobian will 
preserve angle. We can also show this by explicitly multiplying the Jacobian 
by the two tangent vectors 2 and “2 and then checking that the dot 

do 


product between ~“ and doa is equal to the dot product of the image 


tangent vectors. O 

This proof uses the Cauchy-Riemann equation approach to analyticity. 
A more geometric (and unfortunately a more vague) approach is to look 
carefully at the requirement for 


tira Feo +h) = Fo) 
h-0 h 


to exist, no matter what path is chosen for h to approach zero. This 
condition must place strong restrictions on how the function f alters angles. 

This also suggests how to approach the converse. It can be shown 
(though we will not) that a conformal function f must satisfy either the 
limit for analyticity 


lim f (zo +h) — f(z) 
h-0 h 


or that the limit holds for the conjugate function f 


tim Feo +h) — Flo) 
h-0 h 


where the conjugate function of f(z) = u(z) + iv(z) is 


f(z) = u(z) — iv(z). 
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9.6 The Riemann Mapping Theorem 


Two domains D; and Da are said to be conformally equivalent if there is a 
one-to-one onto conformal map 


f: Dy > Do. 


If such a function f exists, then its inverse function will also be conformal. 
Since conformal basically means that f is analytic, if two domains are 
conformally equivalent, then it is not possible to distinguish between them 
using the tools from complex analysis. Considering that analytic functions 
are special among functions, it is quite surprising that there are clean results 
for determining when two domains are conformally equivalent. The main 
result is: 


Theorem 9.6.1 (Riemann Mapping Theorem) Two simply connected 
domains, neither of which are equal to C, are conformally equivalent. 


(Recall that a domain is simply connected if any closed loop in the 
domain is homotopic to a point in the domain, or intuitively, if every closed 
loop in the domain can be continuously shrunk to a point.) Frequently this 
result is stated as: for any simply connected domain D that is not equal to 
C, there is a conformal one-to-one onto map from D to the unit disc. Thus 


is conformally equivalent to 


S 
S 
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The Riemann Mapping Theorem, though, does not produce for us the de- 
sired function f. In practice, it is an art to find the conformal map. The 
standard approach is to first find conformal maps from each of the domains 
to the unit disc. Then, to conformally relate the two domains, we just 
compose various maps to the disc and inverses of maps to the disc. 


For example, consider the right half plane 


D — {z E€ C : Re(z) > 0). 


The function 
l-z 


f(z) = 


provides our conformal map from D to the unit disc. This can be checked 
by showing that the boundary of D, the y-axis, maps to the boundary of 
the unit disc. In this case, the inverse to f is f itself. 

The Riemann Mapping Theorem is one reason why complex analysts 
spend so much time studying the function theory of the disc, as knowledge 
about the disc can be easily translated to knowledge about any simply 
connected domain. 

In several complex variables theory, all is much more difficult, in large 
part because there is no higher dimensional analogue of the Riemann Map- 
ping Theorem. There are many simply connected domains in C” that are 
not conformally equivalent. 
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9.7 Several Complex Variables: Hartog’s 
Theorem 


Let f(21,..-,2n) be a complex-valued function of n complex variables. We 
say that f is holomorphic (or analytic) in several variables if f(z1,..., Zn) 
is holomorphic in each variable z; separately. Although many of the basic 
results for one variable analytic functions can be easily carried over to the 
several variable case, the subjects are profoundly different. These differ- 
ences start with Hartog’s Theorem, which is the subject of this section. 

Consider the one-variable function f(z) = +. This function is holomor- 
phic at all points except at the origin, where it is not even defined. “It is 
thus easy to find a one-variable function that is holomorphic except for at 
one point. But what about the corresponding question for holomorphic 
functions of several variables? Is there a function f(z1,..., Zn) that is holo- 
morphic everywhere except at an isolated point? Hartog’s theorem is that 
no such function can exist. 


Theorem 9.7.1 (Hartog’s Theorem) Let U be an open connected re- 
gion in C” and let V be a compact connected set contained in U. Then any 
function f(z1,..-,2n) that is holomorphic on U — V can be extended to a 
holomorphic function that is defined on all of U. 


This certainly includes the case when V is an isolated point. Before 
sketching a proof for a special case of this theorem, consider the following 
question that is now quite natural, namely, is there a natural condition on 
open connected sets U so that there will exist holomorphic functions on U 
that cannot be extended to a larger open set. Such sets U are called domains 
of holomorphy. Hartog’s Theorem says that regions like U — (isolated point) 
are not domains of holomorphy. In fact, a clean criterion does exist and 
involves geometric conditions on the boundary of the open set U (techni- 
cally, the boundary must be pseudoconvex). Hartog’s Theorem opens up a 
whole new world of phenomena for several complex variables. 

One way of thinking about Hartog’s Theorem is in considering the func- 
tion : a where both f and g are holomorphic, as a possible coun- 
terexample. If we can find a holomorphic function g that has a zero at an 
isolated point or even on a compact set, then Hartog’s Theorem will be 
false. Since Hartog’s Theorem is indeed a theorem, an analytic function in 
more than one variable cannot have a zero at an isolated point. In fact, 
the study of the zero locus g(z1,..., Zn) = 0 leads to much of algebraic and 
analytic geometry. 

Now to sketch a proof of Hartog’s Theorem, subject to simplifying as- 
sumptions that U is the polydisc 


U = {(z,w) : |z| < 1, [w] < 1} 
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and that V is the isolated point (0,0). We will also use the fact that if two 
functions that are holomorphic on an open connected region U are equal 
on an open subset of U, then they are equal on all of U. (The proof of this 
fact is similar to the corresponding result in one-variable complex analysis, 
which can be shown to follow from exercise three at the end of this chapter.) 

Let f(z,w) be a function that is holomorphic on U — (0,0). We want to 
extend f to be a holomorphic function on all of U. Consider the sets z = c, 
where c is a constant with |c| < 1. Then the set 


(z = ¢)( XU — (0,0)) 


is an open disc of radius one if c % 0 and an open disc punctured at the 
origin if c= 0. Define a new function by setting 


edie J l PR q, 
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This will be our desired extension. First, the function F' is defined at all 
points of U, including the origin. Since the z variable is not varying in the 
integral, we have by Cauchy’s Integral Formula that F(z, w) is holomorphic 
in the w variable. Since the original function f is holomorphic with respect 
to the z variable, we have that F is holomorphic with respect to z; thus F 
is holomorphic on all of U. But again by Cauchy’s Integral Formula, we 
have that F = f when z Æ 0. Since the two holomorphic functions are 
equal on an open set of U, then we have equality on U — (0,0). 

The general proof of Hartog’s Theorem is similar, namely to reduce the 
problem to slicing the region U into a bunch of discs and punctured discs 
and then using Cauchy’s Integral Formula to create the new extension. 


9.8 Books 


Since complex analysis has many applications, there are many beginning 
textbooks, each emphasizing different aspects of the subject. An excellent 
introduction is in Marsden and Hoffman’s Basic Complex Analysis [83]. 
Palka’s An Introduction to Complex Function Theory [92] is also an excellent 
text. (I first learned complex analysis from Palka.) A recent beginning book 
is Greene and Krantz’ Function Theory of One Complex Variable [49]. For 
a rapid fire introduction, Spiegels’ Complex Variables [101] is outstanding, 
containing a wealth of concrete problems. 

There are a number of graduate texts in complex analysis, which do 
start at the beginning but then build quickly. Ahlfors’ book [1] has long 
been the standard. It reflects the mathematical era in which it was written 
(the 1960s) and thus approaches the subject from a decidedly abstract point 
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of view. Conway’s Functions of One Complex Variable [21] has long been 
the prime competitor to Ahlfors for the beginning graduate student market 
and is also quite good. The recent book by Berenstein and Gay [8] provides 
a modern framework for complex analysis. Á good introduction to complex 
analysis in several variables is Krantz’ Function Theory in Several Variables 
[77]. 

Complex analysis is probably the most beautiful subject in undergradu- 
ate mathematics. Neither Krantz’ Complex Analysis: The Geometric View- 
point [78] nor Davis’ The Schwarz Function and its Applications [25] are 
textbooks but both show some of the fascinating implications contained in 
complex analysis and are good places to see how how analytic functions 
can be naturally linked to other parts of mathematics. 


9.9 Exercises 


1. Letting z = x + iy, show that the function 


f(z) = f(a,y) = y? 


is not analytic. Show that it does not satisfy the Cauchy Integral Formula 


f (z0) = Afaa 
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for the case when zọ = 0 and when the closed loop ø is the circle of radius 
one centered at the origin. 
2. Find a function f(z) that is not analytic, besides the function given in 
problem one. If you think of f(z) as a function of the two variables 


dz, 


f(x,y) = ulz, y) + iv(z,y), 


almost any choice of functions u and v will work. 

3. Let f(z) and g(z) be two analytic functions that are equal at all points 
on a closed loop o. Show that for all points z in the interior of the closed 
loop we have the two functions equal. As a hint, start with the assumption 
that g(z) is the zero function and thus that f(z) is zero along the loop ø. 
Then show that f(z) must also be the zero function inside the loop. 

4. Find a one-to-one onto conformal map from the unit disc [(x, y) : 2? + 
y? < 1) to the first quadrant of the plane {(z, y) : z > 0 and y > 0}. 


— 
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5. Let z1, 22 and 23 be three distinct complex numbers. Show that we can 
find numbers a, b, c and d with ad — bc = 1 such that the map 


az +b 
cz +d 


T(2)= 


maps zı to 0, z2 to 1 and z3 to 2. Show that the numbers a,b,c and d are 
uniquely les up to multiplication by —1. 
6. Find fr. Ey as follows: 


a. Find 
dz 


a 
y 1+2 


where y = yı + ya is the closed loop in the complex plane 


Y1 


-R Ya R 


consisting of the path 
yı = {Re™ : 0 < Or} 


and 
Yo = {(z,0) ER? :-R< z < R}. 


b. Show that 


c. Conclude with the value for [% 27. 
(This is a standard problem showing how to calculate hard real integrals 
easily. This is a hard problem if you have never used residues before; it 
should be straightforward if you have.) 
7. The goal of this problem is to construct a conformal map from the unit 
sphere (minus the north pole) to the complex numbers. Consider the sphere 
S? = { (x,y,z) : 27 +y? +27 = 1}. 

a. Show that the map 


r : S° — (0,0,1) > C 
defined by 
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is one-to-one, onto and conformal. 

b. We can consider the complex numbers C as sitting inside R3 by 
mapping x + iy to the point (x, y,0). Show that the above map a can be 
interpreted as the map that sends a point (x,y,z) on 5? — (0,0,1) to the 
point on the plane (z = 0) that is the intersection of the plane with the line 
through (x,y,z) and (0,0, 1). 


(0,0,1) 
a 


c. Justify why people regularly identify the unit sphere with CUoo. 


Chapter 10 


Countability and the 
Axiom of Choice 


Basic goal: Comparing infinite sets 


Both countability and the axiom of choice grapple with the elusive notions 
behind “infinity”. While both the integers Z and the real numbers R are 
infinite sets, we will see that the infinity of the reals is strictly larger than 
the infinity of the integers. We will then turn to the Axiom of Choice, 
which, while straightforward and not an axiom at all for finite sets, is deep 
and independent from the other axioms of mathematics when applied to 
infinite collections of sets. Further, the Axiom of Choice implies a number 
of surprising and seemingly paradoxical results. For example, we will show 
that the Axiom of Choice forces the existence of sets of real numbers that 
cannot be measured. 


10.1 Countability 


The key is that there are different orders or magnitudes of infinity. The 
first step is to find the right definition for when two sets are of the same 
size. 


Definition 10.1.1 A set A is finite of cardinality n if there is a one-to- 
one onto function from the set {1,2,3,---,n} to A. The set A is countably 
infinite ¿f there is a one-to-one onto function from the natural numbers 
N = {1,2,3,...,} to A. A set that ts either finite or countably infinite is 
said to be countable. A set A is uncountably infinite ¿f it is not empty and 
not countable. 
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For example, the set fa, b,c} is finite with 3 elements. The more troubling 
and challenging examples appear in the infinite cases. 

For example, the positive even numbers 


2N = (2,4, 6, 5. ° hi 


while properly contained in the natural numbers N, are of the same size as 
N and hence are countably infinite. An explicit one-to-one onto map 


f:N-2N 


is f(n) = 2-n. Usually this one-to-one correspondence is shown via: 


| 


The set of whole numbers (0,1,2,3,...) is also countably infinite, as seen 
by the one-to-one onto map 


10 12 
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F:N >(0,1,2,3,...) 


given by 
fFin)=n-—1. 


Here the picture is 
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The integers Z are also countably infinite. The picture is 


1 


© 
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while an explicit one-to-one onto function 


f:NOZ 
is, for even n, 
n 
1035 
and, for odd n, 
n— l 
f(n) =F 9) : 


It is typical for the picture to be more convincing than the actual function. 
The rationals 


Q={":p,9€Z,q #0} 


are also countably infinite. The picture for showing that the positive ratio- 
nals are countably infinite is as follows: 


Every positive rational appears in the above array and will eventually be 
hit by a natural number. 
In fact 


Theorem 10.1.1 Let A and B be two countably infinite sets. Then the 
Cartesian product A x B is also countably infinite. 
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Proof: Since both A and B are in one-to-one correspondence with the 
natural numbers N, all we need show is that the product N x N is countably 
infinite. For N x N = {(n,m) : n,m E€ N}, the correct diagram is: 


(1,1) —» (1,2) (1,3) (1,4) (1,5) (1,6) 


More algebraically, but less clearly, an explicit one-to-one onto map 


f:NxN>N 
18 
Hie e CAE 


Note that the fact that N x N is the same size as N is of course in 
marked contrast to the finite case. To make this painfully obvious, consider 
A = {a,b,c}, a set with three elements. Then A x A is the nine element 
set {(a, a), (a,b), (a,c), (b,a), (b, b), (b,c), (c,a), (c, b), (e, c)}. 

There are infinite sets which, in some sense, are of size strictly larger 
than the natural numbers. Far from being esoteric, the basic example is 
the set of real numbers; the reals, while certainly not finite, are also not 
countably infinite. 

We will give the famed Cantor diagonalization argument showing that 
the real numbers [0,1] = {xr € R:0< z< 1} cannot be countable. 


Theorem 10.1.2 The interval [0,1] is not countable. 


Proof : The proof is by contradiction. We assume that there is a one-to- 
one onto map f : N > [0,1] and then find a real number in [0,1] that is 
not in the image, contradicting the assumption that f is onto. We will use 
that every real number in [0,1] can be expressed as a decimal expansion 


0.21 T2l3Ta4..., 
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where each xx is 0,1,2,3,... or 9. To make this expansion unique, we will 
always round up, except for the case 0.99999... which we leave as is. Thus 
0.32999... will always be written as 0.3300. 

Now let us take our assumed one-to-one correspondence f : N > [0,1] 
and start writing down its terms. Let 


FO) = .ajaga3-::, 
f(2) = .bibabz-*-, 
f (3) = .€1CQC3°°°; 
f(A) = .djdod3---, 
f(5) = .e,€9€3°°-, 


and so forth. Note that the a;,b;, etc. are now fixed numbers between 0 
and 9, given to us by the assumed one-to-one correspondence. ‘They are 
not variables. 

We will construct a new real number .Nı No N3 N4... which will never 
appear in the above list, forcing a contradiction to the assumption that f 
is onto. Set 

N. = { 4, if the ktřentry of f(k) 4 4 
EN 5, if the k**entry of f(k) =4 


(The choice of the numbers 4 and 5 are not important; any two integers 
between 0 and 9 would do just as well.) 
Note that N; is 4 if ay 4 4 and is 5 if a; = 4. Thus, no matter what, 


Ny, No N3 S F AIA... 5 FO). 
Likewise Na is 4 if ba Æ 4 and is 5 if ba = 4 and hence 
.Ni Na N3 ... 4 .bgbob3... = f (2). 


This continues. Since our decimal expansions are unique, and since each 
N; is defined so that it is not equal to the kt? term in f(k), we must have 
that .Nı N2 N; --- is not equal to any f(k), meaning that f cannot be onto. 
Thus there can never be an onto function from the natural numbers to 
the interval [0,1]. Since the reals are certainly not finite, they must be 
uncountably infinite. 


10.2 Naive Set Theory and Paradoxes 


The question of what is a mathematical object was a deep source of debate 
in the last part of the eighteenth and first part of the nineteenth century. 
There has only been at best a partial resolution, caused in part by Godel's 


206 CHAPTER 10. COUNTABILITY AND THE AXIOM OF CHOICE 


work in logic and in part by exhaustion. Does a mathematical object exist 
only if an algorithm can be written that will explicitly construct the object 
or does it exist if the assumption of its existence leads to no contradictions, 
even if we can never find an example? The tension between constructive 
proofs versus existence proofs has in the last thirty years been eased with 
the development of complexity theory. The constructive camp was led by 
Kronecker (1823-1891), Brouwer (1881-1966) and Bishop (1928-1983). The 
existential camp, led by Hilbert (1862-1943), won the war, leading to most 
mathematicians’ belief that all of mathematics can be built out of a correct 
set-theoretic foundation, usually believed to be an axiomatic system called 
Zermelo-Fraenkel plus the Axiom of Choice (for a list of those axioms, see 
Paul Cohen’s Set Theory and the Continuum Hypothesis [20] Chapter II, 
Sections 1 and 2). This is in spite of the fact that few working mathemati- 
cians can actually write down these axioms, which certainly suggests that 
our confidence in our work does not stem from the axioms. More accurately, 
the axioms were chosen and developed to yield the results we already know 
to be true. In this section we informally discuss set theory and then give 
the famed Zermelo-Russell paradox, which shows that true care must be 
exercised in understanding sets. 

The naive idea of a set is pretty good. Here a set is some collection of 
objects sharing some property. For example 


{n : nis an even number} 


is a perfectly reasonable set. Basic operations are union, intersection and 
complement. We will see now how to build integers out of sets. 

First for one subtlety. Given a set A, we can always form a new set, 
denoted by {A}, which consists of just one element, namely the set A. If 
A is the set of all even integers and thus containing an infinite number of 
elements, the set {A} has only one element. Given a set A, we define the 
successor set ÁF as the union of the set A with the set {A}. Thus z € At 
if either z € A or z = {A}. 

We start with the empty set @, the set that contains no elements. This 
set will correspond to the integer 0. Then we label the successor to the 
empty set by 1: 

1=0* = {0}, 


the successor to the successor of the empty set by 2: 
2 = (07)* = {0 , {0}, 


and in general the successor to the set n by n+ 1. 
By thinking of the successor as adding by one, we can recover by recur- 
sion addition and thus in turn multiplication, subtraction and division. 
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Unfortunately, just naively proceeding along in this fashion will lead 
to paradoxes. We will construct here what appears to be a set but which 
cannot exist. First, note that sometimes a set can be a member of itself 
and sometimes not (at least if we are working in naive set theory; much of 
the mechanics of Zermelo-Fraenkel set theory is to prevent such nonchalant 
assumptions about sets). For example, the set of even numbers is not itself 
an even number and hence is not an element of itself. On the other hand, 
the set of all elements that are themselves sets with more than two elements 
is a member of itself. We can now define our paradoxical set. Set 


X = {A:Ais aset that does not contain itself} 
{A: Ag A}. 


Is the set X an element of itself? If X € X, then by the definition of X, 
we must have X ¢ X, which is absurd. But if X ¢ X, then X € X, which 
is also silly. There are problems with allowing X to be a set. This is the 
Zermelo-Russell paradox 

Do not think this is just a trivial little problem. Russell (1872-1970) 
reports in his autobiography that when he first thought of this problem 
he was confident it could easily be resolved, probably that night after din- 
ner. He spent the next year struggling with it and had to change his whole 
method of attack on the foundations of mathematics. (Russell, with White- 
head 1861-1947), did not use set theory but instead developed type theory; 
type theory is abstractly no better or worse than set theory, but mathe- 
maticians base their work on the language of set theory, probably by the 
historical accident of World War II, which led US mathematicians to be 
taught by German refugees, who knew set theory, as Zermelo (1871-1953 
was German.) 

Do not worry too much about the definitions of set theory. You should 
be nervous, though, if your sets refer to themselves, as this is precisely what 
led to the above difficulty. 


10.3 The Axiom of Choice 


The axioms in set theory were chosen and developed to yield the results we 
already know to be true. Still, we want these axioms to be immediately ob- 
vious. Overall, this is the case. Few of the actual axioms are controversial, 
save for the Axiom of Choice, which states: 


Axiom 10.3.1 (Axiom of Choice) Let {Xa} be a family of nonempty 
sets. Then there is a set X which contains, from each set Xa, exactly one 
element. 
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For a finite collection of sets, this is obvious and not at all axiomatic 
(meaning that it can be proven from other axioms). For example, let X, = 
{a,b} and X2 = {c,d}. Then there is certainly a set X containing one 
element from X, and one element from X2; for example, just let X = {a,c}. 

The difficulties start to arise when applying the axiom to an infinite 
(possibly uncountably infinite) number of sets. The Axiom of Choice gives 
no method for finding the set X; it just mandates the existence of X. This 
leads to the observation that if the Axiom of Choice is needed to prove the 
existence of some object, then you will never be able to actually construct 
that object. In other words, there will be no method to actually construct 
the object; it will merely be known to exist. 

Another difficulty lies not in the truth of the axiom of choice but in the 
need to assume it as an axiom. Axioms should be clear and obvious. No 
one would have any difficulty with its statement if it could be proven to 
follow from the other axioms. 

In 1939, Kurt Godel showed that the Axiom of Choice is consistent with 
the other axioms. This means that using the Axiom of Choice will lead to 
no contradictions that were not, in some sense, already present in the other 
axioms. But in the early 1960s, Paul Cohen [20] showed that the Axiom 
of Choice was independent of the other axioms, meaning that it cannot be 
derived from the other axioms and hence was truly an axiom. In particular, 
one can assume that the Axiom of Choice is false and still be confident that 
no contradictions will arise. 

A third difficulty with the Axiom of Choice is that it is equivalent to any 
number of other statements, some of which are quite bizarre. To see some 
of the many equivalences to the Axiom of Choice, see Howard and Rubin’s 
Consequences of the Axiom of Choice [62]. One of these equivalences is the 
subject of the next section. 


10.4 Non-measurable Sets 


Warning: This section will assume a working knowledge of Lebesgue mea- 
sure on the real numbers. In particular, we will need that 


e If a set A is measurable, its measure m(A) is equal to its outer 
measure m*(4). 


e If A,, Ao,... are disjoint sets that are measurable, then the union is 


measurable, with 
OO 00 
m(| J] Ai) = » m(Ai). 
i=1 i=l 
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This last condition corresponds to the idea that if we have two sets with 
lengths a and b, say, then the length of the two sets placed next to each 
other should be a + b. Also, this example closely follows the example of a 
nonmeasurable set in Royden's Real Analysis [95]. 

We will find a sequence of disjoint sets A, A3,..., all of which have the 
same outer measure and hence, if measurable, the same measure, whose 
union is the unit interval [0,1]. Since the Lebesgue measure of the unit 
interval is just its length, we will have 


oO 
=1 


If each A; is measurable, since the measures are equal, this would mean 
that we can add a number to itself infinitely many times and have it sum 
to one. This is absurd. If a series converges, then the individual terms in 
the series must converge to zero. Certainly they cannot all be equal. 

The point of this section is that to find these sets A;, we will need to use 
the Axiom of Choice. This means that we are being fairly loose with the 
term “find”, as these sets will in no sense actually be constructed. Instead, 
the Axiom of Choice will allow us to claim their existence, without actually 
finding them. 

We say that x and y in € [0,1] are equivalent, denoted by x = y, if x— y 
is a rational number. It can be checked that this is an equivalence relation 
(see Appendix A for the basic properties of equivalence relations) and thus 
splits the unit interval into disjoint equivalency classes. 

We now apply the Axiom of Choice to these disjoint sets. Let A be the 
set containing exactly one element from each of these equivalency classes. 
Thus the difference between any two elements of A cannot be a rational 
number. Note again, we do not have an explicit description of A. We have 
no way of knowing if a given real number is in A, but, by the Axiom of 
Choice, the set A does exist. In a moment we will see that A cannot be 
measurable. 

We will now find a countable collection of disjoint sets, each with the 
same outer measure as the outer measure of the set A, whose union will be 
the unit interval. Now, since the rational numbers in [0,1] are countable, 
we can list all rational numbers between zero and one as 79,11,72,-... For 
convenience, assume that ro = 0. For each rational number r;, set 


A; =A+ Ti (mod 1). 
Thus the elements of A; are of the form 


a + r;¡— greatest integer part of (a + r;). 
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In particular, A = Ap. It is also the case that for all 2 


which is not hard to show, but is mildly subtle since we are not just shifting 
the set A by the number r; but are then modding out by one. 

We now want to show that the A; are disjoint and cover the unit interval. 
First, assume that there is a number z in the intersection of A; and Aj. 
Then there are numbers a; and a; in the set A such that 


T=0Q¡ +r; (mod 1) = Qj +Tj (mod 1). 


Then a;—a; is a rational number, meaning that a; = as, which forces 1 = j. 
Thus if 2 4 7, then 
A; N A; = (). 


Now let x be any element in the unit interval. It must be equivalent to 
some element a in 4. Thus there is a rational number r; in the unit interval 
with either 

t=a+r;ora=z-+4+ri. 


In either case we have x € A;. Thus the A; are indeed a countable collection 
of disjoint sets that cover the unit interval. But then we have the length of 
the unit interval as an infinite series of the same number: 


iS > m(Ai) = mA); 


which is impossible. Thus the set A cannot be measurable. 


10.5 Godel and Independence Proofs 


In the debates about the nature of mathematical objects, all agreed that 
correct mathematics must be consistent (i.e., it should not be possible to 
both prove a statement and its converse). Eventually it was realized that 
most people were also implicitly assuming that mathematics was complete 
(meaning that any mathematical statement must ultimately be capable 
of being either proven or disproven). David Hilbert wanted to translate 
both of these goals into precise mathematical statements, each capable of 
rigorous proof. This attempt became known as Formalism. Unfortunately 
for Hilbert’s school, K. Gódel (1906-1977) in 1931 destroyed any of these 
hopes. Gödel showed: 


Any axiomatic system strong enough to include basic arithmetic must have 
statements in it that can be neither proven nor disproven, within the system. 
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Further, the erample Godel gave of a statement that could be neither proven 
nor disproven was that the given axiomatic system was itself consistent. 


Thus in one fell swoop, Gódel showed that both consistency and com- 
pleteness were beyond our grasp. Of course, no one seriously thinks that 
modern mathematics has within it a hidden contradiction. There are state- 
ments, though, that people care about that are not capable of being proven 
or disproven within Zermelo-Fraenkel set theory. The Axiom of Choice is 
an example of this. Such statements are said to be independent of the other 
axioms of mathematics. On the other hand, most open questions in math- 
ematics are unlikely to be independent of Zermelo-Fraenkel set theory plus 
the Axiom of Choice. One exception is the question of P=NP (discussed in 
Chapter Sixteen), which many are now believing to be independent of the 
rest of mathematics. 


10.6 Books 


For many years the best source for getting an introduction to set theory has 
been Halmos’ Naive Set Theory [53], which he wrote, in large part, to teach 
himself the subject. A more recent text is Moschovakis’ Notes on Set Theory 
[87]. . An introduction, not to set theory, but to logic is Incompleteness 
Phenomenon by Goldstern and Judah [46]. A slightly more advanced text, 
by a tremendous expositor, is Smullyan’s Gédel’s Incompleteness Theorems 
[100]. A concise, high level text is Cohen's Set Theory and the Continuum 
Hypothesis [20]. 

A long time popular introduction to Gódel's work has been Nagel and 
Newman’s Gédel’s Proof [89]. This is one of the inspirations for the amazing 
book of Hofstadter, Gódel, Escher and Bach [61]. Though not precisely a 
math book, it is full of ideas and should be read by everyone. Another 
impressive recent work is Hintikka’s Principles of Mathematics, Revisited 
[60]. Here a new scheme for logic is presented. It also contains a summary 
of Hintikka’s game-theoretic interpretation of Gódel's work. 


10.7 Exercises 
1. Show that the set 


faz? + bz +c:a,b,c € Q} 


of all one variable polynomials of degree two with rational coefficients is 
countable. 


212 CHAPTER 10. COUNTABILITY AND THE AXIOM OF CHOICE 


2. Show that the set of all one variable polynomials with rational coefficients 
is countable. 
3. Show that the set 


{ao + at + aga” +... 140,41, 42,... € Q} 


of all formal power series in one variable with rational coefficients is not 
countable. 
4. Show that the set of all infinite sequences consisting of zeros and twos 
is uncountable. (This set will be used to show that the Cantor set, which 
will be defined in Chapter Twelve, is uncountable.) 
5. In section two, the whole numbers were defined as sets. Addition by one 
was defined. Give a definition for addition by two and then a definition in 
general for whole numbers. Using this definition, show that 2+ 3 = 3 +2. 
6.(Hard) A set S is partially ordered if there is an operation < such that 
given any two elements x and y, we have {x < y, y < x, xt = y or x and 
y have no relationship. The partial ordering is a total ordering if it must 
be the case that given any two elements x and y, it must be the case that 
£z <y, y <zx or 2= y. For example, if S is the real numbers, the standard 
interpretation of < as less than places a total ordering on the reals. On the 
other hand, if S is the set of all subsets of some other set, then a partial 
ordering would exist if we let < denote set containment. This is not a total 
ordering since given any two subsets, it is certainly not the case that one 
must be contained in the other. A partially ordered set is called a poset. 

Let S be a poset. A chain in S is a subset of S on which the partial 
ordering becomes a total ordering. Zorn’s Lemma states that if S is a poset 
such that every chain has an upper bound, then S contains a maximal 
element. Note that the upper bound to a chain need not be in the chain 
and that the maximal element need not be unique. 

a. Show that the Axiom of Choice implies Zorn’s Lemma. 

b. Show that Zorn's Lemma implies the Axiom of Choice (this is quite 
a bit harder). 
7. (Hard) The Hausdorff Maximal Principle states that every poset has a 
maximal chain, meaning a chain that is not strictly contained in any other 
chain. Show that the Hausdorff Maximal Principle is equivalent to the 
Axiom of Choice. 
8. (Hard) Show that the Axiom of Choice (via the Hausdorff Maximal 
Principle) implies that every field is contained in an algebraically closed 
field. (For the definitions, see Chapter Eleven.) 


Chapter 11 


Algebra 


While current abstract algebra does indeed deserve the adjective abstract, 
it has both concrete historical roots and modern day applications. Central 
to undergraduate abstract algebra is the notion of a group, which is the 
algebraic interpretation of the geometric idea of symmetry. We can see 
something of the richness of groups in that there are three distinct areas 
that gave birth to the correct notion of an abstract group: attempts to 
find (more accurately, attempts to prove the inability to find) roots of 
polynomials, the study by chemists of the symmetries of crystals, and the 
application of symmetry principles to solve differential equations. 

The inability to generalize the quadratic equation to polynomials of 
degree greater than or equal to five is at the heart of Galois Theory and 
involves the understanding of the symmetries of the roots of a polynomial. 
Symmetries of crystals involve properties of rotations in space. The use 
of group theory to understand the symmetries underlying a differential 
equation leads to Lie Theory. In all of these the idea and the applications 
of a group are critical. 


11.1 Groups 


This section presents the basic definitions and ideas of group theory. 


Definition 11.1.1 A nonempty set G that has a binary operation 


GxG>G, 
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denoted for all elements a and b in G bya-b, is a group if: 
¿) There is an element e € G such thate-a=a-e=a, for all a in G. 
(The element e is of course called the identity.) 
ii) For any a € G, there is an element denoted by a~' such that aa™t = 
ata =e. (Naturally enough, a”? is called the inverse of a.) 
iii) For all a,b,c € G, we have (a -b)-c=a. (b-c) (i.e., we must have 
associativity). 


1 


Note that commutativity is not required. 

Now for some examples. Let GL(n,R) denote the set of all n x n 
invertible matrices with real coefficients. Under matrix multiplication, we 
claim that GL(n,R) is a group. The identity element of course is simply 


the identity matrix 
i ee JG 


«ic | 


The inverse of an element will be its matrix inverse. The check that matrix 
multiplication is associative is a long calculation. The final thing to check 
is to see that if A and B are invertible n x n matrices, then their product, 
A-B, must be invertible. From the key theorem of linear algebra, a matrix is 
invertible if and only if its determinant is nonzero. Using that det(A - B) = 
det(A) det(B), we have 


det(A - B) = det(A) - det(B) £ 0. 


Thus GL(n,R) is a group. 
Note that for almost any choice of two matrices 


A-BA4B-A. 


The group is not commutative. Geometrically, we can interpret the ele- 
ments of GL(n,R) as linear maps on R”. In particular, consider rotations 
in three-space. These do not commute (showing this is an exercise at the 
end of this chapter). Rotations can be represented as invertible 3 x 3 matri- 
ces and hence as elements in GL(3,R). If we want groups to be an algebraic 
method for capturing symmetry, then we will want rotations in space to 
form a group. Hence we cannot require groups to be commutative. (Note 
that rotations are associative, which is why we do require groups to be 
associative.) 

The key examples of finite groups are the permutation groups. The 
permutation group, S,,, is the set of all permutations on n distinct elements. 
The binary operation is composition while the identity element is the trivial 
permutation that permutes nothing. 
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To practice with the usual notation, let us look at the group of permu- 
tations on three elements: 


Ss = {e, (12), (13), (23), (123), (132)}. 


Of course we need to explain the notation. Fix an ordered triple (a1, az, az) 
of numbers. Here order matters. Thus (cow, horse, dog) is different from 
the triple (dog, horse, cow). Each element of Sg will permute the ordering 
of the ordered triple. Specifically, the element (12) permutes (a1, as, az) to 
(a2, Q1, a3): 
(12) 
(a1, a2, az) H? (a2, Q1, a3). 


For example, the element (12) will permute (cow, horse, dog) to the triple 
(horse, cow, dog). The other elements of the group $3 act as follows: (13) 
permutes (a1, @2,a3) to (a3,a2,a1) : 


13 
(ai, a2, a3) OY (a3, a2, a1), 
(23) permutes (a1, az, a3) to (a,,a3, a2): 
23 
(ar, a2, az) E (ar, Q3; az), 
(123) permutes (a1, a2,a3) to (az, a1, a2): 
123 
(a1, az, a3) Å- (az, a1, 02), 
(132) permutes (a1, a2,a3) to (as, a3,01): 
132 
(a¡,a2, 03) e (az, a3,a1), 
and of course the identity element e leave the triple (a1, a2, az) alone: 
(az, a2; az) 3 (a1, Q2, a3). 


By composition we can multiply the permutations together, to get the 
following multiplication table for S3: 
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Note that S3 is not commutative. In fact, S3 is the smallest possible non- 
commutative group. In honor of one of the founders of group theory, Niels 
Abel, we have: 


Definition 11.1.2 A group that is commutative is abelian. 


The integers Z under addition form an abelian group. Most groups are 
not abelian. 

We want to understand all groups. Of course, this is not actually doable. 
Hopefully we can at least build up groups from possibly simpler, more basic 
groups. To start this process, we make the following definition: 


Definition 11.1.3 A nonempty subset H of G is a subgroup if H is itself 
a group, using the binary operation of G. 


For example, let 


H= a21 a22 0 


Gil @ O ( 
0 oO 1 


Ki =) € GL(2,R)) 
0422 


Then H is a subgroup of the group GL(3,R) of invertible 3 x 3 matrices. 
Definition 11.1.4 Let G and G be two groups. Then a function 


o:G>G 
is a group homomorphism if for all 91,92 € G, 
o(g 92) =0(91) : 0(92). 
For example, let A € GL(n,R). Define o : GL(n,R) + GL(n,R) by 
o(B) = A`! BA. 
Then for any two matrices B,C € GL(n,R)), we have 
o(BC) = ABCA 
=A 'BAA'CA 
=0(B) -0(C). 


There is a close relationship between group homomorphisms and a spe- 
cial class of subgroup. Before we can exhibit this, we need: 


Definition 11.1.5 Let H be a subgroup of G. The (left) cosets of G are 
all sets of the form 
gH ={gh:he H}, 


for g € G. 
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This defines an equivalence class on G, with 
g~ĝ 

if the set gH is equal to the set gH, i.e., if there is an h € H with gh = gq. 
In a natural way, the right cosets are the sets 

Hg={hg:he H}, 
which also define an equivalence relation on the group G. 
Definition 11.1.6 A subgroup H is normal if for all g in G, gHg”?* = H. 


Theorem 11.1.1 Let H be a subgroup of G. The set of cosets gH, under 
the binary operation 


gH -gH = ggA, 


will form a group if and only if H is a normal subgroup. (This group is 
denoted by G/H and pronounced G mod H.) 


Sketch of Proof: Most of the steps are routine. The main technical 
difficulty lies in showing that the binary operation 


(gH) - (gH) = (99H) 


is well defined. Hence we must show that the set gH - gH, which consists 
of the products of all elements of the set gH with all elements of the set 
gH, is equal to the set ggH. Since H is normal, we have 


gH(9)~* = H. 


Then as sets 
gH = Hg. 
‘Thus 
gHgH = 99H - H = gĝH, 


since H - H = H, as H is a subgroup. The map is well defined. 

The identity element of G/H is e- H. The inverse to gH is gH. 
Associativity follows from the associativity of the group G. O 

Note that in writing gH -gH = ggH, one must keep in mind that H 
is representing every element in H and thus that H is itself not a single 
element. 

As an application of this new group G/H, we now define the cyclic 
groups Z/nZ. Here our initial group is the integers Z and our subgroup 
consists of all the multiples of some fixed integer n: 


nZ = {nk:k € Z}. 
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Since the integers form an abelian group, every subgroup, including nZ, is 
normal and thus Z/nZ will form a group, It is common to represent each 
coset in Z/nZ by an integer between 0 and n — 1: 


Z/nZ =(0,1,2,...,n—1). 


For example, if we let n = 6, we have Z/6Z = {0, 1, 2,3,4,5}. The addition 
table is then 


An enjoyable exercise is proving the following critical theorem relating 
normal subgroups and group homomorphisms. 


Theorem 11.1.2 Leto: G —>6G be a group homomorphism. If 
ker(o) = {g € G :0(9) = €, the identity of G}, 


then ker(a) is a normal subgroup of G. (This subgroup ker(a) is called the 
kernel of the map o.) 


The study of groups is to a large extent the study of normal subgroups. 
By the above, this is equivalent to the study of group homomorphisms and 
is an example of the mid-twentieth century tack of studying an object by 
studying its homomorphisms. 

The key theorem in finite group theory, Sylow’s Theorem, links the 
existence of subgroups from the knowledge of the number of elements in a 


group. 
Definition 11.1.7 The order of a group G, denoted by | G |, ts equal to 
the number of elements in G. 


For example, | S3 |= 6. 


Theorem 11.1.3 (Sylow’s Theorem) Let G be a finite group. 
a) Let p be a prime number. Suppose that p% divides |G |. Then G has 
a subgroup of order p*. 
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b) If p” divides | G | but p"+* does not, then for any two subgroups H 
and H of order p”, there is an element g € G with gHg”? = H. 

c) If p” divides | G | but p"+! does not, then the number of subgroups 
of order p” is 1 + kp, for some k a positive integer. 


Proofs can be found in Herstein's Topics in Algebra [57], Section 2.12. 
The importance lies in that we gather quite a bit of information about 
a finite group from merely knowing how many elements it has. 


11.2 Representation Theory 


Certainly one of the basic examples of groups is that of invertible n x 
n matrices. Representation theory studies how any given abstract group 
can be realized as a group of matrices. Since n x n matrices, via matrix 
multiplication on column vectors, are linear transformations from a vector 
space to itself, we can rephrase representation theory as the study of how 
a group can be realized as a group of linear transformations. 

If V is a vector space, let GL(V) denote the group of linear transfor- 
mations from V to itself. 


Definition 11.2.1 A representation of a group G on a vector space V is 
a group homomorphism 
p:G—>GL(V). 


We say that p is a representation of G. 


For example, consider the group S3 of permutations on three elements. 
There is quite a natural representation of Sg on three space RÌ. Let 


01 Qe(1) 
plo) | az | =| aoc) 
a3 Qo (3) 
For example, if o = (12), then 
ai a2 
p(12) a2 = Q1 
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As a matrix, we have: 


0 1 0 
p(12)=|1 0 0 
0 0 1 


If o = (123), then since (123) permutes (a,,az,az) to (a3,a1,@2), we 
have 


Ai a3 
p123) | a2 |=| a 
a3 a2 
As a matrix, 
0 0 1 
pa23)=|1 0 0 
0 1 0 


The explicit matrices representing the other elements of 83 are left as an 
exercise at the end of the chapter. 

The goal of representation theory is to find all possible representations 
for a given group. In order to even be able to start to make sense out of 
this question, we first see how to build new representations out of old. 


Definition 11.2.2 Let G be a group. Suppose we have representations of 
G: 
pi : G > GL(V;) 


and 
p2 : G > GL(V32), 


where V, and Va are possibly different vector spaces. Then the direct sum 
representation of G on Vi ® Va, denoted by 


(pr Y p2) : G > GL(V;) $ GL(V2), 
is defined for allg € G by: 
(01 ® p2)(g) = Pı (9) O p2(9). 


Note that when we write out pi(g) O pa(g) as a matrix, it will be in block 
diagonal form. 

If we want to classify representations, we should concentrate on finding 
those representations that are not direct sums of other representations. 
This leads to: 
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Definition 11.2.3 A representation p of a group G on a nonzero vector 
space V is irreducible if there is no proper subspace W of V such that for 
all g EG and allweéeW, 

p(g)w E€ W. 


In particular if a representation is the direct sum of two other representa- 
tions, it will certainly not be irreducible. Tremendous progress has been 
made in finding all irreducible representations for many specific groups. 

Representation theory occurs throughout nature. Any time you have 
a change of coordinate systems, suddenly representations appear. In fact, 
most theoretical physicists will even define an elementary particle (such 
as an electron) as an irreducible representation of some group (a group 
that captures the intrinsic symmetries of the world). For more on this, 
see Sternberg’s Group Theory and Physics [106], especially the last part of 
Chapter 3.9. 


11.3 Rings 


- If groups are roughly viewed as sets for which there is an addition, then 
rings are sets for which there is both an addition and a multiplication. 


Definition 11.3.1 A nonempty set R is a ring if there are two binary 
operations, denoted by - and +, on R such that 

a) R with + forms an abelian group. The identity is denoted by 0. 

b) (Associativity) for all a,b,c E R, a-(b-c) = (a-b)-c. 

c) (Distributivity) for all a,b,c € R, 


a:(b+c)=a-bt+a-c 


and 
(a+b)-c=a-ct+b-e. 


Note that rings are not required to be commutative for the - operation or, 
in other words, we do not require a- b= b-a. 

If there exists an element 1 € R with 1-a =a-1 =a for all a € R, 
we say that R is a ring with unit element. Almost all rings that are ever 
encountered in life will have a unit element. 

The integers Z = {..., -3, -2,-1,0,1,2,3,...}, with the usual addition 
and multiplication, form a ring. Polynomials in one variable x with complex 
coefficients, denoted by C[x], form a ring with the usual addition and mul- 
tiplication of polynomials. In fact, polynomials in n variables {171,...,¢n} 
with complex coefficients, denoted by C[x1,...,%n}, will also form a ring 
in the natural way. By the way, the study of the ring theoretic properties 
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of Clxri,..., Tn] is at the heart of much of algebraic geometry. While poly- 
nomials with complex coefficients are the most common to study, it is of 
course the case that polynomials with integer coefficients (Z[r1,...,2n]), 
polynomials with rational coefficients (Q[z1,...,2n]) and polynomials with 
real coefficients (R[z1,...,2»]) are also rings. In fact, if R is any ring, then 
the polynomials with coefficients in R form a ring, denoted by R[z1,..., £n]. 


Definition 11.3.2 A function o : R > Ê between rings R and R is a ring 
homomorphism if for all a,b € R, 


o(a + b) = a(a) + a(b) 


and 


o(a- b) = o(a) - a(b). 


Definition 11.3.3 A subset I of a ring R is an ideal if I is a subgroup of 
R under + and if, for anya € R, al C I and Ia C I. 


The notion of an ideal in ring theory corresponds to the notion of a 
normal subgroup in group theory. This analogy is shown in the following 
theorems: 


Theorem 11.3.1 Leto: R — Ê be a ring homomorphism. Then the set 
ker(o) = {a € R: o(a) = 0} 

is an ideal in R. (This ideal ker(o) is called the kernel of the map a.) 

Sketch of Proof: We need to use that for all x € R, 


+0. =0-.2=.0, 


which is an exercise at the end of the chapter. Let b € ker(a). Thus 
o(b) = 0. Given any element a € R, we want a-b € ker(o) and b-a € 
ker(a). We have 


ola- b) ola): a(b) 
o(a)-0 


0, 


implying that a -b € ker(o). 
By a similar argument, b- a € ker(o), showing that ker(c) is indeed an 
ideal. O 


Theorem 11.3.2 Let I be an ideal in R. The sets {a +I :a € R} form 
a ring, denoted R/I, under the operations (a+ I)+(0+1)=(a+b+I) 


and (a+ 1) -(b+1) =(a-b+1). 
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The proof is left as a (long) exercise at the end of the chapter. 

The study of a ring comes down to studying its ideals, or equivalently, its 
homomorphisms. Again, it’s a mid-twentieth century approach to translate 
the study of rings to the study of maps between rings. 


11.4 Fields and Galois Theory 


We are now ready to enter the heart of classical algebra. To a large extent, 
the whole point of high school algebra is to find roots of linear and quadratic 
polynomials. With more complicated, but in spirit, similar techniques, the 
roots for third and fourth degree polynomials can also be found. One of 
the main historical motivations for developing the machinery of group and 
ring theory was in showing that there can be no similar techniques for 
finding the roots of polynomials of fifth degree or higher. More specifically 
the roots of a fifth degree or higher polynomial cannot be obtained by a 
formula involving radicals of the coefficients of the polynomial. (For an 
historical account, see Edwards’ Galois Theory [31].) 

The key is to establish a correspondence between one variable polynomi- 
als and finite groups. This is the essence of Galois Theory, which explicitly 
connects the ability to express roots as radicals of coefficients (in analogue 
to the quadratic equation) with properties of the associated group. 

Before describing this correspondence, we need to discuss fields and field 
extensions. 


Definition 11.4.1 A ring R is a field if 

1. R has a multiplicative unit 1, 

2. for all a,b€ R we have a-b=b-a and 

3. for any a 40 in R, there is an element denoted by a7* with a-a7! = 1. 


For example, since the integers Z do not have multiplicative inverses, Z 
is not a field. The rationals Q, the reals R and the complexes C are fields. 
For the ring C[z] of one variable polynomials, there corresponds the field 


C(x) = {GH : P(e), Qe) € Cle], Q(x) 4 0). 


Definition 11.4.2 A field k is a field extension of a field k if k is contained 
ink. 


For example, the complex numbers C is a field extension of the real numbers 
R. 

Once we have the notion of a field, we can form the ring k|x] of one 
variable polynomials with coefficients in k. Basic, but deep, is: 
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Theorem 11.4.1 Let k be a field. Then there is a field extension ke of k 
such that every polynomial in k|x] has a root in ko. 


Such a field k is said to be algebraically closed. For a proof, see Garling’s A 
Course in Galois Theory [45], Section 8.2. As a word of warning, the proof 
uses the Axiom of Choice. 

Before showing how groups are related to finding roots of polynomials, 


recall that the root of a linear equation ax + b = 0 is simply x = —?, For 
second degree equations, the roots of ax? + bx + c = 0 are of course 

_ —b++ vb? — 4ac 

= F ' 


Already interesting things are happening. Note that even if the three co- 
efficients a,b and c are real numbers, the roots will be complex if the dis- 
criminant b? — 4ac < 0. Furthermore, even if the coefficients are rational 
numbers, the roots need not be rational, as Vb? — 4ac need not be rational. 

Both of these observations lead naturally to extension fields of the field 
of coefficients. We will restrict to the case when the coefficients of our 
(monic) polynomial are rational numbers. 

Let 

P(x) =2"+apn 1" *+...+00, 


with each a, € Q. By the Fundamental Theorem of Algebra (which states 
that the algebraic closure of the real numbers is the complex numbers), 
there are complex numbers a),...,Q@,, with 


P(x) = (x — a)(x— az) +++ (£ — an). 


Of course, the whole problem is that the fundamental theorem does not 
tell us what the roots are. We would like an analogue of the quadratic 
equation for any degree polynomial. As mentioned before, such analogues 
do exist for cubic and quartic polynomials, but the punchline of Galois 
Theory is that no such analogue exists for degree five or higher polynomials. 
The proof of such a statement involves far more than the tools of high school 
algebra. 

Here is a rapid fire summary of Galois Theory. We will associate to 
each one variable polynomial with rational coefficients a unique finite di- 
mensional vector space over the rational numbers that is also a field exten- 
sion of the rational numbers contained in the complex numbers. Namely, 
if œi, .-.,@n are the roots of the polynomial P(x), the smallest field in the 
complex numbers that contains both the rationals and the roots &i,...,@n 
is the desired vector space. We then look at all linear transformations from 
this vector space to itself, with the strong restriction that the linear trans- 
formation is also a field automorphism mapping each rational number to 
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itself. This is such a strong restriction that there are only a finite number 
of such transformations, forming a finite group. Further, each such linear 
transformation will not only map each root of P(x) to another root but 
is actually determined by how it maps the roots to each other. Thus the 
finite group of these special linear transformations are a subgroup of the 
permutation group on n letters. The final deep result lies in showing that 
these finite groups determine properties about the roots. 

Now for some details. We assume that, P(x) is irreducible in Q[z], 
meaning that P(x) is not the product of any polynomials in Q[xz]. Hence 
none of the roots a; of P(x) can be rational numbers. 


Definition 11.4.3 Let Q(a¡,...,Qn) be the smallest subfield of C con- 
taining both Q and the roots Q1,...,QAn. 


Definition 11.4.4 Let E be a field extension of Q but contained in C. 
We say E is a splitting field if there is a polynomial P(x) € Q[zj such that 
E = Q(aj,...,Qn), where a1,...,Qn are the roots in C of Plz). 


A splitting field E over the rational numbers Q is in actual fact a vector 
space over Q. For example, the splitting field Q(./2) is a two-dimensional 
vector space, since any element can be written uniquely as a + 0/2, with 
a,bE Q. 


Definition 11.4.5 Let E be an extension field of Q. The group of auto- 
morphisms G of E over Q is the set of all field automorphisms o : E > E. 


By field automorphism we mean a ring homomorphism from the field E 
to itself that is one-to-one, onto, maps unit to unit and whose inverse is a 
ring homomorphism. Note that field automorphisms of an extension field 
have the property that each rational number is mapped to itself (this is an 
exercise at the end of the chapter). 

Such field automorphisms can be interpreted as linear transformations 
of E to itself. But not all linear transformations are field automorphisms, 
as will be seen in a moment. 

Of course, there is needed here, in a complete treatment, a lemma show- 
ing that this set of automorphisms actually forms a group. 


Definition 11.4.6 Given an extension field E over Q with group of au- 
tomorphisms G, the fixed field of G is the set {e € E : o(e) = e, for all 
a EG}. 


Note that we are restricting attention to those field automorphisms that 
contain Q in the fixed field. Further it can be shown that the fixed field is 
indeed a subfield of E. 
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Definition 11.4.7 A field extension E of Q isnormal if the fized field of 
the group of automorphisms G of E over Q is exactly Q. 


Let G be the group of automorphisms of Q(aj,...,a,,) over Q, where 
Q(a¡,...,Qn) is the splitting field of the polynomial 


P(T) (z — ai )(£ — az)... (£ — An) 


= T” +an-ar™! +... + ao, 


with each az € Q. This group G is connected to the roots of the polynomial 
P(x), as seen in: 


Theorem 11.4.2 The group of automorphisms G is a subgroup of the per- 
mutation group Sp on n elements. It is represented by permuting the roots 
of the polynomial P(x). 


Sketch of Proof: We will show that for any automorphism o in the 
group G, the image of every root a; is another root of P(z). Therefore the 
automorphisms will merely permute the n roots of P(x). It will be critical 
that o(a) = a for all rational numbers a. Now 


P(o(ai)) = (a(0%))” + an-1(0(04))"?+--- + ao 
= a(aj)" +o(an—1(a;)"+) +--+ + 0(a) 
= o((aj)" + an-1ı(a;) T! +--+ + a9) 
= a(P(ai)) 
= a(0) 
= 0. 


Thus o(a;) is another root. To finish the proof, which we will not do, we 
would need to show that an automorphism ø in G is completely determined 
by its action on the roots a. O 

All of this culminates in: 


Theorem 11.4.3 (Fundamental Theorem of Galois Theory) Let 
P(x) be an irreducible polynomial in Q[z] and let E = Q(ay1,...,Qn) be its 
splitting field with G the automorphism group of E. 
i) Each field B containing Q and contained in E is the fired field of a 
subgroup of G. Denote this subgroup by Gp. 
ii) The field extension B of Q is normal if and only if the subgroup G g 
is a normal subgroup of G. 
iii) The rank of E as a vector space over B is the order of Gp. The 
rank of B as a vector space over Q is the order of the group G/Gp. 
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Unfortunately, in this brevity, none of the implications should be at all 
clear. It is not even apparent why this should be called the Fundamental 
Theorem of the subject. A brief hint or whisper of its importance is that 
it sets up a dictionary between field extensions B with Q C B C E and 
subgroups Gp of G. A see-saw type diagram would be 


E=0Q(01,..., Olo) G 
U U 
E4 Ge, 
U U 
E2 GE 


U U 
Q 


Here the lines connect subgroups with the corresponding fixed fields. 

But what does this have to do with finding the roots of a polynomial. 
Our goal (which Galois Theory shows to be impossible) is to find an ana- 
logue of the quadratic equation. We need to make this more precise. 


Definition 11.4.8 A polynomial P(x) is solvable if its splitting field 
Q(aı,...,@n) lies in an extension field of Q obtained by adding radicals of 
integers. 


As an example, the field Q {3V2, 5V7} is obtained from 3v2 and 5v7, 
both of which are radicals. On the other hand, the field Q(z) is not obtained 
by adding radicals to Q; this is a rewording of the deep fact that m is 
transcendental. 

The quadratic equation z = ee shows that each root of a sec- 
ond degree polynomial can be written in terms of a radical of its coefficients; 
hence every second degree polynomial is solvable. To show that no ana- 
logue of the quadratic equations exists for fifth degree or higher equations, 
all we need to show is that not all such polynomials are solvable. We want 
to describe this condition in terms of the polynomial’s group of automor- 
phisms. ? 


Definition 11.4.9 A finite group G is solvable if there is a nested sequence 
of subgroups G1,...,Gn with G = Go D Gi D GoD... D Gn = (e), with 
each G; normal in Gj, and each Gi—1/G; abelian. 


The link between writing roots as radicals and groups is contained in: 
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Theorem 11.4.4 A polynomial P(x) is solvable if and only tf its associated 
group G of automorphisms of its splitting field is solvable. 


The impossibility of finding a clean formula for the roots of a high degree 
polynomial in terms of radicals of the coefficients now follows from showing 
that generically the group of automorphisms of an nth degree polynomial 
is the full permutation group S,, and 


Theorem 11.4.5 The permutation group on n elements, Sy, is not solv- 
able whenever n is greater than or equal to five. 


Of course, these are not obvious theorems. An excellent source for the 
proofs is Artins’ Galois Theory [3]. 


Though there is no algebraic way of finding roots, there are many meth- 
ods to approximate the roots. This leads to many of the basic techniques 
in numerical analysis. 


11.5 Books 


Algebra books went through quite a transformation starting in the 1930s. 
It was then that Van der Waerden wrote his algebra book Modern Algebra 
[113], which was based on lectures of Emmy Noether. The first undergrad- 
uate text mirroring these changes was A Survey of Modern Algebra [9], by 
Garrett Birkhoff and Saunders Mac Lane. The undergraduate text of the 
sixties and seventies was Topics in Algebra by Herstein [57]. Current pop- 
ular choices are A First Course in Abstract Algebra by Fraleigh [41], and 
Contemporary Abstract Algebra by Gallian [43]. Serge Lang’s Algebra [79] 
has been for a long time a standard graduate text, though it is not the place 
to start learning algebra. You will find, in your mathematical career, that 
you will read many texts by Lang. Jacobson’s Basic Algebra [68], Artin’s 
Algebra [4] and Hungerford’s Algebra [65] are also good beginning graduate 
texts. 


Galois Theory is definitely one of the most beautiful subjects in math- 
ematics. Luckily there are a number of excellent undergraduate Galois 
Theory texts. One of the best (and cheapest) is Emil Artin’s Galois The- 
ory [3]. Other excellent texts are by Ian Stewart [107] and by Garling [45]. 
Edwards’ Galois Theory [31] is an historical development. For beginning 
representation theory, I would recommend Hill’s Groups and Characters 
[59] and Sternberg’s Group Theory and Physics [106]. 


11.6. EXERCISES 229 
11.6 Exercises 


1. Fix a corner of this book as the origin (0,0,0) in space. Label one of 
the edges coming out of this corner as the z-axis, one as the y-axis and the 
last one as the z-axis. ‘The goal of this exercise is to show that rotations do 
not commute. Let A denote the rotation of the book about the x-axis by 
ninety degrees and let B be the rotation about the y-axis by ninety degrees. 
Show with your book and by drawing pictures of your book that applying 
the rotation A and then rotation B is not the same as applying rotation B 
first and then rotation A. 

2. Prove that the kernel of a group homomorphism is a normal subgroup. 
3. Let R be a ring. Show that for all elements zx in R, 


x:0=0-2=0, 


even if the ring R is not commutative. 
4. Let R be a ring and J an ideal in the ring. Show that R/I has a ring 
structure. (This is a long exercise, but it is an excellent way to nail down 
the basic definition of a ring.) 
5. Show that the splitting field Q(./2) over the rational numbers C is a 
two dimensional vector space over C. 
6. Start with the permutation group S3. 

a. Find all subgroups of S3. 

b. Show that the group S3 is solvable. (This allows us to conclude that 
for cubic polynomials there is an analogue of the quadratic equation.) 
7. For each of the six elements of the group S3, find the corresponding 
matrices for the representation of S3 as described in section two of this 
chapter. 
8. If H is a normal subgroup of a group G, show that there is a natural 
one-to-one correspondence between the left and the right cosets of H. 
9. Let E be a field containing the rational numbers Q. Let o be a field 
automorphism of E. Note that this implies in particular that o(1) = 1. 
Show that 0(£) = £ for all rational numbers £. 


10. Let T : G > G be a group homomorphism. Show that T(g7!) = 
(T(g))~* for all g EG. 

11. Let T : G + G be a group homomorphism. Show that the groups 
G/ker(T) and Im(T) are isomorphic. Here Im(T) denotes the image of 
the group G in the group G. This result is usually known as one of the 
Fundamental Homomorphism ‘Theorems. 


Chapter 12 


Lebesgue Integration 


Basic Object: Measure Spaces 


Basic Map: Integrable Functions 
Basic Goal: Lebesgue Dominating Convergence Theorem 


In calculus we learn about the Riemann integral of a function, which cer- 
tainly works for many functions. Unfortunately, we must use the word 
“many”. Lebesgue measure, and from this the Lebesgue integral, will allow 
us to define the right notion of integration. Not only will we be able to 
integrate far more functions with the Lebesgue integral but we will also 
understand when the integral of a limit of functions is equal to the limit of 


the integrals, i.e., when 
dim, J f= fm, fo 


which is the Lebesgue Dominating Convergence Theorem. In some sense, 
the Lebesgue integral is the one that the gods intended us to use all along. 

Our approach will be to develop the notion of Lebesgue measure for the 
real line R, then use this to define the Lebesgue integral. 


12.1 Lebesgue Measure 


The goal of this section is to define the Lebesgue measure of a set E of real 
numbers. This intuitively means we want to define the length of E. For 
intervals 

B=[abl={eteR:a<z<gbd} 


the length of E is simply: 
£(E) =b—a. 
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length b-a 


a— rrall 


a b 


The question is to determine the length of sets that are not intervals, such 
as 
E = {x € [0,1] : x is a rational number}. 


We will heavily use that we already know the length of intervals. Let E 
be any subset of reals. A countable collection of intervals {Z,}, with each 


1% = lan, bn), 


covers the set E if 
EC| Jh. 


Ec 1, U I,U ie 


Whatever the length or measure of E is, it must be less than the sum of 
the lengths of the In. 


Definition 12.1.1 For any set E in R, the outer measure of E is 
m*(E) = inf{ > (bn—an) : The collection of intervals {[an, bn]} covers Ej. 
Definition 12.1.2 A set E is measurable 2f for every set A, 
m*(A) = m*(ANE) + m*(A-— E). 
The measure of a measurable set E, denoted by m(E), is m* (E). 
The reason for such a convoluted definition is that not all sets are mea- 
surable, though no one will ever construct a nonmeasurable set, since the 


existence of such a set requires the use of the Axiom of Choice, as we saw 
in Chapter Ten. 
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There is another method of defining a measurable set, via the notion of 
inner measure. Here we define the inner measure of a set E to be 


m,(E) = sup() (bn — an): ED (Jin and In = [an, bn] with an < bn}. 


Thus instead of covering the set E by a collection of open intervals, we fill 
up the inside of E with a collection of closed intervals. 
If m*(E) < oo, then the set E can be shown to be measurable if and 
only if 
m*(E) = m,(B). 


In either case, we now have a way of measuring the length of almost all 
subsets of the real numbers. 

As an example of how to use these definitions, we will show that the 
measure of the set of rational numbers (denoted here as E) between 0 
and 1 is zero. We will assume that this set E is measurable and show its 
outer measure is zero. It will be critical that the rationals are countable. 
In fact, using this countability, list the rationals between zero and one as 
Q1,49,43,.... Now choose an e > 0. Let 1; be the interval 


€ € 
I, = [a1 — 5,01 + al: 


2 
Note that £(1,) = e. Let 
€ € 
I = [az — qa + ql 
Here £(l2) = $. Let 
Iz = [a3 — Sack El 
3 373% + gl 
Here £(13) = $. In general let 


€ € 
Ty = [ak — zp ok + >El: 
Then LI) = se 


I, T, I, 


ea € ga E € a E 
a5 1 atg d3-8 ata do 4 data 


Certainly the rationals between zero and one are covered by this countable 
collection of open sets : 
CL jh. 
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Then 


A 
Mg 
= 
= 


m(E) 


= Ze. 


By letting e approach zero, we see that m(E) = 0. 
A similar argument can be used to show that the measure of any count- 
able set is zero and in fact appears as an exercise at the end of this chapter. 


12.2 The Cantor Set 


While long a source of examples and counterexamples in real analysis, the 
Cantor set has recently been playing a significant role in dynamical systems. 
It is an uncountable, nowhere dense measure zero subset of the unit interval 
(0, 1]. By nowhere dense, we mean that the closure of the complement of 
the Cantor set will be the entire unit interval. We will first construct the 
Cantor set, then show that it is both uncountable and has measure zero. 

For each positive integer k, we will construct a subset C of the unit 
interval and then define the Cantor set C to be 


C= Ch 
k=1 


For k = 1, split the unit interval [0,1] into thirds and remove the open 
middle third, setting 


C1 =10,1) (5-3) 
= (0, 5] UL 1]. 
pte H 
0 4 5 1 


C4 
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Take these two intervals and split them into thirds. Now remove each of 
their middle thirds to get 


Co = 0, JUL JUE SUG, 1. 


Co 


To get the next set C3, split each of the four intervals of Cz into three equal 
parts and remove the open middle thirds, to get eight closed intervals, each 
of length a Continue this process for each k, so that each C, consists of 
2* closed intervals, each of length #¢. Thus the length of each Cy will be 


ok 
length = 3k* 


The Cantor set C is the intersection of all of these Cg: 


Cantor set = C = A Ch. 


k=1 


Part of the initial interest in the Cantor set was 1t was both uncountable 
and had measure zero. We will show first that the Cantor set has measure 
zero and then that it is uncountable. Since C is the intersection of all of 
the Ck, we get for each k that 

ok 


Since the fractions 2 go to zero as k goes to infinity, we see that 


m(C) = 0. 


It takes a bit more work to show that the Cantor set is uncountable. 
The actual proof will come down to applying the trick of Cantor diagonal- 
ization, as discussed in Chapter Ten. The first step is to express any real 
number qa in the unit interval [0, 1] in its tri-adic expansion 
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where each nz is zero, one or two. (This is the three-analog of the decimal 
expansion a = } p; Ek, where here each ng = 0,1,...,9.) We can write 
the tri-adic expansion in base three notation, to get 


Q = NIN2NZ... 


As with decimal expansion, the tri-adic expansion’s coefficients nj are 
unique, provided we always round up. Thus we will always say that 


¿10222202 = 11000 «3% 


The Cantor set C has a particularly clean description in terms of the 
tri-adic or base three expansions. Namely 


C = {.njnong...| each nz is either zero or two}. 


Thus the effect of removing the middle thirds from all of the intervals 
corresponds to allowing no 1’s among the coefficients. But then the Cantor 
set can be viewed as the set of infinite sequences of 0’s and 2’s, which was. 
shown to be uncountable in the exercises of Chapter Ten. 


12.3 Lebesgue Integration 


One way to motivate integration is to try to find the area under curves. The 
Lebesgue integral will allow us to find the areas under some quite strange 
Curves. 

By definition the area of a unit square is one. 


area ab 
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Let E be a measurable set on R. Recall that the characteristic function of 
E, xz, is defined by 


e =/1 iftek 
XEN) =) 0 ifteR-E 


X 112) 


Since the height of yg is one, the area under the function (or curve) yz 
must be the length of E, or more precisely, m(E). We denote this by fp xp. 
Then the area under the function a xg must be a-m(E), 


a aXe 


area a-m(E) 


which we denote by fp axe. 
Now let E and F be disjoint measurable sets. Then the area under the 
curve a: xg +b: xr must be a-m(E) +b- m(F), 


total area = a«m(E) + bem(F) 
a aXe 


~ Sy” 


denoted by 


axe +bxr =a-m(E)+b-m(E). 
EUF 
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For a countable collection of disjoint measurable sets A;, the function 


> 0 X Ai 
is called a step function. Let E be a measurable set. Let 
X aixai 
be a step function. Then define 
J O aiXAi) = Ss a;m(A; N E). 
E 


We are about ready to define fp f- 


Definition 12.3.1 A function f : E > RU (co) U(—oo) is measurable if 
its domain E is measurable and if, for any fired a € RU (co) U (—oo), 


{re E: f(x) =a} 
is measurable. 


Definition 12.3.2 Let f be a measurable function on E. Then the Lebesgue 
integral of f on E is 


Ji = ntf | D axa, : for all x € E,» axa;(2) aya): 


In pictures: 


Ao Az Aq As Ags 


E 


Aj 


Thus we use that we know the integral for single step functions and then 
approximate the desired integral by summing the integrals of these step 
functions. 
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Every function that is integrable in beginning calculus is Lebesgue in- 
tegrable. The converse is false, with the canonical counterexample given 
by the function f : [0,1] — [0,1] which is one at every rational and zero at 
every irrational. The Lebesgue integral is 


/ f == 0, 
[0,1] 


which is one of the exercises at the end of the chapter, but this function 
has no Riemann integral, which is an exercise in Chapter Two. 


12.4 Convergence Theorems 


Not only does the Lebesgue integral allow us to integrate more functions 
than the calculus class (Riemann) integral, it also provides the right con- 
ditions to judge when we can conclude that 


J lim fp = lim ES 
k=>00 k= oo 
In fact, if such a result were not true, we would have chosen another defi- 


nition for the integral. 
The typical theorem is of the form: 


Theorem 12.4.1 (Lebesgue Dominating Convergence Thm.) Let 
g(x) be a Lebesgue integrable function on a measurable set E and let { f,(x)} 
be a sequence of Lebesgue integrable functions on E with |fi(x)] < g(x) for 
all z in E and such that there is a pointwise limit of the f(x), i.e., there 
is a function f(x) with 


f(z) = lim f(z). 
00 
Then 
E lim fil) = lim I fi(x). 
pg k-0o k- 00 E 
For a proof, see Royden’s Real Analysis [95], Chapter 4, in section 4. We 


will just give a sketch here. Recall that if f(x) converges uniformly to 
f(x), then we know from e and 6 real analysis that 


lim | f0)= Ha). 


(i.e., the sequence of functions f(x) converges uniformly to f(z) if given 
any € > 0, there exists a positive integer N with 


lf (x) — filo)]| < e, 
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for all z and all k > N. More quaintly, if we put an e—tube around y = f(x), 
eventually the y = f(x) will fall inside this tube.) The idea in the proof is 
that the f(x) will indeed converge uniformly to f(x), but only away from 
a subset of E of arbitrarily small measure. More precisely, the proposition 
we need 1s: 


Proposition 12.4.1 Let {fn(x)} be a sequence of measurable functions 
on a Lebesgue measurable set E, with m(E) < oo. Suppose that {fn(x)} 
converges pointwise to a function f(x). Then given e > 0 and 6 > 0, there 
is a positive integer N and a measurable set A C E with | f(x) — f(x) |< e 
forallx € E — A andk > N and m(A) < ô. 


The basic idea of the proof of the original theorem is now that 


/ lim fn = / lim fat | lim fr 
pno EAn A n=O 


lim fn +t maz | g(x) | m(4). 
A 


NCO E- 


Since we can choose our set A to have arbitrarily small measure, we can 
let m(A) > 0, which gives us our result. 

The proposition can be seen to be true from the following. (After Roy- 
den’s proof in Chapter 3, Section 6.) Set 


Gn = {x E E :| fr(x) — f(x) |> e). 
Set 


En = |) Gn = {2 € E :| fala) — f(x) |> en > N}. 
n=N 


Then Ey+1 C En. Since we have fk(x) converging pointwise to f(z), 


we must have NE,,, which can be thought of as the limit of the sets Ep, 
be empty. For measure to have any natural meaning, it should be true 
that limy 3 m(En) = 0. Thus given 6 > 0, we can find an Eyn with 


m(En) <ô. 

This is just an example of what can be accomplished with Lebesgue 
integration. Historically, the development of the Lebesgue integral in the 
early part of the twentieth century led quickly to many major advances. 
For example, until the 1920s, probability theory had no rigorous founda- 
tions. With the Lebesgue integral, and thus a correct way of measuring, 
the foundations were quickly laid. 
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12.5 Books 


One of the first texts on measure theory was by Halmos [54]. This is still an 
excellent book. The book that I learned measure theory from was Royden's 
[95] and has been a standard since the 1960s. Rudin’s book [96] is another 
excellent text. Frank Jones, one of the best teachers of mathematics in the 
country, has recently written a fine text [70]. Folland’s recent text [40] is 
also quite good. 


12.6 Exercises 


1. Let E be any countable set of real numbers. Show that m(E) = 0. 
2. Let f(x) and g(x) be two Lebesgue integrable functions, both with 
domain the set E. Suppose that the set 


A= {z€ E: f(x) ¢9(2)} 


has measure zero. What can be said about fp f(z) and f, g(x)? 
3. Let f(x) = x for all real numbers x between zero and one and let f(z) 
be zero everywhere else. We know from calculus that 


i 1 
/ f(x)dz = 3 


Show that this function f(x) is Lebesgue integrable and that its Lebesgue 
integral is still 5. 
4. On the interval [0,1], define 


De 1 if zis rational 
~ ) 0 ifzis not rational ' 


Show that f(x) is Lebesgue integrable, with 


[ f(x)dz = 0. 
0 


Chapter 13 


Fourier Analysis 


Basic Object: Real-valued functions with a fixed period 
Basic Maps: Fourier transforms 
Basic Goal: Finding bases for vector spaces of periodic functions 


13.1 Waves, Periodic Functions and 
Trigonometry 


Waves occur throughout nature, from water pounding a beach to sound 
echoing off the walls at a club to the evolution of an electron’s state in 
quantum mechanics. For these reasons, at the least, the mathematics of 
waves is important. In actual fact, the mathematical tools developed for 
waves, namely Fourier series (or harmonic analysis), touch on a tremen- 
dous number of different fields of mathematics. We will concentrate on 
only a small sliver and look at the basic definitions, how Hilbert spaces 
enter the scene, what a Fourier transform looks like and finally how Fourier 


transforms can be used to help solve differential equations. 
Of course, a wave should look like: 
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Both of these curves are described by periodic functions. 


Definition 13.1.1 A function f: R — R is periodic with period L if for 
all x, f(x + L) = f(x). 


In other words, every L units the function must start to repeat itself. The 
quintessential periodic functions are the trigonometric functions cos(x) and 
sin(z), each with period 27. Of course, functions like cos(#7“) and sin(222) 
are also periodic, both with period L. 

Frequently people will say that a function f(x) has period L if not only 
do we have that f(x + L) = f(x), but also that there is no smaller number 
than L for which f(x) is periodic. According to this convention, cos(z) 
will have period 27 but not period 47, despite the fact that, for all x, 
cos(x + 47) = cos(x). We will not follow this convention. 

The central result in beginning Fourier series is that almost every peri- 
odic function is the, possibly infinite, sum of these trigonometric functions. 
Thus, at some level, the various functions cos(%2) and sin(##) are not 
merely examples of periodic functions; they generate all periodic functions. 


13.2 Fourier Series 


Now to see how we can write a periodic function as an (infinite) sum of these 
cosines and sines. First suppose that we have a function f : [—r,7] + R 
that has already been written as a series of sines and cosines, namely as 


oO 
ao + S (an cos(nz) + bn sin(nz)). 


n=1 


We want to see how we can naively compute the various coefficients az and 
bk, ignoring all questions of convergence for these infinite series (convergence 
issues are faced in the next section). For any given k, consider 


T 


—A 


f(x) cos(kx)dz = a : (ao + > (ancos(nz) + bysin(nx))) cos(kx)dz 


n= 
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= / ay cos(kx)dx 


—T 


+) J cos(ng) cos(ka)dx 
gal 


+ y J sin(nx) cos(ka)da. 
By direct calculation we have 


/ cos(kz)dz = +o" oe 


a O ifk#0 
. T ikan 
J cos(nx) cos(kz)da = l E 


f i sin(ng) cos(kx)dx 0. 


Then we would expect 
7 _ | 270 ifk=0 
f(x) cos(kx)dx = l es Aenea 


=R 

By a similar calculation, using, though, the integrals f7 f(x) sin(nx)da, 

we can get similar formulas for the bn. This suggests how we could try to 
write any random periodic function as the infinite sum of sines and cosines: 


Definition 13.2.1 The Fourier series for a function f : |-n, n] > R. is 


ao + X (an cos(nx) + bn sin(nx)) 


n=l 
where opr 
ao = — / f(x)dzx 
27 Jr 
and 1 opr 
Qn == f(x) cos(nz)dx 
and 


Das LF f(x) sin(nz)dz. 
R Jon 


The coefficients a; and b; are called the amplitudes, or Fourier coefficients 
for the Fourier series. 
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Of course, such a definition can only be applied to those functions for 
which the above integrals exist. The punchline, as we will see, is that most 
functions are actually equal to their Fourier series. 

There are other ways of writing the Fourier series for a function. For 
example, using that ef? = cosx + ¿sin x, for real numbers x, the Fourier 
series can also be expressed by 


oO 
ing 
) nea 


n=->—00 


where 


Ca =f f(z)e*"* dz. 
27 Ja 


The Cn are also called the amplitudes or Fourier coefficients. In fact, for 
the rest of this section, but not for the rest of the chapter, we will write 
our Fourier series as >"... Cne” 

The hope (which can be almost achieved) is that the function f(x) and 
its Fourier series will be equal. For this, we must first put a slight restriction 


on the type of function we allow. 


Theorem 13.2.1 Let f : [-r, n] > R be a square-integrable function. 
(i.e., 


f Pa < 00, 


Then at almost all points, 


f(x) = > Cer, 


n=— 00 
its Fourier series. 


Note that this theorem contains within it the fact that the Fourier series 
of a square-integrable function will converge. Further, the above integral is 
the Lebesgue integral. Recall that almost everywhere means at all points 
except possibly for points in a set of measure zero. As seen in exercise 2 in 
Chapter Twelve, two functions that are equal almost everywhere will have 
equal integrals. Thus, morally, a square-integrable function is equal to its 
Fourier series. 

What the Fourier series does is associate to a function an infinite se- 
quence of numbers, the amplitudes. It explicitly gives how a function is 
the (infinite) sum of complex waves e'"?. Thus there is a map & from 
square-integrable functions to infinite sequences of complex numbers, 
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Certain vector space of in- 
> finite sequences of com- 
plex numbers 


œ. Vector Space of square- 
` integrable functions 


or 


œ. Vector Space of square- a Vector space of infinite se- 
` integrable functions quences of amplitudes 


which, by the above theorem, is one-to-one, modulo equivalence of functions 
almost everywhere. 

We now translate these statements into the language of Hilbert spaces, 
an extremely important class of vector space. Before giving the definition 
of a Hilbert space, a few definitions must be made. E 


Definition 13.2.2 An inner product (-,-) : V xV > C on a complex 
vector space V is a map such that 


1. (av; + buz, v3) = alv,, v3) + b(v2, uz) for all complex numbers a,b € C 
and for all vectors v1, v2, v3, € V. 


2. (v,w) = (w,v) for all v,w € V. 
3. (v,v) > 0 for all v € V and (v,v) =0 only ifv = 0. 


Note that since (v,v) = lu, v), we must have, for all vectors v, that (v,v) 
is a real number. Hence the third requirement that (v, v) > O makes sense. 

To some extent, this is the complex vector space analogue of the dot 
product on R”. In fact, the basic example of an inner product on C” is 
the following: let 


O(a) 
w = (W1,...,Wn) 


be two vectors in C”. Define 
Ên 
(v, w) = Y uy. 
k=1 


It can be checked that this is an inner product on C”, 


Definition 13.2.3 Given an inner product (-,-): Vx V > C, the induced 
norm on V is given by: 
lv] = (v, v)/?. 
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In an inner product space, two vectors are orthogonal if their inner product 
is zero (which is what happens for the dot product in R”). Further, we 
can interpret the norm of a vector as a measure of the distance from the 
vector to the origin of the vector space. But then, with a notion of distance, 
we have a metric and hence a topology on V, as seen in Chapter Four, by 
setting 


plv, w) = |v — wl. 


Definition 13.2.4 A metric space (X, p) is complete if every Cauchy se- 
quence converges, meaning that for any sequence {v;} in X with p(vi, vj) > 
0 as i,j + œ, there is an element v in X with v; > v (i.e., plv, vi) > 0 
as i —> oo). 


Definition 13.2.5 A Hilbert space is an inner product space which 1s com- 
plete with respect to the topology defined by the inner product. 


There is the following natural Hilbert space. 
Proposition 13.2.1 The set of Lebesgue square-integrable functions 
T 
L?[—7, a] = {f : [—7,7] > C | |f|? < co} 


is a Hilbert space, with inner product 
(f9) = | Fiz) glzjdz. 


This vector space is denoted by L*[—r, n]. 


We need to allow Lebesgue integrable functions in the above definition in 
order for the space to be complete. 

In general, there is, for each real number p > 1 and any interval [a, 5], 
the vector space: 


b 
170,0) = {f : [a,b] >R | | f(a) Pde < oo}. 


The study of these vector spaces is the start of Banach Space theory. 
Another standard example of a Hilbert space is the space of square- 
integrable sequences, denoted by 1°: 


Proposition 13.2.2 The set of sequences of complex numbers 


. 00 
= {(@o,@1,---) | N lal? < 00] 
j=0 
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is a Hilbert space with inner product 


((ao, @1, .. an (bo, bi, ee a) = > ajbj. 


j=0 


We can now restate the fact that square-integrable functions are equal to 
their Fourier series, almost everywhere, into the language of Hilbert spaces. 


Theorem 13.2.2 For the Hilbert space L?[—7, 11], the functions 


1 ¿mz 
J 27 
are an orthonormal (Schauder) basis, meaning that each has length one, 


that they are pairwise orthogonal and that each element of L*[—7, r] is the 
unique infinite linear combination of the basis elements. 


Note that we had to use the technical term of Schauder basis. These are not 
quite the bases defined in Chapter One. There we needed each element in 
the vector space to be a unique finite linear combination of basis elements. 
While such do exist for Hilbert spaces, they do not seem to be of much 
use (the proof of their existence actually stems from the Axiom of Choice). 
The more natural bases are the above, for which we still require uniqueness 
of the coefficients but now allow infinite sums. 

While the proof that the functions en are orthonormal is simply 
an integral calculation, the proof that they form a basis is much harder 
and is in fact a restatement that a square-integrable function is equal to its 
Fourier series, namely: 


Theorem 13.2.3 For any function f(x) in the Hilbert space L?|—z, 711], we 
have 


= 1 ing 1 ingx 
f(x) = ` (F(z), Tere lan 


nm=— oO 


almost everywhere. 


Hence, the coefficients of a function’s Fourier series are simply the inner 
product of f(x) with each basis vector, exactly as with the dot product 


1 0 
for vectors in R with respect to the standard basis | 0 |, | 1 | and 
0 0 


0 
O | . Further, we can view the association of a function with its Fourier 
1 
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1 


coefficients (with its amplitudes) as a linear transformation 
L*[-1,1] 3 2. 


Naturally enough, these formulas and theorems have versions for func- 
tions with period 2L, when the Fourier series will be: 


Definition 13.2.6 A function f :[-—L,L]— R has Fourier series 


00 
¿DITA 
Y Cnet 


n=—00 
where 


in 


L dz. 


i Gee E 
a= flare 


We have ignored, so far, a major subtlety, namely that a Fourier series 
is an infinite series. The next section deals with these issues. 


13.3 Convergence Issues 


Already during the 1700s mathematicians were trying to see if a given 
function was equal to its Fourier series, though in actual fact the theoretical 
tools needed to talk about such questions were not yet available, leading to 
some nonsensical statements. By the end of the 1800s, building on work of 
Dirichlet, Riemann and Gibbs, much more was known. 

This section will state some of these convergence theorems. The proofs 
are hard. For notation, let our function be f(x) and denote its Fourier 
series by 


ao + XN (an cos(nx) + bn sin(nx)). 


n=1 


We want to know what this series converges to pointwise and to know when 
the convergence is uniform. 


Theorem 13.3.1 Let f(x) be continuous and periodic with period 2x. Then 


z N 
Jim. [ (f(x) — [ao + 2 (an cos(nz) + bn sin(nz))})dx = 0. 


Thus for continuous functions, the area under the curve 


y = partial sum of the Fourier series 
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will approach the area under the curve y = f(x). We say that the Fourier 
series converges in the mean to the function f(x). 

This is telling us little about what the Fourier series converges to at 
any given fixed point x. Now assume that f(x) is piecewise smooth on the 
closed interval [—r, 7], meaning that f(x) is piecewise continuous, has a 
derivative at all but a finite number of points and that the derivative is 
piecewise continuous. For such functions, we define the one sided limits 


f(1+) = lim f(x +h) 
h=>0 and h>0 


and 


Ha=)= lim fx —h). 


hoo and k>0 


Theorem 13.3.2 If f(x) is piecewise smooth on [—r, r], then for all points 
x, the Fourier series converges pointwise to the function 


f(a+) + f(z—) 
Gr 


At points where f(x) is continuous, the one sided limits are of course 
each equal to f(x). Thus for a continuous, piecewise smooth function, 
the Fourier series will converge pointwise to the function. 


f(x) 
a 


+ 


But when f is not continuous, even if it is piecewise smooth, the above 
pointwise convergence is far from uniform. Here the Gibbs’ phenomenon 
becomes relevant. Denote the partial sum of the Fourier series by 


N 
TOE = + Y (an cos(nz) + bn sin(nz)) 


n=l 


and suppose that f has a point of discontinuity at 19. While the partial 
sums Sy (2) do converge to Het) he) the rate of convergence at different 
x is wildly different. In fact, the better the convergence is at the point of 
discontinuity to, the worse it is near zg. In pictures, what happens is: 
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Sk (x) 
I(x) 


Sx+t(X) 


I(x) 


Note how the partial sums soar away from the function f(x), destroying 
any hope of uniform convergence. 

Luckily this does not happen if the function is continuous and piecewise 
smooth. 


Theorem 13.3.3 Let f(x) be continuous and piecewise smooth on [—r, Tr], 
with f(—r) = f(r). Then the Fourier series will converge uniformly to f(x). 


Thus for reasonably decent functions, we can safely substitute their Fourier 
series and still do basic calculus. 

For proofs of these results, see Harry F. Davis’ Fourier Series and Or- 
thogonal Functions [24], chapter 3. 


13.4 Fourier Integrals and Transforms 
Most functions f : R > R will of course not be periodic, no matter what 


period L is chosen. But all functions, in some sense, are infinitely periodic. 
The Fourier integral is the result when we let the period L approach infinity 
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(having as a consequence that *% approaches zero). The summation sign 
in the Fourier series becomes an integral. The result is: 


Definition 13.4.1 Let f: R—- R be a function. Its Fourier integral is 


/ Ea cos(tx) + b(t) sin(tx))dt, 
0 


where 


alt) = Z L i f(x) cos(tx)dx 


and 


b(t) = =p f (x) sin(ta)da. 


The Fourier integral can be rewritten as 
oo + 
/ C(t)e"* dt, 
—O00 


where 


C(t) = = D fue" da. 


There are other forms, all equivalent up to constants. 
The main theorem is: 


Theorem 13.4.1 Let f: R —> R be integrable (i.e., o | f(x)|da < oo). 
Then, off of a set of measure zero, the function f(x) is equal to its Fourier 
integral. 


As with Fourier series, this integral is the Lebesgue integral. Further, again 
recall that by the term ‘a set of measure zero’, we mean a set of Lebesgue 
measure zero and that throughout analysis, sets of measure zero are rou- 
tinely ignored. 

As we will see, a large part of the usefulness of Fourier integrals lies in 
the existence of the Fourier transform. 


Definition 13.4.2 The Fourier transform of an integrable function f(x) 
aS: 
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The idea is that the Fourier transform can be viewed as corresponding to 
the coefficients a, and b,, of a Fourier series and hence to the amplitude of 
the wave. By a calculation, we see that 


OO 


f(a) = = f NDA 


provided we place suitable restrictions on the function f(x). Thus indeed 
the Fourier transform is the continuous analogue of the amplitudes for 
Fourier series, in that we are writing the original function f(x) as a sum (an 
integral) of the complex waves e** with coefficients given by the transform. 
(Also, the constant + is not fixed in stone; what is required is that the 
product of the constants in front of the integral in the Fourier transform 
(here it is 1) and the above integral be equal to +.) 

As we will see in the next section, in applications you frequently know 
the Fourier transform before you know the original function. 


But for now we can view the Fourier transform as a one-to-one map 
3 : Vector Space of Functions —> Different Vector Space of Functions. 
Thinking of the Fourier transform as an amplitude, we can rewrite this as: 
3 : Position Space — Amplitude Space. 


Following directly from the linearity of the Lebesgue integral, this map is 
linear. 

Much of the power of Fourier transforms is that there is a dictionary 
between the algebraic and analytic properties of the functions in one of 
these vector spaces with those of the other vector space. 


Proposition 13.4.1 Let f(x,t) be an integrable function with f(x,t) >0 
as x > +00. Let S(f(x))(u) denote the Fourier transform with respect to 
the variable x. Then 


i) S{5£}(u) = iuS(F(x))(u). 
ii) S{ (u) = —wS(f(z))(u). 
iti) HEEE (a) = ZAS (2,0) Ku). 
We will show (i), where the key tool is simply integration by parts and 


sketch the proof of (iii). 
By the definition of the Fourier transform, we have 


ð oof 
Su) = f i shed, 
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which, by integration by parts, is 
20 “ oo . 
q EA viu | Hate drs iu | f(x, tje” da, 
00 —00 
since f(x,t) +0 as x > +o, and hence equals 
iuS(f). 
For (iii), we have 


Since this integral is with respect to x and since the partial derivative is 
with respect to t, this is equal to: 


ð äi —iuz 
xf. Ha tje de: 


But this is just: A 


and thus (iii) has been shown. O 

In the next section we will use this proposition to reduce the solving of a 
partial differential equation to the solving of an ordinary differential equa- 
tion (which can almost always be solved). We need one more preliminary 
definition. 


Definition 13.4.3 The convolution of two functions f(x) and g(x) is 


(f *g)(z) = a Flu)g(x — u)du. 


By a direct calculation, the Fourier transform of a convolution is the prod- 
uct of the Fourier transforms of each function, i.e., 


S(f * g) = S(f) - S(g). 


Thus the Fourier transform translates a convolution in the original vec- 
tor space into a product in the image vector space. This will be important 
when trying to solve partial differential equations, in that at some stage 
we will have the product of two Fourier transforms, which we can now 
recognize as the Fourier transform of a single function, the convolution. 
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13.5 Solving Differential Equations 


The idea is that the Fourier transform will translate a differential equation 
into a simpler one (one that is, vaguely, more algebraic). We will apply 
this technique to solving the partial differential equation that describes the 
flow of heat. Here the Fourier transform will change the partial differential 
equation into an ordinary differential equation, which can be solved. Once 
we know the Fourier transform, we can almost always recover the original 
function. 

In the next chapter, we will derive the heat equation, but for now we 
will take as a given that the flow of heat through an infinitely thin, long 
bar is described by 


ðh Oh 

Ot Oa?’ 
where h(x,t) denotes the temperature at time ¢ and position x and where c 
is a given constant. We start with an initial temperature distribution f(z). 
Thus we want to find a function A(z, t) that satisfies 


ah _ Ph 
Ot “da?” 
given the initial condition, 
h(x,0) = f(z). 


Further, assume that as z — -too, we know that f(z) > 0. This just 
means basically that the bar will initially have zero temperature for large 
values of xz. For physical reasons we assume that whatever is the eventual 
solution A(z, t), we have that h(z,t) > 0 as z > too. 

Take the Fourier transform with respect to the variable x of the partial 


differential equation 
Oh ðh 


at Ba?” 
to get 


A) = a E(u), 
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yielding 
Č 3(h(2,t))(u) = —ku?S(h(@, t) (u). 


Now S(h(z,t))(u) is a function of the variables u and t. The x is a mere 
symbol, a ghost reminding us of the original PDE. 

Treat the variable u as a constant, which is of course what we are doing 
when we take the partial derivative with respect to t. Then we can write 
the above equation in the form of an ODE: 


E S(h(z,t))(u) = -ku (hle, #))(u). 


The solution to this ODE, as will be discussed in the next section but which 
can also be seen directly by (unpleasant) inspection, is: 


(h(x, t))(u) = Cluje*é*, 


where C(u) is a function of the variable u alone and hence, as far as the 
variable ¢ is concerned, is a constant. We will first find this C(u) by using 
the initial temperature f(x). We know that h(x,0) = f(x). Then for t = 0, 


S(A{z, 0))(u) = S(f(z))(u). 
When t = 0, the function C(u)e~*“"* is just C(u) alone. Thus when t = 0, 


we have 
S(f(z))(u) = C(u). 


Since f(a) is assumed to be known, we can actually compute its Fourier 
transform and thus we can compute C(u). Thus 


3(h(z,t))(u) = S(f(x))(u) eh". 


Assume for a moment that we know a function g(z,t) such that its 
Fourier transform with respect to z is: 


S(g(z, t))(u) = eh", 
If such a function g(x,t) exists, then 
S(h(z, t))(u) = (fc) (u) - S(g(@, £))(u). 


But a product of two Fourier transforms can be written as the Fourier 
transform of a convolution. Thus 


S(A(x, t))(u) = SF (x) * g(x, £)). 
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Since we can recover that original function from its Fourier transform, this 
means that the solution to the heat equation is 


h(a, t) = f(a) xg(x,t). 

Thus we can solve the heat equation if we can find this function g(x, t) whose 
Fourier transform is e*%*, Luckily we are not the first people to attempt 
this approach. Over the years many such calculations have been done and 
tables have been prepared, listing such functions. (To do it oneself, one 
needs to define the notion of the inverse Fourier transform and then to take 
the inverse Fourier transform of the function ew kurt. while no harder than 
the Fourier transform, we will not do it.) However it is done, we can figure 
out that 


1 —2* 2 
Cx ekt )= e ku t 
VArkt 
Thus the solution of the heat equation will be: 
ae 
h(x,t) = f(a) * e Akt 
(x,t) = f(z) ree 


13.6 Books 


Since Fourier analysis has applications ranging from CAT scans to ques- 
tions about the distribution of the prime numbers, it is not surprising that 
there are books on Fourier series aimed at wildly different audiences and 
levels of mathematical maturity. Barbara Hubbard’s The World Accord- 
ing to Wavelets [63] is excellent. The first half is a gripping nontechnical 
description of Fourier series. The second half deals with the rigorous math- 
ematics. Wavelets, by the way, are a recent innovation in Fourier series that 
have had profound practical applications. A solid, traditional introduction 
is given by Davis in his Fourier Series and Orthogonal Functions [24]. A 
slightly more advanced text is Folland’s Fourier Analysis and its Applica- 
tions [38]. A brief, interesting book is Seeley’s An Introduction to Fourier 
Series and Integrals [98]. An old fashioned but readable book is Jackson’s 
Fourier Series and Orthogonal Polynomials [67]. For the hardcore student, 
the classic inspiration in the subject since the 1930s has been Zygmund’s 
Trigonometric Series [116]. 


13.7 Exercises 


1. On the vector space 


ora = {f : m1 > 01 f I < oo}, 
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show that 


fo) = | Fle) Ieas 


is indeed an inner product, as claimed in this chapter. 
2. Using Fourier transforms, reduce the solution of the wave equation 


dy Oy 


se aga 


with k a constant, to solving an ordinary (no partial derivatives involved) 
differential equation. 
3. Consider the functions 


fala) = 4 y 


ep —1 1 

i < LS 
otherwise 
Compute the Fourier transforms of each of the functions f(x). Graph each 


of the functions f, and each of the Fourier transforms. Compare the graphs 
and draw conclusions. 


Chapter 14 


Differential Equations 


14.1 Basics 


A differential equation is simply an equation, or a set of equations, whose 
unknowns are functions which must satisfy (or solve) an equation involving 
both the function and its derivatives. Thus 


is a differential equation whose unknown is the function y(x). Likewise, 


Oy Oy 0y_ 
aa? Dadi + ant Sut 


is a differential equation with the unknown being the function of two vari- 

ables y(x,t). Differential equations fall into two broad classes: ordinary 

and partial. Ordinary differential equations (ODEs) are those for which the 

unknown functions are functions of only one independent variable. Thus 
= 3y and 


- -+ ee + sin(x)y = 0 
are both ordinary differential equations. As will be seen in the next section, 
these almost always have, in principle, solutions. 
Partial differential equations (PDEs) have unknowns that are functions 
of more than one variable, such as 
Oy Oy i 
ðr? At? 
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and f F 
Ory Oy\" _ 
Ane + (St) = cos(at). 


Here the unknown is the function of two variables y(x,t). For PDEs, every- 
thing is much murkier as far as solutions go. We will discuss the method 
of separation of variables and the method of clever change of variables (if 
this can be even called a method). A third method, discussed in Chapter 
Thirteen, is to use Fourier transforms. 

There is another broad split in differential equations: linear and non- 
linear. A differential equation is homogeneous linear if given two solutions 
fı and fz and any two numbers A, and Az, then the function 


Aifi + A2fe 
is another solution. Thus the solutions will form a vector space. For ex- 
2 2 
ample, at — A = 0 is homogeneous linear. The differential equation is 


linear if by subtracting off from the differential equation a function of the 
independent variables alone changes it into a homogeneous linear differen- 
tial equation. The equation oy — 2i = g is linear, since if we subtract 
off the function x we have a homogeneous linear equation. The important 
fact about linear differential equations is that their solution spaces form 
linear subspaces of vector spaces, allowing linear algebraic ideas to be ap- 
plied. Naturally enough a nonlinear differential equation is one which is 
not linear. 

In practice, one expects to have differential equations arise whenever 
one quantity varies with respect to another. Certainly the basic laws of 
physics are written in terms of differential equations. After all, Newton’s 
second law: 


Force = (mass) - (acceleration) 


is the differential equation 


2 . q. 
Force = (mass) - (ea) 


dx? 


14.2 Ordinary Differential Equations 


In solving an ordinary differential equation, one must basically undo a 
derivative. Hence solving an ordinary differential equation is basically the 
same as performing an integral. In fact, the same types of problems occur 
in ODEs and in integration theory. 

Most reasonable functions (such as continuous functions) can be inte- 
grated. But to actually recognize the integral of a function as some other, 
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well-known function (such as a polynomial, trig function, inverse trig func- 
tion, exponential or log) is usually not possible. Likewise with ODEs, while 
almost all have solutions, only a handful can be solved cleanly and explicitly. 
Hence the standard sophomore-level engineering-type ODE course must in- 
herently have the feel of a bag of tricks applied to special equations.* 

In this section we are concerned with the fact that ODEs have solutions 
and that, subject to natural initial conditions, the solutions will be unique. 
We first see how the solution to a single ODE can be reduced to solving a 
system of first order ODEs, which are equations with unknown functions 
yı (x), -Yn (x) satisfying 


dyı 

de = lisis Un) 
d 

a = Fils la) 


Start with a differential equation of the form: 


anla) 2 +...+01 Op + ao(x)y(x) + b(x) = 0. 


n 


We introduce new variables: 


yo(z) = y(x) 

y(r) = e 

yo(a) = w _ Tw Ey 

ws) = Me 


Then a solution y(x) to the original ODE will give rise to a solution of the 
following system of first order ODEs: 


dyo E 
dr = U1 
Y _- 
EA Y2 


l There are reasons and patterns structuring the bag of tricks. These involve a 
careful study of the underlying symmetries of the equations. For more, see Peter 
Olver’s Applications of Lie Groups to Differential Equations [90]. 
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dyn—1 
dx 


If we can solve all such systems of first order ODEs, we can then solve 
all ODEs. Hence the existence and uniqueness theorems for ODEs can be 
couched in the language of systems of first order ODEs. 

First to define the special class of functions we are interested in. 


= 0 ala + An—2 (1)Yn—2 +... +09 (1)Y0 + b(z)). 


Definition 14.2.1 A function f(x,Y1,...,Yn) defined on a region T in 
R"*! is Lipschitz if it is continuous and if there is a constant N such that 
for every (2,Y1,...,Yn) and (2,Y1,..., Un) nT, we have 


fla, Y1,- Yn) — F, Y1)--- YN) |< N+ (lyr — il +... + lyn — Gal). 


It is not a major restriction on a function to require it to be Lipschitz. For 
example, any function with continuous first partial derivatives on an open 
set will be Lipschitz on any connected compact subset. 


Theorem 14.2.1 A system of first order ordinary differential equations 


d 

= = e Visión) 
dYn 

A = A sata) 


with each function f1,..., fn being Lipschitz in a region T, will have, for 
each real number zo, an interval (19 —€, zo +€) on which there are solutions 
yi(z),...,Ynlz). Further, given numbers a1,..., Qn, with (1p,41,..., an) in 
the region T, the solutions satisfying the initial conditions 


yı (£o) ay 


Yn(Zo) = Gn 
are unique. 


Consider a system of two first order ODEs: 


dy = 
de = f(x, Y1,Y2) 


d 
e = folx,y1,ya)- 
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Then a solution (y, (2), yo(x)) will be a curve in the plane R?. The theorem 
states that there is exactly one solution curve passing through any given 
point (a¡,az). In some sense the reason why ODEs are easier to solve 
than PDEs is that we are trying to find solution curves for ODEs (a one- 
dimensional type problem) while for PDEs the solution sets will have higher 
dimensions and hence far more complicated geometries. 

We will set up the Picard Iteration for finding solutions and then briefly 
describe why this iteration actually works in solving the differential equa- 
tions. 

For this iterative process, functions y1, (1),...,Yn, (£) will be constructed 
that will approach the true solutions y; (£), ...,yn(x). Start with setting 


Yio (x) = Qi 


for each i. Then, at the k*” step, define 


y (£) =a + / A A Oral 


Yn, (1) = An + f Jalti Yip) 90445 A (dt: 


The crucial part of the theorem is that each of these converges to a solution. 
The method is to look at the sequence, for each 2, 


Yio (x) T > (y, (x) — Yik- (x)), 


which has as its Nt? partial sum the function y;, (x). To show that this 
sequence converges comes down to showing that 


Ys, (£) — Yir- (2)! 


approaches zero quickly enough. But this absolute value is equal to 


E Ual vina seo stun (®) = Filt, Vanala- Uma (00104 


< | fr (Or. Una E E 


The last integral's size can be controlled by applying the Lipschitz condi- 
tions and showing that it approaches zero. 
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14.3 The Laplacian 


14.3.1 Mean Value Principle 


In R”, the Laplacian of a function u(x) = u(zx1,...,T,) is 
Ria Ou uy 
0x1? OL? 


One can check that the PDE 
Au=0 


is homogeneous and linear and thus that the solutions form a vector space. 
These solutions are important enough to justify their own name. 


Definition 14.3.1 A function u(x) = u(z1,..., £n) is harmonic if u(x) 
is a solution to the Laplacian: 


Au = 0. 


Much of the importance of the Laplacian is that its solutions, harmonic 
functions, satisfy the Mean Value Principle, which is our next topic. For 
any point a € R”, let 


Sa(r) = {x € R” : |x —al =r}, 
be the sphere of radius r centered at a. 


Theorem 14.3.1 (Mean Value Principle) If u(z) = u(ai,...,2%n) is 
harmonic, then at any point a € R”, 


1 


area of Sa(r) J sal) ule) 


u(a) = 


Thus u(a) is equal to the average value of u(x) on any sphere centered at 
a. For a proof of the case when n is two, see almost any text on complex 
analysis. For the general case, see G. Folland’s Introduction to Partial 
Differential Equations [39], section 2.A. 

Frequently, in practice, people want to find harmonic functions on re- , 
gions subject to given boundary conditions. This is called: 


The Dirichlet Problem: Let R be a region in R” with boundary OR. 
Suppose that g is a function defined on this boundary. The Dirichlet Prob- 
lem is to find a function f on R satisfying 


Af =0 
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on Fè and 


on OR. 


One way this type of PDE arises naturally in classical physics is as a 
potential. It is also the PDE used to study a steady-state solution of the 
heat equation. We will see in the next section that heat flow satisfies the 
PDE: 

du dead uy = Ou 
Ox? Ox 0t 
where u(x;,...,Tn,t) denotes the temperature at time t at place (1,,..., Zn). 


By a steady-state solution, we mean a solution that does not change over 
time, hence a solution with 


Ou 
— = 0. 
Ot 
Thus a steady state solution will satisfy 
8 u uy 
a HO reg 


and hence is a harmonic function. 


14.3.2 Separation of Variables 


There are a number of ways of finding harmonic functions and of solving 
the Dirichlet Problem, at least when the involved regions are reasonable. 
Here we discuss the method of separation of variables, a method that can 
also frequently be used to solve the heat equation and the wave equation. 
By the way, this technique does not always work. 
We will look at a specific example and try to find the solution function 
u(x, y) to 
u du 
==> +a =O, 
ðr? = Oy? 


on the unit square, with boundary conditions 


— h(x) ify=1 
uea) ={ 4 fto=0:=lory=0 


where h(x) is some initially specified function defined on the top side of the 
square. 
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7 


u(x,1) = h(x) 


u(1,y)=0 


The key assumption will be that the solution will be of the form 


u(x, y) = f(x) - gly), 
where 
F(0) = 0, g(0) =0, f(1) =0, f(x): g(1) = A(z). 


This is wild. Few two-variable functions can be written as the product 
of two functions, each a function of one-variable alone. The only possible 
justification is if we can actually find such a solution, which is precisely 
what we will do. (To finish the story, which we will not do, we would need 
to prove that this solution is unique.) If u(x, y) = f(x) -g(y) and if Au = 0, 
then we need : 


2 2 
Tou) + 154 = 0. 


Thus we would need 


of at 
f(x) gly) 


Each side depends on totally different variables, hence each must equal to 
a constant. Using the boundary conditions f (0) = f (1) = 0, one can show 
that this constant must be negative. We denote it by —c*. Thus we need 


d? f 
dz2 —c* f(x) 
and 
i 2 
dy? = c“g(y), 


both second order ODEs, which have solutions 


f(x) = Ar cos(cxr) + Az sin(cx) 


and 
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g(y) = pie? + poe. 


We now apply the boundary conditions. We have that f(0) = 0, which 
implies that 
Ai = 0. 


Also g(0) = 0 forces 
Hı = —H2 


and f(1) = 0 means that 
Ao sin(cx) =U 


This condition means that the constant c must be of the form 
c= kr, with k=0,1,2,.... 


Hence the solution must have the form 


u(z,y) = f(z) - gly) = Cr sin(kmx)(e*™Y — e*7), 


with C} some constant. 

But we also want u(x, 1) = h(x). Here we need to use that the Laplacian 
is linear and thus that solutions can be added. By adding our various 
solutions for particular c = kr, we set 


u(x,y) = y Cp (eë? — eE) sin(kri). 


All that is left is to find the constants Cp. Since we require u(z, 1) = h(x), 
we must have 


= ` C,(e*" —e DM sin(kro). 
But this is a series of sines. By the Fourier analysis developed in the last 


chapter, we know that 


2h(x)(1 — cos kr) 


1 
Cle =e") = 2 | h(x) sin(kra)da = 
0 kr 


Thus the solution is 


OO 


1 — cos kr kr 
Pa fe kr etr) sin(kaa)(e*™Y — 79), 


u(z,y) = 


While not pleasant looking, it is an exact solution. 
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14.3.3 Applications to Complex Analysis 


We will now quickly look at an application of harmonic functions. The goal 
of Chapter Nine was the study of complex analytic functions f : U > C, 
where U is an open set in the complex numbers. One method of describing 
such f = u + iv was that the real and imaginary parts of f had to satisfy 
the Cauchy-Riemann equations: 


ulz, y) _ Ov(z,y) 


—— 


Ox Oy 


and 
Ou(z,y) _ _ v(x, y) 
ðy Ox ` 
Both real-valued functions u and v are harmonic. The harmonicity of u 
(and in a similar fashion that of v) can be seen, using the Cauchy-Riemann 


equations, via: 


u u 
Au = 62 Oy 
_ da, ðv 
= ôrðy Oy Oz 
= Q. 


One approach to complex analysis is to push hard on the harmonicity of 
the real-valued functions u and v. 


14.4 The Heat Equation 


We will first describe the partial differential equation that is called the Heat 
Equation and then give a physics-type heuristic argument as to why this 
particular PDE should model heat flow. In a region in R3 with the usual 
coordinates z, y, z, let 


u(x, y, z,t) = temperature at time t at (x, y, z). 
Definition 14.4.1 The heat equation is: 


u du Oru Ju 


ea 0 Or 


where c is a constant. 
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Frequently one starts with an initial specified temperature distribution, 
such as 


u(x, y, 2,0) = f(x,y, 2), 
with f(x,y,z) some known, given function. 


Surprisingly, the heat equation shows up throughout mathematics and 
the sciences, in many contexts for which no notion of heat or temperature is 
apparent. The common theme is that heat is a type of diffusion process and 
that the heat equation is the PDE that will capture any diffusion process. 
Also, there are a number of techniques for solving the heat equation. In fact, 
using Fourier Analysis, we solved it in the one-dimensional case in Chapter 
Thirteen. The method of separation of variables, used in last section to 
solve the Laplacian, can also be used. 

Now to see why the above PDE deserves the name ‘heat equation’. As 
seen in the last section, 

u Ou 8u 


++ 


A Oy? * az 


is the Laplacian. In non-rectilinear coordinates, the Laplacian will have 
different looking forms, but the heat equation will always be: 


Lua cc. 
Ot 
For simplicity, we restrict ourselves to the one-dimensional case. Con- 
sider an infinitely long rod, which we denote by the z-axis. 


Ax 
A pt __§_ rr 


X-axis 


Though the basic definitions of heat and temperature are and were fraught 
with difficulties, we will assume that there is a notion of temperature and 
that heat is measured via the change in temperature. Let u(x,t) denote the 
temperature at position x at time t. We now denote the change in a variable 
by Au, Ax, At, etc. Note that here A is not denoting the Laplacian of 
these variables. 

There are three important constants associated to our rod, all coming 
from the real world: the density p, the thermal conductivity k and the 
specific heat o. The density arises in that the mass m of the rod over a 
distance Az will be the product p- Az. The specific heat is the number 
o that, if a length Az of the rod has its temperature u raised to u + Au, 
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then its heat will change by ø - (mass) - Au. Note that this last number 
is the same as ø - p - Ag - Au. Here we are using the notion that heat is a 
measure of the change in temperature. Finally, the thermal conductivity k 


is the constant that yields 
Au 


Ral 


as the amount of heat that can flow through the rod at a fixed point zx. Via 
physical experiments, these constants can be shown to exist. 

We want to see how much heat flows in and out of the interval |x, + Az]. 
By calculating this heat flow by two different methods, and then letting ~ 
Az —> 0, the heat equation will appear. First, if the temperature changes 
by Au, the heat will change by 


o: p: Ôr: ^u. 


Second, at the point + Az, the amount of heat flowing out will be, 


over time At, 
Au 
k - Anle+rarát. 


-k AU] At= heat flow out x end | 
Ax 


x 
Ax —y> 
E T] A 
xX X+ Ax 
KAU At = heat flow out x+Ax end 
dy x+Ax 


At the point zx, the amount of heat flowing out will be, over time At, 
Au 
—k - —|,At. 
Ax |z 


Then the heat change over the interval Az will also be 


Au Au 
(E lez ans kr |2)At. 


Thus 


Au Au 
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Then 


(lora = S|.) _ op Au 
Ax ok At 
Letting Az and At approach 0, we get by the definition of partial differen- 


tiation the heat equation 


Ou cop Ou 
ðr? k t 
In fact, we see that the constant c is 
gp 
c= —. 
k 


Again, there are at least two other methods for solving the heat equation. 
We can, for example, use Fourier transforms, which is what we used to 
solve it in Chapter Thirteen. We can also use the method of separation of 
variables, discussed in the previous section. 


14.5 The Wave Equation 


14.5.1 Derivation 


As its name suggests, this partial differential equation was originally derived 
to describe the motion of waves. As with the heat equation, its basic 
form appears in many apparently non-wave-like areas. We will state the 
wave equation and then give a quick heuristic description of why the wave 
equation should describe waves. 

A transverse wave in the g — y plane travelling in the z-direction should 
look like: 


The solution function is denoted by y(x,t), which is just the y coordinate 
of the wave at place x at time t. The wave equation in two independent 
variables is 

y y 
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where cis a positive number. Usually we start with some type of knowledge 
of the initial position of the wave. This will of course mean that we are 
given an initial function f(x) such that 


1) = initial position 


y(x,0) = f(z). 
In general, the wave equation in n variables 2,,..., €n with initial condition 
f(21,-.-,%n) is 
o? o? 9? 
al) 
Ox 1? OL? Ot? 


with initial condition 


y(%1, es , Tn, 0) = f (1, eS Zn). 
In nonrectilinear coordinates, the wave equation will be: 


Py 
ge 


Now to see the heuristics behind why this partial differential equation is 
even called the wave equation. Of course we need to make some physical as- 
sumptions. Assume that the wave is a string moving in an ‘elastic’ medium, 
meaning that subject to any displacement, there is a restoring force, some- 
thing trying to move the string back to where it was. We further assume 
that the initial disturbance is small. We will use that 


Artista t) Sc =0. 


Force = (mass) - (acceleration). 


We let our string have density p and assume that there is a tension T in 
the string (this tension will be what we call the restoring force) which will 
act tangentially on the string. Finally, we assume that the string can only 
move vertically. 

Consider the wave 
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As 


Let s denote the arc length of the curve. We want to calculate the restoring 
force acting on the segment As of the curve in two different ways and then 
let As > 0. Since the density is p, the mass of the segment As will be the 
product (p- As). The acceleration is the second derivative. Since we are 
assuming that the curve can only move vertically (in the y-direction), the 


acceleration will be E. Thus the force will be 
Ory 
- As): —. 
By the assumption that the displacement is small, we can approximate the 
arc length As by the change in the x-direction alone. 


a As~ Ax 
Ax 


Hence we assume that the restoring force is 


O y 
Ot? 

Now to calculate the restoring force in a completely different way. At 
each point in the picture 


(pAz) - 
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the tension T gives rise to an acceleration tangent to the curve. We want 
the y component. At the point «+ Az, the restoring force will be 


T sin6s. 
At the point z, the restoring force will be 
—T sin@,. 


Since both angles 0, and 02 are small, we can use the following approxima- 
tion 


ð 
sinó, ~ tanó, = Ho. 


Ox 


; O 
sindy ~ tanda = Slot As: 


i ru ru A [nO 
sin(8) ~ tan(8) Ax = 


“+e. oo 2 


Then we can set the restoring force to be 


As we have now calculated the restoring force in two different ways, we can 
set the two formulas equal: 


2 
Terns = su.) = pA: as 
or 
OU lat Ae 7 oul. _ p Oy 
Az T Ot? 


Letting Az > 0, we get 


14.5. THE WAVE EQUATION 277 


the wave equation. 

Now to see what solutions look like. We assume that y(0) = 0 and 
y(L) = 0, for some constant L. Thus we restrict our attention to waves 
which have fixed endpoints. 

An exercise at the end of the chapter will ask you to solve the wave equa- 
tion using the method of separation of variables and via Fourier transforms. 
Your answer will in fact be: 


where 


14.5.2 Change of Variables 


Sometimes a clever change of variables will reduce the original PDE to a 
more manageable one. We will see this in the following solution of the 
wave equation. Take an infinitely long piece of string. Suppose we pluck 
the string in the middle and then let go. 


eis ARA 


0 


After a short time, we should get: 


a e os 


0 


with seemingly two waves moving in opposite directions but at the same 

speed. With much thought and cleverness, one might eventually try to 

change coordinate systems in an attempt to capture these two waves. 
Thus suppose we want to solve 


3y Lay _ 
0x2 «292 ” 
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subject to the initial conditions 
Oy 
y(x,0) = g(x) and 5z (2,0) = A(z) 


for given functions g(x) and h(x). Note that we have relabelled the constant 
in the wave equation to be roe This is done solely for notational convenience, 
as we will in a moment. 

Now to make the change of variables. Set 


u = zt + ct and v = zt — ct. 


Using the chain rule, this coordinate change transforms the original wave 
equation into: 

Ory 

dudv 
We can solve this PDE by two straightforward integrations. First integrate 
with respect to the variable u to get 


Oy 

=~ =alv 

Se = a(o), 
where a(v) is an unknown function of the variable v alone. This new func- 
tion a(v) is the ‘constant of integration’, constant with respect to the u 


variable. Now integrate this with respect to v to get 
y(u,v) = A(v) + Blu), 


where A(v) is the integral of a(v) and B(u) is the term representing the 
“constant of integration’ with respect to v. Thus the solution y(u, v) is the 
sum of two, for now unknown, functions, each a function of one variable 
alone. Plugging back into our original coordinates means that the solution 
will have the form: 


y(u,v) = A(x —ct) + B(x + ct). 


We use our initial conditions to determine the functions A(x — ct) and 
B(x + ct). We have 


g(x) = y(x,0) = A(x) + B(x) 


and 
h(a) = OU (a, 0) = —cA' (x) + cB’ (x). 


For this last equation, integrate with respect to the one variable zx, to get 
that 


[ h(s)ds + C = —cA(x) + cB(x). 
0 
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Since we are assuming that the functions g(x) and h(x) are known, we can 
now solve for A(z) and B(x), to get: 


A(z) = g(a) — F h(s)ds — z 


and 


Bla) = 59(2) + > [ “Has = 


Then the solution is: 


y(x,t) = Alx—ct)+ B(x+ct) 
_ g(a—ct)+g(a+et) 1 | — 
= ; lor - h(s)ds, 


This is called the d’Alembert formula. Note that if the initial velocity 
h(x) = 0, then the solution is simply 


ee g(x — ct) ta + a, 


which is two waves travelling in opposite directions, each looking like the 
initial position. (Though this is a standard way to solve the wave equa- 
tion, I took the basic approach from Davis’ Fourier Series and Orthogonal 
Functions [24].) 

This method leaves the question of how to find a good change of coor- 
dinates unanswered. This is an art, not a science. 


14.6 The Failure of Solutions: Integrability 
Conditions 


There are no known general methods for determining when a system of 
partial differential equations has a solution. Frequently, though, there are 
necessary conditions (usually called ‘integrability conditions’) for there to 
be a solution. 

We will look at the easiest case. When will there be a two-variable 
function f(x,y), defined on the plane R?, satisfying: 


aL = gı (x,y) 
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where both gı and g> are differentiable functions? In this standard re- 
sult from multivariable calculus, there are clean necessary and sufficient 
conditions for the solution function f to exist: 


Theorem 14.6.1 There is a solution f to the above system of partial dif- 
ferential equations if and only if 


gı _ 99a 

Oy Ox 
In this case, the integrability condition is Eg = SR. As we will see, this is 
the easy part of the theorem; it is also the model for integrability conditions 
in general. 
Proof: First assume that we have our solution f satisfying sÉ = gi(x,y) 
and Sd = g2(x, y). Then 


g OOf aðf Ag 

Oy 0y0x ðrðy  0x' 
Thus the integrability condition is just a consequence that the order for 
taking partial derivatives does not matter. 

The other direction takes more work. As a word of warning, Green's 
Theorem will be critical. We must find a function f(x, y) satisfying the 
given system of PDEs. Given any point (x,y) in the plane, let y be any 
smooth path from the origin (0,0) to (x,y). Define 


fs, y) = J E y)dy. 


We first show that the function f(x,y) is well-defined, meaning that its 
value is independent of which path y is chosen. This will then allow us to 
show that oi = gi(x,y) and ae = go(#, y). Let r be another smooth path 


from (0,0) to (zx, y). 


T (xy 
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We want to show that 


J gı(z,y)dx + ga(x, y)dy = / gi(x, y)dz + ga(x, y)dy. 

Y T 

We can consider y— T as a closed loop at the origin, enclosing a region R. 
(Note: it might be the case that y — r encloses several regions, but then 
just apply the following to each of these regions.) By Green's Theorem we 
have 


| gıdz + gady — J gıdz + gady / gidz + gady 
Y T YT 

Og2 091 
= 0 


by the assumption that EL = oe Thus the function f(x, y) is well-defined. 


Now to show that this function f satisfies SL = g(x,y) and of = 
g2(x,y). We will just show the first, as the second is similar. The key is 
that we will reduce the problem to the Fundamental Theorem of Calculus. 
Fix a point (xo, yo). Consider any path y from (0,0) to (xo, yo) and the 
extension 7’ = y +7, where 7 is the horizontal line from (zo, yo) to (z, yo). 


Then 3 
Ox rt— to T— TO 
e nlt yoJat 
= ieee 
T—>L0 LT — T0 


since there is no variation in the y-direction, forcing the g2 part of the 
path integral to drop out. This last limit, by the Fundamental Theorem of 
Calculus, is equal to gi, as desired. O 


14.7 Lewy’s Example 


Once you place any natural integrability conditions on a system of partial 
differential equations, you can then ask if there will always be a solution. 
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In practice, often such general statements about the existence of solutions 
can be made. For example, in the middle of the twentieth century it was 


shown that given any complex numbers q;,...,@, and any smooth function 
g(@1,..-,2%n), there always exists a smooth solution f(z1,..., £n) satisfying 
Of Of 
Qin Pet = 


Based in part on these types of results, it was the belief that all reasonable 
PDEs would have solutions. Then, in 1957, Hans Lewy showed the amazing 
result that the linear PDE 


ci E) i — (z +i) Zt = = g(x,y, 2) 

will have a solution f only g is real-analytic. Note that while this PDE 
does not have constants as coefficients, the coefficients are about as rea- 
sonable as you could want. Lewy’s proof, while not hard (see Folland’s 
book on PDEs [39]), did not give any real indication as to why there is no 
solution. In the early 1970s, Nirenberg showed that the Lewy PDE did not 
have a solution due to that there existed a three-dimensional CR structure 
(a certain type of manifold) that could not be embedded into a complex 
space, thus linking a geometric condition to the question of existence of 
this PDE. This is a common tack, namely to concentrate on PDEs whose 
solutions have some type of geometric meaning. Then, in trying to find the 
solution, use the geometry as a guide. 


14.8 Books 


since beginning differential equations is a standard sophomore level course, 
there are many beginning text books. Boyce and Diprima’s book [12] has 
long been a standard. Simmon’s book [99] is also good. Another approach 
to learning basic ODEs is to volunteer to TA or teach such a class (though 
I would recommend that you teach linear algebra and vector calculus first). 
Moving into the realm of PDEs the level of text becomes much harder and 
more abstract. I have learned a lot from Folland’s book [39]. Fritz John’s 
book [69] has long been a standard. I have heard that Evans’ recent book 
[33] is also excellent. 


14.9 Exercises 


1. The most basic differential equation is probably 


dy _ 
ayo nh 
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subject to the boundary condition y(0) = 1. The solution is of course the 
exponential function y(x) = e”. Use Picard iteration to show that this is 
indeed the solution to Sy = y. (Of course you get an answer as a power 
series and then need to recognize that the power series is e”. The author 
realizes that if you know the power series for the exponential function you 
also know that it is its own derivative. The goal of this problem is see 
explicitly how Picard iteration works on the simplest possible differential 
equation.) 

2. Let f(x) be a one variable function, with domain the interval [0,1], 
whose first derivative is continuous. Show that f is Lipschitz. 

3. Show that f(x) = e? is not Lipschitz on the real numbers. 

4. Solve the wave equation 


subject to the boundary conditions y(0,t) = O and y(L,t) = O and the 
initial condition y(x,0) = f(x) for some function f(x). 

a. Use the method of separation of variables as described in the section 
on the Laplacian. 

b. Now find the solutions using Fourier transforms. 
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Chapter 15 


Combinatorics and 
Probability "Theory 


Basic Goals: Cleverly Counting Large Finite Sets 
Central Limit Theorem 


Beginning probability theory is basically the study of how to count large 
finite sets, or in other words, an application of combinatorics. Thus the 
first section of this chapter deals with basic combinatorics. The next three 
sections deal with the basics of probability theory. Unfortunately, counting 
will only take us so far in probability. If we want to see what happens 
as we, for example, play a game over and over again, methods of calculus 
become important. We concentrate on the Centra] Limit Theorem, which is 
where the famed Gauss-Bell curve appears. The proof of the Central Limit 
Theorem is full of clever estimates and algebraic tricks. We include this 
proof not only due to the importance of the Central Limit Theorem but 
also to show people that these types of estimates and tricks are sometimes 
needed in mathematics. 


15.1 Counting 


There are many ways to count. The most naive method, the one we learn 
as children, is simply to explicitly count the elements in a set, and this 
method is indeed the best one for small sets. Unfortunately, many sets are 
just too large for anyone to merely count the elements. Certainly in large 
part the fascination in card games such as poker and bridge is that while 
there are only a finite number of possible hands, the actual number is far 
too large for anyone to deal with directly, forcing the players to develop 
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strategies and various heuristical devices. Combinatorics is the study of 
how to cleverly count. Be warned that the subject can quickly get quite 
dificult and is becoming increasingly important in mathematics. 

We will look at the simplest of combinatorial formulas, ones that have 
been known for centuries. Start with n balls. Label each ball with a 
number 1,2,...,n and then put the balls into an urn. Pull one out, record 
its number and then put the ball back in. Again, pull out a ball and record 
its number and put it back into the urn. Keep this up until k balls have 
been pulled out and put back into the urn. We want to know how many 
different k-tuples of numbers are possible. 

To pull out two balls from a three-ball urn (here n = 3 and k = 2), we 
can just list the possibilities: 


(1, 1), (1,2), (1,3), (2, 1), (2; 2), (2, 3), (3, 1), (3, 2), (3, 3). 


But if we pull out seventy-six balls from a ninety-nine ball urn (here n = 99 
and k = 76), it would be ridiculous to make this list. 

Nevertheless, we can find the correct number. There are n possibilities 
for the first number, n possibilities for the second, n for the third, etc. Thus 
all told there must be n* possible ways to choose k-tuples of n numbers. 
This is a formula that works no matter how many balls we have or how 
many times we choose a ball. 

For the next counting problem, return to the urn. Pull out a ball, record 
its number and keep it out. Now pull out another ball, record its number 
and keep it out. Continue pulling out balls and not replacing them. Now 
we want to find out how many k-tuples of n numbers there are without 
replacement. There are n possibilities for the first number, only (n — 1) 
possibilities for the second, (n — 2) for the third, etc. Thus the number of 
ways of choosing from n balls k times without replacement is: 


n(n —1)(n—2)---(n-—k+1). 


For our next counting problem, we want to find out how many ways 
there are for pulling out k balls from an urn with n balls, but now not only 
not replacing the balls but also not caring about the order of the balls. 
Thus pulling out the balls (1,2,3) will be viewed as equivalent to pulling 
out the balls (2,1,3). Suppose we have already pulled out k of the balls. 
We want to see how many ways there are of mixing up these k balls. But 
this should be the same as how many ways are there of choosing from k 
balls & times, which is | 


k(k —1)(k —2)---2-1=kl. 


Since n(n —1)(n—2)---(n—k+1) is the number of ways of choosing from n 
balls k times with order mattering and with each ordering capable of being 
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mixed up k! ways, we have 


which is the number of ways of choosing k balls from n balls without re- 
placement and with order not mattering. This number comes up so often 


it has its own symbol 
n\ _ n! 
kJ)  kUn—k) 


pronounced 'n choose k’. It is frequently called the binomial coefficient, 
due to its appearance in the Binomial Theorem: 


n 
a+b)” = P 
a+) = b 
The idea is that (a+b)” = (a+b)(a+b)...(a+b). To calculate how many 
different terms of the form a*b”—* we can get, we note that this is the same 
as counting how many ways we can choose k things from n things without 
replacement and with ordering not mattering. 


15.2 Basic Probability Theory 


We want to set up the basic definitions of elementary probability theory. 
These definitions are required to yield the results we all know, such as that 
there is a fifty-fifty chance of flipping a coin and getting heads, or that there 
is a one in four chance of drawing a heart from a standard deck of 52 cards. 
Of course, as always, the reason for worrying about the basic definitions 
is not just to understand the obvious odds of getting heads but that the 
correct basic definition will allow us to compute the probabilities of events 
that are quite complicated. 

We start with the notion of a sample space w, which technically is just 
another name for a set. Intuitively, a sample space w is the set whose 
elements are what can happen, or more precisely, the possible outcomes of 
an event. For example, if we flip a coin twice, w will be a set with the four 
elements - 


{ (heads, heads), (heads, tails), (tails, heads), (tails, tails) |. 


Definition 15.2.1 Letw be a sample space and A a subset of w. Then the 
probability of A, denoted by P(A), is the number of elements in A divided 
by the number of elements in the sample space w. Thus 

|A| 
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where |A| denotes the number of elements in the set A. 
For example, if 
w = {(heads, heads), (heads, tails), (tails, heads), (tails, tails)), 
and if A = {(heads, heads)}, then the probability of flipping a coin twice 
and getting two heads will be 


Al 1 
P(A) = = 3, 


which agrees with common sense. 


In this framework, many of the basic rules of probability reduce to rules 
of set theory. For example, via sets, we see that 


P(AUB) = P(A) + P(B) — P(AN B). 


Frequently, a subset A of a sample space w is called an event. 

There are times when it is too much trouble to actually translate a 
real-world probability problem into a question of size of sets. For example, 
suppose we are flipping an unfair coin, where there is a 3/4 chance of getting 
a head and a 1/4 chance of getting tails. We could model this by taking 
our sample set to be 


w = {heads;, heads», heads3, tails}, 


where we are using subscripts to keep track of the different ways of getting 
heads, but this feels unnatural. A more natural sample space would be 


w = {heads, tails}, 


and to somehow account for the fact that it is far more likely to get heads 
than tails. This leads to another definition of a probability space: 


Definition 15.2.2 A probability space is a set w, called the sample space, 
and a function 


P:w— [0,1] 
such that 

S Pla) =1. 

acw 


We say that the probability of getting an ‘a’ is the value of P(a). 
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If on a sample space w it is equally likely to get any single element of w, 
i.e., for all a € w we have 


Pla) => 


then our ‘size of set’ definition for probability will agree with this second 
definition. For the model of flipping an unfair coin, this definition will give 
us that the sample set is: 


w = {heads, tails}, 


but that P(heads) = 3/4 and P(tails) = 1/4. 
We now turn to the notion of a random variable. 


Definition 15.2.3 A random variable X on a sample space w is a real- 
valued function on w: 


X:w>kR. 


For example, we now create a simplistic gambling game which requires two 
flips of a coin. Once again let the sample space be 


w = {(heads, heads), (heads, tails), (tails, heads), (tails, tails) }. 
Suppose that, if the first toss of a coin is heads, you win ten dollars. If 
it is tails, you lose five dollars. On the second toss, heads will pay fifteen 


dollars and tails will cost you twelve dollars. To capture these stakes (for 
an admittedly boring game), we define the random variable 


X:w oR 


by 
X (heads, heads) = 10+ 15 = 25 


X(heads, tails) = 10 — 12 = —2 


X (tails, heads) = —5 + 15 = 10 


X (tails, tails) = —5 — 12 = —17. 
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15.3 Independence 


Toss a pair of dice, one blue and one red. The number on the blue die 
should have nothing to do with the the number on the red die. The events 
are in some sense independent, or disjoint. We want to take this intuition 
of independence and give it a sharp definition. 

Before giving a definition for independence, we need to talk about con- 
ditional probability. Start with a sample space w. We want to understand 
the probability for an event A to occur, given that we already know some 
other event B has occurred. For example, roll a single die. Let w be the 
six possible outcomes on this die. Let A be the event that a 4 shows up. 


Certainly we have 
A| 1 
PAs 

But suppose someone tells us, before we look at the rolled die, that they 
know for sure that on the die there is an even number. Then the probability 
that a 4 will occur should be quite different. The set B = {2,4,6} is the 
event that an even number occurs. Then the probability that a 4 shows up 
should now be 1/3, as there are only three elements in B. Note that 


1 lanBl a pan) 


3 JB | al P(B) 


This motivates the definition: 


Definition 15.3.1 The conditional probability that A occurs given that B 
has occurred is: 


P(ANB) 


P(AIB) = Sop 


What should it mean for an event A to be independent from an event 
B? At the least, it should mean that knowing about the likelihood of event 
B occurring should have no bearing on the likelihood that A occurs, i.e., 
knowing about B should not effect A. Thus if A and B are independent, 
we should have 

P(A|B) = P(A). 


Using that P(A|B) = A this means that a reasonable definition for 
independence is: 


Definition 15.3.2 Two events A and B are independent if 


P(AN B) = P(A) - P(B). 
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15.4 Expected Values and Variance 


In a game, how much should you be expected to win in the long run? This 
quantity is the expected value. Further, how likely is it that you might lose 
big time, even if the expected value tells you that you will usually come 
out ahead? This type of information is contained in the variance and in its 
square root, the standard deviation. We start with some definitions. 


Definition 15.4.1 The expected value of a random variable X on a sample 
space w is: 
E(X) = Y X(a)- P(a). 
acw 

For example, recall the simplistic game defined at the end of section two, 
where we flip a coin twice and our random variable represents our win- 
nings: X(heads,heads) = 10+ 15 = 25, X(heads,tails) = 10 — 12 = 
—2, X(tails, heads) = —5 + 15 = 10, and X(tails, tails) = —5 — 12 = —17. 
The expected value is simply: 


25 (5) + (a) (4) «em (3) 


= 4. 


E(X) 


Intuitively, this means that on average you will win four dollars each time 
you play the game. Of course, luck might be against you and you could 
` lose quite a bit. 

The expected value can be viewed as a function from the set of all 
random variables to the real numbers. As a function, the expected value is 
linear. 


Theorem 15.4.1 On a probability space, the expected value is linear, mean- 
ing that for all random variables X and Y and all real numbers X and y, 
we have 

E(AX + pY) =AE(X) + pE(Y). 


Proof: This is a straightforward calculation from the definition of expected 
value. We have 


E(AX + uY) 


SAX + uY) (a) - P(a) 


acw 


= Y (AX(a) + p Y (a)) - P(a) 


acw 


= Y) AX(a)-P(a) +) uY(a)- Pa) 


acEw aEw 
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A y X(a) - Pla) + y y Y (a) - P(a) 


aw acw 


AE(X) + pE(Y).G 


I 


The expected value will only tell a part of the story, though. Consider 
two classes, each with ten students. On a test, in one of the classes five 
people got 100s and five got 50s, while in the other everyone got a 75. In 
both classes the average was a 75 but the performances were quite different. 
Expected value is like the average, but it does not tell us how far from 
the average you are likely to be. For example, in the first class you are 
guaranteed to be 25 points from the average while in the second class you 
are guaranteed to be exactly at the average. There is a measure of how 
likely it is that you are far from the expected value: 


Definition 15.4.2 The variance of a random variable X on a sample space 
W is 
V(X) = E[X — E(X)p’. 
The idea is we set up a new random variable, 
[X - E(X). 


Note that the expected value E(X) is just a number. The farther X is from 
its expected value E(X), the larger is [X — E(X)]?. Thus it is a measure of 
how far we can be expected to be from the average. We square X — E(X) 
in order to make everything non-negative. 

We can think of the variance V as a map from random variables to the 
real numbers. While not quite linear, it is close, as we will now see. First, 
though, we want to show that the formula for variance can be rewritten. 


Lemma 15.4.1 For a random variable X on a probability space, we have 
V(X) = E(X?) — [E(X 


Proof: This is a direct calculation. We are interested in the new random 
variable 
[X — E(X)]*. 
Now 
[X — EQU]? = X? — 2X E(X) + [E(XK)’. 
Since E(X) is just a number and since the expected value, as a map from 
random variables to the reals, is linear, we have 
V(X) = EIX- E(X)? 
E[X? — 2XE(X) + [E(X)}’] 
E(X?) — 2E(X)E(X) + [E(X)} 
= E(X”)- [EQU], 
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as desired. U 
This will allow us to show that the variance is almost linear. 


Theorem 15.4.2 Let X and Y be any two random variables that are in- 
dependent on a probability space and let A be any real number. Then 


V(AX) = X? V(X) 


and 


V(X + Y) = V(X) + V (Y). 


It is the A? term that prevents the variance from being linear. 


Proof: Since the expected value is a linear function, we know that E(AX) = 
AE(X). Then 


VAX) = E[(AX)*] —[E(AX)] 
AX E(X?) — [AE(X)]? 
\*[E(X?) — [E(X)]?] 
= )?V(X). 


For the second formula, we will need to use that the independence of X 
and Y means that 


E(XY) = EQUE(Y). 
By the above lemma’s description of variance, we have 


V(X+ Y) = Ef(X+4+ Y)] —- [E(X +Y)? 
E[X* + 2X Y + Y*] - [E(X) + E(Y)} 
= E[X“] + 2E[X Y] + E[Y”] 
-[E(X)? — 2E(X)E(Y) — [E(Y)/ 
= (E[X%) - [EGO + QE[XY] 
—2E(X)E(Y)) + (E[Y9] — [E(Y)]’) 
= V(X)+V(Y), 


as desired. O 
A number related to the variance is its square root, the standard devi- 
ation: 


standard deviation(X) = o(X) = VV (X). 
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15.5 Central Limit Theorem 


In the last section we defined the basic notions of probability in terms of 
counting. Unfortunately, combinatorics can only take us so far. Think 
about flipping a coin. After many flips, we expect that the total number 
of heads should be quite close to one half of the total number of flips. In 
trying to capture this notion of flipping a coin over and over again, we need 
to introduce the following: 


Definition 15.5.1 Repeated independent trials are called Bernoulli trials if 
there are only two possible outcomes for each trial and if their probabilities 
remain the same throughout the trials. 


Let A be one of the outcomes and suppose the probability of A is P(A) = p. 
Then the probability of A not occurring is 1 — p, which we will denote by 
q. Let the sample space be 


w = {A,not A}. 
We have 


P(A) = p, P(not A) = q. 


We now want to see what happens when we take many repeated trials. 
The following theorem is key: 


Theorem 15.5.1 (Central Limit Theorem) Consider a sample space 
w = {A,not A} with P(A) = p and P(not A) = 1-— p = q. Given n 
independent random variables X1,..., Xn, each taking 


X;(A) = 1, X;(not A) = 0, 


set 7 
Sn= » Xi 
¿=1 
and 
a Sn — E(Sn) 


"A/V (Sn) 


Then for any real numbers a and b, 


E 2 
lim Pla < S% < b} = —= e 2 dz. 
dim, Pta S SaS 03 z) 
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What this is saying is that if we perform a huge number of repeated 
Bernoulli trials, then the values of S,, will be distributed as: 


But we have even more. Namely, by normalizing S, to the new random 
variable S% (which, as we will see in a moment, has mean zero and variance 
one), we always get the same distribution, no matter what the real world 
situation we start with is, just as long as the real world problem can be 
modelled as a Bernoulli trial. By the way, the distribution for any Bernoulli 
trial is simply the graph of the function lim,-3 Sn. We call 5% the normal 
distribution. Its graph is the Gauss-Bell curve. 


Before sketching a proof of the Central Limit Theorem (whose general 
outline is from [18)), let us look at the random variables Sn and Sž. 


Lemma 15.5.1 The expected value of Sn is np and its variance is npq. 
The expected value of Sí, is O and its variance is 1. 


Proof of Lemma: We know that for all k, 


E(Xg) = X (A) P(A) + Xx (not 4)P(not A) =1-p+0:q=p. 
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Then by the linearity of the expected value function 


E(Sn) = E(Xi+...+X,) 
= E(X1)+...+ E(X,) 
= np. 


As for the variance, we know that for any k, 


V (Xx) E(X;) —[E(Xe)]? 
X2(A)P(A) + X2(not A)P(not A) — p? 


= 12.p+0?.-q- p? 


= p-p 
= p(1-p) 
= pq. 


Then we have 

V(Sn) = V(X, +...+ Xn) 
V(X) +... + V(X) 
= npq. 


Now 


* Sn a E(Sn) 
E(S = El —__—_—_—_— 
if 


= —= FS, — ElSn 


= —_(5(S,) — E(E(S,))), 


VV(Sn) 
which, since E(S,,) is just a number, is zero. 

Now for the variance. First, note that for any random variable that 
happens to be a constant function, the variance must be zero. In particular, 
since the expected value of a random variable is a number, we must have 
that the variance of an expected value is zero: 


V (E(X)) =0. 


Using this, we have that 


* Sn — E(Sn) 
S = eee 
vep = v (S) 
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1 


SF V (Sn) 
1 
= Vin Un) — V(E(Sn))) 


A 


)°V (Sn — E(Sn)) 


as desired. O 
Before discussing the proof of the Central Limit Theorem, let us look 
at the formula 


O ET 
lim P(a < S4 <0) = | Fan, 
n— OO ( = = ) Jf 20 4 


It happens to be the case that for any particular choice of a and b, it is im- 
ar 
possible to explicitly calculate the integral Te e e~2- dx; instead people 
must numerically approximate the answers, which of course can easily be 
done with standard software packages like Maple or Mathematica. Surpris- 
La? 
ingly enough, 5 J e= dz can be shown to be exactly one. We first 
show why this must be the case if the Central Limit Theorem is true and 
then we will explicitly prove that this integral is one. 
For any sequence of events and for any n, S} must be some number. 
Thus for all n, 
P(—oo < S% < œ) =1, 
and thus its limit as n goes to infinity must be one, meaning that our 
ue 
integral is one. Thus if 7 Je dz is not one, the Central Limit 
Theorem would not be true. Thus we need to prove that this integral is 


one. In fact, the proof that this integral is one is interesting in its own 
right. 


Theorem 15.5.2 
: / j das] 
== e 2 dxr=1. 
V 277 —00 
Proof: Surprisingly, we look at the square of the integral: 
1 ff _,2 1 f> _,2 1 [> _,2 
—— e dr)? = — | e 2 dz — | e 2 dz). 
y 20 [. ) V 27 J—oo Me 66 ) 


Since the symbol x just denotes what variable we are integrating over, we 
can change the z in the second integral to a y without changing the equality: 


FLA Gor [ Fay). 
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Since the x and the y have nothing to do with each other, we can combine 
these two single integrals into one double integral: 


1 00 foo 2 _y2 
al J e 2 e 2 dady 
2T Jo to 
1 CO OO a y2) 
= = | J e er dzdy, 
2T —00 Y —00 


which is now a double integral over the real plane. The next trick is to 
switch over to polar coordinates, to reduce our integrals to doable ones. 
Recall that we have dzdy = rdrd@ and z? + y? = r? 


(Fe fe Fan) 
E e 2 az 
An PA 


(1,8) = (x,y) 


in polar coordinates. Then we have 


L Faz -7 rdrdð 
== e 2 £ = n= —e 2 
Can J 27 Jo Jo Gi 


as desired. O 
Proof of Central Limit Theorem: (Again, we got this argument from 
[18].) At a critical stage of this proof, there will be a summation of terms 


of the form 
n k_n—k 
(7) ota 


2 
1 E 
2 


which we will replace by 


—e ; 

y 27NPq 
where the x, will be defined in a moment. We will see that the justification 
for this replacement is a corollary of Stirling’s formula for n!, next section’s 
topic. 
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We are interested in P(a < S$ < b). But, at least initially, the random 
variable S, is a bit easier to work with. We want to link S, with 57. 
Suppose that we know that S,, = k, which means that after n trials, there 
have been exactly k occurrences of A (and thus n—k occurrences of not A). 
Let x, denote the corresponding value for Sž. Then 


o _ EZ E(Sn) 
ANG) 


Since E(S,) = np and V (Sn) = npq, we have 


A k—mnp 
k= ) 
y pq 
and thus 
k = np + YNPATE. 
Then 


Peas a= y) Pl6p=k) 
{a<a, <b} 


First we need to show that 


ARE 
A h = ME © 


Now Sn = k means that after n trials there are exactly k A’s. Since 
P(A) = pand P(not A) = q, we have that the probability of any particular 
pattern of k A’s is p*g”—* (for example, if the first k trials yield A’s and the 
last n — k trials yield not A’s). But among n trials, there are (z) different 
ways for there to be k A’s. Thus P(Sn = k) = (,)p"g””*. 

Then we have 


Pla<Si<b)= Y Jr. 


x 
We now replace (7')p*q”~* with Amt? (which, again, will be justified 
in the next section), giving us 


o 
Plaas Sis) = SY — =e? 
nl 
z2 


1 te 
2 


SS = 
{a<an <b} enna 
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Note that 
cad k+1-np k—np 1 
ee npg npg npg 
Thus i , 
Pla < S* <b) = a ae ar 
( = Vn > ) ^ Jon” (Tet Tk) 
{a<a,<b} 


As we let n approach infinity, the interval [a, b] is split into a finer and finer 
partition by the æ. The above sum is a Riemann sum and can thus be 
replaced, as n approaches infinity, by our desired integral: 


: Lf? sas 
lim P(a< $,<0)= = e7 dz. O 


15.6 Stirling’s Approximation for n! 


Stirling’s formula tells us that for large n we can replace n! by V2ann"e. 
We need this approximation to complete the proof of the Central Limit 
Theorem. (We are still following [18].) 

First, given two functions f(n) and g(n), we say that 


f(n) ~ gin) 
if there exists a nonzero constant c such that 


f(n) 


nio g(n) — 


Thus the functions f(n) and g(n) grow at the same rate as n goes to infinity. 
For example 
n? ~ 5n? — 2n +3. 


Theorem 15.6.1 (Stirling’s Formula) 
n! ~ Y2rnn"e " 


Proof: This will take some work and some algebraic manipulations. 
First note that 


2rnn"” = /2 Inn tie”, 


We will show here that 


n! 
lim —— — =k, 
n-—>00 n?+3e=n 
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for some constant k. To show that k = 27, we use the following convo- 
luted argument. Assume that we have already shown that n! ~ kn®+2e7". 
Use this approximation in our replacement of (7)p*q"~* in the following 
corollary and, more importantly, in the proof in the last section of the Cen- 
tral Limit Theorem. If we follow the steps in that proof, we will end up 
with 


b 2 
lim Pla<s;<b=z/ e? dz. 
n—>00 k a 


Since for each n, we must have S* equal to some number, we know that 
P(—oo < S% < œ) = 1 and thus limno P(—oo < Sí < co) = 1. Then we 


must have 
L ¿$ ia 
al e 2 da = 1. 
Bi Se 


‘ . 00 —x? . 
But in the last section we calculated that f%._e 2 du = y27. From this 


calculation, we see that k must be Y 2r. 

Now for the meat of the argument, showing that such a k exists. This 
will take some work and involve various computational tricks. Our goal is 
to show that there is a nonzero constant k such that 


n! k 
ene nat hen Se 
Since we have no clue for now as to what k is, save that it is positive, call it 
e”, with c some other constant (we will be taking logarithms in a moment, 
so using e° will make the notation a bit easier). Now, 


; n! 
lim ————- =e 
N+ 0O n rtzen 


Cc 


exactly when 
n! 
ere (+=) = 


Using that logarithms change multiplications and divisions into sums and 
differences, this is the same as 


1 
1 1) _ = = 
lim (log(n!) — (n+ 5) log(n) +n) =. 
For notational convenience, set 


dn = log(n!) — (n+ >) log(n) +n. 
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We want to show that dn converges to some number cas n goes to oo. Here 
we use a trick. Consider the sequence 


Y (di — digi) = (dı — d2) + (d2 — d3) +... (dn — dn+1) = dí — Anya. 


We will show that the infinite series Y, (d;—di41) converges, which means 
that the partial sums D;_, (di — di41) = dı — dn+1 converge. But this will 
mean that dn. will converge, which is our goal. 

We will show that 7,2, (d; — di 1) converges by the comparison test. 
Specifically, we will show that 


2n+1 1 


[dn — dn+1| < ET 


Since both 77°, 235 and Y, 7.7 converge, our series will converge. 
This will be a lene calculation. We will need to use that, for any x with 
al < 3) 


a 
log(l + z) = 1-7 + A(z) 
where 0(x) is a function such that for all |z| < 3, 
[9(2)| < al’. 


This follows from the Taylor series expansion of log(1+2). The requirement 
that |z| < 3 is not critical; all we must do is make sure that our |x| are 
sufficiently less than one. 

Now, 


Idn = dn+1| 


[log(n!) — (n + >) log(n) + n] — 
llog((n + 1)!) — (n+1+ 3) logín +1) +n+1 


=  [log(n) +... + log(1) — (n + >) log(n) +n] 
—[log(n + 1) + ---+ log(1) 
—(n+1+ >) log(n + )+n+1] 


= —(n+ >) log(n) + (n + >) log(n +1) Al 
= (n + 5) log (==) —1 


1 1 
= (n +3) log(1+ 2)1 
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iI 


(n+ E 55 + 6(=)) 1 


i aes | 1 
= EA m? 
Z (n+5) 1 
T n? An?’ 


which gives us our result. O 
While Stirling’s formula is important in its own right, we needed to use 
its following corollary in the proof of the Central Limit Theorem: 


Corollary 15.6.1.1 Let A be a constant. Then for x, < A, we have 


ye 
Ls pg w 1 et. 
k y 2T7NPQ 
Here the notation is the same as that used in the last section. In particular, 
if Sn = k, we set S> = xx. Then we have 


k = np + YNPATE, 


and subtracting both sides of this equation from n, we have 


| n-k=n—np— J/npqr, = nq — y/NPqEk. 
If, as in the corollary, 7, < A, then we must have 
k np 
and 
n— k ~ nq. 


In the following proof, at a critical stage we will be replacing k by np and 
n — k by nq. 
Proof of Corollary: By definition 


NA k n—k n! k n-k 
(Jo 1 = Mane? 

(2) V 27N pegr—* 

(EA /2rk(2=*)"-*/2r(n — k) 


using Stirling’s formula, which in turn yields 
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using here that k ~ np and n — k ~ nq. This in turn equals 
mee 
2rnpg \ k n—k 
If we can show that 
n—k 2 
np\* f nq k 
A (- — z) a 


we will be done. Using that we can replace log(1 + x) by x — a for small 
x, we will show that 
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and a similar argument for the (n — k). But then we can replace the log 
terms in the above to get 
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since earlier we showed that np ~ k and ng =n—k. O 

The proof of Stirling’s formula and of its corollary were full of clever 
manipulations. Part of the reason that these steps are shown here is to 
let people see that despite the abstract machinery of modern mathematics, 
there is still a need for cleverness at computations. 


15.7 Books 


From informed sources, Brualdi's book [14] is a good introduction to com- 
binatorics. An excellent, but hard, text is by van Lint and Wilson [115]. 
Cameron’s text [16] is also good. Polya, Tarjan and Woods’ book [93] is 
fascinating. To get a feel of how current combinatorics is used, Graham, 
Knuth and Patashnik’s [47] book is great. Stanley’s text [105] is a standard 
text for beginning graduate students in combinatorics. 

For probability theory, 1t is hard to imagine a better text than Feller 
[34]. This book is full of intuitions and wonderful, nontrivial examples. 
Grimmett and Stirzaker [50] is also a good place to begin. Another good 
source is Chung’s book [18], which is where, as mentioned, I got the flow of 
the above argument for the Central Limit Theorem. More advanced work 
in probability theory is measure theoretic. 


15.8 Exercises 


1. The goal of this exercise is to see how to apply the definitions for prob- 
ability to playing cards. 

a. Given a standard deck of fifty-two cards, how many five card hands 
are possible (here order does not matter). 

b. How many of these five card hands contain a pair? (This means 
that not only must there be a pair in the hand, but there cannot be a 
three-of-a-kind, two pair, etc.) 

c. What is the probability of being dealt a hand with a pair? 

2. The goal of this exercise is to see how the formulas for (7) are linked to 
Pascal’s triangle. 
a. Prove by induction that 


ny  fn-—1 P n—1 
E) \ k k-1)' 
b. Prove this formula by counting how to choose k objects from n 
objects (order not mattering) in two different ways. 


c. Prove that the binomial coefficients (7) can be determined from 
Pascal’s triangle, whose first five rows are: 
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d. Give a combinatorial proof of the identity 
(A) =>": 
k=0 


4. Find a formula for determining how many monomials of degree k can 
be made out of n variables. (Thus for the two variables z,y, the number of 
monomials of degree two is three, since we can simply count the list 


(x*, xy, y?).) 


5. The pigeonhole principle states: 
If (n+1) objects are placed into n different boxes, at least one box must have 
at least two objects in it. 

Let aj,...,@n41 be integers. Show that there is at least one pair of 
these integers such that a; — a; is divisible by the integer n. 
6. The goal of this problem is to prove the Inclusion-Exclusion Principle, 
the statement of which is part c. 

a. Let A and B be any two sets. Show that 


IAU B| = j|A|+ |B] -|AN Bl. 
b. Let A,, 42 and Az be any three sets. Show that 
|AyUA2UA3} = ]41]+/42]+/43]-]410.42|-/41043|-]42043|+/]41N4243l. 
c. Let A1,..., An be any n sets. Show that 


|A U... U An] = S|A;] —E]A;N Aj} +... + (-1)"T AN... Anl. 


2n —1/292n 
~ Dr 
le (rn) 


7. Show that 


Chapter 16 


Algorithms 


Basic Object: Graphs and Trees 
Basic Goal: Computing the Efficiency of Algorithms 


The end of the 1800s and the beginning of the 1900s saw intense debate 
about the meaning of existence for mathematical objects. To some, a math- 
ematical object could only have meaning if there was a method to compute 
it. For others, any definition that did not lead to a contradiction would be 
good enough to guarantee existence (and this is the path that mathemati- 
cians have overwhelmingly chosen to take). Think back to the section on 
the Axiom of Choice in Chapter Ten. Here objects were claimed to exist 
which were impossible to actually construct. In many ways these debates 
had quieted down by the 1930s, in part due to Gédel’s work, but also in part 
due to the nature of the algorithms that were eventually being produced. 
By the late 1800s, the objects that were being supposedly constructed by 
algorithms were so cumbersome and time-consuming, that no human could 
ever compute them by hand. To most people, the pragmatic difference 
between an existence argument versus a computation that would take a 
human the life of the universe was too small to care about, especially if the 
existence proof had a clean feel. 

All of this changed with the advent of computers. Suddenly, calcula- 
tions that would take many lifetimes by hand could be easily completed in 
millionths of a second on a personal computer. Standard software pack- 
ages like Mathematica and Maple can outcompute the wildest dreams of 
a mathematician from just a short time ago. Computers, though, seem to 
have problems with existence proofs. The need for constructive arguments 
returned with force, but now came a real concern with the efficiency of the 
construction, or the complexity of the algorithm. The idea that certain 
constructions have an intrinsic complexity has increasingly become basic in 
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most branches of mathematics. 


16.1 Algorithms and Complexity 


An accurate, specific definition for an algorithm is non-trivial and not very 
enlightening. As stated in the beginning of Cormen, Leiserson and Rivest’s 
book Introduction to Algorithms [22], 


Informally, an algorithm is any well-defined computational procedure that 
takes some value, or set of values, as input and produces some values, or 
set of values, as output. An algorithm is thus a sequence of computational 
steps that transform the input into the output. 


Much of what has been discussed in this book can be recast into the 
language of algorithms. Certainly, much of the first chapter on linear alge- 
bra, such as the definition of the determinant and Gaussian elimination, is 
fundamentally algorithmic in nature. 

We are concerned with the efficiency of an algorithm. Here we need to 
be concerned with asymptotic bounds on the growth of functions. 


Definition 16.1.1 Let f(x) and g(x) be two one-variable real-valued func- 
tions. We say that f(x) is in O(g(x)) if there exists a positive constant C 
and a positive number N so that for all x > N, we have |f(«x)| < Clg(x)]. 


This is informally known as big O notation. 

Typically we do not use the symbol “x” for our variable but “n”. Then 
the class of functions in O(n) will be those that grow at most linearly, those 
in O(n?) grow at most quadratically, etc. Thus the polynomial 3n*+7n—19 
is in O(n*). 

For an algorithm there is the input size, n, which is how much informa- 
tion needs to be initially given, and the running time, which is how long 
the algorithm takes as a function of the input size. An algorithm is linear 
if the running time r(n) is in O(n), polynomial if the running time r(n) is 
in O(n*) for some integer k, etc. 

There are further concerns, such as the space size of an algorithm, which 
is how much space the algorithm requires in order to run as a function of 
the input size. 


16.2 Graphs: Euler and Hamiltonian Circuits 


An analysis of most current algorithms frequently comes down to study- 
ing graphs. This section will define graphs and then discuss graphs that 
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have Euler circuits and Hamiltonian circuits. We will see that while these 
two have similar looking definitions, their algorithmic properties are quite 
different. 

Intuitively a graph looks like: 


7S DA xy H 


The key is that a graph consists of vertices and edges between vertices. 
All that matters is which vertices are linked by edges. Thus we will want 
these two graphs, which have different pictures in the plane, to be viewed 
as equivalent. 


N DD 


Definition 16.2.1 A graph G consists of a set V(g), called vertices, and 
a set E(G), called edges, and a function 


o: E(G) > {{u, v}: u,v E V(G)}. 


We say that elements v; and v; in V(G) are connected by an edge e if 
a(e) = {vi, vj}. 


Note that {v;, v; } denotes the set consisting of the two vertices v; and vj. 
For the graph G: 


V1 
C4 €z 
V2 Go V3 
we have 
V(G) = {v1, v2, uz) 
E(G) = {e1, e2, e3 } 
and 


o(e1) = [v1,v2),0(e2) = {ve,v3},0(e3) = (ur, vz]. 


Associated to a graph is its adjacency matrix A(G). If there are n 
vertices, this will be the following n x n matrix. List the vertices: 
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V(G) = {v1, v2, ..., Un}. 


For the (i, 7)-entry of the matrix, put in a k if there are k edges between v; 
and v; and a O otherwise. Thus the adjacency matrix for: 


will be the 4 x 4 matrix: 


0 

1 
A(G) = ' 
1 


0 
2 
0 
0 


The ‘1’ in the (4, 4) entry reflects that there is an edge from va to itself and 
the ‘2’ in the (1,2) and (2, 1) entries reflects that there are two edges from 
V1 to U9. 

A path in a graph G is a sequence of edges that link up with each other. 
A circuit is a path that starts and ends at the same vertex. For example, 


in the graph: 


the path ege7 starts at vertex vı and ends at va while e, esezeses is a circuit 
starting and ending at v1. 

We can now start to talk about Euler circuits. We will follow the tradi- 
tional approach and look first of the Kónigsberg bridge problem. The town 
of Königsberg had the following arrangement: 
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Here A, B, C and D denote land. 

The story goes that in the 1700s, the people of Kónigsberg would try 
to see if they could cross every bridge exactly once so that at the end they 
returned to their starting spot. Euler translated this game into a graph 
theory question. To each connected piece of land he assigned a vertex and 
to each bridge between pieces of land he assigned an edge. Thus Kónigsberg 
became the graph 


D 


Then the game will be solved if in this graph there is a circuit that contains 
each edge exactly once. Such circuits have a special name, in honor of 
Euler: 


Definition 16.2.2 An Euler circuit on a graph is a circuit that contains 
each edge exactly once. 


To solve the Königsberg bridge problem, Euler came up with a clean crite- 
rion for when any graph will have an Euler circuit. 


Theorem 16.2.1 A graph has an Euler circuit if and only if each vertex 
has an even number of edges coming into it. 
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Thus in Königsberg, since vertex A is on three edges (and in this case every 
other vertex also has an odd number of edges), no one can cross each bridge 
just once. 

The fact that each vertex must be on an even number of edges is not 
that hard to see. Suppose we have an Euler circuit. Imagine deleting each 
edge as we transverse the graph. Each time we enter, then leave, a vertex, 
two edges are deleted, reducing the number of edges containing that vertex 
by two. By the end, there are no edges left, meaning that the original 
number of edges at each vertex had to be even. 

The reverse direction is a bit more complicated but is more important. 
The best method (which we will not do) is to actually construct an algo- 
rithm that produces an Euler circuit. For us, the important point is that 
there is a clean, easy criterion for determining when an Euler circuit exists. 

Let us now make a seemingly minor change in the definition for an Euler 
circuit. Instead of finding a circuit that contains each edge only once, now 
let us try to find one that contains each vertex only once. These circuits 
are called: 


Definition 16.2.3 A graph has a Hamiltonian circuit if there is a circuit 
that contains each verter exactly once. 


For example, for the graph: 
er 


Ca C2 


ea 


the circuit eeze3e4 is Hamiltonian, while for the graph: 


vo 


there is no Hamiltonian circuit. In this last graph, one can simply list all 
possible circuits and then just check if one of them is Hamiltonian. This 
algorithm of just listing all possible circuits will work for any graph, as 
there can only be a finite number of circuits, but this listing unfortunately 
takes O(n!) time, where n is the number of edges. For any graph with a fair 
number of edges, this approach is prohibitively time-consuming. But this 
is fairly close to the best known method for determining if a Hamiltonian 
circuit exists. As we will see in section four, the problem of finding a 
Hamiltonian circuit seems to be intrinsically difficult and important. 
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16.3 Sorting and Trees 


Suppose you are given a set of real numbers. Frequently you want to 
order the set from smallest number to largest. Similarly, suppose a stack 
of exams is sitting on your desk. You might want to put the exams into 
alphabetical order. Both of these problems are sorting problems. Á sorting 
algorithm will take a collection of elements for which an ordering can exist 
and actually produce the ordering. This section will discuss how this is 
related to a special class of graphs called trees and that the lower bound 
for any sorting algorithm is O(nlog(n)). 

Technically a tree is any graph that is connected (meaning that there 
is a path from any vertex to any other vertex) and contains within it no 
circuits. Thus 


OD VE 


are not. Those vertices contained on exactly one edge are called leaves. 
These are in some sense the vertices where the tree stops. We will be 
concerned with binary trees, which are constructed as follows. Start with a 
vertex called the root. Let two edges come out from the root. From each of 
the two new vertices at the end of the two edges, either let two new edges 
stem out or stop. Continue this process a finite number of steps. Such a 
tree looks like: 
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where vı is the root and v4, U5, U7, V9, V10, Vig and v13 are the leaves. We 
will draw our binary trees top down, with the root at the top and the leaves 
at the bottom. At each vertex, the two edges that stem down are called 
the left edge and right edge, respectively. The two vertices at the ends of 
these edges are called the left child and the right child, respectively. The 
height of a tree is the number of edges in the longest path from the root to 
a leaf. Thus the height of 


is three while the height of 


is Six. 

We now want to see why sorting is linked to binary trees. We are given 
a collection of elements {a1,...,@,}. We will assume that all we can do is 
compare the size of any two elements. Thus given, say, elements a; and aj, 
we can determine if a; < a; or if a; < as. Any such sorting algorithm can 
only, at each stage, take two a; and a; and, based on which is larger, tell 
us what to do at the next stage. Now to show that any such algorithm can 
be represented as a tree. The root will correspond to the first pair to be 
compared in the algorithm. Say this first pair is a; and a;. There are two 
possibilities for the order of a; and aj. If a; < aj, go down the left edge 
and if a; < a;, go down the right edge. An algorithm will tell us at this 
stage which pair of elements to now compare. Label the new vertices by 
these pairs. Continue this process until there is nothing left to compare. 
Thus we will have a tree, with each vertex labeled by a pair of elements in 
our set and each leaf corresponding to an ordering of the set. 

For example, take a three element set {a1,@2,a3}. Consider the fol- 
lowing simple algorithm (if anything this easy deserves to be called an 
algorithm): 

Compare a, and as. If a; < az, compare az and az. If as < az, then the 
ordering is aj < as < az. If a3 < az, compare a; and a3. If a, < az, 
then the ordering is aj < a3 < as. If we had az < az, then the ordering 
is ag < a, < az. Now we go back to the case when as < az. Then we 
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next compare a; and a3. If ay < az, the ordering is ag < aj < az. If 
we have a3 < a1, we compare az and az. If as < az, then the ordering is 
az < a3 < aj. If a3 < ag, then the ordering is a3 < az < az and we are 
done. Even for this simple example, the steps, presented in this manner, 
are confusing. But when this method is represented as a tree it becomes 
clear: 


a3< a 


a3< aj az<a3<a1 az<a<a; 


ai<d3<d2 as<ai<as 


We now want to show that for a binary tree there is an intrinsic lower 
bound on its height, which means that there is an intrinsic lower bound on 
the time needed to sort. 


Theorem 16.3.1 A binary tree of height n has at most 2” leaves. 


Proof: By induction. Suppose the height is zero. This means that the tree 
is a single vertex and thus has 2° = 1 leaf, which of course in this case is 
also the root and is easy to sort. 

Now suppose that we know the theorem is true for any tree of height 
n — 1. Look at a tree of height n. Thus there is at least one path from 
the root to a leaf with length n. Remove all leaves, and their attaching 
edges, that are of length n from the root. We have a new tree of height 
n— 1. The induction hypothesis kicks in, so we know that for this new tree 
there are at most 2”! leaves. Let two edges stem out from each of these 
2"-1 leaves, forming still another new tree which has height n and which 
contains our original tree. But we are adding two new vertices for each of 
the 2771 leaves of the tree of height n — 1. Thus this final new tree has at 
most 2- 2971 = 2” leaves. Since each leaf of our original tree is a leaf of 
this tree, we have our result. 0 

This allows us to finally see that any algorithm that sorts n objects 
must be in at least O(n log(n)). 


Theorem 16.3.2 Any sorting algorithm based on pairwise comparisons 
must be in at least O(n log(n)). 


Proof: Given a set of n elements, there are n! different ways they can be 
initially ordered. For any sorting algorithm, for the corresponding tree there 
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must be a way, starting with the root, to get to one of these n! different 
initial orderings. Thus the tree must have at least n! leaves. Thus from the 
previous theorem, the tree must have height at least h, where 


2% > nl. 


Thus we must have 
h > log,(n!). 


Any sorting algorithm must take at least h steps and hence must be in at 
least O(log,(n!)). Now we have, for any number K, log( K) = log(2) log, (kK), 
where of course, log is here the natural log, log,. Further, by Stirling’s for- 
mula, we have for large n that 


nin V2rnn"e ”. 


Then 
log(n!) ~ log(vV 27n) + nlog(n) — nlog(e), 


which gives us that 


O(log(n!)) O(log(V2rn) + nlog(n) — nlog(e)) 


O(nlog(n)), 


since nlog(n) dominates the other terms. Thus the complexity of any 
sorting algorithm is in at least O(log,(n!), which equals O(nlog(n)), as 
desired. O 

To show that sorting is actually equal to O(nlog(n)), we would need 
to find an algorithm that runs in O(nlog(n)). Heapsort, merge and other 
algorithms for sorting do exist that are in O(nlog(n)). 


16.4 P=NP? 


The goal of this section is to discuss what is possibly the most important 
open problem in mathematics: “P=NP?”. This problem focuses on trying 
to determine the difference between the finding of a solution for a problem 
and the checking of a candidate solution for the problem. The fact that it 
remains open (and that it could well be independent of the other axioms 
of mathematics) shows that mathematicians do not yet understand the full 
meaning of mathematical existence versus construction. 

A problem is in polynomial time if, given input size n, there is an 
algorithm that is in O(n*), for some positive integer k. A problem is in NP 
if, given input size n, a candidate solution can be checked for accuracy in 
polynomial time. The N in the NP is somewhat of a joke; NP stands for 
“not polynomial”. 
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Think of a jigsaw puzzle. While it can be quite time consuming to put 
a jigsaw puzzle together, it is easy and quick to tell if someone has finished 
such a puzzle. For a more mathematical example, try to invert an n xn 
matrix A. While doable, it is not particularly easy to actually construct 
A-1. But if someone hands us a matrix B and claims that it is the inverse, 
all we have to do to check is to multiply out AB and see if we get the 
identity J. For another example, start with a graph G. It is difficult to 
determine if G contains a Hamiltonian circuit. But if someone hands us a 
candidate circuit, it is easy to check whether or not the circuit goes through 
every vertex exactly once. Certainly it appears that the problem of finding 
a solution should be intrinsically more difficult than the problem of checking 
the accuracy of a solution. 

Amazingly enough, people do not know if the class of NP problems is 
larger than the class of polynomial time problems (which are denoted as P 
problems). “P=NP” is the question: 

Is the class of problems in P equal to the class of problems in NP? 

This has been open for many years. While initially the smart money 
was on P#NP, today the belief is increasingly that statement ‘P=NP’ is 
independent of the other axioms of mathematics. Few believe that P=NP. 

Even more intriguing is the existence of NP complete problems. Such a 
problem is not only in NP but also must be a yes/no question and, most 
importantly, every other NP problem must be capable of being translated 
into this problem in polynomial time. Thus if there is a polynomial time 
solution to this NP yes/no problem, there will be a polynomial time solution 
of every NP problem. 

Every area of math seems to have its own NP complete problems. For 
example, the question of whether or not a graph contains a Hamiltonian cir- 
cuit is a quintessential NP complete problem and, since it can be explained 
with little high level math, is a popular choice in expository works. 


16.5 Numerical Analysis: Newton’s Method 


Since the discovery of calculus, there has been work on finding answers to 
math questions that people can actually use. Frequently this comes down 
to only finding approximate solutions. Numerical Analysis is the field that 
tries to find approximate solutions to exact problems. How good of an 
approximation is good enough and how quickly the approximation can be 
found are the basic questions for a numerical analyst. While the roots of 
this subject are centuries old, the rise of computers has revolutionized the 
field. An algorithm that is unreasonable to perform by hand can often 
be easily solved for a standard computer. Since numerical analysis is ulti- 
mately concerned with the efficiency of algorithms, I have put this section 
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in this chapter. It must be noted that in the current math world, numer- 
ical analysts and people in complexity theory are not viewed as being in 
the same subdiscipline. This is not to imply that they don’t talk to each 
other; more that complexity theory has evolved from computer science and 
numerical analysis has always been a part of mathematics. 

There are certain touchstone problems in numerical analysis, problems 
that are returned to again and again. Certainly efficient algorithms for 
computations in linear algebra are always important. Another, which we 
will be concerned with here, is the problem of finding zeros of functions. 
Many problems in math can be recast into finding a zero of a function. 
We will first look at Newton’s method for approximating a zero of a real 
valued differentiable function f : R — R, and then quickly see how the 
ideas behind this method can be used, at times, to approximate the zeros 
of other types of functions. 

Let f : R > R be a differentiable function. We will first ino the 
geometry behind Newton’s method. Suppose we know its graph (which of 
course in real life we will rarely know; otherwise the problem of approxi- 
mating zeros would be easy) to be: 


y=f(x) 


X0 


We thus want to approximate the point xp. Choose any point zı. Draw 
the tangent line to the curve y = f(x) at the point (z1, f(x,)) and label its 
intersection with the x-axis by (22,0). 


slope = f (x;) 
(x1,1(x1)) 


Then we have 
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which, solving for x2, yields 


In the picture, it looks like our newly constructed xa is closer to our desired 
Zo than is zı. Let us try the same thing but replacing the x,'s with z2. 
We label x3 as the x-coordinate of the point of intersection of the tangent 
line of y = f(x) through the point (22, f(x2)) and get: 


Again, it at least looks like x3 is getting closer to x9. Newton’s method is 
to continue this process, namely to set 


F(x) 


For this to work, we need x, —> xo. There are difficulties. Consider the 
picture: 


With this choice of initial xı, the x, will certainly not approach the zero 
Zo, though they do appear to approach a different zero. The problem of 
course is that this choice of x; is near a local maximum, which means that 
the derivative f'(x1) is very small, forcing xg = x, — f (xı)/f' (zı) to be far 
from Zo. 

We will now make this technically correct. Here we will see many ideas 
from calculus playing a critical role in proving that Newton’s method will, 
subject to specific conditions, always produce an approximation to the true 
zero. We will look at functions f : [a,b] —> [a,b] which have continuous 
second derivatives, i.e., functions in the vector space C*(a, b]. As an aside, 
we will be using throughout the Mean Value Theorem, which states that 
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for any function f € C?[a, b], there exists a number c with a < c < b such 


that 
fc = f(b) i fla) 


b—a 


Our goal is: 


Theorem 16.5.1 Let f € C*[a,b]. Suppose there exists a point zo € [a,b] 
with f(xo) = 0 but f'(zo) 4 0. Then there exists a ô > 0 such that, given 
any point xı in [xo — ô, Zo + ô], if for all k we define 


f(tr-1) 
f'(te-1)’ 


Tk = Tk-1 — 


we have that x, > Zo. 


This theorem states that Newton’s method will produce an approximation 
of the zero provided our initial choice x; is close enough to the zero. 
Proof: We will alter the problem from finding a zero of a function f to the 
finding of a fixed point of a function g. Set 


_ F(z) 
Pu) 


Note that f(20) = 0 if and only if g(20) = zo. We will show that Newton’s 
method will produce an approximation to a fixed point of g. 

We first need to see how to choose our 6 > 0. By taking derivatives and 
doing a bit of algebra, we have 


g(x) =x 


g'(x) = f(x) f” (x) ; 
(f'(x))? 
Since the second derivative of f is still a continuous function, we have that 
g'(x) is a continuous function. Further, since f(a) = 0, we have that 
g'(xo) = 0. By continuity, given any positive number a, there exists a 
ô > 0 such that for all z € [ap — ô, zo + 4], we have 


|g (x)| < a. 


We choose a to be strictly less than one (the reason for this restriction will 
be clear in a moment). 
We will reduce the problem to proving the following three lemmas: 


Lemma 16.5.1 Let g : [a,b] —> [a,b] be any continuous function. Then 
there is a fixed point in [a,b]. 
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Lemma 16.5.2 Let g : [a,b] — [a,b] be any differentiable function such 
that for all x € [a,b] we have 


ig (z) <a <1 
for some constant a. Then there is a unique fized point in the interval la, b]. 


Lemma 16.5.3 Let g : [a,b] — [a,b] be any differentiable function such 
that for all x € [a,b] we have 


ig (x)| <a <1 
for some constant a. Then given any x, € [a,b], if we set 


Tk+1 = 9(Xk); 
then the x, will approach the fixed point of g. 


Assume briefly that all three lemmas are true. Note by our choice of 
ô, we have the function g(x) = z — fe satisfying each of the conditions 
in the above lemma. Further we know that the zero x of the function 
f(x) is the fixed point of g(x). Then we know that iterating any point in 
[£o — ô, zo + 6] by g, we will approach zo. But writing out this iteration is 
precisely Newton’s method. 

Now to prove the lemmas. 
Proof of first lemma: This will be a simple application of the Intermedi- 
ate Value Theorem. If g(a) = a or if g(b) = b, then a or b is our fixed point 
and we are done. Suppose neither holds. Since the range of g is contained 
in the interval [a,b], this means that 


a < g(a) and b > g(b). 


Set 
h(x) = x — g(x). 
This new function is continuous and has the property that 


h(a) =a— g(a) <0 


and 
h(b) =b— g(b) > 0. 


By the Intermediate Value Theorem, there must be a c € [a,b] with 
h(c) =e—g(c) =0 


giving us our fixed point. O 
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Proof of second lemma: We will now use the Mean Value Theorem. 
Suppose there are two distinct fixed points, cı and cp. Label these points 
so that cı < co. By the Mean Value Theorem, there is some number c with 
cı <c < ca such that 
g(c2) ~ g(cı) eE '(c) 
Boe. A 
Since g(c,) = cı and g(c2) = c2, we have 


Cg — Cy 


1 
= =È 
g (c) eas 


Here is our contradiction, as we assumed that at all points that the absolute 
value of the derivative was strictly less than one. There cannot be two fixed 
points. O 
Proof of third lemma: This will be another application of the Mean 
Value Theorem. By the second lemma, we know that g has a unique fixed 
point. Call this fixed point zo. We will regularly replace to by g(zo). 

Our goal is to show that |z} — zol —> 0. We will show that for all k 


[TZ — Lo] < a|£k-ı — Lol. 
Then by shifting subscripts we will have 
[4-1 — Tol < alzk-2 — Tol, 
which will mean that 
[Ek — zo| < al£k-1 — Tol < a7 l£k-2 — zol <... < aë |z — Lol. 


Since a is strictly less than one, we will have |z — zo| — 0. 
Now 
|£ ~ Lo] = |g(£x-1) ~ glo). 
By the Mean Value Theorem, there is some point c between xp and xp-1 
with 
g(2r-1) ~ glo) _ do 
Tk—-1 — Lo 


which is equivalent to 

g(Tk-1) — g(z0) = g'(c)(£k-1 — Zo). 
Then 

lg(ar-1) — 9(%0)| = lg"(c)|lxx-1 — Zo]. 


Now we just have to observe that by assumption |g'(c)| < a, and we are 
done. D 
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All this theorem is telling us is that if we start with an initial point close 
enough to the zero of a function, Newton’s method will indeed converge to 
the zero. It does not tell us how to make our initial choice and does not 
tell us the speed of the convergence. 

Now let us see how to try to use Newton’s method in other contexts. 
Suppose we have a map L: V > W from one vector space to another. How 
can we approximate a zero of this map? Let us assume that there is some 
notion of a derivative for the map L, which we will denote by DL. Then 
just formally following the Newton’s method, we might, starting with any 
element vı € V, recursively define 


Ur+1 = UR — DL(vx)* L(uy) 


and hope that the v; will approach the zero of the map. This could be at 
least an outline of a general approach. The difficulties are in understanding 
DL and in particular in dealing with when DL has some type of inverse. 

For example, consider a function F : R? > R?, given in local coordi- 
nates by 


F(x,y) = (fi(z, y), f2(z, y)). 


The derivative of F' should be the two-by-two Jacobian matrix 


an oh 
£ 
Ox Oy 


Starting with any (71,41) € R?, we set 


Tkl A [TRY |. -1 f fi(&k, Yk) 
bed 7 EN DF" (ra, yn) Gee? l 
Newton’s method will work if the (£k, Yk) approach a zero of F. By 
placing appropriate restrictions on the zero of F, such as requiring that 
det(DF (zo, yo)) Æ 0, we can find an analogous proof to the one-dimensional 
case. In fact, it generalizes to any finite dimension. 

More difficult problems occur for infinite dimensional spaces V and W. 
These naturally show up in the study of differential equations. People 
still try to follow a Newton-type method, but now the difficulty of dealing 
with the right notion for DL becomes a major stumbling block. This is 
why in trying to solve differential equations you are led to the study of 
infinite dimensional linear maps and are concerned with the behavior of the 
eigenvalues, since you want to control and understand what happens when 
the eigenvalues are, or are close to, zero, for this is the key to controlling 
the inverse of DL. The study of such eigenvalue questions falls under the 
rubric of Spectral Theorems, which is why the Spectral Theorem is a major 
part of beginning Functional Analysis and a major tool in PDE theory. 
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16.6 Books 


The basic text for algorithms is Introduction to Algorithms by Cormen, Leis- 
erson and Rivest [22]. Another source is Data Structures and Algorithms 
by Aho, Hopcroft, and Ullman [2]. 

Numerical Analysis has a long history. Further, many people, with 
widely varying mathematical backgrounds, need to learn some numerical 
analysis. Thus there are many beginning texts (though it must be stated 
that my knowledge of these texts is limited). 

Atkinson’s Introduction to Numerical Analysis [5] comes highly recom- 
mended. Another basic text that has long been the main reference for 
people studying for the numerical methods part of the actuarial exams is 
Numerical Methods by Burden and Faires [15]. Trefethon and Bau’s text 
[112] is a good source for numerical methods for linear algebra. For numeri- 
cal methods for differential equations, good sources are the books by Iserles 
[66] and Strikwerda [110]. Finally, for links with optimization theory, there 
is Ciarlet’s Introduction to Numerical Linear Algebra and Optimization [19]. 


16.7 Exercises 


1. Show that there are infinitely many nonisomorphic graphs, each having 
exactly k vertices. 

2. How many nonisomorphic graphs with exactly three vertices and four 
edges are there? 

3. Assume that the time for multiplying and adding two numbers together 
is exactly one. 

a. Find an algorithm that runs in time (n-1) that adds n numbers 
together. 

b. Find an algorithm that computes the dot product of two vectors in 
R? in time (2n-1). 

c. Assume that we can work in parallel, meaning that we allow algo- 
rithms that can compute items that do not depend on each other simulta- 
neously. Show that we can add n numbers together in time log,(n — 1). 

d. Find an algorithm that computes the dot product of two vectors in 
R? in parallel in time log,(n). 

4. Let A be the adjacency matrix for a graph G. 

a. Show that there is a nonzero (i, 7) entry of the matrix A? if and only 
if there is a path containing two edges from vertex 7 to vertex j. 

b. Generalize part (a) to linking entries in the matrix A* to the existence 
of paths between various vertices having exactly k edges. 


16.7. EXERCISES 325 


c. Find an algorithm that determines whether or not a given graph is 
connected. 
5. Use Newton's method, with a calculator, to approximate v2 by approx- 
imating a root of the polynomial x? — 2. 
6. Let f : R” — R” be any differentiable function from R” to itself. Let 
To be a point in R” with f(zo) = 0 but with det(Df(z0)) 4 0, where Df 
denotes the Jacobian of the function f. Find a function g : R” —> R” that 
has the point zo as a fixed point. 


Appendix A 


Equivalence Relations 


Throughout this text we have used equivalence relations. Here we collect 
some of the basic facts about equivalence relations. In essence, an equiva- 
lence relation is a generalization of equality. 


Definition A.0.1 (Equivalence Relation) An equivalence relation on a 
set X is any relation ‘x ~ y’ for x,y € X such that 


1. (Reflexivity) For any x € X, we have z ~ 2. 
2. (Symmetry) For all x,y € X if x ~ y then y~z. 
3. (Transitivity) For all x,y,z E X, ifx ~y and y ~ z, then r ~z. 


The basic example is that of equality. Another example would be when 
X = R and we say that x ~ y if x— y is an integer. On the other hand, the 
relation x ~ yif x < y is not an equivalence relation, as it is not symmetric. 

We can also define equivalence relations in term of subsets of the ordered 
pairs X x X as follows: 


Definition A.0.2 (Equivalence Relation) An equivalence relation on a 
set X is a subset RC X x X such that 


1. (Reflexivity) For any x € X, we have (2,1) € R. 
2. (Symmetry) For all x,y € X, if (x,y) € R then (y,1) E R. 


3. (Transitivity) For all x,y,z € X, if (x,y) € R and (y,z) € R, the 


(1,2) E R. 


The link between the two definitions is of course that x ~ y means the 
same as (x,y) € R. 

An equivalence relation will split the set X into disjoint subsets, the 
equivalence classes. 
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Definition A.0.3 (Equivalence Classes) An equivalence class C is a 
subset of X such that if x,y E€ C, then xz ~ y and if x E€ C and if £ ~ y, 
then y € C. 


The various equivalence classes are disjoint, a fact that follows from tran- 
sitivity. 

Exercises: 1. Let G be a group and H a subgroup. Define, for x,y € G, 
x ~ y, whenever zy~! € H. Show that this forms an equivalence relation 
on the group G. 

2. For any two sets A and B, define A ~ B if there is a one-to-one, onto 
map from A to B. Show that this is an equivalence relation. 

3. Let (v1, v2, v3) and (w1, w2, w3) be two collections of three vectors in R3. 
Define (v1, 2,03) ~ (w1, W2, w3) if there is an element A € GL(n,R) such 
that Av; = w1, Ava = wa and Av3 = w3. Show that this is an equivalence 
relation. 

4. On the real numbers, say that x ~ y if x — y is a rational number. 
Show that this forms an equivalence relation on the real numbers. (This 
equivalence was used in Chapter Ten, in the proof that there exists non- 
measurable sets.) 
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Build a multifunction battery free crystal radio to listen to either AM or FM 
radio. 

You can also use the same radio to connect to a bigger loop coil to get 
stronger signal for the AM radio instead of relying on the smaller AM coil 
inside the radio. 


Parts you will need: 

A Diode that works in high frequency (200Mhz or above, e.g. AA112, 
1N34A, 1N48, Iss86 or Iss106. 

A Diode that work in AM frequency e.g 1N34A, 1N60, BAT85. 

A quadruple PVC Variable capacitor with one end for 2x 20pf, the other end 
for 2x 140pf. 

50pf and 180pf fixed ceramic capacitor 

100K 1/4W resistor 

33uH Choke coil. 

AM radio coil - ferrite rod 

3.9mm mono headphone jack 

3.5mm stereo headphone jack with internal switches (for selecting whether 
to use the external big loop or the internal coil for AM. 

A 2 by 3 switch to select AM or FM. 

A high impedance 4K Ohm earphone or a crystal earphone. 
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_AM/FM/Big Loop Multipurpose Crystal Radio Circuit - http://billydiy.blogspot.hk | 


FM Antenna - 1.2 meter 
NN Li: three Imm Silver coated copper wire twisted together, coll diameter 18mm(insido), Length 25mm. Total 5 turns 


C2: 50pf Ceramic Capacitor with legs cut down to ¿mm 
Di: l5586 or 1N34A 


PYC Wi Pf Switch between AM and FM 
Ci: G WC 5-20p1 am al 
J1: axt. Loop Coil, ground and tip as the coll, middle pin as the Ta ps 


Switch Inside Ji 
L2 j C5 4700pf 


C4: PE VG 30-280pF in the same case and controlled by same dial as Ci 


Ji 
D2: BATA5 
42: for Crystal earphone 


L2: Wound on a 10mmx50mm Ferrite Rod, Total 80 turns, 10th turn as ground 


External AM Antenna - 15-30 Meters, connect ground to water pipes 


[http://2.bp.blogspot.com/-- 
ZAhsy2SRko/Uc2WUu2Gz6l/AAAAAAAABM8/czIH@F 1iPzl/s855/Screen+Shot+201 
3-06-23+at+11.22.21+AM.png] 


To connect to external Loop coil for AM reception instead of using the 


internal AM coil, connect 3-color crocodile camp to the 3.5mm Stereo jack - 
white for the tuning, black for ground, yellow for the decoder diode. 
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Posted 28th June 2013 by Billy 
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Precompliance Antenna Pix 


HighEnd Log-Periodic Wideband EMC Antennas from 1Hz to 40GHZz 
Go to aaronia.com/antennas 


Lo Add a comment 


Comment as: Unknown (Goo Y Sign out 


Publish Preview Notify me 
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Amplifier for crystal radio earphone 


Related links: 
1, [ ] 


H 
E Energy 1 | Handheld Analyzer - Made in Germany - up to 20GHz 


Science/Electronics 


Projects 2 | Google AdWords Reach Potential Customers In The Moments That Matter. Start Today. adwords.google.com © 
Build Van de Graaff 
Wimshurst machine . : 
Kelvin water dropper 3 | PCB Fab-Assembly-Turnkey U.S. manufacturer with most advanced technology in the Industry. arrowpcb.com O) 
Electroscope 


Corona motors This is a crystal radio amplifier for amplifying the output to a crystal earphone or telephone receiver earphone. It uses a single transistor and is very simple to 


pall beatine motor make. This circuit is by Charles Wenzel and originated from his website here. 
Grystal radios 


ip ick Sa ed : 
= = E Amplifier circuit. The crystal radio used for example purposes is the crystal radio made from scraps here. 
Using earbuds 
Razor blade diode 


Amplifier for speaker The crystal radio | antenna 
Amplifier for earphone in the dotted box | ; CUULDERL EEG = 


Portable RF & EMF Spectrum Analyzer. From 1Hz to 20GHz. Weighs > [> 
less than 500g. aaronia.com/spect_analyzer 


Loop antenna radio 
AM Radio Transmitter can be pretty 
Fresnel lens much any crystal € 
Electrets radio. 3 
Piezoelectric diode (1N34)8 
Electrolytic capacitor | i 
Joule thief 
Peltier/Seebeck effect 


Franklins bell resistor -82k0 


Can Stirling | 
Big Stirling E ————+ 
resistor Ls i tor 


555 timer music 

TEA laser 

Laser diode fun 10MO 

How lon Prop. Works Eee ee {UT es | 

Lifter/ionocraft Ba 

Star Trek Enterprise 100k0 — + transistor 
Smoke precipitator = { IL a8 — E 2N4401 
Moving with sound l 

Straw music instruments |_capactor 

Gravity light - DIY T 10uF 
Nitinol wire 
Pyramid hologram 


Arduino speech/Talkie 
Arduino controlled Skull 


Pinhole camera 


Wireless electricity : ae 
Fly swatter powered CFL The main components mounted on a sd The complete amplifier. 
Chlorophyll/fluorescence i 
Small SG Tesla coil 


Photophone 
Laser communicator 


Hero's steam engine 
Alcohol stove 


Sunflower heat engine 
BB-8 Droid 
Ball cyclotron 


Atmos. electricity 
Photoelectric effect 


Bottle rocket 

Neural networks 
Ornithopter 

Curie temp. experiment 


earpece i 7 


P 
a a 


Lightning in bottle ALE da | F Err rrr 
-EJ rrr 


Gyroscope - vinyl records = me 
Raspberry Pi Tr | 
Pepper's ghost phone 
Potato chip circuit 

lon wind rotor 


LED flashlight 
Resources 
Power supplies 
HV Probes/measuring 
Miscellaneous The amplifier attached to a crystal radio. 
Efficiency & Conservation 
Composting 
Food 
Non-conv. Energy 
Non-conv. Propulsion 
Space 
Stories 


i 
= 
= 
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[> AdChoices 


Crystal Radio 


Building Kits 
[> Xx 

Handheld 
Analyzer 
- Made in 
Germany 
- Up to 
2OGHZ 
Portable RF 
& EMF 


spectrum 


Analyzer. 


From 1Hz to If you did want to try making the above circuit on a breadboard as in the above photo, then the following is a diagram showing how | arranged all the parts. The 
20GH videos below use this same arrangement. 
Z. 


Weighs less 
than 500g. 


aaronia.com 


Diagram for the ampifier circuit on the above breadboard. 


crystal 
radio's diode 


Resistors 


O) 82k0 


(2) 100k0 
(3) 10mo 


Capacitors 


Videos with details of the amplifier construction 
The following are two construction videos of the making of this amplifier. 
This first one includes: 


discussion about the parts, 

how to use a breadboard, 

circuit diagram and how to use it to fill in the breadboard, 
a little about electrolytic capacitors, 

a little about transistors, 

demonstration of it working, and 

a little about how the circuit works. 
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The magic of battery welding has been known to field mechanics for years now, and one of the 
most popular classes at the Overland Expo is the hands-on introduction to the skill, taught by 


experts such as welding wizard Tim Scully. Briefly, by combining several standard automotive 
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batteries in series—that is, positive terminal to negative terminal, in a chain—you create in 
effect one large 24V (with two batteries) or 36V (three batteries) cell, and this produces 
enough power to weld a lot of things that can be prone to breaking on vehicles used in rugged 
conditions: shock and spring mounts, motor mounts, ancillary brackets, roof racks—the list is 


endless, and full of items that can bring a trip to a sudden halt. 


Until now, most impromptu battery welding has been jury rigged with standard jumper cables. 
While this works, it is far from ideal. Jumper-cable wire is cheap stuff designed for a few 
second's starting duty at a time; its coarse strands are inefficient at conducting the power 
produced by series-connected batteries. And the toothed clamps, although adequate for 
attaching to battery terminals, are poor for gripping slender welding rods. In addition, you need 
a way to connect the batteries to each other, which either requires another set (or two) of 


jumper cables, or yet more jury rigging with your existing battery leads. 


All that just ended, thanks to the Trail Weld kit, developed by Tim Scully himself. Tim evaluated 


the compromises that go into the normal battery-welding setup, and fixed them all. 


e The cables are now fine-strand, four-gauge Temco welding wire, with 360-degree crimps 
on all fittings. A 12-foot length on positive and negative leads allows you to put a safe 
distance between the batteries and sparks. The flexible cable makes controlling the 
clamp and rod much easier. 

e The positive lead ends in a proper welding-rod clamp, and the negative lead ends in a 
dedicated ground clamp. 

e Two short leads of Temco wire make quick work of connecting batteries, and reduce 
voltage loss. 

e All battery connections are high-quality terminal clamps, greatly enhancing conductivity 
and thus efficiency. 

e All connections are color-coded with heat-shrink wrap. 

e A selection of correctly sized welding rods is included in a plastic protective case. 

e A pair of self-powered auto-darkening goggles is also included. 


e Available containers range from a simple bag to a .50-caliber ammo can to a Pelican Case. 


The complete system is so efficient that Tim reports two batteries are sufficient to weld 
material that requires three if using jumper cables. As he told me, "If you are using three 
batteries you'd better be welding at least quarter-inch-thick stock." Since an increasing number 
of overland vehicles these days are equipped with two batteries, that means you can be 


completely self-sufficient for field-welding repairs. 


For welding amateurs such as myself, the auto-darkening goggles make all the difference when 
welding with rod, as there's no pre-positioning the rod at the correct gap and then fumbling 
with a standard goggle or, worse, a jury-rigged square of welding glass taped to a cardboard 


face shield, as I've always carried. (Of course you'll still want face, arm, and hand protection.) 


For more information, visit the Trail Weld site, here (http://www.trailweld.com). At the 
upcoming Overland Expo WEST, Trail Weld kits will be on display during the welding classes, 


and available for purchase at the 7P booth. Highly recommended. 
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Here's the simplest welder you can make. 
It's just a pair of jumper cables and a welding rod. 
Oh yeah. And some batteries to power it. 


| happened to have some nice juicy batteries in the form of a Golf Cart. 


Here's me welding a trailer hitch with 1/8" 6011 rods. Welding current peaks at around 
140-150 amps with these rods and around 120 amps with 3/32 6013 rods according to a 
Fluke 1010 clamp probe. 


Greatly inspired by South Africans battery-welding their landrovers. 
(http: /Awww.lcooLorg/technical/80_series/bat_weld/battery_welding, html), 
More battery welders (http://www fieldlines.com/story/2006/5/8/6559/50626), 


Also check out this great homemade AC stick welder 


(https: /www.instructables.com/id/Build-a-Microwave-Iransformer-Homemade-Welder/).. 


Oops! Almost forgot a warning. DON"T ELECTOCUTE, BURN, OR BLIND YOURSELF. 
DON'T BREATHE THE FUMES OR DETONATE YOUR BATTERIES. 

That said, read the specs for your battery. Big ones are designed to produce enough 
current for welding. Don't let the nay-sayers keep you from trying it. Check your batteries 
and don't overheat them. Lead-acid batteries can go into a thermal-runaway self-discharge 


mode. 


Action photos by Andrea (httos:/www.instructables.com/member/seedlingproject/), video 
by Pete Lynne. 
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Step 1: Cables and Rod 
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Here's the stuff. 
The jumper cables were $12 from Harbor Freight. 


The strip of bicycle innertube is optional, to wrap the end of an alligator clio and make it 
grip harder. 


If you're feeling fancy you can replace one of your alligator clips with an electrode holder. 
This nice one was made in India and cost $7 from Harbor Freight. 


The welding rods | tried are 3/32" 6013 and 1/8" 6011, 5lbs for $6 or so. Available in 
Africa, S.America, anywhere. 


You'll also want to wear gloves, 
and a welding helmet, $16 from Northern Tool 


(htto:/www northerntool com/webapp/wcs/stores/servlet/product_6970_200305009 200 
305009) 
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Step 2: Alligator Clip Orthodontics 
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Bend the alligator clip's incisors forward so the canines can grip the rod properly as seen in 
the 2nd photo. 


Strengthen the alligator's jaw muscles with a wrapping of bicycle innertube strip. 


Add Tip Ask Question Comment Download 


Step 3: Batteries! 
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My golf cart has 6 of these 6 volt T-105 size batteries that | bought used from THE GUY 
WHO MADE THEM!!! 


They're in series making 36 volts total. | can clip in anywhere in the chain to get 36,30,24, 
etc. volts. 

The batteries have about 220 Amp-hours capacity, so that means | could weld at 150 
amps for more than an hour (consult books printed on paper for the details) without 
recharging. Plenty good since l'Il never have a project with enough metal laid out ahead of 
time to spend that much time a-welding in a day. 

If your batteries aren't as nice as this, don't worry, you can do plenty of welding with three 


old car batteries in series. 


| got these from the guy who made them? 

That's right, a family run battery manufacturer right in Sausalito in a little workshop. 

It's really amazing, like an old time blacksmith's shop, but high-tech. They can make any 
size battery. 

Alrick, the proprietor, grew up making batteries and he really knows his stuff. 

He sells batteries to all the big boats there, and he knows exactly how long every brand of 
battery lasts in every set of conditions. 

Don't bother him about your electric car though, he's been plagued about that sort of thing 


enough already. 


Arc battery company 
90 gate 5 rd. sausalito ca 94965 
415-332-3272 
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Step 4: Welding Tests 
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| welded on 1/4" thick cold-rolled mild steel plate. 
| used DC reverse-polarity at 36,30, and 24 volts. 
| used 1/8" 6011 rod and 3/32" 6013 rod 
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A short arc but very hot. It melted deep and fast into the 1/4" plate. 


| couldn't have stuck the rod to the plate if | wanted to. 


These are the welds after chipping and brushing the slag off. 
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| did the right hand weld first with 1/8" 6011 rod at 36 Volts. 
I've had the rods for a while and they're a bit damp and splattered a lot. 
It's a deep good weld as you can see in the next photo of the backside of the plate, where 


it's melted through. 


The mess at the top of the middle weld is trying a 6011 at 24 volts. Not enough juice, a lot 
of splattering. The full length bead next to it is a 6011 at 30 volts. 


The left hand weld, the best looking one, is a 3/32" thick 6013 rod at 30 volts. 


This golf cart is a good welder and | will definitely use it to weld projects in the future. 
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Step 6: Arc Stabilizer and Stinger 
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Thanks to readers who recommended putting an inductor in series, called an "arc 
stabilizer". 

Zan (httos:/www.instructables.com/member/ZanA/) and | made one from a transformer we 
scavenged from a dead microwave oven. We used this method 
(bttos://www.instructables.com/id/SSOXF48FAKCOMOT/) to chop out the secondary and 
wind 20 turns of 10-guage wire, which is all that would fit. 

We left the primary intact, it doesn't affect the function here. An inductor gives the current 
"momentum" to blast through bits of flux and rust that get in the way. The arc sputters a lot 


less, welding is easier, and the welds are better. 


| got a great Indian-made stinger (electrode holder) for $6 from harborfreight 


(httg:/www.harborfreight.com/cpi/ctaf/displayitem.taf?ltemnumber=47908), and replaced 
one of the jumper cable clamps with that. 


Then | welded some repairs on this very badly rusted boat trailer. Too pitted to grind clean 
very well. | used 1/8" 6011 rod at 36 volts and it was fabulous. | melted good deep welds 


into all that rusty metal. Very satisfying. 


We've got a self-propelled welder! 
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Step 7: Cutting Steel With a Stick Welder 
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The bumper hitch on my 1978 Toyota truck was rusted rotten. 


Ray _(httos:/www.instructables.com/member/Tangerinepiggy/) and | used the golfcart 


welder with 1/8" 6011 rods to weld some beefy reinforcements on it. 


The big toroidal series inductor seen here came from [www.accrc.org/ ACCRC] Maker Day. | 
should put a few dozen more turns on it to really smooth out the arc. We did some strong 


agricultural-style welding that isn't going to break or appear in textbooks. 


Here's Ray (httos:/Awww.instructables.com/member/Tangerinepiggy/) cutting holes for the 
trailer safety chain to hook on. 


We dipped the rods in water and then blasted and pushed the steel out of the way. It 
works well and makes a surprisingly clean hole while using less rod than you'd think. 
Thanks to a reader who suggested dipping the rods in water- | can't find your comment 


now, what other nifty tricks do you have up your sleeve? 


| also tried an improvised air-arc torch using compressed air. It didn't work at all. The air 
blast blew the arc away, chilled and froze the molten metal instead of burning it. | guess 


that's why air-arc cutting torches use 500 amps or more 
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WITNESSES 


UNITED STATES PATEN T OFFICE. 
| WALTER I. PENNOCK, OF PHILADELPHIA, PENNSYLVANIA. - 
APPARATUS FOR COLLECTING ATMOSPHERIC ELECTRICITY. 


No. 911,260. Specification of Letters Patent. 


Patented Feb. 2, 1909. 
- Application filed June 26, 1907. Serial No. 380,907. 


To all whom-it.may concern: — {is a bad conductor of electricity, as shown 
Be it known that I, WALTER 1. Pennock, | by the electrodes of an ordinary static ma- 
a citizen of the United States, residing at | chine. When the electrodes are placed 


Philadelphia, in the county of Philadelphia | close together, the atmosphere is seen to 60 
5 and State of Pennsylvania, have invented | carry the current across from one electrode __ 
certain new and useful Improvements in to another, but if placed far apart the cur- 
Apparatus for Collecting Atmospheric Elec- | rent is obstructed by the intervening air. 
tricity, of which the following is a speci- | The dense lower strata of the atmosphere 
fication. | affords one of the best non-conductors of 65 
i0 My invention relates to a method of col- | electricity, as shown in the conduction of 
lecting electricity from a strata laden with | the electric current by telegraph, or trolley 
electricity at high altitudes in the atmos- | wires on the earth’s surface, where only a 
phere, through the medium of a wire cable small quantity of the electric current escapes 
suspended from one or more balloons and through the atmosphere; while rarefied at- 70 
15 in conveying this electricity to the earth’s mosphere affords a good conducting media, 
surface. = as shown by the vacuum tube. The upper 
The object of my invention is to provide | strata of the atmosphere being rare in pro- 
a conveyance of the electro motive force to | portion to the altitude, and being a good 
be found in the upper strata of the atmos- | conductor of electricity: while the lower 75 
20 phere to the earth’s surface; where it may | strata of the atmosphere being dense and 
be utilized for commercial and other pur- | affording a non-conducting media for. the 
poses. | electric current, thus: causes an obstruction 
A further object of my invention is to | to the electric current, or power in its pas- 
provide a device or mechanism by which a sage to the earth's surface from the electric 80 
25 suitable collector for the electrical energy | Strata of the atmosphere under ordinary 
in the upper strata of the earth’s atmos- | conditions. When, however, the cumulus 
phere may be elevated in the said strata clouds of a thunder storm pass over the sur- 
and by which the said electric energy may | face of the earth, these clouds being of very 
be transmitted to and collected at the earth's great height, the moisture in said clouds 85 
30 surface, from which point it may be con- | forms a better conductor of electricity than 
: ducted to any place where it is desired to does the dry air, with the result that the 
use the same. os | electricity in the upper strata of the atmos- 
A further object of my invention is to phere breaks through the said cloud as a 
support and anchor said device in any de- ‘streak of lightning and in that form reaches 90 
35 sired position. | even to the earth’s surface, while the thin 
A further object of my invention is to | or shallow strata of clouds, observed in the 
provide an improved form of collector } so-called “settled rain” storm, do not ex- 
through which the energy of the said upper | tend upward to a sufficient height to form a 
strata of the earth’s atmosphere may be col- conducting medium for the electricity from 95 
40 lected and transmitted for various purposes | the electric strata to the earth’s surface. 
to the earth’s surface. 7 For this reason there is usually no light- 
Other objects of my invention will appear | ning during the said latter variety of rain 
in the specification and claims below. storm. 
For a further full, clear and complete dis- By means of my invention, I have pro- 100 
45 closure of my invention, reference may be | vided a mechanism for collectino the elec- 
had to the following description and accom- | trical energy or power created “by nature 
panying drawings, in which like reference | and stored in the upper strata of rarefied 
characters refer to corresponding parts. | air of the earth’s atmosphere and have pro- 
Figure 1 is an elevational view of one | vided a conductor for said electric energy 105 
50 form or embodiment of my invention and | to the earth’s surface. 
Fig. 2 is a detailed view of one form of my | Referring now to the drawings 1 indi- 
improved collector. | _ | cates what may be called the lower limits 
_ The passage of the electrical current to | or boundaries of the strata of electric en- 
the earth under ordinary conditions is pre- | ergy above the surface 2 of the earth. 110 
55 vented by an obstruction afforded by the! 3 indicates a balloon which is elevated to 


dense lower strata of the atmosphere, which | 


a high altitude until it enters the said stra- 


E AA ey 011,260 
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tum. ‘The said balloon 3 carries a bar 4 of - 
wood or any other suitable non-conducting 


material suspended by insulating links 5 or 


any other suitable form of insulation from 
r the balloon 3. 


Upon either end of the said 
bar 4 I mount collectors, one form of which 
1 have illustrated as spheres ‘of coiled wire 


= 6—6’ the outer ends Y of which terminate 


10 


in sharp points. The inner turns of the said 


spheres 6 and 6’ are wrapped around the 


- wooden bar 4 and united as at 8 to a con- 


ductor of electric energy, preferably a large 


- ratus. 


20 


30 


35 


copper wire 9. This wire or conductor 9 


extends to the earth’s surface and may have 


its end suitably attached to an electric ac- 
cumulator or other piece of electrical appa- 
I have illustrated one form of my 
invention in which the conductor 9 is con- 
nected to one pole of a storage battery 10 
on the earth’s surface. o 

The spiral spheres 6, 6’ are preferably 
provided with a polished metallic surface 


to form a good conductor of electricity and 


the material of said spheres should also be 
of such a character that it will not rust or 
corrode or tarnish. A polished .copper wire 
or a copper wire plated with platinum or 


gold or a solid platinum or gold wire may 


be used for this purpose, inasmuch as these 


materials are least affected by moisture and 


the atmosphere. The said spheres or col- 
lectors may be made of smooth wire as 


shown in the sphere designated by the nu- 


meral 6 or of barbed wire, as is shown at 6” 
and illustrated on a larger scale in Fig. 2 of 
the drawings. The latter form is prefer- 


able inasmuch as it provides a large number 


. of points through which the electricity may 


40 


45 


50 


- weight as would prevent it from ascending © 
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flow to the wire from the surrounding air 


in the said upper strata of the earth’s at- 


mosphere. 3 
In order that the ‘supporting .balloon 3 


“may be held in a relatively fixed position, it 


should be suitably anchored to the earth’s 
surface. Inasmuch as the balloon 3 must 
be elevated to a very high position, the 
weight of the anchoring cables forms an 


important consideration, and if desired or 


necessary one or more supplemental bal- 
loons 11, 11, 11 may be attached to each of 


the anchoring cables 12, 12, 12 as illustrated 
in Fig. 1, to relieve the balloon 3 of such 


into the said electrical strata. In order that 


the electricity from the said upper strata- 


of the earth’s atmosphere may not be con- 


‘ducted down the anchoring cables 12, 12, 12, 


I attach them to the supporting balloon 3 
and to the supplemental balloons 11 and to 
the earth’s surface through suitable insu- 


lating devices 14. 


In the form of my invention ‘illustrated 


in Fig. 1, below the bar 4, I suspend a ring 


13 of any suitable material from the bal- 
loon 3, and attach the anchoring cables 12 


thereto by means of insulating rings 14, 14, — 


14. I may also provide additional insulat- 
ing rings 14 between that portion of the 
anchoring cables 12 between the balloon 3 
and the supplemental balloons 11, and also 


between that part of the cable 12 between 
the supplemental balloons 12 and the eartb's 


surface. Imay also provide, near the earth's 
surface and at the lower end of the anchor- 
ing cables 12, similar insulating links 14. 
While I have described links as forming a 
convenient form of insulating device for 
the purposes above set forth, L do not wish 
to be construed as being limited to the same, 
inasmuch as any suitable non -conducting 
connection may be used in place of the 


| links 14. | 


- The terminals 15, 15 of the storage bat- 


tery 10 may be connected to any piece of. 


electric apparatus which it is desired to run 
or operate and if desirable one of the poles 


of the battery is adapted to be connected by 


the switch 16 with the earth’s surface. The. 


lower ends of the anchoring cables 12. are 
securely anchored to the earth’s surface as 
at 17. 
With the apparatus arranged and con- 
nected in the manner illustrated in Fig. 1, 


the electric energy in the high strata of the 


earth’s atmosphere passes to and through 
the conductive spiral spheres 6 or 6’ to the 
conductor 9 and is suitably stored or used 
at the earth’s surface, while the balloons 11 


support a part of the weight of the anchor- 


ins cables 12, and permit the balloon 8 to 
ascend as high as is possible, or necessary 
for it to enter the said electrical strata. of 


anchorage 17 of the cables 12 symmetrically 
or in any other position than in a straight 
line, the balloon 3 may be held in a sub- 
stantially fixed position with relation to the 
earth. E | | 
While I have illustrated in the drawings 
and have described in the specification a 


drawings are more or less diagrammatic 
drawings, that is to say, that the propor- 
tions of the various parts are not neces- 
sarily those which would operate to the best 
advantage, inasmuch ascertain ‘portions 


drawings for the sake of clearness, and that 


‘it is likely that more than one supplemental 
balloon would be réquird for each cable in: 


order to support the weight of the same, 


such weight, as would prevent it from as- 
cending into the high electrical strata of the 
earth’s atmosphere, but such changes in 
form, proportion and arrangement 1 regard 


as being fully within the aim and scope of 


my invention, so long as such forms or modi- 


fications fall within the scope of the append- 


the earth’s atmosphere. By arranging the 
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have been shown as greatly enlarged in the: | 


120 


and to relieve the supporting balloon 3 of- 


125 


130 


110 
form of apparatus in which my invention... 
may be carried out, it is obvious that the 


an 
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ed claims. It is also to be understood that 
the storage battery or accumulator which I. 


have shown. as being connected to my col- 
lector, is only a type of apparatus which can 
be operated by the current collected by the 


spheres 6, 6’ and transmitted to the earth 


through the wire 9, and when I use the 
word “accumulator”, I mean any piece of 
useful apparatus which is operated by the 
current transmitted thereto through the 
wire or conductor 9. | 

Having thus described my invention, what 
1 claim and desire to protect by Letters Pat- 
ent of the United States is: : 

1. The combination with an electrical col- 
lector comprising a bar of non-conducting 
material, and an open spherical conductor 
carried by said bar, of means to support 
said collector in the high electrical strata of 
the earth’s atmosphere. a 

2. The combination with a balloon, of an 
electrical collector supported thereby and 
insulated therefrom, comprising a bar of 
non-conducting material, and a conductor 
wound spirally around said bar. 

3. The combination with an electrical col- 
lector comprising a non-conducting bar, and 


a conductive wire wound thereon to form 


an open substantially spherical body, and 


means to support said collector in the high 


electrical strata of the earth’s atmosphere. 
4. The combination with a balloon, of an 
electrical collector carried thereby and com- 
prising a non-conducting bar, and a polished 
wire wound spirally thereon to 
open substantially spherical body. A 
5. The combination with an electrical col- 
lector comprising a non-conducting bar, and 
a wire wound. spirally thereon to form an 
open substantially spherical body, said wire 


orm an 


being provided with pointed conducting 
projections, and means to support said col- 
lector in the high electrical strata of the 
earth's atmosphere. | 

6. The combination with a balloon, of an 
electrical collector carried thereby compris- 
ing a non-conducting bar, and a conducting 
wire wound spirally thereon to form open’ 
substantially spherical bodies upon the op- 
posite ends thereof. | 


3 


45 


50 


1. he combination with a balloon, of an . 


electrical collector carried thereby compris- 
ing a non-conducting bar, a conducting wire 
wound spirally thereon to form open sub- 
stantially spherical bodies upon the opposite 
ends thereof, an electrical accumulator, and’ 
an electrical connection between the said col- 
lector and said accumulator. | 

8. The combination with a balloon, and 
means to anchor said balloon, of an electrical 
collector supported by said balloon and in- 
sulated ES eS an electrical accumulator, 
and a conductor connecting said collector 
and said accumulator. | | 

9. The combination of an electrical col-. 
lector, means to support said collector at a 
high elevation from the earth's surface and 
within the electrical strata of the earth’s at- 
mosphere, an electrical accumulator at the 
earth’s surface, an electrical connection be- 
tween said collector and said accumulator, 
and means to insulate said supporting means 
from said collector and from the earth. 

In testimony whereof, I have hereunto set 
my hand this 25th day of June, 1907. | 


WALTER 1. PENNOCK. 


Witnesses: | 
Fica: F. Quinn, © 
Wm. G. GLENN. 
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OVERUNITY ELECTRICITY 


Atmospheric Electric Generator 


https://ovefrunity-electricity. blogspot.com/2022/04/atmospheric-electric-generator.html?m=0 


Atmospheric Electric by Nikola Tesla 


Nikola Tesla is known for his invention of the rotating magnetic field, which is the principle behind alternating current (AC) power. He also 
developed a version of radiant energy he called "Ether Power" or "Atmospheric Electric Generator" (AEG). AEG extracts electrostatic potential from 
the atmosphere and converts it into useful electrical energy. It is a free-energy device that does not require any external power source to operate. 


There are several versions of the AEG design, but all of them extract energy from the atmosphere by using an electrically charged metal plate. The 
plate is charged by either an external power source or by capturing energy from natural lightning storms. When the plate is exposed to the 
atmosphere, it creates an electrical field that extracts electrical potential from the air. This potential is then converted into useful electrical energy 
by one or more electrical generators. 


The original version of Nikola Tesla, radiant energy generator, both resonant and non-resonant, can be made in many different versions. 
A practical guide to the electrical (non-resonant) calculation of radiant energy: How to Build Tesla's Radiant Energy Receiver 


A famous version is Moray's (with resonance to generate arbitrary energy): 


Practical guide - in just one box - engineer Moray's way 
Y" Revealed At Last: Ancient Invention Generates Energy-On-Demand 
The design includes: 
e Harnessing electricity from the Earth: Neither is Schumann Resonance, nor is it known by Electromagnetism. It's Energy from 
Ether in Which the Earth Floats 


Extracted from ordinary electricity by the method called “fractionation.” 


e Reverse Tesla coil - "Back to Back" mechanism 


e Combination of radiant energy and negative resistance to amplify electricity 


e And many other plans for Free Energy. 


MORAY GENERATOR 


Moray Generator - FREE Energy Systems - How Close Are We Into Generating Free and Cheap Electricity? 


Moray Generator - FREE Energy Systems - How Close Are We Into Generating Free and C... 


Update articles on radiant energy according to mainstream science: Radiant Energy - Moray Generator 


Next we introduce another radiant energy version, in the style of capturing energy from the sky, like Tesla and Moray. 


https://overunity-electricity.blogspot.com/2022/04/atmospheric-electric-generator.html?m=0 1/15 
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GUILLOT, Jules: Atmospheric Electric Generator -- A powerful proven design from the 1920s 


The Guillot device generated about 2.5-3 Kilowatts with antenna height of ~ 20 meters. Power depends on the total collector surface and height of 
the vertical antenna. The apparatus in the photo produced ~300 watts with a collector 2 meters tall. 


"Practical Utilization of Atmospheric Electricity" 


by Gillbert Darida in The Invention Encyclopedia, pp. 204-207 ( 1930, Geo. Constantinescu, Ed.) 


"The Earth has its own negative electricity, in the soil, and the atmosphere which surrounds the Earth is charged with positive electricity. The 
electric potential (the voltage) increases with the altitude, so we can say that the electric force is proportional to the atmospheric altitude (after 
Franklin, Quetelet, Lord Kelvin, Mascart, Joubert and other scientists). 


The recent observations demonstrate that the air at 6000-7000 meters in altitude, is very highly charged with positive electricity, which could be 
explained by the friction between the external photosphere and the upper atmosphere of Earth, which rotates at a speed of more than 100,000 
Kilometer per hour. 


In that way, the Earth works like an electrostatic generator with electric charging by influence --- the upper atmosphere is positively charged by 
influence and the Earth crust obtains the negative polarity. 


Between the two environments, the air and the soil, and inside the low atmosphere, in conditions of good weather, there are sbout 800 positive 
ions and also, 680 negative ion (and electrons) in just one square-centimeter of normal ionised air. 


The Earth behaves like an huge electric armature negatively charged, which repels the electrons and attracts the positive ions. That positive ions' 
attraction determinates an electric current, also called "convective current". That's like an invisible continous bombardment, subject to daily and 
seasonal variations, which could be aproximated at 3 x 10 4 -16 Amperes per square-centimeter, and that is a total value of 1500 Amperes for 
the entire surface of the Earth. 

The question is --- how does this current always maintains the same direction ? We can suppose that the natural radioactive emissions of the soil 
is responsable for this. We also know that radioactive emissions of the Earth works usually near the soil surface, and that explains the ionisation 
phenomenona inside caves. 


The ionisation of the low atmosphere could also be the effect of the radioactive emissions of the Earth, especially when the X radiation works. Also, 
the Earth atmosphere is ionisated by the external radiation proceeding from the Sun and from the space environment, especially the action of 
ultraviolet radiation and the electron fascicles emitted by the Sun surface, at the temperature of 6000 deg. Celsius. 


The capture of atmosphere electricity has been used in France, with aerial cables mounted on the Mont Blanc, and also in Germany --- with 
conductive cables carried by the captive baloons. 


https://overunity-electricity.blogspot.com/2022/04/atmospheric-electric-generator.html?m=0 2/15 
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The atmosphere electricity collect system invented by eng. Jules Guillot is most ingenious and it relies on "the electric siphon" [ m.n. --- the 
discharging devices or spark-gap used today from the protection of aerial electric cables against the atmospheric electricity ; Jules Guillot has 
thought to recuperate and to use that electricity ]. 


His method consisted in the direct "pumping" of the atmosphere electricity using a collecting device which had two antennae and several collecting 
rods. 


One antenna is vertical and it has a lot of rods scattered like an opened fan, with the tips against the zenith, for collecting the negative electricity 
which comes from the air ; the horizontal antenna is orientated against the South and its role is to collect the positive electricity. 


The air electricity seems to have the double-polarity, as we can see at two electrised clouds when between them apears the electric discharge. The 
air could have different electric charging and the ionisation processus of atmosphere is very heterogenous. The inventor Guillot used two 
separated and insulated armatures with the positive armature against the South ( more precisely, against the Equator...) and 

the negative armature against the zenith. 


We can see in the scheme : 


1,- the device P is the "collector apparatus" having 15-20 meters height ; it also has a lot of rods which are scattered fan-like, all this on top of 
an iron pillar ; and also an horizontal antenna S oriented against the South ; the two antennae are disposed at 90 deg. angle forming the two 
armatures where the electrical tension must apear. As the height of the pillar increases, the voltage increases more and more ; 


2,- a system of lightning-rods ( p1, p2, p3 ) for protection against discharges of atmospheric electricity during storms; 
3,- the regulator system (voltage regulator, etc) R ; 
4,- the electric resistors ( Cn ) for absorbing the parasite currents ; 


5,- the "electric siphons" which have the role of making a magnetic field as a good environment for the transport of the ionized fluid, absorbing the 
electricity from the air ; the E1 and E2 are their regulator devices ; 


6,- an auxilliary continous current power supply which send the current against an special excitation coil, used as starting device ; it works 
only when the system is starting. 

This collector device works very good for lighting and heating. The device made by Guillot had 

20 meters height on the total surface of 3 square-meters. Also, J.Guillot used and electrical transformer for the industrial utilization of this 
"collector" --- as power supply for industrial electric engines." 


French Patent # 551,882 
Apparatus for Capture of Electric Currents in the Atmosphere 
16 April 1923 


Considering the terrestrial globe like the inductor of a dynamo, where the extraterrestrial ether is the inductor of electric currents circulating in the atmosphere; the apparatus of the invention 


described here selects through the device described below two perfectly distinct currents and eliminates others. 
The device includes: 
1, The air sensor; 2, a series of lightning rods; 3, vacuum; 4, an array of resistances; 5, vacuum: 6, witnesses. 


1. An aerial sensor mounted on a pole is composed of magnetic steel fixed and sealed by a porcelain insulator, and surrounded a base by a bronze ring which are screwed 32 points of soft iron, all 
forming antenna a pole. level beside it and isolated from the first, forming the 2nd pole, is fixed a sharp point of magnetic steel fixed in the horizontal position and directed towards the south 


and movable to an angle of 45 is sealed in a porcelain insulator. This point is also circled a ring of copper notches figure. 1. 
2. A series of 6 lightning surge arrestors at corners between each pole and the earth and the various gauges. 


3. A first regulator form of a device similar absolutely similar to the aerial amtenna, but the two poles are superposed and opposed to the vertical point, and a copper disk connects to ground. 
Opposite the horizontal point, a ring of tin to which are welded tubes alternatively 16 tubes composed each composed of copper-lead and iron-lead . The ring connects to the ground as shown in 


figure. 2. 
A second regulator form of automatic breakers balanced on 3 poles and two poles also equally balanced. 


4. A panel of resistances composed of wire mesh in bunches from different sections of glass tubes containing copper dust, coal and flowers of sulfur. [ 
mo 
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Vacuum cleaners consists of a wooden box on each pole, containing a porcelain vase in which layers isolated with mica is made up of mercury, tin, coal, copper and sulfur, all contaied in a copper 
tube. 


6. The witnesses are comprised of ordinary incandescent lamps. 
Resume 


By the point at the zenith and the point to the south we channel two currents forming the two poles. We also protect from lightning. It regularizes the flow by a regulator and similar devices by a 


controlling each devise of adequate strength of the current harmful nature of these devices do not have loads. The refined current is conducted by ordinary copper wires. 


French Patent # 565,395 
Combined Apparatus for Capture of Atmospheric Electric Currents with Immediate Implementation 
25 January 1924 


We know that earth with its constitution, its rotation and movement in space, provides the electricity in the atmosphere. The electrical currents 
escape into space or largely accumulate towards the equator, as a result of the greater periphery of the globe. 


In the atmosphere, there are two clearly distinct poles, i.e., clouds that can be electrically positive or negative; everything in nature shows this, 
otherwise it would be difficult to explain the lightning that occurs between the clouds and which are none other than contrary cloud electrical 
charges discharged by too close proximity. 


The invention relates to a set of devices capable of capturing the atmospheric electricity. 


So far, all searches made for this purpose has been to capture the atmosphere, i.e., that brought together into one system to capture two poles and 
opposes effect has been to destroy or cancel each other leaving the amount as the difference of the strongest to weakest. 


It is therefore easy to understand why, considering the two poles of air as about equal, it is almost impossible to measure some potential with the 
land, the highest on the lowest remaining which can be positive or negative, copper being the strongest of one or other of these polarities. 


It is on this basis that all research until now have been made, and that is why we must consider that all the time, between the two poles captured in 
the atmosphere and not in any mixture of systems uptake, it is possible to obtain tension and intensity, a considerable and measurable power 
captured separately between the two poles and remaining isolated from one another until their utilization . 


In accordance with this invention, this collection is made by attraction of primary electrical currents in teh atmosphere, either positively or 
negatively charged, by an antenna that has two points absolutely isolated from one another, where one points to the zenith to attract negative 
electricity, and the other turned south, toward the equator to draws in the masses grouped in this area. 


This shows and proves the existence of atmospheric electrical currents, and that it is possible to capture them with specially designed equipment 
primarily acting as regulators, as the persistent difficulty encountered so far in realizing their capture lies with large variations of tension in which 
the current atmosphere is present in space, for each of the poles, and an overload could inevitably fatal. 


The patent in its present form of presentation does not cover the regulators or devices that are anticipated in the system, because they can be 
designed in different ways and give the same result, but covers the application and grouping of equipment operating as automatic relays with 
variable influence to limit current tension to that chosen for utilization. 


These devices have a role associated with an overflow reservoir outside carrying excess liquid; these regulators will divert the excess voltage flows 
to ground. 


We can still absorb these regulators having filters because they have the sole purpose of diverting the post being used , currents that are not yet 
known but likely that we will call for simplicity, abnormal currents. [sic...] 


The patent also covers systems for regulating currents, applied to each of the poles because it is recognized that the shape and tension of the 
currents of the two poles are not equivalent. 


The method of capture is by special antenna has directed two points in the atmosphere, as will be stated after this, with Boot ecoulement prior to 
the current atmosphere is also of great importance. 


Finally, the current atmospheric reception is adequate even with the installation of a post, which can be expected at any location without the need 
for special altitude, as has been attempted in previous efforts. 


We refer to the attached drawings:. B 
o] 
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Figure 1 represents in elevation and side view an antenna that only has two points, to overcome an elevation ; 


Figure 2 is the end of one of the peaks, the horizontal: 


Fig. 1 


E 


pza =— 


Pig. 2 


l 


| wi 0001 
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Figure 3 shows schematically the table on which are mounted various devices or accessories that act as regulators of current tensions. 
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Figure 4 is a scheme of surge arrestors, and 


Figure 5 a table of resistances. 
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The necessary arrangements to capture atmospheric current form is as follows: 


1. The antenna in figure 1 is formed with two peaks: the 1 is steel, supported by a bronze ring 2, surrounded by a spiral form 3; this point is 
oriented for attracting the zenith layers of negative electricity and the other edge 4 contains copper coils 6, and is oriented south to 

the equator to draw in the masses grouped in this area. To use this antenna it suffices to be raised on a mast or pole to a height a little higher than 
that of surrounding houses. 


2. On the table lightning arrestors, contained 4, forms of 7 copper horns used to absorb large atmospheric discharges by certain time, as it 
would be dangerous to allow movement in the devices regulators. 


3. On a table of two symmetrical systems regulators, Figure 3, one for each pole, to obtain and allow a regularization of large excesses in the 
current tensions, by automatically absorbing surges before passing over the surfacea chosen for the desired use. These regulators are 
represented on the drawing by the references R, R1, R2, R3, R4. 


4. In the resistance panel in communication with regulators, these resistances are formed as spiral coils or screens 8, tubes 9 of glass filled 
with fine coal dust , aluminum powder, sulfur and fine copper dust. Finally, two special 10 processors and constitutes layers of metal 
forming an absorbant for harmful or abnormal currents. 


5. As a source of energy formed auxiliary batteries 11 and Ruhmkorff coils 12 to get into the antenna sufficient attraction by means of an 
adjustment of intensity, which once it begins, allows the constant flow of atmospheric current in the system. 


In considering Figure 3, which represents a sort of an installation scheme of the device, the reception of atmospheric electrical current will, as set 
out above, producing a priming of these currents. This boot is made in launching the system which is double to answer each of the poles, the 
current batteries 11 through 12 and reels going to the antenna. 


This boot will continue until the disposal of electrical current atmosphere is evident by the one or more table lamps L of resistance shown in Figure 
5. 


Once the lights illuminate it is advisable to charge the batteries to boot. Natural flow and constant currents will be captured by the regulators , 
Figure 3; they will regularize in tension and in amperage and then directed to use in table lamps. S 
pa] 
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It has been said above that regulators R, etc., are intended and designed to automatically eliminate earth surge currents capture and abnormal 


currents that cannot yet be level but that these regulators could be replaced by devices with the same function. 


There is therefore no need to describe in detail and especially the claims. We only specify that these regulators must be proper protection for the 
purposes described above. 
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The spark-pap with magnetic blowing : 

d- he initial stage ; the impulse cireni send in soti rough the shunbresistences 3, because Mie 
cofls 2 have an impedance too big for the impulse of 10070 As; 

fhe spark-gap 1 has hwo elements disc-chaped La and Ib, the inferior disc have one electrode and 
the upper disc the other electrode of the spark-gap circuit. 

b- fhe second siage ; he accompanying current discharge - afler he impulse corrent ; 

fis accompanrine coment pass iirouph the cols 2 which prodace the mapnetic_fleld with the 
role lo ected the electric arc into the sit bebveen insulator discs La and Ib ; the thickness of 
dis siii is smaller and smaller in accord with the extension of the electric arc, in this manner 
producing the magnifing of its electric resistance and finally, the electric arc extinction. 


J 1,- fhe spark-gap individual devices which 
work in fe manner fo extend the electric 
arc of fie accompanying electric current; 
2,- the coils which produce fe magnetic 
field for the magnetic blowing ; 

3,- fhe electric shunt-resistances in parallel 
connection on the blowing coils, with fhe 
role of reducing the current inside this coils 
4,- fhe disc wiih uniinear resistance ; 

5,- electrical resistance for the homogenous 
distribution of the electric field in ail the 


elements of ihe spark-gap. 


'/ 
f 
J 
y 
¿ In Jules Guillot scheme, that Kind of de- 
3 vice could be used for leading the current. 
de 


Spark-gap element with circuit for ite magnetic blowing of the electric fascicle 


https://overunity-electricity.blogspot.com/2022/04/atmospheric-electric-generator.html?m=0 8/15 


12/7/22, 4:26 AM Atmospheric Electric Generator | Overunity Electricity 


12/50 


ihe aertal electric 


.. = fine | E A 
e | | | F; 
j 7 | a- the spark-gap NX_/ E with 


6 

variable resistance ; 
5 b,- the tube spak-gap ; 
i - te time 


=f 


: 


HA 
$ 


{| The tube spark-gap has the aerial spark 
2 Em wilh fhe electrodes 5 and 6 disposed 
ai fhe insulator 8 extremities ; and one 


aria ( “cover spark-gap device between the 
1-\_ T" rođ4 and the electrode 1. 
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Af start, the first spark apear in the aerial 
spark-gap and then, the electric dicharge 
goes fo the gas-producinege tube 7, where i makes 
b ) fhe arc-over, The local pressure in the gas allow 
the efecivic arc extinction, afier managing the 
over electric tension info soil, The capacity C 
which is created between the external ring 3 and 
] the rod 4 is bigger than the Capacity C between I an 2 
in that manner, when the overfension apears, the 


a) auxifiary spark-gap 1, 2 will start working and fen, 
fhe main spark-gap 1, 4. In this circuit fhe electrode 9 is connected at fie 


aerial electric tine and the electrode J at the Earth. 
in fhe image above, if is an classic fube spark-2ap used for te protection of 
aerial electric cables. The atmospheric electricity is discharged in soil and 


lost... The Guillot's inventions used that kind of devices for leading and ab- 


DARIDA, Gillbert : "Practical Utilization of Atmospheric Electricity"; 
(in The Invention Encyclopedia, pp. 204-207 ; 1930, Geo. Constantinescu, Ed. ) -- 
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Utilizarea practică a electricității atmosferice 


Pámántul ca gi celelalte astre, posedă o electricitate proprie 
negativă in interior, iar aerul care-l inconjoară este pozitiv. Po- 
tentialul sau tensiunea electrică a aerului se măreşte pe măsură 
ce ne ridicim in inălțime, astfel că putem spune că intensitatea 
electrică este proporțională cu ináltimea (după lucrările remar- 
cabile ale lui Franklin, Quetelet, Lord Kelvin, Mascart, Joubert 
şi a altor mari savanți fizicieni). 

Observațiile fäcute recent, au arătat că aerul regiunilor inalte 
dela 6000—7000 m este foarte incărcat cu electricitate pozitivă, 
a cărei explicație se datoreste frecárii fotosferei sau atmosferei 
terestre, prin invártirea pámántului in jurul soarelui cu mai mult 
de o sutá de mii de km pe oră. Această frecare directă in fluidul 
eteric ambiant, face ca aerul sá se incarce cu electricitate pozi- 
tivá prin influență, iar pámántul sá se incarce negativ. 

Intre cele două medii, fluidic (aerul) si (pámántul) materie, 
stiinfa ne spune, că in partea de jos a atmosferei, pe timp frumos 
un centimetru cub de aer ionizat, conține circa 800 particule 
cu ioni pozitivi si 680 ioni negativi (electroni). 

Pámántul se comportă ca un enorm conductor incárcat negativ, 
respingánd electroni şi atrăgånd ionii pozitivi. Această atracție 
a ionilor pozitivi determină un curent electric, zis gi curent de 
conventiune. E un fel de bombardament invizibil supus variatiunilor 
zilei 51 a sezoanelor, putándu-] evalua aproximativ la o densitate 
mijlocie remarcabilă, dela 310% sau a 30 quatrilionime de am- 
per pe cm cub, ceea ce dă pentru intreagă suprafață a pámán- 
tului un curent formidabil, de 1500 de amperi. 

Se pune intrebarea cum un astfel de curent poate sá-si intretie 
mereu acelagi sens? Aceasta este enigma pe care ne-o punem, 
studiind curenții naturali ai atmosferei noastre, presupunem că 
poate sá fie o legáturá a acțiunii emanatiunilor radioactive. Aceste 


emanatiuni fiind din gaze radioactive grele, se găsesc de obiceiu 
in mare abundență aproape de pámánt ceea ce ne explică marea 
ionizare observată in general in grote gi caverne. 

lonizarea atmosferică poate de asemenea fi produsă in parte, 
de acțiunea razelor X, foarte pătrunzătoare și de diferite sub- 
stante radioactive inchise in subsolul pamantului. De asemenea 
poate să mai fie, finánd seama de acțiunea « Calei Lactee » și de 
ionizarea luminei solare, foarte bogată in radiațiuni ultraviolete 


| 


Fig. 108 


precum gi a electronilor emişi direct din radierea căldurii solare 
de circa 6000 de grade. aves 
Captarea electricității atmosferice a fost utilizată in F ranța 
prin cabluri aeriene montate pe Mont Blank, iar in Germania 
prin cabluri susținute de baloane captive. 7 
Sunt mai multe sisteme, vom da pe scurt pe cel mai ingenios 
procedeu, inventat de ing. Jules Guillot, bazat pe sifonul electric. 
Procedeul consistă de a pompa direct din atmosferá, electricitate 
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prin ajutorul unui aparat de captare, format din 2 antene aeriene 

$1 o serie de bobine după cum se vede in fig. 108. Una din antene 

este verticală in formá de evantaiu dirijatá cu várfurile cátre 

zenit, pentru a capta electricitatea negativá din atmosferá; cea 

care este orizontală, este dirijată către Sud, pentru a capta electri- 
citate pozitivá. 

Electricitatea in aer pare sá fie cu 
dublá polaritate, dupá cum se vede la 
2 nori electrizati, cari deplasándu-se 
in sens contrar, dau nastere unei scántei 
(fulger) cánd distanța respectivă poate 
sá fie strábátutá de puternica lor di- 
ferentá de potential. Straturile de aer 
de densități diferite, nu sunt toate 
antrenate de aceeaşi viteză prin ro- 
tația pámántului, ele se electrizează 
deci prin frecarea decalajului lor reg- 
pectiv. 

Aceste sunt consideratiunile ce l-au 
fäcut pe inventator sá aseze in at- 
mosferă doi poli complet distincti gi 
perfect izolați, al cărui pol pozitiv S 
(fig. 109) poate fi dirijat in directiunea 
Sudului, gi a celuilalt negativ P, in 
direcțiunea zenitului. Fig. 109 arată 
schema montajului si a conexiunilor 
compuse dupá cum urmează: 1. dintro 
antenă dublă aeriană, montată pe 

Fig. 109 stálpi de 15—20 m ináltime. Această 

parte care se mai numește si aparat 

de captat, este format din vårfurile P, dispuse in evantai in 
varful unei tije de oțel dirijate către zenit, pentru a capta 
curenții negativi ai atmosferei si dintr'o altă antenă orizontală 

a cărei săgeată este indreptată către sud $, adică către equator 

pentru a recepta curenții pozitivi. Aceste două párti dispuse 

in unghiu de 90°, formează cei doi poli al curentului aerian, 

a cărei diferență de potential este suficientă pentru a permite 

utilizarea electricitátii atmosferice. 


French Patent # 551,882 


Appareil Capteur de Courants Electriques dans L'Atmosphere 
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BREVET D'INVENTION. 


XII. — Instruments de précision, électricité. 


5. — Probucrion DE L'ÉLECTRICITÉ, MOTEURS ÉLECTRIQUES. 


N° 551.882 


Appareil capteur de courants électriques dans l'atmosphère., - 
M. Jures GUILLOT résidant en France (Tarn-et-Garonne). 
Demandé le 27 septembre 1921, à 15" 20™, a Paris. 
Délivré le 15 janvier 1923. — Publié le 16 avril 1923. 


[Brevet d'invention dont la délivrance a été ajournée en exécution de Part, 1157 de la loi du 5 juillet 1844 
modifiée par la loi du 7 avril 1902.] 


Considérant le globe terrestre comme l'in- 
duit d'une dynamo , dont l'éther supraterrestre 
est Pinducteur, des courants électriques circu- 
lent dans l'intervalle c'est-à-dire dans la couche 

-5 atmosphérique; Vinventeur capte au moyen 
de l'appareil décrit ci-dessous deux de ces 
courants parfaitement distincts et élimine les 
autres. a 

L'appareil comprend : | 

10 4° Le capteur aérien; 2° une série de pa- 
rafoudres; 3° les régulateurs; 4° uni tableau 
de résistances; 5° les aspirateurs; 6° les. té- 
moins. 

4° Le capteur aċrien monté sur un poteau 

15 est composé d'une pointe d'acier aimanté fixée 

par scellement sur un isolateur porcelaine el 


cerclée à sa base par une bague de bronze sur _— 
| la fleur de-soufre. 


laquelle sont vissées 32 aiguilles de fer doux, 
le toul formant l'antenne d'un påle. A côté et 
20 isolé de la première, formant le 2" póle, est 


fisée une pointe d'acier aimanté dans la posi- | 


tion horizontale et dirigée vers le sud dont la 
base coudée à 45° est scellée sur un isolaleur 
» porcelaine. Cette pointe est également cereldée 
25 d'une bague de cuivre á encoches fig. 1. 
2° Une série de 6 parafoudres à cornes 
entre chaque póle et la terre et A ¿cartements 
variés. 
3° Un premier régulateur formé d'un ap- 


pareil absolument semblable au capteur 3o 
aérien, mais ayant les deux pôles superposés, 
et, opposé à la pointe verticale, un disque de 
cuivre relié à la terre. Opposé a la pointe ho- 
rizontale, une roue à jante d'étain sur laquelle 
sont soudés alternativement 16 tubes com- 35 
posés eux-mémes de deux métaux soudés : 


 cuivre-plomb et fer-plomb. Cette roue est re- 


liée à la terre par son pivot fig. a. 

Un deuxième régulalenr formé d'appareils 
4 déclanchement automatique au scales de ho 
3 par pôles et. deux basculateurs également 
par pales. z 

4° Un tableau de résistances composé de 
fils de maillechort en boudins de différentes 
sections, de tubes en verre contenant des pous- 45 
siéres de cuivre, du charbon de cornue et de 


5° Les aspirateurs composés d'une botte en 


| bois-sur chaque pôle, contenant un vase de 


porcelaine dans lequel par couches superpo- 5o 
sécs el isolées au mica est placé du mercure, 
de l'étain, du charbon, du cuivre et du soufre, 
le tout traversé par une tige de cuivre. 

6° Les témoins composés de lampes à in- 
candescence ordinaires. 55 


RESUME. 
Par la pointe au zénith et par la pointe au 


2 [551.882] PRODUCTION DE L'ÉLECTRICITÉ, ETC. 


sud nous canalisons deux courants formant les 
deux póles. On protège Vensemble par des 
parafoudres. On régularise le débit par un 
régulateur semblable et par des appareils à 
5 déclanchement commandant chacun des résis- 
lances appropriées de la nature du courant 


nuisible dont ces' appareils sont chargés. Les 
courants épurés sont conduits aux témoins 
par des fils de cuivre ordinaire. . 


Jores GUILLOT, 
Moissae (Tarn-et-Garonne). 
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N° 565.395 


Dispositif combiné pour capter les courants électriques atmosphériqu 


avec application immédiate. 


M. Jores GUILLOT résidant' en France (Allier). 


Demandé le 6 avril 1923, à 14" 30%, à Paris... 
Délivré le 7 novembre 1923. — Publié le 25 janvier 1924, 


On sait que la terre, par sa propre consti- 
tution, sa rotation et son mouvement dans 
l'espace, fournit à elle seule Vélectricité que 
Pon utilise et qui est. en suspension dans Pat- 
mosphére. Les courants électriques, qui s'é- 
chappent de la surface du globe, montent di- 
rectement dans l'espace ol les grandes masses 
sont accumulées vers l'équateur, par suite de 
la plus grande périphérie du globe. 

Dans l'atmosphère, il y a deux p les par- 
faitement distincts, c'est-à-dire que des nuages 


peuvent étre électrisés, soit d'électricité posi- - 


tive ou négative; ceci, tout dans la nature le 
démontre, sans quoi, il serait difficile d'expli- 
quer la provenance des éclairs qui se ees 
sent entre les nuages et qui ne sont autres que 
des nuages chargés d'électricité contraire et 


ui s'amórcent entre eux par un tro rand ` 
q p PSs 


i arre | 
‘invention dont il-s'agit concerne un. dis- 
pe formé d'un ensemble d'appareils aptes 
la captation dé ces courants atmosphéri ues. 
Jusqu'à ce jour, toutes les recherches faites 
dans ce but ont été de capter dans T'atmo- 
sphère une seule catégorie de courants atmo- 
sphériques, c'est-à-dire, qu'on a réuni dans 
un même système de’ captation, deux pôles 
opposés et ont l'effet.a été de se détruire ou 


de s'annuler l'un ò l'autre laissant comme quan- | 
tité que la différence du plus fort au plus faible. - 


Il sera done facile de comprendre-pourquoi, 
en considérant les deux poles d'un courant 
atmosphérique comme à peu près égaux, il est 
presque impossible par certains temps de me- 
surer le potentiel avec la terre, du plus fort 
sur le plus faible subsistant él qui peut être 
positif ou pi , suivant que le plus fort est 
de Tune ou de l'autre de ces polarités. 

C'est sur celte base que toutes les recherches 


jusqu’à nos jours ont été faites et c'est pour- 


quot, il faut considérer-que par tous les temps, 
entre les deux pôles captés dans l'atmosphère 


| et non mélangés dans aucun des systèmes de 


captation, il est possible d'obtenir, en tension 
et en intensité, une puissance aussi considé- 
rable que Pon puisse désirer et qui sera me- 
surée entre les. deux pôles captés séparément 
et toujours isolés l'un de lautre jusqu’à leur 
utilisation. . ` 

Suivant l'invention, cette captation se fait 
par attraction dans l'atmosphère au moyen 


3f 


5 


d'un amorçage des courants électriques , soit 


positif ou négatif, par une -antenne à deux 
pais absolument isolées lune de l'aulre, 
ont l'une tournée’ vers le zénith attire les 
couches d'électricité négative, et l'autre, tour- 
née vers le sud, puise vers l'équateur, dans les 
masses groupées dans celle zone. 
Ceci exposé et l'existence des courants élec- 
triques ‘atmosphériques étant prouvée, il est 
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possible de les capter à la condition de dis-- 


poser d'appareils spéciaux étudiés surtout pour 
joer le rôle de régulateurs,, altendu que la - 


difficulté persistante rencontrée jusqu'alors 


pour réaliser la captation incombe aux grandes | 


variations de tensions sous lesquelles les cou- 
rants atmosphériques se. présentent dans Pes- 
ace, pour chacun des pôles, et dont l'écou- 


ement dans un poste de captation serait 


inévitablement funeste. 


- Le présent brevet sous sa forme de résen | . 


tation doit donc couvrir, non pas le ou les dis- 
positifs régulateurs qui sont prévus dans le 
systéme, car ils peuvent étre conçus d'une facon 


toute différente et donner le même résultat, . 


mais sur l'application raisonnée et le groupe- 
ment: d'appareils fonctionnant automatique- 
ment et intervenant chacun comme relais d'in- 
fluence variable pour limiter la tension des 
courants captés dans l'atmosphère à celle 
choisie pour ytilisation. ‘ f 
Ces appareils ont un róle assez connexe 
avec celuide trop-pleins sur un réservoir qui 
dcheminent à l'extérieur l'excès de liquida; 
itt ces régulateurs: détournent l'excès de ten- 


sion des courants à la terre. 


=) 


Gr 


= 


On peut encore assimiler ces régulateurs à 
des filtres car ils ont = but de détourner 
du poste d'utilisation; des courants qui ne sont 


pas encore de nature connue mais que pour | 


simplicité on appellera courants parasites. ou 
anormaux. 

. Le brevet portera aussi sur le système de 
régulation des courants, appliqué à chacun 
des póles, car il est reconnu que la forme et 
la tension des courants aux deux póles ne sont 
pas équivalentes. ` 
> Lemode de captation-par antenne spéciale 


á-deux pon orientées dans l'atmosphère, — 


comme il sera indiqué ci-après, avec amorçage 
préalable pour T’écoulement des courants at- 


_mosphériques est aussi d'une grande impor- 


E 


} 


lance, 

- Enfin la réception des courants almosphé- 
riques se fait à l'endroit méme de l'installation 
du poste; celui-ci peut ¿tre prévu en un lieu 
asda sans nécessiter d'altitude parti- 


culière, commie cela a été tenté dans des essais | 


préconcus. . 

Sur les dessins ci-annexés auxquels on se 
référe | : 
La fig. 1 représente. en '¿lévation et en 


un mat ou poteau de 


PRODUCTION DE L'ÉLECTRICITÉ, ETC. 
- coupe partielle l'antenne seule, 4 deux pointes, 


surmontant un poteau d'élévation; | 
«La fig. 2 est le plan de Pune des pointes, 
celle horizontale: 

La fig. 3 montre schématiquement le ta- 
bleau sur lequel sont montés les divers appa- 
reils ou accessoires qui jouent le róle de régu- 
lateurs des tensions de courants. 

La fig. 4 est un schéma de parafoudre, et 

La fig.-5 un tableau de résistances,- ` 

Le dispositif nécessaire a la captation des cou- 
rants atmosphériques est formé comme suit : 

1” D'une antenne, fig. 1, formée de deux 
pointes dont Tune 1 est en acier, supportée 
par une bague de bronze 2 entourée d'une spi- 


rale 3 formant self; cette pointe est tournée 


vers le zénith pour attirer les couches d'élec- 
tricité négative; l'autre pointe 4 comporte un 
cadre 5 de huit branches supportant des spi- 


` rales de cuivre 6 et est tournée vers le sud 


pour puiser vers Péquateur dans les masses 
groupées dans cette zone. Pour utilisation de 
celte antenne il suffira- hoe soit portée par 

auleur un peu supé- 
rieure à celle des habitations environnantes. 
-a° D'un tableau de parafoudre, fig. 4, 


, formé de cornes de cuivre 7 servant à absorber : 
` les tros grosses a atmosphériques que 


j certains temps, il serait dangereux de 
aisser circuler dans les appareils régulateurs. 

3° D'une table de deux systèmes- symétri- 
ques de régulateurs, fig. 3, un pour chaque 
pole, qui permet d'obtenir une régularisation 
assez grande dans les tensions des courants en 
absorbant automatiquement les surtensions 
dépassant la tension choisie pour l'utilisation 
désirée. Ces lateurs sont représentés sur 
le dessin par les références R, Ri, R2,.R3, Ra, 

4° D'un tableau de résistance en commu- 


- mication avec les régulateurs, ces résistances 


sont formées de spirales de maillechor 8, de 
tubes y de verre remplis de poussière fine de 
charbon de cornue, de poudre d'aluminium, 
de soufre et de poussière fine de cuivre; enfin, 
deux appareils spéciaux 10 formant transfor- 
maleurs et constitués de couches de métaux 
absorbant certains courants nuisibles ou anor- 
maux. be 

` 5° D'unesouree auxiliaire d'énergie formée 
de piles 11 et de bobines Rulimkorif 19 per- 
mettant d'obtenir dans Tantenne une attrac- 
tion suffisante au moyen d'un--dispositif de 
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réglage d'intensité qui, une fois amorcé, per- 
met l'écoulement constant des courants de l'at- 
mosphére dans le système. 
n considérant la fig. 3 qui représente en 
uelque sorte le schéma d'installation du dispo- 
atif, la réception des courants électriques atmo- 
sphériques se fera de la façon indiquée ci-dessus, 
en produisant un amorcage de ces courants. Cet 
amorcage est fait en lançant dans le système qui 
est double pour répondre á chacun des pôles, 
le courant des piles 1 1 passant par les bobines 
19 et se rendant à l'antenne. 

Cet amorçage sera maintenu et réglé jusqu’à 
ce que l'écoulement des courants électriques 
atmosphériques se soit manifesté par Vallu- 
mage d'une ou plusieurs lampes L du tableau 
des résistances représenté en fig. 5 portant la 
prise d'utilisation. 

Dès que Pallumage des lampes sera constaté 
on sera averti de la captation des courants at- 


rein Des et on pourra couper le courant, 


des piles d'amorçage. L'écoulement naturel et 
constant des courants captés se produira dans 
les appareils régulateurs de la table, fig. 3; 
ils seront régularisés en tension et en nature 
puis dirigés au tableau des lampes pour utili- 
sation. 

ll a été dit ci-dessus que les régulateurs 
R, etc., étaient prévus et conçus pour éli: 
miner automatiquement à la terre les surlen- 
sions des courants captés ainsi que les courants 
anormaux qui ne — encore étre classés. 
mais que ces régulaleurs pouvaient étre rem- 
placés par des appareils faisant le méme office. 

Il n'y a done pas lieu de les décrire en dé- 
tail et de les revendiquer spécialement. L'ave- 
nir seul précisera si ces régulateurs doivent 
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faire l'objet d'une protection propre pour l'ap- 
plication décrite ci-dessus. 
RESUME. 

Dispositif combiné pour capter les courants 
électriques atmosphériques avec application 
immédiate, caractérisé : 

1° En ce que l'organe de captation est une 


antenne à deux branches orientées différem- . 


ment, Tune vertical avec self est tournée vers 
le zénith pour puiser les courants négatifs, 
l'autre horizontale comporte un plateau cen-- 
tral avec enroulement de fil et est orientée 


vers le sud pour puiser les courants positifs; | 
| Torientation des pointes restant fonction du 


lieu terrestre où se fait la captation des cou- 
rants considérés, 
a” En ce que l'écoulement des courants 


atmos hériques dans le système récepteur est ! 


kardoni à un amorcage qui consiste à lancer 
dans antenne un courant -provenant d'une 
source auxiliaire, telle que des piles reliées à 


des bobines de Ruhmkorff. 


3° En ce qu'un tableau parafoudre est in- € 


terposé entre l'antenne ou organe de captation 
et le tableau des régulateurs pour préserver 
l'installation en éliminant à la terre les dé- 
charges brusques atmosphériques. 


4° En ce que les-régulateurs sont disposés ( 


suivant deux sysiémes symétriques correspon- 
dant à chacun des pôles des courants atmo- 
splériques. 


J. GUILLOT. 
Por procuration : 
Y. Pnkvosr. 


Download the guide to learn how to build your own DIY power generator: Easy DIY Power Plan 


e Tesla's radio technology and its application in electricity generation: Radiant Energy 
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Shared by L. Cozma ( Thanks ! ) -- 


The Guillot device generated about 2.5-3 Kilowatts with antenna height of ~ 20 meters. Power 
depends on the total collector surface and height of the vertical antenna. The apparatus in the 
photo produced ~300 watts with a collector 2 meters tall. 


"Practical Utilization of Atmospheric Electricity" 
by 
Gillbert Darida 
in The Invention Encyclopedia, pp. 204-207 ( 1930, Geo. Constantinescu, Ed. ) 


"The Earth has its own negative electricity, in the soil, and the atmosphere which surrounds the Earth is 
charged with positive electricity. The electric potential (the voltage) increases with the altitude, so we can 
say that the electric force is proportional to the atmospheric altitude (after Franklin, Quetelet, Lord 
Kelvin, Mascart, Joubert and other scientists). 


The recent observations demonstrate that the air at 6000-7000 meters in altitude, is very highly charged 
with positive electricity, which could be explained by the friction between the external photosphere and 


the upper atmosphere of Earth, which rotates at a speed of more than 100,000 Kilometer per hour. 


In that way, the Earth works like an electrostatic generator with electric charging by influence --- the 
upper atmosphere is positively charged by influence and the Earth crust obtains the negative polarity. 
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Between the two environments, the air and the soil, and inside the low atmosphere, in conditions of good 
weather, there are sbout 800 positive ions and also, 680 negative ion (and electrons) in just one square- 
centimeter of normal ¡onised air. 


The Earth behaves like an huge electric armature negatively charged, which repels the electrons and 
attracts the positive ions. That positive ions' attraction determinates an electric current, also called 
"convective current". That's like an invisible continous bombardment, subject to daily and seasonal 
variations, which could be aproximated at 3 x 10 ^ -16 Amperes per square-centimeter, and that is a 
total value of 1500 Amperes for the entire surface of the Earth. 

The question is --- how does this current always maintains the same direction ? We can suppose that the 
natural radioactive emissions of the soil is responsable for this. We also know that radioactive emissions 
of the Earth works usually near the soil surface, and that explains the ionisation phenomenona inside 
caves. 


The ionisation of the low atmosphere could also be the effect of the radioactive emissions of the Earth, 
especially when the X radiation works. Also, the Earth atmosphere is ionisated by the external radiation 
proceeding from the Sun and from the space environment, especially the action of ultraviolet radiation 
and the electron fascicles emitted by the Sun surface, at the temperature of 6000 deg. Celsius. 


The capture of atmosphere electricity has been used in France, with aerial cables mounted on the Mont 
Blanc, and also in Germany --- with conductive cables carried by the captive baloons. 


The atmosphere electricity collect system invented by eng. Jules Guillot is most ingenious and it relies on 
"the electric siphon" | m.n. --- the discharging devices or spark-gap used today from the protection of 
aerial electric cables against the atmospheric electricity ; Jules Guillot has thought to recuperate and to 
use that electricity ]. 


His method consisted in the direct "pumping" of the atmosphere electricity using a collecting device 
which had two antennae and several collecting rods. 


One antenna is vertical and it has a lot of rods scattered like an opened fan, with the tips against the 
zenith, for collecting the negative electricity which comes from the air ; the horizontal antenna is 
orientated against the South and its role is to collect the positive electricity. 


The air electricity seems to have the double-polarity, as we can see at two electrised clouds when between 
them apears the electric discharge. The air could have different electric charging and the ionisation 
processus of atmosphere is very heterogenous. The inventor Guillot used two separated and insulated 
armatures with the positive armature against the South ( more precisely, against the Equator...) and 
the negative armature against the zenith. 


We can see in the scheme : 


1,- the device P is the "collector apparatus" having 15-20 meters height ; it also has a lot of rods which 
are scattered fan-like, all this on top of an iron pillar ; and also an horizontal antenna S oriented against 
the South ; the two antennae are disposed at 90 deg. angle forming the two armatures where the electrical 
tension must apear. As the height of the pillar increases, the voltage increases more and more ; 


2,- a system of lightning-rods ( pl, p2, p3 ) for protection against discharges of atmospheric electricity 
during storms; 


3,- the regulator system (voltage regulator, etc) R ; 
4,- the electric resistors ( Cn ) for absorbing the parasite currents ; 
5,- the "electric siphons" which have the role of making a magnetic field as a good environment for the 


transport of the ionized fluid, absorbing the electricity from the air ; the El and E2 are their regulator 
devices ; 
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6,- an auxilliary continous current power supply which send the current against an special excitation 
coil, used as starting device ; it works only when the system is starting. 

This collector device works very good for lighting and heating. The device made by Guillot had 

20 meters height on the total surface of 3 square-meters. Also, J.Guillot used and electrical transformer 
for the industrial utilization of this "collector" --- as power supply for industrial electric engines." 


French Patent # 551,882 
Apparatus for Capture of Electric Currents in the Atmosphere 


16 April 1923 


Considering the terrestrial globe like the inductor of a dynamo, where the extraterrestrial 
ether 1s the inductor of electric currents circulating in the atmosphere; the apparatus of the 
invention described here selects through the device described below two perfectly distinct 
currents and eliminates others. 


The device includes: 


1, The air sensor; 2, a series of lightning rods; 3, vacuum; 4, an array of resistances; 5, 
vacuum; 6, witnesses. 


1. An aerial sensor mounted on a pole is composed of magnetic steel fixed and sealed by a 
porcelain insulator, and surrounded a base by a bronze ring which are screwed 32 points of 
soft iron, all forming antenna a pole. level beside it and isolated from the first, forming the 
2nd pole, is fixed a sharp point of magnetic steel fixed in the horizontal position and directed 
towards the south and movable to an angle of 45 is sealed in a porcelain insulator. This point 
is also circled a ring of copper notches figure. 1. 


2. A series of 6 lightning surge arrestors at corners between each pole and the earth and the 
various gauges. 


3. A first regulator form of a device similar absolutely similar to the aerial amtenna, but the 
two poles are superposed and opposed to the vertical point, and a copper disk connects to 
ground. Opposite the horizontal point, a ring of tin to which are welded tubes alternatively 
16 tubes composed each composed of copper-lead and iron-lead . The ring connects to the 
ground as shown in figure. 2. 


A second regulator form of automatic breakers balanced on 3 poles and two poles also 
equally balanced. 


4. A panel of resistances composed of wire mesh in bunches from different sections of glass 
tubes containing copper dust, coal and flowers of sulfur. 


Vacuum cleaners consists of a wooden box on each pole, containing a porcelain vase in 
which layers isolated with mica is made up of mercury, tin, coal, copper and sulfur, all 
contaied in a copper tube. 


6. The witnesses are comprised of ordinary incandescent lamps. 
Resume 


By the point at the zenith and the point to the south we channel two currents forming the two 
poles. We also protect from lightning. It regularizes the flow by a regulator and similar 
devices by a controlling each devise of adequate strength of the current harmful nature of 
these devices do not have loads. The refined current is conducted by ordinary copper wires. 
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French Patent # 565,395 


Combined Apparatus for Capture of Atmospheric Electric Currents with 
Immediate Implementation 


25 January 1924 


We know that earth with 1ts constitution, 1ts rotation and movement in space, provides the 
electricity in the atmosphere. The electrical currents escape into space or largely accumulate 
towards the equator, as a result of the greater periphery of the globe. 


In the atmosphere, there are two clearly distinct poles, 1.e., clouds that can be electrically 
positive or negative; everything in nature shows this, otherwise it would be difficult to 
explain the lightning that occurs between the clouds and which are none other than contrary 
cloud electrical charges discharged by too close proximity. 


The invention relates to a set of devices capable of capturing the atmospheric electricity. 
So far, all searches made for this purpose has been to capture the atmosphere, 1.e., that 


brought together into one system to capture two poles and opposes effect has been to destroy 
or cancel each other leaving the amount as the difference of the strongest to weakest. 


It is therefore easy to understand why, considering the two poles of air as about equal, it 1s 
almost impossible to measure some potential with the land, the highest on the lowest 
remaining which can be positive or negative, copper being the strongest of one or other of 
these polarities. 


It is on this basis that all research until now have been made, and that is why we must 
consider that all the time, between the two poles captured in the atmosphere and not in any 
mixture of systems uptake, it is possible to obtain tension and intensity, a considerable and 
measurable power captured separately between the two poles and remaining isolated from 
one another until their utilization . 


In accordance with this invention, this collection is made by attraction of primary electrical 
currents in teh atmosphere, either positively or negatively charged, by an antenna that has 
two points absolutely isolated from one another, where one points to the zenith to attract 
negative electricity, and the other turned south, toward the equator to draws in the masses 
grouped in this area. 


This shows and proves the existence of atmospheric electrical currents, and that it is possible 
to capture them with specially designed equipment primarily acting as regulators, as the 
persistent difficulty encountered so far in realizing their capture lies with large variations of 
tension in which the current atmosphere 1s present in space, for each of the poles, and an 
overload could inevitably fatal. 


The patent in its present form of presentation does not cover the regulators or devices that are 
anticipated in the system, because they can be designed in different ways and give the same 
result, but covers the application and grouping of equipment operating as automatic relays 
with variable influence to limit current tension to that chosen for utilization. 


These devices have a role associated with an overflow reservoir outside carrying excess 
liquid; these regulators will divert the excess voltage flows to ground. 


We can still absorb these regulators having filters because they have the sole purpose of 


diverting the post being used , currents that are not yet known but likely that we will call for 
simplicity, abnormal currents. [sic...] 
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The patent also covers systems for regulating currents, applied to each of the poles because it 
1s recognized that the shape and tension of the currents of the two poles are not equivalent. 


The method of capture 1s by special antenna has directed two points in the atmosphere, as 
will be stated after this, with Boot ecoulement prior to the current atmosphere is also of great 
importance. 


Finally, the current atmospheric reception is adequate even with the installation of a post, 
which can be expected at any location without the need for special altitude, as has been 
attempted in previous efforts. 


We refer to the attached drawings: . 


Figure 1 represents in elevation and side view an antenna that only has two points, to 
overcome an elevation ; 


Figure 2 is the end of one of the peaks, the horizontal: 
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Fig. | 
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Figure 3 shows schematically the table on which are mounted various devices or accessories 
that act as regulators of current tensions. 


http://www.rexresearch.com/guillot/guillot.htm 7/21 


4/24/2018 Jules Guillot -- Atmospheric Electric Generator -- Article & 2 French Patents 


Figure 4 is a scheme of surge arrestors, and 


Figure 5 a table of resistances. 
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The necessary arrangements to capture atmospheric current form is as follows: 


1. The antenna in figure 1 is formed with two peaks: the 1 is steel, supported by a bronze 
ring 2, surrounded by a spiral form 3; this point is oriented for attracting the zenith layers 
of negative electricity and the other edge 4 contains copper coils 6, and is oriented south to 
the equator to draw in the masses grouped in this area. To use this antenna it suffices to be 
raised on a mast or pole to a height a little higher than that of surrounding houses. 


2. On the table lightning arrestors, contained 4, forms of 7 copper horns used to absorb 
large atmospheric discharges by certain time, as it would be dangerous to allow movement in 
the devices regulators. 


3. On a table of two symmetrical systems regulators, Figure 3, one for each pole, to obtain 
and allow a regularization of large excesses in the current tensions, by automatically 
absorbing surges before passing over the surfacea chosen for the desired use. These 
regulators are represented on the drawing by the references R, R1, R2, R3, R4. 
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4. In the resistance panel in communication with regulators, these resistances are formed as 
spiral coils or screens 8, tubes 9 of glass filled with fine coal dust , aluminum powder, 
sulfur and fine copper dust. Finally, two special 10 processors and constitutes layers of 
metal forming an absorbant for harmful or abnormal currents. 


5. As a source of energy formed auxiliary batteries 11 and Ruhmkorff coils 12 to get into 
the antenna sufficient attraction by means of an adjustment of intensity, which once it begins, 
allows the constant flow of atmospheric current in the system. 


In considering Figure 3, which represents a sort of an installation scheme of the device, the 
reception of atmospheric electrical current will, as set out above, producing a priming of 
these currents. This boot is made in launching the system which is double to answer each of 
the poles, the current batteries 11 through 12 and reels going to the antenna. 


This boot will continue until the disposal of electrical current atmosphere is evident by the 
one or more table lamps L of resistance shown in Figure 5. 


Once the lights illuminate it is advisable to charge the batteries to boot. Natural flow and 
constant currents will be captured by the regulators , Figure 3; they will regularize in tension 
and in amperage and then directed to use in table lamps. 


It has been said above that regulators R, etc., are intended and designed to automatically 
eliminate earth surge currents capture and abnormal currents that cannot yet be level but that 
these regulators could be replaced by devices with the same function. 


There is therefore no need to describe in detail and especially the claims. We only specify 
that these regulators must be proper protection for the purposes described above. 
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The spark-gap with magnetic blowing : 

dy- the initial stage ; the impulse current send in soll through the shaat-resistences 3, because Mie 
coils 2 have an impedance loo big for the impulse of 10:20 Ms; 

the spark-gap 1 has two elements disc-haped La and 1b, the inferior disc have one electrode and 
the upper disc the offer electrode of the spark-gap circuit. 

D- he second stage; he accompanying current discharge - afler the impulse Current ; 

Mis accompanying carreni pass through the coils 2 which produce the magnetic field with the 
role lo extend the electric arc into the slit behvecn insulator discs La and Ib; ihe thickness af 
Gas siii is smaller and smaller in accord with the extension of the electric arc, in Gots manner 
producing the magnifing of its electric resistance and finally, the electric arc extinciion, 
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J,- the spark-2ap individual devices which 


Work in fhe manner fo extend the electric 


arc of the accompanying electric current ; 
2,- ie coils which produce fhe magnetic 
field for the magnetic blowing ; 

3,- fie electric shuni-resistances in parallel 
connection on the blowing coils, with fhe 
role of reducing fe current inside iis cofis 
4,- fhe disc with uniinear resistance ; 

5,- electrical resistance for the homogenous 
distribution of the electric field in ail the 


elements af fhe spark-gap. 


in Jules Guillot scheme, Mal kind of de- 


vice could be used for leading fhe current. 


Spark-gap element with circuit for the magnetic blowing of the electric fascicle 
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AE 
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Rod at the insulator $ extremiltes ; and one 
: A | =m C arc-over spark-gap device between ie 
a] TU rod 4 and the electrode L 
tet Af start, the first spark apear in the aerial 
ES spark-gap and then, te electric dicharge 
ae y ? goes lo the gas-producing fube 7, where it makes 
eN Ni b) fhe arc-over. The local pressure m the gas allow 
A x fhe electric arc extinction, after managing the 
oh ys over electric tension into soil. The capacity C 
A | N = which is created between fie external ring 3 and 
è $ = the rod 4 is bigger than the Capacity C between I an 2 
k h 


¡ in that manner, when fhe overiension apears, the 

a) duxiliaiy spark-gap L 2 will start working and hen, 
fe main spark-2ap 1, 4. In this circuit, the electrode 9 is connected at the 
aerial elecíric line and the electrode 1 at the Earth. 


In fhe image above, f is an classic fube spark-2a4p used for fe protection of 
aerial eleciric cables. The atmospheric electricity is discharged in soil and 


fost... The Guillot's inventions used that Kind of devices for leading and ab- 
sorbíne of the atmospheric electricity. 


DARIDA, Gillbert : "Practical Utilization of Atmospheric Electricity"; 
(in The Invention Encyclopedia, pp. 204-207 ; 1930, Geo. Constantinescu, Ed. ) -- 
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Utilizarea practică a electricității atmosferice 


Pámántul ca gi celelalte astre, posedă o electricitate proprie 
negativă in interior, iar aerul care-l inconjoará este pozitiv. Po- 
tentialul sau tensiunea electrică a aerului se măreşte pe măsură 
ce ne ridicim in inălțime, astfel că putem spune că intensitatea 
electrică este proporțională cu ináltimea (după lucrările remar- 
cabile ale lui Franklin, Quetelet, Lord Kelvin, Mascart, Joubert 
si a altor mari savanți fizicieni). 

Observațiile făcute recent, au arătat că aerul regiunilor inalte 
dela 6000—7000 m este foarte incărcat cu electricitate pozitivă, 
a cărei explicație se datoreste frecárii fotosferei sau atmosferei 
terestre, prin invårtirea pámántalui in jurul soarelui cu mai mult 
de o sută de mii de km pe oră. Această frecare directă in fluidul 
eteric ambiant, face ca aerul să se incarce cu electricitate pozi- 
tivá prin influență, iar pámántul sá se incarce negativ. 

Intre cele două medii, fluidic (aerul) si (pámántul) materie, 
stiinta ne spune, că in partea de jos a atmosferei, pe timp frumos 
un centimetru cub de aer ionizat, conține circa 800 particule 
cu ioni pozitivi si 680 ioni negativi (electroni). 

Pámántul se comportă ca un enorm conductor incárcat negativ, 
respingånd electroni gi atrăgånd ionii pozitivi. Această atracție 
a ionilor pozitivi determină un curent electric, zis si curent de 
conventiune. E un fel de bombardament invizibil supus variatiunilor 
zilei gi a sezoanelor, putándu-] evalua aproximativ la o densitate 
mijlocie remarcabilă, dela 3x 10"* sau a 30 quatrilionime de am- 
per pe cm cub, ceea ce dă pentru intreagă suprafață a pámán- 
tului un curent formidabil, de 1500 de amperi. 

Se pune intrebarea cum un astfel de curent poate sã-si intretie 
mereu acelaşi sens? Aceasta este enigma pe care ne-o punem, 
studiind curenții naturali ai atmosferei noastre, presupunem că 
poate să fie o legătură a acțiunii emanatiunilor radioactive. Aceste 
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emanatiuni fiind din gaze radioactive grele, se gasese de obiceiu 
in mare abundentá aproape de pamant ceea ce ne explicá marea 
ionizare observată in general in grote ṣi caverne. 

lonizarea atmosfericá poate de asemenea fi produsá in parte, 
de acțiunea razelor X, foarte pătrunzătoare și de diferite sub- 
stante radioactive inchise in subsolul pămåntului. De asemenea 
poate să mai fie, tinánd seama de acfiunea 4 Cale Lactee » şi de 
ionizarea luminei solare, foarte bogată in radiatiuni ultraviolete 


precum gi a electronilor emigi direct din radierea cáldurii solare 
de circa 6000 de grade. Ñ 
Captarea electricității atmosferice a fost utilizată in Franța 
prin cabluri aeriene montate pe Mont Blank, iar in Germania 
prin cabluri susținute de baloane captive. 
Sunt mai multe sisteme, vom da pe scurt pe cel mal ingenios 
procedeu, inventat de ing. Jules Guillot, bazat pe sifonul electric. 
Procedeul consist’ de a pompa direct din atmosferá, electricitate 
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prin ajutorul unui aparat de captare, format din 2 antene aeriene 

$1 o serie de bobine după cum se vede in fig. 108. Una din antene 

este verticalá in formă de evantaiu dirijatá cu várfurile către 

zenit, pentru a capta electricitatea negativa din atmosferá; cea 

care este orizontalá, este dirijatá cátre Sud, pentru a capta electri- 
citate pozitivă. 


one Electricitatea in aer pare sá fie cu 
= as dublá polaritate, dupá cum se vede la 
T pe 2 nori electrizati, cari deplasåndu-se 
dad in sens contrar, dau nastere unei scántei 
a (fulger) cánd distanța respectivá poate 


; sá fie strábátutá de puternica lor di- 
| | ferentá de potential. Straturile de aer 
A ES de densități diferite, nu sunt toate 


ER 


| antrenate de aceeasi viteză prin ro- 
tatia pámántului, ele se electrizeazá 
= deci prin frecarea decalajului lor res- 
pectiv. 

y Aceste sunt consideratiunile ce l-au 
i ficut pe inventator sá aseze in at- 
i B: mosferă doi poli complet distincti si 
AR perfect izolați, al cărui pol pozitiv § 
F (fig. 109) poate fi dirijat in directiunea 
i Sudului, gi a celuilalt negativ P, in 
iJ mes E directiunea zenitului. Fig. 109 arată 
j- o 2 schema montajului gi a conexiunilor 
id; _ 29 9 Q Qidmej compuse după cum urmează: 1. dintr’o 
; = antenă dublă aeriană, montată pe 


Fig. 109 stålpi de 15—20 m ináltime. Această 

parte care se mai numeste si aparat 

de captat, este format din várfurile P, dispuse in evantai in 

varful unei tije de oțel dirijate către zenit, pentru a capta 

curenții negativi ai atmosferei si dintr’o altă antenă orizontală 
a cárel săgeată este indreptatá către sud $, adică către equator 

pentru a recepta curenții pozitivi. Aceste două parti dispuse 
in unghiu de 90% formeazá cei doi poli al curentului aerian 

a cărei diferență de potențial este suficientă pentru a permite 
utilizarea electricititii atmosferice. | | 
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BREVET D'INVENTION. 


XII. — Instruments de précision, électricité. 


N° 551.882 


5. — PRODUCTION DE L'ÉLECTRICITÉ, MOTEURS ÉLECTRIQUES. 


Appareil capteur de courants électriques dans l'atmosphère. - 
M. Jures GUILLOT résidant en France (Tarn-et-Garonne). 
Demandé le 27 septembre 1921, à 15* 20™, à Paris. 
Délivré le 15 janvier 1923. — Publié le 16 avril 1923. 


[Brevet d'invention dont la délivrance a été ajournée en exécution de Part, 1157 de la loi du 5 juillet 1844 
modifiée par la loi du 7 avril 1902. ] 


Considérant le globe terrestre comme I'in- 
duit d'une dynamo , dont P'éther supraterrestre 
est I’inducteur, des courants électriques circu- 
lent dans l'intervalle c'est-à-dire dans la couche 
almosphéri ie; l'inventeur capte au moyen 
de l'appareil décrit ci-dessous deux de ces 
courants parfaitement distincts et élimine les 
autres. = 

L'appareil comprend : , 

1” Le capteur aérien; 2° une série de pa- 
rafoudres; 3° les régulateurs; 4° uri tableau 
de résistances; 5° les aspirateurs; 6° ‘les. té- 
moins. 

1° Le capteur aórien monté sur un poteau 
est composé d'une pointe d'acier aimante fixée 
par scellement sur un isolateur porcelaine el 
cerclée à sa base par une bague de 
laquelle sont vissées 32 aiguilles de fer doux, 
le toul formant Pantenne Lun dle. A cóté et 
isolé de la première, formant le 2° póle, est 


fixée une pointe d'acier aimanté dans la posi- — 


tion horizontale et dirigée vers le sud «dont la 
base coudée à 45° est scellée sur un isolaleur 
porcelaine. Cette pointe est également cerclée 
d'une bague de cuivre à encoches fig. 1. 

2° Une série de 6 parafoudres 4 cornes 
entre chaque póle et la terre et 4 écartements 
variés, 


3° Un premier régulateur formé d'un ap- 
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e bronze sur | 
| la fleur de:soufre. 


pareil absolument semblable au capteur 3o 
aérien, mais ayant les deux pôles superposés, 

et, opposé a la pointe verticale, un disque de 
cuivre relié à la terre. Opposé à la pointe ho- 
rizontale, une roue à jante d'étain sur laquelle 
sont soudés alternativement 16 tubes com- 35 
posés eux-mémes de deux métaux soudés : 
culvre-plomb et fer-plomb. Cette roue est re- 
liée à la terre par son pivot fig. a. 

Un deuxième régulatenr formé d'appareils 
à déclanchement automatique au nombre de ho 
3 par pôles et deux basculateurs également 
par pôles. ; 

4? Un tableau de résistances composé de 
fils de maillechort en boudins de différentes 
sections, de tubes en verre contenant des pous- 45 
siéres de cuivre, du charbon de cornue et de 


5” Les aspirateurs composés d'une botte en 
bois-sur chaque póle, contenant un vase de 
porcelaine dans lequel par couches superpo- 5o 
sécs el isolées au mica est placé du mercure, 
de Pétain, du charbon, du cuivre et du soufre, 
le tout traversé par une tige de cuivre. 

6° Les témoins composés de lampes à in- 
candescence ordinaires. 55 


RESUME. 
Par la pointe au zénith et par la pointe au 
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sud nous canalisons deux courants formant les 
deux pôles. On protège ensemble par des 
parafoudres. On régularise le débit par un 
régulateur semblable et par des appareils à 
déclanchement commandant chacun des résis- 
tances appropriées de la nature du courant 


nuisible dont ces' appareils sont chargés. Les 
courants épurés sont conduits aux témoins 
par des fils de cuivre ordinaire. . 


Jores GUILLOT, 
Moissac (Tarn-et-Garonne). 


" XII. — Instruments de précision, électricité. 
5. — Propucrion DE L'ÉLECTRICITÉ, MOTEURS ÉLECTRIQUES. 


N° 565.395 


Dispositif combiné pour capter les courants électriques atmosphériqu 


avec application immédiate. 


M. Jores GUILLOT résidant' en France (Allier). 


Demandé le 6 avril 1923, -à 44! 30™, à Paris.. . 
Délivré le 7 novembre 1923. — Publié le 25 janvier 1924. 


On sait que la terre, par.sa propre consti- | 


tution, sa rotation et son mouvement dans 
l'espace, fournit à elle seule Pélectricité que 
l'on utilise et qui est. en suspension dans lat- 
mosphère. Les courants électriques; qui s'é- 
chappent de la surface du globe, montent di- 
reclement dans Vespace ott les grandes masses 
sont accumulées vers l'équateur, par suite de 
la plus grande périphérie du globe. 

Dans l'atmosphère, il y a deux pôles par- 
faitement distincts, c'est-à-dire que des nuages 


peuvent être électrisés, soit d' ctricilé posi- - 


tive ou négative; ceci, toul dans la nature le 
démontre, sans quoi, il-serart difficile olas 38 
quer la provenance des éclairs qui se produt- 
sent entre les nuages et qui ne sont autres que 
des nuages chargés d'é lectricitá contraire et 


qui s'amoórcent entre eux par un trop grand ` 


rap rochement. 7 
‘invention dont il-s'agit concerne un. dis- 
sitif formé d'un ensemble d'appareils aptes 
la captation dé ces courants atmosphériques. 


Jusqu'à ce jour, toutes les recherches faites | 


dans ce but ont été de capter dans Vatmo- 
sphère une seule catégorie de couranis atmo- 
sphériques, c'est-A-dire, qu'on a réuni dans 
un_méme système dé captation, deux poles 
opposés et ont l'effet a été de se détruire ou 


de s'annuler l'un à l'autre laissant comme quan- | 
tité que la différence du plus fort au plus faible. - 
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ll sera done facile de comprendre-pourquoi, 


en considérant les deux piles d'un courant: 


atmosphérique comme á peu pres égaux, il est 
presque impossible par certains temps de me- 


- surer le potentiel avec la terre, du plus fort 


sur le plus faible subsistant èl qui peut être 
positif ou e , suivant que le plus fort est 
de Tune ou de l'autre de ces polarités. 

C'est sur cette base que toutes les recherches 
jusqu’à nos jours ont été faites el c'est pour- 
quoi, il faut considérer que par tous les temps, 
entre les deux póles captés dans latmosphére 
et non mélangés dans aucun des systèmes de 
captation, il est possible d'obtenir, en tension 
et en intensité, une puissance aussi considé- 
rable que Pon puisse désirer et qui sera me- 
surée entre les. deux pôles captés séparément 
et toujours isolés l'un de l'autre jusqu’à leur 
utilisation. i 

Suivant l'invention, cette captation se fait 
par ‘attraction dans l'atmosphère au moyen 


ql 


0 


d'un amorcage des courants électriques, soit 


positif ou négatif, par une -antenne à deux 
pointes absolument isolées Pune de Pautre, 
ao une tournée’ vers le zénith attire les 
couches d'électricité négative, et l'autre, tour- 
née vers le sud, puise vers l'équateur, dans les 
masses groupées dans celle zone. 

Ceci exposé et l'existence des courants élec- 
triques ‘atmosphériques étant prouvée, il est 


( 
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poser d'appareils spéciaux étudiés surtout pour 


jouer le rôle de régulateurs,, altendu que la - 


difficulté persistante rencontrée jusqu'alors 


pour réaliser la captation incombe aux gno | 


variations de tensions sous lesquelles les cou- 
rants atmosphériques se. présentent dans V'es- 
pa pour chacun des põles, et dont l'écou- 


ement dans un poste de captation serait 


inévitablement funeste. 


- Le présent brevet sous sa forme de résem: | . 


tation doit done couvrir, non pas le ou les dis- 


positifs régulateurs qui sont prévus dans le | 


sysléme, car ils peuvent étre conçus d'une façon 


toute différente et donner le même résultat, . 


mais sur Papplication raisonnée et le groupe- 
ment: d'appareils fonctionnant automatique- 
ment et intervenant chacun comme relais d'in- 
fluence variable pour limiter la tension des 
courants captés dans l'atmosphère à celle 
choisie pour utilisation. | 
Ces appareils ont un róle assez connexe 
avec celui-«de trop pleins sur un réservoir quí 
dcheminent à l'extérieur l'excès de Signide: 
itt ces régulateurs détournent Pexeds de ten- 


_ ston des courants á la terre. 


= 


qa 


hal 


On peut: encore assimiler ces régulateurs à | 


des filtres car ils ont pour but de détourner 
du poste d'utilisation; de courants qui ne sont 
pas encore de nature connue mais que pour 
simplicité on appellera courants parasites ou 
anormatx. 

. Le brevet portera aussi sur le système de 
régulation des courants, appliqué à chacun 
des pòles, car il est reconnu que la forme et 
la tension des courants aux deux póles ne sont 
pas équivalentes. l i 
~ Lemode de captation par antenne spéciale 
adeux 
comme il sera indiqué ci-après, avec amorcage 
préalable pour Técoulement des courants at- 


_mosphériques est aussi d'une grande impor- 


k T 


} 


tance. 

- Knfin la réception des courants almosphé- 
riques se fail à l'endroit même de l'installation 
du po celui-ci peat être prévu en un lieu 
qu 


préconcus. | i 
Sur les dessins ci-annexés auxquels on se 

réfère- pS : 

La fig. 1 représente. en dévation et en 


http://www.rexresearch.com/guillot/guillot.htm 


intes orientées dans l'atmosphère, — 


conque sans nécessiter d'altitude parti- | 
culiére, comme cela a été tenté dans des essais _ 
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possible de les capter à la condition de dis- |: coupe partielle l'antenne seule, à deux pointes, 


surmontant un poteau d'élévation: 
«La fig. a est le plan de Pune des pointes, 
celle horizontale: 

La fig. 3 montre schématiquement le ta- 
bleau sur lequel sont montés les divers appa- 
reils ou accessoires qui jouent le róle de régu- 
lateurs des tensions de courants. 

La fig. 4 est un schéma de parafoudre, et 

La fg.-5 un tableau de résistances.. ` 

Le dispositif nécessaire a la captation des cou- 
rants atmosphériques est formé comme suit : 

1” D'une antenne, fig. 1, formée de deux 
pointes dont l'une 1 est en acier, supportée 
par une bague de bronze a entourée d'une spi- 


rale 3 formant self; cette pointe est tournée 


vers le zénith pour attirer les couches d'élec- 
tricité négative; l'autre pointe 4 comporte un 
cadre 5 de huit branches supportant des spi- 


` rales de cuivre 6 et est tournée vers le sud 


pour puiser vers l'équateùr dans les masses 
groupées dans cette zone. Pour l'utilisation de 
cette antenne il suffira- qu'elle soit portée par 
un mát ou poteau de hauteur un peu supé- 
rieure 4 celle des habitations environnantes. 
-a° D'un tableau de parafoudre, fig. 4, 


formé de cornes de cuivre 7 servant à absorber : 
` les tros grosses neg ye almosphériques que 

4 pe certains temps, i 
- laisser circuler dans les appareils régulateurs, 


| serait dangereux de 


3° D'une table de deux systèmes- symétri- 
ques de régulateurs, fig. 3, un pour chaque 
pole, qui permet d'obtenir une régularisation 
assez grande dans les tensions des courants en 
absorbant automatiquement les surtensions 
dépassant la tension choisie pour l'utilisation 
désirée. Ces régulateurs sont da sur 
le dessin par les références R, Ri, R2, -R3, Ra, 

A° Dun tableau de résistance en commu- 
nication avec les régulateurs, ces résistances 
sont formées de spirales de maillechor 8, de 
tubes.g de verre remplis de poussière fine de 
charbon de cornue, poudre d'aluminium, 
de soufre et de poussière fine de cuivre; enfin, 
deux appareils spéciaux 10 formant transfor- 
maleurs et constitués de couches de métaux 
absorbant certains courants nuisibles ou anor- 
maur. ai 
` 5° Pane source auxiliaire d'énergie formée 
de piles 11 et de bobines Rulimkorif 12 per- 
mettant d'obtenir dans Tantenne une attrac- 


tion suffisante au moyen d'un- dispositif de 


E 


gl 


igi 
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réglage d'intensité qui, une fois amorcé, per- 
met l'écoulement constant des courants de Fat- 
mosphére dans le système. 

n considérant la fig. 3 qui représente en 
rg sorte le schéma d'installation du dispo- 
atif, la réception des courants électriques atmo- 
sphériques se fera de la façon indiquée ci-dessus, 
en produisant un amorcage de ces courants. Cet 
amorgage est fait en lancant dans le système qui 
est double pour répondre à chacun des pôles, 
le courant des piles 11 passant par les bobines 
19 et se rendant á Pantenne. 

Cet amorcage sera maintenu et réglé jusqu’à 
ce que Pécoulement des courants électriques 
atmosphériques se soit manifesté par Vallu- 
mage d'une ou plusieurs lampes L du tableau 
des résistances représenté en fig. 5 portant la 
prise d'utilisation. = | 

Dès que Pallumage des lampes sera constaté 
on sera averti de la captation des courants at- 


pp ISS et on pourra couper le courant. 


des piles d'amorcage. L'écoulement naturel et 
constant des courants captés se produira dans 


les appareils régulateurs de la table, fig. 3; 


i ils seront régularisés en tension et en nature 


puis dirigés au tableau des lampes pour utili- | 


sation. 

ll a été dit ci-dessus que les régulateurs 
R, etc., étaient prévus et conçus pour éli; 
miner automatiquement à la terre les surten- 
sions des courants captés ainsi que les courants 
anormaux qui ne pa. encore étre classés, 
mais que ces régulaleurs pouvaient étre rem- 
placés par des appareils faisant le méme office, 


Il n'y a done pas liew de les décrire en dé- _ 


tail et de les revendiquer spécialoment. L'ave- 
nir seul précisera si ces régulateurs doivent 
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faire l'objet d'une protection propre pour l'ap- 
plication déerite ci-dessus. | 
RESUME. 

Dispositif combiné pour capter les courants 
électriques atmosphériques avec application 
immédiate, caractérisé : 

1° En ce que l'organe de captation est une 


antenne à deux branches orientées diflérem- . 


ment, l'une vertical avec self est tournée vers 
le zénith pour ped les courants négatifs, 


l'autre horizontale comporte un plateau ‘cen-- 


tral avec enroulement de fil et est orientée 
vers le sud pour puiser les courants positifs; 
Porientation des pointes restant fonction du 
lieu terrestre où se fait la captation des cou- 
rants considérés. 

a” En ce que l'écoulement des courants 
—— aa dans le systéme récepteur est 
subordonné à un amorcage qui consiste à lancer 
dans Pantenne un courant -provenant d'une 
source auxiliaire, telle que des piles reliées à 
des bobines de Ruhmkorff. 

3° En ce qu'un tableau parafoudre est in- 
terposé entre Pantenne ou organe de captation 
el le tableau des régulateurs pour préserver 
l'installation en éliminant à la terre les dé- 
charges brusques atmosphériques. 

4° En ce que les régulateurs sont disposés 
suivant deux sysiémes symétriques correspon- 
dant á chacun des póles des courants atmo- 
sphériques. 


J. GUILLOT. 
Por procuration : 
V. Prévost. 
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‘ere ABSTRACT 

A mechanism to tap an electrical source which uses an aircraft 
(preferably a lighter than air balloon) tethered by a conductive 
line. The conductive line is extended/withdrawn by a winch 
motor to adjust the altitude of the aircraft. The conductive line 
is isolated from the ground and an electrical conductor is 
connected to the conductive line and to an electrical load. In 
this manner, static electricity generated in the atmosphere is 
gathered for use. 


15 Claims, 4 Drawing Sheets 
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1 
ATMOSPHERIC ELECTRICAL GENERATOR 


BACKGROUND OF THE INVENTION 


This invention relates to the production of electrical energy 
and more particularly to the production of electrical energy 
from the atmosphere. 

Everyone is familiar with Benjamin Franklin’s kite experi- 
ment of 1752. Using a kite whose string had become wet, 
negative charges from the passing clouds flowed into the 
string, down to the suspended key, and then into a Leyden jar 
via a thin metal wire. Franklin was protected by a dry silk 
string; but, when Franklin’s knuckle came too close to the 
key, he received a strong shock. Fortunately, Benjamin Fran- 
klin was not killed, others who tried this same experiment 
were not so lucky. 

Since then, the formation of lightning has remained some- 
thing of a mystery. Lightning bolts are triggered when a 
negatively charged cloud base induces a positive charge from 
the ground, thereby forming a “pathway” for the discharge of 
the collected electrical energy. 

Lightning travels up to 60,000 miles per hour with a flash 
that is brighter than ten million 100-watt lightbulbs. This 
wattage is as much power as is produced by all of the elec- 
tricity plants in the United States and with a voltage of up to 
300 million volts. 

It is this very fact, the power within lightning is immense, 
that has prevented any successful collection of the electrical 
energy from lightning. The electricity in lightning is far too 
extreme for current technology to harness. 

While lightning has attracted a energy starved industrial 
world, no one has developed any technique to harness this 
naturally occurring electrical source. 

It is clear there is a continuing need for an electrical source 
other than carbon-based fuels and that the naturally occurring 
electricity in the atmosphere is being ignored. 


SUMMARY OF THE INVENTION 


The invention is a mechanism which taps into the naturally 
occurring static electricity in the atmosphere. Whereas here- 
tofore, the attempt to garner electricity from the atmosphere 
has focused exclusively on capturing lightning, the present 
invention syphons off the static electricity which is generated 
from any agitated air and avoids lightning. 

Lightning is only the final discharge of the static electricity, 
whether that lightning is intra-cloud lightning, cloud-to- 
ground lightning, or inter-cloud lightning. Other types of final 
discharges are known as heat lightning, summer lightning, 
sheet lightning, ribbon lightning, silent lightning, ball light- 
ning, bead lightning, elves, jets, and sprites. Well before these 
discharges are observed, as the atmosphere becomes agitated 
by wind or thermal activity, static electricity is being gener- 
ated. 

The present invention recognizes that this static electricity 
is being formed and creates a mechanism to capture it. 

The mechanism of this invention utilizes an aircraft such as 
a lighter than air balloon. While the preferred embodiment 
uses a foil balloon, a variety of other aircraft are obvious to 
those of ordinary skill in the art, including, but not limited to: 
gliders, rubber balloons (such as weather balloons), biaxially- 
oriented polyethylene terephthalate polyester film balloons, 
and latex balloons. 

Within this discussion, the balloon is referenced, but, the 
invention is not intended to be limited solely to balloons. 

The balloon is sent aloft and is tethered by a conductive 
line. In this context, the conductive line may be any obvious 
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to those of ordinary skill in the art. For the preferred embodi- 
ment, the conductive line is a generically referred to as a 
“poly-rope” and is commercially available through a variety 
of sources. A suitable conductive line is described in U.S. Pat. 
No. 5,203,542, entitled “Apparatus for Improved Electric 
Fence Wire Construction for use with Intensive Grazing” 
issuedApr. 20, 1993, to Coley, et al. and incorporated hereinto 
by reference. 

The conductive line is played out of a winch to control the 
altitude of the balloon. The motor controlling the winch is 
able to reverse direction to both extend and withdraw the 
conductive line which is wrapped around a spool on the 
winch. The winch/spool combination are part of a base unit. 

In some embodiments of the invention, the spool is con- 
structed of rubber so as to insulate the conductive line from 
the winch assembly. In this embodiment, only the conductive 
line is charged by the atmospheric static electricity while the 
winch remains neutral. 

In yet another embodiment, the winch/spool are part of a 
base unit which is itself isolated from the ground by an insu- 
lator. In this embodiment, the entire base unit is charged by 
the atmospheric static electricity. 

A conductor, such as an insulated wire, is electrically con- 
nected to the conductive line. In one embodiment, where the 
conductive line is electrically isolated from the spool and 
winch motor, the conductor is connected to the conductive 
line. In the embodiment where the conductive line is electri- 
cally connected to the base unit, then the conductor is con- 
nected anywhere on a metallic base unit. 

The other end of the conductor is connected to a load. The 
load in this case can be any ofa variety of electrical loads well 
known to those of ordinary skill in art, including, but not 
limited to a motor, a battery system, or the electrical grid for 
the system. 

In the preferred embodiment, a sensor array is used to 
monitor the activities both at the base unit (such as electrical 
flow within the conductor) and in the surrounding locale. 

A sensor monitoring the electrical flow (1.e. voltage and/or 
current) within the conductor is used to monitor the electrical 
activity within the conductor. 

In the preferred embodiment, a lightning sensor monitors 
for lightning activity within the locale. As noted earlier, the 
electrical characteristic of lightning 1s so extreme that ideally 
this discharge is avoided as it might damage the mechanism of 
this invention. 

The sensor array is utilized by a controller, such as micro- 
processor, programmed to operate the mechanism as outlined 
herein. 

The controller operates the winch motor to extend or with- 
draw the conductive line and by extension the altitude of the 
balloon. The controller is programmed to operate the winch 
by monitoring the electrical characteristics of the conductor 
and adjusting the balloon’s altitude to maintain these charac- 
teristics within the conductor within a preset range. 

This preset range is established either in the base program- 
ming of the controller or is established by an operator of the 
system. 

As example, by controlling the amount of current being 
withdrawn from the atmosphere, the mechanism operates 
within a safe range and also provides a relatively stable cur- 
rent flow from which a variety of activities can take place 
(such as DC-AC conversion). 

The controller also utilizes the lightning sensor to protect 
the mechanism from a lightning strike. Should lightning be 
detected within a pre-determined range (as established by the 
software or defined by an operator), then the balloon is pulled 
down to minimize the risk of damage from a lightning strike. 
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The invention, together with various embodiments thereof 
will be more fully explained by the following description of 
the accompanying drawings. 


DRAWINGS IN BRIEF 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 

FIG. 3 is a flow-chart of the operation of the controller for 
the preferred embodiment of the invention. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 


DRAWINGS IN DETAIL 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

Balloon 10 is an aircraft which, in this illustration, is a 
lighter than air balloon. Wings 10A, extending from the body 
of balloon 10, provide additional lift in air flow 18. Tail 10B 
helps to stabilize balloon 10. 

Balloon 10 is tethered to the ground via conductive line 12. 
As noted earlier, a variety of configurations and materials are 
available to serve as conductive line 12. In this illustration, a 
poly-wire is used Poly-wire is commercially available 
through a variety of vendors, including, but not limited to: 
Jeffers Livestock and Zareba Systems, Inc, of Ellendale, 
Minn. 

In this embodiment, located proximate to balloon 10, is an 
electrical collection enhancement lead 11 which assists in the 
collection of the static electrical charge in the atmosphere. 
Electrical collection enhancement lead 11 is configured to 
attract the static charge and conduct the charge into the con- 
ductive line 12. 

The electricity flows down the conductive line into spool 
13, where the conductive line 12 is collected and either with- 
drawn or dispensed through operation of winch motor 14. 

Winch motor 14 and spool 13 are mounted onto base unit 
16 whichis electrically isolated from ground 7 using insulator 
17. Note, in this embodiment of the invention, when electric- 
ity is being collected from the atmosphere, the entire base unit 
16 becomes charged. In another embodiment of the invention, 
spool 13 is constructed of rubber, thereby preventing base 
unit 16 from becoming charged, thereby restricting the charg- 
ing from the atmosphere to only conductive line 12. 

In this embodiment, conductor 6 is connected to base unit 
16 (since the entire base unit 16 is charged and the base unit 
is metallic) to communicate the electrical current to load 5. 
Conductor 6 is ideally an insulated wire. 

The electrical current through conductor 6 is measured 
using sensor 8. 

In the alternative embodiment discussed above, where only 
the conductive line 12 is charged, then conductor 6 is con- 
nected to conductive line 12. 

Controller 15, located in this embodiment on base unit 16, 
operates winch motor 14 in response to signals from sensor 8 
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(measuring the current being discharged to load 5) to main- 
tain the current flow within a pre-defined range. As the current 
flow diminishes, then the conductive line 12 extended from 
spool 13 to increase the altitude of balloon 10 to that more 
static charge from the atmosphere is gathered; as the current 
flow falls exceeds a preset level, conductive line 12 is with- 
drawn onto spool 13 to decrease the static charge being col- 
lected from the atmosphere. 


The range of current flow through conductor 6 is ideally set 
by the program, although some embodiments of the invention 
permit an operator to establish this range of operation. 


In an alternative embodiment, the sensor monitoring con- 
ductor 6 monitors the voltage therein. 


In the preferred embodiment of the invention, controller 15 
is also equipped with a lightning sensor 19. In this embodi- 
ment, when lightning is sensed within a preset range, then 
substantially all of conductive line 12 is wound onto spool 13 
to pull balloon 10 near the ground and protect the entire 
mechanism from being damaged from a lightning discharge. 


In the preferred embodiment, the “safe” distance form 
lightning is set in the programming of controller 15 and is 
ideally two miles; other embodiments permit the operator to 
“Safe” distance. 


There are a variety of lightning sensors well known to those 
of ordinary skill in the art, including, but not limited to those 
described in: U.S. Pat. No. 7,016,785, entitled “Lightning 
Detection” issued to Makela, et al. on Mar. 21, 2006; U.S. Pat. 
No. 6,829,911, entitled “Lightning Detection and Prediction 
Alarm Device” issued to Jones, et al. on Dec. 7, 2004; U.S. 
Pat. No. 7,200,418, entitled “Detection of Lightning” issued 
to Karikuranta, et al. on Apr. 3, 2007; and U.S. Pat. No. 
6,961,662, entitled “Systems and Methods for Spectral Cor- 
rected Lightning Detection” issued to Murphy on Nov. 1, 
2005; all of which are incorporated hereinto by reference. 


In another embodiment of the invention, controller 15 is 
not located on base unit 16, rather it is remote and commu- 
nicates its control signals to winch motor 14 using radio 
waves. 


FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 


Static charges 23 are generated in the atmosphere by agi- 
tated air. These static charges are often collected at the bottom 
of clouds, but exist in other environments as well. 


Balloon 21 is extended into this strata of static charges 23 
which are then attracted to conductive line 12 to flow to base 
unit 22 and then onto load 5. 


By increasing or decreasing the altitude of balloon 21 
(defined by the length of the extended conductive line 12), 
conductive line 12 is selectively exposed to varying densities 
and levels of the static charge strata, and by extension, the 
current flow or voltage is increased or decreased. 


FIG. 3 is a flow-chart of the operation of the controller for 
the preferred embodiment of the invention. 


Once the program starts 30, the lightning sensor is checked 
to determine if lightning has occurred within the unsafe range 
31A, if it has, then the balloon is lowered 32A, and the 
program continues monitoring the status of lightning until no 
lightning is detected. 


When the lightning status is acceptable, then the current 
within the conductor is checked to see if the current is within 
the prescribed range 31B. If the current is acceptable (within 
range) the program returns to check the lightning status 31A; 
otherwise a determination is made to see if the current is 
above the prescribed range 31C. 
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If the current is above the prescribed range, then the alti- 
tude of the balloon is withdrawn a set amount 32B (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

If the current is below the prescribed range, then the alti- 
tude of the balloon is extended a set amount 32C (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

In this manner of feed-back and minor adjustments in the 
altitude of the balloon, the current is maintained within a 
prescribed range which can be handled by the downstream 
electrical system. 

As noted earlier, some embodiments of the invention moni- 
tor the voltage instead of the current. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

By maintaining the voltage being collected in a prescribed 
range, an electrical conversion system is easily designed. 
While FIGS. 4A, 4B, and 4C illustrate some electrical con- 
figurations, those of ordinary skill in the art readily recognize 
a variety of other configurations which will serve the same 
function. 

Referencing FIG. 4A, Direct Current In (DC IN) 40 is 
buffered by a gang of capacitors 41 before being communi- 
cated to a DC/AC converter 42. The DC/AC converter con- 
verts the direct current into a an alternating current suitable 
for placement over an existing electrical grid 43 such as 
normally found from a power-plant. 

Those of ordinary skill in the art readily recognize a variety 
of DC/AC converters, including, but not limited to: U.S. Pat. 
No. 7,394,671, entitled “Controller IC, DC-AC Conversion 
Apparatus, and parallel running system of DC-AC Conver- 
sion Apparatuses” issued to Fukumoto, et al. on Jul. 1, 2008; 
and, U.S. Pat. No. 7,330,366, entitled “DC-AC Converter” 
issued to Lee, et al. on Feb. 12, 2008; all of which are incor- 
porated hereinto by reference. 

FIG. 4B illustrates an electrical arrangement suitable for 
use in charging a battery. DC IN 40 is buffered by capacitor 
bank 41 before entering into a step down transformer 43. Step 
down transformer 43 reduces the voltage so that the voltage 
can safely be introduced into battery 44 which is connected to 
ground 45 at the battery’s other pole. 


Those of ordinary skill in the art readily recognize a variety 
of batteries which will work in this capacity, including, but 
not limited to those described in: U.S. Pat. No. 7,378,181, 
entitled “Electric Storage Battery Construction and Manufac- 
ture” issued to Skinlo on May 27, 2008; U.S. Pat. No. 7,388, 
350, entitled “Battery with Electronic Compartment” issued 
to Wright on Jun. 17, 2008; U.S. Pat. No. 7,397,220, entitled 
“Connection Member and Battery Pack” issued to Uchida, et 
al. on Jul. 8, 2008; and, U.S. Pat. No. 7,375,492, entitled 
“Inductively Charged Battery Pack” issued to Calhoon, et al. 
on May 20, 2008; all of which are incorporated hereinto by 
reference. 


In FIG. 4C, DC IN 40 is fed into an adjustable rheostat 46 
which is controlled by the controller so that the DC OUT 47 
falls within a specified range. 


FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 


This type of conductive line is commonly called poly-wire 
and consists of multiple interwoven strands of plastic 50A 
and 50B woven into a cord or rope arrangement having inter- 
twined therein exposed metal wires 51A and 51B. While this 
illustration shows two plastic strands and two metal wires, 
any number of possible combinations is possible. 
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The exposed metal wires 51A and 51B attract the atmo- 
spheric static charge and transmit the charge down to the base 
unit (not shown). 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

This conductive line utilizes a tube 60 having an outer layer 
62 of PET Film (Biaxially-oriented polyethylene terephtalate 
polyester film) which provides exceptionally high tensile 
strength and is chemically and dimensionally stable. The tube 
has an ideal diameter of between two and three inches. 

An interior metal coating 61 provides an initial conduit for 
the flow of static charge. The static charge through the metal 
forces the tube to expand due to the repulsion experienced by 
like charges. Further, the flow of electricity causes the interior 
of the tube 60 to become ionized to provide an additional 
pathway for the atmospheric static charges to the base unit 
(not shown). 

Because outer layer 62 provides a gas barrier, the resulting 
ionization is not dissipated by air currents, thereby providing 
a highly stable pathway. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

In this embodiment, controller box 70, resting on insulat- 
ing pad 72, is in communication with the sensors as described 
above. Using the input from these sensors, when there is flow 
of electricity through the base unit, warning flashing light 71 
is illuminated. To electrically neutralize the mechanism, 
switch 73 is activated to pass any existing current into the 
ground 74. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 

Referencing FIG. 8A, enhanced electrical collection lead 
82 is a wire mesh which is in electrical communication with 
conductive line 81 and balloon 80. Because of the significant 
amount of metal exposed by enhanced electrical collection 
lead 82, more static electricity from the atmosphere is drawn 
to the collection lead 82, and then down conductive line 81 to 
the base unit (not shown). 

Conductive lead 82 is positioned proximate to balloon 80. 

In FIG. 8B, poly-wire 83 has enhanced electrical collection 
leads 84 wrapped therearound. Collection leads 84 have 
pointed ends 85A and 85B which have a propensity to attract 
more electricity than rounded ends do. 

It is clear from the foregoing that the present invention 
captures an entirely new source of electrical energy. 


What is claimed is: 

1. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon suspended in the atmosphere; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
lighter than air balloon, a portion of said conductive line 
collecting electricity in the atmosphere, said winch 
motor capable of selectively extending or withdrawing 
said conductive line from said spool; 

c) an insulator electrically isolating said conductive line 
from ground; 

d) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load being powered by collected electricity 
from said conductive line; 

e) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical flow 
indicia indicative of said electrical flow in said conduc- 
tor; and, 
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f) a controller receiving said electrical flow indicia and 
selectively operating said winch motor such that said 
electrical flow indicia remains within a selected operat- 
ing range. 

2. The mechanism to tap an electrical source according to 
claim 1, wherein said selected operating range is established 
by an operator. 

3. The mechanism to tap an electrical source according to 
claim 2, further including a warning light activated when said 
electrical flow indicia is non-zero. 

4. The mechanism to tap an electrical source according to 
claim 1, 

a) further including a lightning sensor generating a light- 
ning presence indicia indicative of lightning within a 
prescribed range, said presence indicia being communi- 
cated to said controller; and, 

b) wherein said control mechanism, in response to said 
lightning presence indicia, operates said winch motor to 
withdraw substantially all of said conductive line onto 
said spool. 

5. The mechanism to tap an electrical source according to 
claim 4, wherein said prescribed range is established by an 
operator. 

6. The mechanism to tap an electrical source according to 
claim 1, further including an electrical collection enhance- 
ment lead in electrical contact with a first end of said conduc- 
tive material, said electrical collection enhancement lead con- 
figured to attract static electricity. 

7. The mechanism to tap an electrical source according to 
claim 6, wherein said electrical collection enhancement lead 
is positioned proximate to said lighter than air balloon. 

8. The mechanism to tap an electrical source according to 
claim 7, wherein said electrical collection enhancement lead 
includes at least two pointed electrical conductors. 

9. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said con- 
ductive line from said winch motor. 

10. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said base 
unit from ground. 

11. A mechanism comprising: 

a) an airborne aircraft having a conductive line secured to 

a winch capable of extending or withdrawing said con- 
ductive line from a spool, when said airborne aircraft is 
aloft, said conductive line collecting electricity from the 
atmosphere; 

b) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load such that collected electricity from said 
conductive line powers said load; 
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c) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical flow 
indicia indicative of said electrical flow in said conduc- 
tor; and, 

d) a controller receiving said electrical flow indicia adjust- 
ing an altitude of said airborne aircraft via said winch 
such that said electrical flow indicia remains within a 
selected operating range. 

12. The mechanism to tap an electrical source according to 

claim 11, 

a) further including a lightning sensor communicating with 
said controller; and, 

b) wherein said controller, in response to selected signals 
from said lightning sensor withdraws substantially all of 
said conductive line. 

13. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon suspended in the atmosphere; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line suspended by said 
balloon, a portion of said conductive line collecting elec- 
tricity from the atmosphere, said winch motor capable of 
adjusting an altitude of said lighter than air balloon by 
selectively extending or withdrawing said conductive 
line from said spool; 

c) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load being powered by said collected elec- 
tricity from said conductive line; 

d) a sensor array having, 

1) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical 
flow indicia indicative of said electrical flow in said 
conductor, and, 

2) a lightning sensor monitoring existence of proximate 
lightning; and, 

e) a controller responsive to said electrical flow indicia 
from said sensor array to selectively operate said winch 
motor. 

14. The mechanism to tap an electrical source according to 

claim 13, 

a) further including a warning light; and, 

b) wherein said controller activates said warning light 
when said electrical flow in said conductor is non-zero. 

15. The mechanism to tap an electrical source according to 

claim 14, further including an electrical collection enhance- 
ment lead in electrical contact with said conductive material, 
said electrical collection enhancement lead configured to 
attract static electricity and positioned proximate to said 
lighter than air balloon. 
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Systems, methods and apparatus for harvesting atmospheric 
electricity are provided. The system includes a laser config- 
ured to form a plasma filament and a collector configured to 
collect electricity flowing along the plasma filament. The 
plasma filament comprises an electrically conducting plasma 
filament. Atmospheric electricity may be collected by having 
the plasma filament form at least a part of a conducting path: 
(1) between ground and a cloud, (2) between differently 
charged regions of the same cloud, (3) between differently 
charged regions of different clouds, and (4) between different 
regions of atmosphere, where there is a vertical voltage gra- 
dient. When the plasma filament is not long enough to form 
the entire conducting path, a lightning may be triggered to 
complete the conducting path needed to collect atmospheric 
electricity. 
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SYSTEM FOR HARVESTING ATMOSPHERIC 
ELECTRICITY 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


[0001] Not applicable. 
FIELD OF THE INVENTION 
[0002] The subject technology relates in general to a sys- 


tem for harvesting atmospheric electricity, and more particu- 
larly to a system that uses a laser to form an electrically 
conducting plasma filament for harvesting atmospheric elec- 
tricity. 


BACKGROUND 


[0003] It is well known that large quantities of electrical 
energy are present in the atmosphere and in lightning. Light- 
ning was one of the first forms of electricity harnessed in the 
modern age by Benjamin Franklin in his famous kite experi- 
ment. 


[0004] A lightning discharge typically contains on the 
order of le Joules of energy. It has been estimated that the total 
electrical power of lightning across the Earth is of the order of 
10'* watts. Collection of electrical energy from clouds asso- 
ciated with lightning is a problem that needs to be resolved. 


[0005] Lightning is but a small part of the total electrical 
activity of the atmosphere. When a local build up of charge 
above the Earth exceeds the local breakdown potential of the 
atmosphere a lightning discharge occurs. However, there is a 
continual invisible flow of charge from Ionosphere to Earth 
occurring day and night over the entire surface of the globe, 
which exceeds the global lightning power output by many 
times. The source of this flow of charge from the atmosphere 
to Earth is the Sun. Radiation from the Sun helps form most of 
the ions found in the Ionosphere, a highly charged region 
above the atmosphere, through ionization of atmospheric 
molecules. Solar radiation, particularly in the UV and soft 
x-ray bands, consist of photons whose energies are well 
suited to ionization. The Sun also emits continuously a solar 
wind of positively charged particles. These are captured by 
the Earth’s magnetic field and further contribute to the Iono- 
sphere. The positively charged region in the Ionosphere in 
turn induces (by electrostatic induction) a negative charge on 
the surface of the Earth. The Earth becomes in effect an 
enormous spherical capacitor. A potential gradient or electric 
field is thus established between the two “plates” of this 
capacitor, the Ionosphere (or Electrosphere) and the surface 
ofthe Earth. While the upper strata of the atmosphere conduct 
electricity reasonably well, the lower levels act as an insulator 
or dielectric. Near the surface of the Earth, this electrostatic 
potential gradient is on the order of about 100 Vin? in sum- 
mer, rising to 300 Vm in winter. This flow of charge can be 
tapped and directed to provide useable electrical power. This 
source of atmospheric electricity has the following advan- 
tages: (1) Simple and robust technology; (2) Low cost tech- 
nology—much cheaper than photovoltaics or wind turbines; 
(3) Available day and night in all weather conditions—in fact, 
more power is produced at night than during the day; and (4) 
Available at any point on the Earth’s surface. Collection of 
this source of atmospheric electricity is another problem that 
needs to be resolved. 


Apr. 18, 2013 


SUMMARY 


[0006] According to various aspects of the subject technol- 
ogy, a system for harvesting atmospheric electricity is pro- 
vided that solves some or all of the foregoing problems. In 
some aspects, the system may be used to harvest atmospheric 
electricity arising from an electrostatic potential gradient: (1) 
between ground and a cloud, (2) between differently charged 
regions of the same cloud, (3) between differently charged 
regions of different clouds, and (4) between different regions 
of atmosphere, where there is a vertical voltage gradient. In 
other aspects, the system may be used to harvest atmospheric 
electricity arising from an electrostatic potential gradient 
between the Ionosphere (or Electrosphere) and the surface of 
the Earth. 

[0007] According to various aspects of the subject technol- 
ogy, a system for harvesting atmospheric electricity is pro- 
vided. The system comprises a laser configured to form a 
plasma filament. The system also comprises a collector con- 
figured to collect electricity flowing along the plasma fila- 
ment. 

[0008] According to various aspects of the subject technol- 
ogy, a method for harvesting atmospheric electricity is pro- 
vided. The method comprises forming a plasma filament with 
a laser. The method also comprises collecting electricity 
flowing along the plasma filament. 

[0009] According to various aspects of the subject technol- 
ogy, an apparatus for harvesting atmospheric electricity is 
provided. The apparatus comprises means for forming a 
plasma filament with a laser. The system also comprises 
means for collecting electricity flowing along the plasma 
filament. 

[0010] Itis understood that other configurations of the sub- 
ject technology will become readily apparent to those skilled 
in the art from the following detailed description, wherein 
various configurations of the subject technology are shown 
and described by way of illustration. As will be realized, the 
subject technology is capable of other and different configu- 
rations and its several details are capable of modification 1n 
various other respects, all without departing from the scope of 
the subject technology. Accordingly, the drawings and 
detailed description are to be regarded as illustrative in nature 
and not as restrictive. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0011] The accompanying drawings, which are included to 
provide further understanding of the subject technology and 
are incorporated in and constitute a part of this specification, 
illustrate aspects of the subject technology and together with 
the description serve to explain the principles of the subject 
technology. 

[0012] FIG. 1 illustrates a first example of a system for 
harvesting atmospheric electricity. The system comprises a 
laser configured to form a plasma filament and a collector 
configured to collect electricity flowing along the plasma 
filament. The plasma filament forms a conducting path 
between ground and a cloud. 

[0013] FIG. 2 illustrates a second example of a system for 
harvesting atmospheric electricity. A plasma filament and a 
lightning together form a conducting path between ground 
and a cloud. A condensing mirror directs the beam of laser 
towards the cloud. 

[0014] FIG. 3A illustrates a third example of a system for 
harvesting atmospheric electricity. A laser system situated on 
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an airplane forms two plasma filaments that together com- 
plete a conducting path between a first region of a cloud and 
a second region of the cloud. The first region of the cloud and 
the second region of the cloud carry opposite electric charges. 
A collector configured to collect electricity flowing along the 
two plasma filaments is also situated on the same airplane as 
the laser system. 

[0015] FIG. 3B illustrates a fourth example of a system for 
harvesting atmospheric electricity. It is similar to FIG. 3A, 
except two lightnings complete the conducting path between 
a first region of a cloud and a second region of the cloud (1.e., 
a first lightning electrically connects the first region of the 
cloud to one of the plasma filaments and a second lightning 
electrically connects the second region of the cloud to the 
other plasma filament). 

[0016] FIG. 4 illustrates a fifth example of a system for 
harvesting atmospheric electricity. A laser system situated on 
an airplane forms two plasma filaments that together com- 
plete a conducting path between a first cloud and a second 
cloud. The region of the first cloud that is connected to the first 
plasma filament and the region of the second cloud that is 
connected to the second plasma filament carry opposite elec- 
tric charges. 

[0017] FIG. 5 illustrates a sixth example of a system for 
harvesting atmospheric electricity. A laser situated on an air- 
plane forms a plasma filament that completes a conducting 
path between a first region of atmosphere and a second region 
of atmosphere. A collector situated on the same airplane as 
the laser can collect electricity flowing along the plasma 
filament, because a vertical voltage gradient exists between 
the first region of atmosphere and the second region of atmo- 
sphere. 

[0018] FIG. 6 illustrates an example of a collector config- 
ured to collect electricity flowing along the plasma filament. 
The collector may be a charge collection circuit characterized 
by capacitance, inductance, and resistance. The electricity 
may be collected by charging a capacitor. 


DETAILED DESCRIPTION 


[0019] The detailed description set forth below is intended 
as a description of various configurations of the subject tech- 
nology and is not intended to represent the only configura- 
tions in which the subject technology may be practiced. The 
appended drawings are incorporated herein and constitute a 
part of the detailed description. The detailed description 
includes specific details for the purpose of providing a thor- 
ough understanding of the subject technology. However, it 
will be apparent to those skilled in the art that the subject 
technology may be practiced without these specific details. In 
some instances, well-known structures and components are 
shown in block diagram form in order to avoid obscuring the 
concepts of the subject technology. Like components are 
labeled with identical element numbers for ease of under- 
standing. 

[0020] FIG. 1 illustrates a first example of a system 100 for 
harvesting atmospheric electricity. The system 100 comprises 
a laser 110 configured to form a plasma filament 120 and a 
collector 130 configured to collect electricity flowing along 
the plasma filament 120. The plasma filament 120 forms a 
conducting path between ground and a cloud 140. 

[0021] The plasma filament 120 comprises an electrically 
conducting plasma filament. The plasma comprises of elec- 
trons and positive ions. The electrically conducting plasma 
filament may be formed in atmosphere using an ultra short 
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pulse laser (USPL). The USPL forms a plasma filament by 
raising the conductivity of a very small diameter channel 
(~100 microns or less) fora very brief time. The propagation 
of high power (~10'* W/cm?) pulses from the USPL is 
accompanied by filamentation—self-channeling of femto- 
second laser pulses in stable high-intensity light filaments 
with ~100 microns diameters (so that the Kerr effect focusing 
balances defocusing due to plasma formation). This filamen- 
tation keeps the beam virtually free of diffraction divergence. 
The long plasma strings have high electron densities (10'°/ 
cm?) which support high conductivities. The ionization of air 
at these intensities results from multi-photon processes. Fila- 
mentation has been produced and detected at altitudes as high 
as 13-20 km. Almost no beam scattering occurs in filamen- 
tation phenomenon, and virtually all the pulse energy 1s 
invested in ionization of air molecules. With the typical elec- 
tron density and channel diameter, a 160 mJ pulse is sufficient 
to generate a 1 km long channel. 


[0022] Once initiated, plasma filaments cannot go on for- 
ever, and typically only propagate a kilometer or so before 
energy depletion and exhaustion. However, by using two 
coaxial USPL projection optics having different time-lensing 
pararmeters, a near and far filament could be initiated in a 
“daisy-chain” to extend the total length of the conductive 
channel. The onset of filamentation in the far filament 1s 
time-lensed to coincide with the exhaustion range of the near 
filament. Additionally, using negative chirp, femtosecond 
laser pulses can propagate almost without loss until different 
frequency components of the wave packet, propagating at 
different speeds due to dispersion in air, come together at a 
certain desired location so that the laser intensity there 
exceeds the filamentation threshold, resulting in long ionized 
filaments created at a distance of up to several miles from the 
laser source. In other words, negative chirp is used to essen- 
tially focus a beam of the laser at a desired distance to form the 
plasma filament there. Accordingly, this technique may be 
used to move the starting point and to extend the length of the 
plasma filament. 


[0023] The size, electrical conductivity, and lifetime of the 
plasma filaments are enhanced by an auxiliary radio-fre- 
quency electromagnetic waves or microwaves. The plasma 
filament may act like an antenna to absorb the auxiliary radio- 
frequency (RF) electromagnetic waves or microwaves. 


[0024] The pulsed collection of electric charge and energy 
is repeated with an optimal (possibly very high) repetition 
rate of the pulsed laser and of the auxiliary RF waves or 
microwaves. The energy collected per one pulse should 
exceed the energy spent on creating and enhancing the plasma 
filaments, so that the net energy collected is positive. The 
optimal pulse repetition rate (PRR) depends upon atmo- 
spheric conditions which can vary widely over even short 
time durations. As a general rule, one tries to tune the repeti- 
tion rate to the plasma relaxation time (the ion-electron 
recombination time) so that the conductivity of the filament 
remain as high as is optimal given the atmospheric conditions 
at the time. A feedback control system that varies the PRR as 
well as the rest of the pulse-shaping parameters may be 
employed to optimize the net power production of the system. 
For more information regarding pulse shaping and tailoring, 
which is the central theme of the field called “quantum con- 
trol”, please see A. Assion, T. Baumert, M. Bergt, T. Brixner, 
B. Kiefer, V. Seyfried, M. Strehle, G. Gerber (30 October). 
“Control of Chemical Reactions by Feedback-Optimized 
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Phase-Shaped Femtosecond Laser Pulses”. Science 282 
(5390): 919-922. do1:10.1126/science.282.5390.919. PMID 
9794756. 

[0025] FIG. 2 illustrates a second example of a system 200 
for harvesting atmospheric electricity. A plasma filament 120 
and a lightning 210 together form a conducting path between 
ground and a cloud 140. A condensing mirror 220 directs the 
beam of laser 110 towards the cloud 140. A collector 130 is 
configured to collect electricity flowing along the plasma 
filament 120. 

[0026] In the case of electricity collection from the cloud 
140, the initial and RF-enhanced plasma filaments can be 
relatively short, not reaching all the way from ground to the 
cloud 140. The relatively short plasma filament can be opti- 
mized so that it would trigger propagation of the so-called 
leader (as in natural lightning), which would effectively use 
the energy and potential of the cloud to eventually create an 
electrically conducting path between ground and the cloud 
140. The final conducting path would comprise of a plasma 
filament 120 and a lightning 210. 

[0027] Itis not shown in the figures, but alternatively both 
the laser 110 and the collector 130 may be placed on a mobile 
device, which moves together with the cloud. One such 
mobile device may be a vehicle moving on the ground, but 
another such mobile device may be an airplane flying in the 
air. In the case of an airplane flying in the air, plasma filaments 
may be formed by the laser to reach both ground and the cloud 
at the same time. In the event the plasma filament directed at 
ground is not long enough to reach ground, a lightning may 
also be formed to complete the conducting path to ground. 
[0028] FIG. 3A illustrates a third example of a system 300 
for harvesting atmospheric electricity. A laser system situated 
onan airplane 310 forms two plasma filaments (321, 322) that 
together complete a conducting path between a first region 
331 of a cloud 330 and a second region 332 of the cloud 330. 
The first region 331 of the cloud 330 and the second region 
332 of the cloud 330 carry opposite electric charges. In the 
example shown here, the first region 331 of the cloud 330 
carries positive electric charges, while the second region 332 
of the cloud 330 carries negative electric charges. A collector 
configured to collect electricity flowing along the two plasma 
filaments is also situated on the same airplane 310 as the laser. 
Positive and negative charges are naturally separated within 
the cloud, so this example makes use of the electrostatic 
potential gradient between different regions of the same 
cloud. 

[0029] FIG. 3B illustrates a fourth example of the system 
300 for harvesting atmospheric electricity. Itis similar to FIG. 
3A, except two lightnings (341, 342) complete the conduct- 
ing path between a first region 331 ofa cloud 330 and a second 
region 332 of the cloud 330 (.e., a first lightning 341 electri- 
cally connects the first region 331 of the cloud 330 to one of 
the plasma filaments 321 and a second lightning 342 electri- 
cally connects the second region 332 of the cloud 330 to the 
other plasma filaments 322). The lightning formation is again 
because the initial and RF-enhanced plasma filaments can be 
relatively short, not reaching all the way from the collector 
situated on airplane 310 to the cloud 330. These relatively 
short plasma filaments can be optimized so that they would 
trigger propagation of the so-called leader (as in natural light- 
ning), which would eventually create an electrically conduct- 
ing path between the two regions of cloud 330 via a connec- 
tion through airplane 310. The final conducting path would 
comprise of two plasma filaments (321, 322) and two light- 
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nings (341, 342). Of course, one of the lightnings may not be 
formed, if one of the plasma filament can reach all the way 
from airplane 310 to cloud 330. 


[0030] FIG. 4 illustrates a fifth example of the system 300 
for harvesting atmospheric electricity. A laser system situated 
onan airplane 310 forms two plasma filaments (421, 431) that 
together complete a conducting path between a first cloud 420 
and a second cloud 430. The region 422 of the first cloud 420 
that is connected to the first plasma filament 421 and the 
region 432 of the second cloud 430 that is connected to the 
second plasma filament 431 carry opposite electric charges. 
In the example shown here, region 422 of cloud 420 carries 
positive electric charges, while region 432 of cloud 430 carry 
negative electric charges. Positive and negative charges are 
naturally separated within the cloud, so this example makes 
use of the electrostatic potential gradient between different 
regions of different clouds. Once again, in case one of the 
plasma filament cannot reach all the way from airplane 310 to 
any one of the clouds, then lightning may be formed to com- 
plete an electrically conducting path from airplane 310 to any 
one of the clouds. But these embodiments are not shown in the 
figures. 


[0031] FIG. 5 illustrates a sixth example of the system 300 
for harvesting atmospheric electricity. A laser system situated 
on an airplane 310 forms a plasma filament 501 that com- 
pletes a conducting path between a first region 510 of atmo- 
sphere and a second region 520 of atmosphere. A collector 
situated on the same airplane 310 as the laser system can 
collect electricity flowing along the plasma filament 501, 
because a vertical voltage gradient exists between the first 
region 510 of atmosphere and the second region 520 of atmo- 
sphere. Because no clouds are needed for this embodiment, 
atmospheric electricity collection is possible under fair 
weather conditions (relying on the naturally existing vertical 
voltage gradient in the atmosphere) as well as under foul 
weather conditions. 


[0032] FIG. 6 illustrates an example of a collector 130 
configured to collect electricity flowing along a plasma fila- 
ment 620. The collector may be a charge collection circuit 
characterized by capacitance 631, inductance 632, and resis- 
tance 633. The electricity may be collected by charging a 
capacitor associated with capacitance 631. Battery 610 rep- 
resents these naturally existing voltage sources: (1) between 
ground and a cloud, (2) between differently charged regions 
of the same cloud, (3) between differently charged regions of 
different clouds, and (4) between different regions of atmo- 
sphere, where there is a vertical voltage gradient. The plasma 
filament 620 can, forthe purpose of analysis and optimization 
of the charge collection process, be viewed as electromag- 
netic transmission lines characterized by their effective 
capacitance, inductance, and resistance per unit length. 
Accordingly, the parameters of the charge collection circuit 
and of the effective transmission line representing the plasma 
filaments are optimized, so as to maximize the net charge and 
energy collected (minus the energy spent on generating and 
enhancing the plasma filaments). 


[0033] The foregoing description is provided to enable a 
person skilled in the art to practice the various configurations 
described herein. While the subject technology has been par- 
ticularly described with reference to the various figures and 
configurations, it should be understood that these are for 
illustration purposes only and should not be taken as limiting 
the scope of the subject technology. 
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[0034] There may be many other ways to implement the 
subject technology. Various functions and elements described 
herein may be partitioned differently from those shown with- 
out departing from the scope of the subject technology. Vari- 
ous modifications to these configurations will be readily 
apparent to those skilled in the art, and generic principles 
defined herein may be applied to other configurations. Thus, 
many changes and modifications may be made to the subject 
technology, by one having ordinary skill in the art, without 
departing from the scope of the subject technology. 

[0035] It is understood that the specific order or hierarchy 
of steps in the processes disclosed is an illustration of exem- 
plary approaches. Based upon design preferences, it is under- 
stood that the specific order or hierarchy of steps in the pro- 
cesses may be rearranged. Some of the steps may be 
performed simultaneously. The accompanying method 
claims present elements of the various steps in a sample order, 
and are not meant to be limited to the specific order or hier- 
archy presented. 

[0036] A phrase such as “an aspect” does not imply that 
such aspect is essential to the subject technology or that such 
aspect applies to all configurations of the subject technology. 
A disclosure relating to an aspect may apply to all configu- 
rations, or one or more configurations. An aspect may provide 
one or more examples of the disclosure. A phrase such as an 
“aspect” may refer to one or more aspects and vice versa. A 
phrase such as an “embodiment” does not imply that such 
embodiment is essential to the subject technology or that such 
embodiment applies to all configurations of the subject tech- 
nology. A disclosure relating to an embodiment may apply to 
all embodiments, or one or more embodiments. An embodi- 
ment may provide one or more examples of the disclosure. A 
phrase such an “embodiment” may refer to one or more 
embodiments and vice versa. A phrase such as a “configura- 
tion” does not imply that such configuration 1s essential to the 
subject technology or that such configuration applies to all 
configurations of the subject technology. A disclosure relat- 
ing to a configuration may apply to all configurations, or one 
or more configurations. A configuration may provide one or 
more examples of the disclosure. A phrase such as a “con- 
figuration” may refer to one or more configurations and vice 
versa. 

[0037] Furthermore, to the extent that the term “include,” 
“have,” or the like is used in the description or the claims, such 
term is intended to be inclusive in a manner similar to the term 
“comprise” as “comprise” is interpreted when employed as a 
transitional word in a claim. 

[0038] The word “exemplary” is used herein to mean “serv- 
ing as an example, instance, or illustration.” Any embodiment 
described herein as “exemplary” is not necessarily to be con- 
strued as preferred or advantageous over other embodiments. 
[0039] A reference to an element in the singular is not 
intended to mean “one and only one” unless specifically 
stated, but rather “one or more.” The term “some” refers to 
one or more. Underlined and/or italicized headings and sub- 
headings are used for convenience only, do not limit the 
subject technology, and are not referred to in connection with 
the interpretation of the description of the subject technology. 
All structural and functional equivalents to the elements of 
the various configurations described throughout this disclo- 
sure that are known or later come to be known to those of 
ordinary skill in the art are expressly incorporated herein by 
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reference and intended to be encompassed by the subject 
technology. Moreover, nothing disclosed herein is intended to 
be dedicated to the public regardless of whether such disclo- 
sure is explicitly recited in the above description. 

What is claimed is the following: 

1. A system for harvesting atmospheric electricity, com- 
prising: 

a laser configured to form a plasma filament; and 

a collector configured to collect electricity flowing along 

the plasma filament. 

2. The system of claim 1, wherein the plasma filament 
comprises an electrically conducting plasma filament. 

3. The system of claim 1, wherein the laser is a pulsed laser. 

4. The system of claim 3, wherein the pulsed laser is pulsed 
at an optimal repetition rate. 

5. The system of claim 1, wherein the plasma filament is 
enhanced by a plurality of auxiliary electromagnetic waves. 

6. The system of claim 5, wherein the plurality of auxiliary 
electromagnetic waves comprises at least one of radio-fre- 
quency waves or microwaves. 

7. The system of claim 1, wherein the plasma filament 
forms at least a part of a conducting path between ground and 
a cloud. 

8. The system of claim 7, wherein at least one lightning 
forms another part of the conducting path between ground 
and the cloud. 

9. The system of claim 1, wherein the plasma filament 
forms at least a part of a conducting path between a first region 
of a cloud and a second region of the cloud. 

10. The system of claim 9, wherein at least one lightning 
forms another part of the conducting path between the first 
region of the cloud and the second region of the cloud. 

11. The system of claim 1, wherein the plasma filament 
forms at least a part of a conducting path between a first cloud 
and a second cloud. 

12. The system of claim 1, wherein the plasma filament 
completes a conducting path between a first region of atmo- 
sphere and a second region of atmosphere. 

13. The system of claim 12, wherein a vertical voltage 
gradient exists between the first region of atmosphere and the 
second region of atmosphere. 

14. The system of claim 1, wherein the collector comprises 
a charge collection circuit. 

15. The system of claim 1, wherein the laser is situated on 
ground. 

16. The system of claim 1, wherein the laser is situated on 
a mobile device. 

17. The system of claim 16, wherein the mobile device is an 
airplane. 

18. The system of claim 1, wherein negative chirp is used to 
move the starting point of formation of the plasma filament to 
a desired location. 

19. A method for harvesting atmospheric electricity, the 
method comprising: 

forming a plasma filament with a laser; and 

collecting electricity flowing along the plasma filament. 

20. An apparatus for harvesting atmospheric electricity, the 
apparatus comprising: 

means for forming a plasma filament with a laser; and 

means for collecting electricity flowing along the plasma 

filament. 


Capacitors we used are electrolytic rated at 400 volts x 47 uF put in series to equal 6,000 
volts, the diodes we used were silicon 1000 volt 2 amp placed in series to equal 6,000 
volfs......... Ground was connected to laboratory wall out let ground. 


If you decide to try Tesla's experiment by pumping DC 
into the ground be careful, I tried this and it does work 
but is very dangerous to you or your neighbors. If 
someone is taking a shower or using water they can get 
Killed or shocked. do this experiment far away from 
humans and animals. you can get far more enerey out 
than you put in. | will not tell you much more because it 
is such a dangerous experiment. 
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The invention described herein may be manufactured 
and used by or for the Government for governmental 
purposes without payment to me of any royalty thereon. 

This invention relates to the convenient and economical 
provision of power for the operation of electronic circuits 
and devices using transistors, and of other electrical de- 
vices having modest power requirements. 

A great advantage of transistors, and a major reason 
for their enthusiastic reception since their introduction a 
few years ago, is the fact that they will operate satisfac- 
torily with very low supply voltages and currents. One 
milliwatt or even less is sufficient to power a transistor 
in many applications. Various batteries have been de- 
veloped to provide, in a minimum of space, the relatively 
minute amounts of power needed by transistors. 

My invention provides methods and means that permit 
transistor circuits, and also other low-powered electrical 
devices, to be economically and conveniently operated 
without any batteries whatever, and indeed without any 
power supply whatever as power supplies are ordinarily 
conceived, = 

The invention centers around my discovery that it is 
practicable to construct operative transistor circuits that 
are able to abstract from the atmosphere sufficient elec- 
tromagnetic energy to provide all necessary supply volt- 
ages and currents for their own operation. Circuits and 
devices powered according to my invention will Operate 
indefinitely without any local power source whatever. 

I have successfully constructed and demonsirated such 
circuits. For example, I have constructed a batteryless 
transistor radio receiver on which 1 have listened to either 
nearby or distant broadcast stations as desired, using 
either headphones or a loudspeaker; this receiver has been 
powered entirely by electromagnetic energy abstracted 
from the atmosphere. E 

From the successful operation of this receiver, and 
from other experimental work, it becomes clear that, by 
the methods and means of the invention, a great variety 
of practical and useful transistor circuits can be powered 
entirely by energy abstracted from the atmosphere. 

Furthermore, as will become apparent below, my in- 
vention is applicable to the powering of other electrica] 
devices requiring relatively small amounts of power. 

An object of the present invention is to provide meth- 
ods and means for powering transistor circuits entirely 
from radiofrequency energy abstracted from the atmos- 
phere. . 

Another object is to provide methods and means for 
powering remote radio receivers, low-powered radio trans- 
mitters, and other low-powered electrical devices, with 
energy received by radio from a master station, so that 
no local power supplies are needed by the devices and so 
that the powering or non-powering of the remote device 
is under the control of the master station, 

A further object is to provide methods and means for 
powering transistor circuits and other low-powered elec- 
trical devices with radiofrequency energy received from 
one or more remote radio transmitters, 
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Other objects, aspects, uses, and advantages of the in- 
vention will become apparent from the following descrip- 
tion and from the drawing. 

Figure 1 is a schematic diagram of a transistor radio 
receiver in which all necessary power is supplied by en- 
ergy abstracted from the atmosphere in accordance with 
the invention, 

Figure 2 is a schematic diagram showing a general ap- 
plication of the invention to provide direct-current power 
to a load. 

Figure 3 is a schematic diagram of a system for obtain- 
ing a high energy D.-C. source at a high voltage level 
using energy abstracted from the atmosphere. 

Referring to Figure 1, a receiving antenna 1 is con- 
nected to antenna coupling coils 2 and 3, the other ends 
of which are connected to ground. A parallel resonant 
circuit consisting of coil 5 and. capacitor 6 is coupled to 
coil 2, A second parallel resonant circuit consisting of 
coil 7 and capacitor 10 is coupled to coil 3. A third 
parallel resonant circuit consisting of coil 11 and capac- 
itor 12 is also coupled to coil 3. 

Coil 5 and capacitor 6 are tuned to the frequency of 
a radio transmitter from which it is desired to receive 
information—for instance, an amplitude-modulated stand- 
ard broadcast station. The signal received from this trans- 
mitter need not be strong. The signal is detected by diode 
15 to obtain an audio-frequency information signal. This 
audio signal is coupled through a capacitor 16 and is am- 
plified by a circuit that includes a transistor 17 having a 
base 20, an emitter 21, and a collector 22. The ampli- 
fied audio output of the transistor is coupled through an 
audio transformer 23 to an electroacoustical transducer, 
preferably a permanent-magnet dynamic loudspeaker 25 
as shown, 

The novelty of the invention lies largely in the method 
and means by which the necessary direct-current power 
is supplied to the emitter and collector circuits of transis- 
tor 17. This method and means will now be described. 

Coil 7 and capacitor 10, and also coil 11 and capacitor 
12, are tuned to receive radio signals of relatively high 
strength. It does not matter whether these signals con- 
tain information. These power signals are rectified by 
diodes 26 and 27 to provide direct-current power that is 
filtered by capacitors 30 and 31. The D.-C. power thus 
obtained is utilized to power the transistor 17, 

In the circuit shown, two tuned circuits (coil 7 and 
capacitor 10, and coil 11 and capacitor 12) are tuned to 
power signals and the D.-C. voltages obtained from each 
are connected in series. The tuned power circuits may 
be tuned to the same or different power signals. Under 
certain circumstances it may be desirable to use more 
than two tuned power circuits and to tune them to more 
than two power signals: in this way power can be obtained 
from several signals and combined. On the other hand, 
if a strong power signal is available, a single trned power 
circuit may suffice to give the needed D.-C. power. 

Even weak information signals can be received success- 
fully. A plurality of transistor amplifier stages can be 
used if desired, or other circuits such as superhetercdyne 
circuits can be used. It is merely necessary that a suffi- 
ciently strong power signal or signals be available to pro- 
vide the small amount of D.-C. needed to power the 
transistors. 7? ye 

If the information signal happens to be strong, it can 
be used as the power signal; all of the tuned circuits (coil 
5 and capacitor 6, coil 7 and capacitor 10, coil 11 and 
capacitor 12) are tuned to the information signal, | 

Engineers who have observed my invention in operation 
have been surprised at the unexpectedly good results ob- 
tained, even with readily available power signals of quite 
moderate strength. For instance, sufficient power for sat- 


isfactory operation of a loudspeaker at low volumes is 
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readily obtained .from.a 5-kilowatt standard -broadcast 
station 5 miles away, using only an indoor antenna to pick 
up the power signal as well as information signals. In 
typical operation under:these conditions .a-D.-C. voltage 
of about 2.5 to 3 “volts is obtained between ithe emitter 
and the collecter, at a current of about :250. microamperes; 
D.-C. power input: to the:transistor:is:thus-of the order 
of 0.5 to 1 milliwatt. So faras:I /am:aware, no one:has 
ever before discovered:and demonstrated ‘the:practicability 
of this method of powering a radio receiver. es 


Because existing: broadcast stations within a radius of- 


a number of miles «provide adequate ‘power signals, the 


invention is readily practicable with existing power ‘sig- 


nals in-almost any location in “or [near “any: city. :in “the 
United States. E 7 a A oe 
Although :1 :have described ‘a ‘transistor :radio receiver 
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4. os 

a range of many miles. This eliminates the need for 
hundreds or thousands, as the case may be, of local power 
supplies. At the same time, such a system has the advan- 
tage that all of the remote devices can be simultaneously 
activated or deactivated at the will of the master station, 
simply by starting or stopping the transmission of the 
power signal. In such systems it will often be advanta- 
geous to use power signals of frequencies sufficiently high 
to permit the use of resonant receiving antennas of small 
physical dimensions for signal. pickup at the remote de- 
vices. In addition to the power signal, the master station 
may transmit an information signal on the same or'a dif- 


| ferent carrier. e 


15 


powered by my invention, it will'be-readily ‘apparent that | 


the invention ‘is applicable to ‘the -powering ‘of any tran- 
sistor circuit using one or :a numberof ‘transistors, * and 
to the powering of other devices requiring telatively: small 
amounts of power. For instance, sensitive electrome- 
chanical, electrochemical, .or electrothermal: devices ca 

be operated by ‘the method ofthe invention. 


Referring to Figure 2, which shows: a‘more. general ëm- 
bodiment:of my invention, an antenna 35 “picks up:radio- : 


frequency energy from ‘the ‘a tmosphere. This energy 
flows through coil 36, which is coupled'to a-tuned circuit 
consisting of coil 37 and capacifor°49. The radiofre- 
quency “voltage across capacitor 49 is rectified by diode 


41 and filtered by a low-pass filter 46 consisting of capac- 


itors 42 and 44 and choke coil 45. 
voltage is applied toʻa load 45. | rr | 
In the practice of my invention, ‘larger. emounts of 


The:resulting D.-C. 


20 


- Certain types of devices powered entirely by received 
radio waves are of course well known. The well-known 
“crystal set” of the early days of radio, which used a diode 
rectifier to demodulate -an amplitude-modulated radio- 
frequency signal, is an outstanding example of such a de- 


vice. My invention is readily distinguishable from such 


prior devices, however. In typical prior devices a modu- 
lated radiofrequency signal is applied to a diode to obtain 
unidirectional half-wave pulses whose amplitudes vary 
with modulation. These pulses are integrated by means 
of a capacitor to obtain a unidirectional signal the ampli- 
tude of which follows the audiofrequency modulation en- 
velope. If the radiofrequency signal is received with 
sufficient strength the audio signal may have sufficient 


- power to operate headphones or similar utilization device 


30 


power can be obtained for short periods of time by stor- 


ing received energy in a suitable energy storage device. 
Stored energy may then be withdrawn at intervals at a 
more rapid rate than that at which it was received and 
put into the storage device. In this way the invention can 
be used to provide short pulses of relatively very -bigh 


electrical energy. This result can be readily obtained by 
charging a relatively large capacitor with direct current 


and then discharging the capacitor rapidly into a load 
when desired. This rapid discharge can be initiated auto- 


matically when the voltage across the capacitor reaches. 


a certain level, or it can be initiated when a transistor 
radio receiver receives a certain information signal. 
Higher voltages can be obtained with ‘the invention by 
“means of well known devices for raising D.-C. voltages 
as shown in Figure 3. The D.-C. voltage output from the 
capacitor 44 can be used to power a low ‘frequency: tran- 


sistor oscillator 52 whose A.-C. output is ‘raised to'a higher 


voltage level by the transformer 55. This relatively high 
A.-C. voltage can then be rectified by a diode 61 ‘and fed 
to a capacitor 64 to provide a high energy D.-C. source 
at a relatively high voltage level ‘at the terminals:69 and 


70. If desired, energy can now ‘be withdrawn from the | 
capacitor 64 at intervals in short pulses ‘of high energy 
at a high voltage level. Pulsed radio transmission is one - 


of the possible uses for this form of the invention. Other 
uses would be to provide a single relatively powerful pulse 
needed to actuate an electrothermal or electromechanical 
device. = © | | 
As has been indicated above, in many locations ¿nd 
particularly anywhere in or near ‘most American cities, 
power signals normally present in the atmosphere are 
` readily available for the easy and convenient practice of 
the invention. However, the invention also has important 
applications in systems in which the necessary -power sig- 
nal is generated and transmitted specifically for the opera- 
tion of the particular system. Such systems can, for ex- 
ample, comprise a master station transmitting- all the 
power that is needed for hundreds or thousands of fixed 
or mobile transistor receivers or other remote devices over 


35 


40 


45 


without power amplification; but the signal is utilized for 
its information content, rather than to supply non-infor- 
mation-containing power. - | 

My invention, on the other hand, entails the utilization 
of received radiofrequency energy to supply power to at 
least one pair of circuit points (across capacitor 31 in 
Fig. 1, for example), such circuit points requiring power 
solely for its power content and not for any information 
or modulation it may contain. In other words, my inven- 
tion entails the utilization of radiofrequency energy to 
supply power that would otherwise have to be supplied 
by batteries, generator, or other local power source. 
It will be apparent that the embodiments shown. are 
only exemplary and that various modifications can be 
made in construction and arrangement within the scope 
of the invention as defined in the appended claim. 

1 claim: o | 

An electrical device for obtaining a high energy D.-C. 
source at a high voltage level using energy abstracted. 


- from the atmosphere, said device comprising in combina- 


50. 


55 


60 


tion: resonant means for recéiving radio waves, first recti- 
fier means for converting said radio waves into first direct 
current energy, first capacitor means for storing said first 


direct current energy, an oscillator powered by said direct 


current energy, said oscillator producing an A.-C, output, 
transformer means for raising said A.-C. output to an in- 
creased voltage level, second rectifier means for convert- 
ing the A.-C. output of increased voltage level from said 


- transformer into second direct current energy, and second 


capacitor means for storing said second direct: current 
energy. E ý 
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Scale up the enclosed methods and you could have 


Unlimited Amperage! 


By Unlimited we mean you can keep adding more earth cells to your earth power station 
as you can afford it year by year adding more and more amp power. 


There are many ways to pick up on the 
free energy in the earth, Just a few are 
described in these plans. These 
devices if made right will pick up earth 
energy that many call ether or static 
currents as well as acting as high 
efficient earth battery's. Ether travels 
through plastic wood etc... Study and 
research these plans closely there is 
more to these plans than what you may 


Aluminum Copper 3 
think. You can learn to get enough 


power to run your home! 
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Learning The basic’s of our invention 


E i 1H | 12 : 
xperiment # ow to assemble a vdc system Zinc Rod or bolt 


1. You will have 12- 4" 3/4" copper piping, or If you did not = Negative = 
purchase the kit then cut your copper to this size. KIT: take 
each piece of copper and tape the tops with 1" masking 
tape. 


2. Now using RED LACQUER spray paint (Which you can 
buy at any hardware store), Paint the outside of the | 4” or 3/4” 
copper all around. ( DO NOT PAINT THE INSIDE.) Copper 
let air dry for 24 hrs. Now remove 1" masking tape. Pipe 


3. Take the copper pipe outside to the area that you are 
going to use. use a hammer and hammer each one Into 
the ground up to the 1" copper exposed top. do not let the 
exposed copper touch the earth in the final placement. Dirt 
should be moist. Not real dry. 


4. Now remove each pipe and place a thick piece of 

plastic on bottom of copper pipe to cap it. LET IT BE LOSE, 
DO NOT TAPE IT. YOU WANT RAIN WATER TO BE ABLE TO ' 
ESCAPE FROM EACH PIPE, Do not let exposed outside 

copper touch the earth. 


5. Now hammer each pipe back Into the same holes. 

place each 2" piece of zinc rod ( or a long bolt, most bolts are zinc 
plated ) into the center of each pipe. The zinc Is the NEGATIVE 
and the copper is the + POSITIVE. 


' Earth dirt 


Plastic 


6. Now connect them in series to get 12 volts, use clip wire 1” Copper S4 
or solder them. If you are going to leave It outside for a Positive 1.5 vdc 
long time then make sure connections are soldered and een cel youMare 
then painted to protect them from the weather. The rain This represents one 
will replenish your earth batteries. Top get more amaperage cell. Aqty of 12 to 14 


will give you 12 - 14 volts dc 


with this type simply add more copper and zinc rod cells USE 3' Rian E seres. 


PIECES OF COPPER PIPE INSTEAD OF 4" PIPE. THEN 

CONNECT EVERY ROW OF 12 PIPES IN PARALLEL.. 

ADD AS MANY ROWS AS YOU NEED UNTIL YOU GET THE Cut 12-4°L x 3/4" 
DESIRED AMPERAGE YOU WANT. ( THINK BIG! ) This can be AS 

a very powerful free energy system for your home or other. Not only 

will you get an earth battery effect, but you will also be collecting earth 

currents from ether /static and under ground radio waves as well. 


7. The deeper you go with the copper pipe, the more 
amperage and voltage you can get. 
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Learning The basic’s of our invention 


Experiment #2 How to assemble a 12 vdc system 


This is just an example to go by and is not the best way but is low in efficiency! See our capacitor earth cells, coil type or flat 
sheet type. They produce far more amperage and voltages than this type. 
Copper 


+ Zinc 


Zinc 


€ 


e 20” L.x.3/4" D’, 
, copper pipe | 


4 


10 L x 3/4” D = 

oD oine = 1 - 12vdc array 

NOTICE: Do not paint the 10 foot copper cell. Keep all copper exposed 
to the earth. The more exposed copper the better. For higher amperage 
output, use a zinc or aluminum rod 10/16” Diameter which will leave a 
space of more than 1/16” to the copper. 


Advantages of earth powered batteries 


1. Free Energy 

2. Long Life 

3. The collection of aether energy. 

4. Cells are also replenished by 
outside weather. Rain as well 
as lightning charges. 
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Learning The basic’s of our invention 


You can purchase Zinc rods or zinc plated bolts at any hardware store, most all nuts and bolts they sell are zinc coated and will work just fine. They also carry 
aluminum sheeting. Most hardware stores can order you copper sheeting as well. 


Experiment #3 How to assemble a 12 vdc system 
This is a simple way to produce more amperage but is not practical, we are only showing you 
this to educate you. The closer the zinc rod is to the copper the more amperage you will get as 
well as going deeper into the earth. If you do decide to build this basic set up. It is suggested 
that you solder all leads very well and dig deep enough into the earth to hide the tops of each 
cell. By covering the tops with dirt the cells can short out so what you want to do is to paint the 
exposed tops with lacquer or enamel paint then cover with plastic, cover with dirt and allow 
both the negative and the positive leads to stick out of the ground. But like | said this is not 
practical, what your goal should be is to make a very strong uf earth capacitor / battery, This 
will allow you to pick up and collect earth radiant waves of energy as well as lighting energy 
during storms, the energy you can collect in a strong lighting storm will amaze you! You must 
use an antenna on the zinc rod or copper rod. WARNING! Be careful when collecting 
lighting it can kill you, be sure the positive and negative wires are not coming into your 
home. During a storm it is advised to have the lead wires going into a large uf cap bank 
via a one way diode on the positive lead to the positive of the cap or battery. The earth 
battery’s can be dangerous at times and must be completely buried in the earth so a 
child, adult or animal can not touch or get to. Our earth capacitor batteries can store and 
hold thousands of volts. So be careful. Use rubber gloves and clothing to protect 
yourself. We are not responsible for anything in these plans you build at your own risk. 


1/16” 


+ space 


Top VIEW of a 12 volt dc array Zinc rod can be replaced by 


using rolled up aluminum 


h e h t sheeting or Zinc sheeting, Use 

IQ a aa p SyS e aa 100% cotton cloth wrapped 
around the rolled sheeting or rod 

Connect the series arrays in parallel to each other as shown. to give a small space in between 


Or for a high voltage system connect all in series! Pulse the dc the aluminum sheet and copper. 


Example of a perfect Zinc rod into a 10x step up transformer, 15,000 v Neon transf. 


copper pipe cell 


+ = 
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Learning The basic’s of our invention 


Experiment #4 The 6 foot spacing method ( old way ) 


There are many US Patents that were Issued back in the 1800's, one of them was 
issued to a Mr. Deckman. Deckman found that if you take several small pieces of 
Zinc and Carbon rod and stick them into the ground next to each other and connect 
them in series ( much like a battery ) you get very liittle gain at all. 


But if you put them 6 feet apart you will get a gain In voltage and they will not cancel 
one another out. so by doing this you can put them In series to increase your voltage 
and your volt amps. The theory is that there Is some sort of natural energy VORTEX 


that takes up about that much space for each unit or cell. 
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By using this method it will take a lot of ground space, ground space that many 
people just do not have with the exception of farmers. If you do have the space then 
think BIG! dig deep and have as many cells as you can get up to 2 to 4 acres. There 
are much better ways - vs - the old method as you will see. but by using Deckmans 
old way or our new methods, you can get as much free energy as you want with volt- 
ages or amperages as high as you want or desire. The higher the desired amperage 
the more costly it can get. We are always working to better our inventions to keep 


the cost down. 
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Learning The basic’s of our invention 


By using our new system you can get as much voltage or amperage as you want. Just 
size It to meet your needs or your budget. 


How to get AC current for house hold use. 


You can convert the incoming dc current to ac by using a home made inverter 

(which we sell the plans to, 5 kw inverter plans $40 order #579 ) or you can purchase 

a 12v to 115 vac inverter from a store or solar panel supply house.. If you are planing to 
make a 115 VAC system this Is the only way you can do it. You can not get AC current 
from the ground. You must use our system to charge a deep cycle 12 v marine battery, 
and then connect our 5,000 watt 120 vdc to ac inverter to the battery to run your 

home. ( we do not sell kits or inverters assembled, we only sell the plans at this time. ) 


More on the basic pipe method 


Please note: the dirt level inside each pipe should be up to 1/4" from the top. each 
pipe should be tightly fliied with dirt. Which will automatically happen when you hammer 
the pipe into the ground the first time. 


Each copper pipe (or cell) should be spaced 1 Inch to 1 1/2 inch apart. Doing this 
will give you more amperage and voltage. 


How to dig a simple deep hole for 8' pipe: There are many ways in which you can do this. 


you can rent a ground drill bit and rig it up with a electric 2 hp motor or you can use 1" 
copper pipe. 


First: prepare the ground with water to make it moist but not muddy, 2nd: hammer a 
1" x 5' copper pipe into the moist ground about 5 inches deep/ then remove it from 
the ground and take a stick or a water hose to remove the dirt from inside the pipe. 
Then just repeat the process over and over until you get the desired depth that you 
want. you can get about 10 feet or more using this method. 


WARNINGI BE CAREFUL OF ELECTIC POWER LINES WHEN YOU PLACE OR 
PULL THE COPPER PIPE FROM THE GROUND, IT WILL KILL YOU IF YOU TOUCH 
A POWER LINE WITH THE END OF THE COPPER PIPE. 


We are dealing with a new type of energy as well as conventional energy < Ether 
energy can go through rubber/ plastic. Iron, etc.... 
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What is ether or Radiant energy? 


The understanding comes from a very deep study of etheric or static 
forces, this energy that we are getting out of the ground is what some 
call LIGHT ETHER, when you separate the light ether from the warm 
ether you can get these superconductive events. It appears like 
electricity but it has no heat events related to It. 


The point is that the best polarity's of things to get a differential in the 
light ether is to have a silvered coloured metal and then something that 
is totally absorbitive/ Like black Carbon. 


So now you have something that's the perfect reflector and something 
that is the perfect absorber, and once you understand what your pulling 
out of the ground ( and that it Is not classic electricity as we 
get out of a normal type of chemical battery), then your going to be 
farther down the road to understanding how to get much more power 
out of this stuff..... 


There are researchers now that are getting 1 /2 volt to 2 volts dc on a 
"Quote" volt meter, but it will shock you through an inch of rubber shoes 
this is not normal electricity! 


Q: Is this energy coming from the sun and being absorbed In the earth 
or from the center of the earth? 


A: Yes, but the primary source of light ether is the sun light, yes the 
earth does have an economy of light ether which does follow the sun 
around. BUT IT IS ALSO IN THE GROUND! AND ITS IN THE AIR! 


Q: Did NokolaTesla Know about this in the 1900's? 
A: Yes, if you read into his writings he was always saying things like, 
there is more energy moving than just the electricity in this stuff. 


Example: If you take a large Tesla coil and fire it up, and you drive it 
with a van de graph generator and you put the output of that into a Tesla 
coil. you can throw sparks across the room! What these electrostatic 
machines are gathering is light ether. 
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A Very Strange and New Discovery! 


While working outside on another experiment | discovered a very strange generator effect, 
much to my surprise, | found that by using 2 aluminum 8” disks connected to my DC volt 
meter and by placing both disks in a vertical position while touching the bare earth dirt, and 
moving one of the disks and allowing the other to be stationary | get a dc voltage positive 
output! This effect works with any size or shape of aluminum, we used 8” diameter disk x 
1/8” thick, we found that size to work best. Also by stacking them like a capacitor you will find 
that the current output is far greater, For Example: see figure 1, Disk A would have 4 more 
disks connected in parallel of the same size separated by paper die electrics. The same 
goes for Disk B. 


First find a spot any where on the ground where there is no grass ( best when wet ). 
Please note, it's not just creating an acid battery effect, you are also getting a good contact 
with the ground as a conductor to pick up ether energy. 


Now place the disks side by side, attach your DC voltmeter probes onto the disks, 
one negative and one positive. DC meter should be on the lowest setting, now place 
both disks on the ground very softly and move disk B and do not move disk A (positive. ) 
You will notice you are getting a small amount of voltage and amperage. Now Move disk 
A and do not move disk B. THE POLARITY CHANGES. 


The rule here is; The disk that moves is always positive. since we can get a polarity change 
just by moving the disks at opposite times. You can make a very simple mechanical device 
to get AC current from on top of the earth. Again, this is not just a chemical reaction we have 
done many test to prove this. You can also get a small voltage reading in dry dirt. The reason 
for the smaller voltage in using dry dirt is because a low conductance resistance is taking 
place here, keeping the system from being in contact with the earth and collecting the earth 


ether energy. 
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Capacitor Sheet Method 


This method is far better than using pipes or rods. By using copper and zinc or 
aluminum foil sheets you will get much more amperage out of your system! 


The amperage you will be collecting will be coming from 3 different sources, 
1. The acid in the ground and water 

2. Energy that is being transmitted from the earth itself 

3. Energy that is being transmitted from the sky and space. 


This may all seem unbelievable but it's true and is a fact! The more plates that 

you add the more power you will get! The copper sheet(s) is the positive, it must be 

facing down toward the earth. The aluminum or zinc sheet(s) is the negative and must 

be facing toward the sky! Between each sheet place 1- cotton or course screen printing 

mesh or other plastic course mesh cloth material. you can use a hole puncher to punch exact holes 
in each sheet, use 2 holes per sheet copper and aluminum. Use a 8 1/2" x 11" paper puncher one 
that is adjustable. next use a 3/4 wood base and drill hole for wood dowel rods to fit to the holes 
you punched in the sheets, you will have a total of 4 wood dowel rods, 2 on the right for the copper 
sheets and 2 on the left for the aluminum sheets to fit over, cloth die electric can be done the same. 
You then need to assemble dry and use another 3/4" wood board for top holding plate, which will 
fit over the wood dowel rods on top, sandwhich and press the assembly together and tape in place 
with duct tape, drill 2 long bolt holding holes on bottom wood base and top wood base then attach 
long bolts and nuts and tighten down. Remove tape. and attach wires, water the entire capacitor 
assembly and bury in the ground. 


Copper sheet Aluminum sheet OO ŤýġěO 
o : 
If 7 Cloth sheet 
E : 
Top View Top View i eee NETEPI ST ETTE 
Top View 


Place Aluminum sheet on top of copper sheet 


Wood base 
with wood dowel 
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Dotted lines indicate where cloth goes Side View 
Top View 
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Capacitor Sheet Method 10' Antenna 


Aluminum Washer(s) Copper Washer(s) 
spacers spacers 
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Wood Dowel Rods 
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Capacitor Sheet Method 


Again, the more plate sheets of metal you add (or cells ) the more power you will get! 
Remember it's all about capacitance. You are collecting more than just simple battery type 
power. The copper plate sheet is the Positive + and the Aluminum sheet is the negative. 
There are many ways in which one can build this type of earth energy collector, below is 
simply an example of another shape and form. In this type we use water holes. water holes 
must all be in exact spots. 


Connection Tab 


Connection Tab 


Water Holes 


O OO ©: 0.0 O 


10” - Aluminum 10” Cotton Cloth 


Oo ©: 0 0.0 0 0 


Figure #1 Top View of separate pieces 


Figure #1 Side View o 


12” Diamter, hollow body 


10 to 22 feet high 
— 1/4” dirt 
Negative — l Wa 100% Cotton 
Sa . f A + g HV Diode 
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Negative 
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+ 
+ e + + 
N j Positive as r 
+ 
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-N 
OUR MORE ADVANCED EARTH CAPACITOR! h 


Copper Wire 
Layers 


(EECC) Earth Energy Coil Capacitor! 


To collect more ether earth energy atoms, build the following Earth Energy Coil >. 
Capacitor, Designed & Created by Creative Science & Research. This is far better than anything" | ¥ 


we have found yet! Much more power and is easier to build. We N 
Alumipuhy pipe 

Start with our EECC Model #1, Take a 5/16” zinc rod or aluminum rod, cut to 7.5” long. ` 

Now use #27 bare copper wire, secure it in a drill press ( which you will then turn by hand). 

Cover zinc rod with paper one layer, use very tiny bits of tape to secure. Now apply the 

copper wire over the paper, remember to use copper that is not coated! Tape one end of the 

copper wire to the end of the zinc or aluminum rod and begin to slowly wind. Each wind must 

be perfectly fitted side by side, paper should be 5.5” long, total length of winds should be 4” 

long centered on paper. Once you are done with the first layer, apply another piece of paper 

to the top layer of the first copper layer, do not use to much tape to secure paper in place! 

Now begin your 2nd layer, repeat this same process until you have about 10 layers, ( the 

more layers the better!) Copper must not touch the zinc or aluminum. When done hot glue or 

epoxy a small end piece of the copper wire so it will not come unwound. This is one 

complete cell, keep in mind this is a small test version, to get more power you have to 

THINK BIG! Build larger cells, using larger size copper. Then place them in salt water to test, 

2 cells can be connected in series, after that you must connect them by use of capacitors, 

diodes and electronic or hand wound spring switches. If you build 20 of these and try to 

connect them all in series without a cap/ diode switching method, the cells will cancel each 

other out. Keep in mind you want water to get to each layer as well as the zinc or aluminum. 

You can also use Aluminum or zinc pipe. 


Now concerning the paper Die Electric, Paper will not last very long, test and find a water 
absorbing plastic die electric,( mesh type). We suggest that you use Plastic screen mesh 
that you can buy at any hardware store, if all you are interested in is collecting small voltages 
then use one layer in between each layer of copper, if you are interested in collecting higher 
voltages such as lightning charges then you must use more layers of plastic screen mesh to 
thicken the die electric so the higher voltages will not short out your system. Paper may not 
last longer than 1 year, Plastic screen mesh or polyester screen printing mesh will last for 
many years. 


EECC Model #2 Same as #1, but different. In this design we use #27 copper COATED wire, 
instead of bare wire. since the copper wire is coated and not bare, each layer must be 
sanded, that is, the top portion of the copper coated layer must be sanded off so it will be 
exposed to the water and acid, a die electric should still be used in this case. This type 
makes for a very high efficient earth cap! 


EECC Model #3 Same as #1 but reversed! You will use aluminum wire and a copper rod or 
pipe. Use a 3/4” copper pipe and wind the die electric paper or plastic mesh and Aluminum 
bare wire around the copper pipe as explained in Model #1 


Page 12 


# 459 


Copyright 2002 - 2004 Creative Science & Research 


OUR MORE ADVANCED EARTH CAPACITOR! 


( EECC) Earth Energy Coil Capacitor! 


Aluminum 3/4” Diameter Pipe 


+ 


( EECC) Model #1 Seepage 12 


Y size of our larger version 


Copper Wire 
Layers #20 Gauge 


Brown Paper 
layers = Die Electric 


21” 


int 1 pipe 


Winding the wire can be done quickly if you 
use a drill press that is redesigned and 
fitted with a low rpm 90 vdc conveyer belt 
motor with control box. www.Graingers.com 


The perfect rom is about 70 rpms, If you 
wish to make it a bit easier you can use 
larger wire such as + 17 gauge. The photo 
is an example of a mid size cell and can be 
very powerful! This is Y size of a large cell. 
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OUR MORE ADVANCED EARTH CAPACITOR! 
( EECC) Earth Energy Coil Capacitor! 


Our small test model #1, we used #22 bare copper 
wire wrapped around a zinc rod, each layer had a Small Drill press turned into a Coil Winder 
paper die electric, tested in tap water. 5 layers. 
Output = 89 vdc x 3.5 ma, this is low. 
more layers will = more capacitance which ="s more The more layers, the 


amperage Ane NoNagE: more free earth energy 
you can collect! 


Small Drill press turned into a Coil Winder. We turned this by hand. 
Larger coils is best to use low rpm motor at about 70 rpms, In this picture you see 
that we wound each wind side by side, this makes for a more high efficient earth cap. Side View 
You can wild wind if you like if you use smaller wire like #31 to #34. Ideal size for 


experimenting 
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Top paper 


( EECC) Earth Energy Coil Capacitor! 


Rolled Earth Capacitor Copper Foil 


Aluminum Foil 
MODEL #4 Rolled Earth Capacitor Bottom paper 


Copper foil is placed between 2 pieces of paper strips and 
Aluminum is placed on bottom. Use 400 foot strips 2” wide. 
This method is very hard to do. But is very high eff. 


We used salt water to test rolled caps before placing them in the ground. 
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EECC) Earth Energy Coil Capacitor! 


MODEL #4 Rolled Earth Capacitor 


Top paper 


Rolled Earth Capacitor Copper Foil 


Aluminum Foil 


Bottom paper 


Again rolling this type of earth capacitor is very hard, Everything must be kept straight and 
inline with one another, Manufacturers of rolled electrolytic capacitors use computers and 
machinery. | am sure a simple home made roller with pin registration could be designed very 
easily. This type of earth battery is very high efficient. Paper is not a good die electric for high 
voltages! If you are wanting to collect earth and storm HV Currents you must use a thicker die 
electric. Metals must be spaced properly for storing high voltage. 
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EECC) Earth Enerqy Coil Capacitor! 


Rolling a capacitor is the best way but not the easiest, 
Which makes this pipe coil model much more desirable to build 


Copper 
#17 


Insulated 
= Coated 


Aluminum Pipe 


Symbols 


—PI- 


= One way DIODE 


Sand or scratch off top 
layer coating, this will leave 
a protective coating in between 


oO", each wire and underneath. 
OoOo- Copper should not touch itself 


— 


Photo of Diode 


HH 


Capacitor ( Electrolytic ) 


| or the aluminum pipe. 
P Then cover with paper and begin 
> | next layer of copper wire. 
MO This end not used! 
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Photo of one type 
of Capacitor 
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CONNECTING THE CELLS IN SERIES 


How to connect the cells in series to increase the output voltage without allowing the cells 
to cancel each other out. Figure A The Copper pipe and zinc rod method without the use 
of plastic on bottom of pipe. Figure B is the coil earth cap method. 


TO 


Figure A LOAD 


Large Dump Capacitor to collect high voltage 
and to be used by load. 


SW 


6 v Capacitor 
+ 


6v i 
i 6v 
Diode | Diode 


| 


Use electrolytic capacitors to store the charge coming from each cell, then 
connect them in series using Commutator Sw's connected to a small rotor shaft, Magnets 
connected to a milliamp solar cell hobby motor or build a small fuelless engine 
electric motor to run on and off switch’s. You can also build a very low milliamp 
electronic switching circuit and use the earth energy to power it. Or another 
more simple way would be to use a hand spring type device ( timer type ) glue 
small magnets on a long rotating rotor arm connected to the inner spring. Then 
place small reed relay magnetic switches, on each timing magnet ON position. 
should have multi reed sw's, as the unit turns if gives time for the caps to charge 
and then comes around and connects caps all in series which in turn discharges 


into main cap dump. 


A 
D 
D 
Q 
o) 
= 
0 


¡AAA 


Hand wound 
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12 vdc LOAD 
car or marine Can be lights, 

BATTERY 
12 v to 115 vac TV, vers etc.. 


INVERTER 


Copper 


12 v to 115 vac 
INVERTER 


EECC 


Free Energy Power Source 
To keep up 12 vdc battery 


Symbols 


= One way DIODE 


Photo of Diode 


Capacitor ( Electrolytic ) 


Photo of one type 
of Capacitor 
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Suppliers List 


Free News 


Google [Conmerron Search] 


see www.google.com 


1. Htto:/Avwww.delphiglass.com/ 


Use there search engine to find copper foil tape 


2. http: //www.glassmart.com/foil_menu.htm 


3. http://www.globalsources.com 


Search Google.com for: 


1. Copper flashing 
2. Inverters 

3. Batteries 

4. Copper coated wire 

5. Copper wire 

6. Electronic parts and supplies 
7. Diodes 

8. Capacitors 

9. Free energy from the earth 
10. Zinc rods 
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EECC update 


Tape Paper 


Aluminum pipe or zinc 


Metal angle wire guides 


Total of 4 per side 
Step two 


a Paper 
pu A 


A A 


O 
= 
iat 

= 


Long bolts, nuts and washers 
long bolt attaches to drill press. 


Apply first layer of wire, remove, metal wire guides, apply more paper, then repeat over and 


over again until you have about a 5 to 6 inch diameter roll of wire and paper. Makes a very 
powerful earth capacitor! 
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EECC update 


These are just a few extra idea's that we threw together. | hope they are helpful to you. 
Let us know how you like these plans. Send us photo's of what you have done we love to 
hear from our customers. If you got any new free energy idea's let us know we can 
research them for you. Many customers do not have the extra research time that we have. 


Cloth or plastic mesh 


een NEn ne T 
Copper LE Cy Yo ff TT Aluminum or Zinc sheet 
LI LI a || rT 
LT CT O mT 
LT CT LL rt 
a z = = ia 
ME BRE Ble ERE ICD 
|| |] TT 
LT LL mu MT 
ims LL Cr rt 
LT CT mu rt 
+ E ma T — 

LT LL LL rt 

White Lt KT mi rt 

Nylon Lt LU mu TL 

Bolts LI TT ma ima 
LT CT LL rt 
LT LL LL rt 
ims LL MT - 
= El rt 
Ml ] m 
cr m = 
LT CT O TT 
LI LL LL rt 
LL CT Cr It 
LE TT FT —_ 

Side View 
Metal sheet type earth battery 
1 sheet 
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1 
ENERGY COLLECTION 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path forthe lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
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structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. Itis intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing ona large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
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property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode anda collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
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Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment of a sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
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placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 


FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. 


Capacitor 320 may be connected in parallel to the switch 
330 and load 150 to store energy when switch 330 is open for 
delivery to load 150 when switch 330 is closed. Rectifier 340 
may be electrically connected in parallel to load 150, between 
the receiving end of switch 330 and ground. Rectifier 340 may 
be a full-wave or a half-wave rectifier. Rectifier 340 may 
include a diode electrically connected in parallel to load 150, 
between the receiving end of switch 330 and ground. The 
direction of the diode of rectifier 340 is optional. 


In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. 


The direction of the diode of rectifier 450 is optional. The 
output of rectifier 450 is connected to transformer 430 to drive 
load 150. 


FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 


FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 


FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
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Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. $ presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. If charging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury -wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks in flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device from a plurality of 
support structure wires elevated above a ground level, 
the collection device including a carbon or graphite fiber 
that collects electrical enemy from the air and is electri- 
cally connected to the support structure wire; and 

providing a load with an electrical connection to the plu- 
rality of support structure wires to draw current. 

2. The method of claim 1, wherein the collection device 

comprises a diode. 
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3. The method of claim 1, wherein the collection device 
comprises a diode electrically connected between the fiber 
and the load. 

4. The method of claim 1, further comprising storing 
energy provided to the load. 

5. The method of claim 4, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

6. The method of claim 2, wherein the diode is elevated 
relative to the ground level. 

7. A system of energy collection comprising: 

a plurality of support structure wires elevated above ground 
level; at least one collection device including at least one 
carbon or graphite fiber that collects electrical enemy 
from the air and is electrically connected to the plurality 
of support structure wires; and 

a load electrically connected to the plurality of support 
structure wires. 

8. The system of claim 7, wherein the collection device 

comprises a diode. 

9. The system of claim 7, wherein the collection device 
comprises a diode electrically connected between the load 
and the fiber. 

10. The system of claim 8, wherein the diode is elevated 
relative to the ground level. 

11. The system of claim 7, further comprising a diode 
electrically connected between the at least one collection 
device and the plurality of support structure wires. 

12. The system of claim 7, wherein the fiber comprises a 
first end and a second opposing end, and wherein the system 
further comprises a support structure connected to both ends 
of the fiber. 

13. The system of claim 7, comprising: 

said at least one fiber including a plurality of collection 
fibers; a support frame having a top side and a bottom 
side; and a conducting connecting wire between the 
plurality of support structure wires and the support 
frame, wherein one end of each of a plurality of collec- 
tion fibers is connected to the top side of the support 
frame, and the opposing end of each of a plurality of 
collection fibers is connected to the bottom side of the 
support frame. 

14. The system of claim 7, further comprising a rigid struc- 
ture, the rigid structure comprising multiple supports extend- 
ing outward from a single point of the support structure, 
wherein each end of the fiber is connected to an end of the 
multiple supports. 

15. The system of claim 7, further comprising a rigid struc- 
ture, the rigid structure comprising multiple supports extend- 
ing outward from multiple points of the support structure, 
wherein each end of the fiber is connected to an end of the 
multiple supports. 
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16. The system of claim 14, further comprising a plurality 
of rigid structures wherein said at least one fiber includes 
collection fibers connected between a plurality of the rigid 
structures. 

17. The system of claim 7, further comprising: 

a switch connected in series between the plurality of sup- 

port structure wires and the load; and 

a capacitor connected in parallel with the switch and the 

load. 

18. The system of claim 17, wherein the switch comprises 
an interrupter connected between the plurality of support 
structure wires and the load. 

19. The system of claim 18, wherein the interrupter com- 
prises one of a fluorescent tube, a neon bulb, an AC light, ora 
spark gap. 

20. The system of claim 18, further comprising a trans- 
former connected between the interrupter and the load. 

21. The system of claim 7, further comprising: 

a motor for providing power the motor connected between 

the plurality of support structure wires and the load; and 

a generator powered by the motor. 

22. The system of claim 7, wherein the load comprises a 
spark gap in a container of fluid, and the load is used to 
produce a chemical reaction. 

23. The system of claim 22, wherein the fluid comprises 
water and the chemical reaction comprises the production of 
hydrogen and oxygen. 

24. The system of claim 7, further comprising a fuel cell 
between the plurality of support structure wires and the load. 

25. The system of claim 7, wherein the load comprises a 
fuel cell. 

26. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 

27. The system of claim 24, further comprising a diode 
connected between the plurality of support structure wires 
and the fuel cell. 

28. A system of collecting energy comprising: 

means for suspending carbon or graphite collection fibers, 

the means elevated above a ground level, the collection 
fibers collecting electrical enemy from the air and elec- 
trically connected to the means for suspending collec- 
tion fibers; 

means for inducing current flow, the means for inducing 

current flow electrically connected to the means for sus- 
pending collection fibers; and 

means for restricting the backflow of charge carriers, the 

means for restricting the backflow of charge carriers 
electrically connected between the collection fibers and 
the means for inducing current flow. 
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To all oe i may concern: os 
Be it known that I; ANDOR PALENCSÁR, a 

subject of the King of Hungary, residing ‘at 

Buda-Pesth , Austria-Hungary, have invented 


.a certain new and useful Apparatus for Col- 


lecting Atmospherical Electricity, of which 
the following is a full, clear, and exact ‘Spoo | 
fication. 

The present. ireann concerns an appa- 
ratus for collecting and driving or conduct- 


ing atmospherical electricity which renders - 


it “practicable to obtain. material quantities 


- of the same in serviceable form. 
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The experiments made hitherto have been 


limited to deviating or conducting the elec- 


tricity by simple lightning-rods withont mak- 


ing allowance for the progress of the theory | 
It is obvious | 


of atmospherical electricity. 
that only extremely small quantities of elec- 
tricity can be collected in this manner, and, 
moreover, it was obtained in a form which 
entirely precluded its utilization. It is evi- 
dent that a source of electricity of irregular 


yield can only be utilized by means of ac- 


cumulators and for charging accumulators. 


only a current of constant potential can be 
employed. The potential of electricity de-. 
‘rived. or deviated by means of a lightning- 


rod varies within wide limits, and, moreover, 

it is so high that it cannot be used at all for 
charging accumulators. All these drawbacks 
are remedied by the present invention, by 
which the atmospheric electricity is obtained 


in larger quantities with as low and constant. 


a potential as may be desired. | 
The idea underlying the invention! is s based 
on the modern theory of atmospheric elec- 


tricity, according to which it is produced by 


the condensation of steam or aqueous vapors, 
and that the increase of potential is effected 


by the concentration of the small drops of 


water into larger ones, as the proportion of 


the surface of the drops to the volume of 


45 


50 


same is materially reduced thereby. Accord- 
ing to this theory the water-droplets floating 
in “the layers of air are considered as vehicles 
or carriers of the electricity, and a rational 
system of the deviation of the atmospheric 
electricity must derive it from the water- 
drops. This is attained by the present in- 


- vention in the following manner: A collect- 


ing-body of as large a surface as possible is 


5: provided with shar p needles. 


| collectin e-balloon. 


is fixed. 


‘Serial’ No. 23,102, No model. j 


tinually heated by a suitable heating device. 


Owing to the heat the water- -drops imme- 


‘This i is moved. 
in the higher layers: of air, while being con- 


ee", 2 


diately ambient to the collecting- body willbe. - 


duced, while the potential of the charge grows 
until it reaches an infinite height with in- 
finite smallness of the drops. Ti is readily 


apparent that the whole charge of the drops 
as soon as they have been evaporated will | 


evaporated, their capacity is gradually re- > 


60 


have passed to the collector or collecting- 


body, from which it can be conducted. For 
the purpose of replacing the evaporated 
drops, which have been deprived of their 
charge by new-charged drops, the collector is 


moved in relation to the ambient air. 


One way of carrying out the invention is 


represented in diagram in the . accompanying 
drawings, in which— 
Figure 1 is a longitudinal section of the 


ing and conversion device, and Fig. 3 a detail. 


Fig. 4 is a diagrammatic perspective view of 


a form of automatic regulator for the rheo- 


static machine. 


The apparatus consists ofa balloon having 


two walls and covered with a light wire net, 
preferably of aluminium wire, said net being 
‘studded with needles. | 


| Besides, the balloon 
carries the net 3, on which the ring 4, made 


Fig. 2 shows the deviat- 
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of a solid but light material, (wood,cane,&c.,) 


This ring carries the basket. 6 by 
means of the cords or ropes 5. On a level 


85 


with the ring 4 is the ring 7, which is kept | 
spread by the blades or wings 9, which are 
journaled in a manner to rotate easily. . The 
ring 7 is kept fixedly in position by the cords 


go 


or ropes 8. The blades or wings consist of a — 


frame covered with light material, and their 


rotation in either direction is limited by the 


stops or ledges 10. The blades or wings form 


advantageously an angle of sixty to seventy 


degrees with the vertical line. 


All wire nets, ropes, rings, and blades or — 
wings may be covered with small metal nee- 


dles which are electrically connected with 


each other. 


From the space 11, fornted between the dde | 
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ble wails of the balloon, the pipe 26 leads from 
the lowest point of the same to the serpentine: a 
12, arranged in the basket 6, which in turnis - 
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e: 
sa 


connected with the pipe 13, ending in the up- 
per part of the space 11 between the two 


-= walls12. The serpentine is heated by means 
- of a suitable source of heat, whereby a warm 
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current of gas or air circulates continually 


between the double walls of the balloon. 


Under the basket the ball-bearing 14 is ar- 
ranged in electrical connection with the wire 
nets, and its stud is electrically connected 


with the car efully- -insulated light though suf- 


ficiently strong cable 15. 

On the earth's surface is a winch 16, Fig. 
2, by means of which the balloon can be made 
to ascend or descend as soon as the interior 
space of the balloon is filled with illaminat- 
ing gas or hydrogen. 

The end of the cable-core is soldered to a 
collector arranged upon and insulated from 
the axle of the winch, and the electricity is 
conducted from this collector by means of a 
sliding contact.. The collecting of the eiec- 
tricity takes place by moving the balloon con- 
tinuously up and down by meansof the winch. 
In this movement the balloon is turned by 
means of the wings or blades 9, which are 
adapted to turn the balloon always in the 
same direction whether ascending or descend- 


- ing, as in the change from ascending into de- 


30 


the balloon in the same direction. 
to avoid torsion of the cable, the ball-bearing | 
| ofcurrent34. This current passes through the 
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scending of the balloon, or vice versa, the 


blades are turned over by the aerial resist- 
ance, and thus impart the rotating motion to 
In order 


14 is provided. This up-and-down motion 
and rotating of the balloon accomplishes the 
purpose of bringing it into contact with as 
many water particles. floating in the air as 
possible. 


As the electricity conducted from the col- 


lector-wing 17 possesses a much too high and 
varying potential for making its direct appli- 


cation practicable, and as it is usual with an 


irregular source of electricity to first charge 


accumulators and to further utilize the easily- . 

regulated currentof thesame only, it becomes | 
‘necessary to seek to maintain the electricity 
conducted from the callector 17 for the charg- 
ing of the accumulators at a constant poten- 


tial and convert the potential to a much 
lower one; but as we deal in this case with a 


- direct current ordinary converters cannot be 


used for this purpose. Moreover, the elec- 


tricity possesses in this case a much too high 
potential, so that with the employment of or-. 


dinary converters the greatest part of the 
collected electricity would be lost again. 


The only practical method for this purpose 


is the converting by means of the Planté 
_ rheostatic machine, by which this high-vol- 


60 


tage electricity can be transformed almost 
without any loss whatever. Thus the ques- 
tion of conversion would be solved, and only 


the question of maintenance of constant po- 


65 


tential remains. This is obtained in the fol- 
lowing manner: The rheostatic machine 18 


- or only a part of the plates is connected with 
- an electrometer of any construction, the mov- 


reached. 
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able part of which closes a contact “which a 


eventually actuates an electr omagnet which 


effects the switching or reversion of the rheo- 


static machine. After the switching of the 


rheostatic machine it is discharged, the po- 


tential falls to zero, (nil,) and the electrom- 


eter resumes its initial position, whereby ~ 


the current of the electromagnet which ef- 
feets the reversion is interrupted and. the 


plates of the rheostatic machine are recon- 


nected to potential. The machine is then 
ready for renewed charge and is again dis- 


eharged when the determined potential is . 
This action is continually repeated — 


as long as the apparatus is in operation. 
A form of the automatic regulator for the 


-rheostatic machine is represented in Fig. 4. 


27 is the contact-cylinder of the rheostatic 
machine „on which, for clearness sake, only the 
contacts for the charging position of the COR- 


'denser-plates are shown, while the contacts 


for the discharging position, which comeinto 


action after the contact-cylinder has been 


turned, are omitted. The coating of the con- 


80 
85 


go 


denser- ‘plates is connected in electrical eir- * 


cuit with the stationary ball 29 and the inov- 
able ball 32 of the. charge-meter 30. When 


the charge of the rheostatic machine rises, 


the ball 32, arranged on the one extremity of 
the lever 31, is repelled and at a certain stroke 
actuated by means of the fork 33, which is 
fastened on the ball 32, and by dipping into a 
mercury-crp it closes the circuit of the source 


windings of the anchor or armature 35, fixed 
on the shaft of the contact-cylinder,and it also 
passes through the electromagnet 36. There- 


| by the contact- cylinder is turned bya certain 
angle and the rheostatic machine is thus re- 


versed. Then if the tension decreases by dis- 


charge and the repulsion of the balls 29 32 
declines so far that the contact is interrupted 


at 33 the spring 37 turns the contact-cylinder 
into its normal position and the rheostatic 
machine is again switched to tension. The 
regulation of the electrometer is effected 
by the adjustable weights 38 39. When 


larger quantities of electricity shall be de- 
rived or deviated, two rheostatic machines 


may operate alternately so,that while the one 


is being dischar ged the other can becharged. : 
It is readily apparent that if the capacity of. 


the rheostatic machine is not changed the 


will always take place at the same potential 
of the rheostatic machine, and as the num- 
ber of plates, and hence the proportion of 


conversion, remains the same the current 


impulses derived. or deviated from the rheo- 


static machine will alsohave thes same poten- 


tial. 
The irregalarities of the source of elec- 


tricity change the interval of time in which the 
charges follow each other; but as long as the - 
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switching or reversion by the electrometer - 


130 


potential remalns constant this has no injuri- | 


ous effect on the charge of the accumulators. 


The current derived, or deviated from the. 


tO 


I5 
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E state tiene: can Dé, further trans- 
formed by an ordinary converter 21 22, and 
whenever it is sufficiently constant it can be 
utilized without. the intervention of the ac- 
cumulators. The converters can be connected 
or disconnected by means of the double 
aaa 19 20 23. : 
24 and 25 are iko: cun ae. which 


run either directly to the place of consump- 
tion or to an accumulator-battery. 


= Having now described my invention, what | 
I claim as new, and desire to secure by Letters i 


Patent, is— 


1. An apparatus for collecting atmospheric | 
a collecting - body 
adapted to be kept in motion, heating means 
for said body, anda rheostatie machine and a 
converter connected with the said body elec-. 


electricity comprising © 


trically, substantially as described. 


2. Anapparatus for collecting atmospheric | 


electricity for storage comprising a collect- 


ing-body adapted to be kept in motion in the 


ambient air, heating means for said body, a 


conductor leading. from said. body, a rheo- | 


25 static machine connected with the said con- 


ductor, an electrometer connected with said | 


tromagnet controlling the reversing of the 
rheostatic machine, substantially as de- 
scribed. 


rheostatic machine electrically, a contact con- 
trolled by the electrometer, and an electro- 
magnet controlled by said contact, said elec- 


30° 


3. In combination, the balloon- like collect: d 


ing-body, having the collecting-points, means 
for heating the interior space of said body, a 


| conductor] leading from the balloon-like body, 
and electrical devices for receiving the CUr- o 
_rent therefrom, substantially as described. 


4. In combination, the balloon-like collect- 


ing-body, means for turning the same con- 
stantly in one direction in both ascending © 


40 


and descending, conducting means leading 


from the balloon and electrical devices for rê- 


ceiving the current therefrom, substantially 


las described. | 
In witness whereof I have hereunto set my | 


hand in presence of two witnesses.. 
-ANDOR PALENOSÁR. 


‘Witnesses: 
EUGENE HWankinso, 
PAUL BOLESKEY. 
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Graphene/Graphite Atmospheric Electricity Collectors - Plus Horrific 
Hexacopter Crash! 


by lasersaber | Jun 2, 2014 | Atmospheric Electricity 


While on family vacation | was able to swing by and check out this atmospheric energy test 
site. They have some amazing energy harvesting technology and encourage replication. 
Since the visit | have had a non-stop stream of new ideas running through my head, but... 


http://laserhacker.com/?cat=20 


1/5 


4/27/2018 Atmospheric Electricity | Laser Hacker Alternative Energy 


F 


SD Printedwireless) Motor 


Mini AtmoMotor 
by lasersaber | Mar 10, 2014 | Atmospheric Electricity, Motors 


This is the most sensitive AtmoMotor design yet. The motor has been designed with easy 


construction in mind. It makes an excellent wireless demonstration motor. 


AtmoMotor HV Atmospheric Motor 
by lasersaber | Dec 24, 2013 | Atmospheric Electricity, Motors 
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A high torque atmospheric motor. Tests underway... 
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Atmospheric Electricity Antenna Testing 


by lasersaber | Dec 4, 2013 | Atmospheric Electricity 


Testing to determine the best type of antenna for my experiments. 
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Free Atmospheric Electricity Powers Small Motor - Tesla Radiant 
Energy 


by lasersaber | Nov 26, 2013 | Atmospheric Electricity, Featured Projects 
| have always wanted to test a radiant energy motor. This little motor is the beginning of 


my research in that direction. In the near future I will be making larger more powerful 
motors. The precision required will probably require my 3D printer. 
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Atmospheric & RF Electricity Collectors 


GB 157263 
Process and Apparatus for Converting Static Atmospheric Electrical Energy into 
Dynamic Electrical Energy of any Suitable High Periodicity 


Abstract -- Atmospheric electricity, utilizing; influence machines.-Static atmospheric charges are 
converted into alternating-currents of any desired frequency by rotary machines, the stator and rotor 
elements of which form condensers having a capacity which varies during the revolution as described in 
Specincation 157,262. In the simplest form, Fig. 2, the curved stator plates 2, 1 are connected to earth 
E2 and the aerial A which collects the atmospheric charges and is earthed through a safety spark gap F. 
The rotor 1s motor-driven and consists of concentric plates 3, 4 joined through slip-,rings (not shown) to 
an inductance 9 shunted by a condenser 5. With a given aerial polarity, rotation of the plates 3, 4 causes 
current reversals on the circuit A, 1, 9, 2, E@, whereby oscillations are set upon the circuit 9, 5, these 
being tapped by leads 11, 12. The condenser 5 may consist of concentric tubes rotating with the rotor or 
of two juxtaposed wound spirals having capacity. The stator and rotor condenser plates may extend over 
nearly a semicircle in place of the quadrants shown in Fig. 2 and the rotor may comprise two 
consecutive cylindrical plates or coil condensers each divided into halves, the inner half of each being 
connected to the outer half of the other. Fig. 7 shows a form in which rings 1, 2, mounted in a casing 
comprising upper and lower parts insulated from each other, are connected to the stator condenser plates 
at intervals. The rotor plates 3, in equal number, are connected to slip-rings 5, 6 from which alternating- 
current is taken by brushes when the rotor is motor-driven. The rings 1, 2 are respectively connected to 
the aerial collector and earth E2. Several methods of grouping the stator-rotor condenser pairs and the 
components of the oscillating circuit are described. The oscillatory current in the rotor circuit may react 
through a transformer on the main charging current and two pairs of stator and rotor plates 1, 2, 3, 4, 
Fig. 13, may be employed arranged on diameters at right-angles, the oscillatory circuit in this case 
consisting of a mutual inductance 5 having capacity and a portion of an adjustable inductance 9 in the 
stator earth connector E2. By suitably proportioning the stator and rotor plates, 'resonance may be 
established, whereby undamped waves may be produced. In the form shown in Fig. 15, for high- 
frequency oscillations, the aerial A and earth wire are tapped at points between the stator plates 1, 2 and 
condensers 16, 18 which are joined through an inductance 9. The rotor current is conveyed to the power 
circuit 11, 12 through transformers 10, 10<a>. The members composing the stator and rotor plates may 
be slotted, as shown in Fig. 8, with holes 1 for attaching them to the frame, or they may have spiral slots 
in their surfaces. Alternatively, they may be formed by embedding spiral wires 3 in a vulcanite mass 1 
so as to give a smooth surface as shown in Fig. 11. 
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French Patent # 551,882 
Apparatus for Capture of Electric Currents in the Atmosphere 


http://rexresearch.com/atmoselx/atmoselx.htm 4/38 


2/4/2017 Atmospheric Electricity Collection Patents 


Pig. 1 


— w 


r= 
„a 
ar 


| h ut 


H 


00 


French Patent 565,395 
Combined Apparatus for Capture of Atmospheric Electric Currents with Immediate 
Implementation 
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Improvement in Collecting Energy for Telegraph 
Abstract -- A tower for the purpose of receiving and imparting natural electricity, so as to be in constant 


contact with the upper stratum of electricity which surrounds the earth, by tapping which a never-failing 
supply is formed when brought into contact with the earth. 
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US 129971 
Telegraph Power 


Abstract -- Utilizing natural electricity and establishing an electrical current without the aid of wires, 
batteries, or cables... 
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US 674427 
Collecting Atmospheric Electricity 


Abstract -- An appartus for colecting and driving or conducting atmospheric electricity which renders it 
practicable to obtain material quantities of teh same in serviceable form. 
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US 911260 
Collecting Atmospheric Electricity 


Abstract -- A method of colecting electricity from a strata laden with electricity at high altitudes in the 
atmoshere, through the medium of a wire cable suspended from one or more balloons ... 
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Collecting Atmospheric Electricity 


Abstract -- A method of colecting electricity from a strata laden with electricity at high altitudes in the 
atmoshere, through the medium of a wire cable suspended from one or more balloons ... 
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US 1540998 
Conversion of Atmospheric Electric Energy 


Abstract -- Method of obtaining atmospheric electricity by means of metallic ballon collectors... 
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313104 Jan, 10, 1l3cl li Guy Lo 
Y 
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GB 149,917 
Improvements in & Relating to Radio Communication Systems 


Abstract -- Radio transmission and reception through the use of living vegetable organisms such as 
trees, plants, and the like. 
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US 1826727 
Radio Apparatus 
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US 2143437 
Radiant Energy System 


Abstract -- An apparatus for receiving and transmitting radiant energy within a wide range of 
frequencies without necessity of a source of local energy. 
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James Marion Fisher 


US 2813242 
Powering Electrical Devices with Energy Abstracted from the Atmosphere 


Abstract -- A convenient and economical provision of power for the operation of electronic circuits and 
devices using transistors, and of other electrical devices hving modest power requirements. 
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Lloyd R. Crump 


US 3205381 
Ionospheric Battery 


Abstract -- A method and apparatus for tapping the enormous reservoir of energy existing in the 
ionosphere... 
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US 3273066 
Apparatus for Detecting Changes in the Atmospheric Electric Field 


Abstract -- A cloud detector and or an apparatus for sensing electrostatic conditions in the earth's 
atmosphere... 
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US 3760257 
EM Wave Energy Converter 


Abstract -- Electromagnetic wave energy 1s converted into electric power with an array of mutually 
insulated electromagnetic wave absorber elements each responsive to an electric field component of the 
wave as 1t impinges thereon. Each element includes a portion tapered in the direction of wave 
propagation to provide a relatively wideband response spectrum. Each element includes an output for 
deriving a voltage replica of the electric field variations intercepted by 1t. Adjacent elements are 
positioned relative to each other so that an electric field subsists between adjacent elements in response 
to the impinging wave. The electric field results in a voltage difference between adjacent elements that 
is fed to a rectifier to derive d.c. output power. The element pairs may be arranged in a two-dimensional 
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array to provide power conversion of randomly polarized electromagnetic waves, such as sunlight. 
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US 3931577 
Radio Receiver Protection Arrangement 


Abstract -- A receiver protection arrangement in which a voltage dependent on aerial voltage and a 
voltage dependent on aerial current are aggregated and applied to means responsive to a predetermined 
ageregate level to effectively short circuit the aerial lead. Additional means may be provided to dissipate 


energy in the input stage of a protected receiver to cause a reduced impedance to be reflected across the 
output of the protective arrangement. 


Fig. 
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par a Ager 


US 4,628,299 
Seismic Warning System Using RF Energy Monitor 


Abstract -- The ambient broadband radio frequency field strength from broadcast stations 1s monitored 
(Figure 4) by periodic sampling (50, 52). A warning indication 1s provided if the field strength drops 
significantly. Drops in such field strength have been correlated empirically with the occurrence of 
seismic activity, usually several days later. Thus the indication serves as an early warning of an 
impending earthquake. In one preferred embodiment, a broadband, horizontal, very long monopole 
antenna (40) was connected to a rectifying and smoothing circuit (Figure 3) to provide a de output 
proportional to the ambient rf field... 
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French Patent # 551,882 
Apparatus for Capture of Electric Currents in the Atmosphere 
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French Patent # 565,395 
Combined Apparatus for Capture of Atmospheric Electric Currents with Immediate 
Implementation 
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US 28793 
Electric Apparatus 


Abstract -- An aerostat for obtaining atmpspheric and terrestrial electricity... 
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US 126356 
Improvement in Collecting Energy for Telegraph 


Abstract -- A tower for the purpose of receiving and imparting natural electricity, so as to be in constant 
contact with the upper stratum of electricity which surrounds the earth, by tapping which a never-failing 
supply is formed when brought into contact with the earth. 
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Abstract -- Utilizing natural electricity and establishing an electrical current without the aid of wires, 
batteries, or cables... 


US 674427 
Collecting Atmospheric Electricity 


Abstract -- An appartus for colecting and driving or conducting atmospheric electricity which renders it 
practicable to obtain material quantities of teh same in serviceable form. 
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US 911260 
Collecting Atmospheric Electricity 


Abstract -- A method of colecting electricity from a strata laden with electricity at high altitudes in the 
atmoshere, through the medium of a wire cable suspended from one or more balloons ... 
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US 1014719 
Collecting Atmospheric Electricity 


Abstract -- A method of colecting electricity from a strata laden with electricity at high altitudes in the 
atmoshere, through the medium of a wire cable suspended from one or more balloons ... 
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US 1540998 
Conversion of Atmospheric Electric Energy 


Abstract -- Method of obtaining atmospheric electricity by means of metallic ballon collectors... 
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GB 149,917 
Improvements in & Relating to Radio Communication Systems 


Abstract -- Radio transmission and reception through the use of living vegetable organisms such as trees, 
plants, and the like. 
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US 2143437 
Radiant Energy System 


Abstract -- An apparatus for receiving and transmitting radiant energy within a wide range of frequencies 
without necessity of a source of local energy. 


http://rexresearch.com/atmoselx/atmoselx.htm 28/39 


Atmospheric Electricity Collection Patents 


12/15/2018 


James Marion Fisher 


Bey Mamay y Gugetit. 


š 
813: [mas 


La ni iti 


YA aL SSE SS I i 
1 


¡Qi fi ENE ee a DLE 
——— ) rra A ee ila Shan eee i i 


T 


—_ LA a a a a S 


E ET i nr — 


29/39 


http://rexresearch.com/atmoselx/atmoselx.htm 


LI RC CIRCUITS—] Two CIRCUITS THAT COMBINE. . 

RESISTOR (CR). AND... CAPACITOR CC). ARE... VERY. IMPOR= 
eee TANT a. THEY ARE THE J ATOR... AND... _DIFFERENTIATOR. 
ci OTH coum THESE CIRCUITS ARE USED to. RESHAPE AN. IAj— 


AAA IMA ALA Bate ice nance LATA AM 


a cr MAIS RA M AE OR PULSES. 


A a AAE RT AR A aAa td NE A A IS Dto Sr lt nae Art A ath Arh A N PA I FIA IC A Lt ia E Y A NA A A A O Cl o A A a A a 


wwf THE __PROOUCT.OF RAN IN THESE. TS A 
ALLED THE RC Time CONSTANT ce FOR DAE RAT o 
SHOWN- BELOW. p THE BO TIME CONSTANT. CIN. SECONDS) 
A A EAST. TEN. TLM ES THE IN TER VAL BET EEA 


HON ra ON rr BM VACA aA dei. ul Aa 


AAA a A . YOMING o e 11 By LIB Y BS -- 2101 0 RR TAN 


. 


eed ri Mig Lo a e. EN NA NACIDA VA A A A A AO A AI OA SCA A UC na DANAE IC IT A TC A A A re BD A A CV A A A DA A MN La 


AM Er ro mur 


jede INTEGRATOR a ERES A BASIC RC INTEGRATOR 3 0 0000000 


ARA FARO AN PNV MN RR A ALO DAT o A A AANA PSH Nt a O AND A A AA LAA AL ATA G AA A A O ASA VR CA A Ah A A I Wn A rina fsa AAA AT A D A ALDA AATA AASA a AA AEA nae 


198 AE EA ro E IL iy A ey Ao 2 AA AGA Ni 


Petrie Se eee N OA a 


arin terete: EA A CAM rc AA ae tor e far te NN WN WANA A Att Hah vm Ap ra pi A HY RARA AG RES ee Md det q rr de atin der ina 


Sen oy Pong A BAA II tr SAA YN Nh rn aig 


4 


IS. E an Gun AO IRA NÓ uy Li e IA La AG A a a AA O hy Be a 


AS ù ú Fe pm GUIA, OAD ey A A ld A Nera EA Ei st Ara a E RAT AJA A rd AI tn Mei a ear a ay Pa ry rl, APA, DÍ o A AD à uy pili j AA + 1 YT... A td o e a a ID a do A de AA IA, iras A, dia rn dd 
e 
—_ 
OMe eGR GA Gre O AA A TA A a INTI AAA tr ri Pr Car aa A BAT PA RA tr ete A y pany RL Ad YA AL sn NA e dia, arn ei, pe TD CN DA ML 0 a li a yh ey Ad A a as My 


nS e ca Mr ST A A Po A A ID ia rio, AL O LI LL a NM et Ii Ct o o a CA A e UL i in rr eaa 


Sr retin de Orpen: cc E THE LN PUT... PULSES ARE SPEED mms e Pg tet E AI 
LED SAW. TOO TAI ILL 

A ld om OUTPUT WAVEFORMS (OFTEN. CALL d DA O e ta a a a to O A By OS rey A eters tae By AAA AAA 
IT?S 

eewo lied cr OT PEACH THEIR, Fule WEIGHT _ AMPL TUDE)... at he dra oy ATA MN ee A Ac a id o YD Be Ph on 

N AMPLIFIER. THAT ISNORES 

hr rd na cc EASY TD. DESIGN AN “ ane) DAAN! Arne V de Angin, Gradara s Oey AEN A nl a AA ee ay aaa, Se AA EAN A MAD ind Ma da y Cr ona e de A cok beat nee 

A JO A hated ANI yi RARA A tetas WAVES. ri WAT A ESS THAN oo DESIRE e AMPLITUDE « 
FORE... THE INTEGRATOR... OA FUN SCTION.....A5_ AL 

REP read dali, swan IME LE § A e AR mo 1 a o da YAA A rt S ja! > ay AR RA NA a L Aa Oe o APARTAR PO A p aan A Wina A E a a a dr os As a a 1 AA et te NS rn pe P AAS RP AAA P V p AM ee Ma Ea AAA 


TY, attr ds sa corr ELTER WHICH ar PASS E ONDA Y 0! I@NACS... BELO T F a TN 
A Ah MN AND RMN Lo em cmo ER TÁ A E MEN A Oy, 


anata) pa, rip PON OI NRK AN I AA eA BON o EE SA NAAA ASEM A A in AN AN A AS AA AVY YA OA AA LO tt Ir 6 a qu Jr Eo AA it ANOTANDO DAI A ry AA ran e AI Y Meth YO DI MD O MAY ih Yi GA LN pa ed a fy ewan O AVR ULM RD aM ro rv. oo ROR AA GANG oe $ tag rt I sa MA AA eR Ar, LD AA OI, A tl A di bY er, Ae Nt A ds A ta 


cria .OLFFEGRENTIATOR. HERE'S A BASIC. RO DIFEERENTIA TOR | 


AAA NS tt A A a Di Rae He da do y y A Aan 0 0 Am A wy BRA A We eth We Nee Mt A e VAP A Ml a C Ada tw, rt ls 


. 


QU e a a AM AAA o, de AA do lo Ly HAA, Sp AAA AT AA A A 


a A A a E ien 


aiian NAAA DA ALO Md BN Sc A ia, S AA O A a ee SI A A A A 


POMAR nba lr is VAD No Ng See a a . IIA AA 


array e Ne: 


ora ce er moy r A a, o e Aaa oi tr e a a Ry ei v i 


Wan JA Gt ty: DO A a y AA as S o 


FA O Pt IA A E LV AT DTS AM A dl o o o 


ems O RR OS BADIA O ie bg A VS A AD Y DAM A A A q cm a a 


IOMA AA, e ar A VID A AN E o den A A IT AI Pd 


PEET è © A Deere 


Ta 
e 
PRO A AT ARA O VO ANA Va IIS ANC AA A A A GHA DNA A AA A mah A O A A A a O A HA A MA loz a LA ag pen et o o a ei e a a RO OA A A, A 1 
etna remada dy 


crac O AA RCULT PRODUCES. SYMMETRICAL OUTPUT WAVES 
cl rnd ITH SHARP POSITIVE AND NEGATIVE. PEAKS, IT’S o 00 
ron RETO MAKE NARROW PULSE GENERATOR S FoR — 


sateen dar, n A, y = CEVISION... REÉCEMWERS. AND TO. TRIGGER DIGITAL o — 
AA A PA 124 CE CEN LE E AAA AI AAA 


A aa! ME GNA sa DEAS A e Yo ARO A ec o A CG nr er ena NA MY A AI at CR MANE CA A Ea ar A A a A ARNM MN RP Meri o PA LA A a A E bn eae ebb y A to path A AAA AAA AA 
RE. A Ser 


co ld. MO wok Om You. WILL. OFTEN SEE REFERENCES. . 
np LO. THE... RO E | eee ee 
op LINE. IN. SECONDS ARGI OR DISCHARGING cacon 
an CAPA SITOR. TO... GO. THROUGH..63.3% OF THE CHANGE IN CHARGE. 


g E a A aas IMA SMH OT A EA aat AUNAR ed a aa ening AAN A, 


AAA A al API JO EA PA he e de y 


T. OF.. A CIRCUIT. IT'S. THE 


A gee AA A AA 


Ni 4 a A a i á : miann AAA | 
DIARREA, Arctica ae AR ADAC dt a e A EE SAN MA tr LA Na A A A NI SI A ALAS i A A A A AA a ta A o a ae ANUN A tum LUMINARIAS Y ALA A A IA O: marina at MEA Netra A, dere, y ra Sao de AC VAA RGA oe 


A AA. 7 esata as 


A a ET CET > o + o o 


12/15/2018 Atmospheric Electricity Collection Patents 


¿TO 


Jrventor 


James Marion Fisher 


US 2813242 
Powering Electrical Devices with Energy Abstracted from the Atmosphere 


Abstract -- A convenient and economical provision of power for the operation of electronic circuits and 
devices using transistors, and of other electrical devices hving modest power requirements. 
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INVENTOR 


Lloyd R. Crump 


US 3205381 
Ionospheric Battery 


Abstract -- A method and apparatus for tapping the enormous reservoir of energy existing in the 
ionosphere... 
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US 3273066 
Apparatus for Detecting Changes in the Atmospheric Electric Field 


Abstract -- A cloud detector and or an apparatus for sensing electrostatic conditions in the earth's 
atmosphere... 
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US 3760257 
EM Wave Energy Converter 


Abstract -- Electromagnetic wave energy is converted into electric power with an array of mutually 
insulated electromagnetic wave absorber elements each responsive to an electric field component of the 
wave as it impinges thereon. Each element includes a portion tapered in the direction of wave propagation 
to provide a relatively wideband response spectrum. Each element includes an output for deriving a 
voltage replica of the electric field variations intercepted by it. Adjacent elements are positioned relative 
to each other so that an electric field subsists between adjacent elements in response to the impinging 
wave. The electric field results in a voltage difference between adjacent elements that is fed to a rectifier 
to derive d.c. output power. The element pairs may be arranged in a two-dimensional array to provide 
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power conversion of randomly polarized electromagnetic waves, such as sunlight. 
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US 3931577 
Radio Receiver Protection Arrangement 


Abstract -- A receiver protection arrangement in which a voltage dependent on aerial voltage and a 
voltage dependent on aerial current are aggregated and applied to means responsive to a predetermined 
ageregate level to effectively short circuit the aerial lead. Additional means may be provided to dissipate 


energy in the input stage of a protected receiver to cause a reduced impedance to be reflected across the 
output of the protective arrangement. 
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US 4,628,299 
Seismic Warning System Using RF Energy Monitor 


Abstract -- The ambient broadband radio frequency field strength from broadcast stations is monitored 
(Figure 4) by periodic sampling (50, 52). A warning indication is provided if the field strength drops 
significantly. Drops in such field strength have been correlated empirically with the occurrence of seismic 
activity, usually several days later. Thus the indication serves as an early warning of an impending 
earthquake. In one preferred embodiment, a broadband, horizontal, very long monopole antenna (40) was 


connected to a rectifying and smoothing circuit (Figure 3) to provide a dc output proportional to the 
ambient rf field... 
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PHERE : | 


Lloyd R. Crump, Silver Spring, Md. 
Application March 12, 1954, Serial No. 415,986 
1 Claim. (Cl, 3212) 
(Granted under Title 35, U. S. Code (1952), sec. 266) 


The invention described herein may be manufactured 
and used by or for the Government for governmental 
purposes without payment to me of any royalty thereon. 

This invention relates to the convenient and economical 
provision of power for the operation of electronic circuits 
and devices using transistors, and of other electrical de- 
vices having modest power requirements. 

A great advantage of transistors, and a major reason 
for their enthusiastic reception since their introduction a 
few years ago, is the fact that they will operate satisfac- 
torily with very low supply voltages and currents. One 
milliwatt or even less is sufficient to power a transistor 
in many applications. Various batteries have been de- 
veloped to provide, in a minimum of space, the relatively 
minute amounts of power needed by transistors. 

My invention provides methods and means that permit 
transistor circuits, and also other low-powered electrical 
devices, to be economically and conveniently operated 
without any batteries whatever, and indeed without any 
power supply whatever as power supplies are ordinarily 
conceived, = 

The invention centers around my discovery that it is 
practicable to construct operative transistor circuits that 
are able to abstract from the atmosphere sufficient elec- 
tromagnetic energy to provide all necessary supply volt- 
ages and currents for their own operation. Circuits and 
devices powered according to my invention will Operate 
indefinitely without any local power source whatever. 

I have successfully constructed and demonsirated such 
circuits. For example, I have constructed a batteryless 
transistor radio receiver on which 1 have listened to either 
nearby or distant broadcast stations as desired, using 
either headphones or a loudspeaker; this receiver has been 
powered entirely by electromagnetic energy abstracted 
from the atmosphere. E 

From the successful operation of this receiver, and 
from other experimental work, it becomes clear that, by 
the methods and means of the invention, a great variety 
of practical and useful transistor circuits can be powered 
entirely by energy abstracted from the atmosphere. 

Furthermore, as will become apparent below, my in- 
vention is applicable to the powering of other electrica] 
devices requiring relatively small amounts of power. 

An object of the present invention is to provide meth- 
ods and means for powering transistor circuits entirely 
from radiofrequency energy abstracted from the atmos- 
phere. . 

Another object is to provide methods and means for 
powering remote radio receivers, low-powered radio trans- 
mitters, and other low-powered electrical devices, with 
energy received by radio from a master station, so that 
no local power supplies are needed by the devices and so 
that the powering or non-powering of the remote device 
is under the control of the master station, 

A further object is to provide methods and means for 
powering transistor circuits and other low-powered elec- 
trical devices with radiofrequency energy received from 
one or more remote radio transmitters, 
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Other objects, aspects, uses, and advantages of the in- 
vention will become apparent from the following descrip- 
tion and from the drawing. 

Figure 1 is a schematic diagram of a transistor radio 
receiver in which all necessary power is supplied by en- 
ergy abstracted from the atmosphere in accordance with 
the invention, 

Figure 2 is a schematic diagram showing a general ap- 
plication of the invention to provide direct-current power 
to a load. 

Figure 3 is a schematic diagram of a system for obtain- 
ing a high energy D.-C. source at a high voltage level 
using energy abstracted from the atmosphere. 

Referring to Figure 1, a receiving antenna 1 is con- 
nected to antenna coupling coils 2 and 3, the other ends 
of which are connected to ground. A parallel resonant 
circuit consisting of coil 5 and. capacitor 6 is coupled to 
coil 2, A second parallel resonant circuit consisting of 
coil 7 and capacitor 10 is coupled to coil 3. A third 
parallel resonant circuit consisting of coil 11 and capac- 
itor 12 is also coupled to coil 3. 

Coil 5 and capacitor 6 are tuned to the frequency of 
a radio transmitter from which it is desired to receive 
information—for instance, an amplitude-modulated stand- 
ard broadcast station. The signal received from this trans- 
mitter need not be strong. The signal is detected by diode 
15 to obtain an audio-frequency information signal. This 
audio signal is coupled through a capacitor 16 and is am- 
plified by a circuit that includes a transistor 17 having a 
base 20, an emitter 21, and a collector 22. The ampli- 
fied audio output of the transistor is coupled through an 
audio transformer 23 to an electroacoustical transducer, 
preferably a permanent-magnet dynamic loudspeaker 25 
as shown, 

The novelty of the invention lies largely in the method 
and means by which the necessary direct-current power 
is supplied to the emitter and collector circuits of transis- 
tor 17. This method and means will now be described. 

Coil 7 and capacitor 10, and also coil 11 and capacitor 
12, are tuned to receive radio signals of relatively high 
strength. It does not matter whether these signals con- 
tain information. These power signals are rectified by 
diodes 26 and 27 to provide direct-current power that is 
filtered by capacitors 30 and 31. The D.-C. power thus 
obtained is utilized to power the transistor 17, 

In the circuit shown, two tuned circuits (coil 7 and 
capacitor 10, and coil 11 and capacitor 12) are tuned to 
power signals and the D.-C. voltages obtained from each 
are connected in series. The tuned power circuits may 
be tuned to the same or different power signals. Under 
certain circumstances it may be desirable to use more 
than two tuned power circuits and to tune them to more 
than two power signals: in this way power can be obtained 
from several signals and combined. On the other hand, 
if a strong power signal is available, a single trned power 
circuit may suffice to give the needed D.-C. power. 

Even weak information signals can be received success- 
fully. A plurality of transistor amplifier stages can be 
used if desired, or other circuits such as superhetercdyne 
circuits can be used. It is merely necessary that a suffi- 
ciently strong power signal or signals be available to pro- 
vide the small amount of D.-C. needed to power the 
transistors. 7? ye 

If the information signal happens to be strong, it can 
be used as the power signal; all of the tuned circuits (coil 
5 and capacitor 6, coil 7 and capacitor 10, coil 11 and 
capacitor 12) are tuned to the information signal, | 

Engineers who have observed my invention in operation 
have been surprised at the unexpectedly good results ob- 
tained, even with readily available power signals of quite 
moderate strength. For instance, sufficient power for sat- 


isfactory operation of a loudspeaker at low volumes is 


2,813,242 


readily obtained .from.a 5-kilowatt standard -broadcast 
station 5 miles away, using only an indoor antenna to pick 
up the power signal as well as information signals. In 
typical operation under:these conditions .a-D.-C. voltage 
of about 2.5 to 3 “volts is obtained between ithe emitter 
and the collecter, at a current of about :250. microamperes; 
D.-C. power input: to the:transistor:is:thus-of the order 
of 0.5 to 1 milliwatt. So faras:I /am:aware, no one:has 
ever before discovered:and demonstrated ‘the:practicability 
of this method of powering a radio receiver. es 


Because existing: broadcast stations within a radius of- 


a number of miles «provide adequate ‘power signals, the 


invention is readily practicable with existing power ‘sig- 


nals in-almost any location in “or [near “any: city. :in “the 
United States. E 7 a A oe 
Although :1 :have described ‘a ‘transistor :radio receiver 


10 


4. os 

a range of many miles. This eliminates the need for 
hundreds or thousands, as the case may be, of local power 
supplies. At the same time, such a system has the advan- 
tage that all of the remote devices can be simultaneously 
activated or deactivated at the will of the master station, 
simply by starting or stopping the transmission of the 
power signal. In such systems it will often be advanta- 
geous to use power signals of frequencies sufficiently high 
to permit the use of resonant receiving antennas of small 
physical dimensions for signal. pickup at the remote de- 
vices. In addition to the power signal, the master station 
may transmit an information signal on the same or'a dif- 


| ferent carrier. e 


15 


powered by my invention, it will'be-readily ‘apparent that | 


the invention ‘is applicable to ‘the -powering ‘of any tran- 
sistor circuit using one or :a numberof ‘transistors, * and 
to the powering of other devices requiring telatively: small 
amounts of power. For instance, sensitive electrome- 
chanical, electrochemical, .or electrothermal: devices ca 

be operated by ‘the method ofthe invention. 


Referring to Figure 2, which shows: a‘more. general ëm- 
bodiment:of my invention, an antenna 35 “picks up:radio- : 


frequency energy from ‘the ‘a tmosphere. This energy 
flows through coil 36, which is coupled'to a-tuned circuit 
consisting of coil 37 and capacifor°49. The radiofre- 
quency “voltage across capacitor 49 is rectified by diode 


41 and filtered by a low-pass filter 46 consisting of capac- 


itors 42 and 44 and choke coil 45. 
voltage is applied toʻa load 45. | rr | 
In the practice of my invention, ‘larger. emounts of 


The:resulting D.-C. 


20 


- Certain types of devices powered entirely by received 
radio waves are of course well known. The well-known 
“crystal set” of the early days of radio, which used a diode 
rectifier to demodulate -an amplitude-modulated radio- 
frequency signal, is an outstanding example of such a de- 


vice. My invention is readily distinguishable from such 


prior devices, however. In typical prior devices a modu- 
lated radiofrequency signal is applied to a diode to obtain 
unidirectional half-wave pulses whose amplitudes vary 
with modulation. These pulses are integrated by means 
of a capacitor to obtain a unidirectional signal the ampli- 
tude of which follows the audiofrequency modulation en- 
velope. If the radiofrequency signal is received with 
sufficient strength the audio signal may have sufficient 


- power to operate headphones or similar utilization device 


30 


power can be obtained for short periods of time by stor- 


ing received energy in a suitable energy storage device. 
Stored energy may then be withdrawn at intervals at a 
more rapid rate than that at which it was received and 
put into the storage device. In this way the invention can 
be used to provide short pulses of relatively very -bigh 


electrical energy. This result can be readily obtained by 
charging a relatively large capacitor with direct current 


and then discharging the capacitor rapidly into a load 
when desired. This rapid discharge can be initiated auto- 


matically when the voltage across the capacitor reaches. 


a certain level, or it can be initiated when a transistor 
radio receiver receives a certain information signal. 
Higher voltages can be obtained with ‘the invention by 
“means of well known devices for raising D.-C. voltages 
as shown in Figure 3. The D.-C. voltage output from the 
capacitor 44 can be used to power a low ‘frequency: tran- 


sistor oscillator 52 whose A.-C. output is ‘raised to'a higher 


voltage level by the transformer 55. This relatively high 
A.-C. voltage can then be rectified by a diode 61 ‘and fed 
to a capacitor 64 to provide a high energy D.-C. source 
at a relatively high voltage level ‘at the terminals:69 and 


70. If desired, energy can now ‘be withdrawn from the | 
capacitor 64 at intervals in short pulses ‘of high energy 
at a high voltage level. Pulsed radio transmission is one - 


of the possible uses for this form of the invention. Other 
uses would be to provide a single relatively powerful pulse 
needed to actuate an electrothermal or electromechanical 
device. = © | | 
As has been indicated above, in many locations ¿nd 
particularly anywhere in or near ‘most American cities, 
power signals normally present in the atmosphere are 
` readily available for the easy and convenient practice of 
the invention. However, the invention also has important 
applications in systems in which the necessary -power sig- 
nal is generated and transmitted specifically for the opera- 
tion of the particular system. Such systems can, for ex- 
ample, comprise a master station transmitting- all the 
power that is needed for hundreds or thousands of fixed 
or mobile transistor receivers or other remote devices over 


35 


40 


45 


without power amplification; but the signal is utilized for 
its information content, rather than to supply non-infor- 
mation-containing power. - | 

My invention, on the other hand, entails the utilization 
of received radiofrequency energy to supply power to at 
least one pair of circuit points (across capacitor 31 in 
Fig. 1, for example), such circuit points requiring power 
solely for its power content and not for any information 
or modulation it may contain. In other words, my inven- 
tion entails the utilization of radiofrequency energy to 
supply power that would otherwise have to be supplied 
by batteries, generator, or other local power source. 
It will be apparent that the embodiments shown. are 
only exemplary and that various modifications can be 
made in construction and arrangement within the scope 
of the invention as defined in the appended claim. 

1 claim: o | 

An electrical device for obtaining a high energy D.-C. 
source at a high voltage level using energy abstracted. 


- from the atmosphere, said device comprising in combina- 


50. 


55 


60 


tion: resonant means for recéiving radio waves, first recti- 
fier means for converting said radio waves into first direct 
current energy, first capacitor means for storing said first 


direct current energy, an oscillator powered by said direct 


current energy, said oscillator producing an A.-C, output, 
transformer means for raising said A.-C. output to an in- 
creased voltage level, second rectifier means for convert- 
ing the A.-C. output of increased voltage level from said 


- transformer into second direct current energy, and second 


capacitor means for storing said second direct: current 
energy. E ý 
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Energy Projects 


Electrodynamic Tether Photos 


Deployment of the Tether Satellite 


Boom Deploy Initial Deploy 


Satellite Deployed 


Closeup of boom showing tether Close up of end of boom 
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Tether Break 


The tether deployed to one mile 


Shortly after the breakreak 
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The tether coils as it moves away from the Shuttle 
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The base of the tether boom. The area looks more like a Tesla Laboratory than the space shuttle hanger bay. 


After the Break 


The following three images are those displayed for the public showing the white specks that appearall around 
the tether after it has broken free. NASA calls these "dust and debris" particles, though Mission control in the 
audio portion of the videos state that they see a "lot of stuff swimming around" and that the tether is wider 
than expected. 
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If you compare these images to the ones we captured from a hard to find high resolution copy of the video on 
you will see a remarkale difference. The video is a must see. 


Video Clip 


Editors Note: This video has been removed several times by Youtube. Currently it is available again. If it does 
get removed again, email me and I can send you a copy as we have it on disk now. Contact me at 
This one is from the hand held Infrared Camera and is not as clear as the other one was 
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Comments: 

What is most interesting to note is that most of the video clips above are taken from this video, yet NASA does not show the video 
itself. The copy on Youtube is a transmission intercept copy. However the fact that the NASA info site DOES use those clips gives 
credibility to the video that it is indeed a NASA film - Zorgon 


Tethered Satellite System (TSS-1R) 
Source of Clips: NASA STS-75 Mission Pictures 


Kennedy Space Center STS-75 Mission Fact Sheet 


"Critters" from STS-75 


The Report After the Fact 


NASA/TP—2003-21228 
Low Earth Orbit Spacecraft Charging Design Guidelines 


Below are a few keynote excerpts from the PDF file. The entire 367 page document is available below for those 
with technically savy who want to read the entire paper... 


Excerpt 1: 

In the case of the TSS-1R tether, its 20 km length produced a maximum of about 3500 V potential between its most positive and 
negative ends, since it wasn?t oriented perfectly perpendicular to the velocity vector and the Earth?s magnetic field. A satellite at 
its upper end collected electrons, and an electron gun at the lower end emitted electrons to complete the circuit. When the electron 
gun was not in operation, a large resistance prevented the Shuttle from being biased thousands of volts negative of its surrounding 
plasma. However, there remained a large voltage between the tether lower end and the Shuttle orbiter. This enormous bias 
eventually led to a continuous arc on the tether (see The Continuous Arc, section 4.2.3.1 below), which broke, freeing the satellite 
and ending the experiment. During the arc, the satellite collected over 1 Amp of electron current to keep the arc going. Probe 
theory (Cohen et al, 19870010625 N) is usually used to calculate the total current collected by a wire with distributed potentials. 
However, before the break, TSS-1R demonstrated that a satellite at a high positive potential could collect an anomalously large 
electron current. See Zhang, et al (20000110580), Stone and Raitt (19990084046 and 20000025437), and Stone, et al (19980202347) 


Excerpt 2: 

Sustained arcs (continuous arcs) - These are the events that have been attributed with the destruction of on-orbit solar arrays. 
Generally, the process begins with a fast transient (a so-called trigger arc). Under some conditions, the transient develops into an 
arc that is fed directly by the entire array, effectively becoming a short-circuit. Such events invariably involve large quantities of 
energy and can be severely damaging to cells, interconnects or power traces. 
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Excerpt 3: 

Whe ce structure or array capacitance electrically connected to the arc site is sufficiently large, the initial transient arcs 
themselves can be large enough to produce significant damage. In Figure 9, we see an anodized aluminum plate that has undergone 
repeated arcing in the laboratory with the ISS structure capacitance attached. Its thermal properties have been completely 
destroyed, along with most of the insulating surface layer of aluminum oxide. 
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Excerpt 4: 

The most famous sustained arc event of all led to the breakage of the TSS-1R electrodynamic tether, and the loss of the attached 
satellite. The image below shows the burned, frayed and broken tether end still attached to the Shuttle after the break. 
Incidentally, the tether continued arcing long after it and its satellite were drifting free, until finally it went into 
night conditions where the electron density was insufficient to sustain the arc. Noel Sargent (2002) has investigated 
whether the TSS-1R arc was seen to disrupt Shuttle communications. Although he has found no record of disturbed communications 
during the event, for most of the time the arc was shielded by metallic structures from the communications antennas, and when the 
tether broke, the arc was many meters from the receiving antennas. It remains to be seen whether sustained arcs produce radio 
noise severe enough to be a communications problem. 


Comments: 

This is official confirmation that the tether continued to produce plasma energy long after it broke free, accounting for the 
"fluorescent bulb" glowing effect viewed after. We believe this concentrated collection of plasma energy is what attracted the 
"swarm" of "critters" to a "feeding frenzy" 


To get the full PDF file you can download LEO Charging Guidelines v1.3.1.zip 
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Tether Optical Phenomena Experiment (TOP) 


Using a hand-held camera system with image intensifiers and special filters, the TOP investigation will provide visual data that may 
allow scientists to answer a variety of questions concerning tether dynamics and optical effects generated by TSS-1R. In particular, 
this experiment will examine the high-voltage plasma sheath surrounding the satellite... 


In one mode of operation, the current developed in the Tethered Satellite System is closed by using electron accelerators to return 
electrons to the plasma surrounding the orbiter. The interaction between these electron beams and the plasma is not well 
understood... 


Associate Investigator: Stephen Mende, Lockheed Martin 


SOURCE 


The Report After the Fact 


The most famous sustained are event of all led to the breakage of the TSS-1R 
electrodynamic tether, and the loss of the attached satellite. Figure 3 shows the bummed, 
frayed and broken tether end still attached to the Shuttle after the break: Incidentally. the 


tether continued arcing long after it and its satellite were drifting tree, until finally it went 
mio wiht conditions where the electron density was insufbicient to sustain the are. 
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Figure $ — The end of the remainne [SS-1R tether 


It is thus possible that an astronaut, grounded to ISS by his tether or conductive tools. 
could undergo an are at only -S0 V, A sneak circuit analysis showed that such ares could put 
|1 Arp of current through an astronauts heart Since 0.1 Amp is enough to cause hear 
stoppage, I is imperative that if the 155 plasma contactors are inoperable during astronaut 
EV As, a method be used to prevent 198 astronaut workplaces from floating more than 50 V 
necative. 


For many ISS surfaces, peak are 
streneths of mundred; of Amps have been calenlated.. Ares this strong will melt the are site 


and spew molten metal through space. Plasma chamber tests of this kind of arcing are 
spectacular indeed! Arcs on one anodized surface have been seen to trigger aros on nearby 
line-of-sight surfaces. 


Finally, an are on an electrodynamie tether may become continmoos.. The infamous are 
on the TS5-1R tether that led to its break and the loss of the satellite Was a continas 
sustamedi aro with its power supplied by the tether. 
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Had TSS-1R used a tether of greater resistance, the 
threshold are current could not have been maintained, For example. a total tether resistance 
al ten thousaril obras would have hinted the are current bo less than 0.4 Arps, less than the 
sustained are threshold. Altematively, if the satellite electron collection capability had been 
limited to less than t+ Amp, the are could not have been sustained. Of course, these measures 
world have eer “sire hed the os OT ae tae that could E obtained try tether 


ol-oconcept. 


TEE T | HANA 


i i 
ae 


power svstem will nat are. 


Ionized pases can be emillel by plasma sources such as hollow cathode plasma 
contactors or from neutral gas sources at bigh positive potentials. Locally, the plasma 
density can be greater than the ambient plasma density and similar plasma interactions can 
occur with high voltage components. On ISS, the Plasma Contacting Units (PCUs), when 

inc, produce a a xeñoil a pama of much greater density than amien t has be 
ed that the invisible plasma ball produced is some eight meters dius be ore its 
density decreases below the ambient plasma density im LEO. Arcing mr current collection 


from such a plasma could occur in much the same way as with an ambient plasta, aoplying 
that solar arrays and other active sites should be kept out of mduced plasma plumes. 


Electrodynamic Tethers ~ Menu 
Critters ~ Critters 01 ~ Critters 02 ~ Critters 03 
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STS 75 TETHER INCIDENT 


Tether Deployed 
Tether Satellite being deployed from the Shuttle Bay of STS-75 


P139506 18" DAY:056 
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Tether Activated 


Tether Satellite begins to glow as it gathers electricity from the Ionosphere 
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Tether Breaks Free 


Tether Satellite cable fries the connection and breaks free... still producing energy. 
The glo w increases and the cable gets wider. ( More on this later) 


Tether Broke Free 
Tether Satellite worth 100 million has overloaded the circuits within minutes of being activated because the NASA 
Scientists under estimated the potential. The tether in just a few moments of operation produced 10 times the 
anticipated power and they forgot to install a circuit breaker. 


NOTES: 

Add "Critter" Portion 
Add Video 

Add FLV Viewer 


TETHER BROKEN FREE AND DRIFTING AWAY 


Source: Original Image NASA Cassini/ Huygens N00008771.jpg 
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[57] ABSTRACT 


The present invention comprises an electrodynamic tether 
structure and a method of use. The structure of the tether 
taught by the present invention is a short, wide, intercon- 
nected multiwire (compared to the long, narrow single wires 
of the prior art) conductive tether whose area maximizes 
electrodynamic drag while simultaneously minimizing the 
Area-Time-Product swept by the tether during its operating 
life. The preferred tether length is two kilometers to five 
kilometers. The preferred tether mass is one percent to five 
percent of the spacecraft mass. The method of operation 
comprises orienting the tether structure at an angle to the 
local vertical to maximize electrodynamic drag on the host 
spacecraft and minimize tether instability. The angle of 
35.26 degrees is preferred. 


26 Claims, 12 Drawing Sheets 
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FORCES AND TORQUES ON AN UPWARD DEPLOYED CONDUCTING TETHER DUE TO THE MOTION OF 
THE HOST SPACECRAFT THROUGH THE MAGNETIC FIELD OF THE EARTH. 
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ELECTRODYNAMIC TETHER AND 
METHOD OF USE 


TECHNICAL FIELD 


This invention relates generally to apparatus and methods 
useful for changing the state vector of a space object when 
the space object is moving relative to a magnetic field. More 
specifically, the present invention relates to an apparatus and 
method of using a conducting tether to produce an electro- 
dynamic force to deorbit a satellite from its orbit around a 
celestial body, such as the Earth, which has an associated 
magnetic field. 


RESERVATION OF RIGHTS 


This application is subject to certain rights of the U.S. 
government as a result of contracts between the U.S. gov- 
ernment and the inventors. 


BACKGROUND ART 


The present invention has its principal utility in outer 
space, primarily for deorbiting satellites at the end of their 
useful life to mitigate the harm and reduce the liability 
created by the proliferation of space debris. In order to 
obtain a better understanding of the present invention it is 
helpful to understand the prior art of space tethers, especially 
tether dynamics and tether electrodynamics. The present 
invention may be more readily understood through a review 
of the experimental prior art and a mathematical analysis of 
electrodynamic space tethers. 

Prior Art Tethers: 

A tether was originally a rope or chain used to fasten an 
animal so that it grazed only within certain limits. Tethers 
have been used for decades in space to attach astronauts to 
their spacecraft. 

In 1974 Professor Guiseppe Colombo, holder of the 
Galileo chair of astronomy at the University of Padua in 
Italy, proposed using a long tether to support a satellite from 
an orbiting platform. U.S. Pat. No. 4,097,010, which issued 
to Professor Colombo and Mario Grossi on Jun. 27, 1978, 
teaches a satellite connected by means of a long tether to a 
powered spacecraft. Colombo actively pursued the design of 
a tethered satellite system. 

Several NASA experiments, such as the two Small 
Expendable Deployer System (SEDS 1 & 2) experiments 
and the Plasma Motor Generator (PMG) experiment used 
tethers in space. SEDS used a nonconducting tether. The 
PMG used a 500-meter conducting tether. The Tethered 
Satellite System flights in 1992 and 1996 (TSS-1 & 1R) used 
a 20,000-meter conducting tether. 

On the TSS-1 mission the tether deployed only 260 meters 
(853 feet) before the deployer failed. On the TSS-1R the 
tether was deployed 19,500 meters. In the SEDS-2 flight, a 
0.8-mm diameter, 20,000-meter long braided single-line 
tether was deployed to study tether dynamics and lifetime. 
Orbital debris or a meteoroid severed this tether in less than 
four days. 

In the TSS-1R flight, the conducting single-line tether was 
severed after five hours of deployment. This failure was 
caused by an electric arc produced by the 3,500 volts of 
electric potential generated by the conductive tether’s move- 
ment through the Earth’s magnetic field. 

The Tether Physics and Survivability (TiPS) satellite 
consists of two end masses connected by a 4,000-meter long 
non-conducting tether. This satellite was deployed on Jun. 
20, 1996 at an altitude of 1,022 kilometers (552 nautical 
miles). Its tether is an outer layer of Spectra™ 1000 braid 
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over a core of acrylic yarn. The yarn will “puff” its outer 
braid to two millimeters to “give it a larger cross section to 
improve its resistance to debris and small micrometeoroids”, 
according to the National Reconnaissance Office (NRO), 
which is a sponsor of the TiPS mission. As of Jun. 21, 1997 
the TiPS tether had survived one year. 

References: 

1. Joseph A. Carroll, “SEDS Deployer Design and Flight 
Performance”, paper WSEDSA-1 at the 4” Interna- 
tional Conference on Tethers in Space, Washington, 
D.C., April 1995. 

2. James E. McCoy, et. al. “Plasma Motor-Generator 
(PMG) Flight Experiment Results”, pp.57-84, Pro- 
ceedings of the 4” International conference on Tethers 
in Space, Washington, D.C., April 1995. 

3. W. John Raitt, et. al. “The NASA.ASI-TSS-1 Mission, 
Summary of Results and Reflight Plans, pp. 107-118, 
Proceedings of the 4% International conference on 
Tethers in Space, Washington, D.C., April 1995. 

4. Joseph C. Anselmo, “NRO Orbiting Spacecraft Studies 
Tether Survivability”, Aviation Week, page 24, Jul. 1, 
1996. 

These experiments all used single line tethers. 

The following reference is illustrative of the current state 
of the art in space tethers: Paul A. Penzo and Paul W. 
Ammann. Tethers in Space Handbook—Second Edition. 
NASA Office of Space Flight, NASA Headquarters, 
Washington, D.C. 20546. See also the hundreds of refer- 
ences in the 33 page bibliography at the end of the hand- 
book. 

The “Hoytether”’™, an Improved, High-Reliability 
‘Tether: 

In 1991, one of the present inventors, Robert Hoyt, 
invented a lightweight net-like structure that provides many 
redundant load-bearing paths. A number of primary load 
bearing lines running the length of the structure are con- 
nected periodically by diagonal secondary lines. The dis- 
closed embodiment of this invention has the secondary lines 
firmly connected by knots to the primary lines. The second- 
ary lines are connected only to the primary lines. At either 
end of the disclosed structure, a support ring enforces the 
cylindrical spacing between the primary lines. The second- 
ary lines are designed with a small amount of slack. These 
secondary lines are only put under load if a primary line 
fails. This specific tether structure was disclosed to the 
public in 1992 (Forward, R. L., “Failsafe Multistrand Tether 
Structures for Space Propulsion”, AIAA paper 92-3214, 28” 
Joint Propulsion Conference, Nashville, Tenn., 1992 
(hereinafter “1992 Hoytether structure”). This structure was 
named a “Hoytether”. The term “Hoytether” is used 
throughout the remainder of this specification for this type of 
tether structure. 

The present invention uses an improved Hoytether, which 
was invented by the same inventors as the present invention. 
This improved Hoytether is the subject of a copending PCT 
application. The Hoytether is discussed briefly in this speci- 
fication to aid understanding of the present invention. 

The 1992 Hoytether design teaches that the normally 
slack secondary lines have half the cross-section (0.707 the 
diameter) of the primary lines. There are twice as many 
secondary lines as primary lines, thus the mass of the 
secondary lines is equal to the mass of the primary lines. In 
an undamaged Hoytether, the primary lines carry the entire 
load, while none of the secondary lines are under load. 

While the survival probability of a single-line tether 
decreases exponentially with time, the Hoytether can main- 
tain a high, 1.e. greater than 99 percent, survival probability 
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for periods of months or years (forward and Hoyt, “Failsafe 
Multiline Hoythther Lifetimes”, Paper AIAA 95-2890, 31° 
Joint Propulsion Conference, July 1995). 

References: 

1. Robert L. Forward, Failsafe Multistrand Tethers for 
Space Propulsion, Forward Unlimited, P.O. Box 2783, 
Malibu, Calif. 90265, July 1992, Final Report on 
NASA Contract NAS8-39318 SBIR 91-1 Phase I. 

2. Robert L. Forward and Robert P. Hoyt, Failsafe Mul- 
tistrand Tether SEDS Technology Demonstration, Final 
Report on NAS8-40545 with NASA/MSFC (Jun. 14, 
1995). 

3. Robert L. Forward and Robert P. Hoyt, “High Strength- 
to-Weight Tapered Hoytether for LEO to GEO Payload 
Transfer” Final Report on contract number NAS8- 
40690 with NASA/MSFC (Jul. 10, 1996). 

The Hoytether is essentially a tri-axial net structure, with 
‘primary’ lines running along the length of the tether and two 
sets of ‘secondary’ lines connecting these primaries diago- 
nally. They can be made by hand and connected with knots 
as is taught by the 1992 Hoytether structure. Because 
knotted connections severely limit the strength of a 
structure, it is desirable to use a knotless fabrication tech- 
nique to achieve interconnections that have strengths 
approaching the limits of the constituent material. As these 
tethers may be many kilometers long; fast and inexpensive 
mechanical methods are required for their practical fabrica- 
tion. 

Hoytethers may be made by mechanical braiding, 1.e. 
three-dimensional braiding, such as 3-D rotation braiding 
using braiding machines such as those developed by the 
Herzog Company in Germany (August Herzog Maschinen- 
fabrik GmbH & Co., Postfach 2260.26012, Oldenburg, 
Germany. The specialized loom developed by the Nichimo 
Company of Japan (Nichimo Company Ltd., 2-6-2 
Ohtemachi, Chiyoda-Ku, Tokyo, Japan) is used to produce 
“Ultracross” knotless fishing nets in which the individual 
strands are braided as a 4-braid line, and the strands are 
interbraided where they cross. This produces netting that has 
slipless interconnections that are very strong, approaching 
the maximum capability of the fiber. Such a loom could, 
with some modifications, produce the present invention’s 
structure. Only two such machines exist, one in Japan, the 
other in Washington State. Unfortunately neither can work 
with the small line diameters needed to practice the pre- 
ferred embodiment of the present invention. See generally, 
Ko, F. K., “Braiding”, in Engineered Materials Handbook, 
Vol. 1., Composites. ASM International, Metals Park, Ohio, 
1957. Pp. 519-528. 

The most common 3-dimensional braiding machines are 
4-step braiders based upon the designs of Maistre (German 
Patent P230-16986, issued 1973) and Forentine (U.S. Pat. 
No. 4,312,261, issued 1982). Braiding is accomplished by 
using pneumatics or solenoids to push the parts of the 
braiding machine to the proper positions. This is a slow 
process and making a Hoytether kilometers long with these 
machines would be very time consuming and expensive. The 
composites division of Albany International (Albany Inter- 
national Research Company, 777 West Street, Mansfield, 
Mass.) also produces a 3-D braiding machine. This machine 
uses modular braiding components that arc assembled 
breadboard fashion on a large wall. 

Although braiding is the preferred technique, alternate 
fabrication methods such as Raschel knitting and crocheting 
can be used successfully. Multikilometer long Hoyththers 
are presently being produced for the inventors by the ven- 
dors Culzean Fabrics and Flemings Textiles using an elec- 
tronically controlled crochet machine produced by Comez in 
Italy. 
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Space Tether Systems: 

The prior art teaches the use of tethers in space applica- 
tions. U.S. Pat. No. 5,163,641, issued on Apr. 9, 1990 to 
Yasaka, teaches the use of a powered spacecraft connected 
by a tether to a satellite. This tether is disconnected to 
change the state vector of the satellite. The state of the art of 
energy and momentum transfer using space tethers is dis- 
cussed in Ivan Beckey’s article “Tethering, a new Technique 
for Payload Deployment”, Aerospace America, March 1997, 
at pages 36-40. Beckey concludes, “Tethers can perform the 
same functions as propulsive upper stages of direct payload 
injection, but at lower weight and cost per pound.” U.S. Pat. 
No. 4,923,151, issued Mar. 1, 1988 to Roberts, Wilknson 
and Webster, teaches a tether power generator for earth 
orbiting satellites. U.S. Pat. No. 4,580,747, issued Mar. 15, 
1983 to Pearson, teaches use of a long tether extending 
downward into the atmosphere from a satellite. The state 
vector of the satellite is changed by forces acting on a lifting 
body connected to the end of the tether. U.S. Pat. No. 
4,824,051, issued Jan. 12, 1987 to Engelking, teaches pass- 
ing an electric current through a conductive tether attached 
to a satellite to provide propulsive force to alter the orbit of 
the satellite. U.S. Pat. No. 5,082,211, issued Jan. 21, 1992 to 
Werka, teaches use of a tether to deorbit space debris. U.S. 
Pat. No. 4,727,373, issued Mar. 31, 1986 to Hoover, teaches 
an orbiting stereo imaging radar system having two space- 
craft in synchronous parallel orbits connected by a tether. 
Tether Dynamics: 

In order to understand the forces that cause a tethered 
satellite to move upward and away from an orbiting satellite, 
for example, it is first necessary to explain briefly how a 
satellite remains in orbit. An orbiting satellite is acted on by 
the force of gravity which pulls it toward Earth, and by a 
centrifugal force, which pushes it away from Earth. The 
centrifugal force” (actually inertia) results from the motion 
of the satellite around its circular orbit. This is the same 
force that one can experience by swinging a ball around on 
the end of a string. A satellite is maintained in its orbit when 
it travels at the natural speed for its altitude and, as a result, 
the centrifugal force is equal to the gravitational force. 

At the typical orbital altitude of 250 kilometers for a 
low-Earth orbit satellite, for example, a speed of approxi- 
mately 7.6-km per second is required to create sufficient 
centrifugal force to balance gravitational attraction on the 
satellite. If the altitude is changed, the two opposing forces 
will no longer be in balance unless the satellite also changes 
its speed. A higher orbital altitude requires a slightly lower 
speed so the satellite will take longer to complete an orbit. 
Because of this, if two free-flying satellites are in orbits at 
different altitudes, the lower satellite will circle the Earth in 
less time than the satellite in the higher orbit. 

If two satellites, at different altitudes, are connected to 
each other by a tether, they are forced to travel around their 
orbits together—in the same period of time, which is longer 
than the natural period of the lower satellite but shorter than 
that of the upper satellite. The lower satellite will, therefore, 
slow down below the natural speed for its orbit and will tend 
to fall to a lower orbit because the centrifugal force will now 
be less than the gravitational attraction of the Earth. An 
upward force in the tether that makes up the difference 
between centrifugal and gravitational forces holds it in 
place, however. 

Correspondingly, the upper satellite will be accelerated 
above its natural orbiting speed (increasing its centrifugal 
force above the gravitational attraction) and will tend to 
move to a higher orbit. It, too, is held in place by an 
additional force (downward) in the tether. In other words, 
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the net force downward on the lower satellite is balanced, 
through the tether, by the net force upward on the upper 
satellite. The effect of unbalanced forces on the two satellites 
is, therefore, to create tension in the tether. During the TSS-1 
& 1R experiments, the inertia of the tethered satellite causes 
the satellite to rise above the orbiter as the tether is reeled 
out. Very close to the orbiter, there is little difference in the 
two orbits, and the tension force is insufficient to overcome 
friction in the deployer mechanism; therefore, until the 
satellite reaches a separation of approximately 1000-meters, 
the tension is augmented by small tether-aligned thrusters on 
the satellite. Beyond this point, the tension in the tether is the 
only force required. 

By experimenting with a ball hung on a piece of elastic 
cord (a paddleball, for example) it is possible to simulate all 
the different types of oscillations that are possible on a 
space-based tether system. The elastic cord, representing the 
tether, may compress and stretch, causing the ball to bounce 
up and down (longitudinal oscillation). It also may move in 
a circular (skip-rope) motion or may develop wave-like 
motions (transverse oscillations). Even if the string itself 
remains straight, it is possible to get the ball swinging back 
and forth about its attachment point on the paddle like a 
child on a swing rope (pendulous motion). 

Each type of motion occurs with a particular frequency, 
which depends on the length and tension of the tether. When 
the frequencies are different, the motions do not interact; 
however, at some tether lengths, the frequencies of two or 
more types of oscillation can become very close. At this 
point, energy can be transferred from one type of motion to 
another, a phenomenon known as resonance. For instance, 
the transverse oscillations in the tether may cause the 
satellite to swing back and forth in pendulous motion. 

Many different factors may cause oscillations; the move- 
ments of the satellite or Shuttle are but two of these. For an 
electrodynamic tether, the skip-rope and pendulous oscilla- 
tions are of particular interest. If a current is passed through 
a tether, the current will interact with Earth’s magnetic field, 
resulting in a force that may produce skip-rope and pendu- 
lous oscillations. Because it is necessary to maintain control 
of the satellite, much study has gone into identifying the 
different types of possible motions and the methods used to 
control them. 

One way to control the magnitude of those motions that 
cause a change in tension or transverse motion at the end of 
the tether is to have an end mass connected to the Hoytether 
that maintains a controlled tension on the tether, working 
much like a spring-loaded ‘dog leash’. This may be as 
simple as a coiled spring, or as complex as an active control 
system that measures the tension and transverse forces on 
the tether and adjusts the applied tension according to a local 
or remotely operating algorithm. 

Electrodynamic Effects of Conductive Tethers: 

Electric potential is generated across a conductive tether 
by its motion through the Earth’s magnetic field. Electro- 
magnetic forces acting on a conductive tether in orbit can 
make the tether system behave like an electric motor or 
generator, thereby exerting a useful force to alter the state 
vector of the tether and any mass attached to it. 

Electrodynamic tether propulsion is unlike most other 
types of space propulsion in use or being developed for 
space application today—there is no hot gas expelled to 
provide thrust. Instead, the environment of near-Earth space 
is being utilized to propel a spacecraft or upper stage via 
electrodynamic interactions. 

A charged particle moving in a magnetic field experiences 
a force that is perpendicular to its direction of motion and the 
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direction of the field. When a current flows through a long, 
conducting tether the electrons flowing through the tether 
experience this force due to the fact that they are moving 
along the wire in the presence of Earth’s magnetic field. This 
force is transferred to the tether and to whatever the tether 
is attached (like a spacecraft, satellite, space station or upper 
stage). It can be an orbit-raising thrust force or orbit- 
lowering drag force, depending upon the direction of current 
flow. Operation in one mode allows boost from LEO to 
higher orbit while reversing the current flow provides nega- 
tive thrust for deboost. The principle is much the same for 
an electric motor; reverse its operation and it acts as a 
generator. The current passing through the tether is returned 
through the ionosphere to complete the current loop with 
collection and emission occurring on opposite ends of the 
tether. 

The PMG experiment demonstrated that a conducting 
tether can be used as both a motor and a generator. The TSS 
experiments, especially TSS-1R showed that very large 
voltages (about 3500 volts) can be generated by a suffi- 
ciently long tether. 

Uses of an electrodynamic tether as an orbit raising and 
lower propulsion system has many advantages over com- 
peting systems: 

a. It is nearly propellantless. Most other systems expel hot 
gases and require extensive resupply. To emit current, 
the electrodynamic tether propulsion system may use 
plasma contactors developed as a part of the Interna- 
tional Space Station Program. These contactors con- 
sume less than 20 kg of xenon gas per year with a 50% 
duty cycle. The electrodynamic tether propulsion sys- 
tem can also use field emitter arrays, which emit 
electrons without the use of any gas. 

b. It can change both altitude and inclination. The Earth’s 
magnetic field is non-uniform and can therefore pro- 
vide both in- and out-of-plane forces for inclination 
changes as well as altitude changes. This is of particular 
interest to payloads requiring polar orbits in that they 
can be launched on a small launch vehicle into a lower 
inclination orbit and have it raised in space by the 
proper phasing of current through the tether. 

A demonstration of the propulsive capabilities of electro- 
dynamic tethers was recently approved for a flight test in 
1999. The Propulsive SEDS or ProSEDS mission, will fly as 
a secondary payload on a Delta II launch vehicle and deploy 
a 5-km conducting tether using the existing SEDS deployer 
concept. The ProSEDS experiment will be followed by the 
Electrodynamic Tether Upper Stage (EDTUS) experiment 
that will demonstrated the use of electrodynamic forces to 
change both the altitude and inclination of the experimental 
spacecraft. FIGS. 1B and 1C show the calculated electro- 
dynamic thrust at several inclinations and the reentry time 
sensitivity of the ProSEDS tether, respectively. 

One application for long-life conducting electrodynamic 
tethers is as a “Terminator Tether™” for removing from 
orbit unwanted Earth orbiting spacecraft at the end of their 
useful lives. When the mission of the satellite is completed, 
the Terminator Tether™, weighing a small fraction of the 
mass of the satellite, would be deployed. The electrody- 
namic interaction of the conducting tether with the Earth’s 
magnetic field will induce current flow in the tether con- 
ductor. The resulting energy loss from the heat generated by 
the current flowing through the ohmic resistance in the 
conducting tether will remove energy from the spacecraft, 
eventually causing it to deorbit, thus reducing the amount of 
orbital space debris that must be coped with in the future. 

In the following analysis, it is shown that the amount of 
energy loss generated by an electrodynamic tether is essen- 
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tially independent of its length or area, and instead 1s 
primarily proportional to the tether mass and the physical 
properties of the conductor metal chosen. In the typical 
example calculated, a 1000-kg spacecraft can be deorbited 
from a 1000-km high Earth orbit by a 10-kg mass tether in 
a month, while a 1-kg tether can deorbit a 1000-kg space- 
craft in less than a year. 

To the knowledge of the inventors, Joseph P. Loftus of 
NASA/JSC first proposed the general concept of using an 
electrodynamic tether to deorbit spent satellites. (Joseph P. 
Loftus <JLoftus@ems.jsc.nasa.gov>, personal communica- 
tion via email to Robert Forward, Monday Jun. 10, 1996 
15:50:10.) In order to show that the Loftus deorbit concept 
was not obvious to those skilled in the art of electrodynamic 
tethers, Forward contacted the leading expert, Joseph 
Carroll, of Chula Vista, Calif., who built and participated in 
the flight test of the PMG. After being told of the Loftus 
concept in a telephone conversation, his reply in an Email 
message dated Aug. 5, 1996, was “such a system would be 
feasible .. . by it is still not obvious to me that it would be 
useful...” 

Loftus was considering the use of electrodynamic drag 
from a conducting tether to achieve this goal of bringing the 
unwanted spacecraft down from its high orbit (where atmo- 
spheric drag is negligible) to a 200-km orbit, where atmo- 
spheric drag would rapidly finish off the task of removing 
the unwanted spacecraft from orbit. The tether Loftus was 
considering was a single-line, conducting tether, typically 
1-mm in diameter, 1-km long, and, if made of aluminum, 
2-kg in mass. He would include means at the ends of the 
tether to contact the ambient space plasma around the Earth 
to complete the current loop. 

Unfortunately it is probable that space impactors would 
sever the 1-mm diameter, 1-km long single-line tether 
proposed by loftus within a 1/e lifetime of four months. This 
would produce orbital debris rather than removing it. The 
motivation for this work is the NASA Safety Standard NSS 
1740.14 “(Guidelines and Assessment Procedures for Lim- 
iting Orbital Debris.” The relevant portion of the Standard 
starts on page 6-3: General Policy Objective-Postmission 
Disposal of Space Structures. Item 6-1: “Disposal for final 
mission orbits passing through LEO: A spacecraft or upper 
stage with perigee altitude below 2000 km in its final orbit 
will be disposed of by one of three methods.” The method 
of interest is the atmospheric reentry option, Option a: 
“Leave the structure in an orbit in which, using conservative 
projections for solar activity, atmospheric drag will limit the 
lifetime to no longer than 25 years after completion of 
mission. If drag enhancement devices are to be used to 
reduce the orbit lifetime, it should be demonstrated that such 
devices will significantly reduce the area-time product of the 
system or will not cause the spacecraft or large debris to 
fragment if a collision occurs while the system is decaying 
from orbit.” 

The NASA standard applies only to NASA spacecraft and 
even then only to completely new spacecraft designs. New 
versions of existing designs are to make a “best effort” to 
meet the standard, but will not be required to change their 
design to do so. The Department of Defense has adopted the 
NASA standard with the same provisos. An Interagency 
Group report has recommended that the NASA standard be 
taken as a starting point for a national standard. It is NASA’s 
recommendation to the Interagency Group that the safety 
requirement be phased in only as spacefaring nations reach 
consensus internationally, which is being done through the 
International Debris Coordination Working Group whose 
members are Russia, China, Japan, ESA, UK, India, France, 
Italy, and the US. 
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Thus, although the NASA Safety Standard in its present 
form is not the “Law”, the existence of the standard means 
that some time in the future a similar requirement may be 
imposed on all spacecraft. This could result in major growth 
in future space tether business, with a sale to every non- 
geostationary spacecraft being “mandated” by government 
safety regulations, somewhat as the sale of seat belts and 
airbags for every car are mandated. 

In fact, three of the companies planning to set up “con- 
stellations” of low to medium orbit communications: 
Teledesic, Iridium and Odessey have committed their com- 
panies to abide by the spirit of NASA Safety Standard 
1740.14 by using one means or another to deorbit their 
spacecraft before they reach end of life. 

Problems with Prior Art Tethers: 

All electrodynamic tether designs proposed by the prior 
art teach that the tether should be operated at a right angle 
to the magnetic field through which the tether is moving. 
This is a problem because the electrodynamic force acting 
on the tether causes the tether to align itself with the 
magnetic field force lines. To overcome this problem the 
prior art teaches the use of a large ballast mass attached to 
the end of the tether and/or use of a very long (tens to 
hundreds of kilometers) tether. The large ballast mass is 
expensive to take to orbit because it replaces useful payload. 
The long tether sweeps a larger Area-Time-Product during 
its useful life and thus is more likely to impact other space 
objects, either debris or another spacecraft. 

Another problem common to all proposed prior art tethers 
is tether instability. If the tether produces a large electrody- 
namic drag force, which is desirable because a large drag 
force will cause the satellite to deorbit quickly, then the 
tether will be dynamically unstable. This instability can 
cause the tether to lose its effectiveness, act uncontrollably 
and even wrap around the satellite or otherwise malfunction. 
Experts skilled in the art of tether design have opined that 
this dynamic instability is inherently unavoidable in any 
electrodynamic tether system. The prior art solution, such as 
that presently being used in the ProSEDS experiment, has 
been to use a large ballast mass to increase the stabilizing 
eravity-gradient force and/or to limit the electrodynamic 
drag of the tether to less that the maximum that could be 
produced. In the ProSEDS experiment, the conducting elec- 
trodynamic tether is five kilometers long. To insure stability, 
it will be augmented by a 20-35 kilometer long non- 
conducting tether, which to further have stability will have 
a 40 kilogram ballast end mass. 

Yet another problem of all proposed prior art electrody- 
namic tether systems is how to radiate away the energy 
produced by the tether’s operation. A satellite moving at an 
orbital velocity of 18,000 miles per hour has a kinetic energy 
of over 10,000 calories per gram. To put this amount of 
energy in an understandable perspective, it may be noted 
that when nitroglycerine explodes it produces about 1,500 
calories per gram. Prior art designs of electrodynamic drag 
tethers teach the use of the electrical energy generated by the 
tether to charge batteries or operate electronics, with the 
excess energy being converted into heat by a resistive load. 
This excess heat must be radiated to the space environment 
or it will melt the resistive load. Thus the resistive load, 
and/or its associated radiator structures, must be massive 
and replace useful payload. 


DISCLOSURE OF THE INVENTION 


The present invention comprises an electrodynamic tether 
structure and a method of use. The principal industrial utility 
of the present invention is to deorbit satellites in Earth orbit 
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at the end of their useful life. This embodiment of the present 
invention is sometimes referred to in this specification as a 
“Terminator Tether™” because it terminates the orbital 
lifetime of the host spacecraft. The structure of the tether 
taught by the present invention is a short, wide, 
interconnected-multiwire (compared to the long single wires 
of the prior art) conductive Hoytether whose area maximizes 
electrodynamic drag while simultaneously minimizing the 
Area-Time-Product swept by the tether during its operating 
life. The preferred tether length is two to five kilometers. 
The preferred tether mass is one to five percent (1%-—5%) of 
the spacecraft mass. The method of operation comprises 
orienting the tether structure at a 35.26-degree trailing angle 
to the local vertical to maximize electrodynamic force on the 
tether while avoiding tether instability and allowing use of 
a small tether end mass. 


The present invention also teaches that the satellite-tether 
system may be rotated around its common center of mass to 
centrifugally produce tension force in the tether structure to 
oppose forces causing tether instability. The angle of the 
conductive tether structure of the present invention with 
respect to the velocity vector of the host spacecraft may be 
controlled by the method of the present invention so it 
interacts with the encountered magnetic field to induce a 
maximum current flow in the tether. This produces maxi- 
mum electrodynamic drag. All or a portion of this electric 
power may be stored and then controllably applied to the 
conductive tether to produce an induced electrodynamic 
force. This induced electrodynamic force may by used to 
enhance the drag force, to rotate the tether-satellite system 
and/or to provide satellite propulsion, 1.e. to change the state 
vector of the satellite for any useful purpose, e.g. to avoid 
collision or to change the host spacecraft’s orbit to an orbit 
more favorable for more rapid deorbiting. 


The present invention also teaches a tether structure that 
also functions as a thermal radiator and/or plasma contactor. 
An embodiment of the present invention using conducting 
elements of the satellite, e.g. the solar arrays, as electrody- 
namic tether structures is also disclosed. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The present invention may be better understood with 
reference to the following drawings: 


FIG. la is a graph comparing the survival probability of 
a single line tether as taught by the prior art to the Hoytether 
used by the present invention. 


FIG. 1b is a graph showing the level of electrodynamic 
thrust for a 10 kilometer, 10 kilowatt tether at various 
altitudes and inclinations. 

FIG. 1c is a graph showing reentry time sensitivity of a 
five kilometer ProSEDS tether for several conditions of 
current flow in the electrodynamic tether. 

FIGS. 2a, 2b and 2c show the Hoytether structure used by 
the preferred embodiment of the present invention. 

FIG. 2d shows the Hoytape structure used by the preferred 
embodiment of the present invention. 

FIG. 3 is a block electrical diagram of an electrodynamic 
tether system. 

FIG. 4 is a graph showing a graph of the Area-Time 
product for three separate levels of exospheric temperature 
(for neutral drag calculations) and for two separate assump- 
tions regarding tether mass and power drawn from the 
ambient plasma (for the Terminator Tether™ calculations). 

FIG. 5 is the percent additional mass required in orbit to 
drop the perigee of a circular orbit at altitude, at, to a value 
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of 200 kilometers using standard chemical rocket as taught 
by the prior art for deorbiting unwanted spacecraft. 


FIG. 6 is a deorbit tether system shown operating with its 
electrodynamic tether at a trailing 35.26-degree angle to the 
encountered magnetic field, as is taught by the preferred 
embodiment of the present invention. 


FIG. 7 shows an embodiment of the present invention in 
which the electrodynamic tether—satellite system is rotated 
about its center of mass to avoid tether instability. 


FIG. 8 shows an embodiment of the present invention 
wherein the tether is powered to provide induced electro- 
dynamic force. 


FIG. 9 shows an embodiment of the present invention 
wherein the solar power system structure of the satellite is 
used as an electrodynamic tether. 


FIG. 10 shows the use of a portion of the tether structure 
as a thermal radiator and plasma contactor. 


FIG. 11 shows the braiding of an ohmic resistive load into 
the tether structure. 


FIG. 12 is a force diagram showing the forces and torques 
on an upward deployed conducting tether due to the motion 
of the host spacecraft through the magnetic field of the 
Earth. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


The principal industrial utility of the present invention is 
the deorbiting of satellites in Earth orbit, which necessarily 
can happen only in outer space. Until the present invention 
is reduced to actual practice by use with satellites in outer 
space and a body of practical experience is thereby obtained, 
the present invention can only be constructively reduced to 
practice, such as by this written specification and its asso- 
ciated drawings, diagrams and graphs and by reference to 
electric measurements made on conducting tethers in space 
by the PMG and TSS experiments. The inventors provide 
herein a detailed discussion of the theory of the present 
invention to help those skilled in the art of aerospace and 
tether engineering to understand the present invention and to 
make and use the best embodiment of the present invention 
known to the inventors at the time this specification was 
prepared, without undue experimentation. 


Although the present invention is discussed in this speci- 
fication in its preferred embodiment as a means of deorbiting 
satellites, it must be emphasized that discussion of this 
specific use in no way limits the broad scope of the present 
invention. The present invention can be used to change the 
direction and speed, i.e. the state vector, of any space object 
providing that object is in motion relative to any magnetic 
field. This magnetic field may be that of the Earth or of any 
other celestial body, for example Jupiter or the sun. 


In this specification the material forming the structure of 
the electrodynamic tether is specified as being a conductor. 
For example, a metal, such as copper or aluminum wire 
could be used. Likewise, nonmetallic conductor, such as 
carbon nanotubes, or a conductive polymer could form the 
conductive structure of the tether. 

FIG. 1a shows the survival curve for a Hoytether as used 
by the present invention vs. the survival curve of a prior art 
single line tether. The survival probability curve of the 
Hoytether as a function of time does not conform to the well 
known “1/e decay” shape of a single-line tether. The 
Hoytether can maintain a high level of survival probability, 
about 99 percent, until it nears its ‘lifetime’. Its survival 
probability then drops rapidly to zero. A detailed mathemati- 
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cal analysis of the difference between Hoytether and single 
tether survival probabilities is given in Appendix E “Small 
Impactor Survival Probabilities of Hoytethers” and Appen- 
dix F “Large Orbital Debris Survival Probabilities of 
Hoytethers”, both contained in the Final Report of NASA 
Contract NAS8-40545. The resulting cut probability with 
time for the Hoytether has a “bingo curve” shapes. In a bingo 
game, at least five numbers must be called before anyone 
can win, and usually many numbers have to be called before 
one of the bingo cards gets five in a row. In the Hoytether 
at least four cuts must happen at the same level before any 
failure occurs, and many cuts have to be made before any 
one of the levels has all four lines cut. The bingo curve has 
the property that the probability of survival stays very high 
for periods short compared to the lifetime. The probability of 
survival is greater than 99% for periods shorter than 10% of 
the lifetime. This is much better performance than the 1/e 
curve of a single line tether, where the probability of survival 
is only 90% at 10% of the 1/e lifetime. 

FIG. 1b shows the calculated level of electrodynamic 
thrust, in Newtons, produced by a ten kilowatt, ten kilometer 
single conductor tether at altitudes between 200 and 1400 
kilometers and at orbital inclinations between zero degrees 
and eighty degrees. 

FIG. 1c is a graph showing the reentry time sensitivity 
calculated for a five kilometer ProSEDS single conductor 
tether at altitudes between 200 and 500 kilometers with 
current flow in the tether between on flow and one ampere. 

FIGS. 1b and 1c are the work of Enrico Lorenzini of the 
Smithsonian Astrophysical Observatory from his study 
“Performance Evaluation of the Electrodynamic Tether 
Tug”, NASA/MSFC Grant NAG8-1303 (Nov. 12, 1966). 
They show that experts in the field believe that the present 
invention will have industrial utility, as the current flow of 
one ampere in FIG. Ic decreases the deorbit time for the 
calculated case from more than 180 days to less than 20 
days. 

FIG. 2a is an isometric drawing showing the generally 
cylindrical structure of the Hoytether. In FIG. 2a, primary 
lines 201 and 203 are shown connected via secondary lines 
211. In FIG. 2b, which is a schematic illustration of the 
structure shown in FIG. 2a, primary lines 201, 203, 205, 207 
and 209 are connected, each to their respective adjacent 
primary lines, by a plurality of secondary lines 221. These 
connections, for example as shown at interconnection 213, 
are made by knotless, slipless interconnections, such as 
Soutache braiding of twisted connections. 

FIG. 2c shows the Hoytether structure of FIG. 2b but with 
a severed primary line 205 at breakpoint 215. The second 
level of secondary lines 217, shown as bold lines in FIG. 2c, 
redistribute the load from the severed primary line 215 at 
point 217 back to line 215 at points 219 and 221, above and 
below the break, respectively. 

For the electrodynamic tether, a preferred embodiment 
would be to unroll the tubular Hoytetherr™ into a flat 
Hoytape™ as shown in FIG. 2d. 

FIG. 3 generally shows the arrangement of functional 
elements of an electrodynamic tether system. Of course such 
a system must have a means of attachment to the spacecraft, 
a deployer, the tether itself, some form of space plasma 
cathode contactor, some form of space plasma anode 
contactor, a power dissipation system, and a communication 
and control system. Each of these individual elements are 
known in some form to those skilled in the art of aerospace 
engineering. Thus the present inventors do not feel it is 
necessary to describe them in detail in this specification. 
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In FIG. 3, a space object 301, i.e. a satellite in Earth orbit, 
or any other space object either natural or man made, is 
physically connected to the tether system. The tether system 
comprises a deployer 303 from which a conductive 
Hoytether 305 having a bare segment 307 extends upward 
from space object 301. The positively biased anode end 309 
of tether 305 collects electrons from the ionosphere as space 
object 301 moves in direction 310 across the Earth’s mag- 
netic field. These electrons flow through the conductive 
structure of the Hoytether to the power system interface 311, 
where it supplies power to an associated load, not shown. 
The electrons then flow to the negatively biased cathode 313 
where electrons are ejected into the space plasma 315, thus 
completing the electric circuit. 

In order to allow those skilled in the art to better appre- 
ciate the broad scope of the present invention, the inventors 
will now provide an example using specific tether and 
system values to compare the Terminator Tether™ to prior 
art means, ie a rocket, for deorbiting a satellite. 
Terminator Tethers ™: 

When an Earth orbiting conducting space tether moves 
through the magnetic field of the Earth, an electric field is 
generated in the tether that is proportional to the velocity of 
the conductor, the magnetic field strength of the Earth, and 
the angle between the conducting tether and the magnetic 
field lines. From data obtained during the various electro- 
dynamic experiments that have been conducted in space to 
date, such as the PMG, TSS-1, and TSS-1R experiments, a 
typical value of the generated emf per unit length of tether 
of E=100-200 Volts/kilometer can be assumed. The electric 
potential V developed at the ends of a tether of length L is 
then V=EL. For a tether of length L=10 km, the electric 
potential developed is V=1000 V. For calibration, the 20-km 
long TSS-1R tether, at the moment of failure, was develop- 
ing a potential of 3500 volts, which is 175 volts/km. 

The mass of a conducting tether of length L, cross- 
sectional area A, and densin, d is given by m=dLA. Typical 
values for the density are d=2700 kg per cubic meter for 
aluminum and 8900-kg per cubic meter for copper. For a 
typical aluminum tether of mass m=10 kg and length L=10 
km, the cross-sectional area will be A=0.37 mm squared. If 
this were a solid-wire single-line tether, the diameter of the 
wire would be D=0.69 mm (21.5 gauge). If this were an 18 
line tubular Hoytether, the diameter of the lines in the 
Hoytether would be D=0.16 mm (34 gauge). 

The resistance of a conducting tether of length L and 
cross-sectional area A is given by R=rL/A, where r is the 
resistivity of the conductor in nano-ohm-meters (n£2-m). 
Typical values for the resistivity are r=27.4n@2-m for alu- 
minum and 17.0 -nQ-m for copper. For the m=10 kg 
aluminum tether of length L=10 km and cross-sectional area 
A=0.37 mm squared at 20 degrees C, the end-to-end resis- 
tance is 750 Q2. This value of resistance is the essentially the 
same whether the conductor area is concentrated into a 
single-line tether or divided up into many lines as in a 
multiline Hoytether. 

The current I generated in the conducting tether by the 
electric potential V between the ends of the tether applied 
across the tether resistance R is I=V/R. For the 10 kg mass 
aluminum tether of length L=10 km, electric potential 
V=EL=1000 volts, and resistance R=750 Q the current is 
I=V/R=1.33 Amps. Currents near these values were mea- 
sured in the TSS-1R experiment at the time of failure. At the 
time of failure of the TSS-1R tether, none of the plasma 
contactors on the Space Shuttle or the Italian Satellite were 
operating. Thus the current was being collected by the 
conductive surface area of the Space Shuttle and the Italian 
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Satellite at the two ends of the tether. The Space Shuttle area 
is quite large, so it was not the limiting factor in current 
collection. The diameter of the Italian Satellite was 1.6 m, 
which would give it an effective plasma contact area of 
about 8 square meters. This shows that, if the plasma contact 
area of the ends of a conductive space tether can be make 
large enough, then ampere level currents can be extracted 
from the ambient space plasma without the use of space 
plasma contactors. 

The power dissipated as ohmic heating in the tether is 
given by P=IE. For an aluminum tether of mass m=10 kg, 
resistivity r=27 n£-m, and density d=2700 kg/cubic meter, 
subjected to an electric field of E=100 V/m, the power 
dissipated in the ohmic losses of the conductor is P=IV= 
1330 Watts. For a 1 kg mass tether, it would be still a 
considerable 133 Watts of dissipation. 

There will no doubt be additional dissipation of energy in 
plasma ohmic losses, plasma wave generation, and plasma 
ion acceleration, but the ohmic losses in the conducting 
tether alone are sufficient for the task of deorbiting an 
unwanted spacecraft massing 100 to 1000 times more than 
the tether. 

The decay time of a metric ton spacecraft moving from a 
1000 km altitude orbit to a 200 km altitude orbit with an 
energy difference of dU=3.3GJ, when its energy is being 
dissipated at a power of P=1330 W by an aluminum tether 
massing just 10 kg, or 1% the mass of the spacecraft, is about 
one month. This is a remarkably short time, and indicates 
that the concept of using a conductive tether to deorbit a 
spacecraft is indeed feasible. If the aluminum tether massed 
only 1 kg, or 1/1000th the mass of the spacecraft it was 
deorbiting, then the decay time would rise to 10 months, still 
a reasonable value. 

In reality, of course, the actual decay time will be longer 
than this. If the electrodynamic drag force is very large, and 
becomes larger than the gravity gradient forces pulling on 
the ends of the tether (which force is proportional to the 
mass of the tether), then the tether will tend to align itself 
along the magnetic field lines instead of across them, and the 
drag force will decrease because of the small angle between 
the conductor length and the magnetic field lines. The tether 
will then settle into an angle determined by the balance 
between these two forces. 

Is the Terminator Tether™ theoretically a better means 
than atmospheric drag or a rocket engine for deorbiting 
satellites at the end of their useful life? 

In the formula for da/dt (change in altitude per change in 
time), using the assumptions of near-circular spiral 
trajectories, the Area-Time-Product (Z), the criteria by 
which NASA judges compliance with Safety Standard 
1740.14, is given by: 


m da 
2=4 |41=-= —, 
Co) playv pa 


where p(a) is simply the density as a function of semi-major 
axis. Thus, for a static atmosphere, the problem of area-time 
product is reduced to quadrature. Note that the area-time 
product depends only on the density profile and the ratio of 
spacecraft mass to drag-coefficient and is linearly related to 
that ratio. 

The basic altitude-dependence of the atmospheric density, 
represented here by p(a) can be expressed in a low-order 
power series of In(density)=f(In(altitude)), so that it will be 
possible to develop a representation of the log—log rela- 
tionship between altitude and density. The three static levels 
of atmospheric density are modeled as 5th order polynomi- 
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als in the natural log of the altitude and are representative of 
well known atmosphere models, for example, Jacchia, L. G., 
“Thermospheric Temperature, Density, and Composition: 
New Model,” SAO Special Report 375, March 1977. 2. 
Anon., Marshall Space Flight Center, “Long-Range Statis- 
tical Solar Activity Estimation,” Atmospheric Sciences 
Division, 1989.) The values of exospheric temperature are 
reasonable (about 2-sigma) high and low solar activity 
values of 1400 and 800 kelvins respectively. The mean value 
is taken to be 1100 kevins. 

FIG. 4 shows a graph of the Area-Time product for three 
separate levels of exospheric temperature (for neutral drag 
calculations) and for two separate assumptions regarding 
tether mass and power drawn from the ambient plasma (for 
the Terminator Tether™ calculations). The density profiles 
for the three values of exospheric temperature represent the 
extremes and mean values to be expected during the next 
several decades. The exospheric temperature goes through a 
cycle of about an 11 year period with maximum about 1400 
kelvins and minimum about 800 kelvins. 

The tether calculations include an inherent assumption 
that the Terminator Tether™ transfers all the energy 
extracted from the ambient space plasma into drag that 
decreases the orbital energy of the spacecraft at a rate given 
by the power drawn by the tether. Thus, the change in energy 
for a spacecraft of mass m at an initial altitude h is given by 
the expression: 

AE = -mf E a » 
AR, +A) AR, +250) 


and the time required to effect this change in energy of the 
mass, m, is just 


At=AE/P, 


where P is the power drawn by the tether from the ambient 
plasma charge. 

The curves for 1% and 5% tethers do not include the 
effects of atmospheric drag because the electrodynamic drag 
is orders of magnitude greater than the neutral atmospheric 
drag. At altitudes greater than about 700 km, the electrody- 
namic drag is 200 to 3000 times greater than the neutral drag 
forces. 

It is clear, from FIG. 4 that the Terminator Tether™ 
concept is far superior to neutral drag in removing spacecraft 
from orbit, no matter how much additional area is added to 
the passive spacecraft to increase the atmospheric drag. The 
analyst should note that FIG. 4 is proportional to mass; that 
is, the Area-Time-Product values should be multiplied by the 
mass of the spacecraft and divided by 1000 kg. This is true 
for the neutral drag and Terminator Tether™ curves alike. 
The power levels assumed for the 1% and 5% tethers are 
only 80% of their theoretical values. This is done to provide 
a 20% margin on the power available from the ambient 
plasma and electrodynamic gradient. 

Conventional rocket mechanisms can remove spacecraft 
from orbit, but this mechanism is apparently not viable from 
mass considerations when these factors are compared with 
the capabilities of the Terminator Tether™. A satellite owner 
may decide to satisfy the NASA safety requirements by 
adding a small solid motor and the associated hardware, 
software, sensors and structure to make the package 
independent, to be used to deorbit the spacecraft in case the 
main spacecraft power, attitude, or propulsion system fails. 

The requirements of such a rocket motor system are more 
stringent than those attributed to ordinary spacecraft. The 
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rocket motor deorbit system must operate when some or all 
other systems of the spacecraft have failed. These more 
stringent requirements are balanced by lesser requirements 
of performance. The backup system must simply deorbit the 
spacecraft; 1t does not have to perform all the other duties of 
the spacecraft. But the backup system must know when to 
fire under all kinds of anomalous situations, including 
tumbling, offset of center of mass (because of loss of parts 
due to collisions), and lack of knowledge of the orbital 
position. 

FIG. 5 shows the percent additional mass required by the 
rocket motor system to drop the perigee of a circular orbit at 
some initial perigee altitude to a value of 200 km. The 
atmospheric drag at this 200 km perigee altitude will remove 
any spacecraft (in the range considered) from orbit in a few 
revolutions. The contours of constant stage propellant mass 
fraction, A, range from low values of 0.5 through reasonable 
values of 0.65 to 0.7, up to the values associated with the 
best solid motors (AV0.93) without adding any extra hard- 
ware to the emergency stage. An effective, independent stage 
to provide a retro deltaV of from 50 to 325 m/s will almost 
certainly have a A of the order of 0.6 to 0.75. If the 
emergency stage is required to perform its own attitude 
determination, the stage propellant mass fraction may be as 
low as 0.55 or 0.50. Note that the additional mass, shown in 
FIG. 5, must also be lofted to orbit in the first place, to 
provide the mass on orbit for the originally intended service. 
The stage propellant mass fraction, A, is a key stage perfor- 
mance parameter that describes the ratio of the mass of 
propellant to the mass of the stage. That is A=m,/(m,,+m,), 
where m, is the mass of the propellant and m; is the mass of 
everything else in the stage (not including the payload or any 
stages above or below the stage being considered). Typical 
independent small rocket stages have values of A from 0.60 
to 0.75. The curves of stage propellant mass fraction are 
shown as straight lines (a minor approximation) and are 
included only from 0.5 to 0.95, the extremes of reasonable 
design practice. 

These calculations that show, beyond any reasonable 
doubt, that the Terminator Tether™ concept is far superior to 
conventional mechanisms such as drag enhancement 
devices or small rocket deorbit propulsion systems. The 
superiority is measured in terms of Area-Time-Product, 
NASA’s measure of the likelihood of collision with other 
spacecraft in the path of the descending spent member of a 
constellation. Tether calculations were made using conser- 
vative assumptions that the power extractable from the 
ambient plasma and electrodynamic gradient is only 80% of 
the theoretical power available to a perfect tether crossing 
the magnetic field lines at a right angle, 1.e. normally. 

The following analysis is presented by the inventors to 
help those skilled in the art to better understand the present 
invention when it is used as a Terminator Tether™ for 
removing from orbit unwanted non-geostationary Earth- 
orbiting spacecraft at the end their useful lives. The primary 
result of that analysis is that the electrical power P in the 
tether that is converted into heat by the resistance of the 
tether and radiated away into space will remove energy from 
the spacecraft, causing it to rapidly deorbit, thus reducing 
the amount of orbital space debris that must be coped with 
in outer space. Tether electric power P is given by: 


P=(vB)*m/2rd 


where m is the mass of the conducting tether, r and d are the 
resistivity and density of the conducting material, and v is 
the velocity of the spacecraft’s motion through the Earth’s 
magnetic field B. For a m=10 kg tether of aluminum with 
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resistivity of r=27.4 nQ-m and density d=2700 kg/m, 
moving at a velocity v=7037 m/s relative to the Earth’s 
horizontal magnetic field B=26.5 uT, the power dissipated is 
P=2350 W! This energy loss in the form of heat must 
necessarily come out of the kinetic energy of the host 
spacecraft. For a typical example, a 1000 kg spacecraft in a 
1000 km high orbit subjected to an energy loss of 2350 J/s 
from a 10 kg tether (1% the mass of the host spacecraft) will 
be deorbited in a few weeks. 

Power levels of the magnitude estimated in the previous 
paragraph have been measured in a real orbital space 
experiment, the TSS-1R mission carried out on the Shuttle 
Orbiter in 1995. In that experiment, a large Italian 
spacecraft, 1.6 m in diameter, was deployed upward from the 
Shuttle Orbiter at the end of a conducting copper wire tether 
covered with electrical insulation. As the tether was slowly 
deployed upwards, a series of measurements were made of 
the open circuit voltage induced in the tether by its motion 
through the Earth’s magnetic field. The voltage between the 
end of the tether and the Orbiter ground varied from zero 
volts at the start to 3500 V when the amount of tether 
deployed approached its maximum length of 20 km. 
Periodically, the end of the tether was connected either to 
one of two different electron guns, which supplied contact to 
the surrounding space plasma, or to the Orbiter ground. The 
bare surfaces of the Shuttle Orbiter proved to be a surpris- 
ingly good plasma contactor via a combination of ton 
collection and secondary electron emission. The current 
flow through the tether was deliberately limited by control 
circuits and the current capacity of the electron guns to about 
0.5 amperes, but power levels of 1800 Watts were reached. 

The tether was intended to have a fully deployed length of 
20 km, but at a deployed length of 19.5 km, when about 
3500 V was being induced at the end of the tether inside the 
Orbiter reel mechanism, a flaw in the insulation allowed an 
electrical spark to jump in an uncontrolled manner from the 
tether to the Orbiter ground. With no control circuits to keep 
the current level down to 0.5 amperes, the current flow 
jumped to 1.1 amperes, and the total power generated was 
P=3850 Watts Most of this energy went into the electrical 
arc, which burned through the tether, causing it to break and 
halting the experiment. This experiment showed that large 
areas of bare conducting material, such as that provided by 
the 8 square meter area of the Italian spacecraft at one end 
of the tether and the very large surface area of the Shuttle 
Orbiter spacecraft at the other end of the tether, can collect 
and emit amperes of current, while thousands of volts of 
potential can be generated by sufficiently long tethers mov- 
ing at orbital speeds. 

Thus, both theory and experimental data collected in the 
space environment indicate that significant amounts of elec- 
trodynamic drag force can be obtained from a low mass 
conducting tether attached to a host spacecraft, provided the 
ends of the conductor can exchange sufficient numbers of 
electrons with the surrounding space plasma. 

Experimental data from the TSS-1R data also produced 
the amazing result that the efficiency of a bare metal surface 
in “contacting” the space plasma is many times better than 
the standard theory would predict. The 8 square meters of 
bare surface area of the Italian spacecraft were sufficient to 
collect the 1.1 A of electron current. This amount of area is 
easily replicated by a few hundred meters of bare wire, 
considering that the effective collection diameter around the 
wire is the Debye length, which is a few centimeters at the 
typical values for space plasma density and temperature. 

Because of this result, that a bare wire can easily collect 
electrons, Les Johnson, Nobie Stone, Chris Rupp, and others 
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at NASA Marshall Space Flight Center have formed a team, 
which includes the present inventors, which is embarked on 
a new flight experiment. The experiment is scheduled for a 
piggy-back flight on a Delta II launch of an AF Global 
Positioning Satellite in early 2000. The goal of the experi- 
ment is to demonstrate that electrodynamic drag from a wire 
moving at orbital speeds through the Earth’s magnetic field 
will create a large enough electrodynamic drag force to 
deorbit the Delta II second stage, whose mass is greater than 
1000 kilograms, in a few weeks. This is essentially a 
demonstration of the Loftus electrodynamic drag deorbit 
concept and the first step in the development of a Terminator 
Tether*M, 

The ProSEDS (Propulsion Small Expendable-tether 
Deployer System) mission will use a 5 km long copper wire 
conductive tether massing 18 kg connected to a 20-35 km 
long nonconducting tether, which is in turn connected to a 
2540 kg ballast mass. The total of 25-40 km of tether 
length and the 25—40 kg ballast mass on the end will provide 
enough gravity gradient force to keep the tether aligned near 
the zenith, so that the direction of the current in the tether is 
at right angles to both the direction of the spacecraft motion 
in the nominal EW direction and the Earth’s near-equatorial 
magnetic field in the nominal NS direction. 

An important feature of the ProSEDS experiment is that 
it is designed to be completely self-powered. It uses a battery 
to initiate deployment and to power up the plasma contactor, 
but once current is flowing through the tether, some of the 
power is tapped off and used to recharge the battery. The 
battery, in turn, powers the current control electronics, the 
telemetry, system, and the plasma contactor. The ProSEDS 
mission will not be designed to allow ground control 
changes in operation, primarily because of the increase in 
complexity and cost associated with that option. 

The present invention is the use of a small, low-mass 
deployer/controller package containing a large collecting 
area, short length, multiline space tether, such as a Hoytape 
mesh made of aluminum wire, as a “Terminator Tether™” 
for a constellation spacecraft. The Terminator Tether™ 
would be deployed when the host spacecraft is no longer 
working or no longer wanted. The electrodynamic drag from 
the Terminator Tether™ would rapidly remove the unwanted 
spacecraft from the constellation and a few weeks later 
complete the deorbit of the host spacecraft from space by 
burnup in the upper atmosphere of the Earth. For a Termi- 
nator Tether™ to be of maximum usefulness for constella- 
tion spacecraft, it would be desirable to minmize the mass 
and the length of the tether. A lower added mass means more 
mass for revenue producing transponders, while a shorter 
tether length means a lower collision cross-section Area- 
Time Product during deorbit. 

FIG. 6 shows a spacecraft 600 having a state vector 602 
that causes the spacecraft to move across magnetic field 
lines 601. Spacecraft 600 has a conductive tether 603 
attached to it by tether deployer and control system 605. The 
outer end of tether 603 is attached to tether end mass 607. 
Spacecraft 600 also has an attached electron emitter means 
613. 

In FIG. 6, spacecraft 600 has a velocity and direction 
defined by state vector 602. As spacecraft 600 moves it 
causes conductive tether 603 to cut magnetic field lines 601. 
As this happens the distal end of the conductive tether 
collects electrons, shown as arrows 611, from the space 
plasma. Electrons 611 move through the conductive tether 
603, are passed through a resistive load, not shown, in 
control system 605, and are emitted back into the space 
plasma as electrons 615 from electron emitter 613. This 
produces an electrodynamic drag in the direction shown by 
arrow 609. 
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As is discussed in detail in the electrodynamic drag 
analysis below, especially in that sections of the analysis 
titled “Optimization of Tether Angle”, the maximum elec- 
trodynamic drag of the tether is achieved when the angle, 
shown as the Greek letter t in FIG. 6, is 35.26 degrees, 
trailing, to the direction of the magnetic field lines. This 
angle may be maintained by a feedback control circuit that 
maximizes the electrodynamic drag of the tether system, as 
is discussed in detail below. The tether structure 603 is a 
Hoytether having a length of about 2 to 5 kilometers. The 
use of the 35.26 degree angle to the magnetic field reduces 
the tether instability, allowing the use of a short tether which 
will have a small Area-Time-Product. This will minmize the 
possibility that the tether will impact another space object 
during its use. 

In FIG. 7, spacecraft 700 has a state vector 702 across 
magnetic field lines 704. Conductive tether 706 is attached 
to spacecraft 700 by tether deployer and control system 708. 
The distal end of tether 706 is attached to a tether end mass 
710. Spacecraft 700 has an electron emitter means 714. 

Functionally, electrons 712 flow from the space plasma 
into conductive tether 706, are passed through a resistive 
load in control unit 708 and are emitted into the space 
plasma by electron emitter 714 as free electrons 716. As is 
discussed in detail in the analysis below, this produces an 
electrodynamic drag on satellite 700, which causes it to 
deorbit. 

In FIG. 7, spacecraft 700 is rotating with an angular 
velocity indicated by arrow 718. This rotation causes a 
centrifugal force 720 to place tension on conductive tether 
706. This force 720 places tension on the tether 706 in a 
direction that counters tether instability. The Tether 706 may 
be at any angle to the magnetic field while the rotation of the 
tether-satellite system is producing this useful tension. FIG. 
7 shows the angle to be 35.26 degrees, which is optimum, 
but any angle will work. 

FIGS. 8a and 8b show a powered Terminator Tether™. In 
FIG. 8a the spacecraft 800 has a state vector 802 that causes 
it and its associated conductive tether 806 to move across 
magnetic field 804. Tether 806 has an end mass 808 that is 
proximate a plasma contactor 810. Just as was discussed in 
the embodiment of the present invention shown in FIG. 6 
and FIG. 7, an electric current moves through the circuit 
formed by the space plasma, the plasma contactor 810, the 
conductive tether 806, and the electron emitter 815, thence 
back into the space plasma as electrons 816. This creates an 
electrodynamic drag on the tether in the direction shown by 
arrow 818. 

In FIG. 8b, similar numbers indicate similar structures. In 
FIG. 8b, however, an electric power source, not shown, in 
spacecraft 800 provides electrons to conductive tether 806. 
The electrons are emitted from the end 812 of the tether 806. 
Electrons are collected to from the space plasma 814 by 
contactor 815, thus completing the electric circuit. The result 
is an electrodynamic force on tether 806, and therefore on 
spacecraft 800, in the direction show by arrow 820. 

Spacecraft 800 in FIG. 8b may be rotated as is taught in 
the embodiment of the invention shown in FIG. 7, above, to 
allow the control system to time the application of electric 
current to the tether 806 to cause force 820 to be exert force 
in any desired direction along the circle made by the rotating 
tether. This allows the state vector of the spacecraft to be 
modified to raise or lower the spacecraft’s orbital altitude, or 
to otherwise usefully change its orbital elements. 

FIG. 9 show an embodiment of the present invention 
wherein the conductive structure of a satellite is used as the 
tether. In FIG. 9, a spacecraft 900 which has a state vector 
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901 and is moving across magnetic field 903, has two 
attached solar panels, 902 and 904. Solar panels 902 and 904 
have conductive aluminum frames 908 and 906, respec- 
tively. Frame 906 is electrically and mechanically connected 
to plasma contactor 912. Frame 908 is electrically and 
mechanically connected to electron emitter 910. As space- 
craft 900 moves across magnetic field 903, electrons from 
the space plasma 914 flow through contactor 912 and frame 
906 to the body of spacecraft 900, where the current flows 
through a resistive load, not shown, and then into frame 908 
and electron emitter 910 to the space plasma 916, thus 
completing the circuit. This creates an electrodynamic drag 
on spacecraft 900. If the power output from solar panels 902 
and 904 was directed to flow into the frames, 906 and 908, 
then the electrodynamic interaction with the space plasma 
would cause a useful force to be impressed on spacecraft 
900, as was discussed in connection with FIG. 8 above. The 
spacecraft may be rotated and/or oriented to a desired angle 
with the magnetic field lines, as was also discussed above. 

FIG. 10 shows an embodiment of the present invention 
wherein the plasma contactor and the resistive load are 
structurally part of the conductive tether. In FIG. 10 space- 
craft 1000 has a state vector 1001 that causes it to pass 
through magnetic field 1003. Spacecraft 1000 has a tether 
control and deployment system 1005 that is connected to a 
conductive tether 1007 having an end mass 1013. A con- 
tactor portion 1015 of the conductive tether 1007 near end 
mass 1013 is adapted to contact the space plasma so as to 
receive or emit electrons. This may be the bare wire strands 
of a wide Hoytether, or it may be any other plasma contactor 
means that can be conveniently made electrically part of the 
Hoytether structure, such as points or metal fuzz. A second 
resistive portion 1009 of tether structure 1007 is adapted to 
be a resistive load. This may be done by making a portion 
of the tether structure from a material, such as nichrome 
steel wire, that has suitable electrical resistance The large 
surface area of the Hoytether provides an excellent radiator 
structure into the three degree Kelvin radiation sink of outer 
space. 

FIG. 11 shows an alternative embodiment of the load 
resistance/radiator structure of the present invention. In FIG. 
11, a biline Hoytether 1002 is attached to its control and 
deployer system 1100 on a spacecraft, not shown, and to a 
tether end mass 1004. A resistive load, 1006 is woven into 
the Hoytether structure, whereby this load 1006 and the 
section of the Hoytether 1002 into which it is woven act 
together as a thermal radiator allowing photons 1008 to 
radiate into the thermal sink of outer space. 

The following detailed analysis of the present invention 
will help those skilled in the art to better understand and use 
the present invention. 

Electrodynamic Drag Analysis: 

The following is an optimization analysis of the electro- 
dynamic drag produced by a conducting tether deployed 
from a host spacecraft that it is to deorbit. The force and 
torque diagram used in the analysis is shown in FIG. 12, 
which shows the forces and torques on an upward deployed 
conducting tether due to the motion of the host spacecraft 
through the magnetic field of the Earth. 

Physical Constants and Assumptions: 

The analysis that follows will use the following physical 
constants and assumptions: 

Newton’s gravitational constant G=6.67x10"** m”/kg-s?. 

Mass of Earth M,=5.976x10” kg. 

Radius of Earth near equator R,=6378 km. 

Assumed host spacecraft altitude h=622 km. 

Assumed host spacecraft orbital radius a=7000 km. 
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Host spacecraft orbital velocity w=wa=[GM,/a ]4=7546 
m/s. 
Vertical gravity gradient at spacecraft 2r=2GM,/a°= 
2.32x107? s?. 
Centrifugal gradient at spacecraft w°=GM,/a°=1.16x10~° 
-2 
S 


Combined gradient at spacecraft 31=3GM,/a°=3w7= 
3.49x10°° s””. 
Magnetic field of Earth (tilted dipole approximation): 
Magnitude B,=35 uT=0.35 gauss. 
Angle between magnetic pole and spin pole 11.5°. 
Field components at spacecraft with altitude a and 
angle P between radius vector of spacecraft and 
magnetic equatorial plane. 
Horizontal B,,=B (R./a)? cos B=26.5 uT cos f. 
Vertical B,=2B.(R./a)’sin B=52.9 uT sin B. 
Electrodynamic Tether Constants and Assumptions: 

The electrodynamic tether is assumed to be made of a 
conducting metal, and have a length L, density d, resistivity 
r, and cross-sectional area A that is constant along the length 
of the tether. If the tether is a single round wire of diameter 
D, then the cross-sectional area is A=1D“/4. Because of the 
micrometeorite and space debris hazard, however, it is likely 
the tether will be made up of redundantly interconnected 
multiple lines whose individual cross-sectional areas add up 
to A. Given these assumptions, the tether mass is then 
m,=dLA, while the end-to-end tether resistance is R;=rL/ 
A=rdL*/m,. 

Specific Conductivity Parameter: 

The choice of the metal conductor to be used in a space 
tether is determined by a combination of low resistivity 
(high conductivity) and low density, with cost, strength, and 
melting point as secondary considerations for certain appli- 
cations. Copper has a resistivity r=17.0 nQ-m, a density 
d=8933 kg/m, and a “specific conductivity” of 1/rd=6,585 
m”/Q-kg. Aluminum has a resistivity r=27.4 nQ-m, which is 
significantly greater than that of copper, but it has a much 
lower density of d=2700 kg/m”. As a result, aluminum’s 
“Specific conductivity” of 1/rd=13,500 m°/Q-kg is twice the 
conductivity per unit mass of copper. Silver, because of its 
higher density and higher cost, is not competitive as an 
electrodynamic space tether even though its resistivity of 
16.1 n62-m is slightly better than that of copper. An alternate 
candidate material would be beryllium, with a resistivity 
r=32.5 nQ-m, density d=1850 kg/m?, and a “specific con- 
ductivity” of 1/rd=16,630 m°/Q-kg, slightly better than that 
of the much cheaper aluminum. Beryllium also has a higher 
melting point at 1551 K than aluminum at 933 K, so some 
of its alloys may be a preferred material for some electro- 
dynamic applications despite its higher materials cost. 
Unfortunately, despite decades of metallurgical research by 
the nuclear power industry, highly ductile alloys of beryl- 
lium have not been found, so it is difficult to pull beryllium 
into wire. As a result, because of its high specific 
conductivity, low cost, and ready availability in ductile wire 
form, it will be assumed for this analysis that the electro- 
dynamic tether will be made of aluminum wire. 

Typical Resistance Values: 

To be economically competitive, the mass of the tether 
needs to be a small fraction of the mass of the host spacecraft 
it is required to deorbit. Since a typical constellation space- 
craft has a mass of about 1000 kg, a typical Terminator 
Tether™ with a mass that is 2% of the host spacecraft mass 
would consist of a deployer/controller package with a mass 
mp=10 kg, containing an aluminum tether with a mass 
m,=10 kg with a volume of LA=m,/d=3.70x10~> m°. If this 
10 kg of aluminum were formed into a tether with a length 
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of L=2 km and a cross-sectional area of A=1.85 mm”, then 
the end-to-end resistance of the tether would be R=rL/A= 
rd “/m,=29.6 Q A longer tether would have a proportion- 
ately smaller cross-sectional area and a higher resistance; for 
example, a 5 km long tether with the same mass would have 
a resistance of 185 Q. 

Orbit Inclination Assumption: 

In order to make the remainder of the analysis mathemati- 
cally tractable, it will be assumed that the orbit of the host 
spacecraft is circular and above the magnetic equator, so that 
the angle between the radius vector to the spacecraft and the 
magnetic equatorial plane is B=0 degrees. In this orbit, the 
velocity v of the spacecraft with respect to the magnetic field 
is the orbital velocity w less the rotational velocity of the 
magnetic field at the orbital radius a due to the once per day 
rotation of the Earth, or: 


v=W-2114/1day=(7546-509)m/s=7037m/s 


This equation also shows why electrodynamic drag will not 
be useful for removing geostationary spacecraft from orbit. 
At the geostationary orbital radius of a=42,200 km, the 
relative velocity of the spacecraft and the rotating magnetic 
field of the Earth is zero. 

With this assumption of an orbit above the magnetic 
equator, the vertical component of the Earth’s magnetic field 
is zero and the horizontal component of the Earth’s magnetic 
field is at right angles to both the local vertical and the 
direction of motion of the spacecraft. The total magnetic 
field seen by the host spacecraft and its Terminator Tether™ 
is then orthogonally horizontal and has the magnitude: 


B=B,=B,[R./al’ cos B=26.5uT. 


Where for simplicity the subscript H will be dropped for the 
remainder of this analysis. 

This orbit, with its inclination of 11.5° with respect to the 
spin equator, will not stay in the plane of the magnetic 
equator, but will vary +11.5° above and below it as the Earth 
rotates, causing a variation in magnetic field strength of +0.5 
UT, as well as a slight variation in angle. This 2% variation 
is negligible in terms of the other uncertainties in this 
analysis. It is not until the orbital inclination of the host 
spacecraft orbit reaches 60°, where cos 60°=0.5, that there is 
a significant drop in the expected magnitude of the electro- 
dynamic drag forces calculated in this analysis. 
Electromagnetic Drag Effects in Polar Orbit: 

In many medium Earth orbit communication satellite 
constellations, there are a significant number of spacecraft at 
high inclinations and in nearly polar orbits. The high incli- 
nation spacecraft, with inclinations between 60° and 78.5°, 
will all have orbits that stay between the magnetic poles. 
Although the amount of electrodynamic drag will be sig- 
nificantly less than that experienced by spacecraft with 
orbits at lower inclinations, the direction of the induced 
electric fields in the tether will always be in the proper 
direction. If the tether is vertically upward, the outer tip of 
the tether will be positively charged and the bare wire in the 
tether will pull electrons out of the surrounding space 
plasma, while the electron emitter at the host spacecraft end 
will eject the electrons back into the space plasma to 
complete the circuit. 

For spacecraft in near polar orbits with inclinations 
between 78.5° and 90°, however, there will be much more 
drastic variations. First of all, for a spacecraft in a 90° orbit 
that happens to pass directly over the magnetic poles, there 
is no horizontal component of the magnetic field when it is 
passing over one of the magnetic poles, so no voltage is 
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generated in the tether during that part of the orbit, while the 
horizontal component of the magnetic field near the mag- 
netic equator, while strong in magnitude, is along the 
spacecraft velocity vector, so no voltage is generated in the 
tether in that part of the orbit either. As a result, there will 
be negligible electrodynamic drag experienced by the host 
spacecraft during that particular orbit. The Earth is rotating, 
however, and the magnetic pole is rotating with it. A few 
orbits later, the host spacecraft will be passing over the 
Earth’s spin pole at a point where the horizontal component 
of the magnetic field is exactly at right angles to the direction 
of motion of the spacecraft, so the full voltage is generated 
in the tether. When passing over the spin pole, the spacecraft 
radius vector is at an angle of 11.5° from the magnetic pole 
and at an angle B=78.5° away from the magnetic equatorial 
plane. With these assumptions, the magnitude of the hori- 
zontal component of the magnetic field at the Earth’s spin 
pole is a respectable: 


B=B,[R./a]? cos 78.5°=5.28uT 


or 20% of the maximum value experiences by spacecraft 
orbiting above the magnetic equator. This value will drop 
slightly as the orbit continues, then build back up as the 
spacecraft passes over the opposite pole. As the Earth 
continues to rotate, bringing the magnetic pole again under 
the orbit, and the interaction of the tether with the horizontal 
component of the magnetic field again drops to zero. The 
average coupling of a tether to the Earth’s magnetic field 
over all polar trajectories has been calculated to be 12.3 
percent. 

A problem experienced only by spacecraft with orbit 
inclinations greater than 78.5°: 

The spacecraft will no longer be traveling from west to 
east with respect to the magnetic field axis, but will have a 
retrograde motion as it moves through the magnetic field. As 
a result, the voltage generated by the motion of the tether 
through the Earth’s magnetic field will switch direction. The 
outer tip will be negatively charged and will attempt to 
collect ions, which is a much less efficient process than 
collecting electrons. 

There are a number of solutions to this problem. The first 
is to increase the mass and length of the tether supplied to 
a spacecraft assigned to a polar orbit, so that higher voltages, 
currents, and drag are generated during the limited times the 
spacecraft is passing over the poles in the right direction. 
The second is to supply a tether with plasma contactors at 
both ends that can emit electrons from either end, allowing 
the current to flow either way, depending upon which 
direction the spacecraft is passing around the magnetic pole. 
The third is to utilize the first number of passes to torque the 
orbit of the spacecraft until the orbit inclination has been 
shifted below 60°, then turn on the electrodynamic drag full 
time to deorbit the spacecraft from this more favorable orbit 
inclination. This orbit torqueing maneuver is accomplished 
by activating the electrodynamic drag mechanism only when 
the magnetic field orientation is such that a strong out-of- 
plane component of force is created. This orbit torqueing 
maneuver can be augmented by switching to a propulsion 
mode, where power saved in the batteries during the drag 
force mode is pumped back into the tether when the mag- 
netic field is in the opposite direction, applying electrody- 
namic propulsion to torque the orbit even further. With the 
tether at a large and stable trailing orientation, the coupling 
to the magnetic field can be significant to a vertical tether. 

In summary, spacecraft in near-polar orbits might take 
longer to bring down, and might have to utilize specially 
designed Terminator Tethers™ that might cost and mass 
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more than the simpler Terminator Tethers™ usable in lower 
inclination orbits, but a Terminator Tether™ can still remove 
a spacecraft from a polar orbit when desired. 

The inventors now present a detailed analysis and opti- 
mization of a typical Terminator Tether™ attached to a 
typical host spacecraft in a typical low inclination orbit. 
Electromotive Generation of Voltage and Current in the 
Tether: 

When an object is moved at a velocity v through a 
magnetic field B, an electric field is generated in the frame 
of reference of the moving object given by: 


E=vxB=vB 


where the magnetic field B of the Earth, being mostly 
tangent to the Earth’s surface in the north-south direction, is 
at right angles to the velocity vector v of the spacecraft, 
assumed to be orbiting in a generally west-east direction. 
The direction of the electric field E will be at right angles to 
both v and B, or along the local vertical. It should be noted 
that this electric field exists in the moving frame of reference 
because a moving magnetic field creates an electric field. No 
object actually has to be there, but if it is, then the relative 
motion of the magnetic field of the Earth will not only apply 
magnetic forces to whatever material the object is made out 
of, but electric forces too. 

Note also that the velocity used in this equation is the 
relative velocity between the object and the magnetic field. 
Because the Earth’s magnetic field rotates with the Earth, the 
motion of the magnetic field must be subtracted from the 
orbital velocity of the object to obtain the relative velocity. 
Voltage generation in a Conducting Tether: 

If the moving object is a long conducting wire of length 
L, the electric field E, generated in the wire produces a 
voltage V between the opposite ends of the wire given by: 


V=E*L=EL cos t=vBL cos Tt 


where T is the angle between the length vector L of the tether 
and the electric field vector E, assumed to be in the vertical 
direction at right angles to the velocity vector v in the plane 
of FIG. 12 and the magnetic field vector B out of the plane 
of FIG. 12. A typical value for the voltage level built up in 
a vertically oriented tether with length L=5 km and t=0, 
moving at a velocity of v=7037 m/s through the Earth’s 
horizontal magnetic field of strength 26.5 uT, is 932 V, or 
0.186 V/m. Spacecraft in higher inclination orbits would 
experience somewhat smaller electric fields. For calibration, 
the voltage measured between the ends of the 19.5 km long 
TSS-1R tether was 3500 V, or 0.175 V/m. 

Contacting the Space Plasma: 

Although a voltage will build up between the ends of the 
conducting tether, no current will flow unless the circuit is 
completed. The circuit cannot be completed with another 
wire, for it too will have a similar voltage generated in it by 
the moving magnetic field. Fortunately, empty space is not 
empty, and in near-Earth regions not too distant from the 
Earth’s atmosphere there exists highly electrically conduc- 
tive space plasma, kept partially ionized by radiation from 
the Sun. The electron and ion density varies from the dark 
to light side, with altitude, with season, with sunspot cycle, 
with contamination level, etc. but it typically varies from 
10% to 10*° electrons/ce. 

Fortunately, it has been found that if a bare conductive 
surface such as the spherical Italian spacecraft in the TSS-1R 
experiment, or the long bare wire to be used in the ProSEDS 
experiment, or a multiline conducting wire Hoytape mesh, is 
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charged to a few hundred volts, the bare conductor will 
readily pull electrons out of the space plasma. So all that is 
needed to complete a connection to the space plasma at the 
positively charged (upper) end of the tether is a sufficient 
large area of uninsulated conductor. 

It is more difficult to eject electrons from a wire or to 
collect positive ions from the space plasma. Although it is 
conceivable that a very large area at the other end of the 
tether could collect enough ions to complete the circuit as 
was demonstrated during the TSS-1R mission when the 
Shuttle orbiter was found to be an adequate plasma contactor 
for over an amp of current, the present method chosen is to 
use an electron emitter of some sort, either a hot cathode, a 
plasma cathode or contactor, a field-emission device, or 
something similar. Once provisions have been made at both 
ends of the tether to allow the flow of electrons out of one 
end of the tether and into the other end, and the altitude of 
the host spacecraft is not too high, then there will be 
sufficient conductivity in the space plasma surrounding the 
host spacecraft to allow current to flow through the tether. 
Current Flow In The Tether: 

The amount of current I flowing through the tether 
depends upon the total resistance R in the circuit. This 
resistance will consist of three components, the effective 
resistance of the plasma, the resistance of the tether, calcu- 
lated earlier as R¿=rL/A=rdL*/m,, and a control resistor Re, 
which will be varied as needed to optimize the Terminator 
Tether™ performance. There will also need to be a parasitic 
load on the current in the form of a charging device to charge 
some batteries. The batteries in turn will be used to power 
the control and communication circuits, and drive the elec- 
tron emitting devices at the negative end of the tether. A 
well-designed Terminator Tether™ will thus be completely 
self-powered, except for an initial charge in the batteries to 
provide electrical power for the deployment and startup 
procedure. For simplicity of analysis it will be assumed that 
this battery charging load, which absorbs power like a 
resistor, but which stores it and uses it later instead of 
dissipating it immediately as heat, is included in the control 
resistor R.. Normally, this load would act as a “base resis- 
tance” below which the control resistor could not be 
lowered, but since the charging circuit can be turned off 
when desired, and operations continued without interruption 
using the power stored in the batteries, it will be assumed 
that the control resistor can be taken to near zero value in 
those circumstances where the space plasma conductivity is 
low, or the magnetic field is in the wrong orientation and the 
voltage being generated in the tether is not large. Under 
these circumstances, lowering the control resistor to near 
zero allows a much higher current to flow for a given 
generated voltage, thus increasing the power being dissi- 
pated in the tether and maintaining a high level of electro- 
dynamic drag on the host spacecraft. 

A properly designed Terminator Tether™ will have plenty 
of bare metal area for electron collection at the positive end, 
while the electron emitters at the other end are efficient in 
terms of emitting large electron currents at low voltages and 
therefore low powers, while at the same time the mass, 
length, and area of the conducting tether have been made 
such that the resistance of the tether is moderately high. 
Under these conditions, the effective resistance of the space 
plasma will be much less than the design resistance of the 
tether. To make the mathematics more tractable it will be 
assumed that the plasma resistance is can be neglected and 
that the voltage available to drive the tether is the full 
voltage generated by the moving magnetic field. Although 
voltage will be needed to power the electron emitter, what- 
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ever its form, it will be assumed that the required voltage and 
power will be supplied by the batteries. The batteries in turn 
will be powered by the battery charging circuit, whose 
effective resistance is included in the control resistor (except 
for those short periods when the plasma or magnetic field 
interactions are weak). 

Given all these assumptions concerning the total resis- 
tance in the circuit, the current I flowing through the tether 
is then given by: 


I=V/R=vBL cos t/(R-+rdL’/m;) 


Atypical current level can be estimated by assuming that the 
control resistance Ro should be about the same size as the 
tether resistance R}, which for an aluminum tether with 
resistivity r=27.4 nQ-m, density d=2700 kg/m”, length L=5 
km, and mass m,=10 kg, is R,=185 Q, giving a total 
resistance, including the control resistance Re, of R=370 Q. 
Thus the current flowing though a tether of length L=5 km, 
generating a voltage of V=932 V, would be I=V/R=2.52 A. 
Power Dissipation Analysis: 

The induced current I flowing through the tether resis- 
tance Ry will generate heat in the wire, which will be 
radiated into space and lost. That radiated energy must come 
from somewhere. There is also power taken out of the 
current flow by the battery charging circuit and ultimately 
dissipated. In order to conform to energy conservation laws, 
this power and energy must come from a decrease in the total 
kinetic and potential energy of the host spacecraft, causing 
it to deorbit. Set forth below is a detailed, optimized force 
analysis which will calculate the drag force on the host 
spacecraft. In this section, by using some simplifying 
assumptions, it is possible to produce a general argument 
based on energy conservation laws, which will illustrate the 
broad scope of the present invention. 

For this energy conservation analysis it will be assumed 
that the plasma resistance is small compared with the tether 
resistance, and that the control resistance is equal to the 
tether resistance: 


R-=R,=1L/A=rdL7/m, 


Assume that the ballast mass at the end of the tether is a 
large piece of the defunct host spacecraft, such as a solar 
panel, antenna, or battery pack, so that the gradient force is 
large and the tether is always oriented along the vertical so 
that the angle t=0°. Also assume the spacecraft is in an orbit 
above the magnetic equator and thus is moving at right 
angles to the Earth’s magnetic field, so that the angle 
between the orbital velocity vector and the magnetic field 
vector is 90°, and the electric field vector is in the vertical 
direction, aligned perfectly with the tether length vector. 
Under these ideal conditions, the voltage between the ends 
of the tether is given by: 


V=E*L=(vxB)*L=vBL 
The current in the tether is then just: 
I=V/(R-+R,)=vBm,/2rdL 


The power dissipated as ohmic heating in the tether is then 
given by: 


P=IV=(vB)*m,/2rd 


This equation shows the interesting result that the power 
dissipated does not depend upon the length or the area of the 
tether (within reason), but only the mass of the tether m,, the 
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resistivity r and density d of the tether material, and the 
velocity v of the conducting tether through the Earth’s 
magnetic field B. 

For a typical aluminum tether of mass m,=10 kg, the 
power dissipated is an impressive P=2350 W. Even if only 
a small fraction of this power is dissipated in a real system, 
the kinetic energy of the host spacecraft would suffer a 
significant energy loss with time. 

Orbital Energy Extraction Analysis: 

The total energy U of a spacecraft of mass M in orbit 
around the Earth consists of two components, its positive 
orbital kinetic energy and its negative gravitational potential 
energy. If a circular orbit of altitude h and radius a=R,+h is 
assumed, then the total energy of the spacecraft moving at a 
velocity w=(GM,/a)'” is: 


U=+Mw”/2-GMM,/a=-GMM./2a 


The system will be dissipating energy in the tether to 
decrease the energy U of the unwanted spacecraft from its 
relatively low negative value in a high Earth orbit to a 
greater negative value in a lower Earth orbit. To give a 
specific example, an unwanted spacecraft with a mass of 
M=1000 kg (a metric ton) in an orbit with an altitude of 
h=1000 km and a high orbital radius of a(H)=R,+h=7371 
km, then its (negative) total energy is: 


U(H)=-GMM,,/2a(H)=-27.1 GJ or -27.1 MJ/kg 


It is desired to lower the spacecraft to an orbit with an 
altitude just outside the atmosphere of h=200 km or a lower 
orbital radius of a(L)=R,+h=6571 km, where atmospheric 
drag will finish the job. The total (negative) energy of a 
metric ton spacecraft at 200 km altitude is: 


U(L)=-GMM,/2a(L)=-30.4 GJ 


Thus, the amount of energy needed to be dissipated in 
order to move the 1000 kg spacecraft from a 1000 km orbit 
with a total energy U(H)=-27.1 GJ down to a 200 km orbit 
with energy U(L)=-30.4 CJ is: 


dU=U(H)-U(L)=3.3 GI. 


The decay time T of a metric ton spacecraft moving from 
a 1000 km altitude orbit to a 200 km altitude orbit with an 
energy difference of dU=3.3 GJ, when its energy is being 
dissipated at a power of P=2350 W by a typical aluminum 
tether massing just 10 kg or 1% the mass of the spacecraft, 
is found to be T=dU/P=16 days. 

The actual decay time will be longer than this. If the 
electrodynamic drag force is very large, and becomes larger 
than the gravity gradient forces pulling on the ends of the 
tether, then the tether will tend to align itself along the 
magnetic field lines instead of across them, and the drag 
force will decrease because of the small angle between the 
conductor length and the magnetic field lines. The tether 
current will need to be controlled until the angle of the tether 
settles into an angle determined by the balance between 
these two forces. These electrodynamic torque vs. gradient 
torque dynamic interaction effects are discussed in the next 
section. 

Force and Torque Balance Analysis: 

It is now possible to calculate the forces and torques on 
the tether. It is also possible to use the fact that the electro- 
dynamic and gravity forces and torques on the tether must 
balance each other out to calculate and teach some optimum 
values for some of the Terminator Tether™ parameters. 
Electrodynamic Force and Torque: 
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As discussed above, both theory and experiment show 
that: provided the conducting tether is moved rapidly 
through the Earth’s magnetic field in order to generate a 
voltage across it, and provided good contact is made with the 
space plasma, the conducting tether will have a current 
flowing through it. When a wire (moving or not) carrying a 
current I is embedded in a magnetic field B, there will be an 
electrodynatnic force F, generated on each element of the 
wire. The electrodynamic force will be at right angles to the 
magnetic field vector and the length vector of the wire 
element, with a magnitude given by: 


F,=JxB=ILB 


where B is the horizontal component of the magnetic field, 
which is perpendicular to the assumed magnetic equator 
orbit plane, while the tether length vector L is assumed to lie 
in the orbit plane. If, as will be the case most of the time, the 
electron current is leaving the space plasma and entering the 
tether along the length of the tether, then IL needs to be 
replaced with an integral of the current along the length of 
the tether. 

Note that the electrodynamic force amplitude or direction 
is not directly dependent on the motion of the tether through 
the Earth’s magnetic field. The electrodynamic force would 
be the same if the tether were not moving and the current 
was being supplied by a battery. Since the current I is a 
function of the orbital velocity, however, there is a second- 
ary dependence of the electrodynamic force magnitude on 
the orbital velocity, but not its direction. The electrodynamic 
force is always at right angles to the conductor, and stays at 
right angles to the conductor as the angle Tt varies, as shown 
in FIG. 12. 

Assuming that the electrodynamic drag force is applied 
uniformly along the length of the tether, it 1s possible to 
make the simplifying assumption that the integrated force is 
effectively applied at right angles to the center of mass of the 
tether at the point L/2 as shown in FIG. 12. The electrody- 
namic torque on the tether is then: 


T¿=F¿L/2=IBL7/2=vB?L? cos t/2(R-+rdL7/m,)=vB*L* cos 1/2R 


Gravity Gradient Forces and Torques: 

When a tether and its ballast end mass are deployed from 
a host spacecraft, the gravity gradient force field of the 
Earth, combined with the orbital centrifugal gradient force 
field, will cause the tether to deploy either up or down from 
the host spacecraft. The direction desired depends on which 
end of the tether is connected to the electron emitter. 
Normally, the electron emitter will be on the end attached to 
the host spacecraft, in which case the desired direction of 
deployment will be upward so that the induced voltage in the 
tether will produce an excess of electrons at the electron 
emitter end of the tether. The desired upward direction is 
chosen by having the deployer eject the ballast mass in the 
upward direction. Once the ballast mass has been started in 
that direction, the centrifugal force due to the orbital motion 
of the ballast mass will cause the ballast mass to continue to 
accelerate in the upward direction until it is brought to a halt 
by the full deployment of the tether. 

If there were no electrodynamic or atmospheric drag, the 
equilibrium direction of the tether would be exactly along 
the vertical, since the combined gradient field is a maximum 
in that direction. Because a significant amount of electro- 
magnetic drag is expected, the actual angle of the tether with 
respect to the local vertical will be at some angle q, lagging 
behind the spacecraft motion in the plane of the orbit, as 
shown in FIG. 12. In the following analysis shows that there 
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is an optimum angle for t that produces the largest electro- 
dynamic drag force on the host spacecraft without producing 
tether instability. 

The combined vertical gravity gradient and centrifugal 
gradient field 31 acting on the ballast mass m, at the end of 
the tether of length L will produce a gradient force Fep given 
by: 


F5s=-3pmgL cos T 


The strength of the force depends not only on the ballast 
mass mz and the strength of the gradient field 31", but also 
the component along the radial direction of the distance of 
the ballast mass from the center of mass, which is L cos 7. 
This force acts in the vertical direction along the radius 
vector leading from the ballast mass away from the center of 
the Earth. The amount of gradient force is not large. For a 
ballast mass of m,=10 kg and a tether length of L=5 km, the 
gradient force is about 0.175 N. 

As can be seen in FIG. 12, the component of this gradient 
force that is at right angles to the tether, given by Fog Sin T, 
will produce a torque Tgp on the tether that tends to restore 
the tether toward the vertical, lessening the angle T. 


Tog=LF ep, sin 1=-3pmsL* sin T cos T 


The tether mass m, also contributes to the gradient force 
and torque. If it is assumed that the tether has a uniform 
cross section, then it is possible to replace the distributed 
mass of the tether with an equivalent point mass m, placed 
at the center of mass of the tether, which is the point L/2 
along the tether, and a distance L/2 cos t in the radial 
direction. The gradient force due to the tether mass is then: 


F5/=-3/2pmyL cos T 
While the gradient torque is: 
T¿/=-1/2F¿7 sin 1=-3/4,mgL*sin tcos T 


The total gradient torque attempting to restore the tether 
to its vertical orientation is then: 


To=Teatl 67-3 7(mgtm7/4)L7 sin Tt cos T 


It is important to notice the variation of the total gravity 
gradient torque as the tether angle t is varied. Since the 
gradient force is always in the radial or vertical direction, 
there is no torque on the tether when the tether is vertical, as 
is the case when there are no aerodynamic or electromag- 
netic drag forces. Once the drag forces become important 
and start to apply torque to the tether, increasing the tether 
angle t, those drag torques causing an increase in tether 
angle t will be opposed by a rising gradient torque which 
will attempt to decrease the tether angle. For small tether 
angles, the gradient torque increases first linearly with 1, 
then as sin T, since cos T is near unity for small qt, then at 
t=45° the gradient torque reaches its maximum, where sin 
t=cos t=0.707 and sin t cos t=0.50. When this angle is 
reached, the tether is a point of catastrophic instability, for 
if there is a further increase in the electrodynamic drag force, 
causing the angle t to become greater than 45°, the gradient 
torque, instead of growing stronger to counteract the 
increased drag torque, will become weaker and the tether 
angle will go rapidly to 90°. 

To restore control to the tether angle if the instability 
occurs, it will be necessary to turn off the electrodynamic 
drag forces by shutting off the current flow through the 
tether. The t=90° position for the tether and ballast mass is 
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a gravitationally unstable orientation. After a time, slight 
fluctuations in the gravity field will allow the gradient force 
to slowly take over and restore the tether to the vertical 
orientation, which, unless 1t can be controlled in some way, 
is equally likely to be up or down. It would therefore be 
desirable to maintain control of the tether angle so as to 
avoid the tether angle getting into the region of instability. 
Torque Balance on the Tether: 

The angle t of the tether is determined by a balance 
between the electrodynamic torque T; attempting to 
increase the angle t and the gradient torque To attempting 
to decrease the angle t. Balance is achieved when the two 
torques are equal: 


Tp-Te=Vesatler 
or: 
vB”L? cos 1/2R=3p(m¿+m3/4)L? sin t cos T 


Simplifing and rearranging yields an equation giving us 
the angle t at which torque balance occurs: 


t=arcsin[ vB°L/6,(m,+m,7/4)R | 


The physical interpretation of this equation is that the 
maximum electrodynamic force that can be sustained on the 
tether is limited by the gradient force on the tether. It is 
possible to increase the electrodynamic force by decreasing 
the total resistance R of the tether (for example, by using a 
tether with a larger mass and a lower tether resistance), but 
if the tether resistance is too low, then the quantity in 
brackets becomes greater than unity and this equation has no 
solution, indicating that the tether has reached an angle 
where instability sets in. 

To maintain control of the tether angle, it will be neces- 
sary to vary the control resistance of the tether to compen- 
sate for variations in magnetic field strength and direction, 
plasma density (which affects the plasma resistance), and 
other factors, and thereby maintain the tether at an interme- 
diate angle where both the electrodynamic and gradient 
forces are at an appreciable level and balance each other. 
Optimization of Tether Angle: 

At first glance, it might seem that the optimum angle for 
the tether would be 45°, since at that angle the gradient 
torque is largest and therefore can counteract a larger 
electrodynamic drag force. However, since the 45° angle is 
the point where instability sets in, it is desirable to set the 
tether angle at some value below 45°. The optimum angle is 
that which maximizes the horizontal or drag component of 
the electrodynamic force. This optimum angle tT is derived 
from the equation for the horizontal component of the 
electrodynamic force, or the electrodynamic drag force, 
since it opposes the host spacecraft motion: 


F-p=F- cos t=6[m,+m7/4]CL sin t cos 


By setting the partial derivativeQOF,.,/Ot=0 and solving, 
it is possible to calculate that the optimum angle for the 
tether that gives the maximum electrodynamic drag force 
Fp, While still keeping the tether torques balanced and 
under control, is t=arctan(0.707)=35.26°. With this angle 
selected and maintained by varying the control resistor Ro 
to compensate for variations in plasma contact resistance 
and variatins in the strength and direction of the Earth’s 
magnetic field B seen at the spacecraft, the tether experience 
the maximum stable value for the electromagnetic drag force 
of: 
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Fe p(max,t=35.26°)=2.31[m,t+m,/4]TL 


There are many ways to provide the sensing information 
needed to provide the feedback signals to the control 
resistor, but the simplest is to merely measure the drag 
acceleration on the host spacecraft with a set of 
accelerometers, and maximiize the force in the direction 
opposite to the host spacecraft motion. Another method 
would be to measure the current in the tether, and knowing 
the tether resistance and the amount of control resistance, 
calculate the power being extracted and maximize that 
value. Alternate methods would be to use an optical position 
sensor or GPS receivers at both ends of the tether to measure 
the angle of the tether or the position of the ballast mass with 
respect to the host spacecraft. 

To make an estimate of the magnitude of drag force 
attainable, assume that a typical aluminum tether with a 
length of L=5 km, a tether mass of m,=10 kg and a ballast 
mass of m,=10 kg is being used. Then the maximum 
gradient force limited electrodynamic drag force is F,,= 
0.167 N. The power being dissipated in the canoical tether 
at the angle t, with RL=R,=rdL7/m,=185 Q is given by: 


P=IR=[vBL cos T](R¿+rdL*my) 


which for an angle 1=35.26* results in a power dissipation 
of 1570 W. Thus, the thrust level per unit power obtained by 
the typical Terminator Tether™ would be about 0.106 N/kW. 
This number is comparable to the value of 0.148 N/kW 
estimated for the much heavier and longer TSS-1R tether. 
Reconciliation of Energy and Force Analysis: 

By a force and torque balance analysis an optimum angle 
for the tether has been discovered at which it is possible to 
obtain a maximum in the drag component of the electrody- 
namic force. There is also an additional component of the 
electrodynamic force, the component in the vertical 
direction, Fey_-, sin(t), which is downward for an 
upwardly deployed tether. This component of force com- 
bines with the gravity force of the Earth to effectively allow 
the host spacecraft to orbit a little faster than normal for that 
orbital altitude. It does not contribute to the deorbiting of the 
host spacecraft. But since this vertical component of force is 
created by current running through the tether, and that 
current is creating heat and dissipating energy as it passes 
through the tether, there might be some concern that the 
force and torque balance analysis above does not conform to 
the law of conservation of energy. 

The inventors will now show, in a very general manner, 
that no matter what the tether angle, the electrical power 
being dissipated in the tether is exactly equal to the power 
being lost by the slowing of the host spacecraft. 

The “deorbit power” P,, that must be removed from a 
spacecraft moving at a velocity v when that motion is 
opposed by a drag force Fpp is: 


P p=v*F-p=VF; cos t=vILB cos t=I[vBL cos t] 


But, since the voltage V induced across the tether of 
length L and tilt angle t moving at a velocity v through a 
horizontal magnetic field B is 


V=E*L=EL cos t=vBL cos T 
Therefore: 


And the deorbit power P,, extracted from the slowing of the 
spacecraft by the drag component of the electrodynamic 
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force is always exactly equal to the electrical power P, being 
dissipated as heat in the tether circuits, independent of the 
tether angle. 

Optimization of Tether Mass Distribution: 

If it is not possible to use a piece of the host spacecraft as 
ballast mass, then the mass of the ballast must be included 
in the Terminator Tether™ mass. It would be desirable to 
minimize the total Terminator Tether™ mass, since every 
kilogram saved means that another kilogram’s worth of 
revenue-producing transponders can be added to the work- 
ing payload of the host spacecraft. Given a total mass for the 
Terminator Tether™ and the mass of the deployer/controller 
unit, it is possible to optimize the mass distribution between 
the ballast mass and the tether mass to obtain a minimum 
total Terminator Tether™ mass. A well-designed Terminator 
Tether™ will also have most, if not all, of the deployer mass 
incorporated into the ballast mass. 

Assume that the total Terminator Tether™ mass consists 
of the deployer/controller mass mp, the tether mass mz, and 
the ballast mass mz, with mz>m,>m>. Of the three mass 
components in the Terminator Tether™, two of them affect 
the electrodynamic drag performance. If it is assumed that 
the ballast mass is a factor X larger than the tether mass, or 
m,=Xm,, the maxinum drag force that can be obtained is 
now: 


Fep(max)=2.31m,(X+0.25)TL 


If it is assumed that the control resistor has been adjusted 
so that this maximum value for the electrodynamic drag 
force is maintained as the motion of the spacecraft along its 
orbit moves the spacecraft into regions with different mag- 
netic field strengths and plasma densities, then for the angle 
T=35.26°, cos(35.26°)=0.817, and the maximum electrody- 
namic drag force in terms of the electrodynamic parameters 
will be: 


0.817vB?L?((R +rdL?/m,)=F¿p (max)=2.31m,(X+0.25)TL 
or canceling out terms and rearranging: 
(X+0.25)=0.353vB°L/I'm,(R-+rdL7/m,) 


It is now possible to make the further simplifying assump- 
tion that to maintain control of the tether, the control resistor 
needs to be roughly the same size as the tether resistance or 
R¿=rdL”/m,. Using this assumption produces an equation 
for the optimum value for the ratio X of the ballast mass to 
the tether mass: 


vB? 


X = vB? [TraL- 0.25 = -0.25 + =———— 
12sinycosyP'rdL 


A 
= -0.25— 
E 


Where A is the “effective electrodynamic length”. 

If the tether is short, so that L is small, this equation 
indicates that the ballast mass must be increased to increase 
the gradient force, since it is the gradient force which 
determines the upper limit to the amount of electrodynamic 
drag force that can be generated without losing control of the 
tether. 

Assuming the usual values for the Earth’s magnetic and 
gradient fields, the velocity of the host spacecraft through 
the magnetic field, and the resistivity and density of 
aluminum, this equation becomes: 


X=10.9/L-0.25 


where L is in kilometers. 
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For a typical tether of length L=5 km, X=1.93. If the total 
mass for the Terminator Tether™ is 20 kg, or 2% of the host 
spacecraft mass, and the mass of the deployer is 10 kg, then 
the remaining 10 kg should be distributed so that 6.59 kg is 
in the ballast mass while 3.41 kg is in tether mass. 
Optimization of Tether Length: 

If the ballast mass consists of a piece of the host 
spacecraft, then the mass of the ballast does not have to be 
considered in the optimization of the Tether system. In this 
case, the optimum distribution of the Tether mass is to put 
as much mass as possible into the tether, with a minimum in 
the deployer/controller package. Under this assumption, the 
optimum length of the tether is determined by the desire to 
keep the Area-Time Product of the host spacecraft plus 
Tether to a minimum. 

In a long tether of length L, the effective “collision” 
cross-sectional area is not the area of the tether, but the larger 
area produced by multiplying the length of the tether by sum 
of the width of the tether plus the width of the “target” 
spacecraft that would be damaged by the tether hitting it. 
Thus, to decrease the “area” portion of the Area-Time 
Product, it would be desirable to shorten the tether, making 
it thicker, and perhaps slightly wider, at the same time, thus 
keeping the same tether mass and electron collection area, 
and thereby maintaining the drag force and keeping the 
decay time at the same level. The result will be a shortening 
of the Area-Time Product. 

If the tether is shortened too much, however, the smaller 
voltage generated across the shorter tether will leave less 
voltage margin for the operation of the plasma contactors 
and the battery recharge system. Since the maximum voltage 
that can be generated is about 200 V/km, and typical plasma 
contactors and battery, chargers take 25—100 V to operate, a 
minimum length for a Tether would be roughly 2 km. Host 
spacecraft operating in polar orbits, where the conditions for 
voltage generation are not as good, may require a tether 
length of 5 km or more. 

Since many watts of heat power will be dissipated in the 
control resistor, means must usually be provided to radiate 
the heat away into space. One low-mass method of accom- 
plishing this is to make the control resistor (or resistors) in 
the form of a long, electrically insulated, high resistivity 
wire similar to those used in electric blankets, but designed 
to operate at a higher temperature, and during the fabrication 
of the electrodynamic tether, incorporate the high resistivity 
wire (or wires) into the end of the tether closest to the control 
circuit by weaving or braiding the insulated high resistivity 
wire in with the uninsulated aluminum wire of the electro- 
dynamic tether. The surface area of a long wire is very large, 
so in this extended wire configuration, exposed to the space 
all around it, the hot control resistor wire can self-radiate its 
power into cold space without incurring the mass penalty of 
a separate radiating surface. 

Implementation: 

The basic optimum structure for a Terminator Tether™ 
would be one of the many types of Hoytethers. A multiline 
(6-12 primary line) Hoytape™ will provide the largest 
contact area with the plasma, since both sides of the tape 
would be able to pass current to the plasma. If the spacing 
between the primary lines is chosen to be larger than twice 
the Debye length of the plasma, then the effective current 
collection area per unit length of the Hoytape is proportional 
to the width of the Hoytape mesh, not the diameter of the 
wires in the mesh. Thus, a Hoytape not only provides an 
assured longer life for the Terminator Tether™, but very 
short lengths will also provide a very large current collection 
areas. 

The deployer for the tether can deploy the Terminator 
Tether™ either down or up or both. The deployer can stay 
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attached to the spacecraft as was done in the SEDS missions, 
or perhaps a better alternative would have the deployer 
ejected from the spacecraft, with one end of the tether still 
attached to the spacecraft, reeling out tether as it leaves. The 
empty deployer would then act as a ballast mass at the end 
of the Terminator Tether™, which would improve the per- 
formance. 

The “Remora Remover” 

In addition to attaching Terminator Tethers to spacecraft 
before launch, it is possible to consider a missile-like 
application. This “Remora Remover” missile would use a 
Terminator Tether™ carried by a seeker missile similar to 
the small “hit-to-kill” missiles developed by the Space 
Defense Initiative Office that deployed a net loaded with 
oriented metal rods. The Remora Remover missile would 
hunt down a spacecraft that needs to be removed from space, 
but instead of hitting the spacecraft, the missile would be 
programmed to rendezvous with the spacecraft and attach 
itself to the host spacecraft using a hooked net, harpoon, or 
adhesive “sucker”. The Remora Remover missile would 
then deploy the Terminator Tether™, which would bring 
down both the spacecraft and the missile. 

The inventors have presented two analyses, backed up 
with data obtained from space flight experiments. One 
analysis was based on generalized energy conservation laws 
while the other analysis use force and torque balance argu- 
ments. Both analyses show that optimized aluminum wire 
tethers 2 to 5 km in length and massing just 1% to 5% of the 
mass of the host spacecraft can deorbit the host spacecraft in 
the order of a few weeks, thus mitigating the long-lived 
orbital debris hazard created by a constellation spacecraft 
after their end-of-life. 

Power Augmented Operation of the Tether: 

It is well known in the aerospace literature that if a 
spacecraft has a power supply and a conducting tether 
hanging from it, and the spacecraft is in an orbit or trajectory 
that takes it near a body, such as the Earth or Jupiter, which 
has both a magnetic field and a region of moderate density 
electron-ion plasma, and electrical current is pumped from 
the power supply through the tether and back through the 
plasma, that the current flowing through the tether will 
interact with the magnetic field of the body, producing forces 
on the tether and thence on the spacecraft, changing its orbit 
or trajectory. These forces can be used to increase or 
decrease the spacecraft altitude and/or inclination. The 
amount of altitude or inclination change is proportional to 
the ratio of the power available from the power supply 
divided by the mass of the spacecraft and varies with 
altitude. The unpowered Terminator Tether™ is a simple 
example of such a system, in which only altitude decrease is 
possible, although small amounts of both inclination 
increase or decrease are possible at the same time. Some 
typical references to this prior art are: Les Johnson, “Pro- 
pulsive Small Expendable Deployer System Mission 
(ProSEDS)”, Proceedings of the OAST 8” Advanced Pro- 
pulsion Workshop, JPL, Pasadena, Calif., 20-22 May 1997; 
and Les Johnson, Joe Carroll, Robert D. Estes, Enrico 
Lorenzini, Brian Gilchrist, Manuel Martinez-Sanchez, Juan 
Sanmartin, and Irwin Vas, “Electrodynamic Tethers for 
Reboost of the International Space Station and Spacecraft 
Propulsion, AIAA Paper 1996. 

Since the Terminator Tether™ of the invention is nor- 
mally associated with a satellite that has a power supply in 
the form of a solar panel combined with a storage battery, the 
Terminator Tether™ can be operated in the “powered pro- 
pulsion” mode if desired. Such a mode would be useful 
when attempting to avoid a collision between the Terminator 
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Tether™ and another spacecraft. In such cases, the power 
from the solar panel, augmented by the power stored in the 
battery, can be used to temporarily operate the Terminator 
Tether™ in the propulsion mode instead of the normal drag 
mode. This would enable to Terminator Tether™ to raise its 
altitude and/or increase or decrease its inclination to avoid a 
collision. 

In addition, the Terminator Tether™ could be operated in 
the “power-augmented drag” mode. In this mode, there will 
be a current induced in the tether by the motion of the 
spacecraft through the magnetic field, which will cause a 
drag force on the spacecraft. This induced current would 
then be augmented by additional current in the same direc- 
tion generated by the solar panel and the storage batteries in 
the power supply. The increased current will cause an 
increased drag force. If there is a significant vertical com- 
ponent of the magnetic field there will also be an increased 
force normal to the orbital plane, which will cause an 
increased rate of change of inclination. 

When the Terminator Tether™ is operated in the “pow- 
ered propulsion” or “power-augmented drag” mode, the 
conditions for stable optimum operation will be essentially 
the same as in the “unpowered drag” mode. The reason the 
conditions stay the same is that the maximum tether force 
than can be effectively utilized is limited by the strength of 
the gradient force, which has not changed, since the length 
and mass of the tether and the ballast mass has not changed 
for these different modes of operation. As a result the 
optimum operational angle for the tether is still 35.26 
degrees, and the optimum ratio of ballast mass to tether mass 
for different tether lengths and tether material is still deter- 
mined by the analysis of the invention as is set forth above. 

In the analysis given above, where the optimum tether 
angle was found, the tether was assumed to be in the plane 
of the orbit and lagging behind the spacecraft motion, since 
in the “unpowered drag” mode, that would be its normal 
position, although if the component of the magnetic field 
along the orbit were high, there would be some tilt of the 
tether out of the plane of the orbit, producing a force tending 
to change the inclination of the orbit. In either of the 
“powered” modes of operation of the Terminator Tether™, 
however, the tilt of the tether could be forward toward the 
motion of the spacecraft or strongly tilted to one side or the 
other of the orbital plane. In all these cases, if the electro- 
dynamic force is allowed to become too large, and the tether 
angle exceeds 45 degrees, the restoring force of the gradient 
field will drop off and the tether angle will go unstable. As 
a result, the optimum angle for the tether that will give the 
maximum stable force, whether it is a maximum drag force, 
and maximum propulsion force, or a maximum inclination 
change force, will be 35.26 degrees, and the optimum ratio 
for the mass of the tether versus the mass of the ballast will 
be the same as for the unpowered drag case. 

The analysis that gave the optimum angle as 35.26 
degrees assumed that the tether would be oriented like a 
rigid rotor. In reality, variations in forces along the tether 
will probably cause the tether to hang in a slightly curved 
shape, where the optimum angle may not be exactly 35.26 
degrees from the local vertical. The optimum angle of the 
tether as it leaves the host spacecraft in such a case is where 
the drag force is largest. 

The present invention is discussed in this disclosure in 
terms of its space applications as a Terminator Tether™ 
useful for the removal of unwanted satellites. It should be 
understood, however, that the present invention is useful in 
any application where a space object can use a conductive 
tether to produce electrodynamic force through interaction 
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with a magnetic field. The invention, therefore, should be 
limited not by this description, but only by the appended 
claims and their equivalents. 

What is claimed is: 

1. A method of operating a conductive tether attached to 
a space object, said conductive tether being oriented at an 
angle to magnetic field lines of an external magnetic field 
and said conductive tether moving across the magnetic field 
lines of said external magnetic field at said angle to produc- 
ing an electric current in said conducting tether and a 
resulting electrodynamic force acting on said tether and said 
attached space object comprising, 


Controlling the amount of electric current flowing in said 
conducting tether to vary the angle between the con- 
ductive tether the field lines of the external magnetic 
field and the electrodynamic force acting on said tether 
and attached space object. 

2. A method as in claim 1 wherein said angle is less than 

45 degrees. 

3. A method as in claim 1 wherein said angle is 35.26 
degrees. 

4. Amethod as in claim 1 wherein said angle is controlled 
to average 35.26 degrees over time. 

5. A method as in claim 1 wherein said angle is controlled 
to average 35.26 degrees over the length of the tether. 

6. Amethod as in claim 1 wherein the space object and the 
tether connected to it are rotated about their center of mass 
while the conductive tether interacts with the external mag- 
netic field. 

7. A method as in claim 1 wherein the angle of the 
conductive tether to the external magnetic field is controlled 
by sensing a measurable parameter of the space object/ 
conductive tether system. 

8. A method as in claim 7 wherein the parameter is current 
flow in the conductive tether. 

9. A method as in claim 7 wherein the parameter is the 
electrical power dissipated in the conductive tether and the 
current control system. 

10. A method as in claim 7 wherein the parameter is the 
relative position of the space object and the position of the 
far end tip of the tether. 

11. A method as in claim 7 wherein the parameter is the 
acceleration of the space object. 

12. A method as in claim 6 wherein the parameter is the 
state vector of the space object as measured by the Global 
Positioning System. 

13. A method as in claim 1 including the step of applying 
electric power to the conductive tether to change the state 
vector of the space object. 
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14. A method of operating a conductive tether attached to 
a space object, said conductive tether being oriented at an 
angle to the local vertical between said space object and a 
celestial body having a magnetic field having magnetic field 
lines external to said conductive tether, said conductive 
tether moving across said magnetic field lines of said 
external magnetic field at an angle to the local vertical to 
produce an electric current in said conducting tether and a 
resulting electrodynamic force acting on said tether and said 
attached space object comprising, 

Controlling the amount of electric current flowing in said 
conducting tether to vary the angle between the con- 
ductive tether the local vertical between said space 
object and said celestial body to vary the electrody- 
namic force acting on said tether and attached space 
object. 

15. A method as in claim 14 wherein said angle is less than 

45 degrees. 

16. A method as in claim 14 wherein said angle is 
controlled to average 35.26 degrees over time. 

17. A method as in claim 14 wherein the space object and 
the tether connected to it are rotated about their center of 
mass while the conductive tether interacts with the external 
magnetic field. 

18. A method as in claim 14 wherein the angle of the 
conductive tether to the external magnetic field is controlled 
by sensing a measurable parameter of the space object/ 
conductive tether system. 

19. A method as in claim 18 wherein the parameter is 
current flow in the conductive tether. 

20. A method as in claim 18 wherein the parameter is the 
acceleration of the space object caused by the electrody- 
namic force acting on the space object. 

21. A method as in claim 18 wherein the parameter is the 
change in the state vector of the space object as measured by 
the Global Positioning System. 

22. A method as in claim 14 including the step of applying 
electric power to the conductive tether to change the state 
vector of the space object. 

23. A method as in claim 14 wherein the celestial body is 
the Earth and the magnetic field is the Earth’s magnetic field. 

24. A method as in claim 14 wherein the celestial body is 
the sun and the magnetic field is the Sun’s magnetic field. 

25. A method as in claim 14 wherein the magnetic field is 
the vector sum of the magnetic fields from all celestial 
bodies in the solar system. 

26. A method as in claim 14 wherein the conductive tether 
is a Hoytether. 
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(57) ABSTRACT 


A new method is described to produce directional currents in 
the space lattice, the fundamental fabric of the universe. The 
currents may be unidirectional or vortexual in nature and are 
suitable for propulsion or the generation of electric power. 
For propulsion, the unidirectional currents are induced by 
charging capacitors possessing suitable geometries. This 
will allow the manufacture of vehicles capable of levitation 
and flight. The vortexual space lattice currents are produced 
in a suitable pyramid when electrostatic and magnetic fields 
interact transversally. The vortex causes charge separation 
and current in the coil wrapped around the pyramid. 
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METHOD AND APPARATUS FOR CONVERTING 
ELECTROSTATIC POTENTIAL ENERGY 


CROSS-REFERENCES 


[0001] This application claims priority from Provisional 
Application Ser. No. 60/169,378, by Peter Grandics, filed 
Dec. 7, 1999, also entitled “Method and Apparatus for 
Converting Electrostatic Potential Energy,” the contents of 
which are hereby incorporated by this reference. 


BACKGROUND OF THE INVENTION 


[0002] This invention is directed to methods and apparatus 
for conversion of electrostatic energy. Specifically, this 
invention describes methods to cause directional movements 
in the space lattice. 


[0003] To fully comprehend the theoretical basis for these 
methods, first the genesis of the elemental particles electron 
and positron needs to be discussed based on geometric or 
space relationships, and their interactions at the sub-elemen- 
tal particle level must be clarified. The advantage of such an 
approach is that it can be visualized, and not just expressed 
mathematically. by definition, the word “structure” implies 
a geometric relationship, and such relationship must be of 
great importance in atomic structures even though they are 
hidden from direct view. 


[0004] The study of geometric relationships of macro- 
scopic structures of matter may provide important insights 
into the properties of matter at the microscale. Astrophysics 
suggests the universe probably started with an energy burst 
from one point. This big bang theory is supported by visual 
and electronic evidence that the galaxies are expanding 
away from a single center. 


[0005] In stellar formation, gravitational pull and velocity 
generate a rotary vortex. Even in the relative absence of such 
factors, all objects spiral at some given rate peculiar to their 
special influences. A spiral is created when an object moves 
forward while rotating. Earth’s movement in space is an 
example of this process. The Earth orbits the sun, while the 
sun pulls it along towards the direction of Vega in the 
constellation Hercules. the combined circular and forward 
motion creates a spiral. Our sun has the same motion in 
relation to the galaxy center. Our galaxy, the Milky Way, 
also spirals away from the Big Bang center. 


[0006] Water going down a drain demonstrates some of 
the special influences affecting spiral formation. The spiral, 
caused by Coriolis forces, changes dynamically under the 
effects of gravitational pull, drain diameter, obstructions, 
temperature, pressure, volume, viscosity, and stirring. The 
spiral changes shape and acceleration but maintains the 
universal shape of a spiral. The water flow is responsive to 
all possible factors, and so is the spiral. 


[0007] Remarkably, the spiral vortex has a “memory” of 
itself. When a vortex is distorted to become elliptical, it 
spontaneously returns to its original circular form. The 
vortex is a self-sustaining type of motion; its resiliency is 
comparable to that of atomic bodies. 


[0008] Spirals condense energy and sine waves transmit it 
along a frictional line of force between them (FIG. 1). 
Spirals and waves could be considered illusions of each 
other. Two opposed spirals form a wave, or a wave produces 
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two spirals. A sine is the producer of waves of spiral forces. 
Any fluid capable of supporting wave motion can also 
support vortex motion. 


[0009] The spiral is the prominent form of organization of 
matter. The large proportion of spiral galaxies among celes- 
tial bodies visibly demonstrates this. On the microscale, 
even the building block of life, the DNA uses this structure 
and spirals are likely to be dominant at the level of the atom 
and below. This is the subject of the present theory. I propose 
that all atoms, all stellar formations use the mutable spiral to 
adapt to their spiral environment. 


[0010] Another proposition is that all mediums of matter 
can be considered a type of crystal. Crystallinity is readily 
recognizable in the mineral world, but it is also a more 
general state of matter. Besides solid crystals, liquid crystals 
also exist. by definition, a crystal is a regularly repeating 
atomic arrangement, such as a chemical element, a com- 
pound or an isomorphous mixture. Therefore, the term 
crystal applies to material expressions where crystallinity is 
not so obvious, e.g., gases, complex biologics and various 
life forms, including viruses, bacteria and higher organisms. 
Air and water could be considered loose crystals subject to 
fast molecular drift. At low temperatures where molecular 
drift is reduced, gases form solid or liquid crystals. Soil and 
stone and metal are opaque cryptocrystals with slower rates 
of molecular drift. On the macroscale, the Earth could be 
seen as faceted crystal with its mountain ridges are the ridges 
of a geodesic sphere. Biopolymers such as DNA, proteins or 
polysaccharides fit well the definition of a crystal and are 
commonly made into crystals. All life can be seen as a 
crystal. From fish to humans, we are liquid crystals on a 
skeletal lattice. 


[0011] Crystals are the shape of discrete units of matter 
and notably the channelized direction of energy, that is, the 
direction energy that flows unforced. Crystals form the basis 
for corpuscle-wave conversion. Crystals create resonance 
and conduct the flow of energy between states. Crystals can 
also be considered lenses. By definition, a lens is a device 
capable of refracting, or bending light. Light is an energy 
flow, so on a more general term, a lens can be defined as any 
object capable of changing the direction of energy flow. By 
this broader definition, even an electric wire is a lens as it 1s 
capable of changing the direction of flow of electrical 
energy. lenses communicate energy as part of the principle 
that all matter vibrate, all matter transmit, and all matter 
receives energy. The universe changes energy states with 
lenses. Following this line of reasoning, the universe could 
be viewed as a resonant crystal lens. 


[0012] This observation is important because the universe 
is considered to be largely empty, the largest component of 
which is the so-called vacuum space. Since Nature seems to 
use the same geometrical organizing principles from macro 
to micro, I suggest that the vacuum space must also be 
“crystalline”. Since the term crystalline is associated with 
material of which the vacuum space is substantially devoid, 
I will use an extended meaning of “structured” when dis- 
cussing crystallinity of vacuum space. 


[0013] The theory of “crystalline” vacuum space was 
introduced by Simhony (Simhony, M. (1990) The Electron- 
Positron Lattice Space, Cause of Relativity and Quantum 
Effects, Physics Section 5, The Hebrew University, Jerusa- 
lem., and Simhony, M. (1994) Invitation to the Natural 
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Physics of Matter, Space, and Radiation, World Scientific 
Publishing Co., London, UK.). Simhony reasoned that three- 
dimensional physical phenomena must have three-dimen- 
sional physical causes and explanations. 


[0014] He demonstrated that physical reality can be 
described by the laws of classical physics supplemented by 
the presence of a space lattice. This led to the development 
of the theory of an electron-positron lattice space (epola for 
short). In the epola, bound electron-positron pairs reside at 
the lattice sites of a face-centered cubical “crystal” structure 
similar to that of NaCl crystals (Kennon, N. F. (1978) 
Patterns in Crystals, John Wiley & Sons, New York.). 


[0015] The epola theory allowed a physical explanation of 
all yet unexplained postulates of quantum mechanics and 
relativity including the particle-wave duality, the quantized 
nature of electron orbits in the atom, the electromagnetic 
radiation, the photon, and gravitational interactions as well 
as the relationship of electrostatic, magnetic and gravita- 
tional interactions. He demonstrated gravity to be a deriva- 
tive of electromagnetism. 


[0016] There is a large body of evidence suggesting that 
the vacuum space is not empty at all. Experiments verify that 
the vacuum space contains an enormous residual back- 
ground energy (some examples are: Boyer, T. H. (1985) The 
classical vacuum (zero-point energy) Scientific American 
70-78, Haisch, B., Rueda, A. and Puthoff, H. E. (1994) 
Beyond E=mc”, The Sciences, 34, No. 6, 26-31, and B. 


[0017] Haisch and A. Rueda, (1999).On the relation 
between zero-point-field-induced inertial mass and the Ein- 
stein-de Broglie formula, Physics Letters A, in press), called 
zero-point energy (ZPE). The ZPE manifests as a pervasive 
and vast electromagnetic field called the zero-point field 
(ZPF). a dynamic field, ZPF is a virtual plasma, with 
particles arising and disappearing of a background energy 
field serving as a baseline, or zero point, for all physical 
processes. The ZPE remains even at absolute zero. Simhony 
has described zero-point energy fluctuations as analogous to 
brownian motion of epola particles around their lattice sites. 
A potential alternative term for the lattice space is zero- 
point-field (ZPF) described in 1994 by Haisch, Rueda and 
Puthoff (Haisch, B., Rueda, A. and Puthoff, H. E. (1994) 
Beyond E=mc2, The Sciences, 34, No. 6, 26-31). This area 
remains an active field of research. 


[0018] Simhony also suggested that all particles of matter 
are directly formed from the lattice space, the mechanism of 
which remains undetermined. The present theory intends to 
answer this question in terms of lattice space. 


[0019] I propose that the vacuum space has a lattice 
structure similar to that introduced by Simhony. this struc- 
ture is a face-centered cube having 27 lattice sites (FIG. 2). 
on the lattice sites reside the elemental “particles” forming 
all particles of matter. These are “particles of energy” rather 
than particles of matter. 


[0020] I propose that the “particle of energy” of the space 
lattice, called here the subtle electron, is a spiral energy 
vortex tied into itself in the form of a circumvolution cissoid. 
The circumvolution cissoid is a spiral turn around an axis 
converging into an apex, in a self-imploding, self-sustaining 
vortex motion (FIG. 3). The vortex pulsates and its vibration 
is a function of (2_@)x, where Ø is the Fibonacci series 
number and x=0,1,2,3, the number of turns the circumvo- 
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lution cissoid makes. Once started up, such a vortex would 
run practically indefinitely inside the space lattice. 


[0021] The internal friction of such a space lattice must be 
so low that it would only be noticeable as a red shift in the 
spectra of distant galaxies. The space lattice, like its con- 
stituent energy vortices, must also be a resilient structure 
with only limited compressibility. At the same time, it must 
have fluidity since it is capable of transmitting waves with 
transverse displacement. In the absence of atomic oscilla- 
tors, the space lattice would be incapable of dissipating 
energy in the form of heat. 


[0022] Vortices maintain their circular forms as well as 
their proportions and dimensions. The adjacent vortices 
have a coordinating effect that establishes axial alignment 
and rolling contact between vortices within the space lattice. 
In that sense, there is a great deal of similarity between 
crystals of material bodies and the structure of the space 
lattice. I postulate that the space lattice is an incompressible, 
frictionless fluid made out of cubes of units cells of subtle 
electron vortices. 


[0023] We can consider the space lattice equivalent to 
motion. A space lattice in motion necessarily has inertia. 
Although inertia is generally attributed to moving material 
bodies, it is actually a property of motion. Inertia is just the 
continuity of motion. In the case of vortex motion the inertia 
is localized. Localized inertia can also be called momentum. 
To account for the elemental particles of matter, we need a 
space lattice that is capable of moving. 


[0024] Anderson discovered in 1932, that when 1.02 MeV 
photon energy is absorbed into the vacuum space, an elec- 
tron-positron pair can appear. this observation is explained 
here as a glimpse into the formation of elemental particles of 
matter. To become matter, energy must become more angu- 
lar. This hypothesis is derived from the observation that all 
material expression is a type of crystal, and is the compound 
and derivative of a fundamental triangular form which all 
the seven crystal systems can be derived (Kennon, N. F. 
(1978) Patterns in Crystals, John Wiley & Sons, New York.). 
The mechanics of this expression at the level of the space 
lattice are explained as follows: As the energy of electro- 
magnetic radiation propagates through the space lattice, it 
polarizes the subtle electron energy vortices (for analogy see 
FIG. 1). Subsequently, the “energy particles” of the space 
lattice, the subtle electrons, undergo a phase transition 
similar to the condensation of gases. This happens at the 
resonant frequency of the 1.02 MeV gamma radiation. 


[0025] The 27 subtle electrons of the unit cell of space 
lattice rearrange into a pyramidal segment of the cube (FIG. 
5) on six levels each forming circles of vortices. An open-flat 
presentation of the rearrangement is shown in FIG. 4. This 
structure is the postulated smallest unit of matter. note that 
the cube is composed of six interlocking pyramids so the 
cube and the pyramid are resonant structures. Inside the 
pyramid, the subtle electron rings form a vortex capable of 
circulating the fluid space lattice. The pumping action is 
driven by the self-sustaining, pulsating vortex motion of its 
constituent subtle electrons (FIG. 3). The overall shape is a 
cone fitting inside the pyramid. The formation of matter 
follows the geometry of the space lattice (FIG. 5) and thus 
we may conclude that the space lattice provides the blueprint 
for matter. 


[0026] An electron is produced when two such cones are 
joined in a tip-to-tip conformation (FIG. 6). The positron is 
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made out of two vortices (cones) facing base-to-base. The 
energy vortices which make up the electrons have a resilient 
vibratory structure which should be capable of vibrating at 
various frequencies and modes. This would allow us to 
account for the series of spectral lines, a signature of 
absorbing and emitting energy at various frequencies. 


[0027] These complex vortex particles have a pumping 
effect and circulate the fluid space lattice. For the electron, 
the space lattice is drawn in polarly and expelled equatori- 
ally. For the positron, the space lattice is drawn in equato- 
rially and expelled polarly (FIG. 7). The direction of circu- 
lation of fluid space lattice determines the positive or 
negative polarities. When in close proximity, a specific flow 
coupling occurs between the electron and positron (FIG. 7). 
It is quite probable that a similar flow coupling exists 
between a proton and an electron inside the atom, although 
such coupling is stable in the case of the proton. This is 
likely a result of the different vibratory structure of the 
vortex proton. 


[0028] The instability of the electron-positron pair is also 
derived from this model. The perfectly fitting, counter- 
rotating cones of energy extinguish each other with the 
release of a combined energy of 1.02 Mev. This results in the 
reconstitution of the respective unit cells of the space lattice 
along with the release of the phase transition energy. 


[0029] The size of the subtle electron is estimated based 
on the “nuclear radius” of 0.1 fm for the electron, to be 
approximately 0.005 fm. The lattice constant for the unit cell 
of space lattice is approximately half of the “nuclear radius” 
of the electron, 1.e,.0.05 fm. This indicates that the space 
lattice is quite dense compared to atomic bodies. 


[0030] The model explains the attraction of free electric 
charges as follows (FIG. 8): Opposite charges move towards 
each other. This movement is due to the equatorial circula- 
tion of fluid space lattice from the negative charge to the 
positive charge and the polar circulation of space lattice 
from the positive to the negative charge. The attraction of the 
vortices pull the two partners together. The electrostatic field 
between separated charges is defined as the flow of the space 
lattice from the protons to the electrons and the outside 
return flow of space lattice from the electrons to the protons 
(see FIG. 8). This explanation will eventually lead to a 
hydromechanical theory of electricity. 


[0031] Interestingly, there is a net unidirectional flow of 
fluid space lattice in the axial direction of the free electric 
charges (FIG. 8) flowing in at the negative pole and flowing 
out at the positive pole. if the charges have a steady parallel 
orientation, e.g., as in an electric condenser, then a pressure 
differential must arise in the space lattice around the oppo- 
site poles of the condenser. To fully appreciate the signifi- 
cance of this conclusion, we must first examine how material 
bodies accelerate through the space lattice. 


[0032] Accelerating objects encounter resistance facing an 
increased pressure of the space lattice at the front end and a 
reduced pressure at the rear end of the object. This situation 
is common to all propulsion methods which apply mechani- 
cal force on the physical object. Therefore, it is logical to 
suggest that a pressure differential of space lattice at the 
opposite sides of material bodies is always accompanied by 
a change in the rest or motion of such bodies. To obtain a 
propulsion force, instead of exerting force on the physical 
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object we should transfer the space lattice that controls the 
behavior of the object from the rear end of the object to its 
front end. 


[0033] Therefore, a sufficiently charged object in which 
the charges have a steady parallel orientation should behave 
as an accelerating object, 1.e., it should move toward the 
direction of its positive pole. In fact, this happens due to its 
own generated space lattice pressure differential Now that 
the fundamentals are developed, the effect may provide the 
basis for a new propulsion and gravity cancellation method, 
and may give us insights into the mechanism of gravitation. 
A craft utilizing such propulsion method could exhibit 
inertialess acceleration as it would meet no resistance from 
the surrounding space lattice. 


[0034] The theory also allows us to develop strategies for 
tapping into the energy of the space surrounding us. Sepa- 
rated charges in an electric condenser cause a directional 
flow of the fluid space lattice. Conversely, if we could induce 
a directional flow of the space lattice, it would cause a 
separation of charges in material objects. To explain how 
such an effect could be produced, first the physical basis of 
magnetism must be explained. 


[0035] I have described the physical basis for the electro- 
static field as a flow of a space lattice current from the 
positive charges to the negative charges and back on the 
outside to the positive charges. I shall now explain how these 
space lattice currents flow in an electric wire. The space 
lattice flow which connects the electrons to the protons of 
the atoms in the wire becomes extended in the length of the 
wire. This is the same direction as the direction of movement 
of electrons which, in the current, flow in the outer shell of 
the wire. The external return flow of the space lattice will be 
in the opposite direction in the space around the wire. This 
flow constitutes the magnetic field. In a solenoid, the sur- 
rounding space lattice flows in the opposite direction relative 
to the path of the electrons. The magnetic effect will appear 
as either N or S magnetic poles. The magnetic poles are 
mirror images of each other. This suggests that a single 
isolated magnetic pole cannot exist. 


[0036] In the electrostatic field, the outside space lattice 
currents flow between electrically charged particles. The 
magnetic field, on the other hand exhibits a closed circuit 
flow of the space lattice along the path of a solenoid or a 
circuit. Electric and magnetic forces are produced by move- 
ment of the space lattice in spirals or whirls. 


[0037] An electric charge and a magnetic pole do interact 
even though they do not apply any force to each other. A 
magnetic pole will bring about a directional orientation of 
the electrons in a charged object, while an electric charge 
will cause the electric polarization of the adjacent surface of 
a magnetic pole. 


[0038] The final question remains is the superimposition 
of electrostatic and magnetic fields on each other. The 
practical significance of the interaction of axially oriented 
electrostatic and magnetic fields is likely to be small com- 
pared to their interaction at an angle. A transversal super- 
imposition of a magnetic field on an electrostatic field will 
cause the distortion of both fields. The axial flow of the 
space lattice between the electric poles, which is the physical 
basis for the electrostatic field, will be distorted, but its 
circulation will continue. Similarly, the rotating space lat- 


US 2001/0032905 Al 


tice, which is the basis for the magnetic field, will also be 
distorted, flowing in irregular circuits. 


[0039] To study the transverse superimposition of electro- 
static and magnetic fields, a shaped electrostatic field must 
be created (FIG. 9). When a magnetic field interacts with the 
shaped flow of the space lattice, it could result in the 
formation of a space lattice vortex at the points where the 
two flows intersect. This is based on previous hypothesis 
that the space lattice is an incompressible fluid, wherein the 
intersecting currents cannot penetrate but distort each oth- 
er’s flow patterns. 


[0040] To expand this shaped electrostatic field into three 
dimensions, a pyramid is required. I have already discussed 
the importance of the pyramidal geometry in the formation 
of matter. The pyramidal geometry may also be important 
for producing a space lattice perturbation, which is the 
equivalent of a magnetic field when it follows a rotational 
symmetry (e.g. a vortex). 


[0041] If with transversally superimposed electrostatic 
and magnetic fields a pyramid did indeed produce a vortex 
in the space lattice, then the rotational flow of the space 
lattice should cause the separation of charges and an electric 
current in material bodies, as predicted by this theory. This 
means that under appropriate conditions, a pyramid could 
become a power generator. 


[0042] For power generation in a pyramid, the source of 
the electrostatic and magnetic fields could potentially be the 
Earth. The earth has a high voltage electric field such that the 
earth’s surface is negatively charged while the atmosphere is 
positively charged (Feynman, R. P. (1964) Lectures on 
Physics, v.2, 9-2, Addison Wesley, Inc., Palo Alto, Calif.). 
The voltage field is believed to be maintained by the Sun’s 
radiation energy and/or cosmic ray energy and extends from 
the ionosphere to the surface creating a potential difference 
of about 400,000 V. The Earth’s electrostatic field never 
seems to get depleted despite all the storm activities and 
discharging of energy. The voltage gradient is estimated to 
be 200 V/m around the surface of the earth. The total energy 
reaching earth at any moment is about 700 MW (400,000 V 
multiplied by a current of 1800 A). The magnetic field 
strength of the earth is about 0.5 Gauss and exhibits con- 
tinuous pulsations with main frequencies of 8 to 16 Hz. 


[0043] Therefore, the earth’s electrostatic and magnetic 
fields could potentially be utilized to create a space lattice 
vortex in and around a sufficiently sized pyramid. This 
hypothesis has been tested experimentally. The earth’s elec- 
trostatic field was modeled as described in the Examples. 


[0044] Therefore, there is a need for an improved method 
and apparatus for the conversion of electrostatic energy as 
described herein. 


SUMMARY OF THE INVENTION 


[0045] Pursuant to this invention new techniques are 
described to produce directional currents in the space lattice. 
The currents are induced either by separated charges, prop- 
erly positioned magnetic fields or by the interaction of 
electrostatic and magnetic fields at an angle, specified by the 
side angle of a pyramid. The induced space lattice currents 
can be utilized to generate specific effects which may vary 
from propulsion, to gravity cancellation and power genera- 
tion. 
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[0046] In particular, an aspect of the present invention is 
a method producing directional currents in the space lattice 
utilizing: 


[0047] (1) separated electric charges; and 


[0048] (2) the interaction of electrostatic and mag- 
netic fields. 


[0049] In one preferred embodiment of the invention, 
electric charges are separated in an oriented fashion. The 
orientation can be a parallel orientation. The orientation can 
be obtained in a capacitor. The capacitor can be used for the 
propulsion of a vehicle. The capacitor can provide lift and 
lateral movement control for said vehicle. 


[0050] The interaction of electrostatic and magnetic fields 
can be set up in a pyramid. 


[0051] The interaction can produce a vortex in the space 
lattice. 


[0052] The vortex can be tapped to produce electric 
power, which can be obtained by wrapping a coil around the 
pyramid. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0053] The following invention will become better under- 
stood with reference to the specification, appended claims, 
and accompanying drawings, where: 


[0054] FIG. 1 is a diagram showing the relationship 
between a spiral and a wave; 


[0055] FIG. 2 is a diagram demonstrating the geometry of 
the space lattice; 


[0056] FIG. 3 is a diagram demonstrating the circumvo- 
lution cissoid; 


[0057] FIG. 4 is a diagram demonstrating the smallest unit 
of matter; 


[0058] FIG. 5 is a diagram showing the rearrangement of 
the unit cell; 


[0059] FIG. 6 is a diagram exhibiting the structures of 
electron and positron; 


[0060] FIG. 7 is a diagram demonstrating the flow cou- 
pling of electron and positron; 


[0061] FIG. 8 is a diagram showing the attraction of 
electric charges; 


[0062] FIG. 9 is a diagram showing the interaction of a 
shaped electrostatic field with a magnetic field; 


[0063] FIG. 10 is a diagram displaying the arrangement of 
the capacitors in the craft; and 


[0064] FIG. 11 is a diagram demonstrating the pyramid 
experimental setup. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


[0065] Pursuant to this invention, novel methods are 
described to induce directional currents in the space lattice 
which is postulated to be part of the boundary conditions of 
the Universe. These methods are useful in providing for the 
conversion of electrostatic energy into a useful form. The 
first method relates to generating an unidirectional flow of 
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the space lattice which could be useful in cancelling gravity 
and generating a propulsion force. A possible configuration 
for keeping the charges separated and stored is in the form 
of a capacitor. The shape of the capacitor and the body of 
such device is important for optimal performance. A pyra- 
midal or conical shape is preferred for the alignment of the 
capacitors (FIG. 10). Optimally, the shape of the capacitor 
follows the shape of the craft. 


[0066] In FIG. 10, the pyramid 100 is surrounded by a 
detector coil 102 which is in turn connected to an oscillo- 
scope 104. In the experimental setup shown, the field is 
established by a top plate 106 and a ground 108 connected 
to a source of DC electrical energy 110. 


[0067] The conductive elements of the capacitor are lay- 
ered into the pyramidal or conical segment of the hull of 
such craft. Optimally, there should be several layers of 
negatively charged conductors on the outside while a single 
layer of positively charged conductor in the inside of the 
craft. All conductive elements should be carefully insulated 
in order to keep the charges inside the capacitor. 


[0068] In the center of the craft, a conductive, insulated 
pole is mounted such that the pole extends out into the 
exterior at the top of the craft. The tip of that pole has a metal 
ball mounted on which is also positively charged. When all 
the capacitor plates are charged, they induce an unidirec- 
tional, upward flow of the space lattice. This means that the 
space lattice pressure above the craft will be higher than the 
space lattice pressure at the bottom of the craft. This pressure 
differential is unstable and progresses towards an equilib- 
rium. It will grab the craft and propels it forward in order to 
eliminate the pressure gradient. This requires that a suffi- 
ciently high voltage be applied. My estimation is that about 
5 kV is needed to lift every gram of an object. The capacitors 
incorporated into the hull will give control over lift. 


[0069] To obtain directional control over all three axes of 
movement, three capacitors need to be mounted at the 
bottom of the craft apart from each other. These capacitors, 
could take the shape of a ball and would be mounted on 
retractable shafts. The top half of the capacitors would be 
positively charged while the bottom half is negatively 
charged. When in flight, the capacitors are retracted and 
charged based on the needs of directional control. To achieve 
forward movement, the charges on one capacitor facing the 
direction of the desired path should be reduced relative to the 
other two capacitors. This would make the craft tilt forward 
and start moving in that direction. An alternative method of 
lateral directional control could be obtained by dividing the 
capacitor bank in the hull into segments which segments 
could be charged individually. 


[0070] Upon landing, the three ball capacitors would be 
protracted on their shafts and serve as landing gear. On 
landing, they would be discharged because the earth is the 
greater ground. On launching, the main capacitors of the 
body would be activated causing a lift-off. The three capaci- 
tor landing gear would then be retracted and charged up so 
that they can function for lateral directional control. On- 
board static generators would supply the voltage required for 
the operation of the craft. 


[0071] The most significant aspect of this type of propul- 
sion system would be the loss of inertia during acceleration. 
Inertial forces pose great obstacles to improving the perfor- 
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mance of current propulsion techniques. Since we are now 
in control of the space lattice surrounding the craft, it will 
encounter no resistance from the space lattice. The passen- 
gers of such craft would feel no forces acting upon their 
bodies even if the craft achieved enormous accelerations. 


[0072] This overall design is suitable for the development 
of a wide range of transportation vehicles, from automobile- 
type to aircraft and spacecraft. The impact of such a tech- 
nology on our economy would be enormous. We could 
eliminate a major factor in environmental pollution, the 
generation of greenhouse gases which place a great stress on 
our ecosystem. In the United states, 66% of the greenhouse 
gases are produced by transportation vehicles and just 34% 
by power generation. The signs of global warming and the 
deterioration of the ecosystem are visible from every direc- 
tion. 


[0073] The developing countries are bent on establishing 
the same economical model evolved in the developed coun- 
tries, representing about 16% of the world population. 
Worldwide mass deployment of our current energy tech- 
nologies would most likely cause an environmental catas- 
trophe which may terminate higher life-forms on this planet. 


[0074] This makes it very important that the focus of our 
energy sector shifts towards renewable, non-polluting 
sources of energy. The subject invention offers a solution in 
this regard. The transversal interaction of electrostatic and 
magnetic fields in and around a pyramid offers the potential 
to tap into the electromagnetic field of our planet. I have 
found that a pyramid becomes a power generator when the 
electrostatic voltage field gradient of the earth is reproduced 
around it. Tapping the energy field was as simple as placing 
a coil around the pyramid. 


[0075] The optimal size production pyramid is likely 
going to be large. The optimal material composition may be 
alternative layers of metal and dielectric to maximize the 
total amount of charges the pyramid can hold. This is 
important for increasing the performance of the pyramid. A 
coil is then wrapped around the pyramid to tap into the 
generated field. The orientation of the pyramid to the mag- 
netic North pole does not seem to be a prerequisite for 
operation. Such a pyramid generator will be called the 
pyramitron. 


[0076] The following Examples illustrate the features and 
advantages of the subject invention. Accordingly, it is to be 
understood that the description in this disclosure is to 
facilitate comprehension of the invention and should not be 
construed to limit the scope thereof as persons skilled in the 
art can, in light of this disclosure, generate additional 
embodiments without exceeding the scope or departing from 
the spirit of the claimed invention. 


EXAMPLE 1 


[0077] Demonstration of the pyramitron: For the experi- 
ments, I have randomly selected a one-foot base length foam 
pyramid from a pyramid vendor (The Pyramid Project, Ft. 
Wayne, Ind.). The outside of the pyramid was covered with 
aluminum foil. The pyramid was placed on a 2'x2' insulating 
polyethylene platform equipped with an adjustable height 
2'x2' size aluminum top plate, 16" thick (FIG. 10). The 
height of the aluminum plate was adjusted as needed and a 
gap of 1 %" between the plate and the tip of the pyramid was 
used in the experiments. 
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[0078] A high voltage (HV) CRT power source producing 
30 kV DC was taken from a television set. I have assumed 
that an actual energy producing pyramid should be relatively 
high in order to obtain a large voltage drop from its tip to the 
ground. Therefore, assuming a height of 150 m for a life-size 
pyramid and a voltage drop of 200 V/m near the surface of 
the Earth, the 30 kV voltage is in the range of the voltage- 
drop expected for the height of a practical size pyramid. 


[0079] The positive pole was attached to the top aluminum 
plate. This simulated the positive charge of the atmosphere. 
One corner of the pyramid was attached to the negative pole 
of the high voltage power source, while the opposite corner 
of the pyramid was grounded. This setup served as a model 
for the electrostatic field distribution around a potential life 
sized pyramid. 


[0080] As controls, either a 1'x1' sheet of aluminum foil or 
an aluminum foil-covered box, having the main dimensions 
of the test pyramid (1'x1'x*%"), was used as a negative pole. 
The detector coils were made by winding up a 24 gauge 
enamel-coated magnetic wire (20 turns, approximately 8 cm 
diameter). A Tektronix high-frequency oscilloscope, model 
no.2236 was used for signal acquisition and analysis. 


[0081] The first set of experiments were control measure- 
ments with the box of the same height and base lengths as 
the test pyramid. The detector coil was placed on the top of 
the box. Measurements were taken with and without the high 
voltage applied. One corner of the box was attached to the 
HV power source (negative pole) and the opposite corner to 
the ground. The same arrangement was used for the flat 
square (1'x1') foil. The peak-to-peak signal amplitude for the 
box was 8 mV and the signal frequency was 2 MHz. For the 
flat foil sheet, the signal amplitude was 12 mV with a 
frequency of 1.43 MHz. The signal form was of a decaying 
sine wave. 


[0082] When high voltage was applied to these shapes, a 
signal amplitude of 14 mV was obtained for the flat sheet 
and a 16 mV for the box. The signal frequency was 1.54 
MHz for the flat sheet and 2 MHz for the box. The wave 
forms were of decaying sine waves in all these experiments. 


[0083] When the pyramid was tested without HV, the 
peak-to-peak signal amplitude was measured at 60 mV with 
a frequency of 2 MHz. The wave form was different from 
those of the control experiments; it was a modulated, decay- 
ing sine. When the high voltage was applied, the signal 
amplitude increased up to 180-200 mV, while the frequency 
remained at 2 MHz. The pyramid produced a signal intensity 
significantly higher than the controls. When a metal (alu- 
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minum) pyramid of the same size (wall thickness 16" inch) 
was tested in the same high voltage field using the same 
detection coil, a voltage of 1-1.5 V was detected at the 
frequency of 2 MHz. 


[0084] The experiments confirmed theoretical assump- 
tions about the pyramidal shape’s ability to cause perturba- 
tions in the space lattice when the pyramid is placed in 
transverse electrostatic and magnetic fields. The resulting 
space lattice vortex causes a separation of charges in the 
detection coil, producing a voltage signal greatly exceeding 
control levels. Control values for the flat sheet and the box 
in the electrostatic field were at the level of the background 
noise. Thus, when the electrostatic and magnetic fields 
intersected at 90° or 0°, no effect was observed. However, 
when the fields intersected at an angle defined by the 
pyramidal shape, a large signal was produced. The pyramid 
is clearly instrumental in generating the signal. This finding 
provides the second experimental proof for the present 
theory of electric polarities. It also demonstrates that poten- 
tially, we may be able to tap into the electromagnetic field 
of our planet and draw electric energy. The practical impli- 
cations of this finding are enormous. 


I claim: 
1. A method producing directional currents in the space 
lattice utilizing: 


(a) separated electric charges; and 


(b) the interaction of electrostatic and magnetic fields. 

2. The method of claim 1 wherein said electric charges are 
separated in an oriented fashion. 

3. The method of claim 2 wherein said orientation is a 
parallel orientation. 

4. The method of claim 3 wherein said orientation is 
obtained in a capacitor. 

5. The method of claim 4 wherein said capacitor is used 
for the propulsion of a vehicle. 

6. The method of claim 5 wherein said capacitor is 
providing lift and lateral movement control for said vehicle. 

7. The method of claim 1 wherein interaction of electro- 
static and magnetic fields is set up in a pyramid. 

8. The method of claim 1 wherein said interaction is 
producing a vortex in the space lattice. 

9. The method of claim 8 wherein said vortex can be 
tapped to produce electric power. 

10. The method of claim 9 wherein said electric power is 
obtained by wrapping a coil around the pyramid. 
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(57) ABSTRACT 


Systems, methods and apparatus for harvesting atmospheric 
electricity are provided. The system includes a laser config- 
ured to form a plasma filament and a collector configured to 
collect electricity flowing along the plasma filament. The 
plasma filament comprises an electrically conducting plasma 
filament. Atmospheric electricity may be collected by having 
the plasma filament form at least a part of a conducting path: 
(1) between ground and a cloud, (2) between differently 
charged regions of the same cloud, (3) between differently 
charged regions of different clouds, and (4) between different 
regions of atmosphere, where there is a vertical voltage gra- 
dient. When the plasma filament is not long enough to form 
the entire conducting path, a lightning may be triggered to 
complete the conducting path needed to collect atmospheric 
electricity. 


21 Claims, 6 Drawing Sheets 
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1 
SYSTEM FOR HARVESTING ATMOSPHERIC 
ELECTRICITY 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


Not applicable. 
FIELD OF THE INVENTION 


The subject technology relates in general to a system for 
harvesting atmospheric electricity, and more particularly to a 
system that uses a laser to form an electrically conducting 
plasma filament for harvesting atmospheric electricity. 


BACKGROUND 


Itis well known that large quantities of electrical energy are 
present in the atmosphere and in lightning. Lightning was one 
of the first forms of electricity harnessed in the modern age by 
Benjamin Franklin in his famous kite experiment. 

A lightning discharge typically contains on the order of 
10'° Joules of energy. It has been estimated that the total 
electrical power of lightning across the Earth is of the order of 
10'* watts. Collection of electrical energy from clouds asso- 
ciated with lightning is a problem that needs to be resolved. 

Lightning 1s but a small part of the total electrical activity 
of the atmosphere. When a local build up of charge above the 
Earth exceeds the local breakdown potential of the atmo- 
sphere a lightning discharge occurs. However, there is a con- 
tinual invisible flow of charge from lonosphere to Earth 
occurring day and night over the entire surface of the globe, 
which exceeds the global lightning power output by many 
times. The source of this flow of charge from the atmosphere 
to Earth 1s the Sun. Radiation from the Sun helps form most of 
the ions found in the Ionosphere, a highly charged region 
above the atmosphere, through ionization of atmospheric 
molecules. Solar radiation, particularly in the UV and soft 
x-ray bands, consist of photons whose energies are well 
suited to ionization. The Sun also emits continuously a solar 
wind of positively charged particles. These are captured by 
the Earth’s magnetic field and further contribute to the Iono- 
sphere. The positively charged region in the Ionosphere in 
turn induces (by electrostatic induction) a negative charge on 
the surface of the Earth. The Earth becomes in effect an 
enormous spherical capacitor. A potential gradient or electric 
field is thus established between the two “plates” of this 
capacitor, the Ionosphere (or Electrosphere) and the surface 
ofthe Earth. While the upper strata of the atmosphere conduct 
electricity reasonably well, the lower levels act as an insulator 
or dielectric. Near the surface of the Earth, this electrostatic 
potential gradient is on the order of about 100 Vm”? in sum- 
mer, rising to 300 Vm”? in winter. This flow of charge can be 
tapped and directed to provide useable electrical power. This 
source of atmospheric electricity has the following advan- 
tages: (1) Simple and robust technology; (2) Low cost tech- 
nology—much cheaper than photovoltaics or wind turbines; 
(3) Available day and night in all weather conditions—in fact, 
more power is produced at night than during the day; and (4) 
Available at any point on the Earth’s surface. Collection of 
this source of atmospheric electricity is another problem that 
needs to be resolved. 


SUMMARY 


According to various aspects of the subject technology, a 
system for harvesting atmospheric electricity is provided that 
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solves some or all ofthe foregoing problems. In some aspects, 
the system may be used to harvest atmospheric electricity 
arising from an electrostatic potential gradient: (1) between 
ground and a cloud, (2) between differently charged regions 
of the same cloud, (3) between differently charged regions of 
different clouds, and (4) between different regions of atmo- 
sphere, where there is a vertical voltage gradient. In other 
aspects, the system may be used to harvest atmospheric elec- 
tricity arising from an electrostatic potential gradient between 
the lonosphere (or Electrosphere) and the surface of the 
Earth. 

According to various aspects of the subject technology, a 
system for harvesting atmospheric electricity is provided. 
The system comprises a laser configured to form a plasma 
filament. The system also comprises a collector configured to 
collect electricity flowing along the plasma filament. 

According to various aspects of the subject technology, a 
method for harvesting atmospheric electricity is provided. 
The method comprises forming a plasma filament with a 
laser. The method also comprises collecting electricity flow- 
ing along the plasma filament. 

According to various aspects of the subject technology, an 
apparatus for harvesting atmospheric electricity is provided. 
The apparatus comprises means for forming a plasma fila- 
ment with a laser. The system also comprises means for 
collecting electricity flowing along the plasma filament. 

It is understood that other configurations of the subject 
technology will become readily apparent to those skilled in 
the art from the following detailed description, wherein vari- 
ous configurations of the subject technology are shown and 
described by way of illustration. As will be realized, the 
subject technology is capable of other and different configu- 
rations and its several details are capable of modification 1n 
various other respects, all without departing from the scope of 
the subject technology. Accordingly, the drawings and 
detailed description are to be regarded as illustrative in nature 
and not as restrictive. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The accompanying drawings, which are included to pro- 
vide further understanding of the subject technology and are 
incorporated in and constitute a part of this specification, 
illustrate aspects of the subject technology and together with 
the description serve to explain the principles of the subject 
technology. 

FIG. 1 illustrates a first example of a system for harvesting 
atmospheric electricity. The system comprises a laser config- 
ured to form a plasma filament and a collector configured to 
collect electricity flowing along the plasma filament. The 
plasma filament forms a conducting path between ground and 
a cloud. 

FIG. 2 illustrates a second example of a system for harvest- 
ing atmospheric electricity. A plasma filament and a lightning 
together form a conducting path between ground and a cloud. 
A condensing mirror directs the beam of laser towards the 
cloud. 

FIG. 3A illustrates a third example of a system for harvest- 
ing atmospheric electricity. A laser system situated on an 
airplane forms two plasma filaments that together complete a 
conducting path between a first region ofa cloud anda second 
region of the cloud. The first region of the cloud and the 
second region of the cloud carry opposite electric charges. A 
collector configured to collect electricity flowing along the 
two plasma filaments is also situated on the same airplane as 
the laser system. 
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FIG. 3B illustrates a fourth example of a system for har- 
vesting atmospheric electricity. It is similar to FIG. 3A, 
except two lightnings complete the conducting path between 
a first region of a cloud and a second region of the cloud (1.e., 
a first lightning electrically connects the first region of the 
cloud to one of the plasma filaments and a second lightning 
electrically connects the second region of the cloud to the 
other plasma filament). 

FIG. 4 illustrates a fifth example of a system for harvesting 
atmospheric electricity. A laser system situated on an airplane 
forms two plasma filaments that together complete a conduct- 
ing path between a first cloud and a second cloud. The region 
of the first cloud that is connected to the first plasma filament 
and the region of the second cloud that is connected to the 
second plasma filament carry opposite electric charges. 

FIG. 5 illustrates a sixth example of a system for harvesting 
atmospheric electricity. A laser situated on an airplane forms 
a plasma filament that completes a conducting path between 
a first region of atmosphere and a second region of atmo- 
sphere. A collector situated on the same airplane as the laser 
can collect electricity flowing along the plasma filament, 
because a vertical voltage gradient exists between the first 
region of atmosphere and the second region of atmosphere. 

FIG. 6 illustrates an example of a collector configured to 
collect electricity flowing along the plasma filament. The 
collector may be a charge collection circuit characterized by 
capacitance, inductance, and resistance. The electricity may 
be collected by charging a capacitor. 


DETAILED DESCRIPTION 


The detailed description set forth below is intended as a 
description of various configurations of the subject technol- 
ogy and is not intended to represent the only configurations in 
which the subject technology may be practiced. The 
appended drawings are incorporated herein and constitute a 
part of the detailed description. The detailed description 
includes specific details for the purpose of providing a thor- 
ough understanding of the subject technology. However, it 
will be apparent to those skilled in the art that the subject 
technology may be practiced without these specific details. In 
some instances, well-known structures and components are 
shown in block diagram form in order to avoid obscuring the 
concepts of the subject technology. Like components are 
labeled with identical element numbers for ease of under- 
standing. 

FIG. 1 illustrates a first example of a system 100 for har- 
vesting atmospheric electricity. The system 100 comprises a 
laser 110 configured to form a plasma filament 120 and a 
collector 130 configured to collect electricity flowing along 
the plasma filament 120. The plasma filament 120 forms a 
conducting path between ground and a cloud 140. 

The plasma filament 120 comprises an electrically con- 
ducting plasma filament. The plasma comprises of electrons 
and positive ions. The electrically conducting plasma fila- 
ment may be formed in atmosphere using an ultra short pulse 
laser (USPL). The USPL forms a plasma filament by raising 
the conductivity of a very small diameter channel (~100 
microns or less) for a very brief time. The propagation of high 
power (~10'* W/cm?) pulses from the USPL is accompanied 
by filamentation—self-channeling of femtosecond laser 
pulses in stable high-intensity light filaments with ~100 
microns diameters (so that the Kerr effect focusing balances 
defocusing due to plasma formation). This filamentation 
keeps the beam virtually free of diffraction divergence. The 
long plasma strings have high electron densities (10'°/cm*) 
which support high conductivities. The ionization of air at 
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these intensities results from multi-photon processes. Fila- 
mentation has been produced and detected at altitudes as high 
as 13-20 km. Almost no beam scattering occurs in filamen- 
tation phenomenon, and virtually all the pulse energy is 
invested in ionization of air molecules. With the typical elec- 
tron density and channel diameter, a 160 mJ pulse is sufficient 
to generate a 1 km long channel. 

Once initiated, plasma filaments cannot go on forever, and 
typically only propagate a kilometer or so before energy 
depletion and exhaustion. However, by using two coaxial 
USPL projection optics having different time-lensing param- 
eters, a near and far filament could be initiated in a “daisy- 
chain” to extend the total length of the conductive channel. 
The onset of filamentation in the far filament is time-lensed to 
coincide with the exhaustion range of the near filament. Addi- 
tionally, using negative chirp, femtosecond laser pulses can 
propagate almost without loss until different frequency com- 
ponents of the wave packet, propagating at different speeds 
due to dispersion in air, come together at a certain desired 
location so that the laser intensity there exceeds the filamen- 
tation threshold, resulting in long ionized filaments created at 
a distance of up to several miles from the laser source. In other 
words, negative chirp is used to essentially focus a beam of 
the laser at a desired distance to form the plasma filament 
there. Accordingly, this technique may be used to move the 
starting point and to extend the length of the plasma filament. 

The size, electrical conductivity, and lifetime of the plasma 
filaments are enhanced by an auxiliary radio-frequency elec- 
tromagnetic waves or microwaves. The plasma filament may 
act like an antenna to absorb the auxiliary radio-frequency 
(RF) electromagnetic waves or microwaves. 

The pulsed collection of electric charge and energy is 
repeated with an optimal (possibly very high) repetition rate 
of the pulsed laser and of the auxiliary RF waves or micro- 
waves. The energy collected per one pulse should exceed the 
energy spent on creating and enhancing the plasma filaments, 
so that the net energy collected is positive. The optimal pulse 
repetition rate (PRR) depends upon atmospheric conditions 
which can vary widely over even short time durations. As a 
general rule, one tries to tune the repetition rate to the plasma 
relaxation time (the ion-electron recombination time) so that 
the conductivity of the filament remain as high as is optimal 
given the atmospheric conditions at the time. A feedback 
control system that varies the PRR as well as the rest of the 
pulse-shaping parameters may be employed to optimize the 
net power production of the system. For more information 
regarding pulse shaping and tailoring, which is the central 
theme of the field called “quantum control”, please see A. 
Assion, T. Baumert, M. Bergt, T. Brixner, B. Kiefer, V. Sey- 
fried, M. Strehle, G. Gerber (30 October). “Control of Chemi- 
cal Reactions by Feedback-Optimized Phase-Shaped Femto- 
second Laser Pulses”. Science 282 (5390): 919-922. doi: 
10.1126/science.282.5390.919. PMID 9794756. 

FIG. 2 illustrates a second example of a system 200 for 
harvesting atmospheric electricity. A plasma filament 120 and 
a lightning 210 together form a conducting path between 
ground and a cloud 140. A condensing mirror 220 directs the 
beam of laser 110 towards the cloud 140. A collector 130 is 
configured to collect electricity flowing along the plasma 
filament 120. 

In the case of electricity collection from the cloud 140, the 
initial and RF-enhanced plasma filaments can be relatively 
short, not reaching all the way from ground to the cloud 140. 
The relatively short plasma filament can be optimized so that 
it would trigger propagation of the so-called leader (as in 
natural lightning), which would effectively use the energy 
and potential of the cloud to eventually create an electrically 
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conducting path between ground and the cloud 140. The final 
conducting path would comprise ofa plasma filament 120 and 
a lightning 210. 

Itis not shown in the figures, but alternatively both the laser 
110 and the collector 130 may be placed on a mobile device, 
which moves together with the cloud. One such mobile device 
may be a vehicle moving on the ground, but another such 
mobile device may be an airplane flying in the air. In the case 
of an airplane flying in the air, plasma filaments may be 
formed by the laser to reach both ground and the cloud at the 
same time. In the event the plasma filament directed at ground 
is not long enough to reach ground, a lightning may also be 
formed to complete the conducting path to ground. 

FIG. 3A illustrates a third example of a system 300 for 
harvesting atmospheric electricity. A laser system situated on 
an airplane 310 forms two plasma filaments (321, 322) that 
together complete a conducting path between a first region 
331 of a cloud 330 and a second region 332 of the cloud 330. 
The first region 331 of the cloud 330 and the second region 
332 of the cloud 330 carry opposite electric charges. In the 
example shown here, the first region 331 of the cloud 330 
carries positive electric charges, while the second region 332 
of the cloud 330 carries negative electric charges. A collector 
configured to collect electricity flowing along the two plasma 
filaments is also situated on the same airplane 310 as the laser. 
Positive and negative charges are naturally separated within 
the cloud, so this example makes use of the electrostatic 
potential gradient between different regions of the same 
cloud. 

FIG. 3B illustrates a fourth example of the system 300 for 
harvesting atmospheric electricity. It is similar to FIG. 3A, 
except two lightnings (341, 342) complete the conducting 
path between a first region 331 of a cloud 330 and a second 
region 332 of the cloud 330 (.e., a first lightning 341 electri- 
cally connects the first region 331 of the cloud 330 to one of 
the plasma filaments 321 and a second lightning 342 electri- 
cally connects the second region 332 of the cloud 330 to the 
other plasma filaments 322). The lightning formation is again 
because the initial and RF-enhanced plasma filaments can be 
relatively short, not reaching all the way from the collector 
situated on airplane 310 to the cloud 330. These relatively 
short plasma filaments can be optimized so that they would 
trigger propagation of the so-called leader (as in natural light- 
ning), which would eventually create an electrically conduct- 
ing path between the two regions of cloud 330 via a connec- 
tion through airplane 310. The final conducting path would 
comprise of two plasma filaments (321, 322) and two light- 
nings (341, 342). Of course, one of the lightnings may not be 
formed, if one of the plasma filament can reach all the way 
from airplane 310 to cloud 330. 

FIG. 4 illustrates a fifth example of the system 300 for 
harvesting atmospheric electricity. A laser system situated on 
an airplane 310 forms two plasma filaments (421, 431) that 
together complete a conducting path between a first cloud 420 
and a second cloud 430. The region 422 of the first cloud 420 
that is connected to the first plasma filament 421 and the 
region 432 of the second cloud 430 that 1s connected to the 
second plasma filament 431 carry opposite electric charges. 
In the example shown here, region 422 of cloud 420 carries 
positive electric charges, while region 432 of cloud 430 carry 
negative electric charges. Positive and negative charges are 
naturally separated within the cloud, so this example makes 
use of the electrostatic potential gradient between different 
regions of different clouds. Once again, in case one of the 
plasma filament cannot reach all the way from airplane 310 to 
any one of the clouds, then lightning may be formed to com- 
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plete an electrically conducting path from airplane 310 to any 
one of the clouds. But these embodiments are not shown in the 
figures. 

FIG. 5 illustrates a sixth example of the system 300 for 
harvesting atmospheric electricity. A laser system situated on 
an airplane 310 forms a plasma filament 501 that completes a 
conducting path between a first region 510 of atmosphere and 
a second region 520 of atmosphere. A collector situated on the 
same airplane 310 as the laser system can collect electricity 
flowing along the plasma filament 501, because a vertical 
voltage gradient exists between the first region 510 of atmo- 
sphere and the second region 520 of atmosphere. Because no 
clouds are needed for this embodiment, atmospheric electric- 
ity collection is possible under fair weather conditions (rely- 
ing on the naturally existing vertical voltage gradient in the 
atmosphere) as well as under foul weather conditions. 

FIG. 6 illustrates an example of a collector 130 configured 
to collect electricity flowing along a plasma filament 620. The 
collector may be a charge collection circuit characterized by 
capacitance 631, inductance 632, and resistance 633. The 
electricity may be collected by charging a capacitor associ- 
ated with capacitance 631. Battery 610 represents these natu- 
rally existing voltage sources: (1) between ground and a 
cloud, (2) between differently charged regions of the same 
cloud, (3) between differently charged regions of different 
clouds, and (4) between different regions of atmosphere, 
where there is a vertical voltage gradient. The plasma filament 
620 can, for the purpose of analysis and optimization of the 
charge collection process, be viewed as electromagnetic 
transmission lines characterized by their effective capaci- 
tance, inductance, and resistance per unit length. Accord- 
ingly, the parameters of the charge collection circuit and of 
the effective transmission line representing the plasma fila- 
ments are optimized, so as to maximize the net charge and 
energy collected (minus the energy spent on generating and 
enhancing the plasma filaments). 

The foregoing description is provided to enable a person 
skilled in the art to practice the various configurations 
described herein. While the subject technology has been par- 
ticularly described with reference to the various figures and 
configurations, it should be understood that these are for 
illustration purposes only and should not be taken as limiting 
the scope of the subject technology. 

There may be many other ways to implement the subject 
technology. Various functions and elements described herein 
may be partitioned differently from those shown without 
departing from the scope of the subject technology. Various 
modifications to these configurations will be readily apparent 
to those skilled in the art, and generic principles defined 
herein may be applied to other configurations. Thus, many 
changes and modifications may be made to the subject tech- 
nology, by one having ordinary skill in the art, without depart- 
ing from the scope of the subject technology. 

It is understood that the specific order or hierarchy of steps 
in the processes disclosed is an illustration of exemplary 
approaches. Based upon design preferences, it is understood 
that the specific order or hierarchy of steps in the processes 
may be rearranged. Some of the steps may be performed 
simultaneously. The accompanying method claims present 
elements of the various steps in a sample order, and are not 
meant to be limited to the specific order or hierarchy pre- 
sented. 

A phrase such as “an aspect” does not imply that such 
aspect is essential to the subject technology or that such 
aspect applies to all configurations of the subject technology. 
A disclosure relating to an aspect may apply to all configu- 
rations, or one or more configurations. An aspect may provide 
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one or more examples of the disclosure. A phrase such as an 
“aspect” may refer to one or more aspects and vice versa. A 
phrase such as an “embodiment” does not imply that such 
embodiment is essential to the subject technology or that such 
embodiment applies to all configurations of the subject tech- 
nology. A disclosure relating to an embodiment may apply to 
all embodiments, or one or more embodiments. An embodi- 
ment may provide one or more examples of the disclosure. A 
phrase such an “embodiment” may refer to one or more 
embodiments and vice versa. A phrase such as a “configura- 
tion” does not imply that such configuration 1s essential to the 
subject technology or that such configuration applies to all 
configurations of the subject technology. A disclosure relat- 
ing to a configuration may apply to all configurations, or one 
or more configurations. A configuration may provide one or 
more examples of the disclosure. A phrase such as a “con- 
figuration” may refer to one or more configurations and vice 
versa. 

Furthermore, to the extent that the term “include,” “have,” 
or the like is used in the description or the claims, such term 
is intended to be inclusive in a manner similar to the term 
“comprise” as “comprise” is interpreted when employed as a 
transitional word in a claim. 

The word “exemplary” is used herein to mean “serving as 
an example, instance, or illustration.” Any embodiment 
described herein as “exemplary” is not necessarily to be con- 
strued as preferred or advantageous over other embodiments. 

A reference to an element in the singular is not intended to 
mean “one and only one” unless specifically stated, but rather 
“one or more.” The term “some” refers to one or more. Under- 
lined and/or italicized headings and subheadings are used for 
convenience only, do not limit the subject technology, and are 
not referred to in connection with the interpretation of the 
description of the subject technology. All structural and func- 
tional equivalents to the elements of the various configura- 
tions described throughout this disclosure that are known or 
later come to be known to those of ordinary skill in the art are 
expressly incorporated herein by reference and intended to be 
encompassed by the subject technology. Moreover, nothing 
disclosed herein is intended to be dedicated to the public 
regardless of whether such disclosure is explicitly recited in 
the above description. 


What is claimed is the following: 

1. A system for harvesting atmospheric electricity, com- 

prising: 

a laser configured to form a plasma filament comprising at 
least a first filament and a second filament, wherein onset 
of formation of the second filament coincides with an 
exhaustion range of the first filament; 

an auxiliary source of electromagnetic energy operable to 
enhance the plasma filament by applying electromag- 
netic energy to the plasma filament; and 

a collector configured to collect electricity flowing along 
the plasma filament. 

2. The system of claim 1, wherein the plasma filament 

comprises an electrically conducting plasma filament. 

3. The system of claim 1, wherein the laser is a pulsed laser. 

4. The system of claim 3, wherein the pulsed laser is pulsed 

at an optimal repetition rate. 

5. The system of claim 1, wherein the electromagnetic 

energy comprises at least one of radio-frequency energy or 
microwave energy. 
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6. The system of claim 1, wherein the plasma filament 
forms at least a part of a conducting path between ground and 
a cloud. 

7. The system of claim 6, wherein at least one lightning 
forms another part of the conducting path between ground 
and the cloud. 

8. The system of claim 1, wherein the plasma filament 
forms at least a part ofa conducting path between a first region 
of a cloud and a second region of the cloud. 

9. The system of claim 8, wherein at least one lightning 
forms another part of the conducting path between the first 
region of the cloud and the second region of the cloud. 

10. The system of claim 1, wherein: 

the laser is further configured to form a second plasma 

filament, 

the plasma filament is connected to a region of a first cloud, 

and 

the second plasma filament is connected to a region of a 

second cloud. 

11. The system of claim 1, wherein the plasma filament 
completes a conducting path between a first region of atmo- 
sphere and a second region of atmosphere. 

12. The system of claim 11, wherein a vertical voltage 
gradient exists between the first region of atmosphere and the 
second region of atmosphere. 

13. The system of claim 1, wherein the collector comprises 
a charge collection circuit. 

14. The system of claim 1, wherein the laser is situated on 
ground. 

15. The system of claim 1, wherein the laser is situated on 
a mobile device. 

16. The system of claim 15, wherein the mobile device is an 
airplane. 

17. The system of claim 1, wherein negative chirp is used to 
move the starting point of formation of the plasma filament to 
a desired location. 

18. A method for harvesting atmospheric electricity, the 
method comprising: 

forming a plasma filament with a laser, wherein the plasma 

filament comprises at least a first filament and a second 
filament, and wherein onset of formation of the second 
filament coincides with an exhaustion range of the first 
filament; 

applying electromagnetic energy to the plasma filament to 

enhance the plasma filament; and 

collecting electricity flowing along the plasma filament. 

19. An apparatus for harvesting atmospheric electricity, the 
apparatus comprising: 

means for forming a plasma filament with a laser, wherein 

the plasma filament comprises at least a first filament 
and a second filament, and wherein onset of formation of 
the second filament coincides with an exhaustion range 
of the first filament; 

means for applying electromagnetic energy to the plasma 

filament to enhance the plasma filament; and 

means for collecting electricity flowing along the plasma 

filament. 

20. The system of claim 1, wherein the laser is an ultra short 
pulse laser (USPL). 

21. The system of claim 1, wherein the laser comprises two 
coaxial USPL projection optics having different time-lensing 
parameters. 
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Fair-weather atmospheric electricity 


Basic facts about atmospheric electricity 


Atmospheric electricity involves phenomena which are connected with the separation of electric charges in the 
sub-ionospheric atmosphere (below about 100 km height). In the ionosphere and magnetosphere there occur 
strong electric currents originating directly from the solar-terrestrial interaction; in the lower atmosphere, there 
flows a much weaker electric current in the so-called global circuit, which is maintained by the thunderstorm 
activity. Charge separation takes place in three ways: 


thermodynamically 
In a thundercloud, small ice crystals collide with rime-growing graupels; the crystals gain positive charge, 
the graupels negative (the microscopic mechanism is not yet well known). 
Convection in the thundercloud carries the ice crystals to the cloud top, the heavier graupels staying in the 
mid-cloud: a macroscopic dipole structure forms. 
by radiation ionization 
Cosmic and radioactive radiation ionize air, and equal numbers of molecular-size positive and negative 
small ions are formed; air becomes (weakly) electrically conductive. 
Small ions are also attached to airborne dust (aerosol), which thus regularizes the number of small ions. 
by collision ionization 
Lightning and other discharges in the thundercloud ionize air temporarily into electrically conducting 
channels. 


The mobility of electrically charged particles depends strongly on their size and on the density of the medium. 
The mobility of small ions in the lower atmosphere corresponds to a (terminal) speed of about 1 cm/s in an 
electric field of 100 V/m. Dust particles are slower by a few orders of magnitude, so that the electric 
conductivity of air is practically that due to the small ions. In the stratosphere and mesosphere (10 - 90 km) air 
becomes thinner and cosmic radiation intensifies so that the conductivity increases exponentially with height: 
while the electric conductivity of air near the ground is of the order of 20 fS/m (femtosiemens/metre), in the 
ionosphere it 1s already as high as that of the ground. (In the ionosphere, the electric conductivity becomes also 
anisotropic: the geomagnetic field has an increasing influence on the ion motion.) 


The thundercloud charge centres, accumulating tens of coulombs of electricity, are discharged mainly by 
lightning: cloud flashes (most abundant) cause mutual neutralization of the centres; the lower centre 1s also 
discharged to the ground - by negative ground flashes - and charges up the earth (the positive centre is 
discharged similarly, but by a smaller amount). An excess charge will be left in the upper positive centre, and it 
leaks by conduction to the surrounding air, about one ampere per thunderstrom cell. Because of the 
exponentially increasing conductivity, most of this leak current is guided to the ionosphere, where it is 
distributed over the globe and charges the upper atmosphere to a potential of about 300 kV with respect to the 
ground. This "ionospheric potential" maintains the so-called fair-weather current, whose density 1s about 2 


pA/m? (picoamperes per square metre). According to Ohm's law, the fair-weather current density and the electric 
conductivity are associated with a downward electric field, about 100 V/m near the ground. The number of 
simultaneously active thunder cells ("thunderstorms") over the globe is about 1000-2000, so the whole circuit 
carries a current of about 1000 amperes. 
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The ion balance near the ground can most simply be described by the equation 
q = an? + bnN 


where q is ionization, n is the density of small ions (both polarities separately, assumed equal), N is the density 
of aerosol, and a and b are recombination coefficients, which describe the neutralization of ions with each other 


0-712 


or with aerosol particles. a and b are both about 1.6x1 m?s”? Ionization in southern Finland is about 6.6x10° 


m?s”! one fifth or sixth coming from radioactivity. The small-ion densities are both about 5x10° m~? and the 


aerosol density is more than tenfold, almost 101% m”. 


It should be noted that the notion "dirt increases electric conductivity" 1s valid for surfaces, for example 
insulators, but the matter is contrary for air: dirty (dusty) air has poorer conductivity. However, if the "dirt" is a 
radioactive pollutant, the higher ionization increases the electric conductivity. Such an episode happened in May 
1986, when an iodine cloud from the Chernobyl emission arrived at southern Finland: the electric conductivity 
grew tenfold, but returned to a lower level in a few days, because the half-life of radioactive iodine is 8 days. 


Information on international atmospheric electricity research (including lightning research) can be found at the 
address Atmospheric Electricity HomePage, which among others has a link to a comprehensive English glossary 
of atmospheric electricity. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


This application is a continuation in part application of 
U.S. patent application Ser. No. 12/255,130 filed on Oct. 21, 
2008, which is a continuation application of U.S. patent appli- 
cation Ser. No. 11/358,264, filed on Feb. 21, 2006, which are 
both incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, 1s related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
ening storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described 1n archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
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nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram ofan exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. 8 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


US 8,810,049 B2 


3 


FIG. 10 is a system diagram of an exemplary embodiment 
of a windmill with energy collectors. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode and a collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form of a fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought ofas the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
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A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment of a sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
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support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 maybe connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes maybe placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
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be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 

FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
810. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
820 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

A windmill is an engine powered by the energy of wind to 
produce alternative forms of energy. They may, for example, 
beimplemented as small tower mounted wind engines used to 
pump water on farms. The modern wind power machines 
used for generating electricity are more properly called wind 
turbines. Common applications of windmills are grain mill- 
ing, water pumping, threshing, and saw mills. Over the ages, 
windmills have evolved into more sophisticated and efficient 
wind-powered water pumps and electric power generators. In 
an example embodiment, as provided in FIG. 10, windmill 
tower 1000 of suitable height and/or propeller 1020 of wind- 
mill tower 1000 may be equipped with energy collecting 
fibers 1030, 1040. Collecting fibers 1030, 1040 may turn 
windmill 1000 into a power producing asset even when there 
is not enough wind to turn propellers 1020. During periods 
when there is enough wind to turn propellers 1020, collecting 
fibers 1030, 1040 may supplement/boost the amount of 
energy the windmill produces. 

Windmill 1000, properly equipped with ion collectors 
1030, 1040, such as non-limiting example carbon fibers, can 
produce electricity: 1) by virtue of providing altitude to the 
carbon fiber to harvest ions, and 2) while the propeller is 
turning, by virtue of wind blowing over the carbon fiber 
producing electricity, among other reasons, via the triboelec- 
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tric effect (however, it is also possible for the triboelectric 
effect to occur, producing electricity, in winds too weak to 
turn the propeller). 

There are at least two ways that energy collectors may be 
employed on or in a windmill propeller to harvest energy. 
Propellers 1020 may be equipped with energy collectors 
1030, 1040 attached to, or supported by, propeller 1020 with 
wires (or metal embedded in, or on propeller 1020) electri- 
cally connecting energy collectors 1030, 1040 to a load or 
power conversion circuit. There may be a requirement to 
electrically isolate energy collectors 1030, 1040, which is 
added to propeller 1020, from electrical ground, so that the 
energy collected does not short to ground through propeller 
1020 itself or through support tower 1010, but rather is con- 
veyed to the load or power conversion circuit. Energy collec- 
tors may be connected to the end of propellers 1020 such as 
collectors 1030. Alternatively, energy collectors may be con- 
nected to the sides of propellers 1020 such as collectors 1040. 

Alternatively, propeller 1020 may be constructed of carbon 
fiber or other suitable material, with wires (or the structural 
metal supporting propeller 1020 may be used) electrically 
connecting to a load or power conversion circuit. In the case 
of propeller 1020 itself being constructed of carbon fiber, for 
example, the fiber may be ‘rough finished’ in selected areas so 
that the fiber is “fuzzy.” For example, small portions of it may 
protrude into the air as a means of enhancing collection effi- 
ciency. The fuzzy parts of collectors 1030, 1040 may do much 
of the collecting. There may be a requirement to electrically 
isolate carbon fiber propeller 1020 from electrical ground, so 
that the energy it collects does not short to ground through 
metal support tower 1010, but rather is conveyed to the load or 
power conversion circuit. Diodes may be implemented within 
the circuit to prevent the backflow of energy, although diodes 
may not be necessary in some applications. 

In an alternative embodiment, windmill 1000 may be used 
as a base on which to secure an even higher extension tower to 
support the energy collectors and/or horizontal supports 
extending out from tower 1010 to support the energy collec- 
tors. Electrical energy may be generated via ion collection 
due to altitude and also when a breeze or wind blows over the 
collectors supported by tower 1010. 

Any process descriptions or blocks in flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 

Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 

tion, microscopic points of a cross-section of the collec- 
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tion device exposed to the environment from a windmill, 
the at least one collection device electrically connected 
to the windmill; and 

providing a load with an electrical connection to the at least 

one collection device to draw current. 

2. The method of claim 1, wherein the collection device 
collects energy by triboelectric effect. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a windmill; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment electrically connected to the 
windmill; and 

a load electrically connected to the at least one collection 

device. 

9. The system of claim 8, wherein the collection device 
collects energy by triboelectric effect. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising a diode 
electrically connected between the at least one collection 
device and the support structure. 

15. The system of claim 8, further comprising: a switch 
connected in series between the at least one collection device 
and the load; and a capacitor connected in parallel with the 
switch and the load. 

16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the plurality at least one 
collection device, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

17. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one collection device and the load; and a generator powered 
by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 

19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 

20. A system of collecting energy comprising: 

means for suspending at least one collection device with, in 

operation, microscopic points of a cross-section of the 
collection device exposed to the environment from a 
windmill structure, the at least one collection device 
electrically connected to the means for suspending; 
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means for inducing current flow, the means for inducing 
current flow electrically connected to the means for sus- 
pending; and 

means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 5 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
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This invention relates to a cloud detector or an ap- 


paratus for sensing electrostatic conditions in the earth’s 


- atmosphere. 


Cloud detection apparatus which i is sions Snploved 


is usually of the “ceilometer” type which merely measures © 


the height of the lower surface of the clouds to indicate 
the ceiling conditions. One object of the present inven- 
tion is to determine the location of both the top and the 
bottom of one or more cloud formations of the atmos- 
phere. 


While electrostatic sensors of one type or another have 


been proposed heretofore for use in the atmosphere, they 
have been so complex and expensive that they have not 
enjoyed widespread use. 
recently been developed, but their usefulness is limited 
by failures when different zones of the atmosphere con- 
tain droplets of different sizes, as discussed more fully 


below. Accordingly, it is another object of the present: 


invention to simplify and reduce the cost of cloud 
detectors, while maintaining reliability, compatibility with 


existing equipment, and adequate sensitivity for all prac- 


tical purposes. 

In accordance with an illustrative embodiment of the 
present invention, a conventional U.S. Weather Bureau 
or U.S. Army meteoroligical radiosonde transmitter may 
be provided with a modulator which is controlled by a 
field effect transistor. The input to the field effect 
transistor is a dipole antenna. Each of the arms of the 
dipole antenna may be five to fifty feet in length, for 


In addition, cloud radars have 
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give meaningful results. Under these conditions, the 


recorded output indicates changes in electric fields. A e 


constant electric field, corresponding to a linear change 
in potential produces no substantial output signal. It has 
been determined that a balloon velocity of about five 
meters per second will produce good results with a 
dipole antenna shunted by a 1,000 megohm resistor and 
connected to a field effect transistor as discussed in detail 
With lower velocities, a 
higher input impedance or greater amplification would 
be required, with higher velocities, such as rocket propul- 
sion or the like, permitting even lower input impedances . 
and simpler input circuits. | 
Accordingly, it is a feature of the invention that ap- 
paratus is provided for moving a radiosonde unit through - 
the atmosphere at a predetermined rate, that two element 


_ input antenna preferably of the dipole type is provided, 
- and that the antenna is connected to the radiosonde by 
simple dynamic amplification circuitry, which requires 
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example, and one of the dipole elements may trail the © 


radiosonde package while the other element may extend 
forward in the direction of movement of the unit. When 
a balloon is employed to carry the cloud detector unit 
aloft, a weight may be attached to one of the antenna 
elements so it hangs below the instrument package, while 


the other antenna element can extend along, or even form 


the flexible connection between the radiosonde unit and 
the balloon. A receiving unit is provided to pick up 


40 


continuous movement of the apparatus to give useful out- 
put: information. 


The novel features which are believed to be char- 
acteristic of the invention both as to its organization and 
method of operation, together with further objects and 
advantages thereof, will be better understood from the 
following description considered in conjunction with the 
accompanying drawings in which a typical embodiment 
of the invention is illustrated by way of example. It is 
to be expressly understood, however, that the drawings 


are for the purpose of illustration and description only 


and are not intended as a definition of the limits of the 
invention. 

In the drawing: 
FIG. 1 is a schematic block diagram of a radiosonde 
equipment for sensing changes in the electric field of the 
atmosphere, and thus detecting clouds, i in accordance with 
the present invention; _ 

FIG. 2 is a diagrammatic showing. of the record ob- 
tained under typical cloud conditions; and. 

FIG. 3 is a circuit diagram indicating a typical arrange- 
ment of connections of a dipole antenna, a field effect 


transistor, and the input terminals of a standard meteor- 


- ological radiosonde apparatus. 


45 


the modulated signals from the radiosonde apparatus, - 


demodulate these signals and record them. While it is 


contemplated that the receiver may normally be situated 


on the ground and receive signals from a rising radiosonde 
unit, the radiosonde unit could well be employed by an 
aircraft to determine conditions below a cloud layer. 
Under these conditions the receiver would be mounted 


on the plane and the radiosonde unit could be pararhuigg | 


to the ground. 
In accordance with a feature of the present invention, 


55 


therefore, a system for detecting electrostatic field condi- 


tions in the atmosphere includes a transmitter, arrange- 
ments for moving the transmitter through the atmosphere, 
an antenna extending a substantial distance from the 
transmitter, and a field effect transistor connected to re- 
ceive electrostatic input signals from said antenna and 


to modulate the output of the transmitter in accordance 


with voltages detected by the antenna. 

- In accordance with one aspect of the present invention, 
simplicity of circuitry and stability of operation are 
achieved by the use of dynamic circuitry which measures 
the instantaneous difference in potential between two 
antenna elements. Thus, a high input resistor may be 
connected between the input antenna elements. With this 
type of arrangement the instrument package must be 
continuously moved through the atmosphere in order to 
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- of about 30 miles. 


With reference to the drawings, FIG. 1 shows a radio- 


sonde package 12 supported by a balloon 14. The- | 


radiosonde unit includes a transmitter 16, blocking oscil- 
lator 18, pressure sensor 20, and a field effect transistor 


unit 22. A dipole antenna having an upper element 24 


and a lower element 26 is connected to the input of the 
field effect transistor unit 22. A small weight 28 is secured — 
to the lower end of the antenna element 26 to hold it in 
the extended position. Similarly, the upper antenna ele- 
ment 24 extends in the other direction, and it may either 
form the support for the radiosonde unit 12 or may 
be closely. associated with the supporting cable. A para- 
chute 30 is provided for safe return. of the instrument 
package to ground. — | 

A ground or receiving station 32 may elude: an 
antenna 34, receiver and demodulator 36, and a recording 
apparatus 38. 

FIG. 2 shows a typical recording of. the TE E aie 
field obtained as the ballon 14 and instrument package 12 
rise through the successive layers of clouds 42, 44, and 46, 
along the center line of the drawing. 
the electrostatic potential in the atmosphere increases 
from ground potential to plus 300,000 volts at elevations 
It is also known that the atmospheric 
electric field, which is the gradient of the potential, is sub- _ 
stantially increased within clouds. As the package enters 


the lower edge of a cloud, the sudden increase in electric _ 
field causes a pulse of current to flow through resistor R; 


in one direction, and upon leaving the cloud, the sudden 


It is known that 
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reduction in electric field causes an oppositely directed 
current pulse. This produces the positive swing shown 
at 48 in FIG. 2 as the unit enters the cloud and the nega- 
tive peak 50 as the apparatus is rising through the upper 
surface of the cloud stratus 42. A similar pattern is ob- 
served as the unit goes through the higher cloud forma- 
tions 44 and 46. With a knowledge of the speed of ascent 
of the balloon and instrument package, the location of 
the upper and lower surfaces of successive cloud layers 
may be determined by the present apparatus. Accord- 
ingly, despite the presence of a relatively low cloud layer 
which completely obscures other cloud formations, ground 


10 


personnel may readily determine the meterological condi- © 


tions relating to clouds above this low ceiling. 
Returning to FIG. 1, the radiosonde equipment repre- 
sented by blocks 16, 18 and 20 is well known. The 
meterological radiosonde system which will be taken as 
typical is designated by the military by the numbers AN/ 


AMT 4B. The Army technical manual which describes 
this radiosonde system is identified as TM 11-2432A4-TO 


31M4-2AMT-11, dated June 26, 1958. The radiosonde 
transmitter operates at a frequency of 1680 megacycles 
per second. This transmitter is modulated by a blocking 
oscillator 18, the frequency of the blocking oscillator being 
controlled by the meteorological conditions which are 
detected. Normally, a thermistor for measuring the tem- 
perature and a humidity sensor are alternately switched to 
the input terminals of the blocking oscillator 18. In the 
present case, the cloud detector circuitry is connected to 
both of these terminals. The barometric pressure sensor 
20 may also be retained in the unit, and it may be con- 
nected to control the frequency of the blocking oscillator 
18 by a switching action as described below. 

With reference to FIG. 3, the humidity channel input 
terminals 62 and the temperature channel input terminals 
64 of the standard radiosonde unit are shown at the right- 
hand side of the circuit. Atmospheric electric signals 
received by the dipole antenna elements 24 and 26 are 
applied to the field effect transistor 66 and are then cou- 
pled by a suitable circuit to the input terminals 62 and 
64 of the radiosonde. 
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While other field effect transistors _ 


may be employed, type C 610 of Crystallonics, Inc., was — 


found to be suitable from a sensitivity and reliability stand- 
point for the present purposes. The input to the field 
effect transistor is shunted by a: 1,000 megohm resistor R; 
to stabilize the input characteristic. Suitable biasing of 
the transistor 66 is provided by resistor R3. Because the 
impedance of the transistor 66 is substantially lower than 
that of the temperature and humidity sensors which are 
normally employed, a 110,000 ohm resistor in the block- 
ing oscillator was removed and a capacitor C was con- 
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nected in parallel to the input terminals. The capacitor . 


was selected to produce a modulation frequency of ap- 
proximately 100 cycles per second in the absence of an 
input signal. Positive and negative voltages will then 
raise or lower this frequency. | 

In the radiosonde apparatus, signals from the pressure 
sensor 20 are normally employed to switch from the tem- 
perature channel terminals 64 to the humidity channel 
terminals 62. This switch is well known in the art as a 
baroswitch. The barometric pressure switching action 
provides an indication of altitude, so it is useful to preserve 
this information. 
ployed between the transistor 66 and one terminal 64 to 
reduce the output signal slightly, thus changing the modu- 
lation level and preserving the pressure and thus altitude 
information. | | | 

With regard to the length of the dipole elements 24 and 
26, the size of resistor R, and the amplification of the field 
effect transistor, these are fixed by several factors. First, 
the antenna elements should be large enough to provide 


a substantial input signal, but should be relatively small 


as compared with normal cloud thicknesses. Lengths of 
5 to 50 feet for each dipole would be of the proper order 
of magnitude. The resistor R, was chosen to reduce the 
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input impedance between dipoles 24 and 26 below the 
point where fog and dampness and the resultant shunt 
impedance will introduce instability into the transmitted 
signals. With these parameters, and a speed of ascent 
of the order of 5 meters per second, it was determined that 
a single field effect transistor provided the necessary am- 
plification for operation with the standard radiosonde 
unit. 3 

As mentioned generally above, cloud radars are sub- © 
ject to failure under certain atmospheric conditions. Thus, - 
the radar return is proportional to the sixth power of the 
droplet or particle size, while the human eye and optical 
systems respond to the second power of the droplet size. 
With the radar return proportional to such a high power 
of the droplet diameter, if a radar is adjusted to pick up 
a cloud having large particles, other clouds having small 
size particles are not detected. The present electrostatic 
system, however, responds in a manner which is nearly the 
same as the optical response, and therefore does not fail - 
under atmospheric conditions where different size drop- 
lets or particles are present in successive clouds. 

It is to be understood that the above described arrange- 
ments are illustrative of the application of the principles 
of the invention. Numerous other arrangements within 
the scope of the invention may be devised by those skilled 
in the art. Thus, by way of example and not of limita- 
tion, a somewhat different shape of antenna could be em- 
ployed to pick up electrostatic field variations and apply 
them to the field effect transistor, an inherently stabilized 
transistor may be used, and the instrument package may 
be carried by rocket or other suitable propulsion arrange- 
ments than the balloon shown in the drawings. Accord- 
ingly, it is evident that various changes may be made in 
the present invention without departing from the spirit 
of the invention as defined in the present claims. 

What is claimed is: 

1. An apparatus for sensing electrostatic conditions in 
the atmosphere comprising: 

a radiosonde apparatus including means for modulat- 
ing the output frequency thereof, said means includ- 
ing an R-C circuit; a | 

a pair of probes positioned in respectively different 
locations in the atmosphere with respect to said 
radiosonde; o 

a field effect transistor having its drain and gate ter- 
minals connected across said pair of probes and hav- 
ing its source and drain terminals connected in 
series with the resistance of said R-C circuit to 
modulate said radiosonde; and 

a stabilizing high resistance connected across the two 
probes and across said gate and drain terminals of 
said transistor. | | 

2. In an apparatus for sensing atmospheric electro- 
static field conditions; 

a balloon; | | 

an instrument package connected to and spaced from 
said balloon, said instrument package including a 
transmitter, means including an R-C circuit for mod- 
ulating said transmitter, and a field effect transistor 
having source and drain terminals connected in series 
with the resistance in said R-C circuit to modulate 
said transmitter; 

antenna means including an antenna and resistance 
means connected across said antenna, said resistance 
means also being connected across the gate and the 
drain of said field effect transistor, said antenna ex- 
tending upward from said package toward said bal- 
loon and downwardly from said package for apply- 
ing signals to said field effect transistor in response 
to said field conditions to render said modulating 
means responsive to said field conditions. 

3. An apparatus for sensing changes of the atmos- 

pheric electric field at cloud boundaries, which comprises: 

a blocking oscillator-type modulated radiosonde in- 
cluding fixed resistance means and capacitance means 


3,273,088 


connected in parallel with said fixed resistance 
means, said capacitance means being effective to dis- 
charge through said resistance means to control the - cative of said changes; 
modulation of said radiosonde; - - resistance means s connected across said dipole antenna; | 
dipole antenna means responsive to changes of the at- 5 «and | | 
mospheric electric field for producing a signal in- a field effect transistor having source jia drain termi- — 
dicative of said changes; - nals connected in series with said fixed resistance ~ 
- resistance means connected across said dipole antenna means and a gate terminal connected to said dipole 


dipole antenna means responsive to changes of the-4% 
mospheric electric field for producing a signal indi- : 


Gy RP ist AAC E E ER 


A A i eg. or egaa p p te r,e Cee o La qe 
E LE er HETAT a EN O E EER AE 3 
Ei Bh EE il AAA U 
A A , E 


means; and 


connected in parallel with said fixed resistance 
means, said capacitance means being effective to dis- 
charge through said resistance means to control the 
frequency of oscillation of said blocking oscillator; 


qe 
e 
sq 


antenna means for reception of said signal, said field | 


a field effect transistor having source and drain termi- 10 effect transistor being responsive to said signal for — 
nals connected in series with said fixed resistance _ varying the rate of discharge of said capacitance _ 
means and a gate terminal connected to said dipole means to control the frequency of oscillation of said __ 
antenna means for reception of said signal, said field blocking oscillator in accordance with the sensed 
effect transistor being responsive to said signal for == ees in the puss fea electric field. | 
varying the rate of discharge of said capacitance 15 
means to cause the blocking oscillator to modulate | ` References Cited by the bawani 
said radiosonde in accordance with the second 
changes in the atmospheric electric field. J ae UNITED STATES PATENTS E 

4. An apparatus for sensing changes of the atmos- 2,463,527 = 3/1949. Dunmore ...--.-... 325—113 

ale electric field at cloud boundaries, which com- 20 3,038,154 6/1962 Zworykin et al. .. 325—113 XR 

radiosonde means including a blocking oscillator hav- e 3,056,888 10/ 1962 Atalla n eee 30788 
ing fixed resistance means and capacitance means a 062, 043 11/ 1962 Marsh et al. Seen 340—193. 2 
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A mechanism to tap an electrical source which uses an aircraft 
(preferably a lighter than air balloon) tethered by a conductive 
line. The conductive line is extended/withdrawn by a winch 
motor to adjust the altitude of the aircraft. The conductive line 
is isolated from the ground and an electrical conductor is 
connected to the conductive line and to an electrical load. In 
this manner, static electricity generated in the atmosphere 1s 
gathered for use. 
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ATMOSPHERIC ELECTRICAL GENERATOR 


BACKGROUND OF THE INVENTION 


[0001] This invention relates to the production of electrical 
energy and more particularly to the production of electrical 
energy from the atmosphere. 

[0002] Everyone is familiar with Benjamin Franklin’s kite 
experiment of 1752. Using a kite whose string had become 
wet, negative charges from the passing clouds flowed into the 
string, down to the suspended key, and then into a Leyden jar 
via a thin metal wire. Franklin was protected by a dry silk 
string; but, when Franklin’s knuckle came too close to the key, 
he received a strong shock. Fortunately, Benjamin Franklin 
was not killed, others who tried this same experiment were 
not so lucky. 

[0003] Since then, the formation of lightning has remained 
something of a mystery. Lightning bolts are triggered when a 
negatively charged cloud base induces a positive charge from 
the ground, thereby forming a “pathway” for the discharge of 
the collected electrical energy. 

[0004] Lightning travels up to 60,000 miles per hour with a 
flash that is brighter than ten million 100-watt lightbulbs. This 
wattage is as much power as is produced by all of the elec- 
tricity plants in the United States and with a voltage of up to 
300 million volts. 

[0005] It is this very fact, the power within lightning is 
immense, that has prevented any successful collection of the 
electrical energy from lightning. The electricity in lightning is 
far too extreme for current technology to harness. 

[0006] While lightning has attracted a energy starved 
industrial world, no one has developed any technique to har- 
ness this naturally occurring electrical source. 

[0007] Itis clear there is a continuing need for an electrical 
source other than carbon-based fuels and that the naturally 
occurring electricity in the atmosphere is being ignored. 


SUMMARY OF THE INVENTION 


[0008] The invention is a mechanism which taps into the 
naturally occurring static electricity in the atmosphere. 
Whereas heretofore, the attempt to garner electricity from the 
atmosphere has focused exclusively on capturing lightning, 
the present invention syphons off the static electricity which 
is generated from any agitated air and voids lightning. 
[0009] Lightning is only the final discharge of the static 
electricity, whether that lightning is intra-cloud lightning, 
cloud-to-ground lightning, or inter-cloud lightning. Other 
types of final discharges are known as heat lightning, summer 
lightning, sheet lightning, ribbon lightning, silent lightning, 
ball lightning, bead lightning, elves, jets, and sprites. Well 
before these discharges are observed, as the atmosphere 
becomes agitated by wind or thermal, static electricity is 
being generated. 

[0010] The present invention recognizes that this static 
electricity is being formed and creates a mechanism to cap- 
ture it. 

[0011] The mechanism of this invention utilizes an aircraft 
such as a lighter than air balloon. While the preferred embodi- 
ment uses a foil balloon, a variety of other aircraft are obvious 
to those of ordinary skill in the art, including, but not limited 
to: gliders, rubber balloons (such as weather balloons), biaxi- 
ally-oriented polyethylene terephthalate polyester film bal- 
loons, and latex balloons. 
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[0012] Within this discussion, the balloon is referenced, 
but, the invention is not intended to be limited solely to 
balloons. 

[0013] The balloon is sent aloft and is tethered by a con- 
ductive line. In this context, the conductive line may be any 
obvious to those of ordinary skill in the art. For the preferred 
embodiment, the conductive line is a generically referred to as 
a “poly-rope” and 1s commercially available through a variety 
of sources. A suitable conductive line is described in U.S. Pat. 
No. 5,203,542, entitled “Apparatus for Improved Electric 
Fence Wire Construction for use with Intensive Grazing” 
issued Apr. 20, 1993, to Coley, et al. and incorporated hereinto 
by reference. 

[0014] The conductive line is played out of a winch to 
control the altitude of the balloon. The motor controlling the 
winch is able to reverse direction to both extend and withdraw 
the conductive line which is wrapped around a spool on the 
winch. The winch/spool combination are part of a base unit. 
[0015] In some embodiments of the invention, the spool is 
constructed of rubber so as to insulate the conductive line 
from the winch assembly. In this embodiment, only the con- 
ductive line is charged by the atmospheric static electricity 
while the winch remains neutral. 

[0016] In yet another embodiment, the winch/spool are part 
of a base unit which 1s itself isolated from the ground by an 
insulator. In this embodiment, the entire base unit is charged 
by the atmospheric static electricity. 

[0017] A conductor, such as an insulated wire, is electri- 
cally connected to the conductive line. In one embodiment, 
where the conductive line is electrically isolated from the 
spool and winch motor, the conductor is connected to the 
conductive line. In the embodiment where the conductive line 
is electrically connected to the base unit, then the conductor is 
connected anywhere on a metallic base unit. 

[0018] The other end of the conductor is connected to a 
load. The load in this case can be any of a variety of electrical 
loads well known to those of ordinary skill in art, including, 
but not limited to a motor, a battery system, or the electrical 
grid for the system. 

[0019] Inthe preferred embodiment, a sensor array is used 
to monitor the activities both at the base unit (such as electri- 
cal flow within the conductor) and in the surrounding locale. 
[0020] A sensor monitoring the electrical flow (i.e. voltage 
and/or current) within the conductor is used to monitor the 
electrical activity within the conductor. 

[0021] In the preferred embodiment, a lightning sensor 
monitors for lightning activity within the locale. As noted 
earlier, the electrical characteristic of lightning is so extreme 
that ideally this discharge is avoided as it might damage the 
mechanism of this invention. 

[0022] The sensor array is utilized by a controller, such as 
microprocessor, programmed to operate the mechanism as 
outlined herein. 

[0023] Thecontroller operates the winch motor to extend or 
withdraw the conductive line and by extension the altitude of 
the balloon. The controller is programmed to operate the 
winch by monitoring the electrical characteristics of the con- 
ductor and adjusting the balloon’s altitude to maintain these 
characteristics within the conductor within a preset range. 
[0024] This preset range is established either in the base 
programming of the controller or is established by an operator 
of the system. 

[0025] As example, by controlling the amount of current 
being withdrawn from the atmosphere, the mechanism oper- 
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ates within a safe range and also provides a relatively stable 
current flow from which a variety of activities can take place 
(such as DC-AC conversion). 

[0026] The controller also utilizes the lightning sensor to 
protect the mechanism from a lightning strike. Should light- 
ning be detected within a pre-determined range (as estab- 
lished by the software or defined by an operator), then the 
balloon is pulled down to minimize the risk of damage from 
a lightning strike. 

[0027] The invention, together with various embodiments 
thereof will be more fully explained by the following descrip- 
tion of the accompanying drawings. 


DRAWINGS IN BRIEF 


[0028] FIG. 1 diagrams the preferred embodiment of the 
invention. 
[0029] FIG. 2 illustrates the collection of the negative 


charged particles in the atmosphere. 

[0030] FIG. 3 is a flow-chart of the operation of the con- 
troller for the preferred embodiment of the invention. 

[0031] FIGS. 4A, 4B, and 4C are electrical schematics for 
handling the static charge from the atmosphere. 

[0032] FIG. 5 illustrates a conductive line used in the pre- 
ferred embodiment of the invention. 

[0033] FIGS. 6A and 6B illustrate an alternative conductive 
line creating an ionized pathway for the flow of the static 
charges from the atmosphere. 

[0034] FIG. 7 illustrates the controller of an alternative 
embodiment and the associated safety devices. 

[0035] FIGS. 8A and 8B illustrate two embodiments of 
enhanced electrical collection leads. 


DRAWINGS IN DETAIL 


[0036] FIG. 1 diagrams the preferred embodiment of the 
invention. 

[0037] Balloon 10 is an aircraft which, in this illustration, is 
a lighter than air balloon. Wings 10A, extending from the 
body of balloon 10, provide additional lift in air flow 18. Tail 
10B helps to stabilize balloon 10. 

[0038] Balloon 10 is tethered to the ground via conductive 
line 12. As noted earlier, a variety of configurations and 
materials are available to serve as conductive line 12. In this 
illustration, a poly-wire is used. Poly-wire is commercially 
available through a variety of vendors, including, but not 
limited to: Jeffers Livestock and Sareba Systems, Inc. of 
Ellendale, Minn. 

[0039] In this embodiment, located proximate to balloon 
10, is an electrical collection enhancement lead 11 which 
assists in the collection of the static electrical charge in the 
atmosphere. Electrical collection enhancement lead 11 is 
configured to attract the static charge and conduct the charge 
into the conductive line 12. 

[0040] The electricity flows down the conductive line into 
spool 13, where the conductive line 12 is collected and either 
withdrawn or dispensed through operation of winch motor 
14. 

[0041] Winch motor 14 and spool 13 are mounted onto base 
unit 16 which is electrically isolated from ground 7 using 
insulator 17. Note, in this embodiment of the invention, when 
electricity is being collected from the atmosphere, the entire 
base unit 16 becomes charged. In another embodiment of the 
invention, spool 13 is constructed of rubber, thereby prevent- 
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ing base unit 16 from becoming charged, thereby restricting 
the charging from the atmosphere to only conductive line 12. 
[0042] In this embodiment, conductor 6 is connected to 
base unit 16 (since the entire base unit 16 is charged and the 
base unit is metallic) to communicate the electrical current to 
load 5. Conductor 6 is ideally an insulated wire. 

[0043] The electrical current through conductor 6 is mea- 
sured using sensor 8. 

[0044] In the alternative embodiment discussed above, 
where only the conductive line 12 is charged, then conductor 
6 is connected to conductive line 12. 

[0045] Controller 15, located in this embodiment on base 
unit 16, operates winch motor 14 in response to signals from 
sensor 8 (measuring the current being discharged to load 5) to 
maintain the current flow within a pre-defined range. As the 
current flow diminishes, then the conductive line 12 extended 
from spool 13 to increase the altitude of balloon 10 to that 
more static charge from the atmosphere is gathered; as the 
current flow falls exceeds a preset level, conductive line 12 is 
withdrawn onto spool 13 to decrease the static charge being 
collected from the atmosphere. 

[0046] The range of current flow through conductor 6 is 
ideally set by the program, although some embodiments of 
the invention permit an operator to establish this range of 
operation. 

[0047] Inanalternative embodiment, the sensor monitoring 
conductor 6 monitors the voltage therein. 

[0048] In the preferred embodiment of the invention, con- 
troller 15 is also equipped with a lightning sensor 19. In this 
embodiment, when lightning is sensed within a preset range, 
then substantially all of conductive line 12 is wound onto 
spool 13 to pull balloon 10 near the ground and protect the 
entire mechanism from being damaged from a lightning dis- 
charge. 

[0049] In the preferred embodiment, the “safe” distance 
form lightning is set in the programming of controller 15 and 
is ideally two miles; other embodiments permit the operator 
to “safe” distance. 

[0050] There are a variety of lightning sensors well known 
to those of ordinary skill in the art, including, but not limited 
to those described in: U.S. Pat. No. 7,016,785, entitled 
“Lightning Detection” issued to Makela, et al. on Mach 21, 
2006; U.S. Pat. No. 6,829,911, entitled “Lightning Detection 
and Prediction Alarm Device” issued to Jones, et al. on Dec. 
7, 2004; U.S. Pat. No. 7,200,418, entitled “Detection of 
Lightning” issued to Karikuranta, et al. on Apr. 3, 2007; and 
USS. Pat. No. 6,961,662, entitled “Systems and Methods for 
Spectral Corrected Lightning Detection” issued to Murphy 
on Nov. 1, 2005; all of which are incorporated hereinto by 
reference. 

[0051] In another embodiment of the invention, controller 
15 is not located on base unit 16, rather it is remote and 
communicates its control signals to winch motor 14 using 
radio waves. 

[0052] FIG. 2 illustrates the collection of the negative 
charged particles in the atmosphere. 

[0053] Static charges 23 are generated in the atmosphere by 
agitated air. These static charges are often collected at the 
bottom of clouds, but exist in other environments as well. 
[0054] Balloon 21 is extended into this strata of static 
charges 23 which are then attracted to conductive line 12 to 
flow to base unit 22 and then onto load 5. 

[0055] By increasing or decreasing the altitude of balloon 
21 (defined by the length of the extended conductive line 12), 
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conductive line 12 is selectively exposed to varying densities 
and levels of the static charge strata, and by extension, the 
current flow or voltage 1s increased or decreased. 

[0056] FIG. 3 is a flow-chart of the operation of the con- 
troller for the preferred embodiment of the invention. 

[0057] Once the program starts 30, the lightning sensor is 
checked to determine 1f lightning has occurred within the 
unsafe range 31A, if it has, then the balloon is lowered 32A, 
and the program continues monitoring the status of lightning 
until no lightning 1s detected. 

[0058] When the lightning status is acceptable, then the 
current within the conductor is checked to see if the current 1s 
within the prescribed range 31B. If the current is acceptable 
(within range) the program returns to check the lightning 
status 31A; otherwise a determination is made to see if the 
current is above the prescribed range 31C. 

[0059] Ifthe current is above the prescribed range, then the 
altitude of the balloon 1s withdrawn a set amount 32B (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

[0060] Ifthe current is below the prescribed range, then the 
altitude of the balloon is extended a set amount 32C (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

[0061] In this manner of feed-back and minor adjustments 
in the altitude of the balloon, the current is maintained within 
a prescribed range which can be handled by the downstream 
electrical system. 

[0062] As noted earlier, some embodiments of the inven- 
tion monitor the voltage instead of the current. 

[0063] FIGS. 4A, 4B, and 4C are electrical schematics for 
handling the static charge from the atmosphere. 

[0064] By maintaining the voltage being collected in a pre- 
scribed range, an electrical conversion system is easily 
designed. While FIGS. 4A, 4B, and 4C illustrate some elec- 
trical configurations, those of ordinary skill in the art readily 
recognize a variety of other configurations which will serve 
the same function. 

[0065] Referencing FIG. 4A, Direct Current In (DC IN) 40 
is buffered by a gang of capacitors 41 before being commu- 
nicated to a DC/AC converter 42. The DC/AC converter con- 
verts the direct current into a an alternating current suitable 
for placement over an existing electrical grid 43 such as 
normally found from a power-plant. 

[0066] Those of ordinary skill in the art readily recognize a 
variety of DC/AC converters, including, but not limited to: 
U.S. Pat. No. 7,394,671, entitled “Controller IC, DC-AC 
Conversion Apparatus, and parallel running system of DC- 
AC Conversion Apparatuses” issued to Fukumoto, et al. on 
Jul. 1, 2008; and, U.S. Pat. No. 7,330,366, entitled “DC-AC 
Converter” issued to Lee, et al. on Feb. 12, 2008; all of which 
are incorporated hereinto by reference. 

[0067] FIG. 4B illustrates an electrical arrangement suit- 
able for use in charging a battery. DC IN 40 is buffered by 
capacitor bank 41 before entering into a step down trans- 
former 43. Step down transformer 43 reduces the voltage so 
that the voltage can safely be introduced into battery 44 which 
is connected to ground 45 at the battery’s other pole. 

[0068] Those of ordinary skill in the art readily recognize a 
variety of batteries which will work in this capacity, includ- 
ing, but not limited to those described in: U.S. Pat. No. 7,378, 
181, entitled “Electric Storage Battery Construction and 
Manufacture” issued to Skinlo on May 27, 2008; U.S. Pat. 
No. 7,388,350, entitled “Battery with Electronic Compart- 
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ment” issued to Wright on Jun. 17, 2008; U.S. Pat. No. 7,397, 
220, entitled “Connection Member and Battery Pack” issued 
to Uchida, et al. on Jul. 8, 2008; and, U.S. Pat. No. 7,375,492, 
entitled “Inductively Charged Battery Pack” issued to Cal- 
hoon, et al. on May 20, 2008; all of which are incorporated 
hereinto by reference. 

[0069] In FIG. 4C, DC IN 40 is fed into an adjustable 
rheostat 46 which is controlled by the controller so that the 
DC OUT 47 falls within a specified range. 

[0070] FIG. 5 illustrates a conductive line used in the pre- 
ferred embodiment of the invention. 

[0071] This type of conductive line is commonly called 
poly-wire and consists of multiple interwoven strands of plas- 
tic 50A and 50B woven into a cord or rope arrangement 
having intertwined therein exposed metal wires 51A and51B. 
While this illustration shows two plastic strands and two 
metal wires, any number of possible combinations is pos- 
sible. 

[0072] The exposed metal wires 51A and 51B attract the 
atmospheric static charge and transmit the charge down to the 
base unit (not shown). 

[0073] FIGS. 6A and 6B illustrate an alternative conductive 
line creating an ionized pathway for the flow of the static 
charges from the atmosphere. 

[0074] This conductive line utilizes a tube 60 having an 
outer layer 62 of PET Film (Biaxially-oriented polyethylene 
terephtalate polyester film) which provides exceptionally 
high tensile strength and is chemically and dimensionally 
stable. The tube has an ideal diameter of between two and 
three inches. 

[0075] An interior metal coating 61 provides an initial con- 
duit for the flow of static charge. The static charge through the 
metal forces the tube to expand due to the repulsion experi- 
enced by like charges. Further, the flow of electricity causes 
the interior of the tube 60 to become ionized to provide an 
additional pathway for the atmospheric static charges to the 
base unit (not shown). 

[0076] Because outer layer 62 provides a gas barrier, the 
resulting ionization is not dissipated by air currents, thereby 
providing a highly stable pathway. 

[0077] FIG. 7 illustrates the controller of an alternative 
embodiment and the associated safety devices. 

[0078] In this embodiment, controller box 70, resting on 
insulating pad 72, is in communication with the sensors as 
described above. Using the input from these sensors, when 
there is flow of electricity through the base unit, warning 
flashing light 71 is illuminated. To electrically neutralize the 
mechanism, switch 73 is activated to pass any existing current 
into the ground 74. 

[0079] FIGS. 8A and 8B illustrate two embodiments of 
enhanced electrical collection leads. 

[0080] Referencing FIG. 8A, enhanced electrical collec- 
tion lead 82 is a wire mesh which is in electrical communi- 
cation with conductive line 81 and balloon 80. Because of the 
significant amount of metal exposed by enhanced electrical 
collection lead 82, more static electricity from the atmosphere 
is drawn to the collection lead 82, and then down conductive 
line 81 to the base unit (not shown). 


[0081] Conductive lead 82 is positioned proximate to bal- 
loon 80. 
[0082] In FIG. 4B, poly-wire 83 has enhanced electrical 


collection leads 84 wrapped therearound. Collection leads 84 
have pointed ends 85A and 85B which have a propensity to 
attract more electricity than rounded ends do. 
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[0083] Itis clear from the foregoing that the present inven- 
tion captures an entirely new source of electrical energy. 

What is claimed is: 

1. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive material secured to 
said lighter than air balloon, said winch motor capable of 
selectively extending or withdrawing said conductive 
line from said spool, one end of said conductive line 
connected to said lighter than air balloon; 

c) an insulator electrically isolating said conductive line 
from ground; and, 

d) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load. 

2. The mechanism to tap an electrical source according to 
claim 1, further including a controller, said controller selec- 
tively operating said winch motor based upon a voltage level 
in said conductor. 

3. The mechanism to tap an electrical source according to 
claim 2, 

a) further including an electrical flow sensor monitoring 
electrical flow through said conductor and generating an 
electrical flow indicia indicative of said electrical flow in 
said conductor, said electrical flow indicia communi- 
cated to said controller; and, 

b) wherein said controller operates said winch motor such 
that said electrical flow indicia remains within a selected 
operating range. 

4. The mechanism to tap an electrical source according to 
claim 3, wherein said selected operating range is established 
by an operator. 

5. The mechanism to tap an electrical source according to 
claim 4, further including a warning light activated when said 
electrical flow indicia is non-zero. 

6. The mechanism to tap an electrical source according to 
claim 3, 

a) further including a lightning sensor generating a light- 
ning presence indicia indicative of lightning within a 
prescribed range, said presence indicia being communi- 
cated to said controller; and, 

b) wherein said controller, in response to said lightning 
presence indicia, operates said winch motor to withdraw 
substantially all of said conductive line onto said spool. 

7. The mechanism to tap an electrical source according to 
claim 6, wherein said prescribed range is established by an 
operator. 

8. The mechanism to tap an electrical source according to 
claim 3, further including an electrical collection enhance- 
ment lead in electrical contact with a first end said conductive 
material, said electrical collection enhancement lead config- 
ured to attract static electricity. 

9. The mechanism to tap an electrical source according to 
claim 8, wherein said electrical collection enhancement lead 
is positioned proximate to said lighter than air balloon. 

10. The mechanism to tap an electrical source according to 
claim 9, wherein said electrical collection enhancement lead 
includes at least two pointed electrical conductors. 
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11. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said con- 
ductive line from said winch motor. 

12. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said base 
unit from ground. 

13. A mechanism comprising: 

a) an airborne aircraft tethered by a conductive line secured 
to a winch capable of extending or withdrawing said 
conductive line from a spool, thereby adjusting an alti- 
tude of the airborne aircraft; 

b) an insulator electrically isolating said conductive line 
from ground; and, 

c) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load. 

14. The mechanism according to claim 13, further includ- 
ing a controller, said controller selectively operating said 
winch motor based upon a voltage level in said conductor. 

15. The mechanism to tap an electrical source according to 
claim 14, 

a) further including a lightning sensor communicating with 

said controller; and, 

b) wherein said controller, in response to selected signals 
from said lightning sensor withdraws substantially all of 
said conductive line. 

16. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive material secured to 
said balloon, said winch motor capable of adjusting an 
altitude of said lighter than air balloon by selectively 
extending or withdrawing said conductive line from said 
spool; 

c) an insulator electrically isolating said conductive line 
from ground; and, 

d) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load; 

e) a sensor array having, 

1) an electrical flow sensor monitoring electrical flow 
through said conductor, and, 

2) a lightning sensor monitoring existence of proximate 
lightning; and, 

f) a controller responsive to signals from said sensor array 
to selectively operate said winch motor. 

17. The mechanism to tap an electrical source according to 

claim 16, 

a) further including a warning light; and, 

b) wherein said controller activates said warning light 
when said electrical flow in said conductor is non-zero. 

18. The mechanism to tap an electrical source according to 
claim 17, further including an electrical collection enhance- 
ment lead in electrical contact with said conductive material, 
said electrical collection enhancement lead configured to 
attract static electricity and positioned proximate to said 
lighter than air balloon. 
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7 T o lo it may concern: 


E sthonian subject, residing in Hamburg, 
Germany, have. invented certain new and 
useful Improvements in ‘he Conversion of 
_ Atmospheric Electric: Energy, of which | the — 


Be it known that J, Hermann Prine 


- following is a specification.” 


10 


Methods: of obtaining atmospheric ae : 


tricity by means of metallic nettings set with 


‘spikes which are held by, means of ‘ordinary 
- or anchored kite balloons made of fabrics: 


` “amd filled with hydrogen, are in theory àl- 


© ready kñown. . 


15: 


: 20 


so 


failure. 


tions. “ae 


Instead ofi using. heavy metalli¢ netting: 26 
. collectors attached: to single: air. balloons of | 
. . non-conducting materials ‘which are liable ‘to . 
be torn’ and are permeable to the gas, it is 
proposed to use metallic balloon Collectors - 
which have: the following in advan- i 


tages— 


a) The metallic cases are “impenetr able. 
_ to helium’ and hydrogen; the i 


also represent 
large metallic” weather- -přoof 


"faces. 


be easily applied internally. or externally ; 
whereby the ionization is considerably in- > 


40. 


creased and therewith also.the quantity of 


-atmosphert ic electricity capable of being col- 


a lected. 


45 


(e) Such balloon ¿ollectors of light metal 
_. do not require to be of large size as they- 
have to carry only their own moderate -. 
weight, and that of. the conducting. cable. or 


A wire. 


(d) The entire system therefore offers iit. y 


i po Ue surface for the action-of storm and wind = 


and i is resistant and stable. 


(e) Each balloon can bé easily ad and: 
lowered by means of a winch so that all re- | 

- pairs, recharging and the like can be.carried 
“put: without danger dun ing the opaan 


_ Atmospheric electricity ob- 
tained in this way has been suggested to be’ 
used in the form of direct current. for the 
` charging: of accumulators. 
‘however is at present only theoretical as the 

- conversion in practice has hitherto been a- , 

No mans are known of protecting - 
the apparatus from destruction by lightning. 
- The balloons used for collecting the charge’ 
must also be made of very large size in order 
to be able to support: the weight of the: me-. 


- tallic netting 0 the heavy. cable” connec- 


. This knowledge ‘thereby. obtained | and... al disadvantages 


: avoided, » 


collecting | sur rs 


‘Serial Wo, 437, 107, 


-Itä is s further pod ae use a a collecting 5 


56 ae 
eae network of several separate collectors .. * 
spread out in the air.above the earth, which _ : 
collectors are - interconnected, by electrical * ees 
conductors.. E 
-According to- this invetition: char ges -of a Sh 
-Inospheric. electricity. are not directly: con- 
verted into mechanical. energy, . and. this: D E 
forms the main difference from previous in- 0... 
ventions, but the static electricity which rung +. T 
to earth through aerial. conductors. in the 65: .. 
` form of direct current: of very high. voltage: 
and low current strength ‘is converted into“, ... 
-electro-dynamic energy in the form ofthigh = > 
frequency vibrations. Many advantages are ES e 


The very" eh voltage of static deu o de 


of a low ¿yrrent. strength can be' converted... 
by this invention to voltages more suitable" = 
for technical. purposes and of greater ‘cur- T5 
‘rent strength. | By the use of: closed: oscilla- “> 
tory circuits it is possible. to obtain- electro- . ` 
“magnetic waves of various amplitude and- -` 
-= thereby to increase the degree of resonance: 


o of such current. Such resonance allows ya- 80 | 


rious * values . of inductance’ to be chosen: ` 


whereby again the. governing of the starting: - 
and stopping of machines driven thereby by ` 

simply tuning the resonance between coils 
of the machine and the: transformer circuit. | 
forming the resonance can easily be ob- >>. 
tained. Further, such’ currents have the. - 
property of being directly. available for va- 
rious uses, even without employing them for © - 
, - driving motors, of which- there may be par- 
(0). Radio active means and. the like may | 


Do. 


ticularly. mentioned, lighting, production ot ae 


- heat and use in electro- chemistry... | A 
> Further, with such currents a series. of ap- a 
paratus may be fed without diréct current - - 
supply through conductors and” also the. 9: 
electro-magnetic high - frequency": currents 
-may be converted by 1 méans of special motors © 


adapted for. electro-magnetic - oscillations 


intó mechanical energy, or finally converted .. 
"by special machines into alternating current 
_ of low frequency or even into direct curr ent Ea 
of high potential. - a Ro 


The: invention is: we partic ularly: de- o 


Figure listan explanatory figure. 


“scribed with reference to the Accompanying ER 
diagrams in which :-— 7 105 , 
Figure 2 is‘a. diagrammatic view of the : k 
simplest Pm, . a 


ar 


10 


15 


30 


40 


l electr: ode enclosed ‘in a vacuum chamber. 


2 


Figure 3 shows a method of converting 
atmospheric electrical energy for use with 

motors. 

Figure 4 is a diagram showing the use of 
protective means. 

Figure 5 ig a diagram of an arrangement 
for converting large ‘current strengths. 

Figure 6 is a diagram of an arr angement 
including controlling means. 


Figure 7 shows means whereby the spark. 


gap length can be adjusted. 

Figure 8 shows a H polan, connection for 
the motor. 

Figure 9 shows à weak coupled system 
suitable for use with small power motors. 

Figures 10, 11 and 12 show modified ar- 
ran ements. 

Figure 13 shows a form of inductive cou- 


pling for the motor circuit. 


Figure 14 is a modified form of Figure 13 
with “inductive coupling. © 

Figure 15 is an arrangement with non- 
inductive motor. 

Figure 16 is an arrangement with. cou- 


5 pling by condenser. 


Figures 17, 18 and 19 are diagrams sof fur- 
ther modifications. 


Figure 20 shows a simple form in which 


the aerial network is combined. with on 
collectors. 

Figure 21 shows ms an ar- 
rangement suitable for collecting large 
quantities of energy. 

Figure 22 is a modified arr angement hav- 
ing two rings of collectors. | 


| Figure 23 shows the connections for three ; 
rings ; of collectors. 


Figure 94. shows a collecting aon and 
diagram of its connection of condenser bat- 
teries. 

Figures 25 and 26 show oiid colt ector 
balloon ar rangements. | 

Figure 27 shows a second method ol con- 
necting conductor for the balloon aerials. - 

Figure 28 shows an auto- transformer 
method of connection. 

Figure 29 shows the simplest form of con- 
struction with incandescent: cathode. 

Figure 30 shows a form with clgar shaped 


| balloon. 


- Figure 31 is a modified arrangement. 
_ Figure 32 shows a form with ‘cathode and 


Figure 33 is a modified form of Figure 32. 
Figure 34 shows an arc light collector. 
Figure 35 shows such an arr angement for 


alternating current. 


60 . 


c 
- Y 


Figure 36 shows an pun collector 


with Nernst lamp. 
Figure 37 shows a form with a gas fame. 
Figure 1 illustrates a simple diagr am for 
converting static electricity into “dynamic 
energy of a high number of oscillations. 


For the sake of clearness i in the drawings an 


influence machine 1 is assumed to be employed 
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and not an aerial antenna. 13 and 14 are 


combs for collecting the static electricity of 


the influence machine. Y and $ are spark 
discharging electrodes, 6 and 5 condensers, 


9 an inductive primafy coil, 10 secondary 7 


coil, 11 and 12 ends of conductors of the sec- 


“ondary coil 10. When the disc of the static 


influence machine is rotated by mechanical 
means, the combs collect the electric charges 


one the positive and the other the negative, 
and charge the condensers 5 and 6 until such 


a high potential is formed across the spark 
gap a that the spark gap is jumped. As 
the spark gap 


sistance 9, as is well known, waves of high 
frequency electromagnetic oscillations will 


' pass In ihis circuit. 


The high frequency. of the oscillations 
produced in the primary circuit induces 
waves ‘of the same periodicity in the sec- 
ondary circuit. Thus in the primary cir- 


cuit electromagnetic oscillations are formed 


by the passage of the spark over the spark 
gap and these waves are maintained by fresh 


charges of static electricity. 
By suitably selecting the ratio between the. 


number of the coils in the primary and sec- 
ondary circuits with regard to a correct ap- 


plication of the co-efficients of resonance ` 


(capacity, inductance, and resistance) the 
high voltage of the primary circuit may be 
suitably converted into low. voltage and high 
current strength. 

When the oscillatory dischar ‘ges in the pri- 
mary circuit becomes weaker or entirely 
cease, the condensers are charged again by 
the static electricity until the accumulated 
charge again breaks down the spark gap. 


All this is repeated as long as electricity is 


produced by the static machine by employ- 
ing mechanical energy. 

Án elementary form of -the invention is 
shown in Figure 2 in which two spark gaps 
in parallel are used one of which may be 


_ termed the working gap 7 in Figure 2, whilst. 


the second serves as a safety device for ex- 
cess voltage and consists of a larger number 
of spark gaps than the working section, 
which gaps are arranged in series and are 


1—8 forms a closed circuit 
with condensers 6 and 5, and inductive re- 


© 


15 


80 


Ot? 


100 


105 


br idged by very small capacities as is illus- _ 


trated in a,, b,, ¢,, Figure 2 which allow of 


- uniform sparking in the safety section. 


In- Figure 2 A is the aerial antenna. for 
collecting charges of atmospheric electricity, 
13 is the earth connection of the second part 
of the spark gap, 5 and 6 are-condensers, 9 a 
primary coil. Now when through the aerial 


. A the positive atmospheric electricity seeks 


to combine with the negative charge to earth, 
this is prevented by (the air gap between) 
the spark gaps. The resistance of the spark. 
gap Y is, as shown in the drawings, lower 
than that of the other safety section which 
consists-of three - ee gaps connected in 


x 


1 540, 998 ` 


E series, ‘ad consequently a de fines! greater 
-air resistance is offere by the latter. 


So Jong’ thereforé, as the. resistance of 


‘the spark gap 7 is not overloaded, so that. 
-6 the other spark gaps have an equal resist- ` 
-ance with it the discharges take place only: 
a over spark gap 7. Should however the’ 
voltage be increased. by ‘any influences so :, 
... that`it might be dangerous for charging 

10 the condensers 5 and 6 or for: the coil in-: 
. «sulation 9 and 10 in. consequence of break’ 
~ down; by a correct regulation of this spark 


a the second spark gap can discharge free 


rom inductive effects direct to earth with-. 


= l 16. out endangering the machine. 


~ Without: this second spark giip, arranged 


in parallel having a: higher resistance than 
“the working spark gap it is impossible to 
-collect and-render available large quantities” - 


20 of electrical energy. 


- The action of this’ ged oscillation cir- 


n t Consisting ‘of. spark gap. 7, two condens- 


40- 


60 


BB 


transformer. 


ers 5 and 6, primary coil 9, “and also sec-. 
- . ondary. coil 10 is exactly the. same as the. 
25 ‘one described in Figure 1 with the arrange- 
-. ment of the static induction machine with 
the only difference: that here the second” 


spark gap is provided. The electromagnetic 


high frequency alternating current obtained | 
-30 can be tapped off from the conductors 11. 

. and 12 for lighting and ¿heating. purposes. 
Special kinds of motors adapted for work- 
. Ing with: these peculiar: electrical charges | 
.. «may be connected at 14 and 15 which can 
35 work with static electricity charges or with 

high frequency oscillations, | | 
In addition to the: use of. spark gaps + 
in ‘parallel a second measure of security is 


also necessary for taking off the current. 


-This precaution. consists according to: this : 
Invention, in the introduction of and method . 
Of connecting certain protective electro- 
o: magnets or choking coils in the aerial, cir- 


cult as shown by 
TS 


S-in Figure”3. : 
A single electromagnet only having a; core 


of the thinnest possible separate laminations: 


is connected with the aerial.. 


‘In the case of high voltages in the aerial. 
network or at places where there ‘are fre- 


quent. thunder storms, . several such magnets 


may however be connected in series. ©. 
In the case of large units or plants sev- 
eral electromagnets can be employed’ in par- | 
| < oscillations.. 


allel or in series parallel. - 
_Thé windings of © these -electtomagnets 


- may be simply connected in series’ with the 
aerials. In this case the winding’ preferably 
consists of several thin parallel wires, which, 


make up together, the necessary section. 
The winding. may be made of primary 
and secondary. windings in’ the form of a 
‘The primary ‘winding will be 
then cónnected in series with the aerial net- 
work, and the secondary. winding more- or 


less short-cit remited < over a u regulating resist- 


ance-or an induction coil. 
case it’ is, possible to regulate to, a cerbain 
In 


lically with the earth wire. 
working these diagrams is as follows: 

The positive atmospheric ‘electric. cates 
collected tends to combine with the negative 
electricity (or earth electricity) connected. 


«surfaces. 


extent the effect of the choking” ‘ous. : 


In the:iatier -” 


` 


the further. description of ‘the connecting ` ` 


and constructional. diagrams the aerial eleo- | 


tromagnet choke coil is indicated Bi 


simple ring S.. : 

Figure. 3 shows the simplest way ‘of con- 
verting atmospheric eléctricity into electro- 
‘magnetic wave energy by the use of special . 


motors: adapted for high. oscillatory cur. 


rents or static charges of electrical energy. 


Recent. improvements in motors for work- $ 
ing with static charges and motors working 
- by resonance, that is to say, having groups 


of tuned electromagnetic cooperating cir- — 


form part of the. present invention. 


A motor. adapted to operate with. static 
. charges .will- for the sake of. simplicity be 
. diagrammatically: indicated by two semi- 
circles 1::and 2 and the. rotor of the motor -` 
by a ring M. (Figure 3.) A is a vertical — 

aerial or áerial network. 
choke or electromagnet with coil O ás may § 
-þe seen is connected with the aerial A. Ad- 
jacent: the electromagnet: S the aerial con- 
ductor is divided into three. circuits, the 
circuit: 8 giving the safety spark gap, the 


circuit 7. with the working spark gap, and 


then a-circuit including the stator terminal. 
1, the rotor. and stator terminal 2 at which 
a connection is made to the earth wire: 


two spark gaps. are also connected metal- 
“The: method of 


with the earth wire: It--travels along the 


aerial A- through the electromagnet Ss with- 
ùt. being checked. as it flows in the same di- — 
-rection as the direct current. 
«progress is: arrested by. two ‘sparks gaps 
placed' in the way: and the stator. condenser 110 — 
The stator condenser surfaces are." ` 
_ charged until the: charge is. greater than> 
the resistance of the spark. gap a whereupon te 
a spark springs over the:spark gap.7 and an 
oscillatory: charge -is obtained as by means | 
“of the motor M, “stator sur faces 1 and -2, and - 
spark gap 7, a closed oscillation circuit is 
obtained for producing. the electromagnetic | 
‘The motor here forms the ca- - 
pacity and the necessary inductance and re~ 
sistance, which, as is well known, are neces- 


Fur ther, 


“S the safety- 


cuits render: this possible. but such . do not — 


The | ac 


100. 


105 


its | 


sary for converting: static electricity into oe 


electromagnetic wave energy. 


The discharges formed are ‘conver ted ate 

«mechanical energy in special ‘motors and:can 
not reach the aerial network by reason of. 
the electromagnet. ort choke: wee 
“when a spark: springs over the spark gap Too 
a greater quantity of atmospheric electricity | 
tends to flow to.earth, a counter voltage ise 


'125 “4 


Tf, however, ee 


3y 


4 


induced in the electromagnet, which is 


flow of current direct to the earth is. 


greater the more rapidly and strongly at 
y 


- the formation of this opposing voltage a 


10 


E 


20 


sufficiently high resistance is offered to the 


flow of atmospheric electricity direct to 
earth to prevent a short circuit with the’ 


earth. - 

The circuit containing spark gap 8 having 
a different wave length “which is not in reso- 
nance with the natural frequency of the 
motor, does not endanger the motor 
ser ves as security ag ainst excess voltage, 
which, as practical experiments have shown, 
may still arise -in certain cases, but can be 
conducted direct to earth thr ough this spark 

gap. 

In the diagram illustr ated in Figure 4 the 
spark gap T is shunted across condensers 5 
and 6 from the motor M. This construction 
affords mainly a better insulation of the 


- motor against excess voltage and a uniform 


25 


30 


at 


35 


iva | 
a 


60 


excitation through the spark gap T. 

In Figure 5 a diagram is illustrated for 
transforming large current strengths which 
may be employed direct without motors, for 


example, for lighting or heating purposes. 


The main difference is that here the spark 
gap consists of a star shaped disc 7 which 
can rotate on its own axis and is rotated by 
a motor opposite similarly fitted electrodes 
7*, When separate points of stars face one 
another, discharges take place, thus forming 
an oscillation circuit over condensers 5 and 
6 and inductance 9 for oscillatory discharges. 
It is evident that a motor may also be di 
rectly connected to the ends of the spiral 9. 

The construction of the diagram shown 
in Figure 6 permits of the oscillation circuit 
of the motor being connected. with an in- 
duction coil. Here a regulating inductive 


resistance is introduced. for counter- acting 


excess voltages in the motor. By cutting the 
separate coils 9 (coupled inductively to the 


5. aerial) in or out the inductive action on the 


motor may be more or less increased or 
variable aerial action may be exerted on the 
oscillation circuit. ` 


- In Figure 7 the oscillation circuit is A 


The spark 


through” the earth (E and E,). 
sap a may be prolonged or shortened by 
more or fewer spark gaps being successively 
connected by means of a contact arm 7. 
- Diagram 8 shows a unipolar connection of 
the motor with the aerial network.’ Here 
two oscillation circuits are closed through 
the same motor. The first oscillation circuit 


passes from acrial A through electromagnet 


S, point x, inductance. 9? to the earth con- 
denser 6 and further, over spark. gap 7 to 


the aerial condenser 5 and back to æ. The 


second oscillation circuit starts from the 


aerial condenser 5 at the point a over the. 


inductance 9 to the earth condenser 6 at the 
point æ? and through the condenser 6 over 


and. 


nections of the motor. 
rectly metallically connected with the oscil- 
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the spark gap 7 back to æt. The motor itself 
is inserted between the two points of the 
spark gap 7. From this arrangement slight- 
ly damped oscillation wave cur rents are pro- 
duced. . 

In the diagram illustrated in Figure 9 a 


loosely coupled system of connections is il- | 


lustrated which is assumed to be for small 


motors for measuring - purposes. A indi- 
cates the aerial conductor, S the electromag- 
net in the aerial conductor, 9 the inductance, 
7 the spark gap, 5 and 6 condensers, E the 
earth, M the motor, and 1 and 2 stator con- 
The ‘motor is di- 


lation circuit, 

In Figure 10 a purely inductive coupling 
ls employed for the motor circuit. The mo- 
tor is connected with the secondary wire 10 
as maybe seen in Figure 11 in a somewhat 
modified diagram connection. The same 
applies to the diagram of Figure 12. 


The diagrams hitherto described prefer- 


ably. allow of motors of small and medium 
strength to be operated. For large aggre- 
gates, however, they are too inconvenient as 


a 


80 


90 


the construction of two or more oscillation . 


circuits for large amounts of energy is diffi- 
cult; the governing is still more difficult and 


the danger 3 in ‘switching on or off is greater. | 


A means of overcoming such difficulties is 
shown in Figure 13. The oscillation circuit 
here runs starting from the point æ over con- 


‘denser 5, variable inductance 9, spark gap - 


Y and the two segments (3* and 42) form- 
ing arms of a Wheatstone bridge, back to a. 
If the motor is connected by brushes 3 and 
4 transversely to the two arms of the bridge 


100 


as shown in the drawings, electromagnetic © 


oscillations of equal sign are induced in the 
stator surfaces 1 and 2 and the motor does 
not revolve. 
4 are moved in common with the conduct- 
ing wires 1 and 2 which connect the brushes 


with the stator poles a certain alteration or 


displacement of the polarity is obtained and 
the motor commences to revolve. 


If however, the brushes 3 and’ 


fond 


05 


fal 


10 


The maximum action will result if one - 
brush 3 comes on the central sparking con- : 


tact 7 and. the other brush 4 on the part a. 
They are however, usually in practice not 
brought.on to the central contact 7 but only 


held in the path of the bridge segments 4° 


and 3* in order not to connect the spark gaps 


with the motor oscillation circuit. 


As however, the entire oscillation energy 


.can thereby not act on the motor it is better 


to carry out the same system according to the 
diagram 14. The diagram 14 differs from 
the foregoing only by the motor not being 
directly metallically connected with the seg- 


ments of the. commutator, but only a pri- 


mary coil 9 which induces in a secondary 
coil 10, current which feeds the motor M 
and takes the place of the rotor. 


By this 


120 


hi 
bo 
cr 


_. former. ` 


- arrangement a good transforming action is sufficient strength to beable to resist any 
_ obtained, a loose coupling and also an os- pressure which may arise: A ny undesirable .. ` 


cillation circuit without a spark gap... .--. excess super-pressure which may be formed 
In Figure 15 the motor -is not purely-in-. must be automatically let off, Y have em- > 
ductively as in 14, but. directly metallically ployed with very good résults mercury elec- 70. 
branched off from the primary ‘coil (at æ ‘trodes which were frozen.in liquid carbonic ¿+ 
and æ*) after the principle of the auto-trans- acid, the cooling being maintained during — 
| In Figure 16 instead of an inductance ao WANS. A ic E a E ET 
0 ‘condenser. 6 is in-similar manner, “and for” - Figure 20 15 one of the simplest forms of 75. 
> the same object inserted. between’ the. seg- construction: of an-aerial network in com- | 
ments 3* and 4%. This has the: advantage jination with collectors, transformers and ` 
that the segments 3* and 4* need not. bemáde the like illustrated diagrammatically. E is. 


of solid metal but may-consist.of spiral coils here the earth wire, 8 the-safety spark gap, ~ 


- þe employed... 


- . motors; between the large stator induction from which 


ES 4 
n 


whereby .a more exact regulation is possible . 7 the working spark gap, 1 and 2 the stator: 80. 
and further motors of high inductance may . surfaces of the motor, 5'a condenser battery, — 
i _.. The arrangements of Figures L7, 18 and with the coil in the aerial conductor, At to TF 
_ 19 may be employed for use with resonance: A™ aerial antenna, with ‘collecting balloons, E 
20 and particularly with induction condenser iN horizontal collecting or connecting wires 85 __ 


_ condenser surfaces, small reversing pole con- : nections rùn. 7 =- hor ee T E 

- densers are connected, which, as may be-seen _The- actual collectors consist ' of metal . 

_ from Figures 17, 18 and 19 are led together . sheaths preferably made of an aluminium 

to earth. Such reversing poles have. the- magnesium alloy, and: are filled with hydro-. 90 
- advantage that: with large quantities. of gen or helium and are attached to copper ` 
electrical energy the spark formation be- ‘plated ‘steel wires. The size of the balloon |. 
tween the separate oscillation circuits ceases. _ 1s selected so that the actual weight of the - 
> Figure-19 shows a Further method which. balloon “and the weight of the conducting . * 
2 prevents electromagnetic oscillations of high wire is supported thereby. On the top of 95 

number of alternations formed in the oscil- the balloon aluminium spikes, made ‘and 

lation circuit striking back to the aerial con-. gilded in a special manner hereinafter de-. - 
ductor. It is based on the well, known prij- > scribed, are arranged in order to produce a - 
ciple that a mercury lamp, one électrode of ` conductor action. Small quantities of 
which is formed of mercury, the other of. radium. preparations, : more particularly 100 
solid metal.such as steel allows an electric. polonium-ionium or ‘Inesothorium prepara- . 


_ charge to pass in only one direction from tions considerably increase the 1onization, - 


a dangér of lightning. 


E 
ve 


tlie mercury to the steel and not vice versa, and therewith the action of these collectors. . * 
~ The mercury electrode of the vacuum tube --In addition to metal balloons, fabric bal-. . 
N is therefore connected with the aerial loons which are superficially metal coated 105 — 
conductor and the steel electrode with the according to Schoop’s metal spraying proc- _ 
oscillation circuit. From this. it results that . ess, may however also be employed. A 
charges can pass only from the aerial metallic surface may also be produced ‘by © 
through the vacuum tube to the oscillation lacquering with metallic bronzes, preferably’ 
circuit, but not vice versa. „Oscillations ‘according. to Schoop’s spraying process or 110. 
‘which are formed on being transformed in’ lacquering with metallic bronze powders in- 
the oscillation circuit. cannot pass to the two electrical series of widely different 
aerial conductor. ah A ee a 

In practice these vacuum tubes must be is considerably increased. a ae. 
connected behind an electromagnet as the + Instead of the ordinary round balloons, 115 
latter alone affords no protection against the elongated -cigar shaped ones may be em- 

As. regards .the use of spark gaps, all tional energy of the wind, patches or strips 
arrangements as used for wireless teleg- of non-conducting. substances which pro- | 
raphy may be used. Of course the spark. duce electricity by friction, may be attached 120 
_ gaps in large machines must have. a sufi- to the metallized balloon surfaces. _ The 


_ ciently large surface. In very large stations wind will impart a portion of its'energy in 


e 


_ they are cooled in liquid carbonic acid or the form of frictional electricity, to. the 
better still in liquid nitrogen or hydrogen; balloon casing, and thereby the collecting 
in most cases the cooling may also take ¢ffect is substantially increased. ees ©) 

. place by means of liquefied low homologues In practice however, very high towers’ 
of the’metal series or by means of hydro- (up to 800 metres is fully admissible) may 
carbons the freezing point of which liés at be employed'as antennee. In these towers 
_ between —90° C. and —40° C. The spark copper tubes rise freely further above the' — 

> gap casing must also be insulated and be of top of the tower. A gas lamp secured 130 
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against the wind is then lit at ie point of 


the copper tube and a netting is secured to 


-. the copper tube over the flame of this lamp 
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nected with a horizontal conductor. 


to form a collector. The gas is conveyed 


through the interior of the tube up to the 


summit. The copper tube must be abso- 
lutely protected from moisture at the place 
at which-it enters the tower and also rain 
must be prevented running down the -walls 
of the tower which might lead to a bad 
catastrophe. This is done by bell shaped en- 
largements which expand downwards, being 
arranged in the tower in the form of high 
voltage insulators of Siamese pagodas.. 


Special attention must be devoted to the 


foundations of such towers. They must be 
well insulated from the ground, which may 
be obtained by first embedding a layer of 
concrete in a box form to a sufficient depth 
in the ground and inserting in this an 
asphalt lining and then glass bricks cast 
about 1 or 2 metres in thickness. Over this 
in turn there is a ferro-concrete layer in 
which alone the metal foot of the tube is 
secured. This concrete block must be at 
least 2 metres from the ground and be fully 


protected at the sides by a wooden covering, 


from moisture. In the lower part of the 
tower a wood or glass house for the large 
condenser batteries or for the motors may 


be constructed. In:‘order to lead the earth 


connection to the ground water, a well in- 
sulated pit constructed of vitreous bricks, 
must be provided. Several such towers are 
erected at equal distances apart and con- 
The 


` horizontal connecting wires may either run 
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directly from tower “to tower or be carried 
on bell shaped insulators similar to those in 
use for high voltage conductors. The width 


of the network may be of any suitable size. 


and the connection of the motors can take 
place at any suitable places. 


In order to collect large quantities of: 


electricity with few aerials it is well to pro- 
vide the aerial conductor with batteries of 
condensers as shown in two methods of con- 
struction in Figures 21 and 22. In Figure 
291 the batteries of condensers 5 are con- 


nected on the one hand with the aerial elec-. 
tricity collectors Z by the aerial conductor 
_ A, and on the other hand interconnected in 


serles with an annular conductor from 
which horizontal conductors run to the con- 
necting points C to which the earth wire is 
connected. 

Figure 22 shows a similar arrangement. 
Should two such series of antenne rings be 
shown by a voltmeter to have a large ` dif- 
ference of potential (for example, one in the 


‘mountains and one in the plain) or evén of 


different polarity these differences may be 
compensated for by connecting sufficiently 
large condenser batteries (5, 53, 5 5°) by means 
of Maji star conductors D and Dt. In Fig- 


poles directly to the aerial conductors. 
improved diagram of the connections for 


«work, 


curr ent up to and beyond 500 volts. 
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ure 23 a connection of three such rings of 


collectors to form a triangle with a central 
condenser battery is illustr ated. | 


The condenser batteries of such lar ge in- 


stallations must be embedded in liquefied 
gases or in liquids freezing at very low 
temperatures. 
the atmospheric energy must be employed 
for liquefying these gases. It is also-prefer- 
able to employ pressure. By this means the 
condenser surfaces may be diminished, and 
still allow for large quantities of energy to 
be stored, secure ‘against breakdown. For 
smaller installations the immers' ng of the 
condensers in well insulated oil or the like, 
suffices. Solid substances on the other hand 
cannot be employed as insulators. 

The arrangement in the diagrams hitherto 
described was always such ‘that the con- 
denser batteries were connected with both 


An 


10 


mr. 


In such cases a portion of . 


obtaining ‘atmospheric electricity. for the — 


condenser batteries has however, been found 


to be very advantageous, this arrangement 
consists in that they are connected by only 
one pole (unipolar) to the collecting, net- 
Such a method of arrangement is 
very important, as by means of it a constant 
current and an increase of the normal work- 
ing pressure or voltage is obtained. If for 


‘example a collecting balloon aerial which is 


allowed to rise to a height of 300 metres, 


shows 40,000 volts above earth voltage, in . 


practice it has been found that the working 


voltage (with a withdrawal of the power 


according to the method hereinbefore de- 


scribed. by means of oscillating spark gaps 
and the'like) is only about 400 volts. If 
however, the capacity of the condenser sur- 
faces be increased, which capacity in the 
above mentioned case was equal to that of 
the collecting surface of the balloon aerials, 
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to double the amount, by connecting the 


condenser batteries with only one pole, the 
voltage rises under an equal withdrawal of 
This 
can only be ascribed to the favourable action 
of the connecting method. 

In addition to this substantial im prove- 
ment it has also been found prefer able to 
insert double inductances with clectromag- 
nets and to place the capacities prefer ably 
between two such electromagnets. Jt has 
also been found that the useful action of 
such condensers can be further increased 1f 
an induction coil be connected ás inductive 
resistance to the unconnected pole of the 
condenser, or still better if the condenser 
itself be made as an induction condenser. 
Such a condenser may be compared with a 
spring which when compressed carries in 
itself accumulated force, which it again 
gives off when released. In charging, a 
char ge with reversed sign is formad at the 
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| ather tie ee pole, and if thir otigh úl the 


spark gap a short circuit. results, the accu- 


- conductor network, which in fact charges 
_ with opposite signs to that at the freé con- 
The new induced charges have. 
of course the same sign as the collector net- . 
work. The whole voltage energy in the : 
aerial is thereby however increased. In the 
-~ Same space of time- larger quantit: es of- 
-energy are accumulated -than is the case 
without such inserted condenser batteries. 
Tn. Figures 24 and 25 two: different dia- 
grams of connections are more exactly 1llus-. 
trated, Figure 24 shows a collecting balloon + 
“and the diagram of the connections to earth. 
- Figure 25 four collecting balloons and the. 
. -parallel connection of. the condenser: bat- : 
terles, belonging thereto. `. 
A is the collecting balloon: ade oF an. 


> _ denser pole.’ 


mulated energy is again given back since 
now new quantities. of energy are induced 
at: the condenser pole connected with the 


- aluminium magnesium alloy (electron metal, 


to i 
ue 


—magnalium) of a specific gravity of 1.8 and - 
a thickness of plate .0.1 to 0.2 mm. -Inside : 


. there are eight strong vertical- ribs. of T 


oU 


ribs. 


ri. 
-a 
CA. Ss 
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_ external surface is obtained. 
or coppered aluminium plated steel wir esrun 
trom each rib to the fastening ring 2.) Fur- 
ther, the coppered steel ha wser L pr efer ably 
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elasticity. 


“0 well insulated from the earth. . 


shaped section about 10 to 20 mm. in height 


and about 3 mm..in-thickness with:the pro- 
jecting part directed inwards (indicated by. 
a, b, ¢, d and so forth ys they are riveted to- 
géther to form a firm skeleton and are stiff- 


ened in a horizontal direction. by two cross 


so that a fuly metallic. casing: with smooth 


twisted out of separate thin. wires (shown i in 


-dotted lines in Figure 24) and which rust» 
7 be. long enough to allow the-balloon to rise . 
in the desired height, leads to.a metal roller. 


or, pulley 3 and from thence. to a winch W, 


this winch, the balloon, which i is filled with 


hydrogen, or helium, can be allowed to rise | 
to a suitable. height (300 to: 5 > 
and brought to the ground for recharging ‘ 


or repairs. 
The actual ON is a dedir 


through a friction contact from the metal 
roller 3 or from the wire, or even from the 
: winch or simultaneously from. all three by 
means of brushes (3, 3° and 3°). 


Beyond 
the brushes the ‘conductor is. divided; the 
paths being -—firstly over 12 to the safety 
spark gap 8, from thence to the ‘earth con- 


ductor “Ex and secondly over electromagnet 
2 Si, point 13, to a second loose electromagnet 


` ductor EZ; - 


21,3 


The ribs are further connected with — 
one another internally and transversely by . 
means of thin steel wires, “hereby: the bal- 
loon obtains. great power of resistance and 
Rolled plates df 0.1 to 0,2 mm. in .. 
-tiickness made of magnalium alloy are then’: 
either soldered: or riveted. on this skeleton 


- has also been found that such a back a 


Well sil vered 


trated. by 1i); 


000 metres) 


of light metal. 


a añ T al S2, a to the ai 


spark. gap Y and to the. second. earth con- 
‘The actual working «circuit ‘is: 
formed through the spark gap. A condensers’ - 
5 and 6, and through. the. primary coil 9; 
here the static electricity formed by. oscil. o 
latory: discharges’ is accumulated and. con- ~ 
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verted into high frequency electromagnetic. - 


oscillations. 
and S? at the crossing point 13, four con- 


‘denser batteries are introduced. which: are 
only indicated diagrammatically in the- 
-drawings-each by one condenser. 
these batteries. (16 and 18) are made as plate 
- condensers and prolonged by regulating im- 
duction. coils.or spirals‘17 and 19 while the 
‘two others (21 and 23) are induction CO 
densers. As may he seen from the dra wings | 
i eath of the: four condenser. batteries 1€, 18, 
:-21,.23 -is connected only by.one pole. to the 85. 
A aerial. or to. the .collector conductor. 


Between the electromagnets pity 


Two of 


15 


The 


second póles 17, 19, 22, 24 are. open. -In the, :- 


resistance an induction coll is inserted.’ 


collector aerial the back inductive. action. of 


-the free poles allows a higher voltage to be 
COn- 


maintainéd in. the aer ial: collecting 
ductor than would. otherwise be the case. It 


action 


has an extremely. favourable effect. on the 
Of course the induc- ` oi 3 


wear of the contacts. 
tive effect may be regulated at will within 
the limits of the size “ot. the. induction coil, 


the length. of the. coil in action being ad: 


- case of plate’ condensers haying no inductive -` 

The: *. 
object of such a spiral or coil is the displace. -:90 
ment .of phase of the induction current. oy ye o 
periods, whilst’ the charging current of the 2, 
condenser poles which lie free in: the air, 0> 
. works back to.the-collettor. aerial, 


sequence of this is thiat'in discharges in the . 


The eon- > 
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justable by means of wire connection. with- ae 


‘out induction. (see Fig. 24, No. 20). : 


St and:S? may also be pr ovided with such. : 
regulating devices in the case of S? (illus- — 


Tí excess voltage be formed 
it-is conducted to earth thr ough the wire 12 - 
and spark gap 8 or through any other siit- 
able apparatus, since this. formation would 


_be dangerous for the other apparatus. | 
By means of | 


The action of these condenser batteries hi as 


j alr eady been hereinbefore described. | 
The small cireles on the collector balloon 


indicate places at which zinc amalgam or 


1 


ran 


o: 
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gold amalgam or other photoelectric acting: | 


metals in the f form of small patches in ex- 


tremely thin layers (.01 to .05 mm. in 
thickness) are applied to-the balloon casing 


also be applied to the entire balloon as well 


129 - 


Such metallic patches may : 


as in greater thicknéss to the conducting 12 


netw ork. 


The greatest. possible effect. in col- 
lecting may be obtained by polonium amal- 
gams- “and the like. On the surface of the 


The capacity of the collector is 
thereby considerably ‘strengthened at the 
surface.. 
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have a rough surface. 
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collector, balloon metal points or spikes are, 


also fixed along the ribs, which spikes serve 
particularly for collecting the collector 
charge. Since it is well known that the re- 
sistance of the spikes is less the sharper the 
spike is, for this purpose it is therefore ex- 
tremely important to -employ as sharp 
spikes as possible. Experiments made as 
regards. these have. shown that the forma- 
tion of the body of the spike or point also 
plays a large part. for example, spikes made 
of bars or rollers with smooth surfaces, 
have a many times greater point resistance 
as collector accumulator spikes than those 
with rough surfaces. Various kinds of 
spike bodies have been experimented with 
for the collector balloons hereinbefore men- 
tioned. The best results were given by 
spikes which were made in the following 
wav. Fine points made of steel, copper, 
nickel, or copper and nickel alloys, were fas- 
tened ‘together in bundles and then placed 
as anode with the points in a suitable elec- 
trolyte (preferably in hydrochloric acid or 
muriate of iron solutions) and so treated 
with weak current at 2 to 8 


ness of the spikes or pins the points become 
extremely sharp and the bodies of the spikes 
The bundle can then 
be removed and the acid washed off with 
water. The spikes are then placed as 
cathode in a bath consisting of solution of 
gold, platinum, iridium, paladium or wolf- 


ram salts or their compounds and coated- 


at the cathode galvanically' with a thin laver 


of precious metal, which must however be 
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sufficiently firm to protect. them from at- 
mospheric oxidation. _ 

Such spikes act at a 20 fold lower voltage 
alinost as well as the best and finest points 
made by mechanical means. 


forming the protective layer or coating. 


Such pins have a low resistance at their 
points and even at one volt and still lower 


pressures have an excellent collector action. 
In Figure 24 the three unconnected poles 


are not connected with ‘one another in par- 
That is quite possible in practice 


allel. 
withont altering the principle of the free 
pole. It is also preferable to interconnect 


in parallel to a common collector network, 


a series of collecting aerials. 
Figure 25 shows a diagram for such an 
installation. A? AAS, As are four metal 


collector balloons with - gold or platinum. 


coated spikes which are electrolytically 
made in the presence of polonium emana- 
tions or radium salts, which spikes or nee- 
dles are connected over four electro-magnets 
S1, 52, S$, S*, through an annular conductor 
R. 
run over four further electromagnets S°, | 


volts pressure. 


After 2 to 3 hours according to the thick- injured. 


Still better re- 
sults are obtained if polonium or ‘radium 
salts are added to the galvanic bath when: 


From this annular conductor four wires 
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Segoe sa, to the connecting point 13. There 


the conductor i is divided, one branch passing 
over 12 and the safety ‘spark gap 8 to the: 


earth at Et, the other over inductive resist- 
ance J and working spark gap 7 to the earth 
at 15%. The working circuit, consisting of 
the condenser 5 and 6 
motor or a condenser motor M, such as here- 
inbefore described, is connected in prox- 
imity round the sparking gap section 7. 
Instead of directly connecting the con- 


denser motor of course the primary circuit 


for high frequency oscillatory current’ may. 
also be inserted. 
The condenser batteriés are connected by 


one pole to the annular conductor R and can 


be either inductionless (16 and 18) or made 
as induction condensers as shown by 21 
and 23. - The free poles of the inductionless 


-condensers are indicated by 17 and 19, those 


of the induction condensers by 22 and 24, 


and a resonance 


ut 
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As may be seen from the drawings all these - 


poles 17. 22, 19, 24 may be interconnected 
in parallel through. a second annular con- 
ductor without any fear that thereby the 
principle of the free pole connection will be 


already set forth the parallel connection 


also allows of an equalization of the work-. 


ing pressure in the entire collector network. 
Suitably constructed and calculated induc- 
tion coils 25 and 26 may also be inserted in 
the annular conductor of the free poles, by 
means of which a cirenit may be formed 
in the secondary coils 27 and 28 which al- 
lows current produced in this annular con- 


ductor. by fluctuations of the charges or the. 


like appearances to be measured or other- 
wise utilized. 

According to what has been hereinbefore 
stated separate collector balloons may be 
connected at equidistant stations distributed 
over the entire country, either connected di- 
rectly with one another metallically or by 


‘means of intermediate suitably connected 


condenser batteries through high voltage 
conductors insulated from earth. The 
static electricity is converted through a 
spark gap into dynamic energy of a ‘high 
number of oscillations and may in such form 
be coupled as a source of energy by means 
of a suitable method of connecting, various 
precautions being observed, and with spe- 
cial regulations. The wires. leadine from 


the collector balloons have hitherte been 


connected through an annular conductor 
without this endless connection, which can 


be revarded as an endless Adac on coil, be- 


ing able to exert any action on the whole 
conductor system. 

It has now been found that if the network 
conductor connecting the aerial collector bal- 
loons with one another is not made as a 
simple annular conductor, but preferably 
short circuited in the form. or coils over a, 


In addition to the advantages. 


og 
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nip 
_ balloons, 5, 6, 7, 8 their metallic aerial con- 
. ductors and IT the actual collector network. 
This consists of five coils and is mounted ori 
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condenser battery or spark gap or through 


thermionic tubes or valves or audions, then 


the total collecting network exhibits quite 


new properties. The collection of atmos- 


_pheric electricity is thereby not only in- 
creased but an alternating field may be eas- 


ily produced in the collector network. 


Further, the atmospheriéelectrical forces. 


showing themselves in-the higher regions 
may also be directly obtained by induction. 
In Figures 26 and 28 a form of construction 


_ is shown on the basis of which. the further ' 
-foundations of the method will be: more par-. 


ticularly explained. to. o E 
_ In Figure 26 1, 2, 3, 4 are metal collector 


high voltage insulators in the ‘air, on high 


voltage masts (or with a suitable construc- 
tion of cable embedded in the earth). One. 


coil has a diameter of 1 to 100 km. or more. 


S and S? are two protective electromagnets, 
F- the second safety section against excess 
voltage, E its earth conductor and E: the 


earth conductor. of the working section. 


. When an absorption of static atmospheric 


electricity is effected through the four bal- 
loon collectors, the current in order to reach 


the earth connection E* must flow spirally. 


through the collector. network over the elec- 


tromagnet S, primary induction coil 9, con- 
_ ductor 14, anode A of the audion tube, in- 
candescent cathode. K, asthe way over the 


electromagnet and.safety spark gap F offers 


considerably ‘greater resistance. Owing to. 


the fact that the accumulated current flows 
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_ points on‘ the balloon and the surrounding © 
atmosphere are ‘produced. The. result “of. 
this is a considerably increased collector ef=- 
+ fect. ek es ee E a 

A second effect which could not be ob- 
tained otherwise is obtained by the electro- 
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= less with a diminishing or. increasing éffect 
on the earth magnetic field, whereby in the' 


in one direction, an electromagnetic alter- 
nating field is produced. in the interior of- 


the collector network coil, whéreby the whole 


free electrons are directed more or less into. 


the interior ‘of the coil. “An increased ioni- 


_ duced. ` In consequence of this the points- 
mounted on the colleector’balloon. show a 


considerably. reduced. resistance and there- 
fore increased ‘static’ charges between | the 


magnetic alternating. field which running 
parallel to the earth surface, acts more or 


case of fluctuations in the current a return 
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induction current of reversed sign is always | 


produced in the collector coil by earth mag- 


_ netism. Now if, however, a constantly pul- 


sating continuous alternating field is pro- 


duced as stated in the above collector net- 


work I, an alternating current: of the same 


periodicity is produced also in the collecting 


‘quantities of energy. 0 | 
+ It is well known that large wireless sta- 


‘windings should act ‘the best. 
manner any alteration of the earth mag- 


network coil. As the same alternating field 

is further transmitted to the aerial balloon, - 

the resistance of its points is thereby. con-~ 
hilst the collector ac- - 


siderably reduced, w | " ac: 
tion is cónsiderably increased. A- further 


advantage is that positive electrons which 
collect on the metal surfaces during the con- * 
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version into dynamic current produce a so- — 


called. drop of potential: of the collector 


area. As an alternating field is present, the 
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negative ions surrounding the collector sur- - 


faces, when discharge o: the collector. sur- 
faces takes place produce by the law of in- 


duction, an induction of reversed sign on | 


the collector surface and so forth (that is 


to say again a positive charge). In addi- 
tion to the advantages hereinbefore set forth, 
the construction of connecting conductors in 


coil form when. of sufficiently large diam- 


eter, allows of a utilization of energy aris- 3; 
Ing in higher regions also in the simplest _ 
way. „As is well, known electric discharges. 

frequently take place'at very great eleva- 
tions. which may be observed, such as St. 


Elmo’s fires. or northern lights. These 


energy quantities have not been able to be 
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utilized up to now. By this invention all . 


these kinds of energy, as they are of an 
electromagnetic. nature and the direction of 


the axis of the-edllector:coils stands at right- 
angles to the earth’s surface, can be more or 
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less absorbed in: the same way as a receiver 
1n wireless telegraphy absorbs waves coming — 


from a far distance. With a large diameter. 
of the spiral it is possible to connect large 
surfaces and thereby to take up also: large 


tions in*the summer months, and also in 
the tropics are very frequently unable to 


receive the signals in consequence of inter- 
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ruptions Which are- caused by atmospheric i 


electricity, and this takes place with vertical — 


coils of only 40 to 100 m. diameter. If on | 


the contrary horizontal coils of 1 to 100 km. 


diameter be employed very strong currents 
may be obtained through discharges which - 
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are constantly taking place in the atmos- 


pro olay in the tropics or still- 
better’ in the polar regions where the 
northern lights are constantly present, large - 
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quantities of energy may probably be ob- 


tained in this way. A ¢ 


oil with «several 
In similar 


netism should act inductively on such a coil. 


It is not at all unlikely that earthquakes _ 


and spots on the ‘sun will also produce an 
induction in such collector coils of sufficient 
size. In.similar manner this collector. con- 


‘ductor will react on earth currents more _ 
pee when they are near the surface _ 


of the earth or.even embedded in the earth. 
By combining the previous kind of current 


collectors so far as they are adapted for 
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- the improved system with the improved pos- 


sibilities of obtaining current the quanti- 
ties of free natural energy which are to be 
obtained in the form of electricity are con- 
siderably increased. ©... ee 

In order to produce in the improved col- 
lector coil uniform current oscillations of 


an undamped nature so-called audion high 


vacuum or thermionic tubes of suitable con- 


nection are employed instead of the. pre- 


viously known spark gaps (Fig. 26, Nos. - 


9-18). The main aerial current flows 
through electromagnet S (which in the case 
of a high number of alternations is not con- 


nected here but in the earth conductor -Et ) 


and may be conveyed over the primary coils 


in thé induction winding through wire 14 
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to the anode A of the high vacuum grid 
tube.. Parallel with the induction resistance 


9 a regulating capacity of suitable size, such . 


as condenser 11 is inserted. In the lower 
part of: the vacuum grid tube is arranged 
the incandescent filament or the cathode K 
which is fed through a battery B. From 


the battery. B two branches run, oné to the- 


earth conductor E* and the other through 
battery B* and secondary coil 10 to the grid 
anode g in the vacuum tube. By the method 
of connections shown in dotted lines, a -de- 
sired voltage at the grid electrode g .may 
also be produced through the wire 17 which 
is branched off from the main, current con- 
ductor through switches 16 and some small 


._ condensers (a, b, c, d) connected in series, 
"2 and conductor 18, without the battery B* 


being required. | 


The action of the entire system is some-. 
what as follows :— yt ae 


On the connecting conductor. of the aerial 
collector network being short circuited to 


- earth, the condenser pole 11 is charged and 


slightly damped oscillations are formed in 
the short circuited existing oscillation cir- 


cuit formed of the condenser 11 and self 


inductance 9. In consequence of the cou- 
pling through coil-10, fluctuations of voltage 
take: place in the grid circuit 15 with the 
same frequency, which; fluctuations in turn 


influence the strength of the electrode cur-. 
rent passing through the high vacuum am-. 


plyfying tube and thus produce current fluc- 


tuations of the same frequency in the anode 
circuit. A permanent supply of energy to the- 


oscillation circuits 9 and 10 consequently 


takes place, until a condition of balance is — 


set up, in which the consumed oscillation 
energy is equal to that. absorbed. Thereby 
constant undamped oscillations are now pro- 
duced in the oscillation circuits 9-11. 

For regular working of such oscillation 
producers high vacuum strengthening tubes 
are necessary and it is also necessary that 
the grid and anode voltages shall have a 


phase difference of 180° so'that if the grid 
is negatively charged, then the anode is 
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positively charged and vice versa. This 


necessary. difference of phase may be ob-. 


tained by “most varied connections, for ex- 
ample, by placing the oscillation circuit in 


- the grid circuit or by. separating the oscil- 
latión circuit and inductive coupling from 
_the anodes and the grid circuit and so forth. 


- A second important factor in this way of 
converting static atmospheric electricity into 
undamped oscillations 1s that care must be 
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taken that the grid and anode voltages have — 


a certajn relation to one another; the latter 
may be obtained by altering the coupling 


and. a suitable selection.of the self induction. 


in the grid circuit, or as shown by dotted 


lines 18, 17, 16 by means of a larger or 


smaller number of condensers of suitable 
size connected in series; in this case the 


battery Bt may be'omitted.. With a suit- 


able selection of the grid potential a glow 
discharge takes place between the'grid g 
and the anode A, and accordingly at the 
grid there is a cathode drop and a dark 


space is formed. The size of this cathode 


drop is influenced by the ions which .are 
emitted in the lower space in consequence 
of shock ionization of the incandescent 
cathodes K and pass through the grid in 
the upper space. On the other hand the 
number of the ions passing through the grid 
is dependent on the voltage between the grid 
and the cathode. Thus if the grid voltage 


undergos periodic fluctuations (as in the 


present case) the amount of the cathode 
drop at the grid fluctuates and consequently 


‘the internal resistance of the tube corre- 


spondingly fluctuates, so that when a back 


- coupling of the feed circuit with. the: grid 


circuit takes place, the necessary means are 
afforded. for producing undamped oscilla- 


tions and of taking current, according to re- 


quirements from the collecting conductor. 

-The frequency of the undamped oscilla- 
tions produced is with a suitably loose cou- 
pling equal to the self frequency of the 
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oscillation circuits 9 and 10. By a suitable © 


selection of the self induction of the coil 9 
and capacity 11 it 1s possible to extend from 


frequencies which produce electromagnetic 


oscillations of only a few metres wave 
length down to the lowest practical alter- 
nating current frequency. For large instal- 
lations a suitable number of frequency pro- 
ducing tubes in the form of the well known 

igh vacuum transmission tubes of .5 to 2 
kw. in size may be connected in parallel so 
that in this respect no difficulty exists. 

The use of such tubes for producing un- 
damped oscillations, and also the construc- 
tion and method of inserting such trans. 
mission tubes in an accumulator or dynamo 
circuit is known and also that such oscilla- 
tion producing tubes only work. well at. volt- 
ages of 1,000 up to 4,000 volts, so that on 
the contrary their use at lower voltages is 
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considerably more difficult. By- the use of 


_ high voltage static electricity this method 


of producing undamped oscillations as com- 
pared with that through spark gaps must 
be regarded as an ideal solution particu- 


larly for small installations of outputs of | 


- from 1 to 100 kw. 
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the high frequency oscillations are not to 


35 


40 


45 


80 


By the application of safety spark gaps, 


with interpolation of electro-magnets, not 


only is short circuiting avoided but also 
the taking up of current is regulated.. Os- 


cillation producers inserted in the above way 


form a constantly acting electromagnetic 
alternating field in the collector coil, where- 


by as already stated, a considerable accumu- 


lating effect takes place. The withdrawal | 
wire or working wire is connected at 12 and 


13, but current may ‘be taken by means of 
a secondary coil which is firmly or movably 


mounted in any suitable way inside the large 
collector coil, i. e. in its: electromagnetic 
alternating field, so long as the direction.of - 
that of the main 


its axis runs parallel with 

current collecting coil: | 
In producing undamped 

high frequency (50,000. per second and 


more) in the oscillation circuits 9 and 11, 


electromagnets S and St must be inserted if 


penetrate the collector coil, between .the os- 
cillation producers and the collector coil. 
In all other cases they. are connected shortly 
before the earthing (ás in Figs. 27 and 28). 


In Figure 27 a second method of construc- 
tion of the connecting conductor of the bal- 


loon aerials is illustrated in the form of a 
coil.: The main difference consists: in that 
in addition to the connecting conductor 1 


another annular conductor. II is inserted. 
parallel ‘to the former on the high voltage. 
masts in the air (or embedded as a cable in - 
the earth) but both in the form of a coil. ' 
_ The connecting wire of the balloon aerials 
-. is Indicated as a primary conductor and also. 


as a current producing network; the other 
is the consumption network and is not-in 
unipolar connection with.the current. pro- 
ducing network, 20200 0 2 
In. Figure 27 the current producing net- 
work I is shown with three balloon collec- 


tors 1, 2, 3 and aerial conductors 4, 5, 6; it is 
short circuited through: condenser 19 and 


inductance 9. The oscillation forming cir- 
cuit consists in this diagram of spark gap 
f, inductance 10, and condenser 11; the 
earth wire E, is connected to earth over 
electromagnet St. F is the safety spark gap 


which is also connected to earth through a` 


second electromagnet S at E. On connect- 


ing up the condenser circuit 11 this is. 


charged over the spark 


ap f whereby an 
oscillatory discharge is 


‘formed. This dis- 


charging: current acts through inductance 
10 on the inductively coupled secondary 9, 
whereby. in the producing network a modi- 


but it is advisable to insert a 


fication of the potential of the condenser 19 | 


is produced. The consequence of this is 
that ‘oscillations arise in: the coil shaped 
producer network. These oscillations in- 
duce a current in the secondary -circuit IT, 


which has a smaller number of windings 


and a less resistance, the voltage of which, 
according to the proportion of the number 
of windings and of the ohmic resistance, 


is considerably lower whilst the current 


Strength is greater. e | | 
In order to convert the current. thus ob- 


tained into current of an undamped char- 
acter, and to tune its wave lengths, a suffi- 


ciently large regulatable capacity 20 is in- 
serted between the ends 12 and 138 of the 


secondary conductor II. Here. also current 


T f 
e 


may be taken without an earth conductor, 


gap E* and to connect this 
over an electromagnet S2. — 


The producer network may be connected 
with the working network IT over an induc- 
| | ~- ... tionless condenser 21 or over an Induction. 
oscillations of. a | ce 


condenser 22, 23. In this case the secondary 


conductor is unipolarly connected with the 


energy conductor. | T 
- In Figure 28 the connecting conductor be- 

tween the separate accumulator balloons is 
carried out according to “the - autotrans- * 
‘former principle. The collecting coil con- 
_nects four aerial balloons-1,2,-3,4. the wind- 
ings of which are not made side by side but 
( In Figure 28 the- col- | 
lector coil I is shown with a thin line, the ` 
metallically connected prolongation coils II | 


one above the other. 


safety spark - 
with the earth ' 


with a thick line. Between the ends I’ and © 


II of the energy network I a regulating 
capacity 19 is inserted. The wire lí is con- 
nected with the output. wire and with the 
spark gap F. et ate | 


_As transformer of the atmospheric elec- 7 
tricity an arrangement is employed which - 


consists in-using rotary pairs of condensers 
in which the one stator surface B is con- 
nected with the main „current, whilst. the 


other A is connected with the earth nole. 


Between these pairs of short circuited con- _ 


densers are caused to rotate from which the 


converted current can be taken by means of ` 
_two collector rings and brushes; in the form 
of an alternating current, the frequency of | 


which is dependent on the number of bal- 
loons and the revolutions of the rotor. As 
the alternating current formed in the rotor 
can act, in this improved method of con- 


obtained according to the direction of the 
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nection described in this invention, through © 
coils 10 on the inductance. 9, an increase or 
diminution of the feed current in 1 can be 


current by back-induction. Current oscil- 


lations.of uniform rhythm thereby result in 


the coil shaped windings of the producer : _ 


net-work, > | ia 
As the ends of this conductor are short cir- 
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12 


cuited through the regulatable condenser 19 
these rhythms produce short circuited: un- 


damped oscillations in the energy conductor, 


the periodicity and wave lengths of which 


e 
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oscillations can be adjusted acċording to 
desire by altering the capacity 19 to a given 
wave length and therewith also to a given 
frequency. These currents may also be em- 
ployed insthis form directly as working cur- 


‘rent. through the conductors -II and LI. 


By. inserting the condenser 20 a connection 
between these conductors may also be made, 


By this means 
quite new effects as regards current distribu- 
tion are obtained. The withdrawal of cur- 
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tions distributed over the entire country or: 


may be connected by interpolation of suit- 
able condenser batteries by means of high 


voltage conductors. The static electricity 1s 


energy of a high number of oscillations, and | 


whereby harmonic oscillations of desired 
wave length are’ formed. 


rent can even take place without direct wire 


connection if, at a suitable point in the in- 


terior of the producing network {quite 1m- : 


materially whether this has a diameter of 
1 or 100 km.) a coil tuned to these wave 


lengths and of the desired capacity is firmly | 


or movably mounted in the aerial conductor 


in such a way that its axial direction 1s 1n 


parallel with that of the collector coll. In 
this case a current is induced in the produc- 
ing network, the size of which is depend- 
ent on the total capacity and resistance and 


also on the periodicity employed. A possi- 
bility is thereby afforded in future, of tak- 


ing energy from the producer network by 
wireless means. As thereby in addition to 
atmospheric electricity also magnetic earth 
currents and the energy from the higher at- 
mosphere (at least partially) may be simul- 
taneously ‘obtained, this last system for col- 
lecting the atmospheric energy is of particu- 
lar importance for the future. | 

Of course everywhere instead of spark 
gaps suitable grid vacuum tubes may be em- 
ployed as producers for undamped oscilla- 
tions. The separate coils of the producer 
net-work with large diameters may be con- 
nected with one another through separate 
conductors all in parallel or all in series or 
in groups in series: By regulating the num- 
ber of oscillations and also the extent of the 
voltage more or less large colleetor coils of 
this kind may be employed. The coils may 
also be divided spirally over the entire sec- 
tion. The- coils may be carried out in annu- 
Tar form or also in triangular, quadrangular, 
hexagonal or octagonal form. a 

Of course wires may be carried from a suit- 
able place to the centre or also laterally 
which serve the current waves as guides. 
This is necessary when the currents have to 
be conducted over mountains and valleys 
and so forth. In all these cases the current 
must be converted into a current of suitable 
periodicity. E 


As already hereinbefore mentioned sepa- 


rate collecting balloons may be directly me- 


converted through a spark gap into dynamic 


could then ‘in such form, with a suitable 
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arrangement: of the connections, observing - 
various measures of precaution, be employed | 


as source of energy after separate or special 


regulation. 


- According to this invention in order to in- 
erease the collecting effect of the balloon in 


the aerial collector conductor or in the earth 
wire, radiating collectors are employed. 


These consist either of incandescent metal 


or oxide electrodes in the form of vacuum 


grid tubes, or electric arcs (mercury and the 


like electrodes) Nernst lamps, .or finally 
flames of various kinds may -be simply con- 


nected with the respective conductor. 


a . 
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It is well known that energy can be drawn - 


off from a cathode consisting of an incan- 
descent body opposite an anode charged 
with positive electricity (vacuum grid tube). 
Hitherto however, a cathode was always first 
directly placed opposite an anode, and sec- 
ondly the system always consisted of s 
closed circuit. _ pe 

Now if we dispense with the ordinary 


ideas in forming light or flame arcs in which - 


a cathode must always stand directly oppo- 
site an anode, and if we place an incandescent 
cathode opposite an anode charged to a high 
potential or another body freely floating in 
the air, or regard the incandescent cathode 


‘only as a source of unipolar discharge 


(which represent group and. point dis- 
charges in electro-static machines similar to 


unipolar discharges) >it may be ascertained 


that incandescent cathodes and Jess perfect- 
ly all incandescent radiators, flames and the 
like admit of relatively large current densi- 
ties-and allow large quantities of electric 
energy to radiate into the open space in the 


form of electron streams as transmitters. 


The object of this invention is as described 
below, if such incandescent oxide electrodes 
or other incandescent radiators or flames are 
not freely suspended in space but connected 
metallically with the earth so that they can 
be charged with negative terrestrial elec- 


tricity, these radiators possess the property 


of absorbing -the free positive electrical 
charges contained in the air space surround- 
ing them (that is to.say of collecting them 


‘and conducting them to earth). They can 


therefore, serve as collectors and have, in 
comparison to the action of the spikes, or 
points, a very large radius of action R; the 
effective capacity of these collector is much 
greater than the geometrical capacity (Ro-) 


| í calculated in an electro-static sense. 
tallically interconnected at equidistant ‘sta- | 


Now as our earth is surrounded as is well 
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- known, with an electro-static field and the 
-. difference of potential `> | 


of the earth. field according to- the latest. 


investigations, is in summer about 60 to 


100 volts and in winter 300 to 500 volts per 


metre of difference in height (3h), a simple 
calculation gives the result that when such a 


radiation collector or flame collector is ar- 
ranged for example on the ground; and a 


- second one is mounted vertically over it at 


a distance of 2,000 metres and both are con- 
nected by a conducting cable, there is a dif- 


. ference of potential in summer of about 


000 volts and more. © Eo | o 
ne to Stefan Boltzmann’s law of- 


20 


25 


2,000,000 volts and in winter even of 6,000,- 


radiation, the quantity of energy which an 


incandescent surface (temperature o Vic a) 

sq. cm. radiates in a unit of time into the — = 
| From this it | 
earth temperature 


open air (temperature T,) As expressed by 
the following formula : edi E | hes 


 S=6 (TT) watt/sq. em. 


and the universal radiation constant 6. ‘is 


| according to the latest researches of Ferry 


` ing space a 
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` (Annales de Chimie et-de | 
267 (1909)) equal to 6:30 10-2 watt/sq. cm. 
Now if an: incandescent surface of 1 sq. 


an electric total work of 
10% kilowatt years. 


cm. shows, as compared with:the surround- 


radiates (independent of the current direc- 


tion, that is to say of the sign): in accord- 
ance with the above formula, for 

a temperature of 3725 C. an energy of 1.6. 
| Cm. per second. As. for. the 
radiation the same value can be: calculated 
for the collection of energy, but reyersed. 
_Now as carbon electrodes at the temperature 
of the electric. arc support on the current 
basis a current density up to from 60 to 65 
amperes per sq. cm. no difficulties will result 


kw. per sq. 


in this direction in employing radiating col- 
lectors as accumulators.” ` > o 
If the earth be regarded as a cosmically 


insulated condenser in the sense of geometri- . 


cal electro-statics œ there results from the 


geometric (compare Ewald Rasch, “das 
elektrische Bogenlicht”- 


cording to Chwolson: 


For negative charging 1.810% Coulomb | 


For negative potential V—10X108 volts. 
From this there results however, EJT==24.7 
X10" watt/Sec. Now if it is desired to 
make a theoretic short circuit through an 
earthed flame collector this would represent 


regarded as a rotating mechanism which is 
thermo - dynamically, — electromagnetically, 


- and also kinematically coupled with the sun 


and stars system by cosmic radiations and 


.case as the earth. 


'hysigue 17 page 
Pogo o -pag . nected most closely: with these. 
_. The -incandescent - 


erlodic fall of ‘potential 8V it 


example at 


3 (The electric arc 
light) page 169) capacity of the earth ac- | 

; [A ae _ the atmosphere. Bt A 
w) Calculated according to Poisson's cal- ii 


about 79,500 
As the earth must be’ 


ae 


gravitation a dimimútion of the electric. 


energy of the earth field is not to be feared.. 


'.— The energies which the incandescent col- 
_lectors would withdraw from the earth field. - 


can only cause by the withdrawal of motor 


work a lowering of the earth temperature 
{temperature 


Tz=300) and reduce this to 
that of the world space (T=0) ‘by using 
the entire energy. | 
does not represent a cos- 
mically entirely insulated system. On the 


to the recent value corrected by 


radiation from the sun an energy of 18,500 
X10" kw. Accordingly 


taneous lowering of the sun’s temperature 


(Ts) would contradict: Stefan Boltzmann’s a 


‘aw of radiation. B | 
a 


radiation S absorbed by the earth increases, 
and further. also that the secular speed of 


on that of 


radiation - collectors 
this ‘invention, be em- 


may, according to 


ployed for collecting atmospheric electricity 
if they (1) are charged with the negative. 
earth electricity (that is to say when they - 


are directly connected by means of-a metal- 


lic conductor with the earth) and (2) if 


large capacities .(metal surfaces) charged 


with- electricity are mounted -Opposite them 
As positive poles in the air. 


This is regard- 
ed as the main feature of the present in- 
vention as without ‘these inventive ideas it 
would not be possible to collect with an in- 


candescent collector, sufficiently large quan- 


tities of the electrical charges: contained 
-m the atmosphere as technology requires; 
the radius ef action of the flame collectors 


would also be. too small, especially if it be 
considered that the very small surface den- 
sity (energy density) (6 about=2X7 . 10° 
St. E. per sq. em.) does not allow of large 
quantities of charge'being absorbed from 


culation; = es o | 
AV=—4n8; as here the alteration of the 
potential or potential gradients only takes 


Accord any lowering of 
the earth temperature ( Ls) without a simul- 


mw 


_ This is however not the. 
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contrary there is conveyed.to-the same ac= 
cording ( | 
Ferry for the solar constants through the 


so 


it must be conclided that if the 
(Tz). sinks, the total- 
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-cooling of the: earth is directly dependent : . 
on th the sun and the other radiators | 
cosmically coupled with the sun and is con- 
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place in the direction of the normal, this 


calculation assumes the simple . form 
| 1 èy * 
r | | a | i TN 
It has indeed already been roposed to 


employ flame collectors for co ecting at- 
mospheric electricity and it is known that 
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their collecting effect is substantially great- 
er opposite the points. It is however, not 
known that the quantities of current which 
could hitherto be obtained are too small for 
technical purposes. 
periments the reason for this is to be found 
in the too small capacities of the collector 
conductor poles. If such flame or radiat- 
ing collectors have no or only small posi- 
tive surfaces, their’ radius of action for 


large technical purposes is too small. If 


the incandescent collectors be constantly 


kept in movement in the air they may co!- 


lect more according to the speed of the 


- movement, but this is again not capable of 


being carried out in practice. . 

By this invention the collector effect is 
considerably increased by a body charged 
with a positive potential and of the best 
possible capacity being also held floating 
(without direct earth connection) opposite 
such an incandescent collector which 1s held 
floating in the air at a desired height. 11 
for example, a collecting balloon of sheet 
metal or of metalized balloon fabric be 
caused to mount to 300 up to 3,000 metres 
in the air and as positive pole it is brought 
opposite such a radiating collector con- 
nected by a conductor to earth, quite differ- 
ent results are obtained. 

The metallic balloon shell (with a large 
surface) is charged to a high potential by 
the atmospheric electricity. This potential 
is greater the higher the collecting balloon 


5 is above the incandescent collector. The 


positive electricity acts concentratedly on 


the anode floating in the air as it is attracted, 
through the radiation shock ionization, pro-' 
ceeding from the incandescent cathode. 
The consequence of this is that the radius 


of action of the incandescent cathode coi- 


lector is considerably increased and thereby - 


also the collecting effect of the collecting 
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balloon . surface. Further the large ca- 
pacity of the anode floating in the air plays 
therefore an important part because it al- 
lows of the taking of large charges, and 


thereby a more uniform current is obtained 
even “when there is a large consumption: 


this cannot be the case with small surfaces. 


In the present case the metallic collect-: 


ing balloon is a postive anode floating in 
the air and the end of the earth conductor 
of this balloon serves as positive pole sur- 
face opposite the surface of ‘the radiating 


incandescent cathode, which in turn is. 
charged with negative earth electricity be- 


ing conductingly connected to earth. 
The process may. be carried out by two 


such contacts (negative incandescent cath- 


ode and anode end of a capacity floating in 
the air) a condenser and an inductive re- 


sistance being switched on in parallel, 


whereby simultaneously undamped oscilla. 
tions may be formed. 


According to my ex- 


collectmg effect. 
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In very large installations it is advisable 
to connect two such radiating collectors in 
series. Thus an -arc light incandescent 
cathode may be placed below on the open 
ground and an incandescent cathode which 
is heated by special electro-magnetic currents 
be located high in the air. Of course for 
this the special vacuum Liebig tubes with or 
without grids may also be employed. An 
ordinary arc lamp with oxide electrodes may 
be introduced on the ground and the posi- 


tive pole is not directly connected with the 


collecting balloon, but through the upper: 
incandescent. cathode or over a condenser. 
The metho1 of connecting the incandescent 
cathode floating in the air may be seen in 
Figs. 29-38. © 7 | 

B is the air balloon, K a Cardan ring 
(connection with the hawser) C the bal- 


loon, L a good conducting cable, P a posi- *: 


tive pole, N negative incandescent cathode, 
and E earth conductor. | 


-J 
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Fig. 29 represents the simplest form of . 


construction. If electric oscillations are 


produced below on the ground by means of ‘ 


a carbon arc lamp or in other suitable way 
a considerably greater electric resistance is 
opposed to that in the direct way by in- 
serting an electrical inductive resistance 9. 
Consequently between P and N a voltage is 
formed, and as, over N and P only an induc- 
tionless ohmic resistance is present, a spark 
‘will spring over-so long as the separate in- 
duction co-efficients and the like are cor- 
rectly calculated. The consequence of this 
is that the oxide electrode (carbon or the 
like) is rendered incandescent and then 
shows as incandescent cathode an increased: 
The positive poles must 
be substantially. larger than the negative in 
order that they may not also become incan- 
descent. As they are further connected with 
the large balloon area which has a large 
capacity and is charged at high voltage, 
an incandescent body which is held floating 
in the air and a positive pole which can col- 
lect large capacities is thereby obtained in, 
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the simplest way. The incandescent cathode — 


is first caused to: become incandescent by 
means of separate energy produced on the 
earth, and then maintained by the energy 
collected from the atmosphere. .: | 


` Fig. 30 only shows the difference that in- ` 


stead of a round balloon a cigar shaped one 
(of metal or metalized fabric) may be em- 
ployed and also a condenser 5 is inserted 
between the incandescent cathode and the 
earth. conductor so that a. short circuited 
oscillation circuit over P. N 5 and 9 is ob- 
tained. This has the advantage that quite 
small quantities of electricity cause the 
cathode to become incandescent and much 


larger cathode bodies may be rendered in- 


candescent. 


| In this form of construction both the in- * 


— oo 


. metallic positive pole of the 
~. `g with the incandescent, 
_ - electrode) ` N | 
electrode is on the one hand connected with 
the earth conductor E, and on the other 
: hand with the inductive. resistance 9 which 
- is also connected with the cable L with the 
pole and wound round the vessel in- 
coils.: The action: is exactly the same as 
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candescent cathode and also the positive 


electrode -may be enclosed in-a` vacuum 


chamber as may be seen in Fig. 32. A cable 
L is carried well insulated through the 
cover of a vessel and ends in a condenser. 
disc 5.. The cover is arched in order to 


keep off the rain. The vessel is entirely of 


partially made of magnetic metal and. well’ 


insulated inside and outside. Opposite the. 
this again a 
vacuum tube 
cathode (oxide 


disc 5 another disc 6 and -on 


is arranged. The negative 


positive 


that in Fig. 29 only instead of an. open. in- 


~ candescent cathode one enclosed in vacuo is E 
employed. As in such collectors only small. 


- bodies can be brought to incandescence in 
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_to one another. 


large installations a ‘plurality. of such 
vacuum tubes must be inserted in. proximity 


constructions Figs. 31 and 33 are quite self 
evident without further explanations. - - 


Figs. 34-37 represent further diagrams 


of connections over radiating and flame col- 


lectors, and in fact, how they are to be ar- 


- ranged on the ground. : 
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40 


50 


| Fig. 34 shows an arc light collector with 
oxide electrodes for direct,current. and “its 
connection; Fig. 35 a similar one for alter- 


nating current, Fig. 36 an incandescent col- 

lector with a Nernst lamp and Fig. 37 a 

similar one with a gas flame. = 
The positive pole 1 of the radiating col- 


lectors is always directly connected to the : 


aerial collecting conductor A.. In Fig. 34 


this is further connected over the condenser - 


battery 5 with'a second positive. electrode 
3. The direct current dynamo b produces 


current which flows over between the elec- 


trodes 3. and 2 as an are light. On the for- 
mation of an arc the negative incandescent 


electrode 2 absorbs electricity from the posi-: 


tive poles standing opposite it and highly 
charged with atmospheric. electricity. and 
conveys the-same to the working circuit. 


- The spark gap 7, inductive resistance 9 and 


60 


ly described. The ; 

55 S guards. the installation against earth cir- 
culting, the safety spark gap 8 from ex- 
cess voltage or overcharging. ==” 
- _ In Fig. 35 the connection is so far altered 
that the alternating current’ dynamo feeds 
the exciting coil, 11 of the induction: con- 


induction coil 10 are like the ones previous- 
rrotective electromagnet 


denser. 12 is its negative and 13 its posi- 
tive pole; if the coil 3 on the magnet core 
of the dynamo is correctly. calculated and 
the periodicity of the alternating ‘current is 


sufficiently high an arc light can be formed 


charged earth, and therefore 


way as in Fig. 34; the working spark 


According to the previous 
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between the two poles 1 and 2, As the Be 


cathode 2 is connected with the negatively. 


always acts:as. — 


a negative pole, a form of- rectification of- 


the alternating current produced by thé 
dynamo 3. is’ obtained, the second half of: 
the period is always suppressed. The work- 


ing circuit may be carried out in the same 


7 may however be dispensed with, and ìn- 
stead thereof between the points 7 and m a 


-condenser 5 and an induction resistance 9 
may be inserted from which: the current is 


taken inductively. 


- Fig. 36 represents a form of construction | 
similar to Fig. 34 only that here instead of. 
an arc lamp a Nernst incandescent body’ 


gap 


7 
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is employed.. The Nernst lamp is fed | 


through the battery 3. . The working section 
is connected with the negative pole, the 
safety spark gap with the + poles. The 
working spark gap 7 may also be dispensed > 


with and the current for it taken at 12 


over the oscillation circuit 5, 11 (shown in. 
- dotted lines). — i | o 
_ Flame collectors (Fig. 87) may also be © 
employed according to this invention. The 


0 


wire network 1 is connected with the aerial — 


collector conductor A and the burner with 
the earth. “At the upper end of the latter, ' 


The novelty in this invention is firstly, 


long points are provided which project into o 
_the flame. The positive electrode is connect- 
ed with the negative over a condenser 5 and 
_ the induction cvil 9 with the earth. . 


100 


the use of incandescent cathodes opposite ` 


_ positive poles which are connected with _ 
‘large metallic capacities as automatic col- - 


lecting surfaces. (2) the connection. of the 


incandescent cathodes with the earth where- . 
_by, in addition to the electricity conveyed 

to them from the battery or machine which 
causes, the incandescing, | | 
charge of the earth potential is conveyed, 


and (3) the connection of the positive and 


105 


also the negative — 
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negative poles of the radiating collectors- 


over a condenser circuit alone or with the 


introduction of a suitable. inductive resist- _ 


ance, whereby simultaneously an oscillatory _ 
oscillation circuit may be obtained. The ? 
collecting effect is by these methods quite 


considerably increased. -~ y 

-= I declare that what I claim iss * > 
1. An electrical energy generating system, 
comprising a conducting surface: for static 


charges, means tó support same at a distance - 


above the earth, a conductor leading to the 


earth level, a spark gap associated with said 
conductor to convert electrostatic charges - 


into electromagnetic high frequency oscilla- 
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tions means to supply said electromagnetic 


energy to a net work, and a spark gap of 
greatly increased relative resistance In parai- 
lel therewith. ` 


- 2. An electrical energy geners ti arstora 1% 
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comprising.a conductor, means to support 
same above the earth level, an inductance 
therein, a spark gap associated with said 


conductor, a second spark gap of much 


higher relative resistance in parallel there- 
with and an energy receiving circuit coupled 
with the spark gap of lesser resistance. 

“3, An electrical energy generating system 
comprising a collecting surface, means to 
support same above the earth level, a con- 
ductor connecting said ‘collecting surface 
with the earth level, a choke in said con- 
ductor, an electromagnetic resistance con- 
verting electrostatic energy to electromag- 


‘netic energy, a safety higher resistance in 


parallel therewith and a net work coupled 


-with the conversion resistance of lesser | 


value. | | 
4. An electrical energy generating system 


comprising electric conductors spaced above | 


the earth to form electromagnetic oscillat- 


‘ing circuits, conductors connecting to earth 


level, electrostatic to electromagnetic energy 
conversion means therein, a safety high elec- 
trostatic resistance in parallel therewith and 


means to alter the electromagnetic charac- 


teristic of the circuits. | | 
5. An electrical energy generating system 


comprising in combination a static collect- 


30 


ing surface arranged above the earth, con- 
ductors connecting to earth level, a pair of 
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spark gaps in parallel of different electro- 
static resistance, a utilization net work 
shunted across the spark gap of lesser re- 
sistance and an electromagnetic choke in said 
conductors. de 


6. An electrical energy generating system 


35 


comprising an open circuit energy collecting ` 


aerial, a pair of sparking gaps in parallel 


of widely different resistance, connected 


thereto and a closed electric oscillation cir- 
cuit in shunt across the gap of lesser re- 
sistance. - | | 

7. An electrical energy generating system 


aerial, 

In witness whereof, I -have hereunto 
signed my name this 30 day of Dec., 1920, 
in the presence of two subscribing witnesses. 


HERMANN PLAUSON. 


Witnesses: — | 
H. F. ARMSTRONG, 
W. H. BEESTON. 
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POWERING ELECTRICAL DEVICES WITH EN- 
ERGY ABSTRACTED FROM THE ATMOS- 
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Lloyd R. Crump, Silver Spring, Md. 
Application March 12, 1954, Serial No. 415,986 
1 Claim. (Cl. 321—2) 
(Granted under Title 35, U. S. Code (1952), sec. 266) 


The invention described herein may be manufactured 
and used by or for the Government for governmental 
purposes without payment to me of any royalty thereon. 

This invention relates to the convenient and economical 
provision of power for the operation of electronic circuits 
and devices using transistors, and of other electrical de- 
vices having modest power requirements. 

A great advantage of transistors, and a major reason 
for their enthusiastic reception since their introduction a 
few years ago, is the fact that they will operate satisfac- 
torily with very low supply voltages and currents. One 
milliwatt or even less is sufficient to power a transistor 
in many applications. Various batteries have been de- 
veloped to provide, in a minimum of space, the relatively 
minute amounts of power needed by transistors. 

My invention provides methods and means that permit 
transistor circuits, and also other low-powered electrical 
devices, to be economically and conveniently operated 
without any batteries whatever, and indeed without any 
power supply whatever as power supplies are ordinarily 
conceived, i 

The invention centers around my discovery that it is 
practicable to construct operative transistor circuits that 
are able to abstract from the atmosphere sufficient elec- 
tromagnetic energy to provide all necessary supply volt- 
ages and currents for their own operation. Circuits and 
devices powered according to my invention will operate 
indefinitely without any local power source whatever. 

I have successfully constructed and demonsirated such 
circuits. For example, I have constructed a batteryless 
transistor radio receiver on which 1 have listened to either 
nearby or distant broadcast Stations as desired, using 
either headphones or a loudspeaker; this receiver has been 
powered entirely by electromagnetic energy abstracted 
from the atmosphere. y 

From the successful operation of this receiver, and 
from other experimental work, it becomes clear that, by 
the methods and means of the invention, a great variety 
of practical and useful transistor circuits can be powered 
entirely by energy abstracted from the atmosphere. 

Furthermore, as will become apparent below, my in- 
vention is applicable to the powering of other electrica] 
devices requiring relatively small amounts of power. 

An object of the present invention is to provide meth- 
ods and means for powering transistor circuits entirely 
from radiofrequency energy abstracted from the atmos- 
phere. 

Another object is to provide methods and means for 
powering remote radio receivers, low-powered radio trans- 
mitters, and other low-powered electrical devices, with 
energy received by radio from a master station, so that 
no local power supplies are needed by the devices and so 
that the powering or non-powering of the remote device 
is under the control of the master station, 

A further object is to provide methods and means for 
powering transistor circuits and other low-powered elec- 
trical devices with radiofrequency energy received from 
one or more remote radio transmitters, 
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Other objects, aspects, uses, and advantages of the in- 
vention will become apparent from the following descrip- 
tion and from the drawing. 

Figure 1 is a schematic diagram of a transistor radio 
receiver in which all necessary power is supplied by en- 
ergy abstracted from the atmosphere in accordance with 
the invention, 

Figure 2 is a schematic diagram showing a general ap- 
plication of the invention to provide direct-current power 
to a load. 

Figure 3 is a schematic diagram of a system for obtain- 
ing a high energy D.-C. source at a high voltage level 
using energy abstracted from the atmosphere. 

Referring to Figure 1, a receiving antenna 1 is con- 
nected to antenna coupling coils 2 and 3, the other ends 
of which are connected to ground. A parallel resonant 
circuit consisting of coil 5 and. capacitor 6 is coupled to 
coil 2, A second parallel resonant circuit consisting of 
coil 7 and capacitor 10 is coupled to coil 3. A third 
parallel resonant circuit consisting of coil 11 and capac- 
itor 12 is also coupled to coil 3. 

Coil 5 and capacitor 6 are tuned to the frequency of 
a radio transmitter from which it is desired to receive 
information—for instance, an amplitude-modulated stand- 
ard broadcast station. The signal received from this trans- 
mitter need not be strong. The signal is detected by diode 
15 to obtain an audio-frequency information signal. This 
audio signal is coupled through a capacitor 16 and is am- 
plified by a circuit that includes a transistor 17 having a 
base 20, an emitter 21, and a collector 22. The ampli- 
fied audio output of the transistor is coupled through an 
audio transformer 23 to an electroacoustical transducer, 
preferably a permanent-magnet dynamic loudspeaker 25 
as shown, i 

The novelty of the invention lies largely in the method 
and means by which the necessary direct-current power 
is supplied to the emitter and collector circuits of transis- 
tor 17. This method and means will now be described. 

Coil 7 and capacitor 10, and also coil 11 and capacitor 
12, are tuned to receive radio signals of relatively high 
strength. It does not matter whether these signals con- 
tain information. These power signals are rectified by 
diodes 26 and 27 to provide direct-current power that is 
filtered by capacitors 30 and 31. The D.-C. power thus 
obtained is utilized to power the transistor 17, 

In the circuit shown, two tuned circuits (coil 7 and 
capacitor 10, and coil 11 and capacitor 12) are tuned to 
power signals and the D.-C. voltages obtained from each 
are connected in series. The tuned power circuits may 
be tuned to the same or different power signals. Under 
certain circumstances it may be desirable to use more 
than two tuned power circuits and to tune them to more 
than two power signals: in this way power can be obtained 
from several signals and combined. On the other hand, 
if a strong power signal is available, a single trned power 
circuit may suffice to give the needed D.-C. power. 

Even weak information signals can be received success- 
fully. A plurality of transistor amplifier stages can be 
used if desired, or other circuits such as superhetercdyne 
circuits can be used. It is merely necessary that a suffi- 
ciently strong power signal or signals be available to pro- 
vide the small amount of D.-C. needed to power the 
transistors. ao oe 

If the information signal happens to be strong, it can 
be used as the power signal; all of the tuned circuits (coil 
5 and capacitor 6, coil 7 and capacitor 10, coil 11 and 
capacitor 12) are tuned to the information signal. | 

Engineers who have observed my invention in operation 
have been surprised at the unexpectedly good results ob- 
tained, even with readily available power signals of quite 
moderate strength. For instance, sufficient power for sat- 


isfactory operation of a loudspeaker at low volumes is 
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readily obtained .from.a 5-kilowatt standard -broadcast 
station 5 miles away, using only an indoor antenna to pick 
up the power signal as well as information signals. In 
typical operation under:these conditions .a-D.-C. voltage 
of about 2.5 to 3 “volts is obtained between ithe emitter 
and the collecter, at a current of about :250. microamperes; 
D.-C. power input to the-transistor:is:thus-of the order 
of 0.5 to 1 milliwatt. So far as:I/am:aware, no one:has 
ever before discovered:and demonstrated ‘the:practicability 
of this method of powering a radio receiver. Se 


Because existing: broadcast stations within a radius of 


a number of miles «provide adequate ‘power signals, the 


invention is readily practicable with existing power ‘sig- 


nals in-almost any location in “or near “any: city. iin “the 
United ‘States. o AN AR E: 

Although :1 :have described ‘a “transistor :radio receiver 
powered by my invention, it will'be-readily ‘apparent: that 
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a range of many miles. This eliminates the need for 
hundreds or thousands, as the case may be, of local power 
supplies. At the same time, such a system has the advan- 
tage that all of the remote devices can be simultaneously 


activated or deactivated at the will of the master station, 


simply by starting or stopping the transmission of the 
power signal. In such systems it will often be advanta- 
geous to use power signals of frequencies sufficiently high 
to permit the use of resonant receiving antennas of small 
physical dimensions for signal. pickup at the remote de- 
vices. In addition to the power signal, the master station 
may transmit an information signal on the same or'a dif- 


| ferent carrier. e 


15 


the invention ‘is applicable to the -powering ‘of any tran- | 


sistor circuit using one or :a numberof- ‘transistors, * and 
to the powering of other devices requiring relatively: small 
amounts of power. For instance, sensitive electrome- 
chanical, electrochemical, .or electrothermal: devices ca 

be operated by ‘the method ofthe invention. 


Referring to Figure 2, which shows: amore general ëm- 
bodiment:of my invention, an antenna 35 “picks up-radio- : 


frequency energy from the ‘a tmosphere. This energy 
flows through coil 36, which is coupled'to a-tuned circuit 
consisting of coil 37 and capacifor°49. The radiofre- 
quency “voltage across capacitor 49 is rectified by diode 


41 and filtered by a low-pass filter 46 consisting of capac- 


itors 42 and 44 and choke coil 45. 
voltage is applied toʻa load 45. | TE 
In the practice of my invention, ‘larger. emounts of 


The:resulting D.-C. 
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- Certain types of devices powered entirely by received 
radio waves are of course well known. The well-known 
“crystal set” of the early days of radio, which used a diode 
rectifier to demodulate -an amplitude-modulated radio- 
frequency signal, is an outstanding example of such a de- 


vice. My invention is readily distinguishable from such 


prior devices, however. In typical prior devices a modu- 
lated radiofrequency signal is applied to a diode to obtain 
unidirectional half-wave pulses whose amplitudes vary 
with modulation. These pulses are integrated by means 
of a capacitor to obtain a unidirectional signal the ampli- 
tude of which follows the audiofrequency modulation en- 
velope. If the radiofrequency signal is received with 
sufficient strength the audio signal may have sufficient 


- power to operate headphones or similar utilization device 
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power can be obtained for short periods of time by stor- 


ing received energy in a suitable energy storage device. 
Stored energy may then be withdrawn at intervals at a 
more rapid rate than that at which it was received and 
put into the storage device. In this way the invention can 
be used to provide short pulses of relatively very -high 


electrical energy. This result can be readily obtained by 
charging a relatively large capacitor with direct current 


and then discharging the capacitor rapidly into a load 
when desired. This rapid discharge can be initiated auto- 


matically when the voltage across the capacitor reaches 
a certain level, or it can be initiated when a transistor 


radio receiver receives a certain information signal. 
Higher voltages can be obtained with ‘the invention by 
means of well known devices for raising D.-C. voltages 
as shown in Figure 3. The D.-C. voltage output from the 
capacitor 44 can be used to power a low ‘frequency: tran- 


sistor oscillator 52 whose A.-C. output is raised to`a: higher 


voltage level by the transformer 55. This relatively high 
A.-C. voltage can then be rectified by a diode 61 ‘and fed 
to a capacitor 64 to provide a high energy D.-C. source 
at a relatively high voltage level ‘at the terminals:69 and 


70. If desired, energy can now be withdrawn from the © 
capacitor 64 at intervals in short pulses ‘of high energy 
at a high voltage level. Pulsed radio transmission is one - 


of the possible uses for this form of the invention. Other 
uses would be to provide a single relatively powerful pulse 
needed to actuate an electrothermal or electromechanical 
device. = — | E 
As has been indicated above, in many locations and 
particularly anywhere in or near ‘most American ‘cities, 
power signals normally present in the atmosphere are 


` readily available for the easy and convenient practice of 


the invention. However, the invention also has important 
applications in systems in which the necessary power sig- 
nal is generated and transmitted specifically for the opera- 
tion of the particular system. Such systems can, for ex- 
ample, comprise a master station transmitting- all the 
power that is needed for hundreds or thousands of fixed 
or mobile transistor receivers or other remote devices over 
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without power amplification; but the signal is utilized for 
its information content, rather than to supply non-infor- 
mation-containing power. = 

My invention, on the other hand, entails the utilization 
of received radiofrequency energy to supply power to at 
least one pair of circuit points (across capacitor 31 in 
Fig. 1, for example), such circuit points requiring power 
solely for its power content and not for any information 
or modulation it may contain. In other words, my inven- 
tion entails the utilization of radiofrequency energy to 
supply power that would otherwise have to be supplied 
by batteries, generator, or other local power source. 
` It will be apparent that the embodiments shown. are 
only exemplary and that various modifications can be 
made in construction and arrangement within the scope 
of the invention as defined in the appended claim. 

1 claim: e 

An electrical device for obtaining a high energy D.-C. 
source at a high voltage level using energy abstracted. 


- from the atmosphere, said device comprising in combina- 
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tion: resonant means for recéiving radio waves, first recti- 
fier means for converting said radio waves into first direct 
current energy, first capacitor means for storing said first 


direct current energy, an oscillator powered by said direct 


current energy, said oscillator producing an A.-C, output, 
transformer means for raising said A.-C. output to an in- 
creased voltage level, second rectifier means for convert- 
ing the A.-C. output of increased voltage level from said 


- transformer into second direct current energy, and second 


capacitor means for storing said second direct: current 
energy. NE | | % 
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GB 157263 
Process and Apparatus for Converting Static Atmospheric Electrical Energy into 
Dynamic Electrical Energy of any Suitable High Periodicity 


Abstract -- Atmospheric electricity, utilizing; influence machines.-Static atmospheric charges are converted 
into alternating-currents of any desired frequency by rotary machines, the stator and rotor elements of which 
form condensers having a capacity which varies during the revolution as described in Specincation 157,262. In 
the simplest form, Fig. 2, the curved stator plates 2, 1 are connected to earth E2 and the aerial A which collects 
the atmospheric charges and is earthed through a safety spark gap F. The rotor is motor-driven and consists of 
concentric plates 3, 4 joined through slip-,rings (not shown) to an inductance 9 shunted by a condenser 5. With 
a given aerial polarity, rotation of the plates 3, 4 causes current reversals on the circuit A, 1, 9, 2, E@, whereby 
oscillations are set upon the circuit 9, 5, these being tapped by leads 11, 12. The condenser 5 may consist of 
concentric tubes rotating with the rotor or of two juxtaposed wound spirals having capacity. The stator and rotor 
condenser plates may extend over nearly a semicircle in place of the quadrants shown in Fig. 2 and the rotor 
may comprise two consecutive cylindrical plates or coil condensers each divided into halves, the inner half of 
each being connected to the outer half of the other. Fig. 7 shows a form in which rings 1, 2, mounted in a casing 
comprising upper and lower parts insulated from each other, are connected to the stator condenser plates at 
intervals. The rotor plates 3, in equal number, are connected to slip-rings 5, 6 from which alternating-current is 
taken by brushes when the rotor is motor-driven. The rings 1, 2 are respectively connected to the aerial collector 
and earth E2. Several methods of grouping the stator-rotor condenser pairs and the components of the 
oscillating circuit are described. The oscillatory current in the rotor circuit may react through a transformer on 
the main charging current and two pairs of stator and rotor plates 1, 2, 3, 4, Fig. 13, may be employed arranged 
on diameters at right-angles, the oscillatory circuit in this case consisting of a mutual inductance 5 having 
capacity and a portion of an adjustable inductance 9 in the stator earth connector E2. By suitably proportioning 
the stator and rotor plates, 'resonance may be established, whereby undamped waves may be produced. In the 
form shown in Fig. 15, for high-frequency oscillations, the aerial A and earth wire are tapped at points between 
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the stator plates 1, 2 and condensers 16, 18 which are joined through an inductance 9. The rotor current 1s 
conveyed to the power circuit 11, 12 through transformers 10, 10<a>. The members composing the stator and 
rotor plates may be slotted, as shown in Fig. 8, with holes 1 for attaching them to the frame, or they may have 


spiral slots in their surfaces. Alternatively, they may be formed by embedding spiral wires 3 in a vulcanite mass 
l so as to give a smooth surface as shown in Fig. 11. 
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French Patent + 551,882 
Apparatus for Capture of Electric Currents in the Atmosphere 
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French Patent # 565,395 
Combined Apparatus for Capture of Atmospheric Electric Currents with Immediate 
Implementation 
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US 28793 
Electric Apparatus 


Abstract -- An aerostat for obtaining atmpspheric and terrestrial electricity... 
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US 126356 
Improvement in Collecting Energy for Telegraph 


Abstract -- A tower for the purpose of receiving and imparting natural electricity, so as to be in constant contact 
with the upper stratum of electricity which surrounds the earth, by tapping which a never-failing supply is 
formed when brought into contact with the earth. 
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US 129971 
Telegraph Power 


Abstract -- Utilizing natural electricity and establishing an electrical current without the aid of wires, batteries, 
or cables... 
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US 674427 
Collecting Atmospheric Electricity 


Abstract -- An appartus for colecting and driving or conducting atmospheric electricity which renders 1t 
practicable to obtain material quantities of teh same in serviceable form. 
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US 911260 
Collecting Atmospheric Electricity 


Abstract -- A method of colecting electricity from a strata laden with electricity at high altitudes in the 
atmoshere, through the medium of a wire cable suspended from one or more balloons ... 


WITESSOS 


rica 


Jona Ty 


US 1014719 
Collecting Atmospheric Electricity 


Abstract -- A method of colecting electricity from a strata laden with electricity at high altitudes in the 
atmoshere, through the medium of a wire cable suspended from one or more balloons ... 
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US 1540998 
Conversion of Atmospheric Electric Energy 


Abstract -- Method of obtaining atmospheric electricity by means of metallic ballon collectors... 
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Improvements in & Relating to Radio Communication Systems 


Abstract -- Radio transmission and reception through the use of living vegetable organisms such as trees, 
plants, and the like. 
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US 2143437 
Radiant Energy System 


Abstract -- An apparatus for receiving and transmitting radiant energy within a wide range of frequencies 
without necessity of a source of local energy. 
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US 2813242 
Powering Electrical Devices with Energy Abstracted from the Atmosphere 


Abstract -- A convenient and economical provision of power for the operation of electronic circuits and devices 
using transistors, and of other electrical devices hving modest power requirements. 
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US 3205381 
Ionospheric Battery 
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Abstract -- A method and apparatus for tapping the enormous reservoir of energy existing in the ionosphere... 
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US 3273066 
Apparatus for Detecting Changes in the Atmospheric Electric Field 


= 


Abstract -- A cloud detector and or an apparatus for sensing electrostatic conditions in the earth's atmosphere... 
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US 3760257 
EM Wave Energy Converter 


Abstract -- Electromagnetic wave energy is converted into electric power with an array of mutually insulated 
electromagnetic wave absorber elements each responsive to an electric field component of the wave as it 
impinges thereon. Each element includes a portion tapered in the direction of wave propagation to provide a 
relatively wideband response spectrum. Each element includes an output for deriving a voltage replica of the 
electric field variations intercepted by it. Adjacent elements are positioned relative to each other so that an 
electric field subsists between adjacent elements in response to the impinging wave. The electric field results in 
a voltage difference between adjacent elements that is fed to a rectifier to derive d.c. output power. The element 
pairs may be arranged in a two-dimensional array to provide power conversion of randomly polarized 
electromagnetic waves, such as sunlight. 
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US 3931577 
Radio Receiver Protection Arrangement 


Abstract -- A receiver protection arrangement in which a voltage dependent on aerial voltage and a voltage 
dependent on aerial current are aggregated and applied to means responsive to a predetermined aggregate level 
to effectively short circuit the aerial lead. Additional means may be provided to dissipate energy in the input 
stage of a protected receiver to cause a reduced impedance to be reflected across the output of the protective 
arrangement. 
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US 4,628,299 
Seismic Warning System Using RF Energy Monitor 


Abstract -- The ambient broadband radio frequency field strength from broadcast stations 1s monitored (Figure 
4) by periodic sampling (50, 52). A warning indication is provided if the field strength drops significantly. 
Drops in such field strength have been correlated empirically with the occurrence of seismic activity, usually 
several days later. Thus the indication serves as an early warning of an impending earthquake. In one preferred 
embodiment, a broadband, horizontal, very long monopole antenna (40) was connected to a rectifying and 
smoothing circuit (Figure 3) to provide a de output proportional to the ambient rf field... 
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UNITED STATES PATENT OFFIOR, 


WALTER 1. PENNOCK, OF PHILADELPHIA, PENNSYLVANIA, 


APPARATUS FOR COLLECTING ELECTRICAL ENERGY.. 


1,014,719. 


To all whom it may concern: - 


Be it known that I, WaLrer I. PENNOCK, 


a-citizen of the United States, residing at 
Philadelphia, county of Philadelphia, and 


_ State of Pennsylvania, have invented cer- 


tain new and useful Improvements in Appa- 
ratus for Collecting Electrical Energy, of 
which the following is a full, clear, and ex- 
act disclosure. | —_ . 

. The present invention relates to an im- 


proved means for collecting the charges of: 


electricity from the upper atmosphere and 


. more particularly to that form which con- 


20, 


25 


30 


35 


sists in one or more captive balloons from 
which is suspended a suitable form of me- 
tallic conductor. — y 2 Vx 

The principal objects of the device are: to 
provide a collector for atmospheric and 
static electricity, which when in operative 


position will present a large surface to cur- 


rents of air, but which will offer compara- 
tively little resistance thereto, to provide a 


collector of such material and construction 


as will be more efficient in its operation than 
any previously constructed for a similar 
purpose, to provide a means for maintain- 
ing such a collector suspended in the air and 
at right angles to opposing currents thereof, 
and to provide a suitable anchorage for 
holding said means captive. T 3 

With these principal objects in. view, the 


. present invention consists in further ad- 
vantages which are brought out in the fol- 


lowing specification. and accompanying 
drawings, in both of which like numerals 
refer to like parts, and in which drawings— 

Figure 1 is a perspective view of the com- 


_ plete. device in operative position, Fig. 2 1s 


40 


45. 


an enlarged detail view of the wire mesh 
and the manner in which it is attached to 
the supporting balloons, Fig. 3 is.a detail 
of the manner of securing the collector- 
supporting and anchor cables to the bal- 
loons, Fig. 4 is an enlarged cross section of 
the swivel connection shown in Fig. 3, Fig. 
5 is top plan view of the reinforcing braces 
on the screen, Fig. 6 is an elevation of the 


same and Fig. 7 is an end view of the struc- 


CS | 
i 


ture shown in Figs. 5 and 6. ` 7 
Referring to-the drawings, in Fig. 1 there- 


- Specification of Letters Patent. 
Application filed January 4, 1911. Serial No. 600,777. 


-ot the tanks are 


Patented Jan. 16,1912. 


of,.a plurality of balloons 1 of any suitable 
type is shown, each of which embodies hol- 
low metallic elongated gas tanks 2, extend- 
ing. from the rear of which are single, 
rigidly affixed rudders 3, while on the sides 
secured stationary lifting 

planes 4. a . ? 
To the bottom and slightly to the rear of 
the center of the tanks 2 is secured a suit- 


able swivel 5, by which the anchor ropes 6 


and the suspension ropes 7 for the metallic 
conductor 8 are secured to the balloons 1. 
A suitable form of swivel joint is illustrated 


in Figs. 3 and 4, but any type can be used 


that embodies the essential features shown 
therein. le 


55 


60 


65 


The swivel joint illustrated consists in the - 


base plate 9 having a looped portion 10 in- 
tegral therewith and projecting from the 
upper face thereof. Secured to the loop 10 


is a set of three light electrically conductive 


70 


supporting ropes or cables 11 which extend . 


upwardly and are secured at intervals to the 
bottom 12 of the balloon above. | 


_ The lower or revoluble member 19 of the 


swivel joint preferably comprises three up- 


is sunken the nut 32 on the bolt 


wardly directed curved arms, 20, 21, and 22, 
respectively, forming at their junction a T- 
shape as shown, said arms at their upper ex- 
tremities being integral with the plate 23. 


75 


80 


The member 19 is revoluble below and con- | 


centric with the plate 9, and the two mem- 


bers are lightened in weight by opposed con- 


centric grooves as shown at 24. Contact be- 
tween said members is made through the 
roller bearings 25, which are carried in the 


‘opposed concentric grooves 26 and 27 of the 
respective upper and lower plates. Further- 


more, said plates are maintained in codpera- 
tive relation with each other by means of a 
bolt 28 passing through centrally drilled 
holes 29 and 30 in the respective lower and 


85 


$0 


upper plates, the drilled hole 30 opening up- 


wardly into an enlarged recess 31, in which 
28. Two of 


the arms 20 and 22 of the lower revoluble 


member 19 extend in diametrical alinement, . 


while from the central point thereof extends 
the third arm 21 at-right 
upward to the plate 93. . 


angles thereto, and - 


95 


100. 


2 


10. 
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30 


35 


= When the balloons with the metallic 


40 


screen suspended therefrom are allowed to 
rise into one of the higher altitudes, the 
entire apparatus being of metallic ċonstruc- 


‘tion and uninsulated will become energized 
by contact with the surrounding natural 


45 


charges of electricity. From. the above de- 


‘scription it is evident then that, while the 


screen 8, on account of its great extent, will 
be the greatest collecting agent, it will be- 
seen that the balloons themselves and the 
suspending wires will also codperate as one | 
- large collector, since no parts of which are | 


50 


55 


- charges of electricity, an amount of the said 
_ charges proportionate to the surface area 


60 


_ into the ground on account of the interposi-. 
- tion of theyinsulators - l ~ 


'. apparatus as 


insulated from any of the neighboring parts 
thereof. Consequently, when the apparatus 
described has reached an altitude or strata 
of the atmosphere abounding in_ static 


of the metal exposed will collect upon the 
a whole and will be conducted 
downwardly toward the earth by means of 
the various anchor ropes 6, but will not pass 


thermore, that although not illustrated, an 


ment of the invention has been described, 
it is to be understood that various modi-. 
fications may be made therein, and in fact 


scope of the appended claim. `- 


prising a plurality of supporting means, a 
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den jars as the accumulators in the accom- 
panying drawings, it is obvious that any _ 
other suitable form may be used, and fur- 
suitable apparatus may be run thereby, such . 
as for instance, wireless telegraphic in- 
struments. E 


` Furthermore, although but’ one embodi: 
111 


several are contemplated by. applicant. that — 
are of such structure as fall well within the _ 


Having thus described my invention, what | 


1 claim and desire to protect by Letters Pat- 
ent of the United States, is: a 


- A collector for charges of electricity, com- _ 
10 
metallic gauze sustained thereby to lie in a  . 
plane and . substantially equidistant from- 
each of said supporting means, anchoring 
means emanating from a common point to _ 
each of said supporting means, means op- 12 


1 erative. to maintain said supporting means 


1,014,719 | e 


in their normal positions, ‘and means be- my hand this 28 day of December, A. D. 
_ tween. each of said supporting means and | 1910. E ps 
said gauze to permit each of said support- | 


ing’ means to readily and independently E WALTER I. PENNOCK. 
-. 5 aline itself to accord with any alteration in | - Witnesses: 
- the direction of opposing air currents. = Mupreo S. TEMPLE, 


_ In witness whereof I have. hereunto set | E. Evernra Pennocg. © 


4/24/2018 Vopype AnekcaHap tOnbesuuy. Transmission of electricity on one conductor to an isolated object 


Hoppe Astekcangap FOJI5beBH4: apyrue nponzgenenna. 


Transmission of electricity on one conductor to an isolated object 


Kypuar "Cammanar": [Peructpaunsa] [Haru] [Peúrnmearn] [O0cyxnenna] [Hosnókn] [O030p51] [Homon] 


OMAH —————  — Pexnama: ——— ZELLULOZA — 


OcTaBMTb KOMMEHTApHÄĂ LingvoAnalyse 
© Copyright Hoppe Anekcannp FOnbeBnsu 


(ioffe.shura@ Yandex.ru) 
Pazmenjen: 17/04/2015, u3smenHeu: 20/08/2017. 90k. Craructuka. 
Cratpa: Foreign+Translat 


Vnsroctpaunn/npusoxenus: 20 IT. 
CxayaTb FB2 Bama oneHka: He yntan v OK 


Pexkjiama: | 


e AHHOTAHMIMA: 
In this article possibility of transfer of electric energy and/or information to the object isolated from Earth or 
from other carrying-out body on one conductor, and short history of this question is discussed. Some electric 
circuits of such electricity transmission are given and it is defined to what physical mechanism (a single-wire 
electricity transmission), according to the author, corresponds. Attempt of calculation of the transferred 
power and relative loss of energy is made. The author gives possible ways of increase in power and reduction 
of losses, and also protection against an adverse effect of such electricity transmission on a human body. In 
article there is a description of the conducted experiments. Also in article it is possible to read what, 
according to the author, are possible areas of practical application, advantage and shortcomings of transfer 
of the electric power on one conductor. The author apologizes, that not all declared chapters are published. 
Subject very extensive, in essence, rather new area of electrical equipment while there is a work, he decided to 
take out that on court of readers that is already ready. 


TABLE OF CONTENTS. 

- Foreword. 

- Chapter 1: The mechanism of single-wire transmission. 

- Chapter 2. Calculation of the transmitted power. 

- Chapter 3. * Efficiency single-wire transmission and possible protection against radiation. 
- Chapter 4 Ways of increasing the transmission power. 

- Chapter 5. A third method of single-wire power transmission 
- Chapter 6. * Our experiments. 

- Chapter 7. Possible uses a single-wire power. 

- Literature. 

* Chapters not ready (at work) 


CHAPTER 1. MECHANISM OF A SINGLE-WIRE ELECTRICITY TRANSMISSION. 


The first experiments on transmission of the electric power on one conductor were made at a dawn of formation of the 
theory of electricity at the end of the 18th century. It is possible to find the description of experience in which the charged 
full-sphere (transmitter) connects to the uncharged full-sphere (receiver) one conductor in any solid textbook of physics. 
On the uncharged full-sphere charges flow, it becomes the owner of electric potential and consequently also energies. But 
except as contribution to the theory of potentials and condensers, for development of the theory of a single-wire electricity 
transmission and practical use this experience then brought nothing. 

In 1899 Nikola Tesla in laboratory about the town of Colorado Springs made brilliant experiment on transfer of the 
electric power on one conductor, he used Earth as such conductor. The lamps thrust to Earth were lit. On my understanding, 
he made it using, in some measure, the above described experience. Results were reflected in article in the 'Century 
Magazine', magazine under Robert Johnson's edition. 

But, unfortunately, demonstrations of experiences are the limit, futher affairs did not progress. And it occurred, owing to 
circumstances, that not depend in him. Further this Titan put a problem more widely. He tried to find a way, and probably 
found, how to transfer the electric power to any given square of space in general without wires by means of resonance 
"swing" of an ionosphere. Made successful experiments in Uordenkliff. Therefore, he is a father of wireless transfer of the 
electric power which now too goes uphill. 

Somewhere around 1981 I, then a young engineer working in one of the Soviet research institutes, in connection with the 
above experience from the textbook, came up with this idea. And what if you take 4 sphere and one conductor? See Figure 
l. 
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OBJECT OF POWER SUPPLY 
ACCUMULATOR a 


OBJECT OF POWER SUPPLY 


BUFFER 


ACCUMULATOR 


Two spheres (5 and 6) won't be loaded yet and to be on the receiver (2), and two loaded (3 and 4) one plus charges, and 
the second the minus - to belong to the transmitter (1). Then, working cyclically with switches (8 and 9), it is possible to 
connect in the first half of a cycle the same conductor the first loaded sphere (3) with not loaded (5), and in the second - the 
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second loaded sphere (4) with another not loaded (6). Thus, at the end of a cycle we will receive two loaded spheres on the 
receiver, and charges can be removed from them through the payload (7), having involved the switch (11). We will feed 
transmitter spheres with charges all the time, having connected them, for example, to the battery, the generator of a direct 
current (10) or an influence machine. It is the first way of single-wire transfer. Subsequently, in operating time over this 
subject, also the second way, and simpler appeared. See Fig. 2. 


On the receiver (2) it is possible to leave only one store of electric charges(5) (in the text we will call spheres - stores of 
electric charges or it is simple - stores especially as stores aren't obliged to be a spherical form), but (7) we will place 
payload between it and the conductor going from the transmitter (1) now. Working with the switch (8), as well as at the 
first way, we connect alternately stores of the transmitter (3 and 4) to one conductor going to the receiver. The receiver 
store in each half-cycle of a cycle will receive charges of a different sign. And passing charges, every time a way from 
source stores to the receiver store, will make useful work, passing as well through load. Transmitter stores are recharged 
from the generator of a direct current (6) all the time. The continuity of transfer of current is provided to these. From the 
further text of article it will be clear that for the second way as load it is best of all to use, a winding of the transformer or 
an electric motor/electromagnet with the rectifier as thermal work won't be made. But if we want to receive, nevertheless, 
on the receiver heat on resistance, this resistance should be connected to a secondary winding of the transformer, and 
primary as it was told above, then to use as load. 

Subsequently, for increase of overall performance and convenience, the scheme 1 and 2 underwent big changes. The 
transmitter in both schemes began to be the following device*.See Fig.3. 


http://samlib.ru/i/ioffe_aleksandr_julxewich/inglversa.shtml 3/29 


4/24/2018 Vopype AnekcaHap tOnbesuuy. Transmission of electricity on one conductor to an isolated object 


It is necessary to emphasize that here the generator of alternating current (1), but not constant already works. The store 
(3) transmitters from which charges for the conductor going to object of current supply not necessarily are removed has to 
possess big capacity, if receipt of charges from the generator continuously. In this case it can represent simply thin 
conductor. In case of faltering giving of charges from a source, its capacity has to be such that for a half-cycle not to allow 
essentially to fall to potential on it at "fence" of charges through the conductor on the receiver and interruptions in giving of 
charges from the generator. At such option its capacity and respectively the geometrical sizes, have to be at least 10 times 
more receiver store parameters. If interruptions small - that and the sizes modest. And here other store of the transmitter 
called in this article "buffer" (2), connected to its other conclusion even during the continuous operation of the generator 
has to possess rather big capacity and corresponding the big geometrical sizes. Its capacity has to be such that it at the set 
transfer of current potential (generator parameter) during a half-cycle could store so many charges of an opposite sign 
transferred, how many perceives the receiver store. That is in any way it isn't less than a capacity and according to the 
geometrical sizes of the store of the receiver. If it is more, it is only better. On Earth, a very good fit Earth itself - the 
spherical capacitor with huge geometric dimensions. That is, the second terminal of the generator, if conditions permit, the 
easiest way to ground **. The switch (9) in the first scheme (see Fig. 1) it was convenient to replace with a two diode 
switch 'diode fork' (4) (see Fig. 4). 
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The switch (11) (see Fig. 1) in the same scheme was not necessary. 

So, we will consider the modified schemes. The scheme for the first way of an electricity transmission is submitted in 
Fig.4, and for the second in Fig.5a. In the first way, for the smoothing proceeding through loading (8) (see Fig.4) current, it 
is useful to connect the condenser (7) (see Fig. 4) parallel to this load. And as for the second way if we want that through 
load current of one direction began to flow, it is possible to use the diode bridge (6) (see Fig. 5b) and, besides, for 


smoothing to connect parallel to load (4) (see Fig.5b) the condenser (7) (see Fig.5b). This scheme is submitted in Fig.5b. 
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It is necessary to tell that as work on this subject didn't include in the plan of works of my scientific research institute, 
and I saw off it as a hobby, it moved ahead extremely slowly. During the researches I often went on consultation to 
Candidate of Physical Sciences Kirsanov Boris Petrovich and he made a big contribution to development of schemes and 
theories. In 1981/3 years I with Kirsanov B.P. submitted applications for inventions [5,6](photocopies at the end of the 
article). But experts of VNIIGPE didn't grant to us certificates, having referred to the low transferred power in our pilot 
unit executed according to the scheme of Fig. 4. But we experimental installation collected for the only purpose - to prove 
course of current in load, possibility of that was denied by experts absolutely at the first stage of ours with them 
communication. Then (in 1989) I with assistance of Kirsanov B. P. wrote article to the Inventor and Rationalizer magazine 
[1 ](photocopy at the end of the article). Soon after publication of my article it became clear that in parallel with us this 
subject is developed also by other people. 

Group of inventors under the leadership of S. V. Avramenko under the auspices of Moscow Scientifically - Research 
Electrotechnical Institute collected and experienced installation on transfer of the electric power on one conductor [2,3]. 
This installation is very similar on thought up by us with Kirsanovy B. P. and published in the magazine [1]. In this article 
this installation is represented in Pict.4. They claimed that they made it before date of issue of our article. And that 
submitted the article to the same magazine, but didn't publish it. I won't argue with it. I will tell only, as at us before the 
publication installations too were collected and applications for inventions are submitted. I do not know how things are 
going with the priority, but that they are in the works, after our meeting and reading my article about something we have 
not mentioned, I think it ugly 

As for their works, I think that they placed accents not there. Too great value was attached to a two diode switch ‘diode 
fork' though the same results can be received and without 1t with synchronous switches. They worked (their installation) at 
very high frequency. Subsequently, from the text of this article it will be visible that it reduces efficiency of transfer and in 
general is harmful. But they collected very impressive pilot unit , I myself personally observed - it was possible to light the 
glow lamp. 

Great merit of this group of people I see that they first drew attention to the fact that the single-wire transmission of 
electricity resistance of a conductor does not affect the transmit power. Furthermore, the transfer of electricity and do not 
affect the small gaps in the conductor cm. [4]. And I do not understand why these inventors have not submitted an 
application for discovery in the field of physics. As far as the physical process, it can be assumed that we are faced with a 
different mechanism of passing an electric current through a conductor. The charges are on the outer contour of the 
conductor, seeking to redistribute equipotentially throughout, even very distant surface. They do not go into the conductor 
and not get hit by the vibrating atoms of its crystal lattice. Nothing however retards the electrons and the conductor 
resistance is negligible regardless of its thickness and the material from which it is made. In experiments carried out in the 
writing of this article, such a property is supported by a series of experiments ... In addition, if the free electrons are facing 
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a narrow "abyss" - a break in the conductor, the repulsion "accumulates" neighboring electrons helps them to "jump" 
through the "cleft" and "land" to "sparsely" surface. 

As for later works, Kosinov N. V. article is interesting [2]. I consider this work among works of other authors the most 
advanced, it is possible to see the scheme very similar on presented on Pict.5b. Here for the first time, if to speak about 
works of other authors, in an explicit form there is a receiver store called for some reason "antenna". However, at such big 
frequency at which as I suspect, experiments and about which they for some reason "modestly are silent" were made, most 
likely it already radio frequencies, such name arises by itself. And that is "still interesting", about its (store) of a role in this 
work, for some reason, it is told nothing. And in general, looking through literature on this subject I see that as stores 
connecting wires, and authors of works, it seems, even serve don't guess their such function. Stores with small own 
capacity, like wires also will be suitable for high frequencies, but whether here it is worth working with high frequencies is 
a big question. 


NOTES. 

* For the elementary experiments as the transmitter 1t is possible to use one conclusion of the socket of the household 
power supply network, 1.e. to insert one conductor into the right opening of the socket (it is a phase). But, as in a household 
network low frequency, current will go very small and it is necessary "to arm" for its registration with the 
microampermeter. It is possible to connect instead of the microampermeter the condenser / (plus the rectifier) and to load it 
some minutes then to pull together its connections wires and to observe a spark. 

** Just the household network is grounded or connected to big electric capacitance. 


CHAPTER 2. CALCULATION OF THE TRANSFERRED POWER. 


Calculation is made for low frequencies of an electricity transmission. For high there will be differences. The main is that 
the geometrical sizes of stores of the receiver will cease to influence the accepted power as these conductive bodies won't 
manage to be filled for a half-cycle with charges. It is confirmed in work[ 10]. 


CALCULATION OF POWER FOR THE FIRST WAY OF A SINGLE-WIRE ELECTRICITY TRANSMISSION. 


We will take an interval of time (t) equal to a half-cycle (t=T/2) of the frequency (nu) of switchings of the direction of a 
current of charges at a single-wire electricity transmission. This time throughout which the store of the receiver is 
connected by the conductor to the transmitter store possessing at this stage charges of some one sign, or "+" or "-". And 
these charges are redistributed so that to form an equipotential surface, i.e. charge the receiver store until electropotential 
on it isn't equal to transmitter store electropotential. 

Stores, in all schemes provided in article are condensers which one facing is a surface of their physical body, and other- 
infinity. Therefore, according to a well-known physical formula for the condenser, we can write that the charged store 
possesses energy (W1), calculated on a formula (2.1). 

(2.1) W1 =C x Phi squared/2 

Where C - the electric capacity, Phi - potential. 

While capacitor charging time (tau) 1s defined by (2.2). 

(2.2) Tau =r x C, where r - resistance of the conductors going to the condenser. 

As it was stated above, according to a series of experiments of N. (the same can be read and in works of other authors [2, 
3]) follows that at a single-wire electricity transmission resistance of the conductors going to the store is insignificant a 
little. With what physical process it was possible to explain it, it is specified in Chapter 1. Therefore, it is insignificant a 
little and time of charging of the store (condenser). According to it, it is possible to fill a surface of the store which is on the 
receiver almost instantly. But what follows for calculation of the transferred power from here? And that we can reduce 
somehow time of a half-cycle (t) considered by us at calculations follows from this and respectively increase the frequency 
of an electricity transmission (nu), after all they are connected by a formula (2.3): 

(2.3) nu = 1/T = 1/2t, or t= 1/2nu 

the store of a receiver will always manage to be loaded in time = t. 

The basic formula for the power (P1) says: 

(2.4) P1 = W1/t Reducing (t) we increase the transferred power. We will substitute in a formula (4) expression for (t) 
from a formula (2.3). We will receive: 

(2.5) Pl=2 x nux W1 

So it is possible to draw a conclusion. The transferred power is directly proportional to the frequency of an electricity 
transmission (nu). Now question. To what level we can increase frequency? Restrictions "from above" following. At 
increase of frequency losses on the electromagnetic radiation of a wire grow, and they grow in proportion to not the first 
degree of frequency, as the power received by the receiver, and the second. We will deal with this issue in more detail later 
when we consider electricity transmission K.P.D. in Chapter 3. Besides, the high frequency and respectively strong 
electromagnetic radiation, can negatively affect in the medical plan the population of areas where the similar electricity 
transmission will be carried out. Too high frequency will be included into area of radio frequencies and will create 
hindrances of broadcasting and a special radio communication. Well and technical capabilities of the transmitter of the 
electric power, especially powerful, have some restrictions at creation of too high frequency. 


http://samlib.ru/i/ioffe_aleksandr_julxewich/inglversa.shtml 7/29 


4/24/2018 Uocbcdbe AnekcaHap tOnbesuy. Transmission of electricity on one conductor to an isolated object 


Now we will consider other aspect. Influence of the geometrical sizes of the store , on the power received by this 
receiver. The best, in respect of the maximum electric capacitance at the minimum size, a form of the single store is a form 
of a sphere. After all at such form charges don't flow down from acute angles. But also other bodies with the carrying-out 
surface will accumulate charges. In calculations, nevertheless, as they have the general character, we will accept that we 
have a store of a spherical form. According to a well-known formula, the capacity of the spherical lonely condenser (C) it 
is equal: 

(2.6) C = 4 x Pi x epsilon zero x R 

Where epsilon zero - electric constant, and R - sphere radius. We will substitute this expression in a formula (1). We will 
receive: 

(2.7) W1 =4 x Pi x epsilon zero x R x Phi a square / 2, or after reduction: W = 2 x Pi x epsilon zero x R x Phi square 

We will unite formulas (2.5) and (2.7) now and we will find expression for power. 

(2.8) P1 =4 x Pi x epsilon zero x nu x R x Phi square 

We see that the transferred power P is proportional to the geometrical sizes of the store of the receiver (to sphere radius - 
R). 

We will consider one more factor - electricity transmission potential. From the received formula (2.8) it is visible that the 
power of an electricity transmission P is proportional to the potential of Phi on the receiver store in the second degree. Now 
restrictions on potential. They are connected with safety of the people dealing with such electricity transmission and with 
loss of energy on the "crown" and leakage of electrons that we will consider later in Chapter 3. Later we will consider 
intake option where high potentials are only in its isolated part, and the current transfer conductor intended for it are under 
the usual not alternating (plus / minus) life-threatening potentials. Here 1t should be noted that though Nikola Tesla also 
opened that current of high frequency isn't dangerous to the person, if frequency is higher than 700 Hz in case of any 
potential, but there are sudden interruptions in electrical power supply, and also switching on and switch-offs. The pulses 
resulting from it can be very dangerous. Therefore, I believe ,that insulation is all the same necessary even if we will decide 
to work at high frequency. 

One more aspect. The formula (2.8) is fair for vacuum and is only approximate for the air environment (where dielectric 
permeability is very close to unit). After all the formula (2.2) on which we base calculation is written for a lonely sphere in 
vacuum. If we surround the receiver store with a cover, the formula for power will be already another. Store capacity,and 
trasmited power, will raise if to surround it with the isolating cover with a big dielectric permeability (epsilon). We will 
remember a formula for the spherical condenser: 

(2.9) C = (4 x Pi x an epsilon x an epsilon zero) / (1/a - 1/b), 

where a - the radius of the internal sphere, b - the radius of the external sphere. Here, for example, a ferroelectric material 
has coefficient of dielectric permeability about 10 in the fourth degree. But it doesn't mean that power will increase in the 
corresponding number of times. It would be fair only for the two-superficial condenser where all space between facings is 
filled with dielectric. In our case, one facing is a surface of the store, and the second - infinity, and we can't fill all infinite 
space with dielectric. Therefore also dependence will be weaker. 

Series of experiments of N... shows that the cover from material with big dielectric permeability positively influences 
amount of the energy transferred to the store. These researches aren't finished yet and within my laboratory conditions 
hardly in general will be qualitatively executed. But so far all of us can accept that the transferred power depends on 
thickness of a cover of the store of the receiver and on dielectric permeability of material of which it is made. We will 
reflect 1t in a new formula. 

(2.10) Pl = K1 x f (d, epsilon) x nu x R x Phi a square 

Where: 

K1 - coefficient , approximately equal (as not all stores of receivers will be the correct spherical form) 4 x Pi x epsilon 
zero. K1 is approximately equal = 1.11 x 10 to the minus tenth degree. 

f - function, with parameters: d - receiver store cover thickness, an epsilon - dielectric permeability of material of which 
the cover is made. f> 1. 

So, we "will sound" a final formula. Power of single-wire transfer grows in proportion to a potential square on the line, 
transmission frequency and to the sizes of stores in the first degree and it is influenced positively by the isolating cover of 
stores (the more thickness and dielectric permeability of material, the better). 


It was calculation for the first way of a single-wire electricity transmission. We will consider as affairs with a power for 
the second way are. 


CALCULATION OF POWER FOR THE SECOND WAY OF A SINGLE-WIRE ELECTRICITY TRANSMISSION. 


We will define the energy received by object for a half of the period of fluctuations of potential on a power line. It is 
natural that all this energy is spent in the load located between a transmission line and the store. Work (A) of movement 
charges (Q) in electric field is defined by a formula: 

(2.11) A = Q x deltaPhi , 

where deltaPhi - a potential difference of the store of object and the line. To start any half-cycle of transfer, on the line 
and on the store there will be potentials of a different sign, each of which on the module is equal to Phi. Potential difference 

deltaPhi = Phi-(-Phi) =2Phi. 
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But, in process of leakage of charges from the store and their passing through the load, potential on the store, we will call 
it (Phi2) changes therefore deltaPhi is function of quantity of charges on the store. We will write down it so: 

deltaPhi = F(Q) 

Potential on the line at the movement of charges won't change, as annihilation of charges which now on the line, from 
revenues to the line of charges of other sign, all the time is compensated by giving to the line charges from the generator. 

From the point of view of power, process of passing of electrons through load can be divided into two stages. The first 
stage where work (A1) will be made - this movement of all charges from the receiver store (we will assume negative 
charges) through the load to a power line. This process happens to a total disappearance of charges of this sign on the store 
and, according to it, transformation of its potential into the zero. The second stage where work (A2) - this passing through 
load of charges from the line will be made (in our example positive) to the receiver store before establishment of potential 
on it (positive) equal to the potential on the line. Thus, the general work or energy (that in this case the same) which is 
obtained for a half of the period on the load: 

(2.12) W2 = Al + A2 

Despite the fact that we are talking here about the two stages of the process, in fact, in terms of movement of electrons - 
it is continuous, and the electrons will flow in one direction only. It's just a matter of determining the sign of the charge. 

Let's try to calculate the work A1. 

Elementary work (its differential) will be equal to the multiplication of the potential difference deltaPhi on the 
elementary charge (differential Q). 

(2.13) dA1 = deltaPhi (Q) x dQ = F(Q) x dQ 

As already mentioned above, the potential difference is a function of the charge on the store F(Q). Let's see how this 
function can be expressed. With the leakage of charges through the load, it decreases. The potential of the store (Ph12) is 
determined by the following formula. 

(2.14) Phi2 = Q / C, then 

(2.15) F(Q) = Phi - (-Fi2) = Phi + Fi2 =Phi+ Q/C 

Substituting this expression into (2.13), we obtain: 

(2.16) dAl = (Phi+ Q/C)x dQ 

In order to define work A1, we have to take the integral of the expression within the following limits: lower = 0, and the 
top, equal to the maximum (initial) charge that is Qmax = C x Phi. After the corresponding calculations which are 
excessive for bringing here, we will receive: 

(2.17) Al = Phi square x C + Phi square x C / 2 

Now let's calculate the A2. 

Work or energy of movement of charges, as well as for Al, is determined by a formula (2.11). The potential difference 
between the line and the receiver store (deltaPhi) is also a function of the charge on this store. Let's see how in this case is 
defined F (Q). During all process, including at its beginning, potential on the line = Phi. Phi2 store potential is equal in the 
beginning 0, but in process of receipt on it charges which pass a way from the line through load, potential grows. Phi2 is 
defined by a formula (2.14). Its final value will be Phi. For a potential difference or F(Q) the following formula has to be 
fair. 

(2.18) F(Q) = Phi - Phi2 = Phi - Q/C 

Elementary work (dA2) is defined by a formula (2.13). We will substitute in it the expression which is just received by us 
for a potential difference, i.e. a formula (2.18). We will receive: 

(2.19) dA2 = (Phi - Q/C) x dQ 

In order to define work A2, we have to take the integral of the expression within the following limits: lower = 0, and the 
top, equal to the maximum (final) charge that is Qmax = C x Phi. After the corresponding calculations which are excessive 
for bringing here, we will receive: 

(2.20) Al = Phi square x C - Phi square x C / 2 

To find the general work or energy emitted on load for a half of the period of an electricity transmission (W2) we 
substitute Al and A2 values in a formula (2.12). We will receive: 

(2.21) W2 = Phi square x C + Phi square x C/2 + Phi square x C - Phi square x C/2 = 2 x Phi square x C 

We will compare this formula to a formula (2.1) for the first way and we will see that the energy for a half period 
received by the object of a current supply at the second way grew by 4 times. We can write down. 

(2.22) W2=4x WI 

As all the rest in calculation of power remains the same, it is possible to write down that the power (P2) too grew by 4 
times. Besides, at the second way we receive "bonus" - it isn't necessary to have two stores on the receiver, only one and 
the same size. 

(2.23) P2=4x Pl 

We can write for the second method, the formula similar to the formula (2.10), only take into account the increase in the 
power coefficient. K2 = K1 x 4 or approximately equal to 4.44 x 10 in -10 degrees. So, power for the second way is 
expressed by a formula: 

(2.24) P2 = K2 x f (d, epsilon) x nu x R x Phi square 


CHAPTER 3. EFFICIENCY OF SINGLE-WIRE TRANSMISSION AND POSSIBLE PROTECTION AGAINST 
RADIATION. 
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Efficiency of power transmisson can be defined as follows: 

Efficiency = (received power / power line input) x 100% 

We introduce the notation: 

Pr - received power of the receiver. 

Pl - losses in the power transmission process. 

Power line input= Pr + Pl 

Now the expression for the efficiency can be rewritten as follows: 

(3.1) Efficiency = (Pr / (Pr + PD) x 100% 

For ease of calculation, let's divide the numerator and denominator of this formula on the Pr. 

(3.2) Efficiency = (1 / (1 + Pl /Pr)) x 100% 

Let's denote the ratio Pl / Pr as the alfa, 

alfa = Pl/ Pr, 

Then formula (3.2) is as follows: 

(3.3) Efficiency = (1 / (1 + alfa)) x 100% 

We see that change of all function completely depends on changes of a ratio of Pl / Pr= alfa. For ensure of high 
efficiency, "alfa" shall aim to 0, then efficiency will be hundred percent. How to calculate the "Pr" (the power received by 
the object receiver) we set in chapters 2 and 5, it is possible to look at formulas (2.10), (2.24) and (5.26). As for "Pl", here 
we can be guided by the following provisions. 

a) Losses on corona discharge and electron leakage. Because of the relatively low voltage on the line (we have introduced 
this limit for safety reasons), the corona discharge is not possible, and electron leak is very small, and these losses cannot 
be taken into account. 

b) Heating the wire losses - are virtually absent, since it has no resistance to the motion of electric charges. This has been 
repeatedly described above. 

c) Losses on the mechanical oscillation of the conductor. (Repulsion from the magnetic field of the Earth). These losses 
are due to their insignificance cannot be taken into account (after all, small currents). 

g) Losses from radiation of electromagnetic waves. 

This is the main power losses in this method of transmission. 

Every conductor with alternating current radiates electromagnetic waves, and with increasing frequency energy emitted 
waves increases sharply (in proportion to the square of the frequency). Electromagnetic waves permanently move away 
from the wire, and therefore the energy consumption of the radiation waves are the transmission system losses. The 
radiated energy depends on the amplitude and frequency of current as well as the length of the conductor. The total average 
power "Nav" emitted by segment conductor with current (short antenna), in which the length "L" is much smaller than the 
wavelength, is equal to [12]: 

(3.4) Nav = Mu zero x L square x Omega in a square x I in a square / (12 x Pi x C) where 

Mu zero - a magnetic constant 

Mu zero = 4 x Pi x 10 in minus 7 degrees 

Pi - constant = 3.14 

Omega - frequency 

I - maximum current 

C - light velocity. 

Substituting in this formula the values of the coefficients and the speed of light, and taking into account that Nav = Pl, 
and the frequency in our article was usually designated as "nu", it is possible to re-write it in the following form: 

(3.5) P1= 1.11 x 10 at minus 16 degrees x L square x nu in square x I in the square 


LET'S DERIVE THE FORMULA FOR "ALFA" IN THE SECOND TRANSMISSION METHOD. 


Here we give the power received by the receiver of the object "Pr". For the second transmission method, we derived a 
formula for it in Chapter 2, this is formula (2.24) 

(2.24) P2 = K2 x f (d, epsilon) x nu x R x Phi square 

Where 

f - function, with parameters: d - thickness of the shell of the collector of the receiver, epsilon - dielectric permeability of 
the material from which the shell is made. f> 1. 

R - is the radius of the receiver store 

Phi - is the potential on the transmission line 

K2 - is approximately equal to 4.44 x 10 at minus 10 degrees. (K2 = 4 x K1) 

We replace "P2" by "Pr" , then the formula (2.24) takes the following form: 

(3.6) Pr = K2 x f (d, epsilon) x nu x R x Phi square 

In order to write the relation of formulas (3.5) and (3.6), we must reduce them to uniformity. For this, we express the 
current "I" in (3.5) in terms of other parameters. 


(3.7) 1=Q/(T/2), 
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Where "T" is the power transmission period (of the line potential change). Since the frequency nu = 1 / T, formula (3.7) 
can be rewritten in the following form. 

(3.8)1=2xnuxQ 

"Q" can be expressed through the capacity of the receiver store and the potential on the power line. 

(3.9) Q=Cx Phi 

here C = K1 x f (d, epsilon) x R (watch GI.2 formulas (2.9) and (2.10)) 

we will rewrite a formula (3.8). 

(3.10) 1=2 x K1 x nu x f(d, epsilon) x R x Phi 

Substitude the derived value for "I" in a formula (3.5). We will receive 

(3.10) 1=2 x K1 x nu x f(d, epsilon) x R x Phi 

Substitude the derived value for "I" in a formula (3.5). We will receive 

(3.11) Pl = 1.11 x 10 at minus 16 degrees x L square x nu in the fourth degrees x 4 x K1 x K1 x f (d, epsilon) x f (d, 
epsilon) x R x R x Phi x Phi 

Recalling that K2 = 4 x K1, we give here the formula for the received power, the transformed formula (3.6): 

(3.12) =4 x K1 x f (d, epsilon) x nu x R x Phi square 

Now we can write a formula for "alfa", which is the ratio of the right-hand sides of formulas (3.11) and (3.12). 

(3.13) alfa = Pl / Pr = K1 x 1.11 x 10 in minus 16 degrees x L square x nu in the third degrees x f (d, epsilon) x R 

We substitute here the value for K1 = 1.11 x 10 in minus 10 degrees. 


(3.14) alfa = 1.23 x 10 in minus 26 degrees x L square x nu in the third degrees x f (d, epsilon) x R 


WE WILL DERIVE THE FORMULA FOR "ALFA" IN CASE OF THE THIRD METHOD OF THE ELECTRICITY 
TRANSMISSION. 


Here 'I' for the formula (3.5) will be defined as follows. 

(3.15) I=2xnuxQ 

this formula is similar to formula (3.8) for the second method, but 'Q' for the third method is defined differently. 

(3.16) Q =C x (Phi m + Phil), 

Where 'Phi m' is the potential of the charging device (an electrostatic machine), And 'Phi l' is the potential on the 
transmission line (corresponding to 'Phi' for the second method). 

The formulas for capacity are similar 

C=KI1 x f(d, epsilon) x R 

We write the expression for the current: 

(3.17) 1=2 x K1 x nu x f(d, epsilon) x R x (Phi m + Phi 1) 

We substitute 'T' in the formula for the lost power (3.5) with this expression. We get: 

(3.18) Pl = 1.11 x 10 at minus 16 degrees x L square x nu in the fourth degrees x 4 x K1 in the square x f (d, epsilon) in 
the square x R in the square x (Phi m + Phi 1) in the square 

Now we give here the power received by the receiver of the object 'Pr'. For the third electricity transmission method, we 
derived a formula for it in Chapter 5, this is formula (5.26) 

(5.26) Pr=2 x nu x K1 x f (d, epsilon) x R x Phil x (Phi m + Phi 1) 

Now we can write a formula for alfa, which will be the ratio of the right-hand sides of formulas (3.18) and (5.26). 

(3.19) alfa = PI / Pr =2 x K1 x 1.11 x 10 at minus 16 degrees x L square x nu in the third degrees x f (d, epsilon) x R x 
(Phi m + Phi 1) / Phi 1 

We substitute here the value for 'K1'= 1.11 x 10 in minus 10 degrees. 


(3.20) alfa = 2.46 x 10 in minus 26 degrees x L square x nu in the third degrees x f (d, epsilon) x R x (Phi m + Phi 1) / Phi 


Since the third method of single-wire transmission requires an electrostatic machine, a battery and a DC motor in the 
receiver, we must also take into account their efficiency. And since the efficiency of the battery and the motor is rather low, 
on the average 85 and 83 percent respectively, then they, and not the calculated efficiency on the basis of radiation losses, 
will determine the efficiency of the third method of electricity transmission. We will see this, considering the calculation of 
the example given in this chapter. 


Mean values: 

DC motor efficiency = 83% 

Battery efficiency = 85% 

Efficiency of the electrostatic machine - it was not possible to find the value in the literature. However, what I want to 
note: if you do not take into account the friction of the brushes (in a large machine, this is a miser), then the main losses 
will go to the friction of the discs about the air. Leakage charges will be small due to the intended isolation of the stores. 
There are no braking force fields in the machine, so the efficiency will be high. 
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Recall the preliminary condition of these calculations: 'L' must be much smaller than the length of the radiated wave. 
We will provide the table of lengths of waves "VL" and the frequencies "Fr" corresponding to them here. VL and Fr are 
related by the following relationship: Fr = c / VL, where C is the speed of light. 


Fr, Hz---------- VL,m 

100 Hz------ - 3 000 000 m 

1000 Hz (1 KHz)-------------- 300 000 m 
10000 Hz (10 KHz)---------------- 30 000 m 
100000 Hz (100 KHz)------------------- 3 000 m 
1000000 Hz (1 MHz)------------------- 300 m 
EXAMPLES. 

EXAMPLE NI 


Suppose we have a working room with robots that receive electricity for their work. We will use the third method of 
electricity transmission. The room is equipped with an electrically conductive floor, and the robots themselves contain 
electric receiver and built- in electric intakes that comes into contact with the floor. The floor measures 100 x 100 m. 
Transmitters will be on the edges of the floor. Then L max = 100m. In order to comply with the above condition, 1.e. L 
(antenna length) should be much smaller than the wavelength of the radiated wave-VL. Assume that VL min = 1000m ( ten 
times more than L max ). Let's calculate Fr max , it will be 300 kHz. Let the geometric dimensions of receiver's stores in 
robots be real and amount to 1 m in diameter. We use the existing Vimschurst electrostatic machine. The electrical potential 
on the receiver's stores (with insulating sheath) will be equal the potential on this machine and will be 300 kV. The voltage 
on the power line (and this is the floor), we agreed to use only safe for life and equal to 220 V. 

Let's answer the following questions: 

1) What maximum power can be transmitted to each robot ? 

2) What is the efficiency of the power line ? 


To answer the first question, let us use the formula derived by us in Ch. 5, which determines the power transmitted by the 
third method of transmission. This is the formula (5.26) 

(5.26) P3 =2 x Nu x K1 x f (d, epsilon) x R x Fl x (FM + FL) 

Where: 

K1 - coefficient , approximately equal (as not all stores of receivers will be the correct spherical form) 4 x Pi x epsilon 
zero. K1 is approximately equal = 1.11 x 10 to the minus tenth degree. 

f - function, with parameters: d - receiver store cover thickness, an epsilon - dielectric permeability of material of which 
the cover is made. f> 1. 

R- is the radius of the store. In our example it is 0.5 m. 

Fl is the potential on the transmission line (its absolute value), in this case, equal to 220V. 

Fm is the potential on an electrostatic machine or some other device of an object receiver that recharges its drives (also 
its absolute value). In this example, equal to 300kV. 

Nu is the frequency equal to Fr max = 300 kHz. 

We substitute these values in the formula. We get P3 = 2199.4 W or about 3 horsepower. Thus, we will be able to give the 
robots enough power. 


Now let's compare what would have happened if we had used the second method of electricity transmission. The formula 
for the transmitted power for this method was derived in Ch.2. This is the formula (2.24). 

(2.24) P2 = K2 x f (d, epsilon) x nu x R x Phi square 

Where: 

f - function, with parameters: d - thickness of the shell of the collector of the receiver, epsilon - dielectric permeability of 
the material from which the shell is made. f> 1. 

R- is the radius of the reciever store. In our example it is 0.5 m. 

Phi - is the potential on the transmission line 

Phi = Fl = 220 V 

K2 - is approximately equal to 4.44 x 10 at minus 10 degrees. (K2 = 4 x K1) 

Nu is the frequency equal to Fr max = 300 kHz. 

We substitute these values in the formula. We obtain P2 = 3.22 W, 1.e. Incomparably less transmitted power. 


CHAPTER 4. WAYS OF INCREASING THE TRANSMISSION POWER. 


Goal is - to create a single-wire electricity transmission, powerful, safe for a human body, at the small sizes of a current 
collector and at high efficiency and low cost. 


Chapter 2 has a formula of power. Frequency and potential increase power, but as it was already specified, there are 
restrictions. High frequency reduces efficiency creates strong electromagnetic radiation and hindrances, and a lot of 
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potential on the line may cause a fatal electric shock. In each case it is necessary to define the maximum potential on the 
line, and the maximum transmission frequency. In some cases, we will be ready to sacrifice high efficiency for increasing 
transmission power. For example, if the line goes through the taiga or in the desert, and the potential can be increased by 
high-frequency interference and electromagnetic radiation will not cause much harm, if you set the warning signs. But in 
the city it's different. In some cases, for example for electric transport transmission line should be no isolated because of 
the current collectors, respectively, and the potential to be safe. If the transmission line very long, too high frequency can 
lead to that charges for a half of a half-cycle won't manage to reach the store the receiver as a long wire has inductance 
which will work for delay. It can be explained from the point of view of the theory of an electrical oscillating circuit. In this 
case we have a sequential oscillating circuit with the certain natural frequency determined by values of capacity and 
inductivity. Capacity is a capacity of the receiver store (depends on the geometrical sizes), and inductivity is defined by 
length of a wire (line). It is known that the largest amplitude will be when the stimulated frequency (transmitter generator 
frequency) is equal to the natural frequency of a circuit determined by Thomson's formula. When the stimulated frequency 
is greater than the natural frequency, the value of the transmitted current decreases. A long wire has a large inductivity and 
will decrease natural frequency of the circuit. With the usual current transmission for small distances and with small 
geometric dimensions of the drives, we are always "not reaching" to the natural frequency of the circuit, therefore, as the 
frequency increases, the transmitted power increases, as shown earlier in Chapter 2. 

Store capacity and consequently also transfer power, will increase if to surround it with the isolating cover with a big 
dielectric permeability (epsilon). In each case we define what material, firm or liquid will suit us depending on high cost, 
technical capabilities of performance and the demanded isolating properties. 

Possible to use different physical effects and devices to increase the amount of charge received at halftime (of frequency 
period). According to the author, suitable Hall effect (the author has even experimental design in this area) and "Stop 
revolving coil" - as it was first used in the experiments L.I.Mandelstam and N.D.Papaleksi and later in experiments 
R.CH.Tolman T.D.Stewart. 

The author has planned some more improvements (for example poly-cascade electric circuits) of an electricity 
transmission (increase in power) which need the experimental verification. 

Besides, there is one more option - to apply "the third way of an electricity transmission", though it and more difficult for 
technical realization in devices, than the first two. 


CHAPTER 5. A THIRD WAY OF A SINGLE-WIRE ELECTRICITY TRANSMISSION. 


The idea is that for small (comfortable) geometric dimensions of the store of the receiver it would be placed at the half of 
period a large number of charges, much bigger, than it can place at safe potential on the line. And, potentials on object can 
be and much more, than on the line. It is admissible from the point of view of safety measures. As the small device of the 
receiver can be insulated carefully is a small space. But all of a transmission line is very difficult and in some applications 
as it was stated above, it just also has to be without isolation. This large amount of the charges will be "pumped" through 
the load toward the transmission line carrying the charges with opposite sign, and despite the fact that we have to expend 
energy in the beginning (to charge the receiver store) the total received by the load energy will be more than in the first two 
methods. 


We will define this way so - giving of charges to object at safe potential on the line to the object stores, which are 
previously charged to higher potential, through the loads (which are on object), and charges on stores have to be an 


opposite sign, in relation to transferred. 


This method has been presented long time ago in [1], but was then not well explained.In order to understand how it 
works, let's solve the small problem in physics, it is shown in Fig.6. 
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Bony 6 


TERMS AND CONDITIONS: 


In the transmitter (1) there 1s a electrically conductive sphere (3) very big sizes which radius we will designate (R1). On 
it there are many electric charges, and it is loaded to the potential (Phil). It is small potential and it isn't deadly to a human 
body. Further, the transmitter is connected by one conductor with the receiver (2) in which too there is a electrically 
conductive sphere (4), but already very modest sizes convenient, say, for the moving object of a current supply. It via the 
switch (5) and through load (Z) is connected with the line. Radius of this sphere we will designate (R2). We can write that 
the radius (R1) is much more (R2). The switch is meanwhile opened. The sphere of the receiver is previously loaded to the 
potential (Phi2). And this potential is very high much more on the module, than the potential (Phil). I think that makes 
sense to load this sphere (4) by means of an electrostatic machine*. Charges on a sphere of the receiver (4) are opposite on 
a sign to charges of a sphere of the transmitter (3). Previously having loaded a sphere of the receiver (4) we spent energy 
(Wzero). Now we close the switch (5). What will occur? The author believes that all charges from a sphere (4) through 
load (Z) will flow on a transmission line on a sphere (3). And, potential on a sphere (3) and on the line will practically not 
change as a sphere big and has many charges. After all condenser potential, as we know, is defined by a formula: 

(5.1) Phi=Q/C, 

where Q - amount of charge, and C - capacitance. 

Since we chose sphere large geometric dimensions (large R), it has a large capacity (because C = 4 x Pi x epsilon x 
epsilon zero x R) and has a large number of charges. Therefore, a small increase or decrease of the charge, which is 
necessary for the "work" with the sphere (4) will not greatly affect the potential of the sphere (3) and, consequently, the 
line. So it will have a real transmitter, as the annihilation of the charges that are currently on the line by entering the line of 
charges of opposite sign, all the time is offset by applying to the line charges from the generator. Then, part of the charges 
from the sphere (3), again, through a transmission line and through the load (Z) will flow to the sphere (4) to establish an 
equipotential surface. Ie until the potential on the sphere (4) will not be equal to the potential on the sphere (3) and on the 
line. The potential on the sphere (3) and on the line as before - will not change. Despite the fact that I am talking here about 
the two stages of the process, in fact, in terms of movement of electrons - it is continuous, and the electrons will flow in 
one direction only. It's just a matter of determining the sign of the charge. Time we take a half of the period and it more 
than enough for the described process. On load (Z), as a result of electron flow through it , some energy will be emitted **. 
We will designate it (Wz). 


QUESTION N1: Will the released energy to the load (Wz) more than originally consumed at a charge storage facility 
(Wzero)? And if so, how much? The energy difference is denoted (deltaW). 


QUESTON N2: To find (W3)- it is the energy received by object for a half of cycle at such way of an electricity 
transmission minus originally spent (Wzero), and to correlate it to the energy received for the same time at the second way 
of an electricity transmission (W2) (it more powerful, than the first way) on the store of the same size (R2), 1.e. the same 
capacity (C2), and with the same potential on the line (Phil). It all the same what to speak about comparison of power. 


AUTHORS’ SOLUTION: 
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The calculation given below, is very similar to the calculation of power for the second way of an electricity transmission 
given in Ch.2. 

Work (A) of movement charges (Q) in electric field is defined by a formula: 

(5.2) A = Q x deltaPhi , 

where deltaPhi - a potential difference of the sphere (4) and the line. At the beginning on the line and on a sphere (4) 
potentials of the different sign Phil and Phi2. Potential difference 

deltaPhi = Phil-(-Phi2) =Phil + Phi2. 

But, in process of leakage of charges from a sphere (4) and their passing through the load (Z), potential on a sphere 
(Phi2) changes, therefore deltaPhi is function of quantity of charges on a sphere (4). We will write down it so: 

deltaPhi = F(Q) 

From the point of view of power, process of passing of electrons through the load can be divided into two stages. The 
first stage where work (A1) will be made - this movement of all charges from the receiver sphere (4) (we will assume 
negative charges) through the load (Z) to a power line. This process lead to a total disappearance of charges of this sign on 
the sphere (4) and, according to it, transformation of its potential into the zero. The second stage where work (A2) - this 
passing through the load of charges from the line will be made (in our example positive) to the receiver sphere (4) before 
establishment of potential on it (positive) equal to the potential on the line (Phil). Thus, the general work or energy (that in 
this case the same) which is obtained for a half of the period on the load: 

(5.3) WzZ= Al + A2 

Let's try to calculate the work A1. 

Elementary work (its differential) will be equal to the multiplication of the potential difference deltaPhi on the 
elementary charge (differential Q). 

(5.4) dA1 = deltaPhi (Q) x dQ = F(Q) x dQ 

As already mentioned above, the potential difference is a function of the charge on the sphere F(Q). Let's see how this 
function can be expressed. With the leakage of charges through the load, it decreases. The potential of the store (Ph12) is 
determined by the following formula. 

(5.5) Phi2 = Q / C, then 

(5.6) E(Q) = Phil - (-Phi2) = Phil + Phi2 =Phil + Q/C 

Substituting this expression into (5.4), we obtain: 

(5.7) dAl = (Phil + Q/C)x dQ 

In order to define work A1, we have to take the integral of the expression within the following limits: lower = 0, and the 
top, equal to the maximum (initial) charge that is Qmax = C2 x Phi2. 

After the corresponding calculations which are excessive for bringing here, we will receive: 

(5.8) Al = Phil x Phi2 x C2 + Phi2 square x C2 / 2 

Now let's calculate the A2. 

Work or energy of movement of charges, as well as for Al, is determined by a formula (5.2). The potential difference 
between the line and the receiver sphere (deltaPhi) is also a function of the charge on this sphere. Let's see how in this case 
is defined F (Q). During all process, including at its beginning, potential on the line = Phil. Phi2 sphere (4) potential 1s 
equal in the beginning 0, but in process of receipt on it charges which pass a way from the line through the load, potential 
grows. Phi2 is defined by a formula (5.5). Its final value will be Phil. For a potential difference or F(Q) the following 
formula has to be fair. 

(5.9) F(Q) = Phil - Phi2 = Phil - Q/C 

Elementary work (dA2) is defined by a formula (5.4). We will substitute in it the expression which is just received by us 
for a potential difference, i.e. a formula (5.9). We will receive: 

(5.10) dA2 = (Phil - Q/C) x dQ 

In order to define work A2, we have to take the integral of the expression within the following limits: lower = 0, and the 
top, equal to the maximum (final) charge that is Qmax = C2 x Phil. 

After the corresponding calculations which are excessive for bringing here, we will receive: 

(5.11) A2 = Phil square x C2 - Phil square x C2 / 2 = Phil square x C2 / 2 

To find the general work or energy emitted on loading for a half of the period of an electricity transmission (Wz) we 
substitute Al and A2 values in a formula (5.3). We will receive: 

(5.12) Wz = Phil x Phi2 x C2 + Phi2 square x C2 / 2 + Phil square x C2 /2 

Now we will try to find the answer to the question N1 

According to the formula of calculating the energy of the charged capacitor determine Wzero: 

(5.13) Wzero = Phi2 square x C2/2 

(5.14) deltaW = Wz - Wzero 

We will substitute in a formula (5.14) expressions for Wz and for Wzero, we will receive: 

(5.15) deltaW = Phil x Phi2 x C2 + Phil square x C2 / 2 

Thus, we see that we won power, and quite significantly, because the potential Phi2 can be very high, since the compact 
means of generating (eg electrostatic machines ***) - are available, and the means of isolation**** -the same. 


LET'S ANSWER THE QUESTION N2. 
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We will consider energy which will receive object of a current supply in our task (at the third way of an electricity 
transmission) for a half of the period of an electricity transmission. We designated 1t as W3 above. We already found one 
component of W3 - it is deltaW - the energy emitted on load minus originally spent energy on store charging. Besides, the 
receiver store, having received a charge from the line of transfers (at the end of process) and therefore having got the 
potential Phil, receives some power status, i.e. potential energy Wp which we too have to consider at calculation of a total 
energy W3 received by the receiver. Later, by consideration of a question of providing a continuity of an electricity 
transmission at the third way, it will be explained how to use this energy. So, 

(5.16) W3 = deltaW + Wp 

We will find Wp on a formula of calculation of energy of the charged condenser: 

(5.17) Wp = Phil square x C2 / 2 

We will substitute the found expressions for deltaW and for Wp in a formula (5.16). We will receive: 

(5.18) W3 = Phil x Phi2 x C2 + Phil square x C2 / 2 + Phil square x C2 / 2 and after transformation: 

(5.18) W3 = Phil x Phi2 x C2 + Phil square x C2 

We will compare this expression to the energy received by the receiver at the second way of an electricity transmission 
for a half of the period - W2. The formula for W2 we learn in Chapter.2 It is a formula - (2.21). Phi in it it is possible to 
replace with Phil, and C with C2. So: (2.21) W2 = 2 x Phil square x C2 

In order to compare the energy W3 and W2, introduce the measure - n. This value shows how many times the potential of 
previously charged receiver store - Phi2 is more than a potential on the line - Phil. We can write: 

(5.19) Phi2 =n x Phil 

We will substitute Phi2 with the found now expression for Phi2 in a formula (5.18). We will receive: 

(5.20) W3 =n x Phil square x C2 + Phil square x C2 

and after transformation: 

(5.20) W3 = (n+1) x Phil square x C2 

Now you can see what will be equal to the ratio of W3 and W2? 

(5.21) W3/W2 = [(n+1) x Phil square x C2] / [2 x Phil square x C2] 

and after reduction: 

(5.21) W3 / W2 = (n+1) / 2 


ANSWER TO A QUESTION NI: 
deltaW = Phil x Phi2 x C2 + Phil square x C2 / 2 


ANSWER TO A QUESTION N2: 
W3 / W2 = (n+1)/2, 
where n = Phi? / Phil 


CONCLUSION : 

At the third way of single-wire transfer, the power received by the receiver will increase almost in one thousand times in 
comparison with the first two ways. So, if to take the potential produced by electrostatic machine of Vimshurst = 300 kV - 
it there will be Phi2 and potential on the line = 200 V - it will be Phil (potential, safe for human life, on the standard 
canons), n will be 1.5 x 1000, and W3 relation to W2 on a formula (5.21) will be equal about 750. But Vimshurst's 
electrostatic machine - it yet not a limit of perfection. Such task - to create the electrostatic machine developing the 
maximum voltage at the minimum sizes wasn't set for mankind simply yet. So, in ONE THOUSAND TIMES it is quite 
possible to reach increase in power. 


PROVIDING CONTINUITY OF THE ELECTRICITY TRANSMISSION. 
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Pict, 7 


E. 


The diagram (Pict. 7) displays only the object of current supply and appropriate to it single-wire transmission line 
segment (1).The transmitter remains same what it was at the first and second ways of an electricity transmission (see Pict. 
1-5). 

In this scheme it is impossible to put a two diode switch 'diode fork' on an entrance of the object of a current supply as at 
the first way (see Pict. 4). Because of the fact, that previously charged object stores (6 and 7) will electrically connect with 
each other. However, through loads (4 and 5), but so they won't save up charges, and will lose the potentials, and to us, at 
this way of transmission, it 1s necessary that they had many charges at high potentials. Therefore we will use the operated 
switches (2 and 3). 

Loads (8 and 9) between terminals of the electrostatic machine (12) and stores of object (6 and 7) are necessary for 
purpose to use the energy Wp formed as a result of a charge of stores by charges of an opposite sign (in relation to output 
terminals of the electrostatic machine) at the end of time of connection of each of them to a power line. This energy will be 
used when the store is switched-off from a transmission line and connected for charging to the electrostatic machine by 
means of the operated switch (10 or 11). 

What happens in the first period of the power supply we have already discussed in detail above in the solution of the task 
(see. also Fig. 6). 

For providing a continuous electricity transmission, on object of a current supply (see Fig. 7) there is a second store (the 
best form - sphere) which is previously charged with electric charges of other sign, than the first, and in the second half of 
the period we switch a transmission line to 1t through other load (4 or 5). And on the transmission line itself already the 
charge sign too will be changed, because of connection of other sphere of the transmitter (or operation of the generator). 
And in this half-cycle too everything will occur as in the considered task. In that part of the period when any store of object 
1s switched-off from the line, 1t will be loaded on the object with the help, we will tell, the electrostatic machine or other 
device, but in the beginning of this half-cycle it will give the charge, which remained from the previous half-cycle, through 
the corresponding load (8 or 9) connecting it to the charger. Thus the power status received from the line of transfers at the 
previous half-cycle (Wp) will be used through this load. 

If to compare this process to charging of the neutral store, yes, it is valid, the part of charges going from the electrostatic 
machine, equal to "spaciousness" of the store of the receiver Q = C x Phi at the potential of line = Phil will be annihilated, 
and must be "restored" by electrostatic machine. This of course would require additional energy (compared to charging a 
neutral store) from the electrostatic machine, but it will be "returned to us"(the truth with small losses which we don't 
consider in this calculation) 1.e. will turn in "useful" as it will be allocated on load, and from loads we take energy for 
return to the electrostatic machine and on performing of useful work. 
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Algorithm of operation of the switches operated (naturally automatically) the following: in the first half-cycle switches 
(2) and (11) are closed, and opened (3) and (10). And in the second - are closed (3) and (10), and are opened (2) and (11). 
In the third half-cycle - as in the first, and in the fourth - as in the second etc. 

When selecting receiver stores shells material at the third way, it is necessary to pay attention not only to dielectric 
permeability of material, as at the first two, but also to its electric durability as we will deal with high and life-threatening 
voltage. Besides, it is necessary to look how these properties of material will behave with the planned electricity 
transmission frequency (it concerns also the first two ways). Cost too should be considered. 


ELECTRO-RECEIVER OF OBJECT OF A ELECTRIC POWER SUPPLY, WORKING AT THE THIRD WAY OF 
ELECTRICITY TRANSMISSION. 


Pict. 8 SHEME OF THE ELECTRO-RECEIVER OF OBJECT OF A ELECTRIC POWER SUPPLY, WORKING AT 
THE THIRD WAY OF ELECTRICITY TRANSMISSION. 

Signatures to Pict. 8 

1-Object of a electric power supply. 

2-The consumer of the electric power on object. 

3-The block defining sign of charges on a power line. 

4-The device defining a sign of charges on the line by means of the scheme of a single-wire electricity transmission. 

5- The operating electric clock. 

6,7-Stores of charges of object (main). 

8,9-Isolating covers of the main stores. 

10,11- Stores of charges of the electrostatic machine. 

12,13-Isolating covers of stores of the electrostatic machine. 

14-Rechargeable battery. 

15-Electrostatic machine. 

16-Energy stream. 

17-Flow of managing signals. 

Z1, Z2, Z3, Z4-Loads**. 

S1, S2, S3, S4- The Operated switches. 
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TRANSFER OF THE ELECTRIC POWER ON OBJECT IN THE PRESENCE OF A SIMILAR COLLECTOR IS 
CARRIED OUT AS FOLLOWERS. 


The generator (G) delivers on a power line charges of a different sign, in each half-cycle different, in one half-cycle - 
plus, in others-minus. And as he is connected by one terminal to the buffer store (in this example it is Earth - the grounding 
displayed on the scheme), these charges are "free", 1.e. capable to fill a surface of conductors. You can object to this term, 
but how then to distinguish charges that could put a battery or generator in an electrical circuit connecting the two their 
terminals from the charges that capable to fill surface of free conductors and to interact with the same "free" charges? In 
any battery or generator "outside forces" divide charges. But from a terminal of the ordinary battery or the generator they 
are able to flow only on other terminal of the same device. Even to the terminal of other battery with an opposite sign they 
won't begin to flow. And in the Earth they won't begin to flow just like that (with an empty second terminal). Otherwise the 
situation is with the source given in the scheme and with electrostatic machines in which "outside forces" work too. It turns 
out that presence of "outside forces" for development of "free charges" - the necessary condition, but insufficient as 
mathematics say. 

On a current collector 1 to which lead a line there is a Unit 3. A purpose of this unit - to define what charges in this half- 
cycle are on the line (plus or minus). If the unit is connected to the line, then it with it is helped by the device switch 4 (the 
device 4 is given as an example, also other options, say, the device consisting of diodes, electroscopes and optical sensors 
are actually possible - petals of electroscopes will cross beams), which operation we will consider later. But it can not be 
connected, then the sign of charges is defined by means of Clock 5 which are synchronized with the generator. The second 
purpose of the Unit 3 1s development and a message of the operating signals on the operated switches (S1, S2, S3, S4). 
Passing of the operating signals on the scheme is conditionally designated by a stream 17 (the shaded arrows). These 
signals will depend on what charges (on a sign) in this half-cycle on the line of an electric supply. 

On acurrent collector | are the electrostatic machine 15 and its stores of charges (10, 11) with the isolating covers (for 
safety) (12,13), the accumulator 14, the DC motor (M) for rotating the disk of electrostatic machine. All this 
"housekeeping" is necessary to receive more 'free' charges from the power line which is under the low potential, safe for 
life. The motor takes the electric power from the accumulator, puts the electrostatic machine in action and that charges the 
stores, one (we will tell 10) with positive charges, and another (we will tell 11) negative. This process goes constantly to all 
the time of an electricity transmission, irrespective of the fact which in this half-cycle charges (positive or negative) on the 
line going to a current collector. It is thought that the energy received on loads (Z1, Z2, Z3, Z4) quite will be enough both 
for recharge of the accumulator and for providing consumers of energy 2 objects. Streams of energy 16 are designated on 
the scheme by not shaded arrows. 

The basic working elements of a current collector are stores of charges (6 and 7) and above-mentioned loads (Z1, Z2, Z3, 
ZA). Stores are surrounded with covers (8 and 9). These covers have double function: to increase the storage capacitor 
capabilities of stores, dielectrics of which they consist if surround the conductor, then with success it is done, and to isolate 
stores for safety reasons as on stores there will be sometimes a high voltage. By the way, the case of all current collector 
has to be made of the good insulating stuff capable to protect the person from high voltage. 

We will notice that at the beginning of any half-cycle one of stores of object (6 or 7) has to be completely charged from 
the store of the electrostatic machine (10 or 11) and have the high potential, equal with him, and another has to begin to be 
loaded from other store through one of the loads (Z3 or Z4). 

We will consider a "negative" half-cycle in the beginning. On the line the negative charge, the store 6 is loaded positively 
to the potential of the electrostatic machine (it 'inheritance' of the previous "positive" half-cycle), the S1 switch is open, the 
S3 switch is closed, the S2 switch is closed, the S4 switch is open. What is going on? The store 6 and the line interact 
through Z1 load, this process has been described above, on load energy is emitted, she is shown by not shaded arrow 
departing from her. Energy goes to the consumer of energy 2 objects and for accumulator charging 14. At the end of this 
half-cycle, the store 6 will get a negative charge and potential of the line and will transfer this "inheritance" to following, 
already "positive", half-cycle of an electricity transmission . The store 7 in the same time interacts with the store of the 
electrostatic machine 11 through S4 load. On the store 7 a positive charge and potential of the line (which has got to it "in 
inheritance" from the previous "positive" half-cycle) and at the end of this "negative" half-cycle it will be charged from the 
store 11 negatively and will get the potential of the electrostatic machine. From load Z4 energy will go to the same 
purposes. 

Now, on the line "comes" the "positive" half-cycle. The Unit 3 "feels" 1t and "sends telegrams" on the shaded arrows on 
the operated switches. As a result S1 and S4 are closed, and S2 and S3 - open. The store 7, having high negative potential 
from last half-cycle, interacts with the line through Z2 load, at the end of a half-cycle he will get a positive charge and 
potential of the line. And the store 6, having a negative charge and potential of the line, interacts with the "positive" store 
10 of the electrostatic machine through Z3 load. At the end of this half-cycle he will get the high positive potential equal to 
him. 

When on the line again "come" "negative" half-cycle, object stores again, will have, the "Inheritance", described right at 
the beginning. And the Unit 3, "having understood a situation", will open S1 and S4 and will close S2 and S3. 

And so on everything will cyclically occur. 


mon 


SWITCH ***** OPERATING DEPENDING ON A SIGN OF CHARGES ON A POWER LINE. 
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Pict. 9. THE SWITCH *****) ACTING IN ACCORDANCE WITH THE SIGN OF THE CHARGES ON THE POWER 
LINE. 

This switch - unit 4 from the previous diagram (Figure 8). 

1- the housing. 

Sw- relay. 

C-store of charges. 

e.c.1- normally closed contact. 

e.c.2- normally open contact. 

Operation of this device 1s as follows. 

As already mentioned above, the apparatus 4, part of unit 3 (scheme 8) should provide recognition charge sign which 
currently are in the single-wire transmission line as well as production and send control signals to the switches (S1, S2, S3, 
S4 ). Charges from a transmission line enter on the tl plug. After it they are waited by the diode fork of d2 - d1. If positive 
charges, they, seeking to fill the store C, pass through the d2 diode and a winding of the Sw relay, having turned on this 
relay. If charges on the line the negative, then positive charges from the store C via the d1 diode go to the line (and are 
annihilated with the negative charges of the line) and pass a Sw relay winding. The Sw relay in this half-cycle will be in a 
silent state - there is no current through a winding. 

Thus, depending on the operation or non-operation switch Sw charges recognition occurs on the line. 

So: 

When "+" charges on power line running to the object, the relay Sw is triggered (current passes through its winding) 
closes its contact e.s.2 that supplies currents (control signals) to the relay coil switches S2 and the S3, and, thus opens 
them. Normally closed contact e.s.1 thus opens and stops the currents flow (control signals) via a relay coil S1 and S4 and 
thus disables them. 

If '-' charges on the transmission line, the relay Sw is de-energized , contact e.s.1 closed. He sends control currents to the 
relay S1 and S4 switches and opens them. e.c.2 - open. He stops for the currents in the windings of relay controlled 
switches S2 and S3, and disables them. 


Pict. 9 SWITCH, OPERATING DEPENDING ON A SIGN OF CHARGES ON A POWER LINE. 
This device includes the device 4 and the operated S1 and S2 switches from the previous scheme (Pict. 8). 


Signatures to Pict.9 
1- housing. 
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Sw- relay. 

C- storage charges. 

e.c.1- normally closed contact. 
e.c.2- normally open contact. 


FORMULA FOR POWER AT THE THIRD WAY OF THE SINGLE - WIRE ELECTRICITY TRANSMISSION. 


Let's consider energy which will be received by object of an electric power supply at the third way of an electricity 
transmission for a half of the period of an electricity transmission. We already found it above and wrote for it a formula 
(5.18) having designated as W3. 

(5.18) W3 = Phil x Phi2 x C2 + Phil square x C2 

Now for larger simplicity and clarity we will change designations and we will explain them. W3 is replaceable on A, 
Phil to Phil, Phi2 to Phim. C2 can be replaced just with the simple C. 

Let's rewrite taking into account new designations a formula (5.18), now it will become a formula (5.22). 

(5.22) A = Phil x Phim x C + Phil square x C, 


or 
(5.22) A =C x (Phil x Phim x C + Phil square), 
or 

(5.22) A = C x Phil x (Phim + Phil) 

Here : 


A - the energy transferred to the object for half frequency period. 

C - the capacity of one of receiver stores (there are two identical stores). 

Phil - potential on a transmission line (its absolute value). 

Phim - the potential of an electrostatic machine or some other device , which charges receiver stores (also its absolute 
value). 

To find the power (denoted by P3), it is necessary to divide the work (A) on the time for which we have found it . We 
shall take an interval of time (t) equal to a half-cycle (t=T/2) of the frequency (nu) of switchings of the direction of a 
current of charges in case of a single-wire electricity transmission. Write a formula. 

(5.23) P3 =A/t=A/(T/2), but the T= 1 / nu, so, finally, this formula is as follows: 

(5.23) P3 =2xnuxA 

Substitute in this formula the expression for A (formula 5.22). We get: (5.24) P3 = 2 x nu x C x Phil x (Phim + Phil ). 

Now let's express storage capacity through the other parameters, as we did for the counting capacity of the first and 
second methods in the Chapter 2. 

(5.25) C = KI x f (d, epsilon) x R 

Where: 

K1 - coefficient , approximately equal (as not all stores of receivers will be the correct spherical form) 4 x Pi x epsilon 
zero. K1 is approximately equal = 1.11 x 10 to the minus tenth degree. 

f - function, with parameters: d - receiver store cover thickness, an epsilon - dielectric permeability of material of which 
the cover is made. f> 1. 

R- is the radius of the store 

Substituting this formula in the expression for power. We get: 


(5.26) P3 =2 x K1 x f (d, epsilon) x nu x R x Phil x (Phim + Phil ). 


We will compare this formula to the formula derived by us in Chapter 2 for the power transferred in case of the second 
method of an electricity transmission (formula 2.24). 

(2.24) P2 = K2 x f (d, epsilon) x nu x R x Fi square, 

where Fi is a potential on the line, 1.e. it is Phil in the present designations, and K2 = 4 x K1 

We can rewrite a formula (2.24) in the following look now 

(2.24) P2 = 4 x KI x f (d, epsilon) x nu x R x Phil x Phil 

and to compare it to a formula (5.26). We see that in a formula for the third method, one of multiplicands (Phil) is 
replaced on (Phim + Phil). And as Phim is a potential of the electrostatic machine, and it much above Phil, so delivered 
power for the third method will be much higher. 


There is a question why in the case of count of power for the second method of an electricity transmission we didn't 
consider the potential energy Wp received by the store at the end of a half-cycle? But for the third - consider? - Because, 
this potential energy, we "transfer" without using in the following half-cycle (only on the next time span it brought benefit)- 
second way. And here (third way) we its, truth, transfer too without using in the present half-cycle, but we receive it (not 
its, it is more correct correct to say - equal to it) on the other store in the same interval of time, i.e. in a "estimated" half- 
cycle. Energy is received in the beginning of charging from the electrostatic machine of the parallel store on the appropriate 
load (Z3 or Z4 - see the Diagram 8). 
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We will remind that calculation is made for low frequencies of an electricity transmission. For high there will be 
differences. The main is that the geometrical sizes of stores of the receiver will cease to influence the accepted power as 
these conductive bodies won't manage to be filled for a half-cycle with charges. It is confirmed in work[10 


NOTES : 

* The author has an idea how to make an electrostatic machine with a miniature mechanism, 1.e. does not take up much 
space on the receiver of the object, and without rubbing brushes - collectors. In fact, this idea belongs Kirsanov B.P., but 
the author of this article it creatively developed and perfected. 

** The load, as noted in Chapter 1, should be in the form of a winding motor or transformer because of the three 
manifestations of the electric current (electromagnetic, thermal, chemical) with single-wire electric power transmission 
guaranteed only one thing - electromagnetic. 

*** Wimshurst electrostatic machine, for example, with relatively small size, gives us 300 kV. 

‘ee So, for example, electric durability of mica =135 kV/mm, polyethylene makes 40 kV/mm, and ebonite and 
porcelain = 25 kV/mm. Therefore , the insulation thickness of only a few cm can protect from breakdown at voltages of 
above-stated electrostatic machine. 

ee Tf we want to define a sign of the plug of the battery or other device which isn't (like a given above transmission 
line) a source of 'free' charges, it is necessary to connect the second plug of the battery to the 'buffer' store of charges, 1.e. to 
the big conducting body or to the Earth. 

CHAPTER 6. OUR EXPERIMENTS . 


The test report of the our pilot unit, executed according to the scheme of Pict. 4. 
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Translation : 


CHAPTER 7. A SINGLE-WIRE POWER TRANSMISSION APPLICATIONS. 

So we see that the ability to transmit electricity at one conductor to an isolated object, still weak, but still there. But there 
is a question, and for what purpose in general these should be engaged? 

The author according to his fancy may suggest the following applications. 

1. Power supply of the mobile objects contacting to the conductive firm surface / the liquid environment. It can be, for 
example, robots with the built-in intakes, and the floor of the machine hall will be carrying out. The single-wire electricity 
transmission won't be, unlike two-wire, to limit their mobility. Charging or change of accumulators won't be required. Still 
it can be vehicles on an electricity conductive roadbed. I will remind that I had long ago, in the USSR, article on this matter 
[1]. Now, when everywhere in big cities there are separate road strips for public transport, it can be real. It is only 
necessary to make these strips electricity conductive (for the person if only he isn't grounded" contact with such strip won't 
constitute big danger). It is optional to do conductive this strip on all width, for the maneuvers which aren't interrupting 
electricity contact of a slip ring will be in it a narrow strip enough. It is natural that these objects of a current transfer have 
to have the corresponding current collectors where as stores their conducting cases or part them can serve. In addition, for 
ensuring electric contact there have to be slip rings representing, for example, freely turning conducting castors. Water 
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crafts in the electrolytic environment, including salty water can also be mobile objects of a current transfer. We will 
imagine an artificial pond with the sea or added some salt water and with the electricity isolated bottom. On it the boats 
with electric motors possessing the corresponding current collectors [4] can move. 

2. Information electricity transmission when it is difficult to ground or duplicate the line carrying current and information 
(providing the second conductor). Such situations are rare, but, nevertheless, sometimes, can meet. Then, having the 
corresponding equipment, by means of such electricity transmission we can transmit signals modulating its parameters. For 
example, it is possible to transfer information and even energy on the metal pipe which isn't contacting to the earth. 

3. It is possible to try to use such way of transfer of the electric power and information on monorail roads. 

4. Power supply zeppelin having conductive body (huge storage charges) by means of thin cables coming from the 
ground. The cable for each zeppelin will be only one. Also will be a thin wire, with the coaxial carrying-out cover intended 
for prevention of an exit outside of the electromagnetic radiation which can be harmful to all live and, besides, will create a 
radio noise. It is possible to imagine and the return electric energy when on the zeppelin solar batteries are installed on all 
1ts surface, and the cable transferring the developed energy to the earth there will be a single thin wire with a coaxial cover 
as such cable will be easier and won't pull the zeppelin strongly down, owing to that that the wire can be very thin at a 
single-wire electricity transmission. 

5. Transfer of the electric power on such single-wire lines to the isolated objects will save metal of electricity cables, and 
not because a wire only one, after all single-wire lines, are already applied to the grounded objects, and because wires can 
be made thin owing to other mechanism of conductivity which hypothesis of action is given above in Chapter 1. However, 
as reception objects it will be necessary to build buildings of the big sizes with the electricity conductive cases which, 
however, can be used in economy, say, as warehouses. Wires, as it was noted above, it is necessary to envelope in the 
shielding cover. And, even despite it, in view of the small diameter of such coaxial cables, the economy of metal is 
possible. 

6. Transfer of electric power / information on the conductor or the channel having gaps. It can be both the metal 
conductor, and the interrupting stream of electrolyte. About possibility of a single-wire electricity transmission on not 
continuous conductor it is possible to read in work [4]. Besides, it is confirmed by a series of experiments... in this work. 

7. Transmission of electricity / information between two crafts / vehicles upon contact of their bodies. The shells must be 
conductive, but not over the entire surface, otherwise we will encounter the "Faraday cage" effect. 

8. Single-wire transmission of electricity in the plasma channel formed in the air by means of a laser beam. For 
information, energy and military purposes. 

9. For medicine. For diagnostic devices. 

10. Disinfection conductive surfaces. Nikola Tesla discovered that high frequency currents and high voltages have a 
bactericidal effect. For some conductive surfaces, especially hard-moving and rotating, bactericidal transfer currents may 
be more convenient for just one conductor and not two. 
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CHAPTER I 
THE IONISATION OF THE ATMOSPHERE 


Tur electrical conductivity of the air, first established by 
Linss in the year 1887, plays an important part in all the 
phenomena included under the title Atmospheric Elec- 
tricity. Since 1901, when Elster and Geitel and C. T. R. 
Wilson independently discovered that this conductivity 
is due to the presence of small carriers of positive and 
negative charge called ions, the nature and the origin of 
the ions have been the subject of many investigations. 
Two different paths have been followed, the one dealing 
with the number and the nature of the atmospheric ions, 
the other with the radiations producing them. The two 
paths converge on the problem of the ionisation-balance 
of the atmosphere, the manner in which an equilibrium 
is maintained between the rate of creation and the rate of 
disappearance of the ions. It is only of recent years that 
an answer to this problem has emerged. 

1. The Atmospheric Ions, Small and Large. A 
gas molecule is ionised when some external agency supplies 
the energy necessary to remove an electron from it, where- 
upon the positively charged residue of the molecule and 
the ejected electron, both of which under ordinary pressures 
very soon attach themselves to one or more uncharged 
molecules, form what is called an ion-pair. ‘Such ions are 
known as “normal ”, “ small ”, or “ fast”, and when found 
in the atmosphere have mobilities of the same order as 
those determined for pure dry air in laboratory experi- 
ments, about 1-5 cm./sec. in a field of gradient 1 v./cm. 

e presence in the air of minute particles of dust and 
salt, of the products of combustion, and of extremely small 
drops of water even when the air is unsaturated, leads very 
often to the capture of a normal ion by one of these con- 
densation or Aitken nuclei, as they are termed, and so to 
the formation of another type of ion of low mobility, 
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ranging from o:008 to 0:0003 cm./sec., known as “ large ”, 
“slow”, or “Langevin” ions. Roughly speaking, one- 
third of the condensation nuclei present in the air is 
electrically neutral, the other two-thirds carry, nearly 
equally, positive and negative charges captured from 
small ions. The interplay between the large and the 
small ions and the uncharged nuclei is of considerable 
importance. 

Besides these two main types of atmospheric ion, a 
group of “intermediate ” ions whose mobilities lie be- 
tween o-2 and oor cm./sec. has been found to be present 
under special meteorological conditions such as low 
relative humidity. Some of these are known to be as- 
sociated with molecular clusters of sulphuric acid from 
industrial processes. 

It has been found that the great majority of the ions, 
large and small, carry a single elementary charge, either 
positive or negative. Over land areas the large ions 
considerably outnumber the small ones, often in the ratio 
of ten to one. Thus while the numbers, n, and n_, of 
small ions of each sign per c.c. of the air over land usually 
range from 300 to 1000, those of the large ions, N, and 
N_, amount to from 1000 to 80,000 per c.c. Since 
practically all the large ions are formed from the capture 
of small ones by nuclei, an increase in the number of these 
nuclei, such as is due to the fires of an industrial area, will 
increase the proportion of the large ions in the air at the 
expense of the small ions. 

Over the oceans this state of affairs is reversed ; the 
air away from land areas is but poorly supplied with 
nuclei and the large ions are in the minority. The mean 
values of n, and n_ at sea lie between 500 and 700 per c.c., 
while N, and N_ are about 200 per c.c. In view of their 
comparative freedom from capture by nuclei, it is at first 
sight rather surprising that the number of small ions per 
c.c. in mid-ocean differs little from the same quantity over 
the land, where the average values of n, and n_ are also 
about 600 per c.c. This is, however, to be explained 
(§ 12) by the fact that the decreased rate of disappearance 
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of the small ions over the sea is balanced by a decrease 
in the rate at which they are produced. 

2. The Determination of the Number of Ions 
per c.c. To determine the numbers of the small ions, 
positive and negative, per c.c. (n, and m_) an arrangement 
known as an Ebert ion-counter is usually employed. ‘This 
consists in essentials of 
a long earthed metal 
tube A (Fig. 1) on 
the axis of which is 
mounted a charged in- 
sulated rod B, con- 
nected to a quartz fibre 
electroscope. Air is 
sucked through the 
tube for about five 
minutes by means of 
a clock-work driven 
fan F and the speed of 
the air-stream is ar- 
ranged to be slow 
enough for all the small 
ions entering A with 
charges opposite in 
sign to that on the 
central rod to be drawn 
to B before reaching 
the bottom of the tube. 
The speed of flow must 
at the same time be 
great enough to make 
it impossible for any 
appreciable number of 
large ions to have time to reach the rod. If v is the 
volume of the air sucked through in the course of the 
measurement (indicated by an anemometer C registering 
its revolutions on a dial), the quantity of electricity 
gathered in by the central electroscope system 1s ven., 
where e is the elementary charge on a single ion and the rod 


Fic. 1.—Ebert ion-counter. 
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is supposed to have been positively charged. If then C 
is the capacity of the whole central system, rod and electro- 
scope, and V and V” are the potentials indicated by the 
electroscope before and after the experiment, i 


C(V — V”) = ven, 


an equation from which m_ can be found. To determine 
n+, the measurement must be repeated with the rod B 
charged negatively. 

The same method, using a longer tube, a stronger field 
in its interior, and a slower draught of air, and thus giving 
time for the capture of all the slow ions as well, can be 
applied to the determination of N + n. A combination 
of the two determinations then yields N, and N_, the 
numbers of the large ions per c.c. of each sign. 

The values found for n, and n_ are not usually the 
same ; the ratio m,/n_ over both land and sea has a mean 
value of 1:22. Although, as explained in $ 22, the earth's 
electric field may sometimes affect the apparatus in such 
a way as to give a spuriously high ratio, Swann, who has 
made a special study of the point, concludes that when all 
precautions are taken a real excess of positive ions must be 
admitted. Probably the main factor causing this excess is 
the superior mobility (k) of the small negative ion ; Nolan 
has found that k_/k, has the value 1-16. A lower mobility 
implies a lower velocity of thermal agitation for the positive 
than for the negative ion, and consequently less likelihood 
of capture by condensation nuclei. This general excess 
of positive small ions does not necessarily involve a net 
positive charge in the air; it is easily compensated for by 
a comparatively small excess in the much larger number of 
large negative ions. 

An instrument known as the Aitken dust-counter is 
often used to find the total number of nuclei, charged and 
uncharged, per c.c. It consists of a small expansion 
chamber filled with a sample of the air and saturated 
with water-vapour. The sudden movement of a piston 
gives an adiabatic expansion which causes drops of water 
to condense upon the nuclei; the resulting cloud falls 
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on a glass plate divided into squares and the number of 
droplets ia oases under a microscope. Though called 
a dust-counter it does not record the coarser dust in the 
air.’ } : 

In a recent improvement on the Aitken counter (Nolan *) 
a much larger sample of saturated air is expanded in a 
cylindrical vessel. ‘The opacity of the cloud then gives a 
relative measurement of the concentration of nuclei. 

3. The Polar Conductivities and the Ionic Mobili- 
ties. A simple relation holds between the conductivity 
of the air and the numbers per c.c. and the mobilities of 
the ions responsible for conduction. Consider a point 
in the atmosphere at which the electric field intensity is F 
and the specific conductivity, the reciprocal of the specific 
resistance, is A. ‘The conduction current, i, through unit 
area drawn perpendicular to the field is then equal to FA, 
for F is numerically equal to the potential difference, and 
1/l is the resistance, between the ends of a unit cube of 
the air. In this equation we assume that conditions are 
such that Ohm’s Law can be applied to the air. Since the 
current is carried by positive and negative streams of ions 
moving in opposite directions we may write 

i= F(A, +4), . ». fea) 
where A, and A_ are called the polar conductivities. 

Actually the existence of the two main types of ion, 
large and small, leads to the flow of four different ion- 
streams, two up and two down if the field is vertical, in 
each of which the velocity is different, being given by 
F x k, where k is the corresponding mobility. ‘The total 
current is thus 

i = Fe(n,k, + n_k_+ NK, + N_K_), (1.2) 
where k, and k_, K, and K_, are the mobilities of the 
Positive and the negative ions, large and small respectively, 
and e is the elementary charge. From (1.1) and (1.2), 
if the oppositely moving streams are separated, 

A, = e(k,n, + K,N,) and À = e(k_n_ + KN). (1.3) 

In clear country air over land, n, and m_ number about 
600 per c.c., while N, and N_ are about 2000 per c.c. ; 
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k, and k_ are 1-5 approximately and K, and K_, 00004. 
Here, therefore, the ratio of the first to the second term 
in each bracket above is 1100: 1 and most of the con- 
ductivity of the air is due to the small ions. Near large 
towns, however, n is usually of the order of 100 per c.c. 
and N, on account of the heavy pollution of the atmosphere 
may be 50,000. Under these conditions the second term 
would be one-seventh of the first and the large ions would 
play a part in the transfer of electricity through the air.* 
Nolan and Nolan have obtained the polar conductivities 
by separate measurement of the n’s and k’s in eqn. (1.3) 
above. It is, however, more usual to find A directly, from 
measurements of the rate which the charge on an insulated 
body exposed to the free air is dissipated by the flow of 
ions to it. Consider a negatively charged body exposed 
to moving air and let o be the density of the electrification 
on any portion of area dS. Positive ions will move to the 
body, and since the field F just outside the surface is 47o, 
the current per unit area tending to dissipate the charge 
will be FA, = 470A,. The total dissipation current, 
obtained by integrating over the whole exposed surface, 


is qm, | [ods or 47A,O, where O is the charge exposed 


to the air. Since this current represents the rate at which 
the body losses charge, we have — dQ/dt = 4A,O, a 
relation which provides a means of determining A,. 
similar equation, with A_ substituted for A,, holds for the 
case of a positively charged body.‘ 

An arrangement used for this purpose is due to Gerdien 
(Fig. 2); it resembles the Ebert apparatus already de- 
scribed, but the air-stream is now made so rapid and the 
field in the interior of the tube so weak, that only a very 
small fraction of the total number of ions passing through 
A has time to reach the central rod. In this case the 
numbers of ions per c.c. are not appreciably altered by the 
experiment and Ohm’s Law applies. 


_ * The methods used to determine ionic mobilities are described 
in text-books on the conduction of electricity through gases. 


THE IONISATION OF THE ATMOSPHERE 7 


If the potential V of the negatively charged central 
electroscope system is observed to rise at a rate dV fdt 
and if C is the total capacity of the central system, rod 
and electroscope, we have — dQ/dt = — CdV/dt. Also, 
if C’ is the capacity of that portion of the central system 
exposed to the stream of air, the rod B and its support, 
Qj= C'V, consequently 

— CdV/dt = 4mA,C"V, . > (1.4) 


a relation from which A, can be determined. A similar 


Fic. 2.—Gerdien conductivity apparatus. 


experiment with the rod positively charged yields A_. 
The use made of the values found for the polar conduc- 
tivities and an adaptation of the Gerdien method due to 
Schering are described in Chapter 11, §22. _ 
4. The Ionising Agencies. Three principal agencies 
are responsible for the ionisation of the lower atmosphere : 
radiations from radioactive substances in the surface of 
the earth, radiations from radioactive matter present in 
the air itself, and the cosmic rays. For a discussion of 
their relative importance it is convenient to use the symbol 
q to represent the number of “ pairs of ions produced 
per c.c. per second in air at N.T.P.”, a quantity which 
will be referred to as the ionising power of the radiation. 
This phrase in inverted commas is usually represented 
by the symbol J. Thus the statement q = 4/ means that, 
at the point in question, the radiations create four pairs 
of ions per c.c. per second, if the medium there is air at 
N.T.P. The contributions of the three different agencies 
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just mentioned to the total ionising power, q, are dis- 
tinguished by the symbols q,, qa, and q». 
5. The Effect of Radioactive Matter in the Earth. 


Uranium, thorium, and their products are widely dis- 


tributed through the earth's crust, whose surface layers 
therefore emit a, 8, and y rays into the air. Since the « 
rays can emerge only from a very thin layer and can ionise 
only the first few cm. of the air, their effect is incon- 
siderable. The f rays can come from greater depths and 
penetrate much further into the atmosphere. Calcula- 
tions based upon average values for the measured con- 
centration of radioactive matter in the earth indicate 
that an effect ranging from 1 J at the surface to o-1 J at 
about 10 m. above it is due to these rays. The y rays are 
a more important factor, for they can come from still 
greater depths and consequently from a still larger quantity 
of radioactive material. It is estimated that they produce 
on the average 3 J at the surface, 1:5 J at 150 m. above it, 
and o-3 J at a height of 1 km. The y ray activity of potas- 
sium introduces another source of ionisation, for the 
potassium content of the earth’s crust is considerable. 
No very detailed survey of this question has yet been 
made, but measurements indicate that the contribution 
of potassium may exceed that of the combined uranium- 
radium and thorium families. The average value for the 
ionising power of the earth-radiations near the ground has 
been found directly to lie between 2 and 10 J, which is 
in accord with the measurements of the radioactive content 
of the earth’s crust. Local surface and geological con- 
ditions naturally have a marked effect upon the value of 
q. at any given spot. 

The radioactive content of sea-water is found to be 
very small in comparison with that of soil and rocks, and 
over the oceans the earth-radiation effect is negligible. 

6. The Effect of Radioactive Matter in the Air. 
The atmosphere contains a considerable quantity of the 
radioactive emanations, radon and thoron, and their 
successive products. A wire charged negatively to a 
potential of a few hundred volts and exposed to the air 
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collects an easily detectable quantity of radium A and 
thorium A by recoil from the disintegration of these 
emanations. The gases themselves arise from the decay 
of radium and thorium within the earth, from which they 
escape by diffusion, by thermal convection, and as a result 
of decreases in the external atmospheric pressure. The 
greater portion of the ionisation thus produced is due to 
the « rays from the emanations themselves and from their 
A and C products, for here, unlike the case of the radiations 
from the earth, there is no absorbing layer between the 
disintegrating atom and the air. The radioactive gases 
and their products are fairly evenly distributed by atmo- 
spheric turbulence through the lower air. This “ air- 
radiation ” effect can be calculated from radioactive data 
if the emanation content of the air is determined. The 
emanations may be removed from a measured volume of 
air by drawing it through tubes cooled with liquid air or 
filled with coconut charcoal. The quantity of emanation 
condensed or absorbed is then determined by the effect 
produced in an ionisation electroscope, corrected for the 
decay of the material during the time of the experiment. 
A more direct method is to fill a closed ionisation chamber 
first with ordinary air and then with air which has been 
freed by the above method from the emanations and from 
their products, and to determine the saturation currents 
in the two cases. If these are i, and i, respectively, v the 
volume of the vessel and e the elementary charge, the value 
of the air-radiation ionising power, qa is given by 
a= ty = aUe. 

The ma of such measurements agree with estimates 
based upon observations of the average emanation content 
of the air in placing the air-radiation effect at about 2 I 
in the neighbourhood of the earth’s surface. Of this 
about 55 per cent. is due to radon and its products and the 
remainder to the thoron series. It varies somewhat with 
locality and with those meteorological conditions which 
determine the rate of escape of the emanations. Apart 
tom the effect of strong upward winds in elevating the 
richer surface layers, the emanation content of the air 
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should decrease fairly rapidly with height. Direct in- 
formation on this point is difficult to obtain, but what 
exists indicates that the air-radiation effect falls to less 
than 2 per cent. of its surface value at a height of 5 km. | 

The effect, like that of the earth-radiation, is extremely 
small over the oceans, where the emanation content of 
the air is only about 1 per cent. of its value over land areas. 

7. The Effect of the Cosmic Rays. The third 
factor in the ionisation of the atmosphere is a radiation 


of peculiar interest, whose origin and nature are still the 


subject of much investigation. It has a penetrating power 


which is considerably greater than that of the most 


penetrating y rays from radioactive bodies, and it travels 


to the earth’s surface in a downward direction, under- — 


going a certain amount of absorption on the way. Its 
ionising power at sea-level over both land and ocean 
areas when measured in closed metal vessels varies from 
about 2:01 in low geomagnetic latitudes® to 1-5 J near 


the magnetic equator, the earth’s field preventing the slower 


ionising particles from reaching the equatorial belt. 

Until the year 1911 it was generally thought that the 
ionisation inside a closed vessel was entirely due to radia- 
tions from the walls and from radioactive matter in the 
earth and the outside air. It was therefore to be expected 
that this ionisation would decrease when the vessel was 
raised above the surface of the earth. This was tested in 
balloon ascents by Hess in 1911, and Kolhórster in 1913, 


who found that the diminution with height was appreci- 


able only during the first kilometre, after which an increase 
occurred. ‘These observations led Hess to postulate an 
ionising radiation coming from above and suffering partial 
absorption in the atmosphere. 

The ionisation due to this “cosmic” radiation (so- 
called because it is now known to originate outside the 
atmosphere and to have little connection with the sun) 
increases rapidly with height above sea-level, rising ten- 
fold in the first 5 km. 

8. The Ionisation Inside a Closed Vessel. It is 
a matter of considerable difficulty to determine separ- 
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ately the ionising powers of the earth-radiation and of 
the cosmic rays. Calculations of the former must be 
based upon measurements of the radioactive content of 
the earth’s crust, and these are necessarily tedious and 
rough. To proceed further, one must examine the ionisa- 
tion produced in the air inside a sealed metal chamber 
under conditions which are modified from those existing 
in the free air by the presence of the metal walls. This 
involves correction to free-air conditions. A further 
disadvantage is that a new ionising agency is introduced, 
the radioactive matter in and on the inside walls. The 
ionising power of this “ wall-effect ”, or the “residual 
ionisation ’’ of the vessel as it is called, is a constant de- 
pending on the material of which the walls are made and 
the cleanliness of the inner surface. It is usually repre- 
sented by the symbol gp. 

The total ionising power of all the radiations operating 
upon the gas in a closed vessel may be called q’ and the 
modified effects of the three main ionising agencies g”,, 
q'a and q',; we then have 

d= etH lat Tat + - (1.5) 
We may suppose the vessel to take the form of a sealed 
ionisation chamber filled with air at N.T.P. which has 
been freed from radioactive matter. The saturation 
current carried by the ions to the central collecting elec- 
trode is then given by ¿= q've, where v is the volume 
of the vessel and e the elementary charge on an ion. 

Various methods have been employed to separate out 
the four terms on the right-hand side of eqn. (1.5) from one 
another, The most satisfactory of these begins by determin- 
ing gẹ The instrument is taken to a large snow-fed lake 
whose radioactive content, like that of the sea, is negligible. 
When it is sunk to the depth of a few feet in such a lake, 
the effects of earth and air-radiations are non-existent 
and eqn. (1.5) becomes q = q’, + qo; on lowering the 
vessel still further, g’, diminishes as the cosmic radia- 
tion becomes absorbed in the increasing thickness of 
water, and it is possible to reach depths at which the 


12 ATMOSPHERIC ELECTRICITY 


saturation current is practically constant and unaffected 
by further sinking of the instrument. At this stage 
q = qo, and the residual ionisation is determined. By 
combining this observation with that made close to the 
surface of the lake, q”, may be found. 

Since the effects of the cosmic radiation and of the 
walls of the vessel are both independent of local con- 
ditions other than height above sea-level, they remain 
the same when the instrument is transported to a site 
on land at the same level. A measurement of the satura- 
tion current in the chamber under land conditions gives 
g' as stated by eqn. (1.5), and hence the sum of the earth 
and air effects, q, and q”, can be found. In actual practice 
the air-radiation effect within a closed vessel is extremely 
small; the walls exclude « and f rays coming from out- 
side and reduce q’, to the ionising power of the y rays 
emitted by the B and C products of the radio-active 
emanations. This amounts to but 4 per cent. of the effect 
produced by the air-radiation in the free atmosphere, in 
the case of a vessel with steel walls a few millimetres 
thick. It is therefore sufficient to determine the air- 
radiation effect, q'a, by calculation based upon a knowledge 
of the emanation content of the air and of the nature of 
the walls of the vessel. The fourth factor, the effect of 
the earth-radiation, q',, is then obtained by substitution 
in eqn. (1.5). 

To pass from these closed vessel determinations of the 
effect of the radioactive matter in the earth to the effect 
to be expected in the free air, experiments may be made 
with screens of different thicknesses placed around the 
ionisation chamber and the values thus obtained for the 
earth-radiation effect extrapolated to zero thickness. In 
doing so account has to be taken of the effect of the screens 
upon q’;. 

To derive the true ionising effect of the cosmic rays in 
the free air from observations inside a closed vessel, 
account must be taken of the ionisation due to secondary 
radiation from the walls of the vessels. For a brass 
ionisation chamber with walls 2:5 mm. thick Hess has 
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shown that the secondary effect is only o:091.£ It is 
therefore likely that the free-air value of q, in temperate 
latitudes is not far from 1:90 J. 

The greater part of the residual ionisation arises from 
o. rays and takes place close to the walls ; q, is therefore 
the effect of the residual ionisation near the walls divided 
by the volume of the vessel. 

9. Summary of Ionising Powers of Various 
Agencies. ‘The table on page 14 gives a rough idea 
of the effects of the three main factors in the ionisation 
of the air at sea-level, both in closed vessels of steel, 
a few millimetres thick, and in the free atmosphere. The 
values given refer to measurements at about a metre from 
the surface of the earth; they are averages and, except in 
the case of the cosmic radiation, are subject to consider- 
able fluctuations with local conditions. 

It is noteworthy that the rate of production of ions over 
land areas is about four times as great as over the oceans, 
where the ionisation is practically all due to the action of 
the cosmic rays. Over land and close to the surface 
of the earth, these rays are much less important, but at 
greater heights the effects of the earth and the air- 
radiations fall off rapidly as we have seen, so that from a 
height of one or two kilometres upwards, the cosmic 
radiation is the chief agent in making the air a conductor. 

10. The Rate of Disappearance of the Small Ions. 
The number of ions produced by the agencies we have 
discussed will not increase indefinitely as time goes on. 
Even in pure filtered air, free from nuclei, the small 
lons disappear by diffusion to the walls and by recom- 
bination with one another. Experiments have shown 
that when the diffusion loss can be neglected, the equation 
dn/dt = q — an? applies to such filtered air, n being as 
before the number of positive or negative small ions per 
C.C., q the number of pairs of ions produced per c.c. per 
second, and « the so-called recombination constant of 
small ions. In the course of time a state of equilibrium 
will be reached, in which the processes of creation and 

Sappearance of ions balance one another ; then dn/dt = o 
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and the equilibrium equation q = «n? holds. Applying 
this equation to the free air, taking q = 7'4 I from the 
preceding section and «= 1-6 X 10 cm.*/sec. from 
laboratory experiments, we find n = 2145. This is very 
much larger than the number of small ions actually 
observed, which is round about 600 per c.c. The dis- 
crepancy is due to neglect of the important part played 
by the Aitken or condensation nuclei in capturing the 
small ions. 


TABLE I 
IoNISING POWERS AT I M. ABOVE THE EARTH’S SURFACE, SEA-LEVEL 


Ionising Agent. 


Ionising Power in eh Sy pes C.C. per sec, 
in Air at y E * 


Radioactive matter in 
the earth 


Radioactive matter in 
the air . i 


Cosmic Radiation 


Total ionising 
power for the 
free air 


This question has been examined over many years, 
principally by Nolan and his co-workers in Dublin, and 
it is found to be extremely complex.? Separate considera 
tions must be given to the capture of small ions by charged 


nuclei of opposite sign, which leads to neutralisation, and 
by uncharged nuclei, which leads to the formation of large 


ions. 
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For the small ions, making no distinction of sign, we 


write : 

dn/dt = q — an? — y aN, — mN . (1.6) 
where Ny and N are the numbers of uncharged and of 
oppositely charged nuclei per c.c. and yy and y are the 
coefficients for the two types of capture. For the large 
ions : 

l à dN jdt = nonNy p= qnN . . (1.7) 
disregarding the small loss by recombination of large ions 
with one another. 

For equilibrium both dn/dt and dN/dt are zero, hence 
No = YN and 

q — an? — 2nnN = o : . (1.8) 

From experiment it is known that y is of the same 

order of magnitude as « and since N > n as a rule, eqn. (1.8) 


reduces to 
q = 29nN = 2nonN, (1.9) 


_ If the total number of nuclei, charged wa uncharged 
is Z, so that Z = Ny + 2N, eqn. (1.9) reduces to = 


— |_ =F 
ue ee 
is is of the same form as an equation given originall 
by von Schweidler, q = fn, alte f is ean <a if 
the concentration of nuclei, Z, is constant. It states a 
linear law of recombination, as opposed to the quadratic 
law which holds for filtered air. If the action of the 
ionising agents could be removed, the small ions would 
disappear at a rate dn/dt = Bn, and n= noe 8* would be 
“pi number present at any subsequent time. The quantity 
A = 1/8 can, by analogy with the equation for radioactive 
ecay, be termed the average life of a small ion. Eqn. (1. 10) 
then becomes 
gd =n (1.11) 


= which 0 should vary inversely as the concentration of 
os in the air. Though this simple relation is only an 
PProximation, it is useful for general purposes. 
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The average life 0 is found over land areas to lie between 
tro and 6osec. according to the purity of the air, the 


higher values being associated with observations made in 


the country. Over the oceans it may be as much as 
230 sec., according to the measurements of Hess’ and of 


Mathias ® on the island of Heligoland. The table below, 


taken from Hess, illustrates the great difference in 


equilibrium between small and large ions brought about 
when the wind direction changes ; the first set of observa~ 


tions was made when the wind blew from the nuclei-laden 


European mainland, the second when it blew from the 


polar regions : 
TABLE II 


OBSERVATIONS OF THE STATE OF ATMOSPHERIC IONISATION 
Hess, HELIGOLAND) 


No. of Small | No. of Large Total No. of 


Tons per c.c.(m).| Ions per c.c.(N). Nuclei. 


267 | 1480 | 1510 6300 


(Arctic) | 794 


These authors find that for values of 0 lying between 
36 and 100 sec., Schweidler's linear eqn. (1.11) is valid 
in purer air, where 0 is greater than 100 sec., the simple 
equation no longer holds, for the quadratic recombination 
term an? then becomes significant. 

Measurements with city air have, however, shown that 
the sizes of the nuclei vary over a wide range and that 
the coefficients 7) and y in eqns. (1.6) and (1.7) show ¢ 
corresponding wide range of variation.* 

When, as in a city, the air is continually being provided 
with fresh nuclei, they do not usually reach a final state 


of equilibrium with the small ions. This would require 


a time of the order of 15 min. and stable conditions such 
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as are found only in mist and fog. A further complicating 
factor is the discovery that the meteorological conditions 
which cause large variations in the nature and the number 
of the nuclei also alter the value of q by altering the radio- 
active content of the air. 

11. Methods of Determining the Average Life of 
a Small Ion. The average life, 0, of the small ions can 
be determined for a sample of air enclosed in an ionisation 
chamber by two methods suggested by Schweidler.6 ‘The 
first involves the separate measurement of the ionising 
power, q, of the ionising radiations, and of the number 
of small ions per c.c., m, and substitution in the equation 
qo = n. q is obtained from the saturation current, 2, 
using the relation i = gev, where v is the volume of the 
vessel, ‘The corrections to be applied have already been 
discussed ($ 8). The quantity m is found by allowing the 
air to stand undisturbed for a sufficient time for equilibrium 
between small ions and nuclei to be attained and then 
applying a strong field for a few seconds to sweep the small 
ions on to the collecting electrode. ‘The second method 
involves the measurement of the currents flowing in an 
ionisation vessel for various values of the applied potential 
difference.? 

12. The Ionisation-balance in the Lower Atmo- 
Sphere. It is of considerable importance to decide to 
what extent the various factors in the creation and de- 
struction of ions account for the state of ionisation actually 
observed in the air over land and sea. Any failure in this 
respect would suggest that new processes must be sought. 

Although the variable nature of the process of capture 
by heavy nuclei prevents an accurate comparison of the 
rate of production of small ions with their rate of dis- 
appearance, the available evidence suggests that the chief 
factors in the ionisation-balance have been discovered. 
Over land areas where nuclei are usually plentiful, the 
Schweidler equilibrium equation, q9 = n, applies ap- 
proximately. An average value of 6osec. for 0, the 
mean life of a small ion, and of 650 per c.c. for the small 
1on concentration, requires that the rate of creation, q, 
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should be 650/60 or 10°8 ions/c.c./sec. in reasonable 
agreement with direct measurements of q, shown in 


Table I. No direct measurements of 0 have yet been 


made over the oceans. The concentration of nuclei in 
mid-ocean has been found to be from 400 to 800 per 


c.c. and the mean life-time of a small ion should be 
about 300 sec.!® Since n was found on the Carnegie to 
amount to some 550 small ions/c.c., the ionising power at 
sea should amount to 550/300 or 1:83 [, in agreement 
with the value of q in the last column of Table I. 

The problem of the ionisation of the lower atmosphere 
cannot be said to be completely solved until much more 
has been done to settle the manner in which the size and 
numbers of the nuclei affect their interaction with small 
ions. The general nature of the factors in the ionisation- 
balance has, however, been established, and an explanation 
can be given of the paradox that the conductivity of the 
air undergoes no large change as one passes from mid- 
ocean to land, despite a four-fold increase in the rate at 
which ions are formed. ‘The increased birth-rate of the 
small ions is counterbalanced by an increased death-rate, 
owing to the greater concentration of condensation-nuclei 
over the land areas. 
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CHAPTER II 


ELECTRIC FIELDS AND ELECTRIC CURRENTS 
IN THE ATMOSPHERE 


13. The Fine-weather Field. It was first found in the 
year 1752 by Lemonnier that the air above the earth is the 
seat of a persistent electric field during fine weather. The 
direction of this field shows that the earth carries a negative 
charge and the upper layers of the air a positive one. The 
state of affairs close to a flat portion of the surface of the 
earth can be expressed in three ways : (a) the earth carries 
a charge of surface density o per unit area; (b) there is 
a vertical field of strength F = 47a, just above the ground ; 
or (c) between two horizontal planes close to the ground 
there is a difference of potential 


dV = Vatan => Va = — Fdh = — 4rrodh, 


where h + dh and h are the heights of the planes. 

The quantity dV /dh is called the potential gradient and 
is positive, since o is found to be negative. For the same 
reason, the field F is directed downwards, and this down- 
ward direction is by convention adopted as the positive 
direction for electric fields in the atmosphere. In these 
definitions it is assumed that the portion of the ground 
considered is flat and far removed from projections, such 
as trees and buildings, which would disturb the distribu- 
tion of charge and concentrate the lines of force at certain 
points. 
_ The average value of the fine-weather potential gradient 
is about roov./m.; the corresponding value for the 
average charge density is 2-7 X 10~* electrostatic units/sq. 
cm. or o:0009 coulomb/sq. km. The total fine-weather 
charge on the earth is of the order of 500,000 coulombs. 

easurements of the fine-weather field are made by de- 
termining either ø or dV /dh; they are always expressed 
in terms of the latter, in volts per metre. 
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14. Direct Measurement of the Surface Density 
of the Earth’s Charge. The charge on such a limited 
portion of the ground as can be isolated for the determina- 
tion of ø is so small that a sensitive electrometer must be 
used to measure it. Fig. 3 illustrates the “ Universal 
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Fic. 3.—Universal portable electrometer (Wilson). 


portable electrometer” devised by C. T. R. Wilson for 
this purpose. A flat circular plate P, called the test-plate, 
is surrounded by a guard-ring and mounted flush with the 
surface of the earth but insulated from it. This plate is 
joined to a gold-leaf electroscope G, whose leaf moves 
inside a positively charged case and is observed through 
a telemicroscope. C is a variable cylindrical condenser, 


ELECTRIC FIELDS AND ELECTRIC CURRENTS 21 © 


called a compensator, with its inner plate joined to the 
gold-leaf system, and its outer plate maintained at a con- 
stant potential, — V. 

To make a measurement, the instrument is initially 
shielded from the earth’s field by placing over it the earthed 
metal cover Q, indicated by the dotted lines. ‘The reading 
of the leaf corresponding to earth or zero potential is 
found by momentarily earthing the plate P and the gold- 
leaf system with the key K. This earthing key is then 
withdrawn, the cover removed and the plate exposed to 
the field, with the compensator capacity zero. A negative 
charge thus appears by induction upon P, an equal positive 
charge is set free upon the central system, and the leaf 
moves inwards. It can be restored to its zero position if 
a negative charge is induced on the central system by 
increasing the capacity of the compensator to a value C”. 
The charge on the test-plate is then — C’V and the sur- 
face density, a, is — C’V/A, where A is the area of the 
test-plate. 

In its original form the apparatus is small and portable, 
and the two batteries shown in the figure are replaced by 
small Leyden jars of silvered quartz, which keep their 
charge for a considerable time. For absolute measure- 
ments, with the plate mounted at ground level, a pit must 
be provided to house the observer; very often relative 
measurements are made with the instrument mounted on 
a tripod, and the factor necessary to reduce the observa- 
tions to standard conditions determined from simultaneous 
observations in a pit or with a potential gradient method. 
Since the lines of force are concentrated upon any pro- 
jection above the earth, the factor is greater than unity ; 
in the case of a tripod 1 m. high it amounts to 3 or 4. A 
useful method of calibrating the instrument is to place it 
in artificial electric fields of known strength. ‘Two large 
flat metal sheets, one flush with the test-plate and the 
other above it, are charged to a measured difference of 
Potential by means of a battery of small cells.* 

15. Measurement of the Potential Gradient. The 
Potential gradient dV /dh may be found by measuring the 
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difference of potential between two insulated conductors 
at different heights above the ground. Various forms of 
electrometer are employed, and one conductor may be 
the earth itself, while the other is a stretched horizontal 


wire about a metre above ground-level. Sometimes two : 


wires at different heights are used. It is of course essential 
that the supports of the wires and the presence of the 
observer and his instruments should not materially alter 
the field to be measured. In the arrangement in Fig. 4 (a), 
the wire is hung between amber or sulphur insulators at 
the ends of two vertical rods; its length should exceed 
five times its height above ground. 


Fic. 4.—Measurement of the potential gradient. 
(a) Absolute determination in open field. 


(b) Continuous recording with the Kelvin water-dropper. 


The wire when first set up is at a different potential 
to that of the air in its neighbourhood, and a current will 
flow between them which tends to remove this potential 
difference. The ordinary conductivity of the air is, 
however, too small for this process of equalisation to take 
place very rapidly and the electrometer reading will always 
lag behind a fluctuating field. It is necessary for this 
reason to place at the centre of the wire some active ionis- 
ing agent which speeds up the process by increasing the 
local conductivity of the air. This may take the form of 
a glowing fuse of filter-paper, impregnated with a 5 per 
cent. solution of lead nitrate, or of a disc or spiral of metal 
coated with a deposit of polonium or radio-thorium giving 
off a rays. Such “collectors ”, as they are called, have 
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the advantage of causing the wire and the electrometer to 
acquire the potential of the air at the centre of the stretched 
length, where the electric field is least disturbed by supports 
and observer. The time taken for equalisation of potential 
depends upon the type and activity of the collector and 
varies from 1 to 60 sec. There is always some uncertainty 
as to the exact position at which the ionising agent exerts 
its effect, especially if a wind is blowing, but this can be 
avoided by making observations at different heights. 

16. Continuous Recording of the Potential 
Gradient. An adaptation of the arrangement just de- 
scribed is employed to obtain continuous records of the 
potential gradient, the electrometer being housed in a 
building and the collector carried on an insulated rod pro- 
jecting from the wall. The earth’s field is very much 
distorted by the presence of the building, and a reduction 
factor for the installation must occasionally be determined 
by making simultaneous measurements in an open field. 
Fig. 4 (b) shows the nature of the distortion of the equi- 
potential surfaces due to a building. 

The Kelvin water-dropper is still sometimes used at re- 
cording stations as a potential equaliser. A jet of water from 
an insulated cistern within the building escapes from the 
end of a pipe passing through and insulated from the wall, 
and breaks up into fine drops at the point where the 
potential is required (Fig. 4). On starting the jet, the ° 
potential of the insulated system will in general be some- 
what lower than that of the air at the end of the pipe; 
this end will carry an induced negative charge and the 
cistern a positive one. Each drop carries a negative charge 
away and leaves the system slightly higher in potential 
than before. Ultimately the negative charge at the end 
of the pipe disappears and the system is at the potential 
of the air at the point at which the drops break away. In 
practice this takes a time of the order of 30 sec. 

Radioactive collectors are also employed, but whatever 
the type of collector, the insulated system is usually joined 
to the needle of a quadrant electrometer of low sensitivity, 
and opposite pairs of quadrants connected to a battery 
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whose centre is earthed. The record can be made inter- 
mittently, by means of a clockwork arrangement which 


depresses an inked pointer attached to the needle (Benndorf) . 


or continuously, by receiving the spot of light from a small 
mirror on a moving strip of bromide paper. 

17. The Electric Fluxmeter or Field Mill. If the 
cover Q-in Fig. 3 were rapidly and periodically swung 
away from and over the plate P, the bound charge on P 
would alternately appear and disappear. If P is earthed 
through a high resistance R, an alternating potential 
difference of amplitude proportional to the field will appear 
across R. This can be amplified and if necessary rectified 
so that an output meter will show the magnitude of the 
field, an auxiliary device indicating its sign. Calibration 
can be carried out by comparison with a stretched wire in 
the open ($ 15). 

Developments of this principle which was first em- 
ployed by Russelvedt in Norway, have been used to measure 
electric fields during aircraft flights and under thunder- 
clouds. In a recent form, capable of recording rapidly- 
varying fields, P is a ring of separate metal studs and Q is 
a rotating disc with a corresponding set of holes.* 

18. Variation of the Potential Gradient with 
Height above the Ground : Space-charge. A good 
many observations of the potential gradient have been 
made with balloons fitted with collectors of the radioactive 
or the glowing fuse pattern; they all indicate a rapid 
decrease in the field with increasing height above the 
ground (Table III, $25). Though no great accuracy can 
be claimed for these measurements—for they are subject 
to errors arising from the distortion of the field by free 
and induced charges on the balloon and are but momen- 
tary observations of a quantity subject to considerable 
variation—it is well established that at a height of 18 km. 
the field has fallen to less than 1/100 of its value at ground 
level and is still diminishing slowly. 

This diminution in the potential gradient with height 
indicates that a free positive charge, practically equal to 
the negative charge on the surface of the earth, resides 
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within the lower 18 km. of the atmosphere. Integration 
of the values of dV /dh obtained in balloon ascents gives 
a total potential difference between the earth and the air 
at a height of 18 km. of about 4 x 10% v.; at this height, 
and above it, the conductivity of the air is so great that 
this figure may be taken to represent the potential of the 
highly conducting ‘‘ Kennelly-Heaviside layer” some 
80 km. above the ground. 

The density, p, of the positive “ space-charge ” referred 
to can be determined from Poisson's equation, which, if 
the lines of force are vertical, takes the form 


5 (dV dh) = — Amp. 


Several investigators have examined the nature of the 
space-charge quite close to the ground, using collectors at 
different heights. The results obtained are conflicting as 
to the magnitude, and even the sign, of p in this region ; 
evidently local conditions are of main importance. 

19. Variations of the Potential Gradient with 
Locality, Time and Season. Before any discussion of 
the more important variations of the potential gradient, 
mention should be made of the fact that incessant fluctua- 
tions are observed over short periods of time; these are 
due to local changes in the space-charge and the con- 
ductivity of the air in the vicinity of the collector. 

For many years continuous records of the potential 
gradient have been taken at certain stations in the Northern 
Hemisphere. .Less extensive information is available for 
the Southern Hemisphere, but observations have been 
made over considerable periods in the Arctic and Antarctic 
regions. Some very important measurements over the 
oceans have been carried out by the survey ship Carnegie 
of the Carnegie Institute of Washington. It appears that 
the sign of the potential gradient in fine weather is positive 
all over the earth’s surface, but that over land areas its 
value varies considerably with local conditions. The 
mean of dV /dh at Kew is 317 v./m., while that at Davos 
in Switzerland is but 64 v./m. Over the oceans a value of 
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126 v./m., which varies little if at all with geographical 
position, has been found. The average value for the whole 
earth is not far from 120 v./m. 

It would seem that the potential gradient observed on 


land is not a quantity of much fundamental significance, | 


its value depending primarily upon local conditions of 
atmospheric conductivity. This is evident from the fact 
that a simple periodic variation according to local time is 
the basis of all fine-weather land records. The minimum 
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Fic. 5.—Relation between potential gradient and atmospheric 
pollution (Whipple). 

values are obtained in the early morning at about 4 a.m. 
and the maxima in the evening between 6 and 8 p.m. In 
many places a second maximum at 8 a.m. and a second 
minimum at midday are found. The amplitude of these 
daily variations at land stations sometimes reaches 50 per 
cent. of the mean value for the day. 

The local time variation has been shown by Whipple 3 
to be closely correlated with the amount and distribution 
of the smoke pollution of the atmosphere near large cities, 
where these continuous records have generally been made. 
Fig. 5 shows the variation at Kew of the potential gradient 
during the summer months for the two periods 1898-1915 
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and 1916-28, together with the variation in the amount of 
pollution (determined by aspirating the air through filter- 
paper) for the period 1921-28. The figure shows not only 
the close relation which exists between potential gradient 
and pollution but also the striking effect of the introduction 
of “summer time ” into Great Britain in the year 1916, 
after which the morning minimum and maximum moved 
back by approximately one real hour. The atmospheric 
pollution curve has maxima and minima which have been 
explained by Simpson as due to the combined effect of 
variations in the amount of smoke produced in the city 
and variations in the stability of the atmosphere, that is 
in the mixing action of surface winds and general turbulence 
of the lower air. 

As regards the annual variation of the potential gradient, 
land stations in both hemispheres show a maximum in 
the local winter and a minimum in the local summer. 
The only significant exception is the Antarctic region, 
where a reversal of phase occurs, giving rise to a maximum 
in the local summer and a minimum in the winter. 

In view of the local origin of the variations of the 
gradient found at land stations near towns, observations 
over the oceans, where no pronounced local effects are 
to be expected, are of very great importance. Mauchly * 
analysed the measurements of the Carnegie cruises and 
found that there is a well-marked diurnal variation 
at sea, with maxima and minima occurring at the same 
moment in all parts of the globe. Thus the potential 
gradient in all oceans is found to be about 153 per cent. 
below the mean at 5 hours, G.M.T., and about 20 per 
cent. above it at 19 hours, G.M.T. It is remarkable that 
the same 24-hour wave, progressing according to universal 
solar time, had been observed by Simpson in the Antarctic 
and Lapland. Fig. 6 (a) (after Whipple) illustrates these 
results, which were confirmed by the last cruise of the 
Carnegie. In each case shown in the figure, the mean 
potential gradient has been reduced to 100v./m. No 
appreciable annual variation has so far been observed over 
the sea. 
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Mauchly’s discovery of a variation of potential gradient 
according to universal time is generally accepted as being 
of fundamental significance. The variation must clearly 
be ascribed to an alteration in the difference of potential 
between the upper conducting layers of the atmosphere 
and the earth; it affords an important means of testing 
any theory of the origin and maintenance of this potential 
difference. 


Fic. 6. 


(a) Variation of potential gradient with universal time. 
(b) Variation of thunderstorm activity over the earth’s surface 


(Whipple). 


20. The Fine-weather Current: Conduction and 
Convection Currents. In the ordinary fine-weather field 
positive ions are driven towards the earth and negative ions 
away from it ; the motion of these ions constitutes a down- 
wardly directed conduction current. The ionic conduction 
current passing through 1 sq. cm. of a horizontal plane 
can be written as J) = F(A, + A_), where F is the strength 
of the electric field and A, and A_ are the polar conduc- 
tivities of the air at the point in question (§ 3). 

There is, however, a fine-weather current of a different 
nature which plays a part in the transfer of electricity by 
the atmosphere. If the air should contain at any point 
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an excess of ions of one sign (a space-charge), movement 
due to wind or ordinary turbulence will give rise to a 
mechanical transference of electric charge. Thus if v is 
the upward vertical component of the velocity of the air 
and p the space-charge per c.c., the upward convection 
current due to this cause will be vp per sq. cm. The real 
current-density in fine weather is thus the resultant of the 
downward conduction and the upward convection currents, 
and is given by J = Ip — vp. 

The mean value of the total fine-weather current over 
the whole globe is not far from 2 Xx 10* amp./sq. cm. 
or 2 microamp./sq. km., so that the total current flowing 
in this way between the upper atmosphere and the whole 
earth is about 1000 amp. It would seem, from measure- 
ments which have been made in various parts of the world, 
that this current varies much less with changes in geo- 
graphical position, in time of day and season of the year, 
than does the potential gradient. Although in the past 
it has not received a great deal of attention, it would appear 
to be a more useful quantity than the potential gradient 
and less affected by purely local conditions. 

21. Direct Determination of the Conduction 
Current at the Surface of the Earth. Direct measure- 
ments of the magnitude of the conduction current which 
flows into the earth’s surface have been made with the. 
Wilson universal electrometer, with the test-plate mounted 
flush with the surface of the ground, as described in § 14. 
The curve of Fig. 7 illustrates the procedure followed in 
the measurements. At time ¢, the test-plate is exposed 
to the earth’s field by removing the cover, and the capacity 
of the compensating condenser is adjusted to the value C 
necessary to bring the gold leaf back to the zero position. 
The charge on the plate is then — CV and the field 


Strength F = pee, where, as before, A is the area of the 


plate and — V the potential of the outside of the com- 
Pensator. The test-plate is now left exposed until time 
tə and kept continuously at earth potential by increasing 
the compensator capacity to balance the charge received 
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from the positive ions driven from the air on to the plate. 
Owing to variations in the strength of the field, and so 
in the induced charge on the plate, this increase is not a 


regular one. At time t, the plate is again shielded with - 


the cover and the compensator capacity is reduced from 
C, to C, to maintain the shielded system at earth potential. 
At this moment the field strength is 4m(C, — C.)V/A. 
Since at the beginning of the measurement the com- 
pensator capacity was zero, it is evident that during the 
interval, t, — t,, the plate received a positive charge CV 


t, Time t2 


Fic. 7.—Measurement of conduction current with the Wilson 
universal electrometer. 


and the average value of the conduction current per square 
centimetre was C¿V/A(t, — t,). For routine observations 
the instrument is mounted on a tripod above the ground, 
and the readings are reduced to standard conditions by 
occasional determinations of the reduction factor, from 
observations in a pit. 

22. Indirect Determination of the Conduction 
Current at a Point in the Air. The conduction current 
at a point in the air can be determined also by separate 
measurements of the field strength, F, and the polar 
conductivities, A, and A. The methods used to determine 
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F, or the potential gradient, have already been described 
in this chapter; the conductivities are usually found by 
the Gerdien method sketched in $2. In another form of 
the Gerdien method, due to Schering, the cylindrical 
condenser is replaced by a large earthed wire cage, along 
the axis of which is a charged insulated wire connected to 
an electrometer. The rate at which the charge is dis- 
sipated by ions of opposite sign is determined in exactly 
the same manner as in the Gerdien method, and the same 
equations apply if certain conditions are fulfilled. The 
cage must be large enough, and the charge on the wire 
small enough, to ensure that no considerable alteration in 
the number of ions is caused by the flow of current. The 
arrangement must be set up in the open air to ensure that 
ordinary atmospheric circulation prevents the develop- 
ment of the electrode space-charges to be discussed in the 
next section. And finally, the whole cage must be shielded 
from the earth’s field by a rough roof or by trees, otherwise 
it will carry an induced negative charge on the outside and 
rob the entering air of negative ions. 

23. The Comparison of the Direct and Indirect 
Methods: Electrode Space-charge. The direct method 
due to Wilson measures the conduction current entering 
the earth; the indirect method measures the current at 
a certain height above the earth. In the latter case the 
Current is carried by two oppositely moving streams of 
ions of opposite sign ; in the former it consists of a single 
Stream, for while positive ions enter the earth, negative 
lons do not pass from it into the atmosphere. The two 
methods, therefore, do not necessarily measure the same 
quantity. One determines the true conduction current 
x a o and the other its positive component at ground- 
evel, 

Consider a vertical cylinder of perfectly still air whose 

eight is A and cross-section 1 sq. cm., with its base on 
the ground (Fig. 8). Let F’ and F be the electric field 
Strengths at top and bottom of this cylinder, and A’,, A_ 
and A,, A_ the polar conductivities. The conduction 
Current through the top is F’(A’, + A’_); in each second 
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a positive charge F'X, enters, and a negative charge 
F'N_ leaves. Through the bottom there is only a down- 


ward flow of positive ions, carrying away a positive. 


charge FA, per sec. The cylinder as a whole thus 
loses a positive charge FA, — F'X', per sec., and a nega- 
tive charge F'N_ per sec. This may be expressed as 
a development of a positive 
space-charge at a rate 
FX_— (FA, — F'X,) 

= PQ, + NX) I 


F Àp AL 


“ electrode” space-charge 
should automatically decrease 
the field F’ and should cease 
only when F” has such a value 
that as many negative as posi- 

Isq.cm. tive ions leave the cylinder in 
each second, i.e. when 


FO, +A) = Fà. (2.1) 


The two sides of this last 
equation are respectively the 
conduction currents at height 
h and at ground level. Thus, 
for perfectly still air, the two 
methods we have described 
should give the same numeri- 
cal values, though they measure 
different quantities. 

It was thought for some 
time that A, must necessarily 
be considerably smaller than 
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Fic. 8.—Electrode 
space-charge. 


. (NX, +X_) and hence that F must be about double FS 


Scrase3 has, however, found practically no difference 
between F and F’ and very little sign of electrode space- 


charge. A suggestion by Whipple that the space-charge — 
is removed by atmospheric turbulence as rapidly as it is | 


formed is unable to explain these results. 


per sec. The growth of this | 
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The difficulty appears to have been removed by the 
discovery by Hogg® that, owing to the local effect of « 
and f rays from radioactive matter in the soil, A, is much 
larger than was thought and approximately equal to 
(X, +A). Since FŒ F’, eqn. 2.1 is satisfied and 
the problem of electrode space-charge does not arise. 

Values of the air-earth current in fine-weather obtained 
by the direct method in various parts of the world range 
from r'o to 40 X 10 amp./cm.* Those by the indirect 
method vary from 0-4 to 3:2 X 107 amp./cm.? Though 
as indicated above and found in practice, the two methods 
should give the same result, the variability of the ionising 
agents producing A, and of convection currents suggests 
that the direct method is the more reliable of the two. 

24. Variations in the Fine-weather Current. Both 
direct and indirect methods of studying the air-earth 
current indicate that in fairly fine weather it is less subject 
to variations than is the potential gradient. Simultaneous 
measurements of the field and of the total conductivity 
of the air, À = À, +A_, show that these quantities vary 
to some extent in inverse ratio, with the result that their 
product, the conduction current, is less variable than either. 
Factors such as an increase in the number of condensation 
nuclei or the presence of fog particles, which decrease A 
by raising the proportion of the slow ions present, cause a 
corresponding increase in the potential gradient. The 
simple form of the daily variation in the earth’s field has 
its counterpart in an inverse variation of the conductivity, 
with a maximum in the early morning between 3 and 4 a.m. 
The extreme effect of atmospheric pollution near large 
cities, which increases the potential gradient and diminishes 
the conductivity, has already been discussed (§19). In 
general however the reciprocal relation between A and F 
is not exact enough to keep the conduction current in- 
Variable. At land stations in Europe the current is found 
to have an annual variation which coincides in phase with 
that of the potential gradient but has a smaller amplitude. 
At other stations its daily variation follows the changes in 


the conductivity. — 
CHRIST'S c 
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25. The Conduction'Current at Great Heights. 


It has been found from simultaneous determinations of 
potential gradient and atmospheric conductivity during 
balloon ascents that the rapid decrease in F with height 
above the ground is accompanied by an increase in A, 


of such magnitude as to keep the conduction current — 


approximately constant. Table III shows the results of an 
ascent by Wigand,’ from which it will be seen that when 
the field had fallen to 1/15 of its value at the ground, the 
conductivity had risen eleven-fold. 


TABLE III 


CONDUCTION CURRENT DURING BALLOON ASCENT (WIGAND) 


I (amps./sq. cm.). 


Height (Metres). | F (volts/metre). A (e.s.u.). 


These results have been confirmed and extended by 
conductivity measurements made during the flight of the 
United States army balloon Explorer II in 1935.8 They 
showed that up to a height of 18 km., the ionisation of the 
air increases by roughly 500 ion-pairs per km. and that 


the conductivity at 18 km. was about 100 times the usual — 


value at the ground. 

26. The Significance of the Air-earth Current. The 
general constancy of the air-earth current with height above 
the ground and in different parts of the world suggests 
that, at any rate to a first approximation, it has its origin 
in a constant potential difference between the conducting 
layers of the upper atmosphere and the earth, and that its 
actual value depends upon the resistance of the air between 
the two regions. The conductivity of the upper portion 
of this air-path is entirely due to the cosmic radiation * 


* This refers to the regions from 15 to 30 kilometres above 
the ground. The £ layer 80 kilometres up has a solar origin. 


ELECTRIC FIELDS AND ELECTRIC CURRENTS 35 


and is unlikely to alter appreciably with time of day, 
locality or aah But below a height of about 2 km. 
over land areas, an additional ionising influence is exercised 
by radioactive matter in the air and in the earth, and this, 
as we have seen (§ 5), varies very much. Moreover, the 
conductivity of the air in this region is dependent upon 
the relative concentrations of the large and the small 
ions, and these alter with the number of nuclei present. 
The current-bearing column of air above the point of 
observation thus consists of an upper constant resistance 
and a lower variable one in series with each other. The 
extent to which the current carried by the air-column 
alters with local conditions will depend on the ratio 
which the lower variable resistance bears to the total 
resistance. 

Both the results of Wigand in Table III and those from 
the Explorer II flight ® indicate that the total resistance of 
a column of air of cross-sectional area 1 sq. cm. is about 
ro X 10% ohms. The conductivity between 14 and 18 
km. is so high that this upper region contributes only a 
small fraction to the resistance and higher regions would 
be still less important. Ifthe variable part of the column 
be the first 100m. above the earth, where the specific 
resistance is usually 8 x 10! ohm-cm., this portion will 
contribute 8 X 101% ohms to the total. We see that even 
if the conductivity of the first 100m. were halved, the 
effect upon the air-earth current would amount to but 
4 per cent. The potential gradient near the ground, on 
the other hand, would be doubled, for from this point of 
view it represents the fall of potential per unit length of 
the lowest part of the current-bearing column. It is 
evident that potential gradient measurements over land, 
and in particular near cities, cannot be expected to yield 
information which bears directly upon the question of 
the total potential difference between upper atmosphere 
and earth. In the case of observations at sea and in polar 
regions the position is different ; practically all the ionisa- 
tion throughout the whole column is then due to the 
cosmic radiation, and the only local effect which can 
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influence the fine-weather gradient is a change in the 
number of nuclei available for the capture of small ions. 


27. The Electric Field during Disturbed- 


Weather. The normal downwardly directed field, due to 
a positively charged upper atmosphere and a negatively 
charged earth, is frequently disturbed when the weather 
ceases to be fine. During fog, as explained in $24, it is 
very much increased, and may reach ten times its normal 
value ; during dust-storms, of the type common in semi- 
arid regions and deserts, powerful reversed or negative 
fields are usual and reach 10,000 v./m. The effects found 
during cloudy weather and rain are variable, and range 
from gradients of the order of a few hundred volts per 
metre in a fine drizzle to as much as 50,000 v./m. under 
thunderclouds. | 

Generally speaking, negative fields predominate when 
light or steady rain is falling, though occasional positive 
excursions are observed. In the case of heavy rainstorms 
and thunderclouds, the sign of the field depends upon 
the portion of the cloud passing over the point of observa- 
tion, but here, too, there is evidence that negative gradients 
are the more frequent. 

The field during thunderstorms fluctuates a great deal 
if the cloud is active in producing lightning. Its value 
at the ground does not as a rule exceed 10,000 to 20,000 
v./m. except for very brief intervals occupying fractions 
of a second. Equally high fields are observed during 
heavy rainstorms unaccompanied by lightning. During 
a snowstorm the field is usually positive and in a heavy 
storm may attain 10,000 v./m. ‘The methods employed 
for the study of the large and rapidly varying fields of 
thunderclouds are described in Chapter III. 

28. The Charge on Rain and Snow; the Preci- 
pitation Current. The apparatus required to examine 
the charge carried to the earth by precipitation—rain, 
hail, snow, and sleet—is comparatively simple, and con- 
sists essentially of an insulated metal vessel to catch the 
rain, etc., and an electrometer to measure the charge 
received. Great precautions must, however, be taken 
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to eliminate the disturbing effect of the negative charge 
given to the air as the drops splash on the container 
(Lenard effect). If some of this is lost a spurious positive 
charge will be indicated. For a similar reason, the entry 
of spray due to the splashing of rain falling outside the 
receiving vessel must be prevented. The receiver must 
be screened electrostatically from the electric field outside. 
The rate of rainfall, and sometimes the size of individual 
drops, is also observed. By amplifying the induction effect 
of a drop as it passes through an insulated cylinder 
the charges carried by individual drops may be measured. 
As the charges brought down vary considerably, it is 
necessary in all such work to carry out a long series of 
observations. 

Since the year 1908, when the modern series of obser- 
vations began, all observers have found a preponderance 
of positive charge on rain in general. ‘The average 
ratio of the quantities of positive and negative electricity 
brought down by all kinds of precipitation varies accord- 
ing to the situation of the observer. Some of the values 
found for this ratio are: Potsdam (Schindelhauer), 
1:4 : 1; Puy-en-Velay (Baldit), 2-4 : 1 ; Dublin (McClelland 
and Nolan), 4'8 : 1; Simla (Simpson), 2-4: 1; Otago, New 
Zealand (Marwick), 3-2: 1. As exceptions to the general 
rule, it may be noted that snow usually carries a consider- 
able negative charge, and that the fine drops of a drizzle 
are also negative. l j 

The subject of the charge on rain and its relation to the 
prevailing electric field has recently received special 
attention because of its connection with the electrification 
of thunderclouds. This work is discussed in § 45. 

The charge per c.c. in the case of heavy thunderstorm 
rains reaches average values of 30 to 40 e.s.u., while single 
drops may carry 100 to 200 e.s.u. (Gschwend) and attain 
potentials as great as 300 v. The mean values reported 
by different observers for the net charge per c.c. on all 
forms of precipitation during a long series of observations 
range from + 0-029 e.s.u. at Potsdam (Schindelhauer) to 
+ 0176 e.s.u. at Simla (Simpson). 
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The transfer of electricity from atmosphere to earth 
in this manner constitutes a “ precipitation ” current 


which appears on the whole to be in the same direction’ 


as the fine-weather conduction current, since it carries 
more positive than negative charge to the earth. In the 
case of thunderstorms this current sometimes reaches 
values as high as 2 X 10" amp./sq. cm., and the total 
convection current carried by the rain in such a storm 
may amount to more than o'r amp. Before it is possible 
to frame a trustworthy estimate of the amount of the excess 
of positive over negative electricity conveyed to the whole 
earth in this way, much more information is required from 
tropical and equatorial regions. 

29. Currents due to Point-discharge. It is well 
known that an electric glow or brush discharge takes place 
from a pointed conductor when placed in a sufficiently 
strong field. It consists of a stream of ions of the same 
sign as the charge upon the point. Discharges of this 
kind must, therefore, be expected from the ends of exposed 
conductors on the surface of the earth whenever the 
potential gradient and the height and sharpness of the ends 
are sufficiently great. Indeed the earliest investigators, 
Franklin, Dalibard and Lemonnier with high metal rods 
and kites detected electric fields in thundery and in fine 
weather, by means of this current. Under favourable con- 
ditions, afforded by mountain peaks or the masts of ships 
exposed to the intense fields of a thundercloud, the glow 
discharge may become very conspicuous (St. Elmo’s fire). 

It was first pointed out by C. T. R. Wilson * that point- 
discharge currents of much smaller intensity must play an 
important part in the interchange of electricity between the 
earth and the atmosphere. ‘The fields prevailing under 
rainstorms and thunderclouds very frequently reach values 
sufficiently great for considerable currents to be discharged 
from an assemblage of exposed conductors, such as trees, 
bushes, housetops and even fields of grass. A conductor 
need not end in a sharp point nor project to a great height 
in order that it should begin to act as a discharger. For 
example, an earth-connected sphere of radius 1 cm. need 
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be raised only to a height of 3 m. in the not unusual field 
of 10,000 v./m. for the electric intensity at its surface to 
reach the critical value of 30,000 v./cm. at which brush 
discharge begins. A practical instance of the correctness 
of this suggestion is afforded by some experiments made by 
the author, in which a small tree, 4 m. high, was cut off 
at its base, mounted on insulators and connected to earth 
through a galvanometer. Exposure to the fields due to 
nearby thunderstorms yielded the average point-discharge 
currents shown below : *% 


TABLE IV 
POINT-DISCHARGE CURRENTS FROM A SMALL TREE 
(SCHONLAND) ` 
Field Current 

(volts/metre). (microamperes). 

— 3,500 0°07 

— 5,500 0°20 

— 11,000 1:00 

— 16,000 4°00 


The contribution of a single tree such as this must be 
multiplied by a very large factor to obtain the total current 
flowing between the earth and a thundercloud; in the 
case quoted, the tree was typical of the exposed natural 
conductors for many miles around, and a rough surface 
integration over the area affected by the cloud indicated 
that the total point-discharge effect was of the order of 
2 amp. in an upward direction. _ 

Since the direction and magnitude of the large fields 
associated with disturbed weather vary considerably, it 
is important to know the relative amounts of positive and 
negative electricity discharged from an exposed point over 
a long period of time. In a series of observations by 
Wormell,! a sharp point carried on insulators at, the top 
of a pole was connected by cable to one electrode of a 
voltameter filled with dilute sulphuric acid, the other 
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electrode being earthed. The voltameter, shown, with 
some minor but significant details omitted, in Fig. 9, 
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Similar measurements have been made in other parts of 
the world ($ 30). 


was constructed of fine capillary tubing (diameter 0-8 mm.) - 


and the gases evolved were separately collected, their 
volumes being determined from the lengths of the 
bubbles formed. If v, and v, are the volumes of the mixed 
gases collected at the earthed and the point-connected 
electrodes respectively, the quantities of positive and 
negative electricity, q, and q, which have been discharged 
from the point can be separately determined in the follow- 
ing way: If one unit of quantity liberates in electrolysis 
c c.c. of oxygen and 2c c.c. of hydrogen, we have 


Ne + 2990 = %, and 29,¢ + que = Vp, 
from which we may determine q, and q». 


Se 


o 


EA 


Fic. 9.—Water micro-voltameter (Wormell). 

The quantities discharged in this way have been ex- 
amined by Wormell at Cambridge over a period of three 
years. Some of his results are shown in the Table V. 

Each year shows a considerable net loss of positive 
electricity from the discharger. 

In a more detailed discussion it is noted that of 147 
separate periods of disturbed weather accompanied by 
precipitation, 103 showed an excess of upward current 
(+ ve discharge), 34 an excess of downward current 
(— ve discharge), and in 10 the net discharge was zero. 
This is what would be expected from the predominance 
of negative potential gradients in disturbed weather. 


TABLE V 


INTEGRATED EFFECTS OF POINT-DISCHARGE (WORMELL) 


Positive quantity dis- 
charged, q, (coulombs) 
Negative quantity dis- 
charged, qa (coulombs) 


Net positive discharge, 
qı — gə (coulombs) . 


30. The Interchange of Electricity Between the 
Earth and the Atmosphere; the Maintenance of 
the Earth’s Charge. The negatively charged earth and 
the positively charged upper layers of the atmosphere 
form two plates of a spherical condenser with the lower 
air as the dielectric. Although the conductivity of the 
air between the plates is small, the applied potential 
difference is great enough to make the leakage of charge 
through it very considerable. The average value of the 
charge per unit area of the earth’s surface is 9 X 10714 
coulombs/sq. cm., and that of the fine-weather conduction 
current is 2 X 10% amp./sq. cm. Left to itself, a con- 
denser of this kind would be discharged by internal 
leakage in a time of the order of 1o min. But this is not 
all; to the dissipation of the earth's charge by the fine- 
Weather current we must add the effect of the charge 
conveyed by rain and snow, for it has been shown that on 
the whole the net charge conveyed to the earth by pre- 
Cipitation is positive in sign. Thus to the conduction 
Current of 1000 amp. over the whole surface of the earth 
Must be added a precipitation current in the same direction, 
estimated by Wigand!*—though any such estimate can 
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only be provisional—at 400 amp., making a total of 1400 


amp. tending to dissipate the 500,000 coulombs with which 


the earth is charged. 

In spite of the continuous operation of these two factors, 
the earth's charge remains practically constant, so it is 
clear that there must exist some reverse or compensatory 
process which neutralises their effect. Some agency must 
be continuously at work replenishing the charges on the 
earth and in the upper air. The discovery of the mechan- 
ism responsible for this replenishment has been one of the 
chief problems of atmospheric electricity, and many pro- 
-posals have been made to this end. 

It was first suggested by C. T. R. Wilson +° that it is 
to regions of disturbed weather that we must look for the 
mechanism of replenishment, that under rain and thunder- 
clouds, where the potential gradient is more often reversed 
than in the normal direction, there are two processes at 
work which convey considerable quantities of negative 
charge to the earth. The first of these is the action of 
point-discharge from conductors projecting from the 
ground. This has already been discussed, and it has been 
shown that experimental tests indicate that it is of great 
importance. The second process is the charge conveyed 
to the ground by lightning flashes from thunderclouds. 
Every second, as will be seen in Chapter III, some 100 
lightning discharges occur over the whole surface of the 
earth, each involving the passage of a charge of the order 
of 30 coulombs. Only a fraction of these, perhaps one in 
four on the average, strike the ground. ‘The effectiveness 
of this process of transference of charge will depend upon 
whether more charges of one sign than another are con- 
veyed to the earth. If, for example, practically all the 
charges transferred were negative, the process would be 
equivalent to a continuous compensation current of about 
500amp. Though there is evidence from a number of 
regions (§ 33) that this is actually the case, the question is 
still under investigation. 

An estimate of the annual electrical “ balance-sheet ” 
of a square kilometre of ground at Cambridge in England 
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has been made by Wormell," on the basis of his point- 
discharge measurements and observations on lightning 
discharges. ‘The air-earth conduction current loss and 
the effect of rain and snow were estimated from average 
values of these quantities. ‘The results were : 


Coulombs/sq. km./annum. 


By natural point-discharge, gained . »- — 100 
By lightning, gained ‘ à , . — 20 
By atmospheric conduction, los s . — 60 
By precipitation, lost A . ‘ . — 20 
Net gain of negative charge . : -.— 40 


Though such an estimate is only a very rough one, it 
appears to be quite possible that in this locality the four 
processes approximately balance one another, or even that 
the earth gains a negative charge. 

These results have been supported and extended by 
similar measurements at Kew Observatory, at Durham, 
at Pretoria and in Nigeria. 

Over the oceans, where thunderstorms are infrequent 
and elevated points are absent, the balance-sheet may be 
expected to show a net loss of negative charge, so that the 
position for the whole globe would be one of approximate 
equilibrium. 

This suggestion of Wilson involved more than the inter- 
change of electricity between the bases of cumulonimbus 
clouds, showers and thunderstorms, and the ground ; he 
regarded such clouds as equally active in supplying positive 
electricity to the upper air. The existence of this upward 
current has been established by recent high-altitude 
flights above thunderclouds. Gish and Wait,4 by measur- 
ing both the electric field and the conductivity of the air, 
have shown that an average current of o-8 amp. flows in 
the expected direction. The cloud thus acts as an electrical 
generator which removes positive electricity from the 
earth and supplies it to the conducting layers of the 
atmosphere above, in which it is rapidly distributed in 
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such a way as to maintain them at a constant potential 
of about 4 X 10° v., in spite of losses. 


We should therefore expect the potential difference, and ` 


so'the potential gradient, to show a maximum when the 
thundery regions of the earth are at their maximum 
activity. The diurnal variation of the gradient discovered 
by Mauchly ($ 19) should agree in phase with the diurnal 
variation of thunderstorm activity over the earth. It has 
been shown by Whipple** that this appears to be the case. 
Whipple’s examination of the diurnal variation of the 
world's thunderstorms is represented by the bottom curve 
of Fig. 6 (b), where it will be seen that the parallelism with 
the variation of the potential gradient over the oceans and 
the polar caps is indeed very close. 

Although the evidence discussed above makes it very 
probable that Wilson's replenishment theory is correct, 
it must be admitted that further quantitative measurements 
in different parts of the globe are needed to establish it. 

A rather revolutionary extension of Wilson’s ideas has 
been put forward by Frenkel,'* who suggests that the 
generators chiefly responsible for the circulation of elec- 
tricity between the earth and the upper air, in the reverse 
direction to the fine-weather current, are not thunder- 
storms but ordinary clouds. According to this theory all 
fog-like clouds carry a positive charge above and a negative 
charge below (§ 44) and thus create a conduction current 
which is opposite to that of fine weather. The fields due 
to these cloud dipoles (of which there are estimated to be 
a hundred thousand at any moment over the earth’s surface) 
will, in Frenkel’s view, induce and maintain the negative 
charges observed on the distant “ serene sky ” regions of 
the earth and positive charges in the air above them. 

It has been shown, however, in § 24, that the enhanced 
fields below ordinary fog-like clouds are due to an altera- 
tion in the conductivity of the air and are in the normal 
positive direction. Such clouds do not give reversed 
electrical fields of the kind required by Frenkel’s theory 
unless they are shower-clouds from which rain is 


falling (§ 45). , 
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CHAPTER III 


THE ELECTRIFICATION OF THUNDERCLOUDS 


31. The Number of Thunderstorms over the 
Globe. Although a thunderstorm is a comparatively rare 
event at any one station in temperate latitudes, the number 
of thunderstorms per day experienced by the earth as a 
whole is very large. Even in such a limited area as France 
there are comparatively few days in the year on which 
thunder is not reported from some*part of the country. 
According to a survey made by Brookes,’ the earth ex- 
periences 16,000,000 thunderstorms per annum or 44,000 
per day. Taking one hour as the average duration of a 
single storm there will on the average be 1800 thunder- 
storms in progress in different parts of the world at any 
one moment. As has been shown in § 19, Fig. 6, world 
thunderstorm activity alters regularly with the sun, reach- 
ing a maximum when the afternoon storms of equatorial 
Africa are ending and those of equatorial America are be- 
ginning. Brookes has estimated that about roo flashes 
of lightning occur every second or 360,000 every hour. 

The most thundery region of the earth is the island of 
Java, where thunder is heard at any one place on 61 per 
cent. of the days in a year. This percentage, the zso- 
ceraunic level of the place concerned, is 41 in parts of 
Central Africa, 39 to 37 in Southern Mexico and Panama, 
29 in Brazil and 26 in Madagascar. In North America 
the isoceraunic level rises from 3 per cent. for Southern 
Canada to 25 per cent. for Florida. On the Californian 
coast it is about 1 per cent. 

Over most of Europe thunder is heard on the average 
on about 11 days in the year; near the Alps the figure 
rises to 18 days. The figure for Johannesburg in South 
Africa is 50-60 days in the year. In using these figures 
account must be taken of the fact that on about 1 in 7 


of thunderstorm “ days ” there is more than one storm 


within audible distance. 
46 
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Over the oceans thunderstorms are infrequent except 
off the south-east coasts of Brazil and South Africa and in 
the seas surrounding Madagascar and the East Indian 
islands. 

32. Methods used to Measure the Electric Fields 
of Thunderclouds. (a) The capillary electrometer method. 
This was devised by C. T. R. Wilson ? for use in his classic 
investigations of thunderstorms and has also been employed 
by Wormell * and by the writer.* The general principle 
is similar to that of the test-plate or induced charge method 
of studying the fine-weather field ($ 14), in which an ex- 
posed conductor is kept at zero potential by alteration in 
the capacity of a compensating condenser, when the charge 
induced upon the conductor by the field is equal to that 
given by the compensator to the system. In the measure- 
ment of rapidly changing thunderstorm fields, however, 
compensation is produced automatically and very quickly 
by means of an ingenious form of capillary electrometer. 
As shown in Fig. 1o, this consists of a small bubble of 
dilute sulphuric acid enclosed between mercury threads 
in a narrow capillary tube. The threads lead to end- 
cups of mercury, and one of these, A, is connected to a 
test-plate T insulated from, but flush with, the surround- 
ing ground, while the other is connected to the earth. 
Between the mercury and the glass there is everywhere a 
thin film of dilute acid, so that an electrical ‘‘ double 
layer ” surrounds the mercury and makes each half of the 
electrometer a condenser charged to the potential differ- 
ence of the double layer, about o-go v., the mercury being 
positively charged with respect to the acid. If a positive 
charge is given to the left-hand side, it will increase the 
charge on the left-hand condenser and the left-hand 
thread will move forward a certain distance so as to absorb 
this charge, by increasing the area of the acid-mercury 
surface and the capacity of the left-hand condenser. A 
corresponding movement of the right-hand thread causes 
a reduction in area on this side and the passage to earth 
of a quantity of electricity exactly equal to that originally 
supplied to the electrometer. The distance moved, y, 
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is easily seen to be related to the charge passed through, 
q, by the equation 


q = 2rrCV"(1 — r/R)y, 


where r is the radius of the capillary and R that of the 
end-tube, and V” is the potential difference, and C the 
capacity per unit area, of the double layer. Thus q = ky, 
where & is an instrumental constant which can be deter- 
mined by discharging a known quantity of electricity 
through the instrument. The arrangement, therefore, 
gives a linear relation between the movement of the acid 
bubble and the quantity discharged. In spite of the large 
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Fic. 10.—Measurements of the electric fields due to thunder- 


storms (C. T. R. Wilson). 


value of C, about 30 microfarads/sq. cm., the electrometer 
is extremely sensitive. By using a microscope focused 
upon one end of the bubble, quantities of the order of 
10? coulombs may be measured. A permanent record is 


best obtained by placing a slit and a moving photographic — 


plate in the focal plane of the objective. 

When connected to a test-plate the electrometer auto- 
matically maintains it at earth potential and records the 
quantities of electricity passing to and from the earth 
as a result of changes in the external field and of the 
induced charges on the plate. The type of record ob- 
tained from this arrangement during a thunderstorm is 
illustrated by the thick line of Fig. 11. An earthed 
cover is swung over the test-plate for a few seconds 
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at the beginning of each minute, causing the movements 
A'AA”, B'BB”, etc., as the induced charge flows away to 
eatth and then returns. The points A, B, C, D, E would lie 
on a horizontal line if there were no actual transfer of 
charge between the plate and the atmosphere taking place, 
that is to say, no conduction current, point-discharge, or 
transport of charge by rain. ‘The first 2 min. in the figure 
show the slight slope due to the conduction current only, 
the last two show the effect of a fall of positively charged 
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Fic. 11.—Capillary electrometer record during a thunderstorm. 


rain. The charge, for example, conveyed to the plate by 
rain and conduction during the third minute is A(yp — Yo) 
and the mean value of the current per square centimetre 
k(yp — Yc)/60A, where A is the area of the plate and k 
the constant of the electrometer. The dotted line joining 
the points A, B, C, D, E gives the reading of the instru- 
ment when the test-plate is shielded at any time during the 
record, and this line serves as the zero from which the 
field and field-changes are measured. The field at the 
end of the first minute, for instance, is given by 


F = 4mk(yp — yyr)/4. 
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Two sudden interruptions in the record, such as are 
caused by lightning flashes, are shown at P and Q. AtP 


the record suddenly touches the dotted line, indicating 


that for a moment the field was completely destroyed and 
the original induced charge ran to earth through the electro- 
meter. At Q the movement extends beyond the dotted 
line, showing that the field was actually reversed in sign 
by the discharge and reached a reverse value equal to half 
its original strength. The shape of the record immediately 
after the passage of these lightning flashes, the recovery 
curve as it is called, is of considerable interest; it will 
be seen in these two examples that the thundercloud fields 
and charges recovered their original values after the lapse 
of something like 20sec. The rate of recovery was 
approximately exponential, being most rapid immediately 
after the flash and becoming very slow as the cloud ap- 
proached its original electrified condition. We may find 
the magnitude of these sudden field-changes by the same 
method used for the field itself; if Ay be the movement 
PP’, or QQ’, the sudden field-change which caused it is 
given by: 


AF = 47k . Ay/A. 


The test-plate arrangement, using a plate 50cm. in 


diameter, is suitable for the measurement of fields of 
strength exceeding 1000 v./m., such as are caused by 
thunderstorms when they come within a distance of about 
8km. An inverted test-plate of smaller dimensions 
mounted on a pole and with a cover periodically and 
automatically swung below it for a short time has been 
used by Wormell for measurements of the large fields due 
to near storms. This is of great use during heavy rain. 
For more distant storms Wilson employed a different 
form of exposed conductor, a copper ball 1 ft. in diameter 
mounted on insulators at the end of an iron pipe 5 m. in 


length (Fig. 12). When the arrangement is in use the - 


pipe is held vertical ; by turning it about a horizontal axis 
through its base, the pipe is lowered and the ball enters 
an earthed metal case which shields it from the field. 
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Connection to the capillary electrometer is made by an 
insulated wire passing down the centre of the pipe. 

The field producing a given movement of the electro- 
meter is calculated as follows : The charge q induced upon 
the ball when raised to a 
height h above the ground 
must be such as to main- 
tain it at earth potential, 
for the ball is earth-con- 
nected through the electro- 
meter. Thus if V is the 
undisturbed potential of 
the air at the point oc- 
cupied by the centre of 
the sphere of radius 7, we 
have 


V + g/r — q/2h = o, 


thethird term allowing for 
the effect of the electrical 
image of the charged 
sphere in the earth. If 


Earthed pipe 


the movement of the elec- Quartz-sulphur 
trometer caused by raising — 
the ball from its case to ON 


the height A is y, we have 


q ky 
and V = k(1/r — 1/2h)y. Fic. 12.—Elevated sphere for 
measuring fields of distant 


This observation therefore thunderstorms. 
gives for the mean poten- 


tial gradient between the ground and the height 4, 
F = Vjh = (k/h)(1/r — 1/2h)y. 


The same equation relates the sudden changes of field 
AF to the corresponding sudden movements Ay of the 
electrometer. Since these relations, like those derived for 
the test-plate, are derived on the assumption of a perfectly 
plane earth, small corrections must be applied to allow for 
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the effect of the concentration of the lines of force upon 
the hut used to house the recording instrument. 

The effects obtained from the elevated sphere become too 
small for accurate measurement when the storm is more 
than 20 km. away ; for still greater distances a wireless aerial 
has been used by some workers. Such a wire can, however, 


give rise to unwanted corona (point-discharge) effects if 


the field is fairly big; these are avoided by the use of 
the large sphere. Thunderstorm fields are of the same 
order as the fine-weather field, about roo v./m., when the 
cloud is 20 km. off. At distances of 6 to 8 km. they often 
reach 5000 v./m., and when the storm passes overhead 
values of 10,000 to 20,000 v./m. are commonly observed, 
while the sudden changes may exceed these figures very 
considerably for a small fraction of a second. In an active 
thunderstorm the fields are constantly altering as a result 
of the neutralisation of part or all of the charge by lightning 
discharges, of the subsequent rebuilding of the destroyed 
charges, and of movements of the cloud as a whole. 

(b) The amplifier-oscillograph method. This was de- 
veloped by Appleton, Watson-Watt and Herd® for the 
investigation of very rapid field-changes from distant 
storms (atmospherics) and has been used by them and 
others to record the details of field-changes which the 


capillary electrometer method, which has a time dis- | 


crimination of about o*1 sec., is unable to resolve. 

The essential features of the arrangement used are 
shown in Fig. 13, in which C, is the capacity of an exposed 
conductor such as the ball of Fig. 12 (or for very distant 
storms, a horizontal wire aerial) and R, is a resistance of 
some 50,000 ohms inserted to render the aerial circuit 
aperiodic. C} is a condenser which is variable in steps 
to suit the field to be measured and R, is a high- 
resistance selected so that the time-constant C,R, is large 
compared with the duration of the field-change to be 
recorded. 

If the field alters by AF as a result of a change AV of 
the potential at the effective height h of the exposed con- 
ductor, a change — Ag must take place in the charge on 
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the conductor and the charge on the upper plate of C, 


must increase by + Ag. 
This will produce a potential difference Av across C, 


given by 

Av = Aq/C, = AV — Ag/Co, 
since both these expressions give the change of potential 
at the point X. 


C, E 
q E = 4S RAF 
Co + G 


Hence Av = 


CRO. 


Fic. 13.—Input circuit for amplifier-oscillograph method 
(Appleton, Watson-Watt and Herd). 


The arrangement thus acts as a condenser potentiometer 
and the amplified value of Av causing the deflection of the 
oscillograph spot is proportional to the field-change. 
The oscillograph holds this deflection momentarily ; its 
deflection drifts back to zero in a time set by the quantity 
C,R, provided the time-constants of the amplifier are 
larger than this. C,R, can usually be made long enough 


for the faithful recording of all but comparatively-slow-——, 
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If C, and R, are removed from the circuit, the arrange 
ment of Fig. 13 can be used to record the rate of chang 
of field, dF/dt. For then Í 


hdF|dt = do|dt + (dq/dt)|C, = do/dt + v/C,R,, 


since the current 7 in the resistance R, is v/R, = dq/dt. 
If CR, is small enough, the second term is much greater 
than the first and v ~œ AC,R,dF /dt. 

(c) The Alti-electrograph. This instrument was devised 
by Simpson and Scrase * for attachment to a small balloon 
to measure directly the electric fields at points near and 
within active thunderclouds. Two separate iron pins 
resting upon a sheet of pole-finding paper are connected 
to vertical wires, the upper one on a bamboo framework 
and the lower one hanging freely downwards. In an 
electric field of sufficient magnitude for point discharge 
to charge the wires appropriately, the difference of poten- 
tial appearing at the pins causes a small current to flow 
between them and a blue stain to appear at the positively 
charged point, thus indicating the direction of the pre- 
vailing field. ‘The width of the stain can be related roughly 
to the field-strength. The disc carrying the pole-finding 
paper is rotated by clockwork to give a record which can 
be correlated with simultaneous pressure, humidity and 
temperature records made by other instruments carried 
on the flight. 

(d) The electric fluxmeter method. ‘The principle of this 
method has been described in §17. When the device is 
carried in aircraft inside clouds, care has to be taken to 
eliminate the “ autogenous ” field produced by the charge 
collected by the aircraft itself. This is done (Ross Gunn) 
by employing two fluxmeters, one on the upper surface 
of a wing and the other, facing downwards, on the lower 
surface. For one of these the external and the autogenous 
field will be in the same direction and for the other they 
will be in opposite directions. The deformation of the 
field due to the aircraft itself can be corrected for by model 
experiments. Owing to icing difficulties this device cannot 
be used at levels where the temperature is much below o° C. 
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A high-resolution form of this instrument devised by 
Malan and the writer has been employed in observations 
at ground-level to fill the gap between method (a) which 
has a poor time-resolution for field-changes and method 
(b) which is more suitable for rapid than for slow field- 
changes. Records of the output of the fluxmeter are made 
on a magnetic tape recording machine and those portions 
of interest are played back and recorded photographically 
later on, thus providing economical high-speed recording 
of transient field-changes. 

(e) The point-discharge galvanometer method. If a fine 
point erected on a tall pole is insulated and connected to 
earth through a recording galvanometer, the current J 
due to point-discharge is roughly related to the prevailing 
field F by the equation J = a(F? — M°?) where a and M 
are constants for the particular arrangement used. This 
method, which has been examined in detail by Whipple 
and Scrase, provides a useful general record of the sign 
and approximate value of F for near storms but its time- 
resolving power is low and the above equation does not 
hold with much accuracy when the usual thunderstorm 
winds are blowing. 

33. The Distribution of Electricity in Thunder- 
clouds. All the methods described in § 32 have contri- 
buted to the solution of the problem of the distribution 
of electricity in the thundercloud. After some controversy 
it is now generally agreed that the main distribution is 
one in which an upper positive charge lies several kilo- 
metres above a lower negative one. ‘This pattern may be 
repeated in different parts (cells) of a large cloud. The 
arguments of C. T. R. Wilson ? on which this conclusion 
was first based, are set out below. oh i 

Consider a charge Q which occupies a spherical region 
within the cloud, its centre at height H above the ground. 

The field at P (Fig. 14) is that due to an eléctric doublet 
of moment 2QH, the opposite charge induced on the earth 
by O being replaced by the image-charge -Q. This field 
is then F = 2OH(H? + L?)-*/ and is directed vertically 
downwards if Q is a positive charge. 
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A lightning discharge involving O may be of two kinds. 
If it is a discharge within the cloud, Q may most simply be 
considered to move vertically from a height H, to a height 
H,, where it neutralises an opposite charge — Q. If it 
is a discharge to ground, O disappears and F becomes 
zero. ‘The net field-change produced by a cloud dis- 
charge is then 
AFo = F, — F, = 2Q[H,(H? + L?) 

— HAH? +18] . (3.1) 
and that due to a discharge to ground is 
AF¿=0—F=-— 2QH(H?+ Lẹ) . (3.2) 


Fic. 14.—Thundercloud charge above the earth. 


From observations of the sign of these field-changes 
one can infer the polarity of the cloud dipole responsible 
for them. If Q is a positive upper charge (H, > H,) 
eqn. (3.1) shows that AF, will be positive for all values 
of L less than a critical value L, and negative for all values 
of L greater than Ly. Lp will be given by 

HH? + Ly =H(H? + Lè)’. 
Again, if Q is a negative lower charge moving from height 
H to ground, eqn. (3.2) shows that AF, should be positive 
at all distances. 
Observations of AF, and AF, at various distances have 
verified these deductions and hence indicate that the 
majority of thunderclouds carry positive charges above and 
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negative charges below. Table VI gives the results of 
observations of AF, which show predominantly positive 
field-changes at all distances. 


TABLE VI 


SIGN OF FIELD-CHANGES DUE TO FLASHES TO GROUND AT ALL 
DISTANCES 


Negative. Observer. Place. 


Somerset East, S. Africa 
Johannesburg, S. Africa 
Nebraska, U.S.A. 


4 Schonland 
16 Halliday 
13 Jensen 


33 


As concerns AF, eqn. (3.1) and (3.2) show that both 
cloud and ground flashes should produce positive field- 
changes when the storm is near but that the former should 
reverse to negative changes when the storm is at a distance 
greater than Lọ Since in storms in tropical and semi- 
tropical regions cloud discharges considerably outnumber 
ground discharges, we should expect to find in such storms 
a preponderance of negative field-changes at a distance and 
of positive ones when the cloud is near. That this is the 
case is shown by the data from South Africa in Table VII. 

The South African observations in the Table offer 
strong evidence for the reversal effect. Those from Great 
Britain support them in showing a considerable pre- 
ponderance of positive field-changes at small distances 
but in this case field-changes of either sign are about equal 
in number at distances exceeding 15 km. The reason for 
this is that in Britain cloud and ground discharges are 
approximately equally frequent whereas in South Africa 
the former considerably outnumber the latter. 

Observations of actual zero values for AF, at the re- 
versal distance (L = Lp) are rare. In practice the flash 
does riot usually take a vertical path between H, and Hj. 
For this reason and because H, and H, vary from one flash 


w 
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to another the concept of a reversal distance must be 
placed by that of a reversal zone, in which small field- 
changes of either sign are equally probable. This zone 
may extend over a range of from 7 to 15 km. from the point 
of observation.* 


TABLE VII 


SIGNS OF DISCHARGE FIELD-CHANGES OF ALL TYPES 


Distant Storms. 


Bia) AA Aa Observer Country 
> 15 250 2375 Schonland S. Africa 
> 10 113 644 Halliday S. Africa 
> 15 | 1699 1546 Wormell England 
Near Storms. 
< y 54 16 C. T. R. Wilson England 
my 563 70 Schonland S. Africa 
< 6 86 18 Halliday S. Africa 
<= 2 143 63 Wormell England 


Further strong evidence that the lower charge is usually 
a negative one has been given by direct observations of 
the polarity of lightning discharges to earthed metal 
structures (§ 41). These have been made in Europe, 
Russia, Japan and the United States and show that go 
per cent. or more of such flashes discharge negative 
electricity. The total number of direct observations 
available in 1941 was 2505 and 2422 indicated negative 
discharges. 

In conformity with the general picture of the charge 
distribution outlined above, it is generally observed that 
the electric field from a nearby storm just before it dis- 
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charges (the pre-discharge field) is negative, since the 
lower pole is nearer to the point of observation, while at 
a considerable distance it is found to be positive, the effect 
of the upper pole being then predominant. In these 
observations there is, however, a complicating factor of 
some interest. It is frequently observed that just before 
a very close discharge to ground the pre-discharge field 
becomes small and may even become positive. 

This effect is explicable if there exists below the lower 
negative pole of the cloud an additional small “ pocket ” 
of positive charge either in the base of the cloud or in the 
air just below the base. Direct evidence for this pocket 
is discussed in the next section. Indirect evidence is 
afforded by the observation of Wormell * that there is a 
type of cloud (or air) discharge which reverses in sign at 
a much shorter distance than the normal and higher dis- 
charge between the main poles of the cloud and which is 
responsible for some of the apparently anomalous negative 
values of AF from near discharges quoted in Table VII. 
The type f leader process discussed in $ 36 leads to the 
same conclusion. 

All these deductions as to the distribution of charge in 
the thundercloud have been very beautifully confirmed 
and extended by the alti-electrograph balloon observa- 
tions of Simpson, Scrase and Robinson.*»*? These have 
shown that in a balloon ascent near to or through the active 
centres of a thundercloud, the field is frequently positive 
on entering the cloud-base, after which it becomes negative 
for about 1 km., then positive for as much as 4km. and 
thereafter it remains negative to the top of the cloud and 
beyond. The results from a typical sounding of this type, 
in which the width of the looped lines indicates the order 
of magnitude of the field and negative and positive fields 
are shown as open and hatched loops respectively, are 
given in Fig. 15(a). The figure also shows the dis- 
tribution of the three charges, P, N and p which were 
suggested to account for the observations. The values 
found for the heights of these charges, and so for the 
temperature levels at which they lie vary considerably from 
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storm to storm, It is not possible to be certain what path 
the balloon has followed in its fairly slow flight through 


the cloud nor whether the charge distribution derived 


from the results is that existing at the moment a flash 
takes place, but typical values for large thunderclouds in 
England are P, 7 km. (— 27° C.), N, z5 km. (— 4° C.) 
and p, 1:5 km. (+ 2° C.). 


S 


Height in Kms. 
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Fic. 15.—Typical alti-electrograph soundings (after Simpson, 
Scrase and Robinson) 


The small p charge (which is called O by Simpson, 
Scrase and Robinson) is not always observed, either because 
it is absent or because its small magnitude and dimensions 
cause the balloon to miss it. In such cases the record 
obtained is as in Fig. 15 (b). 

Further confirmation of the general P— N dipole 
distribution in thunderclouds has been obtained by Gish 
and Wait (§30) using the electric fluxmeter in aircraft 
flights above the tops of thunderclouds. 
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34. Magnitudes of the Electrical Quantities In- 
volved in Thunderclouds. When the distance L is 
large compared with the heights H, and H, of the main 
P and N cloud-charges, eqn. (3.1) takes the form 


AF, = 2Q(H, — H,)/L* 
or 20(H, — H,;)=—AF,xL* . TE 


The quantity on the left is the difference between the 
electric moments of the thundercloud charges taking part 
in the discharge and is called the electric moment, M, 
of the discharge dipole. To determine it, the field-change 
due to a distant cloud flash and the horizontal distance L 
are required. The most frequent value of M determined 
in Great Britain * is 110 coulomb-km. though values as 
high as 1200 coulomb-km. have been observed. The 
average value for South Africa is go coulomb-km.! 

Since H, — H, is approximately 2km. the average 
quantity of electricity, Q, neutralised in a cloud discharge 
is about 20 coulombs. The range of variation of Q in 
individual discharges is from 2 to 200 coulombs if the 
vertical length of the discharge is supposed constant. If 
this length could be measured in every case, the variation 
would probably be much smaller. 

The average electric moment of discharges to ground, 
which usually involve the lower negative pole only, is 
found to be of the same order as that of discharges within 
the cloud. 

A single cloud-flash appears to discharge most of the 
section of the cloud which is producing lightning at the 
time. A fairly active thunderstorm produces one flash 
every 20sec. To feed these flashes alone, it would have 
to separate out charges of opposite sign at an average rate 
of 1 coulomb/sec. and the generating mechanism would 
have to provide an average current of 1 amp. Reference 
has been made in § 32 to the rapid rate at which the initial 
regeneration of the field takes place after a flash. In the 
case of cloud discharges it is usually such as to be able to 
restore the whole field in about 5 sec. if it continued for 
that time. The exponential form of the recovery curves 
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suggests that this initial rate of supply of charge remains 
constant but that an opposite neutralising effect occurs 
which tends to diminish the rate of increase of the charges 
and which is proportional to the quantity of charge present. 
at any time. 

That neutralising or dissipating effects of this nature 
exist below the cloud is shown by measurements of the 
mean current from positive point-discharge flowing up- 
wards from the earth to the N charge ($ 29). This current 
is of the order of 2amp. A similar dissipating current 
bringing negative charge down from the upper air to 
neutralise the P charge has been observed ($30). Its 
average value is about 1 amp. but it has been found on 
occasion to reach 6:5 amp. 

The electrical energy generated by the cloud is thus only 
partially spent in the production of lightning discharges ; 
just before a discharge most of the power of the generating 
mechanism is being used to overcome leakage effects 
opposing the building up of the main dipole. It may 
happen that the field, owing to this leakage load, never 
reaches the sparking value and the cloud, though electri- 
fied, does not produce lightning. 

An estimate of the maximum potential reached by the 
two main cloud charges can be found from an argument 
given by C. T. R. Wilson.” Consider first the simple 
case of a charge O contained within a sphere of radius R. 
The electric field at the surface is then given by F = O/R?. 
The maximum value of F for a discharge to occur is known 
from experiments by Macky on the behaviour of water 
drops in strong fields to be about 10,000 v./cm. or 33 €e.s.u. 
This figure is one-third of that in normal air; the re- 
duction is due to the fact that in strong electric fields a 
water-drop becomes unstable and pointed filaments are 
drawn out from opposite ends. For an average value of 
O of 20 coulombs or 6 X 10” e.s.u. the above equation 
gives R = 427 m. and the dimensions of the charged 
region are of the order of 1km. The potential at the 
surface of the sphere is given by 


V = Q/R = FR = 4:2 X 10% volts. 
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If the radial electric force everywhere within the sphere 
were such as to produce sparking, the potential at the 
centre would be 2FR or about 8 x 10% v. Two such 
spheres carrying opposite charges would therefore be at a 
difference of potential of 1-6 x 10% v. A similar result 
follows from the very different assumption that the two 
poles of the cloud are distributed in horizontal layers 
with a neutral region of thickness D, between them. If 
F is 10,000 v. jcm. and D is 2 km., the difference of potential 
between them is 4 X 10° v. 

Recent work on the manner of development of the light- 
ning discharge Fera IV) suggests, however, that the 
average value of the field at the surfaces of the charged 
regions is considerably lower than 10,000 v./cm. Once a 
short leader streamer (§ 36) has been produced in a limited 
region where the field is momentarily 10,000 v./cm., its 
further development may be possible in fields which are only 
one-tenth as large. Actual measurements of fields inside 
thunderclouds by Ross Gunn” support this conclusion, 
for the highest “ undistorted field” value reported was 
1600 v./em. just before the observing aircraft was struck 
by a discharge and the average maximum field for nine 
different thunderclouds was 1300 v./cm. If F is one- 
ninth of the value used above, the diameter of the spherical 
charged region (2R) becomes about 2-5 km., the potential 
reached before discharge 1-4 X 10% v. and that between 
the poles 2:8 x 10% v. ‘These are likely to be lower 
limits for the potentials. 

The disappearance of 20 coulombs in a lightning dis- 
charge is thus estimated to involve the dissipation of at 
least 6 X 101 ergs or 1:6 X 10° calories, most of which is 
converted into heat along the path of the lightning flash. 
A cloud giving one flash every 20 sec. is dissipating electrical 
energy in the form of lightning at an average continuous 
rate of at least 3 X 10° kw. To maintain in addition 
currents of the order of 2 amp. above and below it involves 
the provision of a further 6 X 10° kw. 
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CHAPTER IV 
THE LIGHTNING DISCHARGE 


35. General Features. The most frequent form of 
lightning is the cloud discharge. Though most cloud 
flashes are known from field-change records to be dis- 
charged between the main P and N charges of the cloud 
dipole (Fig. 15), there is evidence that others pass between 
the N charge and a lower positive charge, either the small 
p pocket of Fig. 15 (N-p discharge) or a positive space- 
charge in the air below the cloud (air-discharge). 

A similar type of flash between the P charge and negative 
charge drawn down from the upper air to the top of the 
cloud or to the air immediately above it, would account 
for many cloud-flashes which are seen at night to be re- 
stricted to the cumulus heads of thunderclouds and the 
regions above them. 

Most ground-discharges, as has been shown in § 33, 
remove negative charge from the N region. There is a 
good deal of evidence to show that they are usually trig- 
gered off by the strong field between the N and p charges 
or the positive space-charge in the air, thus extending an 
N-p or an air discharge all the way to the ground. The 
first strokes of such discharges thus bring to ground the 
residue of the negative charge left after the smaller and 
lower positive charge has been neutralised. 

A general account of the various forms of the lightning 
discharge and their effects will be found in reference 1. 

Many lightning flashes, both within the cloud and to 
ground, are observed to flicker. Early camera studies by 
Walter and others showed that this is due to the fact that 
the discharge consists of a number of separate components 
or strokes. Though the whole flash often occupies more 
than a second, the luminosity of the component strokes is 
generally over in a few milliseconds. After each stroke 
the ionisation along its channel, though much reduced by 
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electron-attachment and by recombination and diffusion 
of the ions, usually persists in sufficient measure to provide 


the following stroke with a ready-made path which it 


follows. If, however, the time-interval is exceptionally 
long, the channel ionisation is too much weakened and the 
following stroke may take a different path. 

The channel is often shifted several metres by the wind 
in the intervals between strokes ; the discontinuous nature 
of the discharge is then shown as ribbon lightning. 

Observations with moving cameras show that the branch- 
ing of the lightning discharge to ground is almost always 
confined to the first stroke of a series. 

The maximum number of strokes so far observed from 
a single flash to ground is 42. ‘The most frequent number 
is 3 or 4 and single-stroke discharges are quite common. 
The time-interval between strokes is variable, the most 
frequent value lying between 0-03 and 0°07 sec. 

36. Luminous Streamer Processes in the Dis- 
charge. (a) Experimental methods. To investigate the 
nature of the luminous processes in the lightning dis- 
charge much use has been made of a method of high-speed 
photographit recording devised by Sir Charles Boys. If 
a camera is so constructed as to provide relative motion 
of lens and film, the recorded image of any series of lumin- 
ous events in two-dimensional space will be distorted in 
such a way that later events are progressively displaced in 
position relative to earlier ones. Comparison of the dis- 
torted picture of a lightning discharge with one taken on a 
fixed camera would then show the order in which light was 
emitted at different parts of the channel. In practice, 
however, this is very difficult unless the distortion is large, 
because both fixed and moving cameras require an ac- 
curately placed reference line for the comparison. ‘The 
difficulty is avoided in the Boys camera by the use of two 
lenses rotating in a circle; these give two pictures with 
distortions in opposite directions and a reference line pro- 
vided by a diameter of the circle. This principle has 
been used to follow the processes in the discharge with a 
time resolution of 1 microsec. Full details of the Boys 
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camera and of later forms of camera which have been used 
by the writer and his associates in South Africa are given 
in references 1 and 2. 

(b) General results.» 3 Each separate stroke of a dis- 
charge to ground has been found to be of a dual nature. 
A downward-moving luminous process, the leader streamer, 
is followed upon arrival near the surface of the ground by 
a much more rapid and intensely luminous main or return 
streamer which re-traverses the channel in the reverse 
direction. The leader to the first stroke is of a different 
nature to the leaders to subsequent strokes ; it takes about 
ten times as long to reach the ground and its luminosity 
is intermittent instead of continuous. 

Fig. 16 (b) (after Schonland, Malan and Collens) illus- 
trates these points in the case of a discharge of three strokes 
which bas been photograped by a single-lens camera in 
which the lens has moved in a straight line from left to 
right. It is actually a picture in two dimensions of space 
and one of time since horizontal displacements with refer- 
ence to the fixed picture (a) represent time as measured 
from the point P. ‘These displacements are not shown 
on a uniform scale in the diagram. The Boys camera 
gives two simultaneous pictures from two lenses moving 
in opposite directions and thus avoids the use of a fixed 
picture. 

The figure shows that the leader to the first stroke pro- 
ceeds in a series of steps. Each of these is about 50 m. 
in length (range 10 to 206 m.) with fairly regular pauses 
(31 to g1 microsec.) between the steps. After each pause 
there is almost always a fresh direction of travel, and these 
changes in direction are responsible for the tortuous form 
of the lightning channel. The branches of the leader, 
which are usually found in the first stroke only, are simi- 
larly developed in steps and move outwards from the main 
channel. Each step is the bright tip of a long streamer 
stretching down from the cloud, the stem of which is 
faintly illuminated. 

When the most advanced branch of the stepped leader 
system approaches within from 15 to 50 m. of the ground, 
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the return streamer jumps the gap and passes rapidly back 
from ground to cloud, running outwards along each branch. 
This process takes microseconds to traverse parts of the 
channel originally created in milliseconds by the stepped 
leader. 

Stepped leaders are of two types. In the type « leader 
(Fig. 16 (b)) the steps are short and are often difficult to 
photograph because they are not very bright. In the 
type B leader (Fig. 16 (c)) the upper part of the channel is 
formed by longer and brighter steps than the lower portion 
which has very weak type a steps. This difference is 
associated with extensive branching in the upper part of 
the channel. It suggests that there is a stronger electric 
field, due to positive space-charge in the air below the 
cloud, at the top of the leader path than later on. Electric 
field studies of the leader process show that although photo- 
graphic records of events in the air below the cloud indicate 
that only 10 per cent. of leaders are of type f, this type is 
actually the most frequent one. The £ stage in the leader 
is usually hidden within the cloud, the high field regions 
required to produce it presumably lying between the NV 
and p charges of Fig. 15. 

In the case of strokes subsequent to the first, the leader 
is not stepped but travels continuously to ground. As 
shown in the figure, it records as a continuous bright line 
followed (in the time dimension) by fainter illumination. 
This indicates that the leader takes the form of a fast- 
moving javelin, or dart, with a bright point about 40 m. 
long and a long, faintly-illuminated stem extending back 
to the cloud. For this reason it is termed a dart leader. 
The only exceptions to the continuous movement occur 
when an unusually long time-interval has elapsed since 
the preceding stroke ended. The dart leader is then much 
slower ; frequently it shows the stepped method of pro- 
gression over part of its length and takes a path different 
from that of its predecessors. 

A typical first-stroke return streamer record is shown in 
Fig. 17. Times are shown in microseconds after the start 
at Y, 


it continues to remove charge from the cloud for a further 
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The streamer covers the distance of about 2 km. betwe 
ground and cloud in 60 microsec. The figure shows 
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Fic. 17.—Return streamer time-table (Malan and Collens). 
(Times in p-secs.) 


600 microsec. The brightness and velocity of the streamer 
decrease as it travels upwards but are revived suddenly 


THE LIGHTNING DISCHARGE 71 


as each of the branching points is reached, indicating, as 
has been shown by the detailed studies of Malan and 
Collens,* that the charge on a branch calls into existence 
a fresh flow of current from the ground. The current 
at the base of the channel is subject to violent fluctuations 
(M components) from these effects. Further fluctuations, 
(like the last two in Fig. 17), are produced by processes 
which are hidden in the cloud. In the case of subsequent 
strokes these latter fluctuations are the only ones observed 
because there are usually no branches to be traced by the 
return streamer. 

The average velocities of the three processes which have 
been described, the dart, return and step streamers, are 
2,000, 20,000 and more than 10,000 km. /sec. respectively. 
Although individual steps are pushed forward at 
> 10,000 km./sec., the step-streamer process as a whole, 
as Fig. 16 shows, is slow, for its numerous pauses cause it 
to have an effective velocity which seldom exceeds 
300 km./sec. and can fall as low as 100 km./sec. 

In the case of very tall structures like the Empire State 
Building, 1250 ft. high, McEachron and Hagenguth® have 
shown that the lightning discharge frequently begins with 
an upwardly directed stepped leader which travels from 
ground to cloud and is not followed by a return process. 
The current continues to flow for some time in the channel 
thus formed, after which a normal downward dart leader, 
followed by an upward return streamer, creates the second 
and later strokes. 

37. Electrostatic Field-changes associated with 
Lightning Processes. The processes described in § 36 
give rise to electrical field-changes which are best studied 
by the amplifier-oscillograph method of § 32 (d) or the 
electric fluxmeter of § 17. 

Fig. 18 (A) shows the general form of the field-changes 
produced by a ground discharge of three strokes when 
near (3-5 km.), but not directly over, the recording in- 
strument.*? Fig. 18 (B) shows the form taken by the 
same field-changes when the flash is fairly distant 
(12-20 km.). In this case, as described in $ 40, induction 
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and radiation field-changes would be superimposed on the 


electrostatic field record but for the sake of clarity they 
have been omitted from Fig. 18 (B). 

The manner in which various sections of the field-change 
record have been identified with the various streamer- 
processes observed with the Boys camera is shown in the 
figure. The / portions of the record correspond to the 
downward movement of leader streamers and the two r 


Fic. 18.—Electrostatic field-changes due to a discharge to ground 
(Schonland and Malan), 


portions, 7, and 7,, with the upward return streamer, 
The remaining j portion corresponds to a streamer process 
which cannot be photographed since it takes place within 
the cloud. From a detailed study of records of this kind 
the following conclusions can be drawn : 


(1) Leader (I) field-changes. These, which produce 
hook-shaped negative changes when nearby and parabolic 
positive changes when at a distance, indicate clearly the 
lowering of negative charge towards the ground by the 
leader streamers. Since they remove charge from an 
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initial height, Ho), to a lower effective height, H, ($ 33, 
eqn. 3.1) when the charge is distributed along the 
channel, their net field-changes reverse in sign with 
distance. 

The leader to the first stroke in Fig. 18 shows a field- 
change which has a much larger slope over the first section 
xy than later. This is because it is a type £ leader ($ 36 b), 
and lowers charge more rapidly in its initial than in its 
final stage. 

As Fig. 18 shows, dart leaders to subsequent strokes 
occupy a much shorter time than the first stepped leader 
but show a similar form of field-change. 

It is of some importance that the durations of leader 
field-changes are often much longer than the durations of 
the corresponding leader processes recorded by cameras 
operating at the same time. For this implies that a con- 
siderable length of the leader channel, sometimes of the 
same order as the visible length below the cloud, is hidden 
inside it and that the N charge creating the leader is at a 
considerable height. 

(2) Return streamer (r, and r,) field-changes. Since these 
involve the removal to ground of the negative charge on 
the leader (7,) and remaining in the cloud (r,) their 
field-changes are positive at all distances. ‘The rapid 
r, change occupies a time of the order of 50 microsec. 
and has a complex fine structure which is not shown in 
Fig. 18. The slower r, change, which occupies 1 or 2 
millisec., is considered to be due not only to the final 
mopping-up of the charge remaining in the region which 
produced the leader, but also to an upward flow of positive 
charge induced on the top of the channel by N regions as 
yet untapped by the discharge. 

(3) Function (j) field-changes. These changes occupy 

e intervals between strokes. Since they are negative 
when near and positive when far, they must be created by 
slow movements of charge within the cloud, in which 
positive charge moves upwards or negative charge moves 
downwards. There is some evidence’ that in most cases 
they are due to the upward movement of positive streamers 
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from the top of the channel to new regions of negative 
charge, which they render conducting. 


(4) The mechanism responsible for successive strokes. It = 


has been shown by Malan and the writer’? that a number 
of lines of evidence leads to the conclusion that each stroke 
of a discharge to ground comes from an N region which is 
higher than that producing its predecessor. From this 
and other information it is deduced that the N regions 
creating a discharge of many strokes are not haphazardly 
distributed within the cloud but form a single and ap- 
proximately vertical column which is intermittently dis- 
charged and which extends upwards to considerable heights. 
A ground flash of many strokes may come from a column 
6km. long. These authors have shown that the pauses 
between strokes represent the time required for the 
junction-streamer process to move upwards and render 
the next section of the charged column sufficiently con- 
ducting for it to discharge down the channel as a leader. 

38. The Mechanism of Streamer Development.’ 
It is known from laboratory studies of gas-discharge pro- 
cesses that an electrical streamer possesses a conducting 
stem filled with ions and electrons and that the motion 
of these charged particles in the field prevailing inside the 
stem constitutes a current which keeps the streamer surface, 
and its tip in particular, supplied with charge as it moves 
forward. For forward movement the electric field at the 
tip must be sufficiently great to cause free electrons in the 
air in front of the advancing streamer, some of which are 
created photoelectrically by ultraviolet light from the 
streamer itself, to ionise by collision. This ionisation 
is cumulative and leads to the production of electron 
avalanches which extend the streamer tip. 

The streamers give out light at and behind their tips 
because excitation as well as ionisation occurs in the strong 
field region. Since the excited atoms and molecules return 
a short time later to their ground-states, and since the tip 
moves forward during this interval, the region of intense 
cing osity extends backwards for a limited distance behind 

e tip. 


| 
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In the case of the dart leader, the negatively charged 
streamer is guided along a pre-existing channel because 
ionisation created by previous strokes exists in front of the 
advancing tip. It can be shown that the velocity attained 
by the streamer in this case should be proportional to the 
cube root of the pre-existing electron density, n, in front 
of it.8 When the interval between strokes is short, n is 
large and high dart-leader velocities are possible, but when 
the interval is long and m has been reduced by electron 
attachment to atoms and molecules and by diffusion pro- 
cesses, the dart leader velocity is low. 

The fast return-streamer also travels along a previously 
ionised channel, more heavily ionised and fresher than that 
available to the dart leader. In this case, however, as was 
first shown by Simpson, the tip of the streamer is positively 
charged and the electron avalanches in front of it move 
inwards in a strongly converging field. ‘These factors 
account for the high velocity of the return streamer. 

The stepped leader, which is the first of all the discharge 
processes, appears from the photographic records to in- 
volve advance into virgin air and to follow no pre-existing 
trail of ionisation. Its slow effective velocity, which is of 
the same order as the minimum velocity at which an 
electron can ionise by collision, coupled with the very 
high velocity of the step streamers themselves suggests, 
however, that it too follows an ionised path prepared by 
an unrecorded pilot streamer, or a cone of such streamers, 
which precedes it. On this view the steps are secondary 
effects superimposed upon the pilot streamer and catching 
up at intervals with it. 

Such pilot streamers would be controlled in direction by 
purely local variations in the electric field in front of their 
tips and their paths will be tortuous and branching, 
especially if the air contains concentrations of positive 
ion space-charge. 

A- fuller discussion of these streamers and of the un- 
settled question of the mechanism responsible for the 
fairly regular pauses observed in the stepped process will 
be found in references 9, 10 and 11. It is generally agreed 
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that these pauses owe their origin to a property of the 
streamer itself ê and not to any intermittent feature in the 
discharge from the cloud but whether this property in- 
volves a periodic transition from a “ glow” to an “arc” 
form of streamer or is simply due to the streamer over- 
reaching itself and requiring a pause to renew the field- 
strength and the conductivity of its stem is not yet certain. 

39. Discharges which do not Pass to Ground. 
Discharges which do not reach the ground, whether they 
are air-discharges or take place entirely within the cloud are 
found to be of the leader type, without the usual return 
process. Air discharges when photographed show com- 
plex branched type f step-leader streamers with dart 
leaders superimposed upon them. They travel towards 
local concentrations of positive space-charge below the 
cloud and weak “ recoil” streamers moving back from 
such concentrations have been observed. An example of 
recoil is shown along p, q in Fig. 17. 

The study of discharges which are entirely within the 
cloud has so far been possible by field-change methods 
only. ‘These show that cloud discharges are of the same 
character as air discharges and can occupy times of the 
order of milliseconds. 

40. Induction and Radiation Field-changes. The 
form of the electrostatic field-changes associated with 
lightning discharge processes has already been described. 
The complete electric field from a small dipole of moment 
M is actually the sum of the components represented by 
| E = M/r* + (dM /dt)/cr® +- (dM dt?) jer, 
expressed in e.s.u. where c is the velocity of light and r 
the radius vector to the centre of the dipole. The first 
term corresponds with eqn. (3.1) for the electrostatic field, 
the second is the induction or magnetic term and the third 
the well-known expression for radiation from a Herzian 
dipole. Within ro km. of a lightning flash the first term 
is much larger than the other two and the field-changes 
caused by lightning produce mainly electrostatic effects. 
At 25 km., however, the last term shows up strongly and 
at 50 km. and beyond, it is predominant. 
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The radiation field is proportional to d2M/dt? and so to 
the rate of change of the current in the portion of the dis- 
charge concerned at time £ — r/c. Radiation effects from 
lightning are therefore most prominently associated with 
processes which involve the rapid starting and stopping 
of streamers carrying large currents. These are (a) the 
stepped processes found in first stroke leaders and in cloud 
and air discharges and (b) the return processes in each 
stroke, 

The radiation effects of these processes are found to 
constitute the majority of atmospheric (static) disturbances 
on the longer wavelengths used in radio communication 
and can be observed more than 4000 miles away from the 
parent discharge. ‘They have been of practical value in 
the location of thunderstorms for meteorological purposes 
(sferics) and the manner in which they are modified by 
successive reflections from the ionosphere has been used 
to give information about the height and nature of its 
lower D layer. * 

41. Currents and Current Variations. Much work 
has been done to determine directly the magnitudes of 
lightning currents to ground and their time-variations.% 10 
One instrument used for determining peak currents through 
elevated conductors and towers struck by lightning is a 
simple recording voltmeter, known as a Klydonograph, 
placed across one of a string of insulators acting as a 
potential divider and connected between the conductor 
and the earth. This device makes use of the fact that the 
diameter of the “ Lichtenberg ” figure produced around 
a positive point resting on a flat photographic film backed 
by an earthed plate is proportional over a certain range 
(up to 25,000 v.) to the potential difference between point 
and plate. To record discharges of both polarities two 
instruments, oppositely connected, are necessary. 

The Klydonograph method requires a knowledge of 
the surge impedance between the conductor and the 
earth and this is not always easy to determine. More use 
has recently been made of “ magnetic links,” two or 
three bundles of short unmagnetised steel strips of high 
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retentivity which are mounted at different known distances 


from the conductor. The peak currents passing in the — 


discharge can then be found from the remanent magnetism 
in the links, calibration being effected with known currents. 

In a development of this device called the Fulchrono- 
graph (Wagner and McCann) ** the links are carried on an 
aluminium wheel which rotates between coils through 
which the lightning discharge passes. The remanent 
magnetism of successive links then gives the time variation 
of the current. 

The time variation has also been determined by shunting 
special types of oscillograph across resistances of high 
current capacity. The data are, however, as yet insuffici- 
ent for a generalised statement of the manner in which 
the current in a discharge varies with time in the successive 
strokes of a discharge. In first strokes it rises to a peak 
of average value 20,000 amp. (maximum observed value 
250,000 amp.) in from 1 to 20 microsec., with a most 
frequent “ time to peak” of 2 microsec. Its manner of 
decay is variable but it is usually stated to fall to half its 
peak value in about 24 microsec. (range 7 to 115 microsec.). 

Continuing currents of considerable magnitude and of 
long duration have been found by McEachron ** to follow 
strokes to the Empire State Building but in discharges 
to lower structures the current is usually found to have 
fallen to very low values (< o-1 amp.) a few milliseconds 
after the start of the return portion of the stroke.1* 

The quantities of electricity found by integrating the 
current-time curves of direct discharges are of the same 
order of magnitude (average 30 coulombs, maximum 164 
coulombs) as those determined by the method of C. T. R. 
Wilson ($ 34). 
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CHAPTER V 
CHARGE GENERATION IN CLOUDS 


42. Introduction. Many suggestions have been made 
as to the manner in which electric fields can be built up 


in clouds. Some of these have had to be discarded as — 


facts on which to test them have accumulated. Most of 
the mechanisms left in the field may well be in operation 
at the same time and it is not easy to decide which are 
predominant in creating the electrification of thunder- 
storms. 

An acceptable theory must (a) offer an explanation of 
polarity of the main P-N dipole ; (b) give P and N charges 
each of about 30 coulombs under reasonable conditions of 
temperature, water-content and updraught ; (c) operate at 
a temperature at least as low as — 10” C., and (d) be 
shown experimentally to work. Subsidiary mechanisms 
may be necessary to account for the lower p charge and 


for observations to be described in § 45 on the relation of © 


the charge on thunderstorm rain to the prevailing field. 
Of the theories which have been rejected because they 

did not meet all these conditions the best-known is that of 

Simpson, which proposed to account for the main electri- 


fication of the cloud by the Lenard effect, the breaking-up _ 


of water-drops in ascending air-currents. “This mechan- 
ism, which left the larger fragments with a positive charge 
can satisfy neither the temperature condition (c) above nor 
condition (a), since it requires the lower portion of the 
cloud to be positively charged. It may, however, as 
Simpson and Scrase have suggested, be responsible for 
the small p charge of Fig. 15. 

43. The Separation of the Opposite Charges once 
they are Formed. All the mechanisms which are at 
present under consideration satisfy condition (a) because 
they all suggest two entirely different types of carrier for 
positive and for negative charge and because all give a 
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negative charge to the heavier of the two types. Polarisa- 
tion of the cloud in the requisite direction then follows 
automatically by the action of gravity in pulling the nega- 
tive charges down (Fig. 19). When an updraught in the 
cloud is capable of supporting or even of driving upwards 
the heavier negative group of carriers (raindrops or snow 
or large ice-particles) the lighter ones (droplets or ice- 
fragments) are driven upwards still faster, so that the 


Fic. 19.—Gravitational separation of opposite charges 
(C. T. R. Wilson). 


relative velocity of separation of the two groups is the same 
as if no updraught were present. 

The shape of the field-changes immediately after a 
cloud-discharge (§ 32) suggests that the process of separa- 
tion of the oppositely-charged carriers is one involving 
initially free fall under gravity and that this free fall is 
progressively retarded and finally reduced to nearly zero 
by the attractive forces between the separating charges. 
The rate of fall of the heavier carriers in this final stage 
must be considered just sufficient to maintain the charges 
constant in the face of dissipation currents within the cloud 
and directed to it from outside. Ultimately the field 
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between the separated charges may become strong enough 
for a discharge to pass. If the charges are equal, this 
leaves the cloud in its initial state and the larger carriers 
in the neutral region of Fig. 19 once more separate out 
under the action of gravity. The relative velocity of 
separation has been taken by C. T. R. Wilson t to be of 
the order of 6 m./sec., the terminal velocity of a water- 
drop o:15 cm. in radius. Relative to such a drop, the 
much slower positive droplets may be considered as 
stationary. Wilson has examined the case of a disc-shaped 
region of charge-generation (Fig. 19) making use of his 
measurements of the average moment M developed before 
discharge and of dM/dt just after discharge. He has 
assumed the thickness of the disc to be about 1 km. and 
the discharge to occur when the field reaches 10,000 v./cm. 
From this information he found that (a) the volume of the 
generating region is 4cu.km. and hence its cross- 
section 4sq.km.; (b) the rate of generation of charge is 
equivalent to about 1 amp./sq. km. of surface and is there- 
fore about 4 amp. in all; (c) the total charge on either the 
positive or the negative carriers in the neutral generating 
region is about 500 coulombs ; (d) the charge per c.c. on 
the larger carriers is of the order of, but should not exceed, 
30 €.S.U. 

The values deduced in this way are all in conformity 
with what is known of the quantities concerned. They 
are not seriously changed if modifications are made in the 
postulates to bring these into closer agreement with more 
recent information (thickness 3km., breakdown field 
1000-10,000 v./cm.). 

A different type of cloud polarisation by gravity has been 
discussed by Frenkel in connection with fog-like clouds of 
small droplets. ‘These are considered by him to be capable 
of capturing negative ions from the air ($ 44 (6)) which is 
then left with an excess positive charge. The charged 
droplets are not held up completely by the internal field but 
drift slowly downwards at such a rate that the polarisa- 


tion charge developed per unit area is equal to the charge * 


neutralised by the internal conduction or dissipation 
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current in the same time. The internal field, E,, in 
this “ stationary ” condition is related to the equilibrium 
field, E, in which the drops are fully supported, by the 
equation E,/E, = A/A where A is the ionic conductivity 
of the air and A is the much smaller contribution to the 
conductivity provided by the droplets. E, is found to be 
of the order of roo v./cm., a hundred times less than Eq. 
In clouds where the water content is greater, the positive 
ions will attach themselves to larger particles and the 
development of polarisation in the thundercloud then 
appears to become the same as that considered by 
C. T. R. Wilson. 

44. Suggested Mechanisms of Thundercloud 
Electrification. (a) Mechanisms which depend on the 
selective capture of negative ions by the larger carriers. A 
mechanism suggested by C. T. R. Wilson depends upon 
the selective capture of negative ions from the air by large 
falling water-drops or ice-particles, the residual excess 
positive charge in the air being absorbed by very small 
droplets or ice-fragments in the upper part of the cloud. 

For the mechanism to work, the ions concerned must 
be large ones ($1). Since their mobility is about 
0*0003 cm./sec., the velocity with which they move under 
the influence of the prevailing electric field is much less 
than the velocity of fall of the larger carriers. 

Consider a large drop or ice-particle inside a cloud in 
which a downwardly-directed field already exists. Owing 
to this field the drop will have a negative induced charge 
on its upper surface and a positive charge below (Fig. 20). 
In the case of an ice-particle, Chalmers has shown that 
dielectric polarisation will produce a similar distribution of 
charge.? As these larger carriers move downwards, they 
will approach positive ions moving down more slowly and 
negative ions moving up; encounters with other drops or 
ice-particles are considered to be relatively rare. The 
drops will behave differently in encounters with the two ion- 
streams. At the under-surface of a drop the negative ions 
will be attracted and the positive ions repelled and the 
former, if within a suitable distance, will be captured, giving 
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the drop a net negative charge. The negatively-charged 
upper surface of the drop does not reverse the process, 
because here it is receding from the ion-streams and 
positive ions have been repelled away from the drop in 
the course of their passage past it. Innumerable episodes 
of this kind can cause the 

titttttttttttttt drop to acquire a consider- 
able net negative charge, 
without appreciably alter- 
ing the chance of further 
captures. A water-drop 
1 mm. in radius, falling in 
a field of 10,000 v./cm. 
carries at each end an in- 
duced charge of 0°25 e.s.u. 
If it has collected a net 
qN negative charge equivalent 
to the very reasonable value 

of 12 e.s.u./c.c., the increase 


in the upper negative charge 
Y i and the decrease in the lower 
: Pagas lon positive charge will be 10 
e per cent. only. Whipple 
: and Chalmers have shown 


that the maximum charge 
which can be collected in 


Fic. 20.—Capture of slow nega- 
tive ions by large falling drops. 


r is the radius of the drop. This gives 40 e.s.u./c.c. for 
the case just considered. If negative ions only are present 
the maximum charge collected is — 3Fr?, six times as great. 

The tiny droplets and ice and snow particles, which fall 
relative to the air with a velocity of the same order as that 
of the ion-streams, will be unable to exercise the selective 
action described. They will therefore absorb a net positive 
charge, the complement of the negative charge collected 
by the larger carriers. 


trations is — o-52F'r? when 
F is the field-strength and 


this way if ions of both — 
signs are in equal concen- 


ei 


- 
Mil: A > 
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Wilson's mechanism operates in such a way as to en- 
hance enormously a pre-existing field. ‘This could be the 
normal field of fine weather or a field produced initially 
by one of the other mechanisms to be described. The 
Wilson process has been shown by Gott to work under 
laboratory conditions but it is not generally agreed that it 
is the chief agency in building up the fields of thunder- 
clouds. One criticism which has been raised against it is 
that the concentration of large ions necessary for it to be 
effective is not likely to be present until the electric field 
is very strong. 

The theory of Frenkel® is based upon a selective ad- 
sorption of small negative ions by water-drops or wet 
ice-crystals. Owing to the polar character of the water 
molecule, the skin of such carriers is considered to consist 
of an electrical double-layer with positive poles outwards. 
This tends to capture negative ions from the air until a 
difference of potential vp is created between the drop and 
the cloud of positive ions which surround it. The equi- 
librium negative charge acquired in this way is vgr where 
r is the radius of the drop and v, is 0-25 v. This mechan- 
ism gives a considerable negative charge density to small 
drops but is not very effective in the case of large ones 
(r=o-1cm., charge density 0-02 e.s.u./c.c.) nor does it 
give very large fields. To carry it further, Frenkel con- 
siders that adjacent downward-moving droplets coalesce 
into larger drops as a result of hydrodynamical forces be- 
tween them. These larger drops in their downward flight 
sweep up and collect the charge from slower-moving drop- 
lets, obtaining in this way a charge which varies as r° and 
creating much larger fields. The theory does not appear 
to have been tested experimentally. 

(b) Mechanisms which depend upon electrification as a 
result of change of state. In its earliest stage of development 
the cumulonimbus cloud consists almost entirely of drop- 
lets of water. Some of the droplets in the portion of the 
cloud above the freezing level remain unchanged in state 
and supercooled. As the cloud top rises, an increasing pro- 
portion of these droplets are converted into ice-particles, 
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either directly or by the action of special “ sublimation- 
nuclei”. The effectiveness of these processes increases 
with decreasing temperature and hence with increasing 
height. Ice-particles formed in this way grow very rapidly 
at the expense of surrounding supercooled drops if the 
temperature is low. As these grow in size they fall and the 
mature thundercloud contains a complicated mixture of 
hard and soft hail, snow particles, rime-covered ice (graupel) 
and water drops. All these hydrometeors are in various 
stages of growth, or of disappearance, depending upon the 
temperature-levels to which they have risen or fallen and all 
of them are constantly colliding and coalescing with one 
another. 'The changes of state, and the collision and 
coalescence processes thus involved, offer a variety of 
opportunities for the generation of electric charge and a 
number of possible mechanisms have been based upon 
them, most of which have been tested experimentally. 
These are listed in Table VIII below. 

Mechanism No. 7 is not one of change of state but is 
included in the Table because it involves ice ; experimental 
test of it has so far yielded conflicting results. Mechanism 
No. 6 would not create a dipole of the correct polarity and 
could only operate in the lower levels of the cloud where 
like the Simpson breaking-drop mechanism, it may con- 
tribute to the formation of the lower p charge and the 
strengthening of the N charge above it (Fig. 15). Ex- 
periments by Kramer indicate that mechanisms Nos. 2 
and 3 of Findeisen must be regarded as of minor signifi- 
cance compared with No. 1. 

The remaining mechanisms, Nos. 1, 4 and 5, are all 
based upon electrification resulting from the freezing of 
supercooled drops, either directly (5) or by contact with 
falling ice-pellets (1 and 4). If one or other of them is 
responsible for the formation of the main cloud dipole, 
the first occurrence of lightning should be closely related 
to the first development of the ice-phase in the cloud. 
This in turn is bound up with the height and so with the 
temperature-level to which supercooled water-drops are 
raised by the updraught within the cloud. 
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Evidence as to the height of the larger droplets within 
the cloud at various stages has recently been made available 
by microwave radar studies of the so-called “ cloud echo ”. 
These suggest that full-scale electrification leading to fields 
sufficiently great to produce lightning does not occur 
until the supercooled droplets have been raised to a 
temperature level, variously given as between — 28° C. 
and — 40° C., where ice-crystal formation on an appreciable 
scale can occur. 

These observations, together with the conclusions of 
Malan and the author ($ 37 (4)) that the N charge occupies 
a column of considerable vertical extent, whose top reaches 
to very low temperature-levels, make it probable that the 
main dipole electrification of the thundercloud is initiated 
as a consequence of freezing processes of one kind or 
another as soon as the ice-phase forms from super-cooled 
drops. The larger carriers of charge will then fall down- 
wards and build up a field which may of itself be sufficient 
to cause spark break-down or may have to be enhanced 
by the selective charging mechanism of C. T. R. Wilson. 
Another method of enhancement, by droplets bouncing off 
melting hail in the lower portion of the cloud, has been 
discussed by Workman and Reynolds.' 

45. The Charge on Rain from Electrified Clouds. 
Although the predominant sign of the electric field below 
a thundercloud is negative ($ 33) it has long been known 
that the charge on the rain from it is mainly positive in 
sign. This can be qualitatively explained by C. T. R. 
Wilson’s selective ion-capture mechanism ($ 44 (a)), which 
would operate as in Fig. 20 with all the signs in the diagram 
reversed and might be expected to be very effective since 
point-discharge at the ground creates an abundance of 
positive ions most of which will be converted by capture- 
nuclei of various kinds into heavy ions during their passage 
upwards to the cloud. 

Simpson,' in an important series of observations made 
at Kew, has compared the current, ¿, carried down by 
rain to a square centimetre of the ground with simultaneous 
records of the rate of rainfall, R, and of the point-discharge 
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current, J, from an elevated point. For potential gradients 
exceeding 2000 v./m. he finds the relation ¿ oc — J x R05? 
from which it is clear that (i) the sign of the charge on the 
rain in these fields is always opposite to that of the pre- 
vailing field (mirror-image effect); (ii) with a given rate 
of rainfall the rain-current is directly proportional to the 
point-discharge current, and (iii) with a constant point- 
discharge current the rain-current varies with the rate of 
rainfall, increasing or decreasing approximately as VR. 

It is clear from these results that the rain derives its 
charge from point-discharge ions. Ultimately, in very 
heavy rain, all the point-discharge ions are swept up and 
brought back again to earth, the rain current being found 
equal to the estimated point-discharge current per square 
centimetre of the ground. Whether the Wilson mechanism 
alone can account quantitatively for these results is still 
under discussion ; it is not impossible that more than one 
process is at work in charging the falling drops. The rain 
current by itself gives a statistical mean for the charge on 
the drops and there is evidence that individual drops can 
carry charges of opposite sign. 

In ght steady ie and in some showers, the electric 
field at the ground is found by Simpson to be generally 
negative and as high as — 1000 v./m. When it is positive 
it seldom exceeds the fine weather gradient of about 
+ 400v./m. Such rain is found to be positively charged, 
the charge on it being directly proportional to the departure 
of the field from its fine weather value. No explanation 
of this effect has as yet been suggested. 
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Electrical processes occurring in the atmosphere couple the atmosphere and ionosphere, because both DC and AC effects operate at 
the speed of light. The electrostatic and electromagnetic field changes in global electric circuit arise from thunderstorm, lightning 
discharges, and optical emissions in the mesosphere. The precipitation of magnetospheric electrons affects higher latitudes. The 
radioactive elements emitted during the earthquakes affect electron density and conductivity in the lower atmosphere. In the 
present paper, we have briefly reviewed our present understanding of how these events play a key role in energy transfer from the 
lower atmosphere to the ionosphere, which ultimately results in the Earth’s atmosphere-ionosphere coupling. 


1. Introduction 


The atmosphere of the Earth is a layer of gases surrounding 
the Earth that is retained by Earth’s gravity. The atmosphere 
protects life on the Earth by absorbing the ultraviolet so- 
lar radiation, warming the surface through heat reten- 
tion (greenhouse effect), and reducing temperature extremes 
between day and night. Based on temperature distribution, 
atmosphere is divided into the troposphere, stratosphere, 
mesosphere, and thermosphere. The temperature in the 
thermosphere remains almost constant (Figure 1) [1]. The 
stratosphere and mesosphere regions are also grouped as 
the middle atmosphere. The region above the middle atmo- 
sphere is called the upper atmosphere where solar radiation 
and other sources ionize the neutral constituents forming 
plasma of ions and electrons. The region extending from the 
mesosphere to the thermosphere is called ionosphere where 
plasma dynamics is controlled by the collisions between the 
ionized particles and neutrals as well as between the ionized 
particles themselves. The region above the ionosphere is 
known as the magnetosphere. In this region, charged par- 
ticles dynamics is controlled by the Earth’s magnetic field 
because the density collision frequency is very low. There is 


no sharp boundary between the upper ionosphere and the 
lower magnetosphere region. 

The ionosphere system is mainly controlled by various 
external sources of forcing and number of mechanisms oper- 
ative in the system to convert, transport, and redistribute the 
input energy. Solar extreme ultraviolet (EUV) radiation and 
particle energy from the sun in the form of precipitating solar 
wind plasma energetic particle influence from the above, 
while tides, planetary waves, gravity waves, electromagnetic 
waves in wide frequency range, turbulence, convection, 
and so forth from the below. Even processes taking place 
below/on/above the surface of the Earth also affect the iono- 
sphere and its processes. In fact, lower atmosphere/middle 
atmosphere/upper atmosphere (ionosphere)/magnetosphere 
acts as a multi-coupled system. The coupling occurs mainly 
through the dynamical, chemical, and electrical processes. 

The ionosphere reacts to various phenomena such as 
lightening discharges, functioning of high-power transmit- 
ters, high-power explosion, earthquakes, volcano eruptions, 
and typhoons through a chain of interconnected processes in 
the lithosphere-atmosphere-ionosphere interaction system. 
Thunderstorms play a major role in transferring energy from 
the atmosphere to the ionosphere [3] and in establishing 
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FIGURE 1: Variation of temperature, electron density and electrical 
conductivity of various atmospheric layers, after [1]. 


electrical coupling between atmosphere and ionosphere 
through the global electric circuit (GEC). The Earth’s surface 
has a net negative charge, and there is an equal and opposite 
positive charge distributed throughout the atmosphere above 
the surface. The electrical structures of the lower atmosphere, 
GEC, and conductivity profile shown in Figure 1 are deeply 
influenced by cosmic ray flux [4], high-power transmitted 
waves [5-7], and earthquakes [8]. Lightening-generated 
whistler mode waves scatter radiation belt trapped electrons 
which precipitate into the lower ionosphere and result 
into the additional ionization and formation of ionospher- 
ic inhomogeneities [9, 10]. The powerful high-frequency 
transmitted waves produce ionospheric heating which, in 
turn, causes generation of ultra-low-frequency (ULF) and 
extremely low-frequency (ELF) waves [11], the formation 
of very low-frequency (VLF) ducts and other types of 
inhomogeneities [12, 13], the acceleration of ions, and the 
excitation of atmospheric emissions in different spectral 
bands [14]. The effects of these processes on the GEC 
(including the ionosphere) are not yet fully understood. 

The convective activity in thunderstorms produces 
gravity waves which propagate to the lower ionosphere 
and deposit energy and momentum through the process 
of breaking and absorption and may help in the initiation 
of sprites and other transient luminous events (TLEs) [15— 
17]. The converse problem is the generation of acoustic 
gravity waves by sprites and other TLEs. The thermal energy 
deposited in the neutral atmosphere within a sprite volume 
(10% km?) during short (<1 ms) duration may produce an 
impulsive pressure pulse that propagates laterally outward 
as an acoustic/gravity wave [18]. The energy deposited by 
a large sprite could be as large as ~1 GJ [19]. The acoustic 
gravity wave causes spatial and temporal modulation of 
plasma density and electric conductivity in the ionospheric 
E layer. The associated wave instability causes generation of 
related field-aligned currents and plasma density irregulari- 
ties in the upper ionosphere [20]. The satellite observations 
anomalous DC electric field, ULF magnetic pulsations, small 
scale plasma inhomogeneities, and correlated ELF emissions 
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[21] may be considered as experimental evidence for these 
processes. However, the full knowledge of the interconnec- 
tion between gravity waves and TLEs remains unresolved. 


The purpose of this paper is to review briefly the present 
understanding of the link between most of the processes 
operative in the lower atmosphere and their electrodynam- 
ic coupling with the ionosphere. After this introduction, 
Section 2 deals with a more detailed description of physics 
of the atmosphere-ionosphere coupling. Various coupling 
processes including AC and DC phenomena are discussed 
in Section 3. Brief summary is given in Section 4 with some 
discussions. 


2. Physics of Earth’s Atmosphere-Ionosphere 
(AI) Coupling 


Thunderstorms and lightning discharges are the main sour- 
ces of electromagnetic and electrostatic energy in the Earth’s 
atmosphere. Electrostatics involves the buildup of charge on 
the surface of objects due to contact with other surfaces. 
Although charge exchange happens whenever any two 
charged surfaces contact and separate, the effects of charge 
exchange are usually only noticed when at least one of the 
surfaces has high resistance to electrical flow. In thunder- 
storms, a rapid vertical rearrangement of deep air layers 
takes place. Large processes promote, shape vertical and 
horizontal air motions, and processes within storms control 
the development of rain and strong local winds. Vigorous 
vertical air currents and thunderstorms are a consequence of 
excessive warmth and moisture at low altitudes. 


Thunderstorm consists of a cluster of clouds. Electrical 
charges generate and separate during the developmental 
stage of thunderstorm and are neutralized during light- 
ning discharges. Numerous processes operating within the 
environment of a mature convective cloud with varying 
effectiveness and time dependencies affect cloud electri- 
fication [22, 23]. The charging of thunderstorms can be 
discussed as inductive charging or noninductive charging. 
An inductive process requires preexisting electric fields to 
induce charges on a particle so that when it rebounds 
from another particle, charge is separated and the field 
is enhanced. In the atmosphere, the fair-weather electric 
field resulting from positive charges in the atmosphere 
and negative charges on the ground could be considered 
as the preexisting field. However, there are experimental 
results from airborne instruments which require some 
other processes of charging [22]. Noninductive processes 
are independent of the presence of an external electric 
field. In an ordinary thundercloud, the smaller ice crystals 
are charged positively and move upward, whereas larger 
graupel particles charged negatively descend relative to the 
smaller particles under the action of gravity. This is the 
normal situation, depending on the prevailing conditions of 
temperature, liquid water content, and mixing in the thun- 
derstorm. Situation in thunderstorm is quite variant, and 
charging process may not remain as discussed above [24]. To 
better understand these phenomena, further investigations 


International Journal of Geophysics 


Red sprite 


Ionoshphere 


iD) 
el 
cD) 
== 
Q 
D 
O 
n 
= 


Electron 
density 


Altitude (km) 
al 
© 


Blue jet 


Stratosphere 


| os 


E 7 


Temperature 


FIGURE 2: Depiction of various optical events in the atmosphere and 
the altitude at which they occur, credit [2]. 


involving both precise measurements of time development of 
electric field inside the cloud and simulations are required. 

The charge buildup during the active period of a thun- 
derstorm ultimately results into lightning discharge either 
through the processes of dielectric breakdown or runaway 
breakdown [29-32]. The electric field computation favours 
runaway breakdown mechanism [33]. However, discharge 
processes are not fully understood, and further observations 
and works are required. Lightning discharge creates charge 
imbalance in the cloud/thunderstorm, and as a result upward 
propagating quasi-electrostatic field initiates from the upper 
charge-layer of thunderstorm. This quasi-electrostatic field 
connects troposphere with the stratosphere and the lower 
ionosphere for a very short duration. There are about 40 to 
100 lightning discharges occurring every second. Apart from 
the upward propagating quasi-electrostatic fields, lightning 
discharge current generates intense electromagnetic pulses of 
~20 GW peak powers [34] which may cause significant iono- 
spheric disturbances because of the heating and acceleration 
of electrons, production of ionization, optical emissions, and 
so forth. 

The upward propagating quasi-electrostatic causes tran- 
sient luminous events (sprites, blue jets/gigantic jets, elves, 
etc.) in the stratosphere and the mesosphere which influence 
the lower ionosphere with additional ionization and for- 
mation of ionospheric inhomogeneities and has motivated 
scientists all over the world to reexamine our understanding 
of the electrical processes and properties of the atmosphere. 
Figure 2 shows the variety of transient luminous events and 
the typical altitude at which they occur. Sprites may occur in 
cluster of short-lived (~50 ms) two, three, or more carrot- 
shaped emissions of —1km thickness over a horizontal 
distance of 50-100 km, with the separation between sprite 
elements of ~10 km [2, 35]. The upper portion of the sprites 
is red, with wispy, faint blue tendrils extending to 40 km 


or at time as low as the cloud top and bright region is 
in the altitude range 65-85 km [35]. They typically last for 
5-50 ms and may take the form of one or more vertical 
columns of a few hundred meter radius for the smaller 
column sprites or large jellyfish-shaped structures of tens of 
kilometers of radius and extending from the ionosphere D- 
region almost down to the thunderstorm cloud tops [2, 35]. 
The knowledge gained from laboratory experiment of gas 
discharges at subatmospheric pressure has been used to 
understand sprite spectroscopy and associated phenomena 
[25]. Figure 3 shows broad identical spectral characteristics 
of light of positive column of the laboratory tube and sprites 
[25]. The difference in spectral characteristics may be due 
to difference in applied electric field, gas pressure, and gas 
composition in the mesosphere and gas tube discharges. 
Physical processes associated with sprites and other optical 
events are also associated with thunderstorm activity in the 
troposphere and are thought to result in the gradual build- 
up of conductivity changes in the lower ionosphere [36]. 
Liszka [37] suggested the generation of infrasound waves 
by sprites, whose signatures were detected by a network 
sensors in Sweden [38]. The shape of the chirp signature 
in the spectrograms of infrasound can be explained by the 
horizontal size of the sprite [39]. Neubert et al. [40] have 
concluded that sprite detection by infrared is an attractive 
alternative to optical detection, because it is not limited by 
clear viewing condition or by the absence of daylight. 

Elves are concentric rings of optical emissions propagat- 
ing horizontally outwards at the bottom edge of ionosphere 
between 75-95 km altitudes caused by the electromagnetic 
pulse radiated by the cloud to ground lightning discharge 
current of either polarity. Elves produce average electron 
density enhancements of 210-460 electrons cm”? over large 
(165-220 km diameter) circular regions having an assumed 
10km altitude extent [41, 42] and hence produce pertur- 
bation in electrical conductivity of the mesosphere which 
can be evaluated by measuring changes in the amplitude of 
VLF waves [43, 44] from transmitters and propagating in 
the Earth-ionosphere waveguide. Mika [45] has discussed 
experimental data in which the incident VLF transmitter 
signal seems to be scattered from horizontally extended 
diffuse regions of electron density enhancements, most likely 
associated with halos or diffuse regions of the upper part 
of carrot sprites, rather than small-scale streamers observed 
at lower altitudes. The electromagnetic pulse (EMP) gener- 
ating elves also create ionization [46, 47], which depends 
on its intensity. The individual contributions of different 
components of constituent gas to the optical emissions of 
sprite/elves are not known. An attempt should be made to 
investigate lightning chemistry and energetics in the region 
of sprites/elves. This may require future studies using a large 
number of narrow band filters in optical observations and 
kinetic modeling in theoretical analyses. 

The transient luminous events provide a link between 
tropospheric processes in the thunderstorms and meso- 
spheric processes in the upper atmosphere, and their studies 
also promise to improve our understanding of the elusive 
mesosphere, perhaps the least understood layer of Earth's 
atmosphere. Hiraki et al. [48] suggested that sprites may 
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FIGURE 3: Comparison of optical spectra for (a) sprite in the mesosphere and for (b) the positive column of large glow discharge tube, after 


[25]. 


change the concentration of NOx and HOx in the meso- 
sphere and lower atmosphere. These chemical changes have 
impact on the global cooling or heating in the middle 
atmosphere [49-51]. Nitrogen oxides are critical compo- 
nents of the troposphere which directly affect the abundance 
of ozone and hydroxyl radicals [52]. Ozone absorbs solar 
ultraviolet radiation and controls the dynamic balance of 
the atmosphere. NOx creates ozone in the troposphere 
and destroys it in the stratosphere and mesosphere and 
thus affects the climate. This area of investigation remains 
unexplored. 


Lightning generated whistler mode waves propagate 
along geomagnetic field lines without appreciable attenua- 
tion and thus connects troposphere with the ionosphere and 
the magnetosphere. Whistler mode waves while propagating 
through the equatorial region of the magnetosphere interact 
with the Earth's radiation belt trapped electrons and cause 
their precipitation in the form of plasma inhomogeneities in 
the high-latitude lower ionosphere. Such a type of coupling 
has been confirmed in ground-based observations [53], 
balloon measurements [54], rocket experiments [55, 56], and 
satellite observations [57, 58]. 


Thunderstorms and lightning discharges form the major 
current source in GEC, essential features of which are shown 
in Figure 4 [26]. Solar wind interactions with the Earth’s 
magnetic generate additional current [59], and potential 
gradient modulation may arise from coupling of geomag- 
netically-induced changes in the magnetospheric dynamo 
through the global circuit. Precipitations from electrified 
clouds are also current driver [60]. The total current flowing 
in the atmospheric GEC is ~1-2 kA [27]. A realistic model of 
equivalent circuit with capacitors, resistors, and switches is 
shown in Figure 5 [28]. A switch is closed for a short time 
if a certain type of discharge occurs. For example, switch 
S2 (S3) closes for ~1 ms when positive (negative) cloud to 
ground discharge occurs for a particular storm. The switch 
Sı closes for a few ms when a sprite occurs above a particular 
thunderstorm and fair-weather time constant, r C ~ 2 min 
(r ~ 200ohms, C ~ 0.7F). Generators act over <1% of 
Earth’s surface, and remaining ~99% of the Earth’s surface 
region acts as a load on the circuit. The total current (I) flow- 
ing in the circuit is ~1 kA [28]. The GEC is based on the 
concept that the quantity of electric charge has to be con- 
served in the Earth’s atmosphere-ionosphere-magnetosphere 
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FIGURE 5: Diagram showing a schematic equivalent circuit for 
global electric circuits, credit [28]. 


system, that electric currents redistribute charge and that the 
electric currents are continuous. 

The power supplied by thunderstorms is insufficient 
to maintain a field of magnitude observed in fair-weather 
regions. Rycroft et al. [61] included the generator associated 
with electrified clouds in the GEC model; this was found 
to be of the same magnitude as that due to thunderstorms. 
The optical phenomena occurring in the upward branch of 
the GEC above the thunderstorms are likely to influence 
only the upper atmosphere conductivity. Since they occur 
much less frequently (only one sprite out of 200 lightning) 
because of their association with intense lightning discharges 
[50, 62], their contribution to the ionospheric potential is 
very small [61]. The gigantic jets transport large quantities 


of negative charge discharging the atmospheric capacitor 
[63-66] whose effects on the ionosphere and GEC have not 
yet been modeled. The role of sprite/TLE events on the 
flow, charging/discharging of GEC, modification of electric 
fields near the Earth’s surface remains unanswered. Since 
optical emissions could change electrical properties of the 
atmosphere and influence processes related with weather and 
climate, intense research activity in this area is required. 

The earthquakes affect the electrodynamics of the at- 
mosphere through the generation of electric and mag- 
netic fields with crustal deformation, fault-failure-related 
piezomagnetism, stress/conductivity, electrokinetic effects, 
charge generation processes, thermal remagnetization, and 
demagnetization effects, and so forth [67]. These processes 
in the Earth’s lithosphere relate with disturbances in the 
atmosphere and ionosphere. Sorokin et al. [8] discussed 
the processes forming the electrodynamic model of the 
effect of seismic and meteorological phenomena on the 
ionosphere. Radioactive substances and charged aerosols 
injected into the atmosphere modify the altitude profile of 
conductivity, generation of external currents, perturbation 
of electric field, and current in the ionospheric layer. As 
a result, Joule heating of the ionosphere and instability 
of acoustic gravity waves take place, which manifests in 
the formation of horizontal inhomogeneities of ionospheric 
conductivity. Finally, excitation of plasma density fluctua- 
tions and ULF/ELF emissions in the ionosphere, generation 
of field aligned currents and plasma layers, upward plasma 
transport, and modification of F>-layer, and change in the 
ion composition of the upper ionosphere take place [68, 69]. 
These changes may also affect the GEC and the Earth’s 
climate which remains a challenging problem to be solved. 
Figure 6 shows a schematic diagram which can be used to 


JE 1s 


FIGURE 6: Schematic model used for the calculation of elec- 
tric field due to the injection of charged aerosols in the 
atmosphere-ionosphere circuit. 1—Earth’s surface, 2—ionosphere, 
3—conducting current in the atmosphere and the ionosphere, 4— 
field-aligned current, 5—zone of upward convection of charged 
aerosols and external electric current formation, 6—zone of 
perturbation of atmospheric conductivity induced by radioactive 
elements emanation, 7—charged aerosols moving upward with soil 
gases, 8—radioactive elements emanation, credit [3]. 


compute external currents and enhancement of electrical 
conductivity in the lower atmosphere that causes an increase 
in the electric field in the ionosphere due to the injection 
of charged aerosols and radioactive elements from the solid 
Earth during earthquakes [3]. 

There are some other complex processes showing mul- 
tiple scales of variability. Turbulent mixing and eddy dif- 
fusion are few other ways of transport from below. They 
control the relative abundances of atmospheric species in 
the mesosphere whose distribution tends to be independent 
of altitude. As part of a physical mechanism, the influence 
of internal atmospheric waves may be considered. The up- 
ward propagation of internal atmospheric waves (planetary 
waves, tides, and gravity waves) from the troposphere and 
stratosphere is an essential source of energy and momentum 
for the thermosphere and ionosphere. Weaker mesospheric 
gravity waves will lead to stronger winds in the upper 
atmosphere, which in turn will affect the ability of planetary 
waves to propagate, producing an additional feedback route 
[70]. Of course, the study of internal waves is the province 
of meteorology, a discipline that has enjoyed a long and 
independent development of its own and has its own com- 
plicated problems, sufficiently different from ionospheric 
physics that the two are regarded as separate but neigh- 
bouring disciplines. However, the internal waves launched by 
weather fronts or any other sources in the troposphere and 
stratosphere sometimes appear to be capable of penetrating 
into the ionosphere, where they dissipate most of their 
energy. The leakage of wave energy from the troposphere 
and stratosphere at least up to 100-115 km was introduced as 
coupling from below [71] and is considered as a mechanism 
of the meteorological influence on the ionosphere. 
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3. Various Coupling Processes 


Thunderstorms directly couple the atmosphere and the ion- 
osphere. Potential difference between the ionosphere and 
the Earth is maintained by thunderstorms’ pumping action 
of lightning discharges and electrified clouds. In the Earth- 
ionosphere cavity, the electric field and the conduction 
current in the lower atmosphere are primarily controlled 
by ions. Ions have the characteristic parameters such as 
mobility, lifetime, and generation rate that vary with altitude. 
In recent years, some progress has been made towards 
understanding thunderstorm and lightning [22, 72, 73]. The 
essential factors in marinating the lightning discharge is the 
gas breakdown caused by the stored electrostatic charge in 
the leader head. This extends the channel into new regions. 
General models of the cloud charge distribution are based 
on electric field measurements inside a thundercloud and on 
the ground below the thunderstorm [75]. Earlier, an over- 
simplified tripolar charge structure consisting of a negative 
charge in the middle of the cloud, a positive charge above it, 
and a smaller positive charge below were widely used. Later 
on, a screening negative charge on the upper cloud boundary 
was considered [76] which are depicted in Figure 7. In the 
convective updraft zone of a matured thunderstorm, usually 
four charge layers are found and outside updraft convection 
region at least six charge layers are seen. Forward and 
rearward anvils typically contain positive charges screened 
with negatively charged layers. However, this model does 
not represent super cell storms which usually have dominant 
positive charge at mid-levels in place of the typical main 
negative charge region [77], that is, super cell storms have 
“inverted polarity” charge structure, and they produce main- 
ly positive cloud-to-ground lightning. The proposed model 
(Figure 7) is based on balloon soundings of convective region 
of storms that occurred in a limited portion of the lower mid- 
latitudes. Its validity for storms in other mid-latitude regions, 
the tropics, and high latitudes are yet to be tested because of 
scarce in situ data. 


The global electric circuit (GEC) links the electric field 
and current flowing in the lower atmosphere, ionosphere, 
and magnetosphere forming a giant spherical condenser 
[50, 59, 78], which is charged by thunderstorms and other 
generators to a potential of several hundred thousand volts 
[79] and drives a vertical current through the fair weather 
atmosphere’s columnar resistance (~1.3 x 10!” ohm m?). 
Recently, Stolzenburg et al. [30] examined electric field data 
of 32 balloon soundings through MCS (mesoscale convective 
system) stratiform regions and inferred that for 15 cases the 
stratiform cloud was charging the GEC, while in the other 
17 cases the cloud was discharging the circuit. Thus, the 
overall effect of MCS on GEC could be very large or very 
small. Davydenko et al. [80] modeled the quasi-electrostatic 
electric fields and currents inside and near an isolated MCS 
producing positive discharges and also sprites and showed 
that the large (~25 A) cloud-to-ground, quasi-DC current 
discharges the GEC. Their full impact on the GEC and that 
of the positive cloud-to-ground flashes which they initiate 
remains to be quantified. The vertical current causes weak 
electrification of stratified clouds [81] and produces a vertical 
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FIGURE 7: Conceptual model of the charge structure within an idealized isolated, mature thunderstorm based on 49 balloon sounding 


through different clouds, credit [22, 76]. 


potential gradient in the atmosphere near the Earth’s surface. 
The circuit is closed by a horizontal current flowing through 
the highly conducting Earth and the ionosphere, and by 
vertical currents from the ground into the thunderstorm and 
from the top of the thunderstorm to the ionosphere. 


3.1. AC Phenomena. Thunderstorm is the main source of 
both AC and DC coupling of the lower atmosphere and 
the ionosphere through lightning discharges. Return stroke 
of lightning discharge produces a pulse of radio energy 
containing waves from a few Hz up to several MHz. 
These signals propagate in the Earth-ionosphere wave guide 
over long distances (several thousand kms).The lowest 
frequencies of the discharge spectrum are ELF (3-3000 Hz) 
waves which excite the Earth-ionosphere cavity at 8, 14, 
20, 26,...Hz, commonly known as Schumann resonances 
[82]. Resonances are being continuously excited because 
lightening is always occurring all over the world. Recent 
interest in Schumann resonance studies arose because the 
charge movement change (CMC) of the parent lightening 
discharge can be evaluated by measuring the contribution 
of each mode in the resonance pattern which has been 
used in TLEs studies [83-85]. Thus, coupling between the 
atmosphere near the surface of the Earth and the ionosphere 
can be studied on the time scale ranging from a fraction of 
second to less than 1 ps. 

Some of the wave energy from lightning generated wave 
spectra propagates into the ionosphere and magnetosphere 
system, where it interacts with ambient plasma particles and 
affects the global ionospheric/magnetospheric energy bud- 
get. Waves in the very-low-frequency (VLE, 3-30 kHz) range 
propagate in the ducted mode along the geomagnetic field 
lines [86] and cause magnetospheric electron precipitation 
into the lower ionosphere, leading to D-region conductivity 
modification [87, 88]. Unducted VLF wave propagation can 
also take place [89]. Precipitating charged particles may 
participate in dissociation and ionization processes. There 
are VLF signatures of ionospheric disturbances associated 
with sprites [29, 43, 90, 91]. 

Hydromagnetic waves in the ultra-low-frequency (ULF, 
<3 Hz) propagate through the magnetosphere in one of 


several different modes at speeds considerably less than the 
speed of light. These waves interact with the ions in the 
ionosphere and magnetosphere. ULF waves sometimes are 
called magnetospheric analogues of seismic waves, which 
enable remote sensing of volumes from point measurements 
[92]. Waves in the frequency range -0.1-5 Hz also excite 
the ionospheric Alfven resonator (IAR) [93, 94] which is 
centered on the maximum of the ionospheric F>-region 
where the refractive index for Alfven waves has a maximum 
value. The variation of spectral resonance structure of the 
IAR over a solar cycle has also been studied [95]. The 
boundaries of IAR are at ~1000 km altitude in the topside 
ionosphere and in the E-region ionosphere. 


The ULF-VLF electric fields were detected up to topside 
ionosphere over powerful Pacific Ocean typhoons [96]. 
However, details of the mechanisms are not yet known. 
Ionospheric heating due to lightning electromagnetic pulses 
was considered and modeled [97, 98]. Large amplitude radio 
waves from ground-based transmitters at VLF [99] and 
high frequency (HF, 3-30 MHz) [100] have been used to 
study ionospheric heating and modification. The associated 
phenomena include perturbations of electron density and 
temperature (increase of ionization at E-region, E-sporadic 
occurrence, increase of temperature, and electron density in 
F-region), excitation of electrostatic wave turbulence, and 
enhanced optical emissions. 

The heating of the lower thermosphere by lightening- 
generated electromagnetic pulses may result into electrical 
breakdown and production of sprites and other optical 
emissions [101, 102]. The more exotic relativistic runaway 
(avalanche) breakdown mechanism, which can produce 
bremsstrahlung and gamma-rays radiations, has also been 
proposed and discussed [31, 103, 104]. Rowland [47] had 
reviewed both mechanisms. The two processes are coupled in 
the sprite streamer: the thermal discharge produces a beam 
of relativistic seed electrons that allow ignition of runaway 
relativistic discharge [105]. The thundercloud electric field at 
the lower thermosphere altitude is very transient, ~1—10 ms, 
consequently the observed sprite and halo phenomena 
are also of transient nature. The conventional breakdown 


mechanism explains most observations of sprites and their 
associated phenomena. Gerken and Inan [106] indicated 
that relatively faint and diffuse sprites confined to lower 
altitude could be associated with very high-peak currents 
and short-duration lightning discharges. Adachi et al. [107] 
reported that the number of columns in a sprite event 
was proportional to the peak current intensity of positive 
cloud-to-ground discharges, which was not corroborated by 
the results of van der Velde et al. [108]. This suggests a 
complex relationship between sprite morphology and in- 
cloud lightning processes, which are not yet fully understood. 

Streamers associated with sprites are needle-shaped 
filaments of ionization and are driven by enhanced electric 
fields due to charge separation in their head, and the sign 
of the charge in head determines polarity of streamers. Liu 
and Pasko [109] have modeled preionization ahead of the 
streamer by ionizing ultraviolet photon originating in the 
streamer head. Thus, they consider photo ionization to be 
important in determining the propagation and branching 
of sprite streamer. The presence of inhomogeneities in the 
background density could also be helpful in the formation 
of streamers [110]. They have also explained the polarity 
asymmetry in triggering sprite streamer. Blue jets sometimes 
appear at the top of an energetic thundercloud and propa- 
gating upwards with a vertical velocity of ~100 kms”! to a 
maximum altitude of ~40 km or so. These are believed to be 
a positive streamer formed in the upward quasi-electrostatic 
field above the cloud [63, 101]. Many streamers originate 
from the surface of the leader head (both positive and 
negative). 

Pasko and George [111] have modeled the branching 
streamers as fractal tree growing in three dimensions. Pasko 
et al. [112] reported an unusual blue jet above a relatively 
small thunderstorm cell in Puerto Rico, and propagating up 
to ~70 km altitude. Its characteristics above 42 km resembled 
those of sprites but having longer duration. This shows 
that an electrical contact was made between the top of 
the thunderstorm and the lower ionosphere. Gigantic jets 
extend from the cloud top to the ionosphere at 90km 
altitude and can last up to ~0.8sec [64, 113-115]. The 
observed gigantic jets were of negative polarity, produced 
by a normally electrified storm and therefore resembled to 
negative cloud-to-ionosphere discharges. Out of five gigantic 
jets, four events were found to be associated with ELF radio 
waves, while no cloud-to-ground lightning was observed 
to trigger these waves. This indicates that ELF waves were 
generated by negative cloud-to-ionosphere discharges. Each 
event reduces the ionospheric potential by removing 30 
coulombs from the ionosphere [64], and their effect needs 
to be included in the GEC model. 


3.2. DC Phenomena. In the atmospheric GEC, thunder- 
storms are thought to act as a giant battery distributed over 
the globe causing electric potentials up to +100 MeV [74, 
116], which are discharged in short (~1 ms) time scales 
by cloud-to-ground or intracloud lightning. Even upward 
discharges like gigantic jets also discharge the GEC. Such 
large potentials could produce energetic photons, X-rays 
[117], and even gamma rays [118], which are absorbed in 
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FIGURE 8: Diagram showing how the bottom side ionosphere and 
the mesosphere above a thunderstorm are probed by ground based 
transmitter, credit [40]. 


the short distance in the lower atmosphere but could travel 
appreciable distance before being absorbed in the middle and 
upper atmosphere. 

The inherent current sources [119, 120] in the meso- 
sphere may generate large DC electric fields in the 50-70 km 
region [121], which has been observed via rocket measure- 
ments [122, 123] and remotely via a series of MF radar mea- 
surements [124-127]. The large DC electric fields increase 
the electron temperature and effective collision frequency in 
D-region. The enhanced electron temperature over neutral 
temperature violates the local thermodynamic equilibrium. 
During the tropospheric disturbances, tropospheric con- 
ductivity increases and the electrical coupling between the 
troposphere and the mesosphere results in grounding the 
mesospheric current source and in a significant decrease in 
the intensity of large mesospheric electric fields. The electron 
temperature and effective collision frequency decrease, which 
results into the D-region cooling [128, 129]. 

The upward electric currents associated with the charge 
separation process for a single active thunderstorm are ~1 A. 
Assuming ~1000 thunderstorms operate at a time over 
the entire globe, there is an upward current of ~1000 A. 
Theses currents charge the highly conducting ionosphere 
(~80 km altitude) to a potential of ~250kV with respect 
to the Earth. The total charge on the plates of the Earth- 
ionosphere capacitor is ~2 x 10°C [59]. The electric 
currents (~2pAm ~~) flowing from the ionosphere to the 
Earth’s surface remote from thunderstorms depend on the 
electrical conductivity of the medium. The conductivity may 
change due to the incident flux of cosmic rays, precipitation 
of energetic charged particles from the magnetosphere, 
changes in aerosol distribution, changes in the pressure, and 
the temperature distribution in the troposphere. The upward 
quasi-electrostatic fields also change the atmospheric/lower 
ionospheric conductivity. Figure 8 shows the measuring 
principles of the change in the electrical conductivity above 
thunderstorms in the mesosphere and the lower iono- 
sphere by measuring changes in the amplitudes of signals 
radiating from narrow band radio transmitters passing 
over thunderstorms region [40]. Global warming affects 
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distribution of aerosol, temperature, and concentration of 
gases in the troposphere and stratosphere and hence modifies 
the dynamics of the lower and the middle atmosphere 
[130]. These changes result into changes in thunderstorm 
and lightening properties. It would be interesting to study 
the changes produced in the GEC by the global warming 
phenomena. 

In the study of electrical coupling of the atmosphere and 
the ionosphere, the latter is considered to be equipotential 
surface, which is not exactly true. During very active auroral 
conditions, the potential difference across the narrow (1° 
or 2° wide) auroral electrojet region may become ~100 kV. 
Even ionospheric dynamos may create potential differences 
of ~15—20 kV between low and midlatitudes. These potential 
differences contradict the concept of the ionosphere as 
an equipotential surface. Ogawa et al. [131] have studied 
the variation of horizontal electric field in the middle 
atmosphere. The issue of equipotential further complicates 
because spatial and temporal variations of these potentials 
have a variety of scale lengths and various time scales. Intense 
atmospheric disturbances caused by earthquakes, volcanoes, 
tropical storms, typhoons, and so forth also affect electrical 
properties of the lower ionosphere. Some definite progresses 
in experimental and theoretical studies of man-made and 
natural effects on the ionosphere have been recently made 
[3]. However, there is significant gap in the understanding of 
an origin and interconnection of many processes involved in 
the atmosphere-ionosphere coupling. 


4. Summary 


The electrodynamic coupling between the Earth’s atmo- 
sphere and the ionosphere is very complex and described by 
the global electric circuit. Currently, many aspects are not 
well understood. Recent measurements show that coupling 
influences both the electron density and electrical conduc- 
tivity. Thunderstorms are the main generators situated in 
the troposphere. Measurements and theoretical studies have 
led to some understanding of charging mechanisms and 
charge structures of thunderstorms, however various aspects 
remain unanswered. Thunderstorms are large, complex, 
and short-lived phenomena; the charge generation and 
separation mechanism and charge structure are not known, 
and it is difficult to model them. The electrical processes 
are intimately related to the cloud dynamics or motions and 
to the microphysics of the clouds which are incompletely 
known or understood. Their detailed comprehension is es- 
sential as it controls climate and its variability. For proper 
understanding, it is essential to make simultaneous mea- 
surements of electric parameters from different parts of 
thunderstorms at small time intervals. 

The role of transient luminous events on the local 
ionospheric potentials, modification of the electric field near 
the Earth’s surface, and charging/discharging of GEC are yet 
to be quantified. Even there is dispute about the breakdown 
mechanism involved in the mesospheric discharges generat- 
ing sprites, blue jets, elves, and so forth. Lightning-generated 
whistler mode waves cause precipitation of Van Allen belt 
electrons which modify D-region conductivity. The relative 


importance of different types of whistler mode waves is not 
known. 

The generation of transient mesospheric electric field 
needs detailed study as it provides a basis for develop- 
ing coupled troposphere-mesosphere-ionosphere electrody- 
namic models under disturbed conditions. In fact, numerous 
phenomena that occur in the upper atmosphere of the Earth 
are caused by the sources located in the lower atmosphere 
and on the ground such as thunderstorms, typhoons, dust 
storms, earthquakes, volcanic eruptions, and radioactive 
emissions from the nuclear power plants. All these phe- 
nomena affect the electrical conductivity from the Earth’s 
surface to the lower ionosphere. Variation of conductivity 
and external current in the lower atmosphere lead to the 
perturbation of electric current flowing in the GEC and to 
the associated DC electric field perturbations both on the 
Earth’s surface and in the ionosphere and hence affect the 
electrodynamic coupling of the Earth’s atmosphere and the 
ionosphere. 
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Lo all whom it may concern: 


Be it known that I, MARK W. DEWEY, of 
syracuse, in the county of Onondaga, in the 
State of New York, have invented hew and use- 
ful Impr ovements in the Method of Utilizing 
Natural Electric Energy, of which the follow- 
ing, taken in connection with the accompany- 
ing drawings, is a full, clear, and exact de- 
seription. ) 

The object of this invention is to pr ovide 
a method whereby natural electrical enerey— 
such as the so-called “atmospheric electrical 


energy,” or electrical energy that may be de- 


rived from the difference of potential exist- 
ing between two points, one being the earth 
and the other the atmosphere atan elevation 
above the earth—may be collected or utilized 
for the various uses to which electricity is 


. applied. 
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It has been found that the presence of elec- 
tricity in the upperregions of the atmosphere 
is not confined to thunder-clouds, but can 
be detected at all times and often in great 
quantities in different conditions of the at- 
mosphere. In fine weather this electric- 
ity is mostly positive; but in showery or 
stormy weather negative electricity is as fre- 
quently met with as positive, and it is in 
such weather that the indications of electric- 


ity, whether positive or negative, are usually 


the strongest. It has also been found that 
as we proceed farther from the earth’s sur- 


face, whether upward from a level plane 
thereof or horizontally from an elevation, the 


potential of points in the air becomes more 
and more different from that of the earth, 
the difference being, in a broad sense, simply 


‘proportional to the distance; hence we can 


infer that there is electricity residing on the 
surface of the earth, the density of which at 
any moment in the locality of observation is 
measured by the difference of potential found 
to exist between the earth and a given point 
in the air near it. The results of observa- 
tions show that the variations of the electric- 


ity residing in the atmosphere is the main 


cause of the variations of the. electricity on 
the surface of the earth. A charged cloud 
or body of air induces electricity of the op- 
posite kind to its own on the parts of the 
earth’s surface over which it passes and pro- 


duces such variations. The difference of 
potential in increasing the distance from the 
earth is due to electricity induced on the sut- 
face of the earth by opposite electricity in 
the air overhead, and the air being a non- 
conductorthe electricities are unable to com- 
bine. As electrical density is greater on pro- 
jecting parts of a surface than on those which 
are plane or concave, stronger indications 
are obtained on hills than in valleys, if the 
collecting apparatus be at the same distance 
from the ground in both cases. The average 
difference of potential is greater in the win- 
ter than in the summer. Little or no effects 
can be obtained within inclosures or under 
trees, as they tend to screen the apparatus. 

' Inasmuch as electricity travels in prefer- 


ence through the best conductors, it follows 


that if a path of low resistance is formed 
(such as the erection of a metal pole) to a suf- 
ficient elevation above the earth the elec- 
tricities in the atmosphere and that on the 
surface of the earth will tend to combine and 
travel through the said path in a current or 
currents, and if this pole terminatesin a metal 
point or a number of such points the earth 
and clouds exchange their opposite electrici- 
ties without a disruptive discharge—as the 
lightning—but in a slow and gradual way 
through convection. Besides supplying the 
top of the pole with points, a metal plate to 
which the said points are fixed attracts the 
opposite electricity in the atmosphere. In 
order to obtain a greater and increased effect, 
a large metal plate is buried at the foot of the 
pole and electrically connected therewith, and 
is provided with points or branches extend- 
ing in different directions inthe ground. The 
plate and branches may be surrounded by 
metallic refuse, coke, or other good conduct- 
ing substance. The metallic points on the 
top of the pole should be sharp, and prefer- 
ably of copper, and may be platinized, gilded, 
or galvanized to prevent corrosion. It hay- 
ing been ascertained by practical experl- 
ments that either a flame or dropping water 


at an elevation above thesurface of the earth’ 
‘produces convection of electricity, it is obvi- 


ous that such means may be employed in 
place of the points hereinbefore referred to. 
As the electricity in the atmosphere is some- 
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‘ductor and prevents corrosion. 


times positive and other times negative, the 
direction of the currents is not always the 
same—that is, the atmospheric electrical en- 
ergy is composed of a current of an alternat- 
ing character, flowing in one direction on an 
average about as much of the time as in the 
opposite direction, but the length of the cur- 
rent in a certain direction, or the lengths of 
time between reversals or changes in the di- 
is greatly varied. This 
and also the varied strength of the currents 
have prevented the utilization of atmospheric 
electrical energy in commercial quantities for 
the various purposes for which electricity is 
generally employed. In order to utilize such 
a current or currents, they should be trans- 
formed into a continuous direct current of 
uniform strength. ‘The apparatus for accom- 
plishing the transformation of atmospheric 
electricity into a direct current of uniform 
strength is susceptible of being greatly modi- 
fied. The preferred form of apparatus, how- 
ever, for carrying the invention practically 
into effect I will now proceed to deseribe to 
show that the method is capable of actual 
performance. Saidapparatusisillustrated in 
the diagram accompanying this specification. 

Referring specifically to said diagram, A 
represents a metallic pole, which is shown 
bare, but may be enveloped in suitable insu- 
lating material, if desirable. B is the base of 
the aforesaid pole, which base is of insulating 
material set in the ground E. Cisa large 
metal plate beneath the said base, and has 
points or branches c’ extending therefrom in 
different directions in the ground. C’is a 
metallic post extending from the said plate 
above the surface of the ground and having 
a terminal d of the circuit D. On the top of 
said pole is mounted a metallic cap F, con- 
sisting, prefere ably, of a convex disk provided 
with sharp | Iron or copper points p, which pro- 
ject in all directions from the same. 
fore mentioned, the said points may be plated 
with a suitable metal that forms a good con- 
Similar caps 
E” may be placed on other insulated poles, as 
A”, in the vicinity, and connected with the 
main pole A by an electric conductor a, for 
increasing the effect. The pole A’ may be of 
wood, and the pole A may also be of the same 
material if provided with a metal conductor 
within or on the outside, extending from the 
cap to the other terminal d’ of the circuit. D. 
The said circuit D leads from the terminal d 
through an automatic variable resistance G, 
thence to one of the poles of a secondary or 
storage battery H, and from the other pole of 


said. battery through an automatic current- 


regulator to the terminal d’. An automatic 


current-reverser or pole-changer J is located 
in the said circuit for reversing the current 
whenever there is a change in its direction, 
so that it may be rectified or straightened 
during transit and caused to travel at all 
times whether its direction is toward or from 
the earth in one and the same direction 


As be- 


414,948 


through a portion of the circuit containing 
the secondary battery. The reversals are ac- 
complished automatically by means of a piv- 
oted polarized armature b, located between 
two electro-magnets c c, having their coils in- 
cluded in a shunt-cireuit between the leads 
of the circuit D. The magnets are wound so 


that a north pole will be presented to the ar- 


mature on one side and a south pole on the 
other. When the current is flowing in a cer- 
tain direction, the said polarized armature 
will be repelled by one magnet and attracted 
by the other, and thereby moved to one side. 
When the current changes its direction 
through the magnets, the poles of the said 
magnets are reversed and the armature is 
both repelled and attracted to the other side. 


An arm 0’, of diamagnetic material, is fixed to 


and is moved 
Between a movable end of the 


and extends from the armature 
by the same, 


arm and the said current-reverser is a pivoted 


connection or link e, by which the motion of 
the arm is conveyed to the reverser. 


to regulate the 
current through the same. 

The current- -regulator hereinbefore referr ed 
to prevents short- circuiting or the rapid dis- 
charge of the secondary battery into the air 
and ground when the strength of said battery- 
current becomes greater than that passing to 
the battery. Said regulator is composed of 
an electro-magnet I, having its coil in the cir- 
cuit D. A pivoted polarized armature g is con- 
nected at its pivot to one terminal of the coil 
of said magnet, and when the current is flow- 
ing to the battery said armature is attracted 
by the magnet I and held in contact with the 
stop A, to which the terminal of the secondary 
battery is connected. In the aforesaid con- 
dition a free or low-resistance path for the 
current is provided to the battery; but when 
the battery-current exceeds the charging-cur- 
rent the magnet-poles are reversed and the 
armature is repelled by the magnet, and the 
free path of the circuit is broken between the 
armature g and stop h. In orderto maintain 
the armature in the latter position until the 
charging - current has been increased in 
strength above that of the battery-current or 
dischargine-current, and so that the said reg- 
ulator will automatically operate, a shunt 
path K of high resistance is provided around 
the armature g and stop h. The high resist- 
ance of the said shunt is obtained by includ- 
ing a rheostat m. This shunt path or cir- 
cuit K, with the resistance, permits a sinall 
but sufficient amount of current to flow 
through the magnet I to hold the armature 
away from the stop h until the current is re- 
versed, and then move the armature back to 
stop h to close the free or low-resistance path. 
A spring zis provided to assist the movement 
of the armature from the magnet when it is 
repelled by the same. 

The electric current may be directly Con- 


Stops f 
are provided for limiting the movement of 
the said arm, and an adjustable resistance d’ 
is included in the shunt d” 
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ducted to translating devices—such aslamps | 


or electromotors; but, as hereinbefore stated, 
said current is preferably employed to charge 
one or more cells of the secondary battery H, 
and this battery stores or accumulates the 
electrical energy and supplies the said trans- 
To illustrate the latter fea- 
ture, leads or wires Land L’ are extended from 
the poles or electrodes of said battery, and 
translating devices, in the shape of incandes- 
cent lamps /, are connected with the said 
wires in multiple are. 
mon circuit maker and breaker n to close 
and open the circuit to the lamps. Thesaid 
battery may be charged in series or parallel. 

The automatic variable resistance G main- 
tains the current flowing through the circuit 
D approximately uniform by increasing the 
resistance therein upon an increase of 
Strength. Said resistance is not absolutely 
necessary and may be dispensed with. 

The lightning-arrester M is to short-circuit 
avery heavy current to prevent the same 
from passing through the other paris of the 
apparatus and injuring it. A low-resistance 


. shunt O, with a circuit maker and breaker 


therein, is connected between the leads of the 
circuit D, near the terminals d and d’, to com- 
pletely short- circuit the apparatus wh en de- 
sired, 

Having described my invention, what I 
claim as new,and desire to secure by Letters 
Patent, is— 

aks The method of utilizing atmospheric 
electrical energy, consisting in ‘cond ucting the 
electric current or currents “bettween the earth 
and a point in the atmosphere at an elevation 
above the earth, rectifying or straightening 
the currents during transit, and storing or ac- 
cumulating the electrical energy of said rec- 
tified current or currents. 

2. As preliminary steps in the method of 
utilizing atmospheric electrical energy, con- 
ducting the electric current or currents 
through a path of low resistance between the 
earth and the atmosphere at an elevation 
above the earth, maintaining an approxi- 
mately uniform str ength of current and rec- 

or str aightening the same during 
transit. | 


In the wire Lisacom-' 


3. As preliminary steps in the method of 
utilizing atmospheric electrical energy, con- 
ducting the electric current or currents 
through a path of low resistance between the 
earth and the atmosphere at an elevation 
above the earth, and rectifying or straighten- 
ing said currents during transit. 

4. The method of utilizing atmospheric 
electrical energy or deriving energy from the 
difference of electrical potential existing be- 
tween the earth and a point or points in the 
atmosphere at an elevation above the earth, 
consisting in conducting the current or cur- 
rents between the two points through a path 


of low resistance, rectifying or straightening 


the said currents in a portion of the path 
during transit, and storing or accumulating 
the electrical energy thereof. 

5. The method of utilizing atmospheric 
electrical energy or deriving energy from the 
difference of electrical potential existing be- 
tween the earth and a point or points in the 
atmosphere at an elevation above the earth, 
consisting in conducting the current or cur- 
rents between the two points through a path 
of low resistance, maintaining an approxi- 
mately uniform strength of current, rectify- 


ing or straightening the said currents in a 


portion of the path during transit, and stor- 
ing or accumulating the electrical energy. 

6. The method of utilizing atmospheric 
electrical energy composed of a current of a 
varied alternating character, consisting in 
conducting the electric current or currents 


. through a path of low resistance between the 
at an elevation 


earth and the atmosphere 
above the earth, and then accumulating the 
electrical energy of said current or currents 
while flowing in both directions in one or 
more cells of a secondary or storage battery, 
as described. | 

In testimony whereof I have hereunto 
signed my name this 29th day of April, 1889, 


MARK W. TL. 8.] 


DEWEY. 
Witnesses: 

C. H. DUELL, 

C. L. BENDIXON. 
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Friends, the "fever” around topics about alternative energy has made scammers 
excited too! Be vigilant and don't fall for cheap scams. Remember that if you are 
offered to buy a working BTG at a price less than a million dollars, then by 99% this is 
a scam for money. If you are offered to buy BTG for more than a million dollars, then 
this is a 100% scam. Alas, there are no miracles and exceptions yet, although you can 
always check it yourself... :-) 
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hmm... here I came across such a scheme: 
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maybe it will be useful for someone for experiments... 


here is a small excerpt from the "theoretical" description: 


Does the Earth have its own electric field? Who remembers its characteristics? 


zaryad.com/forum/threads/atmosfernoe-ehlektrichestvo.2151/ 
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For absolutely clear weather, near the equator, the vertical electric field strength at the 
sea surface is ~ 130 volts per meter. That is, by raising your hands above your head, you 
will get between your fingers and boots, a voltage difference equal to the amplitude 
voltage in a conventional outlet, about 310 volts. Why doesn't anyone notice this? Firstly, 
the body is a conducting object and its potential almost coincides with the ground 
potential. Secondly, air is an excellent insulator and electric current flows through it at 
much higher intensities. About 30 kilovolts / cm, yeah ... And even in this case, the 
current through the air is indecently small, milliamps and fractions of a milliamp. Anyone 
who has been in the mountains and seen how the “fires of St. Elmo” appear on the fingers 
and points, in bad weather, is familiar with the extreme version of atmospheric 
electricity. And personally, such lights were shown to me at school, with the help of an 
electric car. You are standing on a dielectric stool, in a darkened classroom, someone is 
turning the handle of the unit, and you have your hair sticking up in all directions and 
blue corona discharges are burning on your outstretched arms. M-dya ... And if, on the 
same "electric stool" to put a girl with long hair - a spectacle outrageous. The field spreads 
her hair in a "sheaf" in all directions, each hair separately ... Screeching, screaming, 
sparks ... to put a girl with long hair is a sight to behold. The field spreads her hair in a 
"sheaf" in all directions, each hair separately ... Screeching, screaming, sparks ... to put a 
girl with long hair is a sight to behold. The field spreads her hair in a "sheaf" in all 
directions, each hair separately ... Screeching, screaming, sparks ... 


The same effect can be obtained with very simple, almost home remedies. It is enough to 
have a high lightning rod at hand or launch a balloon or a kite into the sky, on a metal 
wire. The simplest arithmetic. If with each meter the voltage increases by 100-200 volts, 
then already a few tens of meters above the ground conditions arise for the breakdown of 
air by an electric discharge. 


It can be calculated specifically. Do you know the lightning rod formula? Come on! Okay 
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... I understand that you would never need it in your life, therefore you didn’t fill your 
head with nonsense ... Who knew that fortune would turn its back? Well, I remind you - 
"The lightning rod protects the site from atmospheric discharge (lightning), in the form of 
a circle circumscribed around its base, with a radius equal to its height." Why? Because 
the lightning rod is a voltage concentrator, and all the force lines of the atmospheric 
electric field, which were previously evenly distributed over this site, are now "pulled" to 
its top. There, on occasion, lightning will strike from a thundercloud. Towards the 
"leader" developing from the top of the lightning rod. I mean, first, a corona discharge 
will appear above its elevated part, and from there it will pull a chain of air ions, sufficient 


to break through lightning of the "linear" type. God, guys, why do you have such gloomy 
faces? 


The question is, is it possible to obtain a similar effect (a gas discharge on a highly raised 
electrode) in clear, cloudless weather? And if so, what does it give us in a practical sense? 
After all, outside the discharge, the air will remain a dielectric. Then why? There is a 


reason and meaning, however... Where does the electric charge of the atmosphere come 
from? What feeds and sustains it, um... billions of years? 
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Approximately 40% of the energy of the sunlight falling on the Earth, in the course of the 
return radiation into space, for some time (the section of convective heat exchange) is 
converted into the energy of a potential electric field. The charge of the tropopause and 
the stratosphere is produced by flows of heated air with an admixture of water vapor 
ascending from the surface of the planet. The natural leakage of this charge is carried out 
due to the ionization of air by cosmic rays, thunderstorms, rain and snow falling on 
mountain peaks. Have you ever wondered why high peaks are always covered with snow 


caps? There, the same electric field, day and night, pulls the charged ice dust hanging in 
the upper layers of the atmosphere. 


However, let's start from afar, from space. The temperature of any celestial body is rigidly 
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set by the integral power of external radiation absorbed by its surface and internal heat 
release from the depths. For the Earth, the average annual flux of sunlight ranges from 
250-300 W/sq. meter at the equator up to 50-120 W/sq. meter in the polar regions. 
Cooling in a vacuum, of course, is purely radiative. 


The sum of the energy fluxes reaching the surface is exactly equal to the energy flux 
radiated back into space. But, many planets of the solar system (in particular the Earth) 
have an atmosphere. They have only the stratosphere (from where thermal radiation goes 
into the world space) is close to the norm of the thermal balance (for the Earth, about -25 
degrees C). On the surface of a celestial body surrounded by a gaseous shell, it is always 
much warmer. This thing is called the "greenhouse effect". 


Any atmosphere is a spectral filter with multiple transparency windows. It can transmit 
light of a strictly defined range. Since the maximum of the return (thermal) radiation 
from the surface is always shifted, relative to the absorbed, to the long-wave region, then 
radiative cooling (like naked asteroids) is also impossible. Radiation from the surface 
does not diverge, heating the surrounding air. To remove thermal energy into space, a 
very productive mechanism with a material coolant is needed. In the dense part of the gas 
envelope of the planets (up to and including the stratosphere), heat transfer is almost 
entirely convective. The Earth's troposphere (this is below 12-17 km) contains 90% of the 
mass of air and 99% of atmospheric moisture. The heat flow "surface-space" there is due 
to the mechanical movement of air masses. This is an extremely rough model of the 
process. Now, its important detail. 


The balance of radiative energy inflow and convective heat outflow requires a rapid 
vertical movement of the coolant. There is a sharp drop in temperature and pressure 
along the height. The thermal pressure between the surface of the planet and the upper 
boundary of the troposphere (altitude 12-17 km) is quite large (on Earth in the equator 
region from +45 degrees C at sea level to -70 degrees C in the tropopause). But, by itself, 
convective heat transfer still cannot cope with the load. Energy stupidly "gets stuck" in 
the lower layers of the atmosphere. Air is an extremely poor heat transfer medium. As a 
result, the main burden of energy transfer through dense layers of surface air usually lies 
with the much more productive effect of phase transitions, which acts in parallel with 
convection. The atmosphere is clearly stratified in height into layers that differ in 
composition, density and temperature. Moving from heat to cold and back, some of the 
components of air flows cyclically change their state of aggregation (evaporate, absorbing 
heat, and condense, giving it away). At the moment of condensation, in the upper layers 
of the atmosphere, each molecule emits a quantum of radiation leaving for the world 
space. On Earth, the "working body" of the described heat pump during phase transitions 
is water, on Venus - sulfuric acid, on Jupiter - ammonia. 


In different regions of the planet, due to the evaporation of water from the surface and its 
re-evaporation in the clouds (water aerosol strongly absorbs infrared radiation), up to 10- 
55% of the integral solar energy flux is transferred from the troposphere to the 
stratosphere. The average content of water vapor in the Earth's atmosphere does not 
exceed 0.3-0.4%, but the energy consumption of its evaporation-condensation is huge 
and the total contribution of evaporation and condensation in the work of the 


zaryad.com/forum/threads/atmosfernoe-ehlektrichestvo.2151/ 4/19 


10/23/22, 9:36 AM Atmospheric electricity | Forum on free and alternative energy, energy generators and autonomous energy supply 


"atmospheric heat pump" prevails. This ensures more than 95% of the heat exchange 
between the surface and the stratosphere. The process goes on around the clock. It is 
most intense in the tropical zone over the oceans, but is noticeable even over the eternal 
ice during the polar night. In middle latitudes, during the winter, up to 25-30% of the 
snowfall evaporates. 
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The work of the described atmospheric mechanism is accompanied by peculiar side 
effects. A change in the state of aggregation of a substance dramatically changes its 
dielectric constant. Spontaneous electrification always occurs at the phase boundary. Part 
of the thermal energy of the air components is converted into electricity... Condensation 
of water vapor in the cold upper layers of the gas envelope is accompanied by the 
accumulation of a large number of positively charged particles there. This is how space 
charges arise, which form a continuous layer in the upper layers of the Earth's 
atmosphere. 


The uppermost layers of the atmosphere are highly ionized by cosmic radiation and 
represent a region of high conductivity. Result? Noticeable changes in the field strength 
over any point on the planet's surface are accompanied by a rapid redistribution of 
charges in the stratosphere and ionosphere. Therefore, the average intensity of the 
atmospheric field throughout the planet is almost stable. 


The electric field of the lowest layers of the atmosphere, however, is very variable. It is 
associated with the smallest droplets of water and ice crystals suspended in the air. Free 
charge carriers (ions and electrons) are almost absent in the troposphere. This gives 
insulating properties to dense layers of air and prevents self-discharge of the aerosol 
mass. Due to the low mobility of condensate particles, volumetric electric charges (clouds, 
jets of fog, etc.) are strongly associated with carrier turbulent flows and move with them 
for a long time (often for weeks) until they evaporate, discharge onto mountain peaks or 
fall to the surface with precipitation. So "jet" electric currents in the stratosphere and 
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mirror-like "telluric” currents in the upper layers of the earth's crust. Result? 


A positive space charge of about 0.57 million coulombs constantly hangs in the 
atmosphere. It creates an electric field with the already mentioned average intensity of 
130 V/m. The field pulsates in time with the rotation of the planet (its intensity is 
maximum at 17:00 GMT, when the Pacific Ocean floats on the sunny side). The average 
potential difference between the surface and the stratosphere is about 400 kV. This is in 
any good physics textbook. 


The total energy resource of the charged atmosphere (- 40% of the integral power of 
solar radiation in the earth's orbit) is estimated at about 2.5-5 per ten to the seventh 
power of gigawatts. It covers the Earth from pole to pole and is like a global DC 
distribution network connected to an eternal, free and environmentally friendly source of 
energy - the Sun. 


We return to where we started. There is a stick. On a stick - an insulated wire to the very 
top. At the end of the wire is an air ionizer. Yes, it doesn’t matter what ... It doesn’t matter 
at all ... A corona discharge, a heated wire, an open flame, a piece of a radioactive isotope 
... The main thing is that around this elevated conductor, let's call it a “receiver”, an 
excess of ions. Free charge carriers. Yeah, I see it's starting to get... 


Air is a moving substance. If the charge left the conductor and escaped into the 
atmosphere, then its fate is indifferent to us. The electric field, of course, will drag him to 
the right address. And since there is a flow of charges, then an electric current flows in the 
circuit. Well, yes, through the air ... The strength of this current depends only on the 
performance of the ionizer. How many charge carriers he throws out of the metal every 
second, so many pendants of electricity will flow through this conductor. What is air 
resistance? And it doesn't exist, practically. can be considered equal to zero. It doesn't 
matter how we connected directly to the stratosphere, all 400 kilovolts of celestial voltage 
hanging over our heads seem to be sitting at the end of a lightning rod... 


Unclear? Oh, guys and girls, what are you all ... Okay, I'll explain about air resistance. On 
the contrary... Do you know what grounding is? Well, yes, an iron pin driven into the 
ground to drain current from the protected equipment. If anything gets there, everything 
will “close” to the ground and disappear safely in the ground. Now a question for 
backfilling. What is the earth resistance value? Well, yes, if we take a couple of identical 
grounds, measure the resistance between them and divide them in two, we will just get 
the desired value. So, how much? But no! A good ground should have resistance in the 
order of an ohm. Yes, sir. In any soil, even in dry sand or rock. And don't care about the 
resistance of the material. In-in ... The main thing is to ensure good contact with the 
volume, albeit of poorly conductive material. The earth is big. Consequently, the earth's 
resistance tends to zero, and all resistance losses - only at the point of contact with the 
earth. Where the charge carriers move densely enough. And all problems are solved. The 
cross-sectional area of the worst "conductor", when the current spreads in the volume, 
with the distance from the ground electrode, increases as the square of the distance. 
Exponentially... Very fast. And just as quickly, its electrical resistance drops. Out of habit 
- it seems like a paradox ... And just as quickly, its electrical resistance drops. Out of habit 
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- it seems like a paradox ... And just as quickly, its electrical resistance drops. Out of habit 
- 1t seems like a paradox ... 


When an ionizer operates at the upper end of our "atmospheric generator”, its resistance, 
relative to the atmosphere, also tends to zero. More precisely, it is negligible. Volumetric 
effect, as in the case of grounding in the ground. The strength of the current in the circuit 
depends only on the performance of the ionizer .. Convenient ... 


No, we will not pile the burner on the upper end of the pantograph. And firecrackers - we 
will not. And we don't have a piece of a radioactive element. It's for the best, by the way... 
During discharge, in a gaseous environment, the electrodes lose weight. For every 
ampere-hour of charge flowing through the gas, about a cubic centimeter of electrode 
material is sprayed by the plasma. Its composition does not matter. There are no 
materials resistant to plasma chemistry ... At least put tungsten, even silicon, even 
graphite. Everything burns and oxidizes. Guessed? If you put a radioactive source on top, 
then atmospheric corrosion will quickly corrode it to holes and all the muck will be 
sprayed into the environment, settling around in a thin uniform layer. Do we need it? 
Live easier. 


The expendable knob for the receiver of atmospheric current, on all lightning rods, put a 
simple, environmentally friendly iron. From it, except for rust, no harm. We, too, will not 
break away from the team ... How to make a banal piece of iron emit plasma ions into the 
air? There is such a way! 


We consider the area of the soil, which is shielded from the atmospheric electric field by a 
pin, for example, twenty meters high. Yeah, this is the same pine tree that we appointed 
under the receiver stand. Pi multiplied by "er square”, right? Here "er" is the radius of the 
platform and the height of the receiver. The result is 1256 square meters. 


Now we find the area of the receiving electrode, under given conditions, sufficient to 
ignite a corona discharge on it in clear, cloudless weather. It's simple too. The field 
strength in the corona is about 30 kV/cm or 3 MV/m. The field strength over flat ground 
is 130 V/m. We consider the proportion ... Approximately 500 square centimeters of bare 
metal, a ball with a diameter of 12-13 centimeters, at the top, will already be surrounded 
by a weak cloud of ionized air molecules ... If you take a thinner rod, then the corona 
discharge around it will be proportionally stronger. Just? 


Not just... The speed of movement of free ions in the air, at atmospheric pressure, is 
measured in centimeters per second. The top of the current collector will be enveloped by 
a sedentary cloud of lazily drifting ions, and the discharge will stabilize at the threshold of 
ignition. As it actually happens with any real lightning rod. Something, slowly, always 
leaks through it into the atmosphere, but this current is almost imperceptible. Its 
consequences can only be detected indirectly, by the unnatural smoothness of the metal 
surface. All the irregularities there seem to be polished. Really. The protrusions and burrs 
are the first to be "eaten up" by a quiet discharge. For a similar reason, grass is so evenly 
"trimmed" in all high-mountain "alpine meadows". The field of atmospheric electricity in 
the mountains is strong. On each blade of grass, sticking out a little higher than the rest, 
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maybe, in bad weather, catch fire " 


Conclusion? If you need a strong discharge, then you need a "point". Not simple, 
motionless, but dangling in the wind, blown by air pressure. Steel foil (ideally) or 
metallized paper, varnished from moisture. A long strip of such foil is now fluttering in 
the wind. Melting, melting, melting... Consumable! And the current adjustment is very 
simple - the position of the support. Tilt lower - the discharge field weakened. Raised 
higher - intensified. Need for inventions is cunning ... 


Since the earth is negatively charged relative to the atmosphere, and the installation case 
is grounded, the voltage on the central electrode of the cement pipe is positive. Equal to 
the potential on the "receiver". When the process stops, this high-voltage part is closed to 
the housing with a grounded steel pin. Several tens of kilovolts are still present there. The 
simplest example of using an atmospheric generator "directly" as a ready-made power 
source for an "electrostatic precipitator". No matching devices for you, no converters. On 
one side of the chain, a corona discharge burns around an "electricity receiver" splashing 
in the wind, on the other, a corona discharge burns in a pipe through which dusty gas 
rushes from the reactor. From the central electrode (barbed wire) the ion flow pushes its 
way to the surrounding grounded walls. On the way, it charges cement particles and they 
drift there, after the discharge they settle on the metal. The pipe trembles as the cement 
slides down the spiral path into the hopper. And nothing else is needed. The "corona" 
sweeps the entire condensed fraction out of the gas like an invisible broom. It's very 
simple and clean, yeah... Adjustment of voltage and current - by tilting (lifting height) of 
the "receiver" bar. How much exactly the voltage in the circuit - no one knows. There 
were no people willing to measure. And why? You can see from the exhaust port of the 
pipe ... If the outgoing gas is clean of dust, everything works fine. As soon as the clubs 
appeared - lift the rack higher. The discharge does not cope ... And sparks of breakdowns 
began to click loudly in the iron pipe - lower it lower. On the way, it charges cement 
particles and they drift there, after the discharge they settle on the metal. The pipe 
trembles as the cement slides down the spiral path into the hopper. And nothing else is 
needed. The "corona" sweeps the entire condensed fraction out of the gas like an invisible 
broom. It's very simple and clean, yeah... Adjustment of voltage and current - by tilting 
(lifting height) of the "receiver" bar. How much exactly the voltage in the circuit - no one 
knows. There were no people willing to measure. And why? You can see from the exhaust 
port of the pipe ... If the outgoing gas is clean of dust, everything works fine. As soon as 
the clubs appeared - lift the rack higher. The discharge does not cope ... And sparks of 
breakdowns began to click loudly in the iron pipe - lower it lower. On the way, it charges 
cement particles and they drift there, after the discharge they settle on the metal. The 
pipe trembles as the cement slides down the spiral path into the hopper. And nothing else 
is needed. The "corona" sweeps the entire condensed fraction out of the gas like an 
invisible broom. It's very simple and clean, yeah... Adjustment of voltage and current - by 
tilting (lifting height) of the "receiver" bar. How much exactly the voltage in the circuit - 
no one knows. There were no people willing to measure. And why? You can see from the 
exhaust port of the pipe ... If the outgoing gas is clean of dust, everything works fine. As 
soon as the clubs appeared - lift the rack higher. The discharge does not cope ... And 
sparks of breakdowns began to click loudly in the iron pipe - lower it lower. the cement 
slides along a spiral path into the accumulator. And nothing else is needed. The "corona" 
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sweeps the entire condensed fraction out of the gas like an invisible broom. It's very 
simple and clean, yeah... Adjustment of voltage and current - by tilting (lifting height) of 
the "receiver" bar. How much exactly the voltage in the circuit - no one knows. There 
were no people willing to measure. And why? You can see from the exhaust port of the 
pipe ... If the outgoing gas is clean of dust, everything works fine. As soon as the clubs 
appeared - lift the rack higher. The discharge does not cope ... And sparks of breakdowns 
began to click loudly in the iron pipe - lower 1t lower. the cement slides along a spiral path 
into the accumulator. And nothing else is needed. The "corona" sweeps the entire 
condensed fraction out of the gas like an invisible broom. It's very simple and clean, 
yeah... Adjustment of voltage and current - by tilting (lifting height) of the "receiver" bar. 
How much exactly the voltage in the circuit - no one knows. There were no people willing 
to measure. And why? You can see from the exhaust port of the pipe ... If the outgoing gas 
is clean of dust, everything works fine. As soon as the clubs appeared - lift the rack higher. 
The discharge does not cope ... And sparks of breakdowns began to click loudly in the iron 
pipe - lower it lower. How much exactly the voltage in the circuit - no one knows. There 
were no people willing to measure. And why? You can see from the exhaust port of the 
pipe ... If the outgoing gas is clean of dust, everything works fine. As soon as the clubs 
appeared - lift the rack higher. The discharge does not cope ... And sparks of breakdowns 
began to click loudly in the iron pipe - lower it lower. How much exactly the voltage in the 
circuit - no one knows. There were no people willing to measure. And why? You can see 
from the exhaust port of the pipe ... If the outgoing gas is clean of dust, everything works 
fine. As soon as the clubs appeared - lift the rack higher. The discharge does not cope ... 


And sparks of breakdowns began to click loudly in the iron pipe - lower it lower. 
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I came up with another idea for generating electricity from ionized air. 

Man has long been able to receive electricity directly from the air. When we breathe, we 
do it. If we run fast, we consume more energy, and therefore we breathe more intensively. 
How to collect ions in the air and get electricity? 

It is possible to drive a stream of air through a strong magnetic field. Positive and 
negative ions will scatter in different directions, separated by a magnetic field. They 
should fall on the plates to which the current collector will be connected. For example, a 
capacitor. Only I need a person on the forum who will help to calculate this installation. 
To know at what speed it is necessary to drive air through the pipe through a magnetic 
field, what strength the magnetic field should be, the area of the plates on which the ions 
fall. How much energy is contained in a cubic meter of ionized air?<br /><br />-- Apr 
20, 2013, 23:32 --<br /><br />I tried to conduct the experiment I mentioned above - the 
effect is zero. Those. using a magnet, it was not possible to separate air ions. 

I bought two plate magnets, fixed them with adhesive tape between two metal plates. I 
tried two plates of copper, aluminum and experience when one plate is made of copper 
and the second of zinc (as in galvanic cells). I connected a multimeter in voltmeter mode 
to the plates. He showed a potential difference of zero point, horseradish hundredths of 
milliamps. I tried to blow on the plates so that air passes between them and blow on them 
also with the help of a fan - the effect is the same. It turns out that ions in a magnetic field 
will simply rotate in a circle, as in this model . To force the ions to be attracted to metal 
plates, you need to apply an electric field of several kilovolts to them, but then no 
perpetuity will naturally work, because. we will spend more energy than we get. 


The only thing that successfully came to my mind about the implemented projects of 
"vechnyaks" was to use horsepower. After all, horses also breathe air, eat free grass and 
water. 


Who has any ideas how to make ions from the air separate into positive and negative, so 
that positive ones fly to one plate, and negative ones to another, so that a potential 
difference is created between the plates? 
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Good afternoon. 

I decided to conduct some experiments for myself regarding atmospheric electricity. 
First experiment: 

- galvanized sheet s=0.3mm, 2 sq.m. 

- height 25m, 
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- grounding - galvanized sheet 0.3mm, 0.5 sq.m. 

- between them a wire through a voltmeter. 

Result: 0.5V maximum. 

Thinking that a brick building with iron elements distorts the electric field, we decided to 
inflate the balloon and go out into the open field. 


Max Rud 


i Here is a video of experiment #2. 
Anti-Tenturian 


[media ]https: / /www.youtube.com/watch?v=iFk3z0wriwQ[/media] 

nothing works yet.... 

Now we think that we need to introduce a capacitor into the circuit. Perhaps there is an 
equalization of potentials, which we cannot even notice. 


While like this È) 


iay Rud 2 April 2014 

f Bw, f < f Y E | | f 

Max RUG , oA [ Dril LU 14 
) I 


Thanks for the material. 

Shot perfectly, the work is done, but there are a couple of errors. 

1. The resistance of a household voltmeter is very low, and the current obtained in this 
way is small, which is why you did not manage to measure the voltage! 


Well, here's an example for you, charge a capacitor with a small capacity (up to ten 


moderator microfarads) and measure its voltage with your voltmeter. You will see that the capacitor 
Administrator itself practically does not discharge, but as soon as you touch it with a voltmeter, the 
Forum Team 


voltage across it immediately drops ... 


Therefore, you also need to put a capacitor in the circuit and measure the voltage on it, 
but not constantly, but only occasionally touching with a voltmeter. 


2. Take a steel broom instead of a frame and aluminum. that is, a bunch of wires sticking 
out like a panicle on one side and soldered or wrapped with wire on the other. So the 
efficiency will be many times higher. 


ator , 4 April 2014 #four 
Max Rud said: 


Thinking that a brick building with iron elements distorts the electric field, we decided to inflate the 
balloon and go out into the open field. 


What was used as a rope for the ball? The wire? In isolation? 


Rostislav , 4 April 2014 


Rostislav ROSUISLaY 
Administrator 


Thank you very much for your comment and attention. 
I think now an active lightning rod should be used as an antenna. 
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It ionizes the air around it. 

We will reach the voltage, but then there will be a question with the current strength ... 
But we have assembled the circuit. But not tested due to extremely low voltage. 

Let's move on. 


Max Rud Rostislav said: 
Anti-Tenturian 


What was used as a rope for the ball? The wire? In isolation? 


As a cable, there was a stranded wire 2mm.kv. 


The topic is interesting. I will share my observations. 

During a thunderstorm, I observed several times how a discharge of a couple of 

centimeters jumps between a disconnected antenna cable and a nail in the floor. This was 

before the army. We had strong dry thunderstorms then in Altai. There is lightning, but 
no precipitation. 

Somehow, after the repair, I took the plasma home for testing. Installed and hooked up 
loginza22096 all right. In the evening it began to rain and a thunderstorm approached. I decided to be 
Anti-Tenturian safe, the device is a client, you need to pull out the antenna. When trying to pull out the 

antenna, I received a millimeter discharge between the antenna and the antenna 

connector. (Plasma turned out to be alive) I bring my finger to the antenna cable and 
get a discharge. Reddish in color, about a millimeter long. Played for about five minutes. 

Later I decided to conduct an experiment to connect a voltmeter between the antenna 

and ground and take measurements. Waited until the storm approached again. All day 

before the thunderstorm it was roasting for 30. I went to the service. Time of 
measurements is 22-23 hours. I quickly bungled an antenna of 11 m of an antenna cord 
with a section of 3 mm, a decrease of 5 m of a 75 ohm cable (the cable braid was not 
connected either from above or from the bottom), grounding was 1 ohm. The height of the 
suspension top point is 6 meters (attached to the ridge of the building), the bottom point 
is 1.5 meters. In general, an impromptu inclined beam turned out. 

The device used a switch, if memory serves ts4341. The selected mode is DC 

measurement, the measurement limit is 2.5 volts. Installed the device. I turned the head 

of the device to the exact "o". I'm sitting waiting. Readings "o" Thunderstorm is 
approaching readings "o", even the arrow does not twitch at the time of the lightning 
strike. As soon as it started to rain, the device came to life. The readings are very small, so 

I connected the dt890 in parallel. The measurement limit is 2 volts. The voltage between 

the antenna and ground is constant 0.02 volts. I didn't measure the current. The 

alternating voltage is not fixed by the devices. (Maybe not, or maybe the devices are not 

like that). The switch circuit during lightning discharges reacted but not more than 0.3 

volts. Perhaps the inertia of the device is superimposed. The digital camera did not record 

flashes at all. The storm front proceeded from the place of measurements in 8-10 km. I 

counted the time after the lightning flash and multiplied by 300. Later this experiment 

was carried out in the daytime at about 14-15 hours. The storm passed in 3-5 km. The 
voltmeter reading is about twice as high. I did not write down the exact data (a working 
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H. CHARLES VION, OF PARIS, FRANCE. 


IMPROVED METHOD OF UTILIZING ATMOSPHERIC ELECTRICITY. 


Specification forming part of Letters Patent No. 28,798, dated June 19, 1860. 
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To all whom it may concern: 
Be it known that I, HIPPOLYTE CHARLES 
Vion, of Paris, in the Empire of France, engi- 


neer, have invented a. new Mode of Obtaining | 


Atmospheric Electricity and Terrestrial Elec. 
` tricity and its Industrial Applications; and I 
do hereby declare that the following is a full, 
clear, and exact description of the Same, refer- 
ence being had tothe accompanying drawings, 
making part of this specification, in which— 

Plate 1 represents a front elevation ; Plate 2, 
a side elevation of an aerostat, in combination 
with certain other devices for obtaining at- 
mospheric and terrestrial electricity; Plate 3, 
E plan of the device for obtaining terrestrial 

lectricity; Plate 4, detached portions of the 
apparatus. Plate 5 shows a front view, and 
Plate 6 a vertical section and various details 
of the apparatus when applied in mountainous 
regions, the use of an aercstat bein g dispensed 
with. 

The object of my.invention is to form an 
electric pile of great power by using the posi- 
tive electricity contained in the atmosphere, 
and the negative electricity contained in the 
earth, so as to make the electricity therein con- 
tained available for industrial purposes. 

To enable others skilled in the art to make 
and use my invention, I will proceed to de- 
scribe its construction and operation. 

A is aerostat of a tubular form closed at both 
ends. Itis made of suitable material, so as to 
be impervious to air. Its dimensions are such 
as to give it great ascensional power when 
filled with gas. | 

a a are valves in the surface of the aerostat, 
to be opened when the inflation of the aerostat 
should become too great. 

A long india-rubber tube, I, communicates 
with the interior of the aerostat, bein g attached 
to the latter, near one end of its ends D, as seen 
in Plate 1, while the lower end of the tube I 
is attaclied to a gasometer, (not shown in the 
drawings.) The gasometer is to be fed with 
hydrogen gas, produced by the action of the 
pile itself, the negative wires of which (after- 
ward to be described) enter a body of water at 
or near the base of the apparatus and decom- 
pose the water so as to produce the hydrogen 
gas. As the aerostat is supposed to be at a 
considerable height the tube I must be of cor- 


responding length, and is constructed of a num- 
ber of tubes, short wooden tubes I’ being in- 
serted where the tubes I are joined, and a fast- 
ening-ring, 1”, being slipped over each of the 
joints, as seen in Fig. 3of Plate 4. At certain 
distances the tube I is fastened to the net-work 
of the positive wires (afterward to be described) 
in order to secnre the tube against the action 
of the wind, and at each of these fastening- 


| places a washer, 1”, is inserted in the tube in 


order that the tube shall not be com pressed by 
the wire or other means employed to fasten it 
to the net-work of positive wires. (See Fig. 4, 
Plate 4.) | 

The aerostat is surrounded with a net-work 
of wires, one layer of the wires, ©, being par- * 
allel with the axis of the aerostat and fastened 
to rings Dat both ends of the aerostat, and 
the other layer of wires, B, extending partially 
around the aerostat at right angles tothe wires 
C. One end of cach of the wires B extends 
around an iron tube, E, some distance below 
the aerostat and meets the other end of it be- 
tween the tube E and the aerostat. The two 
ends are fastened together by a ligature, B’. 
(See Fig. 1, Plate 4.) Each end of the tube E 
terminates into a ball,e. The wires B are fast. 
ened to the surface of the tube E by means of 
a helical wire, F, wound around the tube and 
across the wires B, as seen in Fig. 1, Plate 4. 
The upper ends of long vertical wires G are 
also wound around cylinder E, each wire G be- 
tween two of the wires B, and the ends se- 
cured by a ligature, G’, as seen in Fig. 1, Plate 
4. The helical wire F is also wound across 
the wires G, so as to keep them in their places 
on tube E. | 

The vertical wires G, which are:to be the 
conductors of the positive electricity of the 
atmosphere, must be of a length proportionate 
to the desired efficacy of the electric pile, and 
the size and ascensional power of the aerostat | 
must, of course, be adequate to sustain the 
weight of and keep suspended the wires G, (a 
weight still further increased by the horizon- 
tal cross-wires H, with which the vertical wires 
G are interlaced, in order to form a net-work 
not liable to be deranged by the action of the 
winds or similar influences.) The two outside 
wires, G, are stronger than the rest of them, 
and their lower ends are fastened to dyna- 


rn 
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mometers of any suitable construction. These 
dynamometers are attached to the ends or a 
massive iron cylinder, J, and they serve to in- 
dicate the tension in the outside wires, G, and 
the corresponding ascensional power of the 
aerostat. According to the reading/of these 
dynamometers the aerostat has to be Supplied 


(through tube I) with more or less gas. The 


lower end of each of the wires G is wound 
around the cylinder J, and secured by liga- 
tures similar to those ab:ve described. The 
wires G are all insulated (by acoating of gutta- 


percha or similar substance,) except where 


they are in contact with tube E and with cyl- 
inder J, and a similar insulating coating is 
laid on eylinder J, after the lower ends of the 
wires G have been fastened to it. 

Another cylinder, K, similar to J, is placed 
at some distance from and parallel to cylinder 
J. Itis connected with cylinder J by wires 
L, wound around both cylinders and interlaced 
with cross-wires M. The wire-work L M and 
cylinders are insulated (in a manner already 
described) against outside influences, so that 
the only electric communication between the 
twocylinders will be through the wiresL. ‘The 
two cylinders are placed upon insulated col- 
umns P. The cylinder K may be used as a 
substitute for cylinder J, and vice versa, 
whenever repairs becomenecessary. Insulated 
branch wire or wires are attached to the cyl- 
inders J K and wires L, so as to conduct the 
positive electricity obtained from the atmos- 
phere by means of the above-described appa- 
ratus to wherever it is desired for industrial 
purposes. The insulated wires Q (interlaced 
with cross-wires R) are placed on the ground 
underneath and parallel to the positive wires 
L. Both ends of each of the wires Q are sunk 
into the earth or submerged in water, and fast- 
ened to a metallic plate coated with a metal 
not subject to oxidation. These wires Q are 


the conductors for the negative electricity of 


the earth, and a branch wire or wires attached 
to the wires Q serve to transmit the negative 
terrestrial electricity to wherever it is wanted 
for industrial or other purposes. Pe ae 

By uniting to the ends of the positive and the 
negative branch wire or wires a powerful elec- 
trie current will be obtained, one pole of which 
is the atmosphere and the other the earth, and 
may be applied to.any suitable useful purpose. 

I will now proceed to deseribe the modifiea- 
tion of the above-described apparatus when to 
be applied in mountainous countries. 

P represents the positive electric copper or 
other metal wires coated over with an insulat- 
ing substance. . The upper ends of each of the 


positive wires is soldered to a prompter, O, at 
P’, Figs. 1, 5, and 6, Plate 6. The lower por- 


“tion of each of the positive-wires is secured to 


an insulator, T, Fig. 2, Sheet 6. The positive 
wires are held above the ground by joints A, 
Figs. 3 and 4, Sheet 6, projecting from the soil 
at suitable distances from each other. The 
wires P are intended to follow the inequalities 
of the ground on which they are laid. 

The prompters O, Figs. 5aud 6, Sheet 6, are 
iron rods sharpened to a pointand silvered or 
coppered at their upperends. Thelower part 
of the prompter is fastened into a pole, S, cov- 


ered with tar, which isolates the prompter and 


holds it in a firm position. A large metallic 
plate may be soldered to each prompter, as — 
shown in Fig. 6. The positive wires may be 
soldered to the rod of each prompter or to the 
plate which is fastened thereto. 

One or more branch lines, E, are soldered up 
to the positive wires to transmit the positive 


atmospheric electricity for which the wires P 


are the conductors to any desirable point. 

N are negative iron or other metal conduc- 
tors coated with an insulating substance. The 
upper ends of these wires rest on the ground 
near the positive insulators. The lower ends 
of these wires are soldered to a metallic plate 
or plates, V, Fig. 7, Plate 6, coated with ametal 
not subject to oxidation. The negative wires 
are sunk into the ground at very great depth 
or into wells, rivers, or intothe sea. Theneg- 
ative electric branch wires are attached to the 
negative conductors N in the same manner as 


the positive branch wires are to the positive con- 


ductors. The branch wires and the soldering 
are coated over with an insulating substance. 
They are intended to carry the negative ter- 
restial electricity to any desired point. 

What I claim as my invention, and desire to 
secure by Letters Patent, is— 

1. The peculiar arrangement of means here- 
in specified, whereby I am enabled to use the 
positive electricity contained in the atmosphere 
and the negative electricity contained in the 
earth, and thus form an electric pile of consid- 
erable powerrand make the -electricity therein 
contained available for industrial purposes, as 
set forth. |. | 

2. The combination of an aerostat and ver- 
tical wire-work with a tube, I, for admitting 
gas into the aerostat, in the manner and for 
the purposes above set forth. 


CHARLES VION. 
Witnesses: | 
o HARRY W. SPENCER, 
_ A. GUION, Jr. 
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METHOD OF ATMOSPHERIC DISCHARGE 
ENERGY CONVERSION, STORAGE AND 
DISTRIBUTION 


TECHNICAL FIELD 


[0001] This invention relates to the field of electrical energy 
generation and storage in general and the conversion of atmo- 
spheric electrical discharge to a useable form of energy by 
arresting, storage and retransmission of lightning induced 
electrical discharge in particular. 


BACKGROUND OF INVENTION 


[0002] Lightning has always been a destructive force of 
nature. Causing death by electrocution and starting fires both 
in residential areas and in forests. In either case the loss of life 
and property is substantial. Lightning strikes have affected 
communication systems, and by uncontrolled arcing, elec- 
tricity grids leading to loss of power with substantial eco- 
nomic loss 

[0003] Lightning is the number one cause of forest and farm 
fires just in the United States and causes over 80 percent of all 
livestock losses due to accidents. Property losses run into 
billions of dollars annually and thousands of deaths and 
injury are reported yearly. Business losses from power and 
communications failure run into billions of dollars annually. 
Up to now, lightning strike damage has generally been con- 
trolled primarily by grounding. 

[0004] A lightning discharge can have voltage of 10 MV to 
100 MV and current of 1 kA to 300 kA. It packs so much 
voltage that it can leap a mile through the air and strike 
another object. Lightning can strike a building directly or 
leaping to it after striking a tree or other nearby object or by 
following a power line. It can strike any object that provides 
an easier path to the ground for it than the air. Because of the 
large network of lines, lightning can strike a utility pole at one 
point and be transmitted to any location in the network. 
Because of this, utility companies use multiple grounding and 
other protective devices per mile to ameliorate the lightning 
effects. 

[0005] There has been a lot of activity in the alleviation of 
lightning damage but none in utilizing its energy potential. 
[0006] U.S. Pat. No. 7,495,168 discloses a dipole lightning 
conductor which can gather electrical charges from the atmo- 
sphere during a thunderstorm, opposite to the polarity of the 
adjacent cloud on one side and induce a different polarity on 
the other end contacting the ground. When a sufficient poten- 
tial difference is reached between the dipole and the earth, a 
dielectric breakdown occurs sending a large amount of earth 
charge to the thundercloud, inducing a thunderbolt. 

[0007] In U.S. Pat. No. 6,012,330, Palmer discloses a 
method of inducing lightning strikes by shooting a stream of 
ionized water into a thundercloud and triggering electrical 
conduction through the ionized water column to the ground. 
In this invention, while ionized water is used, advantage is 
taken also of capillary wetting of conducting mesh cable at 
the tip of which is tethered a balloon of conductor coated 
Mylar. It is easier to float a balloon than to pump a column of 
water to any significant height. 

[0008] In U.S. Pat. No. 6,320,119 Gumley discloses a 
capacitively coupled composite air terminal with sharp and 
rounded end components for voltage manipulation to mini- 
mize electric field ahead of streamers to minimize corona 
discharge. 
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[0009] Kato, in U.S. Pat. No. 5,280,335, discloses a com- 
pound lightning low voltage arrester with high energy toler- 
ance for power and telephone lines comprising a spark gap is 
connected to a serial combination of Zinc Oxide arrestor and 
a non-inductive resistor. By cooperative execution between 
the spark gap and the Zinc Oxide arrester, the Zinc Oxide is 
chosen to be ofa rating such that thermal breakdown does not 
occur before the spark gap ignition voltage is reached. The 
arrangement ensures reliable and predictable discharge and 
arrester survival even under multiple lightning strikes of close 
proximity. 

[0010] Subbarao in U.S. Pat. No. 4,338,648, discloses a 
discharge counter and arrester current meter to determine 
arrester steady state current and the number of discharge 
events occurring during a thunder storm lightning arrester 
event. 

[0011] Greenwald and Moses in U.S. Pat. No. 5,610,813 
disclose a thunderstorm cell detection and mapping system 
for acquiring localized lightning strike information and iden- 
tifying and locating active thunderstorm cells. 

[0012] In U.S. Pat. No. 4,272,720, a method of differenti- 
ating between cloud-cloud and cloud-ground discharges is 
disclosed. Indicating discharge events with no accompanying 
lightning ground strike. This indicates that even in the 
absence of streamers, there is significant electrical discharge 
that can be converted and stored. 

[0013] Weir and Nelson disclose in U.S. Pat. No. 7,033, 
406, a high energy density ceramic capacitor with energy 
capacity of 52 kW.h in 2005 cu.in, the equivalent of 1600 
kW.h/m*. Hansen in U.S. Pat. No. 6,078,494 discloses mul- 
tilayer ceramic capacitors comprising doped barium-cal- 
clum-zirconium-titanate dielectric, the materials basis for 
USS. Pat. No. 7,033,406. It is claimed to be characterized by 
high dielectric constant, high stability of capacitance value, 
long service life, low loss factor, high insulation resistance 
capacitance, low voltage dependence, and wide temperature 
range stability. Electrodes of base metal alloys from the group 
of Ni, Fe, Co or their alloys are claimed to be perhaps just as 
effective as noble metals containing gold, silver, platinum and 
palladium and may also contain Cr, Ti, Zr, V, Al, Zn, Cu, Sn, 
Pb, Mn, Mo and W. 

[0014] Although the energy density capacity is not dis- 
closed, it may be in the same range as U.S. Pat. No. 7,033,406 
showing a path for storing the energy that can be extracted 
from lightning discharge. 

[0015] U.S. Pat. No. 5,361,187, claims dielectric constant 
(k) of up to 19000 using similar group of dielectrics and 
processes. In U.S. Pat. No. 5,604,167 dielectric constant val- 
ues of between 11,000 and 14,000 are disclosed by the same 
inventor with equivalent materials and processes. 

[0016] Since these capacitors use standard powder process- 
ing technique, it can reasonably be expected that equivalent 
characteristics may be observed with naturally occurring 
doped silicates such as phyllosilicates for example, montmo- 
rillonite: (Na,Ca), 33(Al,Mg),(S1,0,,)(OH),.nH,O, or 
cyclosilicates such as Benitoite —BaT1(S1,0,) as base mate- 
rials appropriately calcined and doped. 

[0017] In U.S. Pat. No. 6,078,494 multilayer ceramic 
capacitors comprising doped barium-calcium-zirconium-ti- 
tanate dielectric is disclosed. It is claimed to be characterized 
by high dielectric constant, high stability of capacitance 
value, long service life, low loss factor, high insulation resis- 
tance and low voltage dependence, and wide temperature 
range stability. Electrodes of base metal alloys from the group 
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of Ni, Fe, Co or their alloys are claimed to be perhaps just as 
effective as noble metals containing gold, silver, platinum and 
palladium and may also contain Cr, Ti, Zr, V, Al, Zn, Cu, Sn, 
Pb, Mn, Mo and W. In U.S. Pat. No. 5,361,187, the inventors 
claim dielectric constants of up to 19000 using similar group 
of dielectrics and processes. In U.S. Pat. No. 5,604,167 
dielectric constant values of between 11,000 and 14,000 is 
disclosed by the same inventors with equivalent materials and 
processes. Since these capacitors use standard powder pro- 
cessing technique, it can reasonably be expected that equiva- 
lent characteristics may be observed with naturally occurring 
doped silicates such as phyllosilicates for example, various 
grades of montmorillonite: (Na,Ca), ,3(Al,Mg),(S1,0,,) 
(OH),.nH,O, or cyclosilicates such as Benitoite—BaTi 
(SiO, ) as base materials appropriately calcined and doped. 

[0018] Although the technology to arrest lightning strikes 
has been around for at least a hundred years, this invention to 
harness and store that power has only become viable due to 
recent advances in super-capacitor technology which has 
made possible the fabrication of ultrahigh capacitance 
capacitors with very long lifetimes, high power, high energy 
densities and very fast charge and discharge rates. 

[0019] Just as flood water, another destructive force of 
nature in times past was controlled by building dams, and 
from the dams eventually came hydroelectric power; and 
wind including thunderstorms has now been harnessed to 
generate electricity, this invention describes the technology to 
harness the power of atmospheric discharges including light- 
ening storms to generate useable electrical energy. 

[0020] This disclosure also introduces the concept of an 
Energy Dam. Facilities of substantial energy storage capacity 
capable of receiving energy feeds from various energy 
sources suchas Solar, Wind, Thermal Power plants and Light- 
ning. For example, during a thunderstorm, electricity gener- 
ated by wind and lightning is collected and stored. 

[0021] Lightning strikes every part of the globe but not 
uniformly. The regions with the highest historical concentra- 
tion of lightning strikes are shown in FIG. 1c. These include 
Florida and the Gulf Coast in the Americas, the Equatorial 
Highlands of DRC, Rwanda and Burundi in Central Africa 
and the Monsoon Belt in Asia. 

[0022] Except for the Americas, typically, these regions 
have very little electricity infrastructure. With the capability 
disclosed here, substantial reserves of electricity can be gen- 
erated, stored and possibly traded. 

[0023] Inregions of epileptic electricity supply, disruptions 
in power do not necessarily translate into disruption in ser- 
vice. Since when power is generated, it is fed into these 
energy dams or local storage units for eventual use. Just as in 
water supply, the customer is not necessarily conscious of 
when the local water company is pumping water into storage 
tanks or local dams, in energy dams, the customer need not be 
conscious of whether or when electricity is being generated 
by the utility company because the power to his home is 
drawn not necessarily live from the grid but from the local 
energy storage units or energy dams. 


BRIEF SUMMARY OF THE INVENTION 


[0024] A method of harnessing atmospheric discharge and 
storing said energy in a useful form for subsequent use is 
presented. 

[0025] Since the voltage of a lighting bolt can be as high as 
100 MV, a methodology for safely channeling this discharge 
for storage is disclosed. 
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[0026] Itis the also the object of this invention to present a 
storage medium in which an energy capacity of 1 MW.h ina 
volume of under 1 m° can be achieved. 

[0027] Itis also a further objective of this invention to show 
how lightening strikes on tall buildings can be harnessed to 
provide energy for the building either directly or fed into the 
grid. 

[0028] Itis also an objective of this invention to present a 
methodology for harnessing lightening, heretofore a source 
of power disruptions for electricity grids and converting it 
into a useable form of energy and feeding it back into the grid. 
[0029] Since each electricity grid has a lightning suppres- 
sion unit, a methodology for harnessing the impulse from 
these units from lightening strikes and feeding 1t back into the 
grid is disclosed. 

[0030] a method of deploying a network of said storage 
units along a utility grid is also disclosed. 

[0031] Itis also the objective of this invention to disclose a 
method of modifying the storage units for single building 
deployment. 

[0032] A method of deploying said storage units as vehicu- 
lar charging centers even in locations not readily served by a 
utility grid is also disclosed. 

[0033] A method of manipulating the direction and move- 
ment of the lightening bolt in open air locations and redirect- 
ing them to predetermined collection points is disclosed. 
[0034] Lightning storms are some of the major causes of 
wild fires in the world. A method of redirecting the electrical 
discharges in any given space via a network of polarized and 
non-polarized collectors is presented. The discharges can be 
stored, fed into the grid or grounded. 

[0035] A method for non-spontaneous discharge genera- 
tion and storage is disclosed. And a method for adapting the 
methodology for electric automotive deployment is also dis- 
closed. 


BRIEF DESCRIPTION OF DRAWINGS 


[0036] Forunderstanding ofthe present invention reference 
is made of the accompanying drawings in the following 
DETAILED DESCRIPTION OF THE INVENTION. In the 


drawings: 

[0037] FIG. 1a. Picture of lightning strike over a city. 
[0038] FIG. 10. Picture of lightning strike over open plain. 
[0039] FIG. 1c: Global Distribution of Lightning Strikes: 


April 1995-February, 2003. (Source: NASA). 

[0040] FIG. 2 shows a schematic of discharge collection 
and storage system. 

[0041] FIG. 3 shows a schematic of collection unit showing 
metallic composition variation. 

[0042] FIG. 4 Shows a Schematic of composite collector 
showing polarized ends. 

[0043] FIG. 5 Schematic of collector network configura- 
tion with negatively polarized ends to manipulate and redirect 
lightning electrical discharge away from the earth for even- 
tual collection at a predetermined location. 

[0044] FIG. 6 Plan view of polarized collection network as 
shown in FIG. 5 acting to concentrate and modulate the elec- 
trical discharge and redirect such for collection at predeter- 
mined location. 

[0045] FIG. 7a. Schematic showing a representation of a 
network of varistors arranged in rows and columns with the 
net effect of applying resistive arrestors in parallel and in 
series to effect voltage mitigation of atmospheric discharges 
prior to collection and storage. 
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[0046] FIG. 76: Schematic of varistor of power mitigation 
unit showing cascade of ZnO arrestor in series with non- 
inductive resistor in parallel with spark gap. 

[0047] FIG. 7c: Multilayer varistor with ZnO, ZnS and 
WO,/WSi1, 

[0048] FIG. 8a. Schematic showing cross section of a col- 
lection unit. 

[0049] FIG. 85. Schematic showing cross-section of multi- 
layer ceramic capacitor of 8a. 

[0050] FIG. 9 Schematic of collection unit network mesh in 
forested area with air frames deployed on each tree as collec- 
tion of trees linked in a mesh network. 

[0051] FIG. 10 Plan-view schematic of collection unit net- 
work mesh of FIG. 9 

[0052] FIG. 11 Schematic showing collection unit deploy- 
ment on electricity transmission poles linked in a network and 
fed into the electricity grid. 

[0053] FIG. 12 Schematic showing collection unit deploy- 
ment on light poles or wireless towers. 

[0054] FIG. 13 Schematic showing network of linked col- 
lection units and storage units on transmission lines, light 
poles or wireless towers fed into the grid. 

[0055] FIG. 14. Schematic ofa system for non-spontaneous 
atmospheric discharge generation and storage. 

[0056] FIG. 15 Schematic of atmospheric discharge collec- 
tion and storage unit deployable on automotive units. 

[0057] FIG. 16 Schematic of balloon-assisted discharge 
collection and storage unit. 


DETAILED DESCRIPTION OF THE INVENTION 


[0058] This invention describes a method of harnessing the 
electrical energy in atmospheric discharges, including, but 
not limited to lightning, storing said electrical energy and 
transmitting said energy for use. To this end, as an illustration, 
the preferred embodiments are represented in the drawings 
shown in FIGS. 2 to 15. 

[0059] Since lightning discharge voltages range from 10 
MV to 100 MV with current of 10 kA to 100 kA, the tech- 
nology challenge will be in mitigating the ultrahigh power 
which range from 100 GW to in excess of 10,000 GW. 
Although individual strikes last less than 100 usec, thunder- 
storms usually last longer than 30 min. in any cloud formation 
and location. Indicating that the energy that can be mined 
from any location in a thunderstorm can run in excess of 50 
GW.H. Enough energy for 500,000 homes consuming 1000 
kW.h per month. At $100 per 1000 kWh, the revenue equiva- 
lent is $5 million per thunderstorm per location. 

[0060] In solar energy generation, the cost of a 1 MWe 
rating PV panel is about $1 million. To achieve 1 GWe, the 
cost implications will be about $1 billion. In fossil fuel plants, 
the construction cost is approximately $1.3 million per MWe, 
putting the cost for a 1 GWe at ~$1.3 billion excluding fuel, 
carbon footprint, and other operating cost. Though thunder- 
storms are not continuous, with storage capability, the cost 
basis for an atmospheric discharge energy source will be 
several orders of magnitude lower than fossil fuel or solar of 
any architecture. 

[0061] One embodiment of this invention is depicted in 
FIG. 2. Lightning is collected at the air terminals 10, 20 and 
transmitted through the conductor 30 to an arrestor 40 and on 
to the capacitor 50 where the electricity is stored. From which 
it can be extracted 60 at point of use or transmitted into the 
grid. 
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[0062] The degree of atmospheric discharge charge collec- 
tion can be influenced by the metallurgical composition of the 
collectors. FIG. 3 illustrates the fabrication of the collector 
with different metals of varying conductivities and atmo- 
spheric and electrical stability. In this embodiment, metallur- 
gical compositions for the various segments comprise Ti, Cu, 
Al. Other metals or their alloys can be used depending on the 
required properties and the locations of deployment. 

[0063] In yet another embodiment of the invention as 
shown in FIG. 4, acomposite collector with opposite polarity 
air terminals 100, 110 is used. The air terminals are isolated 
from each other by an insulator 120. The negative polarity 
terminal serves to deflect and manipulate the charge to the 
positive terminal from which it is conducted to the storage 
unit 130. 

[0064] Another embodiment of the invention is illustrated 
in FIGS. 5 and 6. In this representation, negative polarity 
collectors, 160 deflect the atmospheric discharge so that they 
do not reach the ground but are deflected for collection at a 
predetermined terminal 180 of positive polarity and thereafter 
storage 200. A plan view representation of this embodiment is 
shown in FIG. 6. 

[0065] Itis essential to mitigate the power of the lightning 
before storage. In one embodiment of this invention, a col- 
lection of varistors of various power capacities, linked in 
series 270,280 and 290 are connected in parallel in lines 1 to 
n, to achieve a desired capability as shown in FIG. 7a. The 
resultant power is stored in the capacitor 300. An insulator or 
fuse 305 is placed at the end of the varistor chain to protect the 
capacitor 300 against over-current. In the event of overstress- 
ing, the dielectric or varistor is deformed and the excess 
current is grounded. 

[0066] Each component of the power mitigation unit is any 
of the following configurations as shown in FIG. 7b: A ZnO 
varistor 312 connected in series with a non-inductive resistor 
313 and in parallel with a spark gap 311. The resultant current 
is further modulated through another ZnO unit 314 and resis- 
tor 315. A cascade of this configuration could be adopted to 
achieve the desired properties. 

[0067] Zinc Oxide has a relatively large band gap of ~3.3 
eV at room temperature. The consequence of this large band 
gap includes, higher breakdown voltages, ability to sustain 
large electric field and high power and temperature operation. 
Because of this, ZnO is the primary component in varistors 
and in voltage suppression devices. Zinc Sulfide has a band 
gap of 3.5 eV for the cubic form and as high as 3.91 eV for the 
hexagonal form at 300K. While ZnO band gap can be tuned 
from between 3-4 eV by alloying with magnesium oxide or 
cadmium oxide, the co-processing of ZnO with ZnS of the 
hexagonal wurtzite form should provide electrical field and 
other operational advantages over ZnO alone. 

[0068] Multilayers of ZnO and ZnS or as sandwich layers 
with each other with ZnO achieving 50-99.9 mol. % of each 
layer can be adopted to improve on the suppression properties 
of the single layer ZnO varistor as is shown in FIG. 7c. Said 
varistor comprising a ceramic base body 318 of multiple 
layers, terminal electrodes 316, 317 and internal electrodes 
319. 

[0069] Alloying of ZnO with metal oxides and nitrides of 
transition elements including W, Zr, Mo, Mg, Cr, and Ti may 
improve its band gap characteristics and improve its voltage 
response non-linearity. Tungsten, in the form of tungsten 
silicide has very unique crystallization characteristics, par- 
ticularly in the presence of dopants such as phosphorus or 
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arsenic. Upon post deposition anneal, the Si in the non-sto- 
ichiometric tungsten silicide (WS1x) segregates to the grain 
boundaries and the film interfaces. The dopant atoms diffuse 
preferentially along the grain boundaries. When oxidized, itis 
the segregated silicon that is oxidized selectively. If the W is 
exposed to the oxidizing ambient of O,/Ar or O,/N, at tem- 
peratures in excess of 700° C., tungsten oxide WOx (x=3, or 
1.5) is formed. It has no corresponding crystallographic ori- 
entation to the underlying tungsten silicide or metal, being in 
the form of an amorphous powder. The fabrication of multi- 
layer varistors with ZnO and WS1,/WO,, SiO, should provide 
the flexibility of modulation of the effective grain sizes of the 
host material to within 0.5-10u as the case may be. This 
precise grain size control provides corresponding modulation 
of the electrical properties including overvoltage suppres- 
sion. 


[0070] A schematic ofthe storage unit 320 is shown in FIG. 
8a. A collection of capacitors 330 are connected in parallel to 
achieve a desired capacitance. A schematic of the cross-sec- 
tion of each capacitor unit is shown in FIG. 8b. The unit 331 
with dielectric layers 332 is a multilayer capacitor comprising 
alternately stacked internal electrodes 335, 336 connected to 
external electrodes 333, 334. The dielectric layers may be of 
uniform composition, or layers of different compositions 
optimized for flexibility in the modulation of desired electri- 
cal, physical and reliability properties. 


[0071] Capacitance in excess of 1 kF/m* with energy stor- 
age capacity of 1.5 MW.h is reported as being possible by 
existing art. With compositional and manufacturing improve- 
ments disclosed here these benchmarks are expected to be 
surpassed making possible energy storage capacities of up to 
1 GW.h. Sufficient energy for 1000 households consuming 
1000 kW.h of electricity per month for one month. 


[0072] Lightning storms are a major cause of wildfire. To 
address this, in yet another embodiment of this invention as 
represented in FIG. 9, air terminals 360 are set up on a selec- 
tion of trees and connected by a conductor 370 in a mesh array 
as shown in FIG. 10. The impinging charge is transmitted 
through a conductor 380, through a suppressor unit 390 and 
on to the storage unit 400. 


[0073] Utility transmission lines usually have lightning 
collectors along the length of the network. In this invention as 
demonstrated in FIG. 11 air terminals 440 deployed transmis- 
sion poles 450 are linked by a polarized conductor 460. At 
predetermined locations the impinging charge is conducted 
through a suppression unit 490 and thereafter into the storage 
unit 500. The stored energy is periodically released into the 
grid. 

[0074] In yet another embodiment of the invention, air ter- 
minals 510 are deployed on light poles 520. The collected 
charged are modified and stored in a storage unit 540. 


[0075] In another embodiment, the air terminal/collection 
units are deployed on radio transmission towers. The charge 
could be stored individually at each tower location or linked 
in a network as shown in FIG. 13. In either case, the stored 
energy be used at each individual location or fed into the grid 
570. 


[0076] In the absence of a thundercloud, lightening flash 
can be generated by the modification of the natural bias 
between the cloud and ground. This is demonstrated in FIG. 
14, where a positively biased conductor 580 of height greater 
than nearest ground elevation or nearest structure. The 
increased elevation and bias facilitates cloud to ground dis- 
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charge even when there is no active lightning storm. The 
incoming charge is isolated by an insulator 600 and stored in 
the storage unit 610. 

[0077] In yet another embodiment of this invention, a bal- 
loon of conductive material is tethered to a terminal via a 
mesh line of conducting material. The balloon captures cloud 
to cloud discharges which are transmitted down to storage. In 
yet another embodiment this tether line may be wetted by a 
conductive solution such as but not limited to salt solution to 
facilitate the discharge conduction. 

[0078] Another embodiment of this invention 1s shown in 
FIG. 15. In an isolated collection system as shown here, the 
air terminal 620 which may be biased or unbiased is con- 
nected to a collection/storage unit 650, 660 respectively by 
conductor 640 and isolated by a dielectric or insulator 670. 
Should the discharge exceed the capacity of the isolation, the 
isolation is bridged and the charge grounded. This isolated 
collection system is particularly useful where there is no 
utility grid, particularly in very remote and isolated locations. 
[0079] This isolated collection capability enables deploy- 
ment on individual houses and isolated farms. In electric 
automotive recharge stations, this capability enables the loca- 
tion of these facilities in any location even those not served by 
regular electricity utilities lines. 

[0080] In isolated rural areas, the deployment of these iso- 
lated collection units enables the provision of electricity 
where electricity grid infrastructure is not available or prac- 
tical. The storage units can be deployed in banks as the esti- 
mated anticipated usage dictates. 

[0081] In another embodiment of this invention, the iso- 
lated collection unit is modified to be portable for deployment 
on automobiles. The charge in the storage unit is linked with 
the automobile’s electrical power or storage unit. Alterna- 
tively, it can replace the power storage unit of the automobile 
for pure EV or hybrid cars. Additionally, it can unplug these 
cars from the grid. With the ambitious industry plans for 
electric or hybrid cars the infrastructure for charging these 
cars either in garages or charging stations is somewhat lim- 
ited. The capability to both ‘charge as you go’ and unplug 
from the grid would expand the infrastructure significantly. 
[0082] In yet another embodiment of this invention, the 
isolated collection unit is deployed on trains. This could be in 
commuter trains that directly fed from the grid, or long-haul 
trains to augment or replace the fossil fuel used. 

[0083] Itis understood that the presentation of these steps 
in this disclosure is not exhaustive. Only the preferred 
embodiments of the invention and but a few of the examples 
of its versatility are shown and described in the present dis- 
closure. It should be readily apparent to those of ordinary skill 
in the art that the invention is capable of use in various other 
combinations, environments and applications and is capable 
of changes or modifications within the scope of the inventive 
concept as expressed herein. These changes and modifica- 
tions may be made without departing from the spirit and 
scope of the invention as set forth in the appended claims. 
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1. A method of converting an atmospheric electrical dis- 
charge into a useable form of electrical energy comprising the 
following steps: 

(a) Arresting the discharge via an air terminal, 

(b) Said air terminal connected via a conducting unit to a 
power mitigating (step down) unit which can reduce the 
discharge voltage from approximately higher than 100 
MV and 100 KA to below 20 kV, 10 kA. 

(c) The step down unit connected to an energy storage unit 
which may comprise modules of high energy density 
capacitors 

(d) Said storage units arranged such that the stored electri- 
cal energy can be discharged into the grid or to an appli- 
ance at point of use as desired. 

2. A method of claim 1 wherein the arrestor and mitigating 
unit comprise an array of self-healing varistors in series and 
parallel chosen to ensure total conversion of the incident 
lightning discharge to a voltage/current level suitable for 
storage in said capacitors. 

3. A method of claim 2, where the power mitigation unit is 
any of the following configurations: 

(a) Single ZnO varistor or 

(b) Zinc Oxide arrester connected in series with a non- 
inductive resistor 

(c) Zinc Oxide arrester in series with said non-inductive 
resistor and in parallel with a spark gap. 

(d) A cascade of configuration as described in (c). 

4. A method of claim 1 wherein the storage unit comprises 
modular array of high energy density doped ceramic capaci- 
tors with storage capacity of 10 kWe.h to 1 GWe.h and vol- 
ume 0.1 to 1 m* and up to 1000 units as the desired capacity 
dictates. 

5. A method of broad spatial lightning protection by the 
manipulation of the path of an electrical discharge via the 
manipulation of the air terminal bias magnitude and polarity 
Said arrestors being arranged in an array to achieve the redi- 
rection of the discharge path. The discharge path being 
directed to a collection unit at some location significantly 
removed from the initial discharge impact position. 

6. A method of claim 5 wherein the discharge redirection is 
via a biased conductor to the said collection and storage unit. 

7. A method of claim 5 wherein the area of protection is a 
forest whereby: 

(a) A network array of air terminals is deployed on trees, in 
close proximity to said trees with tip approximating the 
treetops, or girding the trees to redirect the discharge 
along a biased conductor to a collection unit for the 
purpose of mitigating lightning induced fires. 

(b) Said discharge electrical energy being stored or fed into 
the electricity grid. 

8. A method of claim 1 wherein the discharge collection is 
on electrical power lines and the stored energy is fed back into 
the grid. 

9. A method of claim 1 wherein the discharge collection 
and storage are at telecom towers, light poles or other free 
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standing structures. Said storage being at individual collec- 
tion sites or some location serving an array of collectors and 
said stored energy used for individual structure’s operational 
energy need or fed back into the utility grid. 


10. A method of non-spontaneous generation of atmo- 
spheric discharge by the following: 


(a) Modulation of the magnitude and bias in a dipole air 
terminal relative to the ground 


(b) Conductive material balloon tethered by a conductive 
mesh cable. 

(c) Said cable being soaked by an ionic liquid, including, a 
salt solution to facilitate said atmospheric discharge 
conduction. 


The discharge thus formed is stored for feeding into the greed 
or for operation as a stand-alone energy dam. 


11. A method of claim 1 in which the discharge collection 
unit is configured as a mobile unit. Said unit being deployed 
on an automobile or any mobile platform. The said deployed 
unit extracting electrical charge from the atmosphere and 
storing such energy in a deployed storage unit on the said 
automobile. The energy thus stored, feeds the car battery 
which obviates the need for recharging at charging centers or 
from the grid. 


12. A method of claim 1 wherein the electrical discharge 
energy collection unit is a stand-alone unit comprising modu- 
lar capacitors configured as an electric vehicle charging sta- 
tion. 


13. A method of claim 1 wherein the air terminals are 
deployed on buildings and the discharge energy collected 
thereby are: 


(a) Stored and fed back into the grid. 
(b) Stored for use by each building 


(c) Stored in a central energy storage facility for use by the 
community in general. 


14. A method of claim 1 wherein the said storage units are 
underground. 


15. A method of claim 1 wherein the storage unit is of 
capacity and configuration to accept energy feeds from mul- 
tiple electricity generation sources: Thermal, Hydro, Solar, 
Wind and Lightning. 

16. A method of claim 4 wherein the storage unit is inte- 
grated into a Utility’s Switch Farm. 


17. A method of claim 4 wherein the multilayer ceramic 
capacitor unit comprises dielectric layers of varying compo- 
sitions individually or as sandwich layers with each other 
containing Barium-Titanate silicates as host material doped 
with Zr, WSi,/WO, to modulate grain growth to between 0.1 
to 10 um as the case may be; said modulation providing 
corresponding control of electrical and reliability properties. 


18. A method of claim 1 wherein the varistor comprise 
multilayers of ZnO and ZnS individually layered or as sand- 
wich layers with each other with ZnO achieving 50-99.9% of 
each layer; said layers being alloyed metal oxides of transi- 
tion elements including W, Zr, Mo, Mg, Cr, Ti to improve 
voltage response non-linearity. 
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I, WILLIAM HENRY WARD, of Auburn, in 
the county of Cayuga and State of New York, 
have invented an Electrical Tower for Accu- 
mulating Natural Electricity for Telegraphic 
Purposes, of which the following is a specifica- 
tion: 

My invention consists of a tower for the pur- 
pose of receiving and imparting natural elec- 
tricity, so as to be in constant contact with 
that upper stratum of electricity which sur- 
rounds the earth, by tapping which a never- 
failing supply is formed when brought into 
contact with the earth, as will be more fully 
explained hereinafter. 

In the accompanying drawing, Figure 1 rep- 
resents a side elevation of my improved elec- 
trical tower. Fig. 2 is a vertical central sec- 
tion of the upper part of the same. Figs. 3, 4, 
9, 6, and 7 are detached views of several parts 
of the same. 

The tower is constructed in three separate 
sections, a lower, a middle, and an upper one, 
and is placed on elevated mountain tops or 
peaks. The lower one, A, is a mere shell, hav- 
ing a door, a, and is constructed of any mate- 
rial suitable for the purpose. It is insulated 
from the middle portion B by means of a glass 
diaphragm, c, held between similar diaphragms 
of rubber, d, and of gutta-percha, e, by means 
of flanges a’ and b’, formed on the upper end 
of the lower portion and the lower end of the 
middle portion of the tower respectively. 
These flanges are secured to each other by in- 
sulated bolts f The middle portion B is pro- 
vided with suitable openings or windows, G, 
having shutters or slats g pivoted in them, so 
that, by means of raising or lowering rods h, 
suitably conneeted to said shutters, the open- 
ings G may be shut or opened. A projecting 
roof, H, is formed on or secured to the middle 
portion B just over the openings G, and which 
serves the double purpose of protecting the 
said openings from the effects of the weather, 
such as rain or snow, and also for receiving 
the aerial electricity, which may be drawn from 
it by wires 7, for land-line purposes. Above 
this roof H the middle portion of the tower is 
again insulated by diaphragms of glass, rub- 
ber, and gutta-percha from the upper portion 
I of the tower in the same manner as it is in- 
sulated from its lower portion. A circular 
plate, j, secured on the inside of this upper 


portion, bears a short tube, J, which is sur- 
rounded by the tube K of the ventilator L, 
from which latter the vane M extends; or the 
tube J may be held by rods extending from 
the side of the tower centrally. This venti- 
lator is supported by a rod or shaft, k, firmly 
attached to the tube K, and having its lower 
bearing in a step, /, on a brace, m, crossing the 
middle portion B of the tower just above the 
openingsG. Thisrod or shaft kisformedin two 
parts, insulated from each other, as shown at K’. 
On the lower portion of this shaft kis keyed 
or otherwise secured a sleeve, n, from which a 
horizontal serpentine cam-plate, 0, shown in 
detail in Figs. 4 and 5, extends, over the rim of 
which the forked ends p of rods A seize, and 
which is so arranged relatively to the vane M 
and the shutters or slats g that the revolution 


of the vane by the wind will open the wind- 


ward and close the leeward shutters or slats 
g and openings G by means of the rods R. 
Guide-plates or their equivalents N, provided 
with suitable openings, through which the 
rods h pass, keep the upper forked ends h of 
the latter in constant contact with the cam- 
plate o, which raises or lowers the rods, and 


‘consequently opens or closes the openings G as 


it revolves. A circular roof, O, extends from 
the tube K of the ventilator so as to cover and 
protect the open upper end of the tower. The 
upper portion I of the tower is provided with 
an insulating-tube, p’, through which acopper 
wire, q, enters the portion I of the tower, and 
is colled around the tube J just under the tube | 
K, which wire may connect that upper portion 
of the tower with any land line of wires. The 
upper portion I of the tower, as well as the 
tubes J K, may be constructed of zinc, while 
the vane may be made of zinc, copper, or 
any equivalent material, which, with the zine 
and the moisture of the atmosphere, would 
form an electrical current. As the vane re- 
volves it opens the openings to windward and 
closes those to leeward, thus helping to drive 
an aerial current of electricity into the insu- 
lated middle portion of the tower, which cur- 
rent passes upwardly through the upper por- 
tion of the tower and out through the venti- 
lator or the top, which is swung around by the 
wind or aerial electrical current, thus forming 
a draught in addition to the closing of the 
shutters or openings to leeward, by means 
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of which draught the electrical current is 
forced upwardly and out at the vane. The 
top portion of the tower is of course completely 
insulated from all below it, including the re- 
volving central ventilator-shaft, As the mid- 
dle portion of the tower allows the electrical 
current of atmosphere, wind, &c., to pass 
within, up, and out at the top it forms a con- 
tinuous current, whereby the tower is receiv- 
ing continually fresh and new supplies of elec- 


tricity, which can be drawn from the projecting - 


roof H by the wires ¿ for the use of land lines 
of telegraphs or for other purposes, such as 
light, heat, &c. By the use of aerial electricity 
I entirely dispense with artificial batteries, 
forming my circuit merely by connecting the 
aerial current with the earth current. Forin- 
stance, to bring Buenos Ayres, in South Amer- 
ica, into direct connection with New York, the 
following plan would be pursued: One elec- 
trical tower is erected on Pike’s Peak or any 
other suitable high mountain in North Amer- 
ica, and another similar tower on some suitable 
peak of the Andes in South America. The 
former would, by means of land-lines, be con- 
nected directly with Denver, which place is 
again connected with all the prominent cities of 
the States. Ina similar manner the southern 
toweris connected by land-lines with the promi- 
nent cities via Quito. New York telegraphs to 
the tower on Pike’s Peak, and the operator hav- 
ing connected the land-line with the aerial cur- 
rent, the signals are transmitted through the 
aerial current tothe towerin the Andesin South 
America, and from there—the land-lines being 
suitably connected with the aerial current—to 
Quito and Buenos Ayres. In this manner a 
message would be sent entirely by natural 
electricity in place of artificial. In the same 


manner a message may be sent across the | 


ocean by having a high tower on each conti- 
nent, each of which towers would have to be, 
- of course, through land-lines connected with 
the earth to enable the ground current with 
the aerial current to form a circuit. Different 
towers may be erected on the different conti- 
nents, and if they are all what is technically 


called hooked on—that is to say, connected 


to the earth—a signal given at one tower will 
be repeated at all the towers, they being con- 
nected with each other by the aerial current, 
If the earth-connection is severed, or the insu- 


lation with the tower destroyed, there is no 


power; but by insulating the tower and con- 
centrating its force to a point, bringing the 
same corresponding effect from the earth cur- 
rent in connection, an exceedingly powerful 
electrical force is created. | 

Having described my invention, I claim—_ 

1, A tower constructed so as to collect, hold, 
distribute, and utilize aerial currents of natu- 
ral electricity for telegraphic and other pur- 
poses, essentially as described. | 

2. A tower for collecting aerial currents of 
natural electricity, constructed of three sec- 


tions, insulated from each other and the earth, 
or their equivalents, substantially in the man- 


ner described. — | 
3. In an electrical tower, the combination 
of the shutters or slats g with the ventilator- 


vane in such a manner that the vane, through 


suitable mechanism, always opens the shutters 
to windward and closes them to leeward, sub- 
stantially as described. 

4. In an electrical tower, the collecting, dis- 
tributing, and protecting roof H, substantially 
as and for the purpose described. 

5, The combination of the tube J and venti- 
lator L with its vane M and the coiled wire or 
small cable q, substantially as and for the pur- 
pose set forth. 

6. The combination of the insulated shaft k 
and rods h having forked upper ends X' with 


the shutters or blinds g, serpentine cam-plate 


o, and ventilator L, substantially as and for 
the purpose described. | . 

The above specification of my improvement, 
being a tower for accumulating natural elec- 
tricity for telegraphic purposes, signed this 
29th day of June, A. D. 1871. 

W. H. WARD. 

Witnesses: 

A. L. PALMER, 
J. H. STARIN. 
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Capturing free atmospheric electricity: Feasibility and 
challenges 


Earth's atmosphere is in itself an infinite storeroom of energy. The regular diurnal variations of the Earth's 

electromagnetic network produce strong electric currents on a gigantic scale. The Earth has its own negative elect 
while the atmosphere is positively charged. The electric potential increases with the altitude, hence the electric for 
proportional to the atmospheric altitude. In the present times, where alternative energy holds the key to the ener; 
crisis, the abundance of this source of energy has attracted the researchers’ attention. Evermore exciting is its free 
availability in air and clouds. There have been efforts to capture it since long but a considerable success is still har 


come by. 


Atmospheric Electricity, nature lends it for nothing: 
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All atmospheric electricity is a result of the potential difference between any point on the surface of the negatively 
charged earth and the other in the positively charged air above it. Earth's electromagnetic network consists of 
thunderstorms, the electrification of the air in a combined or uncombined state and the polar Aurora effects. Eque 
experiences more of thunderstorms than anywhere on the entire planet. These thunderstorms express themselve 
the form of lightning and atmospheric pressure, wind levels, solar winds and the solar particles. Estimates reflect t 


lightning strikes somewhere on the surface of the Earth about 100 times every second. 


Secondly, the Polar Aurora provides a great natural spectacle and is an outcome of the atmospheric electricity. Eat 


magnetosphere abounds in profuse solar-wind-transferred-energy, which is visible from the polar regions of the ¢ 


Moreover, this simple, robust and low cost electricity is much cheaper than wind turbines. You don't have to count 
the weather conditions, and it's available day and night. No doubt, it’s in abundance at the poles but that doesn't c 


its presence elsewhere. 


Feasible ways to capture it: 


Capturing Atmospheric Electricity means to exploit the natural electrostatic potential gradient of the Earth. The 
electrostatic potential gradient between the Earth and the ionosphere is about 100Vm-1 near the surface in sumrr 
and 300Vm-1 in winter. Electrically charging a bank of capacitors or operating an electrostatic motor/parametric 
conversion machine are some of the possible ways to convert this static atmospheric electricity into conventional 


Alternating Current. 


https://drorem.com/guide/capturing-free-atmospheric-electricity-feasibility-and-challenges/ 2/6 


1/24/2018 Capturing free atmospheric electricity: Feasibility and challenges - Dr Prem Life Improving Guide 


Tarren ed raw energy 


Pour 
iat rear 


h-ire 
jet airea 
K 


Y 


Image Source: SFGate 


1) Tapping the Jet Streams: 

The jet streams generally blow at speeds up to 310 mph over the northern hemisphere and are a possible source 
atmospheric electricity. If the researchers could succeed in tapping these ferocious winds, the world’s entire electr 
needs can be met. Scientists believe that a kite-like wind-power generator, lobbed into the upper atmosphere to 
capture the power of the jet stream, can produce energy, which is transmittable to Earth via aluminum or copper « 
or invisible microwave beams. Next step includes its storage and transmission to target consumption points. The 


energy generation via the jet streams involved the inclusion of the designs enlisted below: 


a. Ladder Mill: Rowing against the high-altitude winds, kites attached to a cable could generate a sizeable amount 


power. 


b. Rotor Kite: A unique machine design includes more than four rotors to generate electricity, up to 240 kilowatts 


c. Rotating Kite: The concept lies deep-rooted in conception of a wind generator at 600 to 1,000 feet. A helium ba 


keeps the kite in the air. The proposed electrical generation is about 10 kilowatts. 


d. Turntable Kite: Though no data on the projected capacity is available, a rotating turntable still ensures better p 


generation. 


2) Through Aerostats, as suggested by Dr. Plauson in 1920: 


Dr. Hermann Plauson, the director of the Fischer-Tropsch “Otto Traun Research Laboratories” in Hamburg, Germa 
during the Weimar Republic of the 1920s, drew on the aerostats made from magnesium-aluminum alloy. Some 


electrolytically deposited needles, further doped with radium, perforated the aerostat all through it. Patched with 
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amalgam, the aerostat went on to produce 0.72kW and 3.4kW 300m above ground level. The power could further 


increased up to 81-1/2 kilowatts in 24 hours by using two balloons with a special condenser battery. 


3) The Pyramidal Electric Transducer: 


i iA ~ En a j 
: Y p = 


Inspired by the Great Pyramid of Giza (GPG), a Californian researcher, Peter Grandics says that pyramidal horn 
antennas suitably detect the short-pulse waveforms. Fed by the hypothesis, a pyramidal antenna, modeled on the 
can transfer the electrostatic discharge into a resonant circuit. While coupling into the atmosphere, it effectively 
converts the random impulses into an alternating current. Resultantly, it has the potential to utilize the renewable 


electric power. 
Remarkable technology has some obstructions: 


Moreover, this simple, robust and low cost electricity is much cheaper than the wind turbines. You don't have to cc 
on the weather conditions and it's available day and night. Frequent use of this technology will definitely lead to th 
discharge of storm clouds and the risk of lightning strikes will get minimized. No doubt, it’s in abundance at poles | 


that doesn't deny its presence elsewhere. 
Despite it’s being a feasible energy source, there are certain hitches scientists need to deal with: 


|. As this technology makes use of tethers, it’s hazardous to aircraft. On the contrary, you can’t compromise even c 
tether's thickness since density means more output. As a direct consequence, it necessitates bigger balloon size ar 


more maintenance. 


Il. Like the airplanes, the balloons are also defenseless when it comes to bad weather. So, as is the case with wind 


solar power, adverse weather conditions play a role here also. 


III. At 200 meters or above altitudes, the amassed charge goes far beyond the wires’ potential. It requires electrica 


insulation around the wire to avoid the energy loss. 


IV. After you've exploited the device for quite sometime, the electrical potential goes down drastically. It further Av 
the ionization capability of the device. Therefore, it requires extending of the surface electrical field via the use of 1 


thin wires. 
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PREFACE 


The fascinating science of electrostatics 
was developed mainly in the 18th century at a 
time when the technology and industry were too 
primitive to put this science to practical uses. 
As a result, serious research in electrostatics 
soon lost its momentum and, except for a few 
isolated efforts, was practically nonexistent 
during the entire 19th century. Only very re- 
cently practical aspects of electrostatics began 
to make their impact on the industry and econ- 
omy, and the once glamorous but long forgotten 
science has again appeared at the focal point of 
serious scientific investigations. 

A peculiar obstacle stands, however, in the 
way of many such investigations: because of the 
one and one half century of neglect of electro- 
static explorations there is a singular lack of 
easily available quantitative and qualitative in- 
formation on even the most basic electrostatic 
phenomena, techniques, and devices. Whereas 
experimental and theoretical data pertaining to 
most modern sciences are well documented and 
are easily retrievable from numerous reference 
sources, many data in the field of electrostatics 


Vil 


Vill 


must be extracted through thorough and labor- 
ious firsthand studies of old books and maga- 
zines, the very existence of which is not gener- 
ally known, and which are not readily available 
in any of the present-day libraries or repositor- 
ies, 

It is precisely this kind of obstacle that the 
author encountered, when several years ago he 
started his research on electrostatic motors. 
Luckily, however, the obstacle soon transformed 
itself into a highly rewarding experience of 
studying various “ancient” books and periodicals 
and searching through electrostatic inventories 
of various European and American science mu- 
seums. In the course of these studies he found 
numerous forgotten publications on electrostatic 
motors and found that several old electrostatic 
motors can actually be seen in some of the 
museums. (It is interesting to note that the lat- 
ter motors are usually not on public display, ap- 
parently because of a lack of adequate informa- 
tion about their purpose and mode of operation 
available to museum personnel. It is also inter- 
esting to note that certain types of electrostatic 
motors were frequently employed in various 
animated toys during the second half of the 18th 
century, and that, although some of these toys 
are shown in museums, they are usually shown 
without an explanation of what made them move 
or how they were supposed to function.) 

The purpose of this book is to describe the 
various types of electrostatic motors reported in 


ix 
the scientific literature between 1700 and the 
present, and to discuss in general terms their 
various design features and principles of opera- 
tion. The book is written for a wide circle of 
readers, and care has been taken to avoid tech- 
nical details that would be useful only to a small 
group of specialists. The readers interested in 
additional scientific and technical data on the 
various motors are referred to appropriate orig- 
inal publications cited in this book. 

The material is presented in several chapters, 
each chapter describing a particular class of 
motors. The sequence of the chapters corres- 
ponds to the chronological order in which the 
earliest motor belonging to each particular chap- 
ter was invented. The sequence of material in 
each chapter is normally arranged also in a 
chronological order. The last chapter describes 
some of the most recent research results on 
electrostatic motors and extrapolates these re- 
sults into the immediate future. 

The author is grateful to his wife Valentina for 
typing the manuscript and for otherwise helping 
him to make the book ready for publication. He 
is also grateful to Dr. David K. Walker for read- 
ing the manuscript and for drawing the illustra- 
tions for the book. 


Oleg D. Jefimenko 
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PLATE 1 


Here is what H. B. Dailey wrote about this elec- 
trostatic motor which he and his father built in 
1880: “Whether or not there is about the in- 
strument and its history that which would ever 
give it a claim to any measure or serious inter- 
est, it is at least an electric motor most unique. 
A motor without magnetism, wiring, or any iron 
intts make up. A motor that runs by the action 
of the direct push and pull of the pure unconvert- 
ed electricity itself”. 
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PLATE 2 


It was Benjamin Franklin who in 1748 construct- 
ed the first electrostatic motors. No original 
drawings or models of his motors are known to 
exist, but his first motor must have looked very 
similar to this replica designed by the author for 
the Electret Scientific Company. 


PLATE 3 


Franklin’s second motor probably looked very 
much like this replica also designed by the 
author for the Electret Scientific Company. 
Whereas the first motor operated from the elec- 
tricity stored in Leyden jars, this motor operat- 
ed from the electricity stored in the motor itself. 
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PLATE 4 


The first corona motor was designed around 
1869 by the German physicist Poggendorff. Pog- 
gendorff made a thorough study of the motor, 
but failed to appreciate its possibilities in the 
mistaken belief that no sources of electricity 
could supply enough power to any electric motor 
to make it do useful work. This simplified ver- 
sion of Poggendorff's motor was built by the 
author. 


PLATE 5 


The electret—a permanently electrized dielec- 
tric—is essentially a product of the 20th century. 
When an electret is placed between slotted elec- 
trodes to which a voltage is applied, the electret 
experiences a force. This motor designed by the 
author utilizes the slot effect. The rotor of the 
motor is a carnauba wax electret made of two 
oppositely polarized half-disks. The motor was 
built in 1966. 


PLATE 6 


A more practical design of an electret motor in- 
corporates stationary electrets and rotating 
electrodes. The electrets can be easily with- 
drawn from the motor for servicing or replace- 
ment. The motor operates from approximately 
60 volts de. This particular motor was the first 
ever operated from atmospheric electricity. 


PLATE 7 


In this electret motor developed in the author's 
laboratory las were all the electret motors re- 
produced in these photographs) several thin 
mica electrets are used as active elements. This 
arrangement of electrets makes good use of the 
available space and allows one to construct rela- 
tively powerful electret motors. 


PLATE 8 


This “hoop” electret motor built in 1967 by D. K. 
Walker has a stationary cylindrical electret. 

The rotor is made of four pairs of bent aluminum 
plates enclosing the electret. The motor re- 
quires no commutator. The motor has been op- 
erated for several years without any servicing. 
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PLATE 9 


Corona motors are probably the most promising 
electrostatic motors. This 0.1-hp modern ver- 
ston of the Poggendorff motor has a cylindrical 
rotor instead of adisk. The motor operates from 
a 6000-volt power supply as well as from an 
earth field antenna. 


PLATE 10 


The operation of electrostatic motors from an- 
tennas can be demonstrated with this lecture- 
room apparatus. The Van de Graaff generator 
produces electric charges in the air. The sharp- 
point antenna collects the charges from the air 
and delivers them to one terminal of an electro- 
static motor whose other terminal 1s grounded, 


PLATE 11 


The author and D. K. Walker attempt to operate 
an electret motor from a 20-foot pole antenna in 
front of the Physics Building of the West 
Virginia University. The tall building screened 
the atmospheric field, and the motor did not run, 
although it operated very well from the same 
antenna in the nearby unobstructed parking lot. 
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PLATE 12 


The author operates electrostatic motors by 
means of an airborne antenna. 
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WHAT ARE 
ELECTROSTATIC 
MOTORS? 


Conventional electric motors create 
mechanical motion as a result of magnetic forces 
acting upon electric currents. These motors are 
properly called electromagnetic motors. There 
is, however, another type of electric motor, in 
which the motion is created as a result of elec- 
tric, or “electrostatic”, forces acting between 
electric charges. Motors of this type are called 
electrostatic motors. 

It is interesting to note that in nature the elec- 
trostatic forces are much stronger than the mag- 
netic ones. There are many ways in which this 
can be demonstrated. For example, although a 
considerable effort may be needed to separate a 
magnet from an object attracted by it, a much 
greater effort is needed to break the magnet; 
this is because the magnet and the object are 
held together by magnetic forces, while the mol- 
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ecules of matter in the magnet (as well as in 
any other body) are held together by electro- 
static forces. | 

Why, then, do we not use the electrostatic 
forces in our electric devices, and in motors in 
particular, at least on as wide a scale as we use 
the “inferior” magnetic forces? There are two 
main reasons for that. First, it is difficult to 
establish appreciable concentrations of electric 
charges without causing an electric breakdown 
in the medium surrounding or supporting the 
charges (although with modern insulating 
materials and techniques this difficulty becomes 
progressively less serious). Second, powerful 
electrostatic devices require voltages of many 
kilovolts for their operation, and until recently 
such voltages could not be produced convenient- 
ly and economically. 

Motors of great power, however, are not the 
only ones needed. Equally important are low- 
power motors capable of performing various 
special tasks. In this respect electrostatic 
motors may compete successfully with their 
electromagnetic cousins even now. 

Although electrostatic motors are not yet 

widely known or used, they already hold at least 
five very impressive records as compared with 
the electromagnetic motors: 
1. The first electric motor ever invented was an 
electrostatic one. It was built about 100 years 
before the first electromagnetic motor was con- 
ceived. 
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2. The electric motor that operated without in- 
terruption longer than any other electric motor 
was an electrostatic one. This was a pendulum- 
type motor, known as the “electric perpetuum 
mobile”, installed at the University of Insbruck, 
Austria, in 1823. Since then it operated contin- 
uously at least until 1909, powered by a Zamboni 
pile (an early high-voltage battery). 

3. Electrostatic motors have been operated from 
voltages in excess of 10% volts, which is much 
higher than the voltages suitable for operating 
electromagnetic motors. 

4. Electrostatic motors have been operated by 
using currents smaller than 10~%amp, which is 
much less than the currents needed to operate 
electromagnetic motors. 

5. The first electric motor that operated directly 
from the atmospheric electricity was an electro- 
static motor. None of the presently available 
electromagnetic motors can operate directly 
from this source. 

Even this short list reflecting some of the 
more obvious peculiarities of electrostatic 
motors shows quite clearly that electrostatic 
motors possess a number of unique properties. 
These properties undoubtedly will make 
electrostatic motors increasingly more impor- 
tant for the science, engineering, and technology 
of the future. 

Many different types and designs of electro- 
static motors are possible. It is customary to 
classify electrostatic motors in accordance with 
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some prominent feature of their mode of opera- 
tion or some prominent feature of their design. 
Thus, in reference to the techniques used for de- 
livering electric charges to the active part of a 
motor one speaks of contact motors, spark 
motors, corona motors, induction motors, and 
electret motors. In reference to the medium in 
which the active part of a motor is located one 
speaks of liquid- or gas-immersed motors. In ref- 
erence to the material and design of the active 
part of a motor one speaks of dielectric motors 
(the active part is made mainly of dielectric ma- 
terial) and conducting-plate, or capacitor, 
motors (the active part is made mainly of metal 
and resembles a variable capacitor). Finally, in 
reference to the rate of rotation of a motor rela- 
tive to the period of the applied voltage (for ac 
operated motors) one speaks of synchronous 
motors and asynchronous motors. 

This classification of electrostatic motors does 
not make it possible, however, to specify unique- 
ly each individual motor. Also, two or more dif- 
ferent operation modes are usually possible for 
most electrostatic motors (for example, certain 
motors can be operated at will as contact, spark, 
or corona motors). Therefore an assignment of a 
particular motor to one or another of the above 
types or categories is frequently more or less 
arbitrary. This applies, of course, also to the 
present book, where certain motors described in 
the chapters that follow could be equally well 
discussed under different chapter headings, and 
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where the inclusion of certain motors in a par- 
ticular chapter was occasionally dictated by the 
fact that such an inclusion resulted in a more co- 
herent development of the subject matter. 
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ELECTRIC 
PENDULUM MOTORS; 
CONTACT MOTORS 


If “electric motor” is understood to be a 
device converting electric energy into a contin- 
uous mechanical motion, then the first two elec- 
tric motors were invented in the early 1740’s by 
Andrew Gordon, a Scottish Benedictine monk 
and professor of philosophy at Erfurt, Ger- 
many.! Gordon’s first motor was a device 
known as the “electric bells” (his second motor 
will be described in the next chapter). The de- 
vice and its operation were as follows. A metal- 
lic clapper (pendulum) was suspended by a silk 
thread between two oppositely charged bells 
(Fig. 1). From an initial contact with one of the 
bells the clapper acquired a charge of the same 
polarity as that of the bell. Due to repulsion of 
like charges and attraction of opposite charges 
the clapper was then repelled by this bell and at- 
tracted by the second bell. As the clapper 


6 


7 


struck the second bell, it gave off its initial 
charge and acquired a charge of the same polari- 
ty as that of the second bell. Then the clapper 
was repelled by the latter and attracted by the 
first bell, which it struck again, and so on. 

Numerous variations of Gordon's bells have 
been described by later authors, mostly as 
devices for lecture-room demonstrations of elec- 
trostatic forces. Such devices are widely used 
for this purpose even now. 

An ingenious application of Gordon's bells was 
made by Benjamin Franklin in 1752. He connect- 
ed the bells to an insulated lightning rod as a 
warning device “to give notice when the rod 
should be electrified”.2- (It appears that at that 
time neither Franklin nor any other scientist 
suspected how dangerous this “warning” device 
could be. The extreme danger of experiments 
with insulated lightning rods became clear a year 
later, when in 1753 the Russian physicist George 
Wilhelm Richmann was killed by lightning that 
entered his laboratory through such a rod, as he 
approached it in order to measure its electrifica- 
tion with a specially constructed electrometer.) 

In a later modification of Gordon's invention 
one of the two bells was mounted on a Leyden 
jar (Fig. 2); the bells would then ring for as long 
as there was enough electric energy stored in 
the jar to move the clapper. (Franklin described 
the operation of an electric pendulum powered 
by a Leyden jar in 1747; see Ref. 2, p. 189.) 

Sometimes Gordon's bells were made as a set 


FIGURE 1 


The so-called “electric bells” constituted the first 
device that converted electrical energy into a 
continuous mechanical motion. They were in- 
vented in about 1742 by Andrew Gordon, a pro- 
fessor of philosophy at Erfurt, Germany. 
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FIGURE 2 


In a later modification of Gordon's invention one 
of the two bells was mounted on a Leyden jar. 
The bells would then ring for as long as there 
was enough electrical energy stored in the jar to 
move the clapper. 
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FIGURE 3 


Sometimes Gordon's bells were made as a set of 
three bells and two clappers, all suspended from 
a horizontal bar, the central bell being insulated 
from the bar and grounded by means of a light 
chain. 
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FIGURE 4 


Another modification of Gordon's bells was a set 
of bell chimes arranged on a wooden base in a 
circular formation around the central bell. A 
separate clapper was then present for each of 
the outside bells. 


12 


FIGURE 5 
The electrical and mechanical principle of Gor- 
don's invention could be used not only for ring- 
ing bells but for creating a mechanical motion in 
general. In this “electric swing” this principle 
was used to operate an anmated toy. 
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FIGURE 6 


Various electrostatically operated toys were in- 
vented in the 18th and 19th centuries. This 
“electric seesaw” was basically a conducting bar 
oscillating about a horizontal axis on the same 
principle as the clapper of Gordon’s bells. 
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of three bells and two clappers, all suspended 
from a horizontal bar, the central bell being in- 
sulated from the bar and grounded by means of a 
light chain (Fig. 3). Another modification of Gor- 
don's bells was a set of bell chimes arranged in a 
circular formation around the central bell (Fig. 
4); a separate clapper was then present for each 
of the outside bells, each clapper moving be- 
tween one of the latter and the central bell (the 
central bell was usually grounded, the outside 
bells were connected to an electrostatic genera- 
tor). 

The electrical and mechanical principle of Gor- 
don's invention could be used, of course, not only 
for ringing bells but also for a variety of other 
purposes. In particular, this principle was later 
used in two electrically operated toys: the “elec- 
trie swing” and the “electric seesaw”, which util- 
ized, respectively, an insulated pendulum made 
as a swing (Fig. 5) and an insulated conducting 
swing bar capable of oscillating about a 
horizontal axis (Fig. 6).%4 

Except for Franklin’s bells, all of the above de- 
vices were designed for operation from an 
electrostatic generator or from Leyden jars 
charged by such a generator. However, in 1806 
a high-voltage chemical battery (“dry pile”, later 
known as the “Zamboni pile”) was invented by 
Georg Behrens, and in 1810 this pile was adapt- 
ed by Giuseppe Zamboni to operate primitive 
electrostatic motors. Inasmuch as a Zamboni 
pile could remain active for many years, the 


15 


little motors that operated from it were known 
as the “electric perpetuum mobile”. An ex- 
ample of such a perpetuum mobile is shown in 
Fig. 7 (see Chapter 4 for another design). The 
apparatus consisted of a light rigid insulated 
pendulum, pivoted just above the center of 
gravity, with a light conducting ring at the top. 
The ring was located between the two knobs of a 
Zamboni pile. When the ring contacted one of 
the knobs, it acquired a charge from the knob 
and was repelled from this knob and attracted to 
the second knob, and so on, just like the clapper 
in Gordon's bells. One such perpetuum mobile 
is reported to have operated without interrup- 
tion for at least 86 years. 6 

The most sophisticated device derivable from 
Gordon's electric bells was probably the recipro- 
cating electrostatic motor (Fig. 8 and Plate 1) 
built in 1880 by Howard B. Dailey and Elijah M. 
Dailey.’ The motor, which is now at the Museum 
of History and Technology of the Smithsonian 
Institution, was described by one of its builders 
as follows: 

“This machine operates by the direct action of 
static electric attractions and repulsions. It is 
constructed entirely of fine wood, glass and hard 
rubber, there being no magnetic materials used. 
The flywheel is of laminated, soft wood and runs 
in journal bearings of very small diameter. The 
moving balls, mounted on the walking beam of 
vulcanite, are made of wood, hollowed out so 
that the walls are about 2 millimeters thick. 
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FIGURE 7 
This electric pendulum operated from a Zamboni 
pile, an early high-voltage battery. Since the 
pile remained active for years, the pendulum 
was known as an “electric perpetuum mobile”. 
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FIGURE 8 
The most sophisticated device derivable from 


Gordon's bells was probably this reciprocating 
in 1880 by H. B. Dailey 


electrostatic motor built 


and E. M. Dailey. 
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They are covered with aluminum foil for static 
conductivity. The stationary balls are of solid 
wood. 

“To operate the engine the stationary balls 
are charged with electricity from a static elec- 
tric generator, such as a Holtz machine, the up- 
per balls being connected through the brass ball 
to one pole of the machine while the lower 
stationary balls are connected through the bind- 
ing post on the bed frame to the opposite pole of 
the machine. Under proper conditions, when 
charged, the engine will make about 375 revolu- 
tions per minute. 

“The walnut base upon which the engine is 
mounted is 14" long, 4” wide and 134" thick. The 
movable balls are about 1/2" in diameter; the 
upper stationary balls are 1%4'in diameter; and 
the lower stationary balls, 1/2”. The four glass 
rods, mounted vertically, are about 6” high and 
spaced 6 " apart along the bed. The diameter of 
the flywheel is 5%”. It is gilded and has small 
wire spokes. The connecting rod is 7" in 
length.”* 

The electric principle of Gordon's bells could 
be used also for producing a continuous unidir- 
ectional motion. A fascinating device of this 
type was the “electric racing ball”, or the “elec- 
tric planetarium”, an excellent description of 


*The author is grateful to Mr. Elliot N. Sivowitch, Smith- 
sonian Institution Museum Specialist, for kindly providing 
this description and the photograph of Dailey's motor. 
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FIGURE 9 


The electric principle of Gordon's bells could be 
used also for producing a continuous unidirec- 
tional motion. This “electric racing ball” was 
propelled along a conducting hoop by the same 
mechanism that moved the clapper in Gordon's 
bells. 


KINDS OF PHOTOTRAN SISTORS. . 
meen AOW N ERE UNIS LA UT YY PICA 
or OW COST NPN PHOTOTRANSISTOR 
OTHER CASE OS ee eel fates 

AR ALSO USED  C(CMETAL CAN 

GLASS. CENSES FLAT. WINDOWS, 

De IMPORTANT. THE BASE 

LEAD MAY. OR MAY. MOT. BE. 

PRESENT. MANY. PHOTOTRANSISTOR 
ae KI ROOTS DO. NOT USE THE 0 COLLECTOR 
nf BASE CONNECTION, PREA A ENN Lem Tee os 


q” 
A) 
y 


Aa id dao y ea o ten rara da E ae fe Pr os A RN AD II ADAC A AD Ci a Nr lr a i Cc e cd ler Jr a o de e err mde al rt Gott date lei od train DO A $ AA A RIN PAN E CAD RA PACA AA ANTI AA APA, IAEA IA CM HAMA Mey AIDA PC i irai rai A A PICA DA rd 
Arter card, ANA l HESE.. or ARE TYPICAL E diodo ISA 


A A IAEA 
A Mus PHOTOTE LA eta ISIASTOR. SYM. BOL an Fat AAA AAA 


AA A AA A Sot te Laat Er de Lira. de Lin A SAN E ty hy A de o y ASNO A DANOS HSH ey IA DAA DA Ai ADA, A dh O A A ARA, tl Sl da lo Art a tn a a tt, Peg Sen e ptr nasi 


o ate ON oy gue EE Lee me 


NE APRA Y el Nr NY i ALI tat en A DA ey sn G i dd A UI A AT MAE VD I NH Ae Vi Ne Y NAM TM o A PTA A 


NERS BARI NEN Meh AIM NAS rte Slater tren in Sala YARN BIN BI At WS PNY EM Al NY PAA lh TMD a VANE Ney ea NM i NY ana Ny i ry Ay Ye vary Gy Ay Aen e aA Aa A enna erat ay Karl a Wrenner) seria mutiny tay Al Ln ALARA CTEM NT HI mE ARAL TTS AAI MATA STN SNA YPN ARRAN TRAM YN VIA BAA EA SAAR BANANA YES Nir Ae iter iat hr 
ee | PN. NPN CNC ) BASE LEAD)... PHOTODARLINETONS 0 


Irae heh ds Pd iy E et DAA IDA RTA IC IA IIA IN AMY e Cd o o PN A yy o o OPINA E A UA A EL A DI CV LA A IA AT TAI IA DT se Ye la LA CN AD A o Ma 


pros ds Ans II IN NN NA ANAE VOA AAA A VA GAA AAA AAAA E A AENA AAAA A A ABA Mere rd rrr PANN GA yr tries Greet vernal Larabee tacit Arvin al de tarda maaan 
e a Mem OW PHOTOT. R Rey NSIS! O RRE USED sss a a 


det Nae NNN dle BNA NINN A A ah, CRA RA RARE RS IP NOP le A A NRA Ah Crh tia rari le Oem Ara“ Lae, eran ar Oe yp a I YN el mapa a LAROCHE arn pr i I a 


PHOTOTRANSISTORS ARE OFTEN. 
fWSER TO. DETECT. FLUCTUATING LCAC) PHOTODARLINGTON 
LIGHT. SIGNALS... THIS ARRANGEMENT. TRANSISTOR = 
OSE SD STEADY NO oe 
l GHT. TO ENERGIZE 
0 1 A oe ne ee 


aaa IRA AAN PACA ANA ANDA G CHA de a A O ir A ar A SA GA det NCAA IA AA a a th hh in sh AD PA thn da hands AN AI ADA 


vm. 


AIN MAS A IA PI Lo A ARA A A 


THE... DIODE. 
PROTECTS THE |. 
TRANSISTOR... 
FROM VOLTAGE | 
PRODUCED 
THE RELAY coll, 


A CRA ET TN MN eM Nt SAA Y Ateo A ANA D 


ANE IL WA E 


NOAA AM etario Guirao 


N 


areia, pe mma re et 


KELAY CONTACT LEADS. 


tet rds Soi de ii iia y ett 0. rt 


fea nt! 


A ADAME ARABIA DIAS NI AA A dd der rin rr A rd 
A A 


¡RAMA AN E mln enn rita, eg, i PT MAR B E A A NI A AA al MOST MAA Rakes ad Boldt hh ARA IRA dee SAL cde DA, A a NP CILA NL ACA A a PA MA A IA EN A PA il ON AA A Tir it Mt AA rl A A LAA A AA DS IO O rn ol rai qu e We Ea AA IN ACA rd AA hin A PA AAA AR 


20 


which has been provided by M. Guyot.® The 
apparatus consisted of an insulated horizontal 
conducting hoop positioned above a conducting 
disk having a vertical rim concentric with the 
hoop (Fig. 9). The arrangement constituted a 
track for a light sphere of glass placed on the 
disk between the hoop and the rim. When the 
hoop and the disk were connected to an electro- 
static generator, the sphere ran along this track 
due to attraction and repulsion exerted by the 
hoop and the disk upon the points of the sphere 
that acquired charges from contact with the disk 
and the hoop (the rolling of the sphere usually 
had to be initiated with a light push by hand, but 
once the sphere had started to run, it continued 
running for as long as the electrostatic genera- 
tor was in operation). 

Since the moving elements in the above de- 
scribed motors were charged by contact, the 
motors may be classified as “contact motors”. 
This method of charging, however, is neither the 
only possible nor the most expedient one. 
Therefore contact motors will probably always 
be subordinate to most of the motors described 
in the following chapters. In this connection it 
may be useful to note that, upon a closer examin- 
ation of the operation of Gordon's bells and other 
similar devices, one recognizes that the charging 
of the moving elements in these devices usually 
occurs by means of a spark that jumps from a 
stationary electrode (bell) to a moving element 
(clapper) as soon as the latter comes close 
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enough to the former. Thus the actual physical 
contact between the moving and stationary com- 
ponents in these devices is not at all necessary 
for their operation. In fact, such a contact is 
harmful insofar as it results in energy losses 
from impact and friction. 
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ELECTRIC WIND 
MOTORS 


As already mentioned in the preceding 
chapter, Andrew Gordon invented two electric 
motors. His second motor was the “electric 
fly”,12 also known as the “electric whirl”, 
“electric pinwheel”, or “electric reaction wheel” 
(Fig. 10). The electric fly consisted of one or 
more light metal arms with sharp-point ends 
bent at right angles to each arm and in the same 
circumferential direction. The fly was pivoted at 
its center on an insulated needle. When the 
needle was connected to an electrostatic gen- 
erator, a corona discharge* took place from the 
sharp points of the fly. The air near these points 
became charged with charges of the same polar- 


*Corona discharge is a spontaneous electric conduction in a 
gas (air) originating from sharp conducting bodies whose elec- 
trostatic potential relative to the ground is 3000 volts or high- 
er. 
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ity as that of the fly and was then repelled from 
the points due to repulsion of like charges (the 
resulting motion of the air is known as the “elec- 
tric wind”). Similarly, the points themselves 
were repelled from the charges in the air, and 
the fly rotated therefore in the opposite sense to 
that in which the points were directed. 

Also the electric fly was used for ringing bells 
or chimes. This was accomplished by suspend- 
ing from the fly a clapper, which, as the fly ro- 
tated, struck in turn several bells positioned in a 
circular formation underneath the fly (Fig. 11).3 

In 1760, Hamilton, professor of philosophy at 
Dublin, suggested to use a similar device as an 
electrometer.4 In this electrometer small 
weights were suspended from the fly. As the fly 
turned, the weights were deflected from the ver- 
tical direction by centrifugal forces. This de- 
flection was a measure of the fly’s speed and, 
hence, of the strength of the source to which the 
fly was connected. A more sophisticated 
electrometer utilizing the electric fly was de- 
scribed by Jakob Langenbucher,® a silversmith 
at Augsburg, Germany, who spent a large part 
of his time and fortune on improving electro- 
static generators and studying electrostatic 
phenomena. In this electrometer the fly was 
mounted on a thin vertical cylinder. A fine 
string was fastened to the cylinder. The string 
passed over a small pulley and had a light pan 
attached‘ to its free end. A small weight was 
placed on the pan. As the fly turned, the string 
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FIGURE 10 


Andrew Gordon invented two electric motors. 
His second motor was the so-called “electric fly”. 
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FIGURE 11 


Also the electric fly was used for ringing bells 
with the aid of a clapper suspended from it. 
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wound itself on the cylinder lifting the pan and 
the weight. The maximum weight that could be 
lifted by this electrometer was a measure of the 
strength of the source from which the fly was 
operated. 

The principle of the electric fly was later used 
to operate an orrery depicting the orbital mo- 
tions of the Sun, the Moon, and the Earth (Fig. 
12).6 In such an orrery, also known as the “elec- 
trical tellurium”, the longer bent arm carried a 
large sphere at one end, while at the other end it 
carried a similar but smaller bent arm, each end 
of which also carried a small sphere. The three 
spheres represented the Sun, the Moon, and the 
Earth. The arms were pivoted on sharp points, 
and each arm had a perpendicular sharp point in 
the horizontal plane. When the instrument was 
connected to an electrostatic generator, the two 
systems rotated about their points of support, 
the smaller system, being lighter, rotated more 
rapidly than the larger one. The relative masses 
of the spheres were adjusted to make the 
Earth-Moon system rotate twelve times for 
every single rotation of the Sun. 

An interesting variation of the electric fly was 
constructed in 1761 by Ebenezer Kinnersley, a 
Philadelphia school teacher and close friend of 
Benjamin Franklin. Kinnersley called his device 
the “electrical horse-race”.? This was a cross 
formed by two pieces of wood of equal length 
(probably about 18 inches long) supported hori- 
zontally on a central pin. A light figure of horse 


a. £§$ of cane” 
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FIGURE 12 


The principle of the electric fly was later used to 
operate an orrery depicting the orbital motions 
of the Sun, the Moon, and the Earth. The 
masses of the spheres were adjusted to make 
the Earth-Moon system rotate twelve times for 
every single rotation of the Sun. 
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FIGURE 138 


An interesting variation of the electric fly was 
constructed in 1761 by Ebenezer Kinnersley, a 
friend of Benjamin Franklin. Kinnersley called 
his device the “electrical horse-race”. The elec- 
trical horse-race was a popular toy in the latter 
part of the 18th century. 
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with his rider was placed upon each extremity of 
the ¢ross. The motion was produced by corona 
discharge from the spurs of the riders (Fig. 13). 
The electrical horse-race was a popular toy in 
the latter part of the 18th century. Interesting 
descriptions of this toy have been provided by 
Langenbucher (Ref. 5, p. 206 and Plate 8), and 
by Guyot.8 

To show more convincingly that the electric 
fly converted electrical energy into mechanical 
energy, electric flies were placed on horizontal 
axes and were arranged to lift small weights 
(Fig. 14) or to climb inclined rails (Fig. 15).9 

Operation of the electric fly in liquids was in- 
vestigated by Aime.!® A historical account of 
electric fly studies was presented by Tomlin- 
son.11 The mechanism of the fly was discussed 
at some length by Mascart.1? A quantitative 
study of the forces acting upon the electric fly 
was performed by Kámpter.?* 

A more efficient modification of the electric fly 
was proposed in 1887 by Bichat.!% Bichat's elec- 
tric “tourniquet” consisted of a light vertical 
frame capable of turning about a vertical axis 
and supporting two thin vertical wires produc- 
ing a corona discharge along their entire length. 
The vertical sides of the frame acted as 
“spoilers” preventing a corona discharge from 
the “back side” of the wires. A simple motor 
based on Bichat's device is shown in Fig. 16. 

In recent years the principle of the electric fly 
(reaction force experienced by a sharp point as a 
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FIGURE 14 


Electric fly converted electrical energy into 
mechanical energy and could lift small weights. 
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FIGURE 15 


Electric fly developed enough mechanical 
energy for climbing inclined rails. 
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FIGURE 16 


A more efficient modification of the electric fly 
was proposed in 1887 by Bichat, who called his | 
device the “electric tourniquet”. 
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result of a corona discharge from it) has been 
suggested for a flying machine (“corona-kraft 
levitation”),15 The lift realizable from such a 
machine does not, however, appear to be of prac- 
tical significance. 16 

Closely related to the electric fly were the 
“electric wind wheels” and the “electrice wind 
turbines”. Like the electric fly, they were 
invented in the 1740's and utilized a corona dis- 
charge from sharp points for their operation. 
Benjamin Franklin studied these devices in 1747 
(he first learned of them from his friend Philip 
Syng). According to Franklin (Ref. 7, p. 184) 
they were “light windmill-wheels made of stiff 
paper vanes; also...little wheels, of the same 
matter, but formed like water-wheels”. Their 
probable appearance was as shown in Figs. 17 
and 18. Later versions of these devices have 
been described by Guyot (Ref. 8, pp. 274, 275 
and Plate 27), by Langenbucher (Ref. 5, pp. 75, 
76 and Plate 3), by Gale,17 and by Neubur- 
ger.18 

A delightful electric toy using the electric 
wind for its propulsion was made by W. R. King, 
an associate of James Wimshurst (the designer 
of the electrostatic machine carrying his name). 
This toy, which may be called an “electrical rab- 
bit hunt”, now at the Science Museum in 
London, is shown in a simplified form in Fig. 19. 
It consists of a small electric wind turbine 
mounted on a vertical shaft carrying five light 
metal arms on its upper end; the arms support 
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FIGURE 17 


Closely related to Gordon's electric fly was the 
“electric wind wheel”. Like the electric fly, it 
was invented in the 1740’s and utilized a corona 
discharge from two sharp points for its opera- 
tion. 
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FIGURE 18 


Benjamin Franklin studied this “electric wind 
turbine” in 1747. He concluded that its action 
depended not as much on the electric wind as on 
the forces between the charges present on its 
moving and stationary parts. 
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FIGURE 19 


A delightful electric toy utilizmg the electric 
wind for its propulsion was made by E. R. King, 
an associate of James Wimshurst. This toy, 
which may be called an “electrical rabbit hunt”, 
is now at the Science Museum in London. 
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figurines of a rabbit, three dogs, and a horse- 
man, who chase each other in a beautiful little 
garden, as the arms turn powered by the turbine 
below. 

In studying the electric wind motors, Benja- 
min Franklin coneluded that their action 
depended not as much on the electric wind as 
such, but on the repulsion and attraction of elec- 
tric charges present on the moving and station- 
ary parts of the motors (Ref. 7, p. 184). It is very 
probable that this conclusion led him to the in- 
vention of his big electric motors, the famous 
“electrical wheels”, which are described in the 
next chapter. 


REFERENCES 


1. P. Benjamin, A History of Electricity, John 
Wiley and Sons, New York, 1898, pp. 506, 
507. 

2. J. C. Poggendorff, Geschichte der Physik, 
Johann A. Barth, Leipzig, 1879, p. 846. 

3. V. K. Chew, Physics for Princes, Her Majes- 
ty’s Stationery Office, London, 1968, p. 13. 

4. B. Wilson, Philosophical Transactions, Vol. 
51, p. 896 (1760). 

5. J. Langenbucher, Beschreibung einer be- 
trachtlich verbesserten Elektrisiermaschine, 
Matháus Reigers, Augsburg, 1780, pp. 54-56 
and Plate 3. 

6. G. Adams, An Essay on Electricity, London, 
1799, 5th edn., pp. 580-581 and Plate 4. 


38 


La 


00 


J. Sparks, Ed., The Works of Benjamin 
Franklin, Whittemore, Niles, and Hall, Bos- 
ton, 1856, Vol. 5, p. 371. 


. M. Guyot, Nouvelles Recreations Phasigués 


et Mathematiques, Gueffier, Paris, 1786, Vol. 
1, pp. 249, 250 and Plate 25. 


. H. J. Oosting, Zeitschrift für den Physikali- 


schen und Chemischen Unterricht, Vol. 9, 
pp. 84-85 (1896). 


. R. Aime, Annales de Chimie et de Physique, 


Ser. 2, Vol. 62, p. 421 (1833). 


. C. Tomlinson, Philosophical Magazine, Ser. 4, 


Vol. 27, p. 202 (1864). 


. M. E. Mascart, Traite d'Electricite Statique, 


G. Masson, Paris, 1876, Vol. 1, pp. 175-179, 


.D. Kämpfer, Annalen der Physik, Ser. 3, Vol.. 


20, pp. 601-614 (1887) 


, E. Bichat, Annales de Chimie et de Physique, 


Vol. 12, pp. 64-79 (1887). 


. A. Christenson and S. Moller, AITA Journal, 


Vol. 5, pp. 1768-1733, (1967). 


. L. B. Loeb, Electrical Coronas, University of 


California Press, Berkley, 1965, pp. 402-406, 


. L. D. Gale, Elements of Natural Philosophy, 


Mark H. Newman, New York, 1846, p. 164. 


. A. Neuburger, Ergotzliches Experimentier- 


buch, Ullstein €: Co., Berlin, 1920, pp. 482, 
433. 


4 


FRANKLIN’S SPARK 
MOTORS AND 
THEIR DESCENDANTS 


If one defines the “electric motor” as a 
machine capable of converting substantial 
amounts of electrical energy into mechanical 
energy, then it was Benjamin Franklin who in- 
vented the electric motor, for he was the first 
person to design and to construct a machine 
capable of accomplishing such a conversion. 

Franklin built two electric motors, which he 
called “electrical wheels”. He described them in 
a letter to Peter Collinson, Fellow of the Royal 
Society of London, written in Philadelphia in 
1748.1 

His first motor was a big machine, about 40 
inches in diameter. The main part of this motor 
was a wooden disk mounted horizontally on a 
vertical wooden axle and carrying 30 glass 
spokes with brass thimbles on their ends (Fig. 20 
and Plate 2). The axle turned on a sharp point of 
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FIGURE 20 


Franklin’s first “electrical wheel” was the earki- 
est device converting substantial amounts of 
electrical energy into mechanical energy. 
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FIGURE 21 


Franklin's second “electrical wheel” was more 
efficient than the first. It was powered by the 
electric charge stored in its capacitor-rotor. 
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iron fixed in its lower end and was kept in the 
vertical position by a strong wire mounted in its 
upper end and passing through a small hole in a 
thin stationary brass plate. Two oppositely 
charged Leyden jars (bottles) were placed in 
close proximity to the thimbles on the spokes, so 
that when the wheel turned, the thimbles bare- 
ly missed the knobs of the jars. 

As the thimbles moved past the Leyden jars, a 
spark jumped between a jar knob and the 
passing thimble, charging the latter with a 
charge of the same polarity as that of the knob. 
Therefore each knob attracted the oncoming 
thimbles (“opposite charges attract’) and 
repelled the departing thimbles ("like charges 
repel’), causing the motor to turn. The motor, 
being perfectly symmetric, could turn in either 
direction, and usually required a starting push 
by hand to initiate the charging of the thimbles. 

Here is how Franklin himself described the 
operation of his motor:! 

"If now the wire of a bottle, electrified in the 
common way, be brought near the circumfer- 
ence of this wheel, it will attract the nearest 
thimble, and so put the wheel in motion; that 
thimble, in passing by, receives a spark, and 
thereby being electrified, is repelled, and so 
driven forwards; while a second being attracted, 
approaches the wire, receives a spark, and is 
driven after the first, and so on till the wheel has 
gone once round, when the thimbles before 
electrified approaching the wire, instead of 


— 
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being attracted as they were at first, are repel- 
led, and the motion presently ceases. But if an- 
other bottle, which had been charged through 
the coating (e.i. charged oppositely to the first, 
O. J.), be placed near the same wheel, its wire 
will attract the thimble repelled by the first, and 
thereby double the force that carries the wheel 
round; and, not only taking out the fire (electric 
charge, O. J.) that had been communicated to 
the thimbles by the first bottle, but even rob- 
bing them of their natural quantity, instead of 
being repelled when they come again towards 
the first bottle, they are more strongly attract- 
ed, so that the wheel mends its pace, till it goes 
with a great rapidity, twelve or fifteen rounds in 
a minute, and with such strength, as that the 
weight of one hundred Spanish dollars, with 
which we once loaded it, did not seem in the 
least to retard its motion”. 

Franklin was not quite pleased with this 
motor, however, because it required “a foreign 
force, to wit, that of the bottles” for its opera- 
tion. He constructed therefore a second, “self- 
moving”, motor, which itself contained the elec- 
trical energy to be converted into the mechani- 
cal motion. 

The second motor was made as follows (Fig. 
21 and Plate 3). A disk of window glass, 17 
inches in diameter, was gilded on each side, 
except for narrow areas next to the edge. Sever- 
al lead spheres (bullets) were fixed to the edge 
of the disk and were connected in alternation to 


44 


the two gold layers. The disk was mounted on a 
vertical axle consisting of two pieces of strong 
wire, each about 9 inches long; the upper wire 
being in contact with the top layer of gold, the 
lower wire being in contact with the bottom 
layer. The lower wire terminated in a sharp 
point resting on a piece of brass cemented within 
a glass salt-cellar. The upper wire passed 
through a hole in a thin brass plate cemented on 
a long strong piece of glass. This wire carried a 
small ball on its upper end for preventing a 
corona discharge from it. Several glass pillars 
with thimbles on their tops were positioned in a 
circle around the disk, so that the spheres on the 
edge of the disk barely missed the thimbles 
when the disk was in motion. The motor was 
powered by electricity stored in the disk itself, 
which, due to the two layers of gold, constituted 
a capacitor capable of storing an appreciable 
quantity of charge (to charge the rotor, the two 
layers of gold were temporarily connected to an 
electrostatic friction generator). 

The motor operated on the same principle as 
Franklin's first motor, except that now the 
thimbles were stationary and received positive 
or negative charges from the passing spheres, 
rather than the other way around. As in the 
first motor, the rotation persisted as long as 
there was enough charge stored in the capacitor 
(rotor) to produce sparks between the spheres 
and the thimbles. 

Franklin reported that his second motor 
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(which was more powerful than the first one) 
could make 50 turns in a minute and could run 
for up to 30 minutes on a single charging of the 
rotor.! Experiments with replicas of Franklin's 
motors performed by the author indicate that 
the original motors developed a power of the 
order of 0.1 watt,28 which was a very impres- 
sive achievement for that very early period in 
the history of electric science. 

Several authors have described simplified 
versions of Franklin's motors.*® Miniature 
Franklin-type motors have been constructed and 
described by A. D. Moore® (Fig. 22). One such 
motor consists of a Plexiglas disk about 4 inches 
in diameter with small conducting balls embed- 
ded in the rim. The disk turns on a horizontal 
axis supported by a base behind the disk. The 
motor runs when placed between two conduct- 
ors connected to an electrostatic generator. To 
make the motor self-starting and one-way 
running, the conductors may be provided with 
short auxiliary rods tangential to the disk; since 
the rods dispatch sparks predominantly in the 
direction oi their free ends, the disk also turns in 
this direction. Another little motor of the same 
type designed by Moore is shown in Fig. 28. 

An obvious improvement of Franklin’s motors 
would be to use a cylindrical rotor with elec- 
trodes in the shape of long strips. Such elec- 
trodes would accept more charge than thimbles 
or spheres, and the power of the motor would be 
inereased considerably. Motors of this type 
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FIGURE 22 


Several authors have described simplified ver- 
sions of Franklin's motors. One such motor con- 
sists of a Plexiglas disk about 4 inches in di- 
ameter with small conducting balls embedded in 
the rim. The disk turns on a horizontal axis sup- 
ported by a base behind the disk. 
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FIGURE 23 
This inexpensive mimature Franklin-type motor 
of recent design can be used for lecture-room 
demonstrations of electrostatic forces. The 
rotor disk can be made from cardboard, wood, or 
plastic. For the rotor electrodes one can use 
thumbtacks or small aluminum foil disks. 
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have indeed been constructed. Here is a 
description of a “bell jar” motor taken from a 
book published in 1847 (Fig. 24): 

“On a pivot, a, suspend a bell jar having four 
pieces of tinfoil pasted on its sides, b, c, d; 
connect the jar, by means of the insulated wire, 
y, with the prime conductor (high-voltage 
terminal of an electrostatic friction generator, O. 
J.) so that the pieces of tinfoil may receive 
sparks. On the opposite side arrange a 
conductor, x, in connection with the ground by a 
chain. On putting the machine into activity, the 
jar will commence rotating on its pivot.”” 

Small motors closely related to both Frank- 
lin’s first motor and to pendulum motors were 
used in the rotary-type “perpetuum mobile” (see 
Chapter 2) operated from a Zamboni pile.2 The 
main part of these motors (Fig. 25) was a light 
insulated arm pivoted on a sharp point and 
carrying a piece of tinsel on each end. The tin- 
sels could just touch the knobs of the pile when 
the arm was moving on its pivot. The device 
functioned in the same manner as Franklin’s 
first motor, the two tinsels corresponding to the 
thimbles of the latter. 

An analogous design has recently been de- 
scribed as a “millifleapower motor” operating 
from a nuclear battery.9 In this motor a light 
aluminum vane with pointed ends (Fig. 26) bent 
so as to form an inverted V is mounted at its 
midpoint on the tip of a sharp needle protruding 
from the positive terminal of the battery. As the 
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FIGURE 24 


This “bell jar” Franklin-type motor had a cylin- 
drical rotor with tinfoil electrodes in the shape of 
long strips. | 
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FIGURE 25 


This small motor was used as a rotary-type “per- 
petuum mobile” operating from a Zamboni pile. 
Such motors turned for years without stopping. 
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FIGURE 26 


An analogous design has recently been de- 
scribed as a “millifleapower motor” operating 
from a nuclear battery. 
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vane turns, its ends come close to two spheres 
connected with the ground through a high resis- 
tance and become attracted by them. A dis- 
charge from the ends of the vane charges the 
two spheres, and the spheres then repel the 
ends of the vane. During the time it takes the 
vane to complete one half of its revolution, the 
charges of the spheres leak off to the ground, so 
that the spheres can again attract the ends of 
the vane, accept new charges from them, and 
then again repel them. The motor is expected to 
run for many years. 

An interesting motor derivable from Frank- 
lin’s first motor and from pendulum motors was 
suggested for operation from an electrophor- 
us.10 The main part of this motor (Fig. 27) was a 
light conducting ring supported in a vertical 
plane on an insulated needle. In front of the ring 
there were two insulated spheres, which were so 
positioned that the ring just missed them as it 
turned on its needle. The spheres were either 
charged oppositely by the electrophorus, or only 
one sphere was charged, in which case the sec- 
ond sphere was grounded. The device operated 
on the same principle as Franklin’s first motor. 

Of all the motors discussed above, Franklin’s 
original motors and the bell jar motor were the 
most powerful ones. One can make such motors 
even more powerful by increasing the number of 
moving and stationary electrodes. But this can 
be done only up to a limit, because if the elec- 
trodes are too close to one another, sparks will 
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FIGURE 27 


This motor derivable from Franklin’s first motor 
and from pendulum motors was suggested for 
operation from an electrophorus. 
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jump all around from one electrode to the next, 
thus short-circuiting the motor. The motor will 
then not work at all, unless the operating volt- 
age is lowered. But by lowering the voltage one 
also lowers the power, so that the gain obtained 
by increasing the number of electrodes becomes 
offset by the decrease in the operating voltage. 
Franklin type motors have therefore an inherent 
limitation in their power characteristics, and the 
fact that they depend for their operation on the 
presence of many metallic electrodes is one of 
their disadvantages. 

Since in Franklin’s motors and in other motors 
described in this chapter the rotor is charged by 
means of electric sparks, these motors may be 
classified as “spark motors”. Toward the end of 
the 19th century a way was found to construct 
electrostatic motors based on the same mechan- 
ism of attraction and repulsion between electric 
charges as in Franklin’s motors, but with rotors 
(or stators) charged more efficiently than it is 
possible to do by means of the sparks. These 
motors are described in the next chapter. 
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CORONA MOTORS 
AND MOTORS 
SIMILAR TO THEM 


In 1867, W. Holtz, the inventor of the 
electrostatic “influence” machine (generator) 
carrying his name, discovered that this machine 
could function as a motor when powered by 
another similar machine.1 In order to study this 
effect in some detail, the famous German phys- 
icist J. C. Poggendorff ordered the construction 
of a special device, analogous to Holtz's machine, 
but designed to operate only as a motor and pro- 
vided with numerous adjustable components so 
as to operate under a wide range of conditions.? 

The basic part of this motor was a vertical 
glass-disk rotor placed between two ebonite 
crosses carrying metallic sharp-needle “combs” 
(Fig. 28 and Plate 4). The sharp points of the 
combs almost touched the surface of the disk, so 
that the disk could be charged by means of a cor- 
ona discharge from the combs when they were 
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connected in alternation to an electrostatic 
generator. Each comb could be oriented so as to 
make an arbitrary angle with respect to a radial 
direction. 

Just like the sparks in Franklin’s motors, the 
corona discharge from a comb deposited on the 
rotor a charge of the same polarity as that of the 
comb. Each comb repelled therefore the seg- 
ment of the rotor carrying charges which it 
sprayed onto the rotor and attracted the seg- 
ment carrying charges sprayed onto the rotor by 
the preceding comb. Because of a continuous 
discharge between the combs and the rotor, al- 
most the entire surface of the rotor was sprayed 
with electric charges. The repulsion and at- 
traction between the combs and the rotor, were 
therefore not only much stronger than in Frank- 
lin’s motors, (where only the electrodes were 
charged) but were also much steadier, since the 
distances between the combs and the charges on 
the rotor were always the same. Asa result, the 
torque and power obtainable with this motor 
were far greater than those obtainable with 
Franklin’s motors of similar dimensions. 

Poggendorff made a thorough study of his 
motor, varying all its important parameters (his 
article comprises 32 pages). He used several ro- 
tors of different thickness and surface character- 
istics, whose weight ranged from 2.5 to 4.5 
pounds (all rotors were 15 inches in diameter). 
He varied the number, the orientation, and the 
polarity of the combs. 
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FIGURE 28 


Poggendorff's corona motor had a glass-disk ro- 
tor placed between two ebomite crosses carrying 
metallic sharp-needle “combs”. 
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He found that a motor with combs arranged 
along the radii of the rotor could rotate equally 
well in either direction but was not self-starting, 
since such combs sprayed charges onto the rotor 
in a perfectly symmetric fashion. However, if 
the combs were slanted relative to the radii, the 
motor became self-starting and unidirectional, 
because such combs sprayed charges predom- 
inantly in one direction. He also fould that the 
performance of the motor could be improved by 
placing pieces of glass, cardboard, or metal close 
to the surface of the rotor (this is the principle of 
the modern “backing plate” or “lining”; see 
Chapter 10). When properly adjusted, the 
motor could run at better than 300 rpm. 

Poggendorff had fully appreciated the super- 
iority of his motor in comparison fo Franklin's 
motors, and had stated so at the end of his arti- 
cle. In fact, he had indicated that his motor 
used from 1200 to 1800 times as much current as 
Franklin's motors, in which case, assuming that 
the operating voltage of his motor was the same 
as that of Franklin's motors (approximately 100 
kilovolts), the power of his motor must have 
been close to 100 watts. 

At the time when Poggendorff’s article was 
written, however, it was considered unscientific 
to expect that electricity (any electricity) could 
ever become a significant source of motive 
power. This may be the reason why Poggen- 
dorff, speaking of the rotation phenomenon 
that he investigated, declared at the end of 
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his article: “...it would be a sanguine hope if 
one wanted to believe that any useful mechani- 
cal effect could be achieved with it. That this is 
not possible, follows already from the considera- 
tion of how small is the quantity of electricity 
that is here put into play in comparison to that 
developed by a voltaic battery, with which one 
nevertheless, even with the help of the magne- 
tismus produced by it, has so far achieved 
nothing substantial (“Erkleckliches”)”. The ar- 
gument was obviously weak, but taking into ac- 
count Poggendorff's reputation as an eminent 
scientist, it was probably sufficient to discour- 
age further serious investigations oi the corona- 
induced rotation for many years to come. 

Since Poggendorff's motor depended on a cor- 
ona discharge for its operation, the motor may 
be classified as a “corona motor”. 

Holtz's rotation phenomenon was also studied 
by the Danish physicist C. Christiansen (whose 
interest in the phenomenon had been aroused by 
a preliminary report of PoggendorfPs investiga- 
tions published in 1867).8 Christiansen de- 
seribed two motors based on Holtz's discovery. 
His first motor consisted of a horizontal disk 
rotor and two stationary corona-producing 
combs. His second motor was similar to the first 
except that in it the glass disk was stationary 
and the combs constituted the rotor. The rotor 
combs in this second motor were located below 
the glass disk and were charged by means of two 
foil strips hanging from them and sliding along 
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FIGURE 29 
This self-starting corona motor with a cylindrical 


rotor was described in 1871 under the name of 
“electric tourbillion”. 
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FIGURE 30 


In this hand-held corona motor (attributed to 
Ruhmkorff) the horizontal wire, by a corona dis- 
charge, extracted charges from the power 
source, and the vertical needle connected to this 
wire, also by a corona discharge, sprayed these 
charges onto the rotor. 
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two horizontal concentric contact rings mounted 
on the base of the motor. 

Cylindrical and spherical motors operating on 
the same principle as Poggendorff's motor were 
described in 1871 by W. Gruel (Fig. 29), who 
called them the “electric tourbillions”.4 Gruel 
pointed out that these motors could be made 
self-starting and unidirectional by inclining the 
combs in the same rotational direction with 
respect to the surface of the rotor. He also 
suggested that by providing the rotors with a 
series of holes, the motors could be used as 
sirens. 

A disk motor not noticeably different from 
Poggendorff's motor was patented in the U.S.A. 
in 1891 by J. W. Davis and J. B. Farrington.5 

An interesting hand-held corona motor (at- 
tributed to Ruhmkorff) was described in 1876 by 
M. E. Mascart.6 The motor had a horizontal 
mica disk rotor (Fig. 30) supported on a vertical 
needle by a jewel bearing, such as are used for 
supporting compass needles. Below the disk 
there were two vertical corona-producing 
needles mounted on a hard rubber base. One of 
the latter needles was connected to a metal han- 
dle, the other was connected to a long, stiff, hori- 
zontal wire terminating in a sharp point. To set 
the motor in motion, the operator held the motor 
so that the sharp point of the horizontal wire 
was in the proximity of a charged conductor. By 
a corona discharge, the horizontal wire then ex- 
tracted charges from the conductor, and the ver- 
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FIG URE 31 


This motor had two insulated corona-producing 
points tangential to the rotor disk and oriented 
in the same rotational direction. 
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FIGURE 32 


This corona motor with a compound glass rotor 
could run at about 2000 rpm and had a power of 
about 90 watts. 
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tical needle connected to this wire, also by a cor- 
ona discharge, sprayed these charges onto the 
rotor. The second vertical needle discharged the 
rotor and conducted its charges to the ground 
through the hand and body of the operator. 

A number of experiments with Poggendorff 
type corona motors were reported in 1921 by V. 
E. Johnson.’ One of his motors was similar to 
Ruhmkorff's motor (Fig. 31). This was a hori- 
zontal mica disk, about 6 inches in diameter, sup- 
ported on a vertical needle point. At the edge of 
the disk there were two insulated corona-pro- 
ducing points tangential to the disk and oriented 
in the same rotational direction. Another of 
Johnson's motors was a big machine consisting 
of two stationary glass disks and a three-piece 
glass rotor that could rotate on ball bearings 
between the stationary disks. The rotor was 
made of two large glass disks separated by a 
smaller disk so as to have a deep slot along its 
edge. Two flat sharp-point combs were insert- 
ed diametrically opposite to one another into 
the slot of the rotor (Fig. 32). Johnson estim- 
ated that his motor could run at about 2000 rpm 
and had a power of about 90 watts. 

Just as Poggendorff's motor was derived from 
Holtz's electrostatic machine, a series of electro- 
static motors were similarly derived from 
Wimshurst's electrostatic machine. 

In 1891 five such motors were constructed by 
William McVay of New York City.8 McVay’s 
first motor (Fig. 33) consisted of two horizontal 
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glass disks, about 12 inches in diameter, one 
stationary and the other rotating on the vertical 
axis just above the first. The lower disk had two 
quadrants of tinfoil, and the upper disk had 16 
tinfoil sectors, as shown in the figure. The 
power (from a Wimshurst machine) was deliv- 
ered to the motor by means of two insulated 
arms, each of which terminated in two brushes, 
one touching continually one of the lower quad- 
rants, the other charging a sector on the upper 
disk just clear of the edge of the quadrant. 
Charges of the same polarity were thus 
deposited on the quadrant and on the sector, 
causing them to repel each other. An “equaliz- 
er” reduced the charge of the sectors before 
they passed over the further edge of an oppos- 
itely charged quadrant, thus reducing the back 
torque on the rotating disk. An important new 
feature of this motor was the simultaneous 
charging of the stationary quadrants and of the 
moving sectors, which assured a relatively 
strong starting torque and, together with the 
neutralizing system, assured a reliable unidir- 
ectional operation. McVay also constructed 
motors of cylindrical geometry, one of which is 
shown in Fig. 34. In this motor the quadrants 
were located on the inner cylinder, while the 
charging and neutralizing brushes were on the 
neck of the outside cylinder. 

MeVay’s first motor was later modified for 
charging by combs, rather than by brushes (Fig. 
35). The motor then operated essentially as 
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FIGURE 33 


McVay's first motor consisted of two horizontal 
glass disks, about 12 inches in diameter, one 
stationary and the other rotating on the vertical 
axis just above the first. 


69 


À 

$ 
44 
$ L 
S a 
P) s 
< 

= 3 
SS 
o 
SS 


af, eBeasseri die disetat 
LOYAL, 


ste 
Wh 
ái alif y 


FIGURE 34 


In this Mc Vay’s motor the quadrants were locat- 
ed on the inner cylinder (shown as two seg- 
ments), while the charging and neutralizing 
brushes were on the neck of the outside cylinder. 
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FIGURE 35 


McVay's first motor was later modified for 
charging by combs, rather than by brushes. The 
motor then operated essentially as Poggen- 
dorff's corona motor, retaining, however, its 
self-starting and unidirectional qualities. 
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Poggendorfi’s corona motor, retaining, however, 
its self-starting and unidirectional qualities. 

Instructions for building a Poggendorff motor 
may be found in the May 1971 issue of Popular 
Science.2 Instructions for building a simple 
McVay motor may be found in the January 1914 
issue of Electrical Experimenterl0 (the author is 
grateful to Mr. Thorn L. Mayes tor this infor- 
mation). 

Since a corona discharge in air at atmospher- 
ic pressure requires a minimum voltage of about 
3000 volts, ordinary corona motors can operate 
only from sources capable of supplying a voltage 
of this magnitude. Such voltages are, of course, 
easily attainable at the present time, and since 
the corona motors are very simple and efficient 
devices, they have been further developed and 
studied in recent years. We shall return to them 
in the last chapter of this book. 
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CAPACITOR MOTORS 


In 1889, Karl Zipernowsky, a Hungarian 
engineer (co-inventor of practical electrical 
transformers), constructed a new type of elec- 
trostatic motor,! which was derived from Thom- 
son’s quadrant electrometer.* The rotor of this 
‘motor (Fig. 36) consisted of two pairs of alum- 
inum sectors insulated from each other and 
from the rest of the apparatus. The stator con- 
sisted of four double (hollow) sectors of brass en- 
closing the rotor. The rotor was fitted with a 
commutator in four parts, by means of which the 
sectors of the rotor were charged oppositely to 
those sectors of the stator into which they were 
entering and identically to those sectors of the 
stator which they were leaving. An interesting 
property of this motor was that it could operate 
from high-voltage de as well as from high-volt- 
age ac sources. 
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FIGURE 86 


This motor was built in 1889 by Karl Zipernow- 


sky, a Hungarian engineer. It operated from dc 
as well as from ac sources. 
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FIGURE 37 


This capacitor motor was described in 1904 by 
van Huffel. Its rotor could be charged by con- 


tact or by sparks. 
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Inasmuch as Zipernowsky’s motor operated as 
a result of the electric forces exerted by one 
charged conducting plate upon a second charged 
conducting plate (which are the same forces that 
act upon the two plates of a capacitor) it consti- 
tuted what is now called an electrostatic “capac- 
itor motor”. 

A simpler version of a capacitor motor was de- 
scribed in 1904 by van Huffel.8 This motor was 
based on the so-called Thomson's replenisher.4 
The motor had an essentially cylindrical geome- 
try (Fig. 37) and consisted of a rotor with two in- 
sulated bent brass plates mounted on a vertical 
axle and located between two similar, but slight- 
ly larger, plates of the stator. The rotor plates 
(which were not quite coaxial) were charged by 
means of two metallic tongues connected to the 
stator plates; the tongues touched the rotor 
plates just as the latter began to clear the stator 
plates. The charging of the rotor plates could 
occur by a direct contact as well as through a 
spark, depending on the adjustment of the 
tongues. 

Since capacitor motors do not require sparks 
or a corona discharge for their operation, they 
can operate, at least in principle, from as low a 
voltage as one desires to use. This is one of their 
important advantages and is one of the reasons 
that such motors have been given considerable 
attention in recent years. Furthermore, as al- 
ready indicated, capacitor motors can operate 
not only from de sources, but also from ac 


TT 


sources. Finally, when powered by an ac source, 
they can operate both as synchronous and 
asynchronous motors (Zipernowsky's original ' 
motor operated from ac as an asynchronous 
motor). 

A synchronous capacitor-type electrostatic 
motor is merely a multi-electrode capacitor 
motor without a commutator, the proper 
charging of the rotor being accomplished by 
continuously supplying an ac voltage of proper 
frequency between the stator and the rotor (Fig. 
38). It is easy to see that if the rotor moves by 
one electrode in one period of the supply 
voltage, then the ac voltage accomplishes the 
same effect as that accomplished by a de voltage 
with a commutator. The synchronous velocity is 
therefore 2 x f{/N, where fis the frequency of the 
supply voltage and N is the number of the elec- 
trodes. 

Several precision-made synchronous motors 
were described in 1969 by B. Bollee.5 One of 
these motors ran on sapphire bearings and had a 
cylindrical aluminum rotor 1 centimeter long 
and 0.45 centimeters in diameter; the rotor and 
the stator had 60 electrodes each, with a 0.001 
centimeter gap between stator and rotor elec- 
trodes. The maximum power of this motor was 
about 100 microwatts at 220 volts and 50 hertz. 
Another motor (for an electric clock) had a di- 
electric disk rotor, with four rows of 100 elec- 
trodes on each side, located between two 
bearing covers, each with five rows of 100 elec- 
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FIGURE 38 


In a synchronous capacitor-type electrostatic 
motor the proper charging of the rotor ws ac- 
complished by continuously supplying an ac volt- 
age of proper frequency between the stator and 
the rotor. 
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FIGURE 39 


This synchronous electrostatic motor is essent- 


wally a variable capacitor with a rotatable shaft. 
The design of this motor is similar to the design 


of an electrostatic variable-capacitance genera- 


tor. 
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trodes; the gap width in the axial direction was 
0.01 centimeter. At 200 volts this motor had a 
maximum output of 600 microwatts. An in- 
teresting feature of this motor was that it had no 
slip ring on the rotor shaft, and that the rotor 
was therefore not connected to the power 
source. Instead, the stator was divided into two 
mutually insulated halves. This arrangement 
reduced the friction of the rotor and improved 
the performance of the motor. Still another 
motor was essentially a variable capacitor with a 
rotatable shaft. It had 15 plates in the stator and 
14 in the rotor, each 0.03 centimeters thick; the 
gaps between stator and rotor plates were 0.015 
centimeters (Fig. 39). The design of this motor 
is similar to the design of the electrostatic vari- 
able-capacitance generator described by N. J. 
Felici, $ 

According to Bollee, the maximum average 
torque on the rotor in a capacitor-type electro- 
static motor is Tmax = kNV%, where k is a geo- 
metrical constant, and Vis the peak voltage ap- 
plied. A motor with many electrodes is there- 
fore slow but produces greater torque. The 
power of the motor is proportional to the square 
of the applied voltage and to the frequency but 
does not depend on the number of electrodes. 

An important parameter in capacitor-type 
electrostatic motors is the capacitance differ- 
ence Cmax — Cmin, where C max is the greatest 
capacitance between the rotor and the stator 
and C min is the smallest capacitance as they oc- 
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FIGURE 40 
This interesting motor has been described by 
Moore, who calls it the “Interdigital Motor”. 
The stator consists of a glass bowl unth strips of 
aluminum foil glued to it. The rotor is a single 
conducting ball inside the bowl. 
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cur when the rotor turns. The larger this para- 
meter is, the better are both the torque and the 
power. The main objective in the design of such 
motors is therefore to obtain the greatest 
possible variation of the capacitance. 

An interesting motor which can be classified 
either as a modified Franklin’s second motor or 
as a modified capacitor-type motor has been de- 
scribed by Moore,’ who calls it the Interdigital 
Motor. The stator consists of a glass bowl with 
strips of aluminum foil glued to it (Fig. 40). The 
rotor is a single conducting ball inside the bow]; 
the ball runs along the sloping side when the 
strips are connected to an electrostatic gener- 
ator (positive and negative strips are connected 
in alternation). Several balls can be placed into 
the bowl at the same time, and all of them will 
then run. 
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INDUCTION MOTORS 


In 1892-1893, electrostatic motors of a 
fundametally new kind were described by Ric- 
cardo Arno! and by W. Weiler.? Their motors 
operated on the principle that the polarization of 
a dielectric in a variable electric field lags behind 
the field inducing the polarization. Therefore if 
a dielectric body is placed into a rotating electric 
field, the polarization charges* induced on the 
body will experience a force causing the body to 
follow the rotation of the field. 

Arno's motor (Fig. 41) had a cylindrical stator 
formed by four insulated copper segments 
enclosing the space in which the rotating field 
was to be produced. The rotor was a hollow 
closed ebonite cylinder supported on two steel 


*See, for example, O. Jefimenko “Electricity and Magne- 
tism”, Appleton-Century-Crofts, Inc. (1966), pp. 245-249. 
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points turning in holes in glass; the cylinder 
weighed 40.33 grams, was 18 centimeters long 
and 8 centimeters in diameter. The rotating 
field was produced by means of a high-voltage 
transformer (3800 volts output), an RC-circuit, 
and a mercury commutator. The rotor attained 
a speed of about 250 rpm and developed a torque 
of 176 centimeter? x gram X second ?. 
Weiler used a hand-operated double commuta- 
tor for his motors. The commutator delivered 
high voltage from an electrostatic generator in 
sequence to the four segments of a stator, thus 
producing the needed rotating electric field. 
Weiler described four different motors utilizing 
rotating fields. One of his motors was similar to | 
Arno’s motor. The operation of this motor (and 
that of Arno’s motor) can be explained with the 
aid of Fig. 42, representing the top view of the 
motor. When segment A of the stator is posi- 
tive, and segment B is negative, the electric field 
of the stator induces in the dielectric rotor 
(assumed to be at rest) polarization charges as 
shown in the figure. After the commutator has 
completed ‘4 revolution, segment C is positive 
and segment D is negative. Thus the field has 
rotated by 90°, and now it polarizes the rotor in 
a new direction (at 90° with respect to the first). 
However, since it takes a certain time for the 
polarization charges to relax to zero, some of the 
initial polarization charges are still on the rotor, 
so that the distribution of the polarization 
charges on the rotor is not symmetrical relative 
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FIGURE 41 
Arno's induction motor operated on the principle 


that the polarization of a dielectric in a variable 


electric field lags behind the field. 
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FIGURE 42 


The operation of Arno's and Weiler’s induction 
motors can be explained with the aid of this 
diagram. 
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to the charges on the stator. The rotor experi- 


ences therefore a torque due to attraction and 
repulsion between the rotor charges and stator 
charges, and the rotor turns. 

Weiler also experimented with motors having 
noncylindrical rotors. One such motor is shown 
in Fig. 43. Rotating field electrostatic motors 
with disk-shaped rotors were built and studied 
between 1894 and 1901 in Japan by Hiderato 
Ho. 

Since Arno's and Weilers motors depend for 
their operation on induced polarization charges, 
they may be called “induction motors”. 

Induction motors, too, have a number of ap- 
pealing features which attracted considerable in- 
terest to such motors in recent years: the 
motors can operate from both de and ac; the 
motors can operate from low-voltage sources; 
since the motors require no brushes or slip rings, 
friction losses in these motors are very small. 

Several carefully designed induction motors 
(both eylindrical and flat) were described in 1969 
by Bollee.? One such motor of cylindrical geom- 
etry operated from a three-phase power supply 
at 220 volts and 50 hertz. The stator had 12 elec- 
trodes, which surrounded a rotor 15 centimeters 
in diameter. A disk-type induction motor oper- 
ating from a three-phase power supply had a ro- 
tor consisting of 10 glass disks, each 6 centi- 
meters in diameter, coated with a thin layer 
of slightly conductive material and mounted on a 
common axle. The rotor turned inside a ring 
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FIGURE 48 


In 1892-1893, Weiler also experimented with 
induction motors having noncylindrical rotors, 
such as the motor shown in this drawing. In- 
duction motors have a number of appealing fea- 
tures which attracted considerable interest to 
such motors in recent years. 
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formed by 60 comb-shaped stator electrodes. 
The maximum torque was 2000 centimeter? X 
gram X second ~? at 220 volts and 50 hertz. 

Another interesting motor described by 
Bollée was a linear induction motor, which “may 
be regarded as a segment of rotating-field motor 
bent straight”.® 

An extensive mathematical analysis of the in- 
duction motors was published in 1970 by Soon 
Dal Choi and D. A. Dunn.6 They tested their 
theoretical results on a cylindrical motor with 72 
electrodes. The motor was 14 inches wide, 14 
inches high, and 19% inches long. It had a Plexi- 
glas rotor that turned at a maximum rate of 


about 1000 rpm when powered by a 10-kilovolt ' 


source. 
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LIQUID-IMMERSED 
MOTORS 


In 1893, W. Weiler discovered that a 
glass cylinder placed in a poorly conducting 
liquid between two spherical electrodes began to 
rotate when the electrodes were connected to an 
electrostatic generator.! He then constructed a 
small motor based on this discovery (Fig. 44). 
The principle of the operation of this motor was 
essentially the same as that of a cylindrical cor- 
ona motor, except that the charges were now de- 
posited on the rotor not by a corona discharge, 
but by the conduction current in the liquid. 

In 1896, G. Quincke reported the same phen- 
omenon and published a very comprehensive 
experimental study ofit.* His device is shown in 
a simplified form in Fig. 45. It is interesting to 
note that Quincke, rather than Weiler, has been 
credited by subsequent investigators with the 
discovery of the rotation of dielectric bodies in 
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FIGURE 44 


In 1893, W. Weiler discovered that a glass cyl- 
inder placed in poorly conducting liquid between 
two spherical electrodes began to rotate when 
the electrodes were connected to an electrostat- 
ic generator. 
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FIGURE 45 


In 1896, G. Quincke reported the same phenom- 
enon of rotation and published a very compre- 
hensive experimental study of it. His liquid- 
immersed motor ts shown in a simplified form in 
the above drawing. 
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poorly conducting liquids. 

Weiler-type liquid-immersed dielectric motors 
were recently studied in considerable detail by 
P. E. Secker and his co-workers. Their 
motors operated in various semi-insulating 
liquids such as hexane, hexane doped with amy] 
alcohol or ethyl alcohol, and isoamyl alcohol. 

In one of their motors the electrodes were 
stainless steel squares 1.8 centimeters on a side. 
Their separation was varied from 1 to 2.5 centi- 
meters. The rotor, of ebonite or Perspex, was 
0.95 centimeters in diameter and 2.2 centimeters 
long. The operating voltage was from 3 to 30 
kilovolts. The speed of the motor was found to 
be a linear function of the applied voltage, with 
the maximum recorded speed of about 2500 rpm. 

In another motor, a stator with six electrodes 
was used (Fig. 46). The rotor was made of Pers- 
pex and was 7/8 inches in diameter and 2 inches 
long; it had a layer of high-permittivity material 
on its surface (titanium ceramic in polystyrene). 
Powered by a 30-kilovolt source, the motor 
turned at 1700 rpm, and the total power input 
amounted to 5.4 watts, of which 2.7 watts ap- 
peared at the rotor shaft. 

A discussion of electrohydrodynamic effects 
that may take place during an operation of liquid- 
immersed motors has been presented by J. R. 
Melcher and G. I. Taylor.® 

Because of considerable hydrodynamical loss- 
es, the motors of this type will apparently al- 
ways have a relatively low output torque. 
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FIGURE 46 
This hqudammersed dielectric motor was 


Te- 


cently studied in considerable detail by P. E. 


Secker and his co-workers. 
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ELECTRET MOTORS 


In general, an electret is a permanently 
charged dielectric body. In a more restricted 
sense of the word, an electret is a permanently 
polarized dielectric body and may be considered 
to constitute the electrical counterpart of a 
permanent magnet. It is this latter type of elec- 
tret that has been used for constructing electro- 
static motors. 

In 1961, the Russian physicist A. N. Gubkin 
described an electret motor! shown schematical- 
ly in Fig. 47. The motor consisted of a stator 
formed by two horizontal, axially symmetric, 
parallel-plate capacitors and a rotor formed by 
two flat, axially symmetric, oppositely polarized 
electrets mounted on a vertical axle and capable 
of passing between the plates of the capacitors. 
The motor operated as follows. When a volt- 
age was applied to the two capacitors, so that 
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FIGURE 47 


In 1961, the Russian physicist A. N. Gubkin de- 
scribed this motor with two electrets in the 
rotor and two parallel-plate capacitors in the 
stator. A commutator was used to change the 
polarity of the capacitors. 
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plates A and D were positive and plates B and C 
were negative, the capacitors attracted the 
electrets as soon as the latter came close to the 
plates, and the electrets were pulled into the 
capacitors. A commutator changed the polarity 
of the plates just as the electrets were coming 
out from the capacitors, and the electrets were 
then repelled from them, and so on. Thus the 
rotor was set in a continuous rotation. 

A well-known property of electrets is that 
they lose their polarization in the absence of ade- 
quate shielding. Electret motors with almost 
perfect shielding were described by this author 
and by D. K. Walker in 1970.2 These motors 
were based on the so-called “electret slot ef- 
fect”.3 The slot effect works as follows (Fig. 48). 
An electret is placed between two pairs of elec- 
trodes, each pair forming a slot. If a voltage is 
applied to one or both electrode pairs, the elec- 
tret (or the electrodes) experiences a force in a 
direction perpendicular to the slot and parallel 
to the plates. This arrangement insures both a 
nearly perfect shielding and a relatively large 
force. 

A simple electret motor utilizing the slot ef- 
fect is shown in Fig. 49 and Plate 5.* It uses a 
disk-shaped carnauba wax electret rotor consist- 
ing of two oppositely polarized half-disks. The 
stator has two pairs of electrodes connected to a 


*The motor was designed by the author and built by one of 
his students, Charles Lynn Walls, in 1966. 
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FIGURE 48 


The slot effect works as follows. An electret is 
placed between two pairs of electrodes, each 
pair forming a slot. If a voltage is applied to one 
or both electrode pairs, the electret experiences 
a force in a direction perpendicular to the slot 
and parallel to the plates. 
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FIGURE 49 


This simple electret motor utilizes the slot ef- 
fect. The rotor is made of a disk-shaped electret 
consisting of two oppositely polarized half-disks. 
The stator has two pairs of slotted electrodes 
connected to a cylindrical commutator, which is 
charged by contact or by sparks. 
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cylindrical commutator. The thickness of the ro- 
tor is 1⁄2 inch, the diameter is 5 inches. The 
motor operates from an 8-kilovolt power supply 
and rotates at 1500 rpm. 

Similar motors with stationary electrets and 
rotating electrodes are shown in Plates 6 and 7. 

A more sophisticated slot-effect motor? uses a 
cylindrical electret (Fig. 50 and Plate 8). The 
electret is stationary; it is shaped as a hollow 
cylinder and has four sections of opposite radial 
polarization. The rotor is made of four internal 
and four external aluminum electrodes forming 
two cylinders with four slots in each. The inner 
electrodes are cross-connected with the outer 
ones, and all electrodes are supported by a Plexi- 
glas disk mounted on a steel axle. This motor 
uses no commutator. The power is delivered to 
two adjacent external electrodes by means of 
two sharp points which charge the rotor through 
a corona discharge. The overall diameter of this 
motor is 3 inches, the operating voltage is 6 kilo- 
volts, the speed is up to 5000 rpm, the power is 
about 20 milliwatts. | 

Synchronous electret motors for electric 
clocks have been recently announced by the 
General Time Corporation. The motors are 
about 114 inches in diameter and 1⁄4 inch thick. 
In these motors (Fig. 51) a thin plastic electret 
disk with 15 active sectors and 15 equally large 
cut-outs is the rotor. The rotor is placed be- 
tween two stator plates fabricated as printed 
circuit boards. Each stator plate has 30 elec- 
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FIGURE 50 


This more advanced slot-effect motor uses a sta- 
tionary cylindrical electret and works without a 
commutator. The rotor has 8 slots. 
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FIGURE 51 
In this simplified version of a synchronous elec- 
tret motor for electric clocks a thin plastic elec- 
tret disk with several active sectors and several 
cut-outs 1s used as the rotor. 
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trodes connected in alternation to the two input 
terminals. The operation of this motor is similar 
to that of the first slot-effect motor described 
above (Fig. 49) except that the reversal of polar- 
ity of the electrodes is accomplished directly by 
the applied ac voltage rather than by a commu- 
tator. 

Of all presently known types of electrostatic 
motors, electret motors are the newest and (to- 
gether with corona motors) the most highly 
promising ones. We shall return to them once 
again in the next chapter. 
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WHAT 

TO EXPECT FROM 
ELECTROSTATIC 
MOTORS 


Having described the various types of 
electrostatic motors we shall now present a brief 
discussion of the current aims in the electrostat- 
ic motor research and a brief discussion of the 
most probable future uses and applications of 
these motors. 

It has been pointed out by Bollee! that elec- 
tromagnetic motors rapidly lose their efficiency 
in scaled-down versions (which is due to the rel- 
ative increase in energy dissipation in the mag- 
net coils) and that very small capacitor-type and 
induction-type electrostatic motors may be a 
better choice for miniaturized systems. There- 
fore one may expect that miniature electrostatic 
motors of these types will find applications in 
various sensor and control devices where only 
very small torques and power are needed. 

Experiments with electret motors conducted 
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in the author's laboratory? indicate that these 
motors may be very useful in systems where 
powers of up to 1 watt are needed. 

The most promising electrostatic motors ap- 
pear to be, however, the corona motors. These 
motors possess a number of highly desirable fea- 
tures. Here are some of them: the motors are 
extremely simple in design; they require no 
expensive materials; their maintenance is very 
simple; having only few metal parts they pos- 
sess a very good power-to-weight ratio; they are 
fully capable of developing appreciable amounts 
of power; and they can attain very high speeds. 

Our present-day awareness of the many at- 
tractive properties of corona motors is to a great 
extent due to the work of the Russian engineers 
Yu. Karpov, V. Krasnoperoy, and Yu. Okunev 
published in 1958 and 1960.%* They described a 
6-watt cylindrical corona motor of improved 
design (Fig. 52) operating from a 7-kilovolt pow- 
er supply and turning at a rate of 6000 rpm. 
This motor had a hollow Plexiglas rotor 10.5 
centimeters in diameter and 17 centimeters long 
with a conducting lining on its inner surface. 
The stator supported 16 knife-like electrodes in- 
clined relative to the surface of the rotor in the 
direction of the desired rotation. The lining of 
the rotor served to increase the electric field in 
the gap between the electrodes and the surface 
of the rotor and thus to enhance the corona dis- 
charge from the electrodes. 

A high-speed corona motor with a disk rotor 
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FIGURE 52 


In 1958, the Russian engineers Yu. Karpov, V. 
Krasnoperov, and Yu. Okunev described a 6- 
watt cylindrical. corona motor of an improved 
design operating from a 7-kilovolt power supply 
and turning at a rate of 6000 rpm. This motor 
had a Plexiglas rotor. 
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FIGURE 53 


This corona motor with a disk rotor and circum- 
ferential electrodes was described by J. D. N. 
Van Wyck and G. J. Kiihn of South Africa in 
1961. It had a rotor 1.5 inches in diameter turn- 
ing in jewel bearings. Operating from 13 
kilovolts, the motor ran at 12000 rpm. 
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FIGURE 54 


The performance of a corona motor depends on 
the shape and arrangement of electrodes and the 
structure of the rotor. The curved electrodes of 
this motor produce an especially large torque. 
The lining of the rotor increases the power. 
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FIGURE 55 
The mechanism of electric interaction producing 


rotational motion in corona motors can be used 
drawing shows the principle of a linear corona 


to achieve a translational motion as well. This 
motor with multiple electrodes. 
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and circumferential electrodes was described by 
J. D. N. Van Wyck and G. J. Kuhn of South Afri- 
ca in 1961.? The motor (Fig. 53) had a rotor 1.5 
inches in diameter turning in jewel bearings. 
The stator supported 6 sharp-point electrodes. 
Operating from 8-13 kilovolts, the motor devel- 
oped speeds of up to 12000 rpm. 

A similar motor was studied in Poland by B. 
Sujak and W. Heffner in 1963.6 

A number of advanced corona motors were 
studied in the author's laboratory; an example 
of these motors is given in Fig. 54 and Plate 9. 
A diagram of a linear corona motor designed by 
the author is shown in Fig. 55. Instructions for 
building the corona motors of the author's 
design may be found in the May 1971 issue of 
Popular Science.® 

It appears that corona motors with input 
power of 100 to 1000 watts and efficiency of at 
least 60% can be constructed without any diffi- 
culty. There seems to be no reason why even 
more powerful corona motors could not be built. 
It is likely that the motors can be further im- 
proved by using rotors immersed in a gas other 
than the air at atmospheric pressure. 

Performance characteristics of corona motors 
strongly depend on the design and geometrical 
configuration of the electrodes spraying charges 
onto the rotor. Several typical electrode types 
and electrode configurations for corona motors 
are shown in Fig. 56. Especially interesting is 
the electrode arrangement shown in Fig, 56c. 
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FIGURE 56 
(a) Slanted electrodes and disk rotor with a con- 
ducting lining in the middle; (b) Straight elec- 
trodes; (c) Foil electrodes shielded on one side; 
(d) Curved electrodes and cylindrical rotor with 
a conducting lining. 
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This arrangement is used in conjunction with 
thin disk-shaped rotors “sandwiched” between 
two insulating stator plates. An even number of 
windows is cut in each stator plate, and metal 
foil electrodes are glued to the walls of the holes, 
as shown by heavy lines in Fig. 56c. In this 
arrangement there is a dielectric medium on one 
side of each electrode, and there is air on the 
other side. Therefore the electrodes spray 
charges predominantly in the direction of the 
side facing the air. Thus a motor with elec- 
trodes of this type is unidirectional and self- 
starting. Furthermore, the entire “sandwich” 
comprising the rotor and the two stator plates 
may be very thin. Therefore many such “sand- 
wiches” can be placed on a single axle thus form- 
ing a compound motor in which good use is made 
of the entire volume occupied by the motor. 
There are indications that compound motors of 
this type can develop up to 1000 horsepower for 
each cubic meter of their volume. 

An important property of electrostatic motors 
is that they can operate from a much greater 
variety of sources than the electromagnetic 
motors. It is, of course, obvious that any sources 
used for operating conventional electromagnet- 
ic motors can be used to operate the electrostat- 
ic motors. However, the electrostatic motors 
can operate also from sources from which no 
other motors can operate. The reason for this is 
that the electrostatic motors are extra-high im- 
pedence devices and thus require extremely 
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small currents for their operation. 

One very interesting source of electricity for 
electrostatic motors is the ordinary capacitor. It 
is true that capacitors, as we know them now, do 
not store appreciable amounts of electric ener- 
gy. However, if high-permittivity low-loss di- 
electric materials were developed, then the 
capacitor would become a very useful device for 
storage of electric energy, and possibly could be 
used in place of the chemical batteries for oper- 
ating electrostatic motors. 

Another possible source of power for electro- 
static motors are high-impedance high-voltage 
batteries of the type of Zamboni pile. 

A potentially very important source of elec- 
tricity for powering electrostatic motors are 
electrostatic generators. Considerable advances 
in the development of such generators have 
been made in recent years” and it is conceiv- 
able that electrostatic motor-generators will be 
used to convert the high-voltage de produced by 
such generators into the conventional low-volt- 
age de or ac. 

Finally, a very interesting source for power- 
ing electrostatic motors is the atmospheric elec- 
trie field. In fact, it appears possible to extract 
the energy contained in this field by means of 
electrostatic motors. Experiments on such an 
energy extraction have been conducted by the 
author. 1112 In these experiments an electret 
motor and a corona motor were powered by 
simple earth-field antennas (Fig. 57; Plates 10 fo 
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FIGURE 57 


Small electrostatic motors can be powered from 
atmospheric electricity by means of simple 
earth-field antennas. Whether or not it will be 
possible to operate large motors in this manner 
will depend on how successful we are in de- 
signing antennas capable of extracting apprec- 
table power from the earth electric field. 
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12). The corona motor was the one shown in 
Plate 9. The electret motor was similar to that 
shown in Fig. 49, but with the electret station- 
ary and the electrodes rotating (Plate 6). These 
experiments indicate that it is entirely possible 
to operate small electrostatic motors from at- 
mospheric electricity. Whether or not it will be 
possible to operate large motors in this manner 
will depend on how successful we will be in 
designing and building earth-field antennas cap- 
able of extracting appreciable power from the 
earth electric field. 

In conclusion it may be useful to mention that 
a quantitative electrostatic motor research is 
now only in its very rudimentary stage. Almost 
all papers on electrostatic motors published thus 
far deal with the qualitative aspects of the per- 
formance of the various types of motors. Only 
very few papers deal with the optimization of 
design and with the quantitative aspects of the 
operation of the motors, likewise only very few 
papers present a theoretical analysis of the elec- 
trostatic motors. It is clear therefore that the 
electrostatic motors still constitute an essential- 
ly unexplored area of physics and engineering, 
and that the electrostatic motor research is 
presently one of the potentially most rewarding 
research fields in modern electrostatics. 
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Electricity from the earth's atmosphere. An old forgotten idea 


- Source: http: /Iscienzacarte. blogspot. it/201 1/03/energia-elettrica- allatmosters. html 


Solar, wind, hydroelectric, geothermal, biogas. These are the main renewable and non-polluting energy sources. But 
0 sure not to leave something out? 
It is known that the Earth's atmosphere has a potential difference that increases with height. For non-professionals it 
the atmosphere was a charged battery. This is evident during thunderstorms, when this charge finds its outlet in th 
frightening and fascinating phenomena that are lightning. Many have imagined and studied methods for storing lig 
energy, but this presents numerous problems: 


1) it is not known in advance where a lightning will strike or in any case where a thunderstorm will take place; 2) ev 
lightning strike could be intercepted, for example by attracting it with a kind of lightning rod, it would be extremi 
difficult to store all its energy, since the discharge is very short; 3) moreover, most of the lightning energy dissipate 

light, heat and sound. In short, a "power plant" based on the interception of lightning would not be very profitable. 
less known, however, is that the atmosphere has this charge even when there is not even a cloud in the sk 


. The idea of deriving electricity directly from the earth's atmosphere dates back more than a century ago. To m 
knowledge - I urge readers to post comments 1f they are aware of other studies - the latest and most promising study 
field was carried out by the Estonian engineer and inventor Hermann Plauson . His studies took place in the 1920 
almost a century ago. Is it possible that since then there has been no progress in this field? Why did the idea of extra 
electricity from the Earth's atmosphere go into oblivion, even though it seemed promising at the time of Plauson's st 
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COLLECTOR Bi ai 
WIRE <p] . 
5 we ROPE | 


INSULATOR "> 


©1922 BY SCIENCE AND INVENTION 


Image taken from the magazine "Science and Invention" (1922), where we describe the invention of Hermann Pla 
Let's see before giving a brief description of the method used by Plauson. An electricity collector, consisting for exa 
a balloon filled with helium, was raised to an altitude of several hundred meters, connected to the ground by a cond 
cable. The balloon itself was made of conductive material and was covered with innumerable little needles, capab 
collecting atmospheric electricity through a phenomenon called field effect emission . High-voltage electricity 
conveyed, to the e ground by the conductor cable, and was converted into low- voltage electriciy to be used by com 
electric users. | 


In the description of his invention , Plauson report that he managed to get about 3. 4 kW (kilowatt) i ina "pilot" expel 


‘using two of these balloons. i 
Returning to the first question: why such a promising technology was abandoned? 
Several hypotheses can be made. The Plauson method provided - even if it was not bound - the use of radioactive mi 
| (radio and / or polonium), whose i ionizing properties were used as a "catalyst" to increase the current inflow. It is ob 
` that today any alternative energy proposal based on the use of radioactive material would not be frowned upon, 
- considering the possible environmental impact that could result from accidental contamination. As a note 
it is interesting to mention that until the eighties a type of lightning conductor covered with a thin layer of americiu 
" Tadioactive material), similar i in concept to the Plauson collectors, was used in Italy: it IS useless to say that these de 
a a are currently become outlaws. ; . 

Another possible reason why the idea was abandoned may be related to the fact that the energy needs in the 208 we 

- lower than today's ones: a typical "central" "at Plauson" , composed of 100 separate balls the one from the other of « 
100 meters (so 1 km of side), would have generated some hundreds of kilowatt: a power of all respect for those time 

that pales a bit 'when compared to the energy produced by a single wind generator - about 1 Megawatt. 

This reason, however, would justify only part of the abandonment of research in this field, since a system that allows 
obtain even a few kilowatts using just a couple of balloons could be competitive - compared to wind energy - in are: 
windy and not served by the electricity network. Let's add at this point an advantage that this system would hav 

wind and solar: uninterrupted production 24 hours a day and 365 days a year. 

- Apparently, therefore, the only major obstacle would seem to be represented by the use of radioactive material. And 
we are meeting the recent technological development. In recent years, in fact, techniques have been developed to o 
nanomaterials that are very efficient from the point of view of field effect emission: in practice they are super-pins 
could function as effective collectors of atmospheric electricity without resorting to use of radioactive material 
Some might argue, and rightly so, "But are these particular nanomaterials safe from the health point of view?" 

- Unfortunately, since these are new technologies, it is still difficult to estimate the impact in this sense, but some stud 
. under way. If, as is hoped, these materials will be considered harmless to health, then it can not be excluded that 1 
research on electric energy obtained directly from the earth's atmosphere will find a new vigor and this source not 

| exploited can go alongside the best known renewable and non-polluting sources. 

AS a final note it should be added that even without using radioactive material and the nanomaterials mentioned aba 
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system similar to that of Plauson could provide modest but useful quantities of electricity, finding application espect, 
the areas of developing countries far from large centers inhabited. 


Hermann PLAUSON | 
- Conversion of Atmospheric Electricity 


Source: Source: rexresearch. com 


e Tn 1920 the German engineer Hermann Plauson published a text "Ge 
NN und Verwertung der Atmospharischen Elektrizitat" (Acquisition and 
atmospheric electricity). 


Where he. concluded that atmospheric electricity could. be capture 
exploited by men. . : i 


In this regard he wrote: 


- 


"Humanity will be free from worry about the threat of freezing death, ‘knowing that in a prec 
- time it will be possible.to exploit the natural resources to the fullest ... Humanity will no longer 
_ suffer from the cold, because mother nature will give her abundant gift Power." | 


Plauson designed. a series of helium- filled balloons, able tò collect atmospheric electricity in t 
through the use of thermionic rectifiers, Leida bottle condensers and induction coils, his idea 
supply energy to whole Germany. ; $ i 


E 


Biography (Wikipedia) j 


l Science & Invention (Feb. 1927 ) : "Power from the Air" (T) | 
- Science & Invention (March 1922) "Power from the Air" (II) 
Plauson's Patents (List) i | de 
H. Plauson: USP #1. 540 998 - Conversion of Atmospheric Electricity 
H. Plauson: British Patent #157 262 - Improvements i in Electric Motors 


H. Plauson: British Patent # 157,263 - Process & Apparatus for Converting Static: Atmospheric: Electrical Energy into o Dynamic Electrical Energ 


Science & Invention ( June 1228) - "Harnessing Nature! S Electricity" 
H. Plauson: British Patent # 299735 - Rapidly. Moving? Electron Process for - Producing [PDF] 


H. Plauson: Gewinnung und Verwertung der' Atmosphatischen Elecktrizitat (1922) [ PDF ] 


http://en.wikipedia.org/wiki/Hermann_Plauson 
| Biography 
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tis believed to be Gertrud Plauson (the exact relationship is unknown, . 
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| Hermann Plauson was an Estonian engineer and inventor. Plauson investigated the production of energy. and power via atmospheric electricity. 


Plauson was the director of the Fischer-Tropsch "Otto Traun Research Laboratories" in Hamburg, Germany during the Weimar Republic of the 1920s. 
Nikola Tesla's idea for connecting’ machinery to the "wheelwork of nature". Plauson's US Patent # 1,540,998 niethods'of converting alternating radia 
electricity into rectified continuous current pulses. He developed the Plauson's converter, an electrostatig generator. -In 1920, Plauson published a bi 
Production and- Utilization of the e e Sd Electricity " ( Gr; Géwinnung und Verwertung der Atmospharischen Elektrizitat ). A copy of this bol 


- British LDraty. 


` k 


"Power from the Air". Science and Invention Feb. 1922, no, 10. Vol IX, Whole No. 106. New York. inser. one) 
"Power from the Air". Science and Invention , March 1922. 


` Science and Inventión, Vol. TX (106) # 10 (February 1922) . 


Power from the Air (I) 


by 


Hugo Gernsback 


- In the war There: ‘was developed in Germany in the new art -= or science ----that bids fair tó revolutionize c our present means of obtaining. power. 


This art, whith i is as new now as witelest is 25 years ago, will be attainments during the next 25 years that may appear ‘fantastic today. Hermann Plaus 
of the new science, has ‘devoted years of labor to his researches and he has now been using small power: plants, generating electricity direct from the ¢ 
night, without interruption at practically no cost, once the plant is constructed. 


. We have occasion, to describe the system, roughly, from cabled dispatches, but complete information i is available now. The amount of electrical power 


in our atmosphere is astounding. Herr Plauson found in his experiments a single balloon sent to a height of 300 yards gave a constant current at 400 
amperes, or in 24 hours over 17-1:/ 4 kilowatts! By using two balloons in connection with a ey condenser battery, the power obtained was 81-1 / 2 


"24 hours. The actual current delivered was 6.8 amperes at 500 volts. 


The best balloons used by the inventór are > made of thin aluminum leaf. No fabric was used. A-simple internal system of ribs, stays and wires, gives the | 
certain amount of elasticity. The balloon, when made airtight, is filled with hydrogen or better, with helium. It will then stay.aloft for weeks at a time 


_ surface:is made of extremely sharp pins, made sharp electrolytically. Ordinary pins did not-test good current collectors, as they lackéd extreme sharpnes 


themselves wére made from amalgamated zinc, containing a radium preparation, in order to ionize the air, It was also found that by the outer surface of 
with zinc- amalgam. Even better results were obtained with polonium amalgam. ; 


+ 


Oné huridred of these captive balloons, séparated one hundred yards from each other, will give a steady yield of 200 horsepower. This is the minimum 


_ horsepower, due to the’ higher electrification of the atmosphere. 


_ We need tg go into the technic of how the problem i is now solved by Herr Plauson. By using batteries of condensers, high tension transformers, Eto. , the 


be changed to.any form desires. Such as lighting, running motors, charging storage batteries, etc. a a E se 


Plauson also invented a sort of electrostatic totary transformer which gives alternating current without. the use of coridensers and transformers. Indeed, 
very great, as it is.actually sucks the current from the collector balloons. There is no doubt that this invention will become a universal use all over the wo 


_see the land with captive balloons, especially in the country. Indeed; the time is not all that is coming from the atmosphere. It may be the least form of po 


as the chee form of power known today. Not on that, but not as devastating thunder storms occur ` 


Science & Invention (March 1922), page 1006, 1007 


Power from the Air (II) 
; by | 
: - Hugo Gernsback 


[For many, years electrical engineers have been ablé to use the freé electrical energy ever present in the atmosphere, but they wete not the elevated cot 


` endanger the lives of the experimenters, or else destroy the apparatus connected with it. A German engineer has, however, devised the somewhat elabor 


here shown iï the brief, and he has succeeded, at least so his report ‘states, in safely extracting several. kilowatts of: électrical power from the atmos 
metallic surfaced balloons, elevated to-a herght of only 1000. feet. ] ; . 
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INSULATOR Trt 


We have been treated with the extraction of electrical energy from the atmosphere. The difference of the electric potential in.different parts of the atmo 

. the difference between the upper air and the earth. The power would take the form of high potential. It has long appeared rather than to conservative e 
such a source of power should really be available. It is not the same, but when the lightning flash is flashing, it is iikely to be very small. seriously, as t 
now ¿being seriously investigated. A German scientist, Hermann Plauson,: l , 


We will first speak of the methods used for collecting electricity from-the upper air. The- author cites several German patents: One. of them shows the 
balloon. The balloon is shown floating in the air, kite fashion, and from a great net or aerial for the.collection of electricity. The conductor from the ae 
the ground station; quite an elaborate description of the network which the patentee proposes to have:covered with needle points. A windlass takes in 
cable for the balloon, and the patentee claims that will send you to 225,000 volts to draw upon. He then speaks ora Mice! of 20,000 cells in series, wh 
up to 40, 000 to 50,000 volts in the charging. This certainly provides for a large large. fall of ‘potential. 


But our author discards this idea and first suegtst something more permanent. He proposes the erection of towers to the height of 1,000-féet. At the su 
his collecting aerial. The appliance consists of a number of copper tubes; to the top of the tubes, with the aim of collecting net-work covering the tops a 
-"One of his apprehensions" should be his "trouble trouble", he would like to propose himself to "Siamese pagoda". He also compares the form of the pro 
_ great petticoat insulator. His is insulated from the earth. He, therefore describes a complicated foundation for his structure. A foundation of simple concr 
- subject, it isa layer.of cast glass, three to ten feet thick, and then comes to a reinforced concrete foundation. Sides of the ground, this foundation must 
least seven feet ‘The author's idea is based on the number of these towers connected by a horizontal cable. ‘three to ten feet thick, and then to a reinforce 
‘foundation, to which the metallic foot of the tower is to be anchored. Sides of the ground, this foundatiori must be raised at least seven feet The aut 
based on the number of these towers connected by a horizontal cable. three to ten feet thick, arid then to a reinforced concrete foundation, to which the 
of the tower is to be anchored. Sides of the ground, this-foundation must be oer at least seven feet The author's idea is based on the number of tl 
: connected by a horizontal cable. 


The author strongly advocates balloons as. collectors of the electric. power of the air. These he depicts covered with spots, These spots indicate areas to be 
coated and propao to collect potential from the atmosphere. | 

In the first place he described the balloon as "made of thin metallic leaf" supported by internal ribs: Steel wires dilver-plated, copper-plated, -Or álumi 
run from the balloon to the pendant or junction ring. To this ring the cable is attached to the sues of the earth. 300 feet to three miles. 


The coating of the Spots isto be of the thinnest amalgdin, ‘of mercury and sold. or zinc, or even poloniurie berhaps only. 1/2500 inch thick. Numberless 
To prepare the needle-like wires; they are collected into bundles and are treated electrolytically in a bath, so as to be dissolved into part: This gives a sha 
a roughened surface. The points may be of copper, steel, or some hard metallic alloy. After this corrosion. As it may be termed, the wires are plated 
other of the; so-called noble metals. It is advised that polonium or radium salts be added to ‘the plating bath. 
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Dr Plauson devotes This is a rotary: motor including a stator and rotor and its peculiarity is that it contains no coils, develops no electromagnetic fie 


speaking, but works by static excitation. One typical arrangement is shown jn our illustration. The stator plates and rotor plates are concentric with 


representing ‘segments of cylinders. The alternation of negative and positive charged plates produces the rotation, In the connection there is included a s 


'gap-to take care of dangerous potentials, Inductances and capacities are also used and indicated. the plates heated, owing to the Foucalt currents, are 


subdividing the stator and rotor plates, are described by the author. 


_ The whole subject is quite captivating, and it really seems as if the use of the air may be in sight. It would seéni to be postible to carry out experi 


direction by means of the Eiffel Tower. 


And now ‘our author gives us some practical details. He says that he is doing it with.a radium preparation as an ionizer. The surface of the balloon wa 
over with zinc amalgam. It was sent to a height of 300 meters, early 1,000 feet, and was held by a copper-plated steel wire. A constant current of 1.8. a 
average of 400 volts potential differénce was obtained. This gave nearly three-quarters of a kilowatt, ór close to one horsepower. The collector of the bal 
to be a tension of 42,000 volts. A passing a second balloon with an-antenna. Antenna, and. the antenna connection with the 500 volts mean tension: The k 
the use of these two balloons. 


Science & Invention (June 1928). 


= 


Pee oe VOLTS ¡ser l 
A vans  EXPEOTE soga | 
: SPARK SAR 


http://www.mareasistemi.com/ENERGIA_GRATIS_DALL%27ATMOSFERA_ DIDATTICA_27.html 


4/24/2018 


T 


FREE ENERGY FROM TEACHING ATMOSPHERE 27 


Science and Invention for June, 1928 


Remarkable European Experiments with Atmospheric Electrical 
Discharges with Potentials as Hieh as 3,000,000 Volts 


By HENRY TOWNSEND 


elevation af 350 it, amd these students of 
natural electrical phenamens, have found a 
very desirable location in the Alps, where 
they can suspend between one mounain and 
an adjacent one, a strong irom cable having 
a lengih of about 2,000 it. This cable is 
about 250 feet above the intervening valley, 
aml Icon it these daring engineers have 
siépenced a coarsely woven wire net, which 
serves as an electrical capacity to gather the 
clectrictly [rom the atmosphere. As shown 
ia the pictares, the wire net is suppl: ed with 
númercus sharp points to aid in 1 collecting 
the current from the air. 

As the accompanying photographs of the 
actual apparatus and wire cable used last 
year clearly show, an adjustable spark gap 
of considerable leugth is provided. By ad 
justi ng thos spark sep to various lengths, 
itis- possible lo judge the voltage of the 
dicharge w hich leaps pe gap at any mo- 
ment, F, W, Peek, Jr., tac well-known 
eri worker io the realm of hich 
voltage measurcments, together with other 
engineers, have provided tabulated data and 
curves ior various lengths of both needle: 


and sphere type spark maps. aks ete al the 
attompanvirg diagrams shows, it is a simple 
matter to calculate the voltae When a cer- 
tala length of gap is used. The enginecr 


first cheeks the lenuth of the gap on the 
chart; he then follows a line horizontally 
E the gap kngth, to where it intersects 

ith the at rlar line on the chart; and [rem 
ihe point of intersection he looks in a visual 
line downward lo a place where the yollage 
i given. For necdle spark gap mecasture- 
menis, the characteristic curve on the chert 
is practically a. straight line, while for 
sphere gaps the characteristic curve on the 
voltage: versus gap length, is a cur ved Tink, 
Those itteresicd m high voltage Measure= 
ments by means of the spark gap method can 
find the yoltawe-gap tables and charis in 
the at qia: or RESET Ru res ot the Amerie: FIT! 


Actual phatagraph of the experimental "Eite" 
need hy the German experimenters in the 
Alps Mountains, for the purtuse of accumu- 
lating High potential electrival discharges 
from the alirosphere, Note the size of the 

insulators. 


PEU mm 
IEA E GE MS EE 


14 


MERO ee eae TR 


Institute at Electrical Engineers. Accord- 
lle to Mr. Peek’s rra ea the voltage: 
per foot of atmosp eerie) wipers ical discharces 
is about 100,000, wi hile in laboratory turas- 


crementa with A.C., tranatormer high po- 


pa 


tential discharges, the average vollage PCT 

foot ef spark was found to be about 150.000 

volta. The voltare of a lishtning flash may 
(Continue on page 156) 


Actual photo àt 
shows 13 ft, be 
Spark obtained j 
the collecting wet 
the wilns by the | 
man scientists. 
volinsc is about 2, 
000 The spark ocen 
once per second io 
iningtes. 


Photo, leii, shows 
adjustable spark 
used in the Alps. 
tice the heavy £ 
trode on the end of 
sdjnstable arm to w! 
the spark jumps 


E 


Below we see 3,00) 
volt artificial light 
Fig siroke produced in 
E. Laboratory al P: 
field, Mass. Note n 


‘ami sight naa 
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Learn to bea 
Magician 


For the first ime in the history of Magic the 
age-old, sacredly puarded secreisol the My s- 
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HARNESSING NATURE'S ELECTRICITY 
by HENRY TOWNSEND 
(Continued from. page 


i T rr ay Pa) ae 
Science dtd Inmventio: 


a for fune, 1£ 


11) 


eo mei ass il 


Remarkable caihade tay oscillorraph used by Mr. F. W. Peck, q. in causing lightning te 
write its entorraph with a pencil of clecirons on a photographic film. 


easily be 100,000,000 volts, as Mr. Peel: has 
pomted gul im one of his scientific papers. 
WHY THE EXPERIMENTS ARE 
BEING MADE 


O ME oi the main reasous why these dan- 
gcros experiments ure being carried 
on by the three y (seria scientists, 


11012 


Whose uames we aer already learned, is 
because svience believes that with a sufi- 
cicolly high voltage, it will be possible for 
man to disintegrate the atom, and in this 
way make available a tremendous source 


Of power as vet untapped. ‘hese experts 
have calculated thal they will te able to 
obtain electrical energy in señicient quantity 
[rom onc ol Cicse powerlul atmospler ic dis- 
charges. to equal the Alpha rays obtained 
from 220 pounds of radium. As we have 
mentioned ketore, these experiments are of 
course fraught with ercut dunger, und for 
that reason the experimenters seek reluce 
in a special lightning-proot hut, which is 
located about 900 ft.. fram the spark rap, 
When nicest slorins are in the vicinity, 
ii is especially important that the scientists 
keep within ther pratected iertress, for 
herwise Diey would very probably be killed 
by a stray electrical discharge. 

One ol the pecunha ieg Ihis 
whole lme ol experiment is that E e average 
layman docs nal realize perhaps, thal there 
isa high electrical stress in the alinospuere 


on clear days, as well as when thomler 
stavms are overhead. This iaci has beer 
known for a hundred years and more, and 
many years ago measuremenis of the vari- 


ous electrical potentials at increasing ali- 
tudes, were observed and measured by scien- 
tific devestigalors, ‘There are a number pi 
different wavs m which these high derio 
potentials found in the atmosphere cao be 
measured: one of these methods involves the 
use of a calibrated spark gap. Ta this case 
the gap is set to a predetermined length, and 
when a discharge jumps this gap, the engi- 
neers know of course from previous experi- 
ence and measurements, just what voltage 
Je present. Another method of measuring 
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as here 
a Static v 


extra high 
comercia, 


polentiale, such 
requires the use oar 


meter, which mvalyes the ose of a station 
aul ot a movable or roterv set of m 


alates, farming a condenser, to which 
moicatme necdle i attached. For volt: 
anave 2.000, static volt miclers s llave becn i 
ma greal mary Áinerican central stati 
and they have many desirable and us 
Seer ribose Py CI course as the vol 
to he measured increases, the space pets 
the quadrant shaped stationary and mov 
plates 15 increased and vice versa. 

electrostatic field irom voltages below 2 
is not suficient to warrant the use 0 
static voltmeter. Another method af m 
uring high potentials involves the use 
the so-called vacuum tube volimeter, 

The general characteristics oi the 
mospneric electrical discharges, incl 
lightning, kave heen. measured and reco 
by one of the newest scien Life mairt 
known as the cathode ray oscillograph, 
means of this quite TE high y 
age scientific apparatis. Mr. Peek, one 
the well-lenown General Electric Comp 
staf of research engineers, has made s 
very imteresting and remarkable discove 
concerning the nature of natural electr 
discharges, particalarly of liehtuma 


F. | 


charges. Many people will probably wo 
why Mr. Pesk and some of his calloas 
im the engineering profession, melange 


three daring German students, Me: 
Brasch, Lange and Urban, play with 5 
dangerous electrical discharges, and 
they ure at all peed Mm them. We 
plamed previously why the German sev 
are iitent on fading 2 out all ih y can al 
there tremendous voltages talca | 
the atmosphere, while Mr. Peck, we i 
say, also has a very practical reasoc 
carrying 02 experiments with these de: 
dealing volts at Thor. Mr. Peek has f 
for many years intent on finding ant w 
causes the huge insulators on lone disia 
high potential transmission Ínes to br 
down when electrical storms breale loose « 
these regions. 
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Plauson's Electrical Patents l 


USP # 1,540,998 . 
Conversion of Atmospheric Electri¢ Energy. 


. 6-09- 1925 


GB157262 ; 
Improvements i in Electric Motors 
1922- 07-10 : 


- GB157263. i 
. Process and Apparatus or Converting Static Atmospheric Electrical al Energy into Dynamic Electrical Energy of any, Suitable High Periodicity 


7-10-1922 


British Patent # 299,735 
Apparatus for Producing Rapidly Moving Electrons 


- FI21227 n 
” Elektrisk uppvärminingsanordning 
-4-25- 1946 f 


Varmelegeme: fined elektriske varmemodstande £ 
DK67691C . 


` 9-27-1948 


FR877362 : 
Dispositif < de chauffage clegtriques 


12-04-1942 


- DE734794 


Elektrisches Heizsystem .- 
4-24-1943 , 


CH222509. l 
Elektrischer Heizkörper zur Erwármuhg v von Flüssigkeiten ; 


7-31- 1942 > 


_ DE738107 — a - 
Elektrolyt fuer unmittelbare elektrische Warmwasser-Radiatorenheizung mit Elektroden 


8-03-1943 


DE433476 


Verfahren zur Herstellung v von Elektroden und Schleifkontakten fuer Dynamomaschinen 


8-31-1926 


+ 


CH94021' 
Elektrode und Verfahren zu deren, Herstellung 


- 4-01- 1922 


CA226423 


Electrode for Electrolytic Apparatuses:, 
11-21-1922 ` 


i http://www.meridian-int-res.com/Energy/Atmospheric.htm 


- Atmospheric Electricity Research 
Excerpts] 


_In-the nineteenth and early twentieth centuries, a Janse number of investigators 


Dr Hermann Plausón who in the 1920s succeeded i in generating significant quantities of electrical power with modern solar photovoltaic systems of a's 


Dr Hermann Plauson’ ‘Dr Plauson was an Estonian citizen who lived in Hamburg and Switzerland. He carried: out experiments in Finland with mi 


- magnesium- -aluminum alloys, covered with electrolytically deposited needles. The needles were further dopéd with a radium compound to increase the it 
_ the air. (THis was the-éra in which the hands were painted with radium to.make them fuminous in the dark). Zinc amalgam patches, were also paint 


aerostats. Plauson obtained” with power output of 0.72kW and 3.4kW from one and two aerostats 300m-above ground, level. Dr Plauson filed patenis 1 
Great Britain and ey in the 1920s. His book aonne und Verwertung der Atmosphärischen Elektrizität" 


Other atmospheric. elictiicity researchers contemporary to Dr Plauson included Walter Pennock.and MW Dewey in the USA, Andor Palencsar i in 2 Hung 


Heinrich Rudolph i in Germany. Hippolyte Charles: Vion i in Paris predated them all, putting forward proposals i in the 1850s and 1860s. 


+ Heinrich Rudolph made an interesting contribution: to y the design of the aerostat collectors. In: 1898 he designed. an i elliptical aerostat nade up of faceted 
- ‘minimize the effect of wind. The design bears a strong resemblance to Northrop's 2003 UCARS unamnned' helicopter -UAV project. The design uses 
-Effect to help keep the merosiat on Station and minimise wind effects. = or 


Dr Oleg J efimenko: In recent times, Dr Oleg J efimenko has been active in this field. Dr J efimenko carried: out experiments on n electrostatic motors from 


the 1970s. 
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MIR's Research Program- 


+ e . E x + 


Since 1997 we have been carrying qut theoretical research into conversion of atmospheric electricity into useable electrical ; power. 


- From a low level (Sm high) simple zinc antenna we are able to obtain OS charge. Further experimental investigations with metallic acrostat cal 
cavity resoñant slow- wave antennae concepts are ongoing. “a « 


Advantages of Atmospheric Electricity. 


Simple and robust technology 
Low Cost Technology - much cheaper than photovoltaics or wind turbines i 
- Available day and night in all weather conditions - in fact, blackberries power iS produced at night than during the day 
. Available at any point on the Earth's Suri: 


1. Gewinnung und Vertu der Atmosthirischen Elektrizitat , Dr Hermann Plauson, Hamburg, (1920) ` 
2. Conversion of Atmospheric Electric Energy, USP 1,540, 998, Dr Hermann Plauson, (1925) 
3. Assembly for. the Induction of Lightning into a Superconducting Magnetic Energy Storage Systerh, USP 5 367 245 Goven Mims, (a25) 
4. Electrostatic Motors are Powered by Electric Field of the Earth; CL Stong, Scientific American , (October 1974). 

- 5.Operation of Electric Motors from the Atmospheric Electric Field; Dr. Oleg Jefimenko, Améficas Journal of Physics , vol. 39, july 1971. 
6. Electrostatic Motors: Their-Principles, Types and Theory of Operation; Dr Oleg Jefimenko, Electret Scientific, (1972) 
T: aman Electric Machine, USP 4,622,510, Ferdinand Cap, (1986). á , 


i US Patent # 1,540,998 
. Conversion of Atmospheric Electric Energy | 
- (9 June 1925) ` 


| Hermann PLAUSON k 


Be it known that I, Hermann Platison, Estonian subject, residing 1 in Hamburg; Germany, have been invented 1 in the Conversion of Atmospheric Electric End 
following is a specification: , 


A method of obtaining atmospheric electricity by means of metallic nettings set with spikes which are held by means of ordinary or anchored kite balloons 
filled with hydrogen, are in theory already known. Direct current for the charging of accumulators. This knowledge is ‘only presented as theoretical as the.con 
has hitherto been a failure. Apparatus of destruction by lightning. The balloons used for cpllecting the charge must also be made of very large size. 


E Non-conductiñg, materials of. non-conducting material that.are liable to be used as non-conducting materials 


(a) The metallic cases are impenetrable to helium and hydrogen; they also' represent large metallic weather-proof collecting. surfaces. 


(b) Radio active means the like may be easily. applied interhally or externally; whereby the ionization is considerable increased and ne iS aso the quanti 
_ electricity capableʻof being A e 


. (c) These balloons have been produced by hght weight. 


(d). The entire system offers a small surface for the action Gt storm and wind. 


(e) Each balloon can be raised and lowered by n means of a winch so that all repairs cain be carried out. without danger’ during the operation. 


Collaterals are: mnlereopnected by electrical conductors. - 


This article was previously published underneath this article. strength 1 is converted into electo dynamic energy into the form of high frequency vibrations. Mi 
make the purchase and all disadvantages avoided. 


This article is based on the éurrent law. At iS sossible to obtain electromagnetic waves of various amplitude and to increasé’ the degree of resonance of suc 


_ resonance can-be used to provide the possibility to be chosen again. by the starting and - stopping of the machine by simply transforming the resonance betwe; 
machine and the transformer forming the.resonance. Further, such currents’ have ine property of being directly ayana for various uses, even without e 


driving motors, of which there may os 


Further, with such currents a ‘series of Sopardtis may. be fed without direct current supply through conductors and also the electro- manti high frequene 


“converted by means of special motors adapted for electro. -magnetic oscillations into mechanical energy, or finally converted by. special machines into alternatin 


The invention +s more particularly with reference to the accompanying diagrams- in which: 


Figure 1 is and explanatory Figures. 


| Figure 2isa 1 diagrammatic view of the simplest form. 


Figure 3 shows a method of converting | 
Figure 4 is a diagram showing the use of protective means. 
Figure 5 isa diagram of an arrangement for converting large current strengths. 


Figure 6 is a diagram of an arrangement including controlling means. 


a Figure 7 shows means.whereby the spark gap can be adjusted. 


Figure 8 shows arunipolar connection: for the motor. 
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` Figure 9 shows a weak coupled system suitable: for use with small power motors. 
| Figures 10, 11,.and 12 show modified arrangements. 
| Figure Ba shows a form ofinductive coupling for the motor circuit. . 
l Figure l4isa modified form of Figure 13 with inductive coupling. 
Figure 15 is an arrangement with a non- inductive motor: 
Figure 16 is an arrangement with coupling by condenser. : 
Figures 17, 18, and 19 are diagrams y further modifications. | 
Figure en shows a simple form in which the serial network i is combined with special coMectorss 
i Figure 21 shows; diagrammatically an arrangement suitable for collecting large quantities ofe energy. 
Figure 22 is a medified arrangément with two rings of collectors: + 
Figure 23 shows the connection for three rings of collectors. 
| Figure 24 shows a collecting balloon and a diagram of its connection of condenser batteries. 
Figures 25 and 26 show modified collector balloon arrangements. 
l | Figure 27 shows a second method of corinesting conductor for the balloon aerials. i ; 
Figure 28 shows an auto-transformer method: of connection. 
Figure 29 shows the simplest form of construction with incandescent cathode. 
Figure 30 show’ a form with a cigar shaped balloon. 


Figure 31 isa modified arrangement. 


B Figure 32. show form with cathode and electrode enclosed in a vacuum chamber. 


Figure 33 is a modified form of Figures 32. ' 

Figure 34 shows an arc light collector. 

| Figure 35 shows such an arrangement for alternating o current. 
Figure 36 shows an incandescent collector with Nernst lamp. 


p Figure 37 show a fora with a gas flame. . 


Figure 1 illustrates a simp]e diagram for converting static electricity into a dynamic. power of a high number of oscillations. An illustration of an influence ma 

of clarity. 13 and 14 are combs for colleeting the static electricity. 7 and 8 are spark discharging electrodes. 10'and 8. inductive coil, 10 secondary coils, 1 

-= conductors of the secondary coil 10. When: the disc of the static influence is rotated by mechanical means, the combs: collect: the electric charges one the and 
` and 6 until the potential is formed across the spark gap 7-8, that the spark gap is jumped. As the spark gap 7-8 forms a closed circuit with condensers 5 and 6, 


The high frequency of the oscillations produced i in the primary circuit. Thus in the primary circuit electromagnetic sällar. are forried by the passage of the 


The ratio between the. number of the coils in the primary and the secondary circuits with the correct use of-the co-efficients of the resonance (especially 
resistance) voltage and high current strength. 


The liquid: gap until the accumulated chatge again breaks the spark gap. This is iow it is Proguged by the static machine' employing mechanical energy. 


; Figure 2 in whigh two. spark’ gaps in parallel are shown in Figure 2, while. the second one is uséd as a safety device for excess voltage and consists of a larger 
in series and are > bridged by very small capacities as shown in a, b, e Figure 2 : 
In Figure 2, it is an aerial antenna for collecting charges of atrilospherio electricity. 13 is the earth connection of the second part of the spark. gap, 5 and 6 arc 
primary coil. Now. when you go through the aerial The spark gaps. The resistance of the spark gap is shown in the drawings, ‘lower than that of the other sal 
- consists of three spark gaps connected in series, and consequently to three times. 


i So long; derio. as the resistance: of the spark gap, I know that the other spirk gaps have an pal resistance with the. discharges take place it could be dange 
the: condensers 5 and 6 forthe coil insulation 9 and 10 in consequence of the break down, by a correct Tailang of this spark gap. 
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Without this second spark gap, it is: impossible to collect and make available’ large quantities of electrical energy. ` 


, Capacitor 5 and 6, primary coil 9, and also secondary coil 10 is the same as the one described in Figure 1 with the arrangement of the static induction-mac 
difference that here the second spark gap is provided. The electromagnetic high frequency alternating current can be tapped off from the conductors 11 and 1 
heating purposes. Special kinds.of motors’ with special features such as electrical systems may be connected to 14: and 15 which can: work with static € 
frequency oscillations. 


In addition to the use > of spark gaps in parallel a second measure of security iS also necessary for taking off the current. This is a ‘precautionary measure based 


. in the introduction of a method of connecting certain protective eleciromagnets or a coils in the aerial circuit as “on by S in Figure 3. 


A single electromagnet only having a ‘a core of the thinnest possible separate laminations 1 IS connected with the aerial.. 


In the case of high frequencies i in the aerial network or.at places. where there are frequent th thunder storms, several such magnets may be connected i in series. 


In the case of parallel or parallel series. 


The windings of. these electromagnets may be connected i in series with the aerials. In this case > the winding preferably consists of several thin parallel wires 


together, the necessary section: - 


, The winding may be made of primary and ecóndary windings i in the form of a transformer. The primary windings. will. be cónfiected 4 in series with the aeria 


secondary winding is more or less short-circuited over a regulating resistance or an induction coil. It is possible to regulate to a certain extent the effect of the O 
aerial electromagnet choke coil i is indicated by a simple ring 


>- Figure 3 howd the simplest way of converting EREA electricity into electromagnetic w waves. Recent improvements in motora with motorsports, worl 


States 


Diagrammatically indicated by the two semicircles 1 and 2 and: the rotor of the motor by a ring M (Figure 3). A is a vertical aerial or aerial network. The electi 


` electromagnet and the electromagnet with -the spark gap, the circuit 8 with the spark gap , and then a circuit including the stator terminal 1, the rotor and st 
_ which the connection is made to De earth wire. The two spark | gaps are also connected metallically with the n wiré. These methods are as follows: 


- The positive atmospheric electiic hates collected with the earth. It goes through the electromagnet. Further” its progress is arrested by two spats gaps plac 


the stator condenser surfaces. The“stator condenser surfaces are charged until the charge is higher than.the resistance of the spark- gap 7, whereupon a spark 


_ spark gap 7, and an oscillatory.charge is obtained from the motor M, stator surfaces 1 and 2,+and spark gap 7, a closed oscillation circuit is obtained 


electromagnetic oscillations. The motor here forms the capacity and the necessary inductance and resistance, which, as is. well known, 


By the electromagnet or choke. A light source, a periodic difference 1 in the electromagnet, a periodic seats between the-two, and i is. This is the case of the 
which is sufficiently high, and is supplied. to the flow of atmospheric electricity. 


With the wave of the motor, it dee not ed’ with the natural frequency of the motor, it does not endanger the 1 motor through the sparks Sap. 


In the diagram illustrated i in Figure 4 the spark gap is shunted across condensers 5 and 6 from the motor. 


+ 


. In Figure'S a dioram i is illustrated for large current strengths which may be direct direct without motors, for example, for lighting or heating purposes. The 4 


that the spark gap consists of 7 When separated from one another, dischatges take place, thus forming an oscillation circuit over condensers 5 and 6, ‘anc 
oscillatory discharges. Itis evident that a motor may be connected to the ends of the spiral 9. 


The construction of. the diagram 18 pee in Figure 6 of the oscillating circuit. of the motor being connected with an induction coil. Motorcycles can be more o 
coiled 9 (coupled inductively to the aerial). l 
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Filed Jan, 13, 1921 2 Sheets-Shest 2 


. In Figure 7 the gscillation citcuit is closed, through the earth (E and El). Spark gap 7 may be prolonged or shorteined by more or fewer spark gaps being, succe 


by means of a contact arm 7b. 


Diagram 8 shows a unipolar: connection of the motor with, the aerial network. Here two oscillatión circuits are clóted through the. same Motor: Electrom: 


inductance 9a to the earth condenser 6 and further, over spark gap 7 to the aerial condenser 5 and back to x . The secorid oscillation circuit from the aerial q 


1 3 1 


| point x over the inductance 9 tæ the earth condensar 6 at the point x and through the condenser 6 over the spark gap 7 back t to x . The motor itself is ins 
-. two ponis of the. spark gap T: From. this arrangement, slightly damped oscillation wave currents. are abe i j 


In the diagram illustrated in Figure 9, a loosely coupled. ‘System of connections IS oa as being for small motors for measuring purposes. A the aerial 


electromagnet i in the aerial conductor, 9 the‘inductance, 7 the spark gap, 5 and 6 condensers, E ihe carth, M the motor, and 1 and 2 stator connections of the mi 
directly aca connected way the oscillation circuit. 


In Figure 10 a purely: inductive coupling. is employed for the motor circuit. The motor is connected with the secondary ` wire 10 as may be seen in Figure 
modified diagram connection. pleut 12. 


The acom are hitherto described as preferable of motors of small and medium strength to be operated. For large quantities of energy 1s difficult; swit 
greater. 


+ or y - = A + 


- A means of overcoming such difficulties is shown in Figure 13. The oscillation circuit starts from the point x over condenser 5, variable inductance 9, spark g 


segments (3rd and 4th) forming arms of'a Wheatstone bridge, electromagnetic oscillations*of equal and electromaghetic oscillations are shown in the d 
approximate. If the the brushes 3 and 4 are moved in common with the conducting wires | and 2 Which. connect the brushes with the stator poles to ce 
displacement of the polarity is: obtained and the motor « commences to revolve. . . 


The maximum actión will result if one-brush 3 comes on the central sparkine ¢ contact 7 and the other brush 4 on the part x Gaps with the-motor oscillation circ 
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od SEE. iF, Lana MIA AA OLEO k 
El 


14. The diagram 14 differs from the foregoing only by the motor not ot bene directly related to'the motor commutator, but only a a primary coil 9 which induces il 
10, current which feeds the motor M and aks the place of the rotor. A loose coupling and an oscillation circuit without a it aie gap. 


In Figure 15 thie motor is not purely inductive as sin 14, but directly metallially branched off ioni the primary coil {at x and x ) after the principle of the auto- 


+ + 


In Figure. 16 instead of an inductance condenas 61 1s similarly, and for the same object inserted between the segments 3a and. da. "This has the advantage that t 


need to be made, of solid metal but may consist of spiral cotls whereby a more exact t regulation] is possible and further motors of high inductance may be emplo 


The arrangements of Figures, ¥/, 18. and 19 may be employed. fpr use. with resonance and particularly with induction condenser motors; between tlie larg 
condenser surfaces, small reversing pole condenser surfaces, mall reversing pole condensers are connected; which can be seen from Figures 17, 18 and 19 a 


` earth. Such reversing poles 


| Figure 19 shows a method of electromagnetic oscillations of the high number of alternations..It is based on the well-known principle of a mercury lamp, one e 
:.1s formed of mercury, the other of solid metal. . The mercury electrode of the vacuum. tube. From this it can be only from the aerial through the vacuum tube 


circuit, but not vice versa. Oscillations which are formed on being transformed into an oscillating circuit.» 


In practice these vacuum 1 tubes must be connected behind the danger of lightning. 


As regards the use of spark gaps, ‘can be used for wireless t telegraphy may be-used: Of course the spark gaps in large machines must have sufficiently large 
cooled in liquid carbonic acid or better still in liquid nitrogen or hydrogen; in most cases the cooling of the metal series by the means of hydrocarbons the 
which lies between -90 ° C and -40 ° C. The spark gap casing must also be insulated and may be strength to be able to resist any, pressure which may arise 
excess Super-Presstire which may be formed must be automatically let off. Mercury nod which were frozen in liquid' carbonic acid, 


Figure 20 1 is one of the simplest forms of construction of an aerial network in ‘combination with collectors, transformers and the like illustrated diagrammatic 
earth wire, 8 the. Spark spark gap, 7 the working spark gap, 1 and 2 the stator surfaces of the motor, 5 to the condenser battery, the protective magnet wails ig 
=] 10 . 


“ coil in aerial conductor, A to aerial antennae we collecting balloons, horizontal collecting*or connecting wire > from which, to the center to number of con 


The actual colléctors consist of metal sheaths, preferably made’ of aluminum magnesium alloy: and are filled with:hydrogen or helium: ‘and are attached toc 


. wires. Is the actual weight of the balloon and the weight of the conducting. wire. On top of the. balloon aluminum spikes, made and gilded in a special 


described, are arranged in order to produce a conductor.action. Small quantities of radium preparations, more particularly polonium ionium or meso- tho 


l considerably 1 increase the ionization, and therewith the action of these collectors. 


In addition to metal balloons, fibri balloons Which are: ‘superficially metal coated according to.  Schoop! S nel spraying process, may also be employed. Th 


may also be produced by lacquering with metallic bronze Powers 1 in two can series of widely different meus! 
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JJ COMBINING  DIFEERENT GATES — Here ARE TWO 

AMPLES OF COMBINATIONAL NETWORKS. THAT. Use MoRE 
HAN. ONE KIND OF GATE. (REMEMBER, BOTH THESE o 
IRCUITS. CAN ALS. R "MAND" GATES I) 
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Instead of the ordinary round balloons, ‘they can be used. Non-conducting substances, which produces electricity by the wind, also produces ee etc 
collecting effect is substantially ingrwased, the wind will impart a portion of its energy in the form oF frictional elegificity 


In practice however, very high towers may be used ‘as an antenna. In these towers, copper. tubes freely rise above the top of the tower. Eamp to form a col 
conveyed through the interior of the tube up to-the summit. The copper tube must be protected from the effects of the tower and the rain must be prevented by 
walls of he tower. This is done by a series of enlargements: of the Siamese pagodas. 


+ 


. Special attention: must be devoted to the foundations of such towers: They can be well insulated from the ground, which«may-be óbtained by first embedding a 
“in a box. : There is an.iron-concrete layer in which the metal foot of the tube is secured. This eoncrete block must be at least 2 meters from the ground. -In the 


tower a wood or glass house for the large condenser batterjes or for the motors may be constructed. In order to lead the earth to a well-insulated pit constructed 
must be providéd. These towers are erected at equal distances. To be used on high voltage conductors. Can be taken at any suitable places, 


In order to collect a lage number of units’ sof electricity, please a to Figures 21 and 22. In n Figure 21 thie. batteries pe condensers Z 7 by the aerial conductor, t 
the other conductor. - : 


Figure 22 shows a similar arrangement, ar two different series of antennae rings for sufficiently large capacitor Batieries (5, Sa, 3b) by means of Maji star cond 
In Figure 23 a connection of three out rings with a central condenser battery 1 is illustrated. 


i The condenser Batteries of sich large installations must be embedded in liquid gases of liquids freezing at very low temperatures. In these cases a potion O 


energy, must be used for liquefying these gases. It is also preferable to employ pressure. This is the reason why this is not the case. For smaller installations the 


condensers in well- insulated oil or mn like, suffices. Solid substances on the other hand can not be used as insulators. 


_ The arrangement in the diagrams was shown to be. such that the condenser batteries were ‘connédted with both i oles directly t to the aerial condensers. An imp 


the connections for the supply of electricity to the condenser: batteries has been found to be very advantageous. ‘his arrangement consists of one pole (unipola 


. network, Such a method of arrangement is"very important, as a means of being a constant current and an increase, of the normal working pressure or-voltage i 


have a collecting balloon, which is‘allowed to rise to a height of 300 meters, shows 40,000 volts above earth voltage,.in practice it is only about 400 volts. Bal 
of the condenser, the capacity of thé condenser surfaces up to and beyond 500 volts. This can be ascribed to the favorable action of the connecting method. t 


-aircraft in the air with the exception of 500 volts. : This can be ascribed to the favorable action of the ‘connecting imoga, the capacity of the aircraft in the air 


oF 500 volts. . This:can be aa to the favorable action of the connecting method. 
In addition to this substantial ifaprevfethent it thas also been found to be a double inductance with electromagnets. It can. alsó be used ás an induction coil or a 


or as a condenser itself as an induction condenser. This is a condenser that can be applied to the accumulated force. Condenser pole, and if the spark gap is 4 
accumulated energy 1s again given back to the free condenser pole. The same as the collector network. Increased energy. Inserted in the same space of time. 


+ 
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In Figures 24 and 25 two different abras of connections are.shown, Figure 24 shows a collecting bálloon and the diagram of the connections to earth. l. Fig 
collecting balloons and the parallel connection of the. condenser batteries belonging thereto. . 


_ Ais the collecting balloon made of an aluminum magnesium 1 alloy (electron metal, magnaliuim) of a specific gravity of 1.8 and a thickness of plate 0.1 to 0.2 
are eight strong vertical ribs of T-shaped. section about 10 to 20 mm in height and about 3 mm in thickness with the proj ecting part directed inwards (indicate! 
so forth); They are riveted together to form a skeleton and are stiffened in a horizontal direction by two cross ribs. Internally and transversely by means o 

- whereby the balloon obtains great power of resistance and elasticity. Rolled plates of 0.1 to 0. 2 mm in thickness made.of magnalium alloy are then either sold 
this skeleton coppered steel hawser L'twisted out of separate thin wires (shown in dotted lines in Figure 24) and which should belong enough to allow the bal 
desired height, to metal roller or pulley'3'and from thence to a winch W, well insulated from the earth. The means of'this winch, the balloon, which is filled 
helium, and brought to the, ground for recharging or repairs. the coppered steel hawser The-twisted. out of separate thin wires (shown in dotted lines in Fig 
should be long enough to allow the balloon to rise in the desired height, to metal roller or pulley 3 ánd from thence to a winch W, well insulated from the ea 
this winch, the balloon, which is filled with hydrogen, or helium, and brought to the ground for recharging or repairs. the coppered Steel hawser The twisted o 
wires (shown in dotted lines in Figure 24) and which should be long enough to allow the balloon to rise in the desired height, to metal roller or pulley 3 and 
winch W, wel insulated from the-earth. The means of this winch, the balloon, which is ua with hydrogen, or helium, and brought to'the ground for rechargh 


. The actual current is taken directly through a friction contact from the metal 3 or from the wire, or even from the winch or from the three by means of brys 
dE 1 
Beyond the brushes the conductor i is divided, the paths being: --- firstly ¢ over 12 to the safety spark gap 8, from the earth to the conductor E , and secondly O 
1 2 $9 
S * ; point 13, to a second loose electromagnet having an adjustable coil S , then to the spark gap 7 and to the second earth conductor E _The actual working 
` through the. spark gäp 7, condensers 5 and 6, and through the primary coil. 9: here the static electricity formed by oscillatory discharges į is accumulated and cq 
1. 2 
frequency elegtromagnetic . oscilfations. Between, the electromagnets S and S at the,crossing point 13, four condenser Batteries are’ introduced 
- diagrammatically in the drawings each by one condenser. Two of these batteries (16 and 18) are induction condensers and prolonged by regulating induction 
and 19 while the two others (21 añd 23) are induction condensers. The condenser-batteries 16,'18, 21 and 23 -ate corinected by only one pole to the aerial ¢ 
_ conductor. The second poles 17,.19, 22 and 24 are open. In the case of plate condensers having no inductive resistance-and an induction coil is inserted. Thi 
spiral , or coil is the displacement of the current phase by 1/4 periods, while that of the current charge of the condenser poles which lie free in the air, works bag 
aerial. The consequence of this is that in the aerial collectibles. It has also been found in The length of the coil in the size of the induction coil. It has also b 
length of the coil in the size o the induction coil. It has also been found in The-length of the coil in the size cl the induction: coil. : 


1 2 À ' 2 E 
S andS may be provided with such regulating devices i in the case ofS (illustrated by Ho: 12 and spark gap 8 or through any Other suitable apparatus, sit 
would be dangerous for the other apparatus. 


The small ‘circles on the collector balloon indicate ‘places at which zinc ples a or gold amalgam or other photoelectric acting metals in the form of small pat 
. thin layers (0.01: to 0.05.mm in thickness) are applied to the entire balloon. as well as ‘in greater thickness to the conducting’ network. The capacity of the c 
“increase strengthened at the surface. Polonium amalgams and the like. On the surface of the collector balloon metal points or spikes are also fixed along the 1 
serve for collecting the collector charge. For this purpose it is very important to employ as sharp spikes as possible. Spikes made of bars or rollers with a large 
spikes made of Bars or rollers with rough surfaces. Here you arè éxperimented with the collector balloons hereinbefore mentions. The best results were give 

. were made in the following way: End points made of steels copper, nickel, or copper and nickel.alloys, were- fastened together in bundles and then placed 
_ points in a suitable electrolyte (preferably in hydrochloric acid or iron) at:2 to 3 volts pressure. Spikes or pins the points become extremely: sharp and the bo 
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have a rough surface. The bundle*can be washed off with water. Platinum, iridium, palladium, or yon salts of their compounds and coated with a cathode 
- precious metal, which must be A firm to protect them from atmospheric oxidation. 


Such spikes act at a 20- fold lower voltage. almost as well as the best and finest points made by mechanical means. Polonium or radium salts are added to the ¢ 
forming and protective layer or coating. These pins have a low resistance at their points. 


In Figure 24 the illes uncongécted poles are not connected with one another in parallel. That is suite possible in 4 practice without altering the principle of the- 
preferable to interconnect in parallel to a common collector network, a series of collecting aerials. 


Figure 25 shows a diagram for such an installation. A ,A i ,A ; ,A f are four metal collector balloons with gold or platina coated spikes which are electri 
the presence of polonium emanations or radium: salts, which spikes or n&édles are connected over four T R 3 IS f S: i 3 S i through an annular é 

> this annular conductor four wires Tun over four facies electromagnets Sa, Sb, Sc, Sd, to the connecting point 13. the safety pak gap 8 to the earth at E: 
inductive resistance J and the. working spark gap 7 to the earth at E : . The working circuit, consisting of the condenser 5 and 6 and a resonance: moto 
herebefore described, iS connected i in proximity with the Sparking gap section 7. 


a za a a 


_ Of the primary cireuit for me frequency éacillitory current may also be connected. 


_ The condenser batteries. are. cohnected by"one and the inductionless (16 and 18) or made as induction condensers as shown by 21 and 23. The free poles 
condensers are indicated by 17 and: 19, those of the induction condensers by 22 and 24. May be interconnected.in parallel through a second annular conducto 
that the principle of.the free pole connection will be injured. In addition to the advantages already set up the parallel connection also provides an equalizati¢ 

pressure. Suitable constructed and calculated induction coils 25 and 26 may also be included 1 in the annular conductor of the a poles, 


According to what has beer hereinbefore stated separate collector balloons may be connected to equidistant stations distributed over the entire-country, or.c 
with one other metallically or by means of intermediate suitably connected capacitor batteries through high voltage conductors insulated from earth. This i 
following criteria: The wires leading from the collector balloons have hitherto been connected through an annular conductor without this endless connection, b 
any action on: the whole conductor system. * NE 


A condenser, or short circuited in the form of coils over a condenser battéry or spark gap or E hough thermionic ‘tubes or vale: or audions, then the total -c 
exhibits quite new properties. The colléction of: atmospheric electricity is not only available in the collector network. Further, the atmospheric electrica 
. themselvés in the higher regions. In Figures 26'ánd 28 a form of construction is shown on the basis of which the further foundations of the method will be parti 


r 


P in, 


hil 


In Figure 26, 1, 2, 3 le are metal collectot balloons, 5, 6, A 8 their metallic acrial conductors and- the- actual collector network, High voltage masts in high vi 
1 

coil has a diameter of: 1 or 100 km'or more. S and S are two protective eléctromagnets, F the sécond safety section against excess voltage, and its earth cont 
earth conductor of the working section. Anion of the electromagnet S, primary induction coil 9, conductor 14, anode tube, incandescent cathode K, as 
electromagnet and the safety spark gap E.offers considerably greater resistance. An electromagnetic alternating. field is produced in the interior of the collet 
whereby the whole free electrons ‘are directed into the interior of the coil. An increased ionization of the atmosphere. In addition to this, they will be show 
balloon show a reduced reduced: resistance’ and therefore increased static charges between the points on the balloon and the surrounding atmosphere are prod 
this 1 isa significantly increased collector effect. 


A second effect, which can not be obtained from the electromagnetic alternating field, which runs parallel to the earth surface, whereby in the case of fluctuati 
- a return induction current of reversed signal is always produced in the collector coil by earth magnetism. Now if the current periodicity is also produced 
network coil. AS the same alternating field'is further transmitted to the-aerial balloon, while the*collector action is considerably increased. A further advantage 
of potential of the collector area. The field. of collectable surfaces, when the collateral surfaces occur, when the collectable surface is produced by the la 
induction of reversed sign onthe collector surface and so on charge). In addition to the advantages hereinbefore set, the construction of connecting conducto 
- when sufficiently large, also in the simplest way. Sturmo's fire‘or northern lights. These energy quantities havé not been available to be Used up to now. By 
_ these kinds of energy, as they are of an electromagnetic nature and the direction of the axis of the collector coils stands at the right angles to the earth's surfac 
less absorbed in the same way'as a receiver in a wireless telegraphy absorbs waves coming from to distance. It is possible to connect large surfacé and to take 
- of energy. can be more or less absorbed in the same way as a receiver in a wireless telegraphy absorbs waves coming from a far distance. It is possible to co 
and to take up large quantities. of energy. can be more or less absorbed in the same way as a receiver in a wireléss telegraphy absorbs waves coming from a 
_ possible to connect ares surface. and to take > up large quantities of energy. _ A i 
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It is well known that it is large diameter. If it is constantly taking place in the atmosphere. Particularly in the tropics or still better in the polar regions where t 
are present, large quantities of energy may be obtained 1 in this way. A coil with several windings should act the best. In similar manner, any alteration of the 
should act manctiyely. on such a coil. ae 


This is an induction in that collecto# coils of sufficient size. In the same way, this collector will react on the earth: By combining the previous kind of current 
form of clectyicuy are ponsiderably increased. 


In order to prodi e the improved Collector coil, a uniform current oscillations of an andamp d ir may be called a "high v vacuum or itiérmionió tubes. of su 


1) 
instead of the previously known spark gaps. (Figures 26, Nos. 9-18). El tromagnet: The main, aerial current flows through electromagiet ( .),and may be q 
primary coils in the induction winding through wire. Parallel with the induction resistance 9 a regulating capacity of a suitable size, such as condenser 11 


lower part of the tube, the tube is arranged for the incandescent filament or the cathode K which is fed through a battery B. From the battery B two branches ru 


y 4 


| conductor E and the other through battery B and secondary coil 10 to the grid above g in the vacuum tube. ‘By the method of connections shown in dotte 


voltage at the grid: electrode gmay- also be produced through the wire 17 and some small capacitors Ce a, b, C, d -): connected i in series, and conductor 18, witho 
being required. ‘ 


The action of the entire system is somewhat as follows: - 


The condenser pole 11 is charged and slightly damped oscillations are formed in the short circuited. existing oscillation, citcuit of the condenser 11 and self i 
fluctuations of the voltage in the anode circuit, with the same frequency, which changes the strength of the’electrode . A permanent supply of energy to the os« 
and 10 consequently takes place,.until a condition of balance is set up, in which the consumed oscillation 1 is equal to that absorbed. 


For a period of 180 ° so that if the grid i is negatively charged, then the anode is positive charged and vice versa . This i 1S the possibility of separating the osei 
the connection between the anodes and the grid circuit and so forth. 


“A second E factor i in: this way of converting the use of the grid circuit, or as shown by dotted lines 16, 17, 18 bx means of a larger or smaller numbel 


l 
suitable size connected in series ; in this case the battery B may be omitted. With a suitable selection of the grid potential‘ in glow discharge takes place betws 


_the anode A and a dark space’ is formed! The size-of this cathode is influenced by the ions which are emitted in the lower space: On the other hand the numb 


through the: grid is dependent on the grid between the grid and the cathode. Thus is the grid voltage undergoes periodic fluctuations (in the present case) 1 


- cathode drop at the grid fluctuates and consequently’ the internal resistance of the tube correspondingly fluctuates, so that takes place, the necessary means a 
produc ion of endamped oscillations and of taking current, - ; 


The frequency of the undamped oscillations produced with the coupling of the oscillation circuits 9 and 10. ‘By a. suitable selection of the self induction of t 


as: oscillation of only a few meters wavelength down to the lowest ae vacuum tragómission tubes of 0.5 tó 2 kw. in size can be connected in par 


Dynamics circuit 1s also ao to be used as such tubes for producing undamped oscillations, and also on the contrary their use at t lower voltages is consideral 
Gaps must be considered as an ideal solution: for the use. of high-voltage electricity. q 


By the application of safety spark gaps, with interpolation of electromagnets, not only is short- -circuating but also the taking up of current is regulated. Osc 
inserted’ in the. above: way form a constantly acting electromagnetic alternating field in the’ collector coil, whereby accumulated effect takes place. 4 
electromagnetic alternating 1 field, so-long as the direction of its axis running parallel with that of the main current. 


+ i n - + 


1 


In oscillation Circuits 9 and 11, electromdgnets S and. S must be inserted if the high frequenicy oscillations are not to’ be penetrated the collector oil, betwe 


producers and tHe collector coil. In all other cases they are connected shortly before the earthing (as in Figures 27 and d 287, 


: ff 22 
Oe 
OOO 


- In Figure 27 a second method of: construction of: the connecting conductor is shown in the form of a coil. The other annular conductor II is thserted parallel to t 
_ the air but both in the form of a coil. The connection: of the balloon aerials is indicated as a primary condor and also as a current producing network; the ot 


and is not connected to ue current production network. 


In Figure 27, the current producing: network i is shown with three balloón collectors 1, 2, 3 and aerial conductors 4; 5, 6; it is. short- circuited through ééndénser 


`- 9. The oscillation forming circuit consists of this diagram of spark gap f, inductance 10, and condenser 11; the earth wire E L is Sonnebled to earth over elect 


the spark spark gap which. is also connected to earth through a second electromdgnet S at E. On connecting’ the condenser circuit. This discharging cu 

inductance 10 on the inductively coupled secondary 9, whereby in the producing network a modification of the poteritial of the condenser 19 ts produced. ] 
producer network. Ines oscillations induces á current in the secondary circuit, which corresponds to the proportion of the number of windings and of the o 

greater. i . 


In order to be able to convert the current nyavelanethe. a sufficiently large regulatable capacity of 20 into > inserted between the ends 12 and 13 of the secondar 
and to be connected to the earth over an electromagnet S2..: : 


+ 
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© The over-induction condenser 21 or over an induction condenser 22, 23. In this case the secondary conductor is unipolarly connected with the energy conducto! 


100000., 
or | de 


In Figure 28, the connecting conductor between the separate accumulator balloons is carried out aceording to the autotransformer principle. The collecting « 
aerial balloons 1, 2, 3, 4, the windings of which are not made side by side but one above the other. In Figure 28 the collector coil I is shown with a thin ling 

| i i 1 
connected prolongation coils I with. a thick line. Between the ends I and II of the energy networks i in the regulating capacity ‘19 is inserted The wire isc 
wire oe and the spark gap F. : : 


As a transformer of the electricity. supply, it is made of rotary pairs of condensers in which the one is connected. to the earth pole. Collector rings and brushes, 
alternating current, the frequency of which is dependent on the number of balloons and the revolutions of the rotor. In this invention, in this improved method 
an invention, through coils l on the inductance, 9, an increase or decrease of the current feed in I can be obtained according to the direction of the current pe b 


These rhythms produce short circuited through the Tegulatáble cotidéñer 19 these ihythnis produce shot: circuited undamped oscillations in’ the energ 


periodicity and wave wavelength and therewith also to a given frequency. These currents may.Also be employed in'this form directly as working current throu 


-H and II. By inserting the condénser 20 a connectiori between these conductors may also be made, whereby harmonic oscillations of desired wavelengths: a 
_ means quite new effects as regards current distribution. Coil with a cable or a cable to a point in the interior of the producing network is firmly or movably mo 


conductor. In this case it is. induced in the producing network, tħe size of which is dependent on the total capacity and resistance and also ón the e periodi 


- potential or afford afforded 1 in the future, network by wireless means. This 1 is also the case for the acquisition of energy for the future. 


Instead of spark gaps orid vacuum n tubes may be used as producers for undamped oscillations. The separated coils of the producer 1 may be connected with on 


- separate conductors all in parallel or in'series or in groups in series. By collulating the number of oscillations and also-the. extent of the voltage more or less 


be spirally over the entire section. Angular form or also in triangular, quaciafgular hexagonal or octagonal form. : 


The current waves as guides. This is necessary when the currents have been taken over mountains and valley and s so forth. In all these cases, the current must b 
current of suitable periodicity. . 


As already | hernbefore mentioned separate collecting balloons may be directly metallically interconnected at equidistant stations distributed over the entire q 
connected by interpolation of suitable capacitors. A range of oscillations, and could DE in such forms; a wit to á suitable arrangement of the connections; 
measures of protection, regulation. 


4 Collecting effect of the balloon i in the aerial collector of the balloon, radiating collectors are employed. These consist either of incandescent metal or oxide élec 


of vacuum tubes, or electric ares (mercury: and the like electrodes), Nernst lamps, or finally flames of various kinds may be connected with the respectiva cond 


_An incandescent body with ¢ an incandescent body and an eleetric tube. Hitherto however, a aon was ‘always first directly placed as an anode, and secondly t 


consisted of a.closed circuit. 


_ Light and flame .arcs in which a cathode only as a source unipolar discharge (which represent group and point discharges” in electrostatic machines si 


discharges), it may be ascertained that incandescent çp odes and less: all. incandescent radiators, flames and the like radiate into the open space m the form o 
as transmitters. E : 

The object of this invention is as described below, if such incandescent oxide electrodes or other incandescent: radiators or flames are not supported in spa 
metallically with the earth so that they can be charged with negative terrestrial electricity, these radiators possess the property of absorbing the free positive « 
They can serve as collectors and have, in comparison to the action of the. spikes, or points, a very large, řadius of action: R; the effeetive capacity of these q 
greater than the geometrical capacity (R r? calculated 1 in an electrostatic sense. 


Now as our.earth is Surrounded by an electrostatic field and the difference of potential 


ay aoe 
Ba A gon E 


of the earth field according to the latest investigatións, is in the summer about 60 to 100 volts and in the winter 300 to 500 volts per meter of difference m heig 
calculation gives the result that when a radiation collector or flame collector is arranged for example on the ground, with a distance of 2000 meters and both al 


- conducting cable, there is a difference in potential in the summer of about 2,000,000 volts and in winter even of 6,000,000 volts and more. ` 
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. According to Stefan Boltzmann's law of radiation, the quantity of energy, which is an cana surface (temperature T) of 1 sq cm, radiates into a unit of t 


air (femperature T: >)! is expressed by the’ pollowing formula: p A 


BA das og 
= Ber -T  )watt./sq cm. 
r ; 10) 


10: J E 5 ; E 3 e = 
Equal to 6.30.x 10 watt / sq. Cm. And the universal radiation. Blis based on the latest researches of Ferry (Annales de Chimie et de Physique , 17: 267 [1909 


Now if an in incandescent surface of 1 sq cm shows, as Compared with the surrounding space a. periodic fall of potential Flv it radiates (independent of the 
That is to say of the sign) secondo with the above formula, for example at a temperature of 3725 “'C an energy of 1.6 kw / sq. cm / second. As for the radiatio 
can be calculated for the collection of energy, but reversed. 60 cm to 65 cm Det cm per cm, no carbon wall result in this direction in employing radia 


` accumulators. 


If the earth be regarded as a cosmically insulated condenser in the sense of geometrical electrostatics x there results: from the seometric (appears, Edwald Rasc 


Er 


- For negative charging 1.3x 10 Coulomb 


0 S so. 
For negative potential V =10 x-10 volts, 


F te en ne, | p 4 de. AS E 10 
From this there results however, EJT = 24.7 x 10 watts / sec. This is an example of an electrician, who works for about 79,500 x 10 kilowatt years. 
thermodynamically, electromagnetically and also kinematically coupled with the sun and a system of cosmic radiation and. gravitation: The energies Whic 
collectors would withdraw from the earth field can only houses by the withdrawal of motor work in lowering of the earth temperatures (temperatures T a 301 
to the world of"space (T = O) by using the entire energy. This is not a cosmically entirely insulated system. From the sun an energy of 18,500 x 10 kw. 
lowering of the earth temperature(T ) without a simultaneous lowering of the sun's temperature (T ) would cóntradict Stefan Boltzmann's law of radiation. 

a : Ñ ni l : : a } S : + uae i f 


En pa 
-s= Bs -T y 


From this it múst'be Concluded That if the earth temperature (T . ) sinks the total radiation S absorbed by the earth Increasés, and Further Also That thé secula 


Of the earth is directly dependent on That of the sun and the other radiators cosmically coupled with the sun and is connected with most closely. 


The incandescent radiation: collectors may be used for negative energy and if they are (1).are charged «with the negative earth electricity and (2) if large 
surfaces) charged with electricity are mounted opposite them as positive poles in the air. It is not possible to collect with an incandescent collector, sufficiently 


the: ceimion charges congineg: in the atmosphere as the technology requires; very ‘small, especially if it be considered that the very small surface density (e 


. 9 
, about = =2x 7. 10 St. E. per sq cm) does not allow large quantities of charge being absorbed from the, atmosphere, 


x ) Calculated dg to Poisson' s calculation: 


; as here the alteration of the-potential-or potential is taken place in the direction or the normal, this calculation assumes the simple form 


iy It has been already proposed to be used as collagerals for-collectibles. It is however, not known that the quantities of current whieh could be hitherto be s 


purposes. ‘According to my experiments the. reason for this is too small capacities. of the collector conductor poles. If such flame or radiating collectors have 
positive surfaces, their radius of action is too, small. If the incandescent collectors are being held in practice, they aré not yet being carried out in practice’ 


By this invention the collector effect is considerably increased by a positive potential and the possibility of beirig held floating in the air at a desired height. A 
_ of sheet metal or df metalized balloon made to mount to 300 meters to 3000 meters in the air and as a positive pole it is brought forward toa radialne collect 


conductor to the earth, quite different results are obtained, 


The metallic balloon shell. (with a large face) This is the greater the collecting balloon i is above the incandescent céllecior It is-being attracted inróngh t 
_ ionization, proceeding from the. incandescent cathode. Collection of the incandescent cathode collector 1 iS appreciatively enhanced and also the collection 


balloon surface. More than : a large piece of water, if it is not enough . 

In the air and being in ne air, in the air conductively connected to earth. 

Condenser and an inductive resistance being switched on in parallel, a process that can be carried out “by ty two such contacts, 

Such as radiato collectors in series. An incandescent cathode may be seen from the open n ground and an iheandescent cathode which is heated by specia 


currents. Of course for this the special vacuum Liebig tubes wit or without grids may also be employed. An ordinary arc lamp with oxide electrodes may be. 
ground and the positive pole is not directly connected to the collecting balloon, but through the upper inc. The method of connecting the incandescent cathode 


-. may be seen in t gures 29- 33. 


B is the air balloon, K a Cardan ring (connection with the hawser), e the balloon, L a good connecting cable, P a. Positive pole; N negative incandescent cat 
conductor. E 


i a B = i 
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Figure 29 represents the simplest form of construction. The electric oscillations are produced below the ground by means of a carbon arc lamp or other suitab 
- the electrical resistance. is formed, and as, over.N-and P only an inductionless ohmic resistance is present, a spark will spring over as long as the separate indu 
- and the like are correctly calculated. The oxide electrode (carbon or the like) is rendéred incandescent and then shows as an incandescent cathode an increased 
The positive poles must be larger than the negative. A large balloon'that has a large capacity and is charged at high voltage, an incandescent body that is he 
positive pole that can collect large capacities. The incandescent cathode is the first to become: incandescent by means of separate energy produced on the earth. 


Figure 3 only. shows the difference between the incandescent cathode and the earth conductor PN 5 and 9 is obiained: This is the’ small quantity of electrici 
cathode to become incandescent. 


In this form of construction, both'the incandescent cathode and the positive electrode may be enclosed in Figure 32. A cable is insulated in.a condenser dis 
arched in order to keep off the rain. The vessel is completely made of magnetic metal and well insulated inside-and outside. Opposite the disc 5 another disc 6 
a positive pile of the vacuum tube with the incandescent cathode (oxide electrode) N is arranged. The negative electrode is being connected to the earth. Figuli 
of an open incandescent cathode one enclosed in vacuo is employed. As in such collectors only small bodies cari be broyght to incandescence in large installati 
such vacuum tubes must be inserted in proximity to one another. According to the previous constructions Figures 31 and 33 are quite self evident without furth: 
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Figures 34-37 represent further diagrams, of. connections over radiating and flame collectors, and in fact, they are to be arranged on the ground. 


Figure 34 sions an arc light collector with zide electródes for direct current and its connection; Figures 35: a similar one for a current flame, Figure 36 a simi 
flame. ; 


The sE pole 1 of the radiating collectors is always directly connected to the acral collecting éonductor A. In Figure 34 this is connected Further over the 
5 with a second positive electrode 3. The direct current dynamo b Produces Which current flows over between the electrodes 3 and 2 as an arc light. The neg 
electron 2 absorbs electricity from the positive poles The spark gap 7, inductive resistance'9 and induction coil 10 are like the ones previously AESCHIDE 


i electromagnet S the guard against the circuitry, the safety spark gap 8 from excess voltage or overcharging. . 


In Figure 35 the connection is.so far. that the alternating current dynamo. feeds the exciting coil 11 of the induction condenser. 12 is its negative and 13 its pq 
coil.3 on the magnet of the dynamo is correctly calculated and the periodicity of the alternating“ current is sufficiently high and can be formed between the two 


- the cathode 2 is connected with: the negatively chargéd earth, and therefore always acts as a negative pole, a form of rectification’ of thé alternating curren 
_ dynamo 3 is obtained, the second half of the period 1 is always Suppressed. The working circuit: may be carried out in the same. way as in n Figure 34; the wa 


however be dispensed with,. 


Figures 36 represent a a of construction similar to the figure of an afc lampi in. Nernst indimillescen body 1 is: employed. The Nernst lamp is fed thfough | 
working section is connected with the nepatiko pole. It is also available for 12 over the oscillation circuit 5, 11 (shown i in-dotted lines). 


Flame collectors Figure 37) may also be employda according to this invention. The wire network: 1 is connected to the aerial collector conductor A arid t 
earth. At the upper end of the dairy, long points : are provided which project into the flame. The positive electrode 1 is “ongegted with the negative over a col 
induction coil 9 with the carth. 


The novelty in this invention - is.firstly, the’ use of the incandescent cathodes opposite the positive poles which are connected with the large metallic capac 
collecting surfaces, (2) the connection of the incandescent cathodes with the earth whereby, «in addition to the electricity conveyed to them from the battery ( 
causes the incandescing, and (3) the connection of the positive and negative poles of the radiating collectors over a condenser circuit alorie or with the introdu 
inductive resistance, whereby an oscillatory oscillation circuit may be obtained. The collecting effect is from these methods quite: considerably increased. 


“ I declare that what I claim is: --- [Claims not included here] a 4 


= seats > A -r i x = 


British Patent # 157,262 
(10 July 1922) 


Imiprovements in Electric Motors 
Hermann Plauson // Otto cd S Forchunjgs-Laboratorium GmbH. 
This ir invention relates ts to that type ofn moter in which rotation is produced by. means of the attraction and repulsion of suitfaces. i | 
According to this invention’ a stator and rotor are formed of cone sor surfaces and chargea of elec? 


The invention is mòre particular W with reference to the accompanying drawing in which: 


Figure 1 shows a simple form of motor and feed: 
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Figure 2 is a modification of Figure 1.- 
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. Figure 3 shows one form of a spiral condenser surface. - 
- Figure 4 shows a wire wound condenser surface. 
Figure 5 is a diagram of one type of rotor, 
. L] = = E - 


The iriner plates of the condenser 7, 8 connected to a source of energy of sufficiently high pressure’ (alternating or direct current), until the potential has ris 
springs over. me sa : ae AN 
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The spark gap 7, 8 forms with the condenser 5 and self-inductance 9 and condenser 6 a closed + oscillatory, circuit and alternating currents of high frequency W 
this circuit. Currents of the same periodicity. ! 


The improved type of motor is fed by the discharges produced by the induction i in the secondary c circuit. a » 


. Hitherto only Tesla! s motor system (shown diagrammatically i in Figures 1, 16 and 17) was known for this purpose. The ‘above-mentioned: diagram is only sho 


the fundamental "principle. It has no practical interest for carrying out large machines by reason n the impossibility. of the regulation and the low efficiency. 


All of these processes will be ‘overcome by the construction of a ‘machine which is’ Spplicable for high frequencies. The difference between the principle of co 


` motors as compared to those of the principle of magnetic induction only (as they have been all motors hitherto and also Tesla's inotors). 


It will be fed directly with a static*electricity but if. it is connected fo a source of high frequency current it t wall operate. 


The applicants call this new type of motors feondensen motors’ to differentiate taen from the hitherto existing types. 


| The simplest form oF construction of such cotas motors is shown in Figure 1, and this motor can rin be fed with high frequency alternating currents. 


To a moment of positive energy is. charged by means of the lead 14 to the stator- surface .1 and to the brush 3x (Figure I). The.3x brush is connected with the 1 
that both the surface stator.and the rotor surface 3 is charged with positive electricity. The stator surface 1 and the rotor. surface 3 and the rotor surfaces 3 an 
with negative emin, such motors can 1 be a version of the alternating current in a manner similar to the staring of the synchronous mators of known constru 


Although this motor is easy to start it can only be employed for small experimental and measuring purposes because the stator and rotor surfaces are made of si 
heated by Foucalt (eddy) currents. In spite of its Simplicity and its unsuitability for use in pra’ it must however be regarded as a basic type for technical calg 


. The condénsert motor showr in Figure 2 differs’ from Figure 1 by the rotor surfaces consisting. of six condenser. surfaces connected one behind the other in si 


connected with three collector surfaces, so'that at any one moment only two’ adjacent collectorssurfaces come under the two brushes (3 and 4). In its other acti 
to Figure 1. The leads 14 and 15 may be connected either to the ends of.the secondary coil 10 or directly with the source of energy. The outer thicker. line it 
surfaces 1 and 2Ythat.is to say the unmoving part of the motor), 11 and 12 shown by thick dotted lines means earthed additional poles of the stator, 8, 9, an 


. parts of the rotor condenser surfaces which in turn are connected with the coleciar surfaces 8, 9, and 10. 5, 6, and 7 are the inner ‘parts of the condenser surface 
3 and 4 are brushes. : e a 


_ Hitherto stator‘and rotor surfaces. These conditions become highly heated with eddy currents and hardly yield 10-15% of useful effect. It is found in certain 


the stator and condenser surfaces. _It was not possible to be cut in the metal surface of the stator and rotor in the form of a spiral, not only y was it to be improved. 


Experiments have shown that this is possible to build a very “useful motor for high Hequeney alternating currents more. re particularly those: of an unda yipo: nature 


Shoan in Figure 1, but with the model shown below i in Figure 5, but-with the forin: of construction of the sondencets of the stator as well as of the rotor accord 
condenser motor is obtained ‘which works well:in either- difection for high frequency alternating current. It was also observed:that the motors in such forms of 
found to be sensitive-to resonance effects. Such a motor can be used in the same way if the winder is in the stator and also in the rotor. 


A motor construction according to the foregoing kind is already fully technically applicable. ‘But even these motors have a series of faults, more particularl 
construction. For example, the attachment of the spiral condenser both in the stator and of the rotor sown in Figure 3 are in practice difficult to carry out. In f 
shown in Figure 4. These stator and rotór surfaces may be without further difficulty, be considered as electromagneti¢ poles; although they are not made of 


clgptromagncis. 


In the case of the coil as shown i in Figure 4, the coil can be embedded in insulating material or as the motorist as it has been done in the case of ordinary sing 
motors. To the saíne time the possibility i is afforded by 1 increasing the number of changes to the individual induction co-efficients. r 


In Figure 5.is shown a modified construction of a capacitor surfaces 1, 2, 3, 4, of which 1 and.2 are - connected though : an iductance 9 coupled with the cd 
- surfaces 5 , 6, 7, 8 are provided of which 5 and 6 are connected directly 7 and 8 similarly connected. 


The pair of like poles are ‘connected ey. wires 14 and 15 to the source of energy. By a suitable selection of the values of the reactance and capacity y in these circ 


We have been able te do this, and we will be. able to declare what we > claim ¡ iS: --- [Claims not included here] 


British Patent + 157,263 
Process and Apparatus for Converting Static 


Hermann Plauson // HO Traun's Forschungs-Laboratorium, GmbH 


In.the form of direct current in n the form of a direct current in the form oi a wave in the form of a direct: current in. the form or by means. pF a spebial king 


condenser motors’ --- ready to be “used for technical purposes as mechanical energy. 


- For small installations: this system may y be very well employa: about 100 horsepower may be stated as practical limit. In constructions of iisa aggregate dif 
. the spark gaps however increase considerably. It can be used as an alternative to a number of alternatives. 


British Patent # 157, 262 It was ‘observed that the rotor, if one pole of the stator was connected to > the air, collecting serol electricity and the other pole with t 


- could a motor, but if vice versa the rotor connection with the stator be interrupted and the rotor caused to rotate by means ‘of another motor, that when t 


alternating current the ‘periodicity of which is depéndent on the number of*poles arid the revolutions of the rotor. a an apparatus may be considered: as é 
static into eynamg electrical energy. 


The invention is more ‘particularly. with reference t to the agcompanying dieras” in which: 
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In Figure 1A is a strong accumulator battery, 1 and 2 are the outer poles of the transformer, consisting of simple metallic plates as shown in Figures 8-11, 
without an electromagnet being present. These armors are similar to cylindrically curved plates 3 and 4. These are metallically connected with two collectors 
which two brushes 7.and 8 freely run which again are short 11- 12. If the accumulator battery is used with the frée ends 11 and 12. 3 which is connected by t 
over the primary coil 9 with the second: rotor surface 4. This is the case that you are using, if you are in the current. circuit, or if you are in the same circ 
mechanical power, the rotor, the surface conditions are altered. After-a revolution the’plates are between the stator plates and therefore no condenser surface 
This is the case for the entire system. 9. Now if the rotor is turned further through 90 degrees by mechanical energy the rotor plate 3 plate 2 and the rotor pl 
Stator plate 1, so that the rotor pates in a’ field of reverse sign. The first condition is again produced. The result of such a revolution is an alternating current 


_ which is equal to the number of revolution. In. practice of course,.not two poles but many poles as possible would he to increase the number. of alternati 
alternating current thus obtained from the winding of the coil. Figure 7 shows a multipolar machine. The first condition is again produced. The result of stich 


alternating current the periodicity of which is equal to the number of revolution. Inpractice of course, not two poles but many poles as possible would be to ind 
of alternations. ‘he primary alternating current thus obtained from the winding of the coil. Figure 7 shows a multipolar machine. The first cendition is aga 


result of such a revolution is an alternating current the periedicity of which is equal to the number of revolution. In practice of course, not two poles but as 


would have-been to increase the number of altérnations. The primary alternating current thus obtained from the winding of the coil. Figure 7 shows a multipc 


- result of such a revolution is an alternating current the periodicity of which is equal to the number of revolution, In practice of course, not two poles but man 


would be to intrease the nuinber of alternations. The primary alternating current thus obtained from the winding of the coil. Figure 7 shows a multipolar mac 


such a revolution is an alternating current the periodicity: of which is equal to the number of revolution. In practice of course, not two poles but many poles as ] 


to increase the number of alternations. The primary alternating current thus obtained from the winding of the coil. Figure 7 shows a multipolar machine. The p 


- current thus obtained. from the winding of the coil. ‘Figure 7 shows a multipolar machine. The primary eing current thus obtained from the winding: of 


shows a multipolar machine. 


If the stator surface 2, but the rotor wich is otherwise constructed as hereinbefore, be rotated by a separate motor a much stronger alternating current result 
ascribed to the pole of the stator by reason of the higher pressure of the static electricity than where.accumulators are employed. By this means the transformer 
scope of supply to it. oe Hin : 


Figure 2 shows a mode of connections, The stator surface 1 is ‘connected to the aerial ariterinae which i is connected through the safety spark gap F to earth 
surface 2 is directly earthed at E2. The inner revoluble rotor surfaces 3 and 4 are interconnected by means of an induetion coil which is constructed directly 


_ current is-assuméd as in Figure 1, to be shown. for the sake of clearness, and further conveyed through the 11 and 12 conductors. There is a short circuit oscill 
© spark gaps, which circuit consists of the induction coil 9 and condenser.5 «and is fed by the periodic charging current impulse. This is the possibility of ok 


current which is characterized by longer periods and is ungamped and oscillatory, of course a Simple alternating current may be obtained by cutting the conde 


Instead of the induction coil the condenser may also be b éqnsBucted i in the rotor. It can be cattied out in such A way that it serves directly as collector rings 


through the-brushes. In Figure 3 such a motor is sketched in perspective, 3 and 4 are the rotor surfaces, 5 and 6-are the condenser surfaces constructed to for 
- consisting of two co-axial cylinders fitting free on the brushes 7 on one end of the condenser cylinder 6. 


| Is shown in Figure 4. A further type of transformer i is shown in Figure 5. The difference consists in the stator and rotor surfaces. of the. circuit but, almost the 


condenser 1 is better utilized Full face of the stator surfaces, : ` 


In addition 1 to condition i is obtained in.which the stator surfaces are inductively connected by the rotor. surfaces. The corineétiori is as before. 


Figure 6 shows the alternation of the rotor surfaces; two cylindrical condenser plates arranged concentrically, each divided into two halves and connected SO 
cylinder is connected to half the outer. Transformer action. 
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`- Figure 7 shows.a four polar transformer: It consists of a metal casing, the lower half of which is fastened with the foundation plates. 17 to the support or fóun 
"half; the cover, is connected by bolts 15 and 16 This upper sleeve or case is insulated from the under-part. Two rings 1 and 2 are cylindrically constructed in thi 
1 is metallically connected with the collector and the ring 2 with the earth. On «both rings and an equal number of stator surfaces are mounted side by side | 
from one another and thus form an.electrostatic field similar to the electromagnetic in many alternating current machines. The rotor consists of the similarity o 
6 on which an equal number of rotor surfaces are fixed. By the brushes 7 and 8 The charge 1 is conveyed by ‘the conductor 14 to and by 13 away. Alternating c 
the rotor, the periods of time are rotated by revolutions per second. - : 


This article was previously published under Q140870 and’ was used as. an alternative to a conversion to the friction. To the effect of the considerable energ 

caused by'a conductor being moved through strongly electrostatic fields since the eleétrostatic lines of force must be cut to ‘the right angles and that to | 
- apparatus should not only be'regarded as a transformer, but also as an energy. producer, with the difference that the excitation is here, instead of by means of ele 
- entire system mày, to some extent, be applied with a dynamo i in whieh the excitation takes płace. It was further ascertained that this way of using the atmos 

produced as a result of suction on the Collector network. | l Š 

; The effects which in this instrument became evident are’ extremely interesting and open to the future. Merely that these transformers beconte already the extrel 
apparatus. If you are a future manufacturer, you will be able -to produce a certain quantity. of energy which 1 may be constructed i in | the future. OU to 
system. oa 


| The results of the examinations made for this may be construed as follows. 


(1) Tf solid electrodés (condenser R Fotor and stator TN are used they become hot. Ribbed form electromagrietism' Figure $, but not entirely re 
allows the surface ọf the condenser: plate tò be enlarged or increased; the electrodes: may be fastened in a simple manner ón the under frame by perforation 1, 2, 


(2) If nicks or noties“ in spiral form as shown j in Figure 9 seen from the side in Figure 10 in section are employed, not only i is the transformer effect. greater b 
their movement than a simple commutator action would require. ; 


+ 
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(3) The greatest effect is obtained if the rotor and stator surfaces are wound into a flat spiral form of suitably thick wire, and in that a way that the inductive e 
with the capacity suitable periodicity. In practice this is done by spiral wire (see Figure 11) so that a smooth pole is similar to that in phase motors. _ 


= The aerial wire is shown in Figure-13. THe aerial wire is shown in Figure 13. The aerial wire is connected to the-ring. The inductive earth pole is also comnec 


ring 10 from which again two, poles la and 2a are branched off. Of course in the same manner ‘any suitable number of poles may be branched of. In similar ma 
two poles fastened to one another (3-and 4 and 3a’and 4a) connected with separate collector rings. From these two rings the current is collected by means of 
induced alternating current is however directly metallically connected with an inductive earth Stator-conductor over an induction coil 9. In parallel with the c6 


- sparkless oscillatory: circuit that can be applied to the exciting current in the stator. This produces however, a periodic alteration of the charge according to the 
_ rotor currents’ in consequence of which the stator charge also commences with resonance oscillations and if the stator and rotor surfaces are calculated to ar 


oscillations of waves of similar length the form of which is dependent on the amplitude of the main alternating current and is caused by the number of the pole 


- per second. Thus an alternating current of, for example, 100 periods of time is formed, the separated periods of which aré formed by undamped oscillations o 


of alternations. In' Figures 14-16 four. other: diagrams of converters are ‘shown, the object of which is not. to- Produce the usual alternating current, but o 


_ frequency. . 


The main difference.of these systems from the one that is already present in the stator pole 1 (Figure 14) and one pole 16 of the condenser 17 and the earth con 
second stator pole 2 and the pole 18-of the condenser 19. The other poles of these condensers 17 and 19 are short circuited through a ring over two inductive p1 
9a with one another. The secondary coils'form the.rotor conductors 10 and 10a. The rotor itself is constructed in the manner shown in Figure 6. In similar maz 
_ stator surfaces miay also be formed. The collector rings of the rotor with the two brushes for thé collecting current are shown in order to simplify the drawings 
maximum action by the connection of the two alternating current and the alternating current produced in the rotor on the. stator circuit, with a correct calculati 
and the Seu neuenon may be Man a The'kirid of current produchiob will be similar to that pescrived for Figure 12. 
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- The novelty of the converter illustrated in Figure 15 consists: mainly of the current in the rotor is not directly employed, but only serves the excitation of the pri 
. 9b. The working’ current.is produced in the secondary coils 10 and 10a and further conducted tronga the H a and 12 conductors. The stator current may | 
regulatable inductive resisfance to the same resonance as n rotor current: 


In Figure 16 a very Similar system is shown in Figure 14. The condenser 5 is connected in parallel with the converter; and in thé rotor a short circuited Ost 
formed which gives extraordinarily good results and 1 is spie] in construction. 


The inductive resistance may be considered as primary coil used outside the rotor and short circuit (see Figiite 17). 


The: last six ie serves only for producing oscillations of a high number of alterations. If it t be desired -to be ordinary alternating current there complica 
"arrangements are not required as the types illustrated in Figures 1 to 11 sufficé. It is self-evident that these arrangements may be altered in various ways. 
_ We have been able to describe this as well as.the fact that we are doing it, we.declare that what we claim is: --- ~ [Claims not included here] — 
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1 
WIDEBAND ELECTROMAGNETIC 
CLOAKING SYSTEMS 


RELATED APPLICATION 


This application claims priority to U.S. Provisional Patent 
Application No. 61/189,966, filed 25 Aug. 2008 and entitled 
“Method and Apparatus for Wideband Electromagnetic 
Cloaking, Negative Refractive Index Lensing and Metamate- 
rial Applications,” the entire contents of which are incorpo- 
rated herein by reference. 


BACKGROUND 


Much time and effort has been devoted to the quest for 
so-called invisibility machines. Beyond science fiction, how- 
ever, there has been little if any real progress toward this goal. 

Materials with negative permittivity and permeability lead- 
ing to negative index of refraction were theorized by Russian 
noted physicist Victor Veselago in his seminal paper in Soviet 
Physics USPEKHI, 10, 509 (1968). Since that time, metama- 
terials have been developed that produce negative index of 
refraction, subject to various constraints. Such materials are 
artificially engineered micro/nanostructures that, at given fre- 
quencies, show negative permeability and permittivity. 
Metamaterials have been shown to produce narrow band, e.g., 
typically less than 5%, response such as bent-back lensing. 
Such metamaterials produce such a negative-index effect by 
utilizing a closely-spaced periodic lattice of resonators, such 
as split-ring resonators, that all resonate. Previous metama- 
terials provide a negative index of refraction when a sub- 
wavelength spacing is used for the resonators. 

In the microwave regime, certain techniques have been 
developed to utilize radiation-absorbing materials or coatings 
to reduce the radar cross section of airborne missiles and 
vehicles. While such absorbing materials can provide an 
effective reduction in radar cross section, these results are 
largely limited to small ranges of electromagnetic radiation. 


SUMMARY 


Embodiments of the present disclosure can provide tech- 
niques, including systems and/or methods, for cloaking 
objects at certain wavelengths/frequencies or over certain 
wavelength/frequency ranges (bands). Such techniques can 
provide an effective electromagnetic lens and/or lensing 
effect for certain wavelengths/frequencies or over certain 
wavelength/frequency ranges (bands). 

The effects produced by such techniques can include 
cloaking or so-called invisibility of the object(s) at the noted 
wavelengths or bands. Representative frequencies of opera- 
tion can include, but are not limited to, those over a range of 
500 MHz to 1.3 GHz, though others may of course be real- 
ized. Operation at other frequencies, including for example 
those of visible light, infrared, ultraviolet, and as well as 
microwave EM radiation, e.g., K, Ka, X-bands, etc. may be 
realized, e.g., by appropriate scaling of dimensions and selec- 
tion of shape of the resonator elements. 

Exemplary embodiments of the present disclosure can 
include a novel arrangement of resonators 1n an aperiodic 
configuration or lattice. The overall assembly of resonators, 
as structures, do not all repeat periodically and at least some 
of the resonators are spaced such that their phase centers are 
separated by more than a wavelength. The arrangements can 
include resonators of several different sizes and/or geom- 
etries arranged so that each size or geometry (“grouping”) 
corresponds to a moderate or high “Q” (that is moderate or 
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low bandwidth) response that resonates within a specific fre- 
quency range, and that arrangement within that specific 
grouping of akin elements is periodic in the overall struc- 
ture—even though the structure as a whole is not an entirely 
periodic arrangement of resonators. The relative spacing and 
arrangement of groupings (at least one for each specific fre- 
quency range) can be defined by self similarity and origin 
symmetry, where the “origin” arises at the center of a struc- 
ture (or part ofthe structure) individually designed to have the 
wideband metamaterial property. 

For exemplary embodiments, fractal resonators can be 
used for the resonators in such structures because of their 
control of passbands, and smaller sizes compared to non- 
fractal based resonators. Their benefit arises from a size 
standpoint because they can be used to shrink the resonator 
(s), while control of passbands can reduce or eliminates issues 
ofharmonic passbands that would resonate at frequencies not 
desired. 

It should be understood that other embodiments of wide- 
band electromagnetic resonator or cloaking systems and 
methods according to the present disclosure will become 
readily apparent to those skilled in the art from the following 
detailed description, wherein exemplary embodiments are 
shown and described by way of illustration. The systems and 
methods of the present disclosure are capable of other and 
different embodiments, and details of such are capable of 
modification in various other respects. Accordingly, the draw- 
ings and detailed description are to be regarded as illustrative 
in nature and not as restrictive. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Aspects of the disclosure may be more fully understood 
from the following description when read together with the 
accompanying drawings, which are to be regarded as illustra- 
tive in nature, and not as limiting. The drawings are not 
necessarily to scale, emphasis instead being placed on the 
principles of the disclosure. In the drawings: 

FIG. 1 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of cylindrical shells, in 
accordance with exemplary embodiments of the present dis- 
closure; 

FIG. 2 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of shells having an ellip- 
tical cross-section, in accordance with an alternate embodi- 
ment of the present disclosure; 

FIG. 3 depicts an exemplary embodiment of a portion of 
shell that includes repeated conductive traces that are config- 
ured in a fractal-like shape; and 

FIG. 4 depicts a perspective view (photograph) of an exem- 
plary embodiment of the present disclosure. 

While certain embodiments depicted in the drawings, one 
skilled in the art will appreciate that the embodiments 
depicted are illustrative and that variations of those shown, as 
well as other embodiments described herein, may be envi- 
sioned and practiced within the scope of the present disclo- 
sure. 


DETAILED DESCRIPTION 


The present disclosure is directed to novel arrangements of 
resonators useful for obscuring or hiding objects at given 
bands of electromagnetic radiation. Embodiments of the 
present disclosure can provide techniques, including systems 
and/or methods, for hiding or obscuring objects at certain 
wavelengths/frequencies or over certain wavelength/fre- 
quency ranges or bands. Such techniques can provide an 
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effective electromagnetic lens and/or lensing effect for cer- 
tain wavelengths/frequencies or over certain wavelength/fre- 
quency ranges or bands. The effects produced by such tech- 
niques can include cloaking or so-called invisibility of the 
object(s) at the noted wavelengths or bands. 

Representative frequencies of operation can include, but 
are not limited to, those over a range of about 500 MHz to 
about 1.3 GHz, though others may of course be realized. 
Operation at other frequencies, including for example those 
of visible light, infrared, ultraviolet, and as well as microwave 
EM radiation, e.g., K, Ka, X-bands, etc. may be realized, e.g., 
by appropriate scaling of dimensions and selection of shape 
of the resonator elements. 

Embodiments of the present disclosure include arrange- 
ment of resonators or resonant structures in aperiodic con- 
figurations or lattices. The overall assembly of resonator 
structures can include nested or concentric shells, that each 
include repeated patterns of resonant structures. The resonant 
structures can be configured as a close-packed arrangement 
of electrically conductive material. The resonant structures 
can be located on the surface of a circuit board. 

The overall assemblies, as structures, do not all repeat 
periodically and at least some of the resonators are spaced 
such that their phase centers are separated by more than a 
wavelength. The arrangements can include resonators of sev- 
eral different sizes and/or geometries arranged so that each 
size or geometry (“grouping”) corresponds to a moderate or 
high quality-factor “Q” response (that is, one allowing for a 
moderate or low bandwidth) that resonates within a specific 
frequency range, and that arrangement within that specific 
grouping of like elements is periodic in the overall struc- 
ture—even though the structure as a whole is not an entirely 
periodic arrangement of resonators. The relative spacing and 
arrangement of groupings (at least one for each specific fre- 
quency range) can be defined by self similarity and origin 
symmetry, where the “origin” arises at the center of a struc- 
ture (or part of the structure) individually designed to have the 
wideband metamaterial property. 

For exemplary embodiments, fractal resonators can be 
used for the resonators because of their control of passbands, 
and smaller sizes. A main benefit of such resonators arises 
from a size standpoint because they can be used to shrink the 
resonator(s), while control of passbands can reduce/mitigate 
or eliminate issues of harmonic passbands that would reso- 
nate at frequencies not desired. 

Exemplary embodiments of a resonator system for use at 
microwave (or nearby) frequencies can be built from belts of 
circuit boards festooned with resonators. These belts can 
function to slip the microwaves around an object located 
within the belts, so the object is effectively invisible and “see 
thru” at the microwave frequencies. Belts, or shells, having 
similar closed-packed arrangements for operation at a first 
passband can be positioned within a wavelength of one 
another, e.g., Yor, YsA, VAA, YA, etc. 

An observer can observe an original image or signal, with- 
out it being blocked by the cloaked object. Using no power, 
the fractal cloak can replicates the original signal (that is, the 
signal before blocking) with great fidelity. Exemplary 
embodiments can function over a bandwidth from about 500 
MHz to approximately 1500 MHz (1.5 GHz), providing 3:1 
bandwidth; operation within or near such can frequencies can 
provide other bandwidths as well, such as 1:1 up to 2:1 and up 
to about 3:1. 

FIG. 1 depicts a diagrammatic plan view of a cloaking 
system 100 and RF testing set up in accordance with exem- 
plary embodiments of the present disclosure. As shown in 
FIG. 1, a number of concentric shells (or bands) 102 are 
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placed on a platform (parallel to the plane of the drawing). 
The shells include a flexible substrate (e.g., polyimide with or 
without composite reinforcement) with conductive traces 
(e.g., copper, silver, etc.) in fractal shapes or outlines. The 
shells 102 surround an object to be cloaked (shown as 104 in 
FIG. 1). A transmitting antenna 1 and a receiving antenna 2 
are configured at different sides of the system 100, for veri- 
fying efficacy of the cloaking system 100 and recording 
results. The shells 102 can be held in place by radial supports 
106 (while only four are shown, 12 were used in the exem- 
plary embodiment indicated). 

The shells indicated in FIG. 1 are of two types, one set 
(A1-A4) configured for optimal operation over a first wave- 
length/frequency range, and another set (B1-B3) configured 
for optimal operation over a second wavelength/frequency 
range. (The numbering ofthe shells is of course arbitrary and 
can be reordered, e.g., reversed.) 

For an exemplary embodiment of system 100, the outer set 
of shells (A1-A4, with A1 being the innermost and A4 the 
outmost) had a height of about 3 to 4 inches (e.g., 3.5 inches) 
and the inner set of shells had a height of about 1 inch less 
(e.g., about 2.5 to 3 inches). The spacing between the shells 
with a larger fractal shape (A1-A4) was about 2.4 cm while 
the spacing between shells of smaller fractal generator shapes 
(B1-B3) was about 2.15 cm (along a radial direction). In a 
preferred embodiment, shell A4 was placed between shell B2 
and B3 as shown. The resonators formed on each shell by the 
fractal shapes can be configured so as to be closely coupled 
(e.g., by capacitive coupling) and can serve to propagate a 
plasmonic wave. 

It will be appreciated that while, two types of shells and a 
given number of shells per set are indicated in FIG. 1, the 
number of shell types and number of shells for each set can be 
selected as desired, and may be optimized for different appli- 
cations, e.g., wavelength/frequency bands. 

FIG. 2 depicts a diagrammatic plan view of a cloaking 
system (or electrical resonator system) according to an alter- 
nate embodiment in which the individual shells have an ellip- 
tical cross section. As shown in FIG. 2, a system 200 for 
cloaking can include a number of concentric shells (or bands) 
202. These shells can be held in place with respect to one 
another by suitable fixing means, e.g., they can be placed on 
a platform (parallel to the plane of the drawing) and/or held 
with a frame. The shells 202 can include a flexible substrate 
(e.g., polyimide with or without composite reinforcement) 
with a close-packed arrangement of electrically conductive 
material formed on the first surface. As stated previously for 
FIG. 1, the closed-packed arrangement can include a number 
of self-similar electrical resonator shapes. The resonator 
shapes can be made from conductive traces (e.g., copper, 
silver, gold, silver-based ink, etc.) having a desired shape, 
e.g., fractal shape, split-ring shape, and the like. The shells 
202 can surround an object to be cloaked, as indicated in FIG. 
2: 

As indicated in FIG. 2 (by dashed lines 1 and 2 and arrows), 
the various shells themselves do not have to form closed 
surfaces. Rather, one or more shells can form open surfaces. 
This can allow for preferential cloaking of the object in one 
direction or over a given angle (solid angle). Moreover, while 
dashed lines 1 and 2 are shown intersecting shells B1-B3 and 
A1-A3 of system 200, one or more shells of each group of 
shells (B1-B3 and A1-A3) can be closed while others are 
open. 

With further regard to FIGS. 1-2, it should be appreciated 
that the cross-sections shown for each shell can represent 
closed geometric shapes, e.g., spherical and ellipsoidal shells. 
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As indicated previously, each shell of a cloaking system 
can include multiple resonators. The resonators can be 
repeated patterns of conductive traces. These conductive 
traces can be closed geometric shapes, e.g., rings, loops, 
closed fractals, etc. The resonator(s) can being self similar to 
at least second iteration. The resonators can include split-ring 
shapes, for some embodiments. The resonant structures are 
not required to be closed shapes, however, and open shapes 
can be used for such. 

In exemplary embodiments, the closed loops can be con- 
figured as a fractals or fractal-based shapes, e.g., as depicted 
by 302 in FIG. 3 for an exemplary embodiment of a shell 300, 
or 402 in FIG. 4. The dimensions and type of fractal shape can 
be the same for each shell type but can vary between shell 
types. This variation (e.g., scaling of the same fractal shape) 
can afford increased bandwidth for the cloaking characteris- 
tics of the system (e.g., system 100 of FIG. 1) This can lead to 
periodicity of the fractal shapes of common shell types but 
aperiodicity between the fractal shapes of different shell 
types. 

Examples of suitable fractal shapes (for use for shells and/ 
ora scatting object) can include, but are not limited to, fractal 
shapes described in one or more of the following patents, 
owned by the assignee of the present disclosure, the entire 
contents of all of which are incorporated herein by reference: 
USS. Pat. Nos. 6,452,553; 6,104,349; 6,140,975; 7,145,513; 
7,256,751; 6,127,977; 6,476,766; 7,019,695; 7,215,290; 
6,445,352; 7,126,537; 7,190,318; 6,985,122; 7,345,642; and, 
USS. Pat. No. 7,456,799. 

Other suitable fractal shape for the resonant structures can 
include any of the following: a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, a 
Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal, a contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, an 
Iypanov fractal, and a Kleinian group fractal. 

FIG. 3 depicts an exemplary embodiment of a shell 300 
(only a portion is shown) that includes repeated conductive 
traces that are configured in a fractal shape 302 (the individual 
closed traces). For the exemplary embodiment shown, each 
resonator shape 302 is about 1 cm on a side. Such resonator 
could, e.g., be used for the fractal shapes of shells B1-B3 of 
FIG. 1, in which case similar fractal shapes of larger size (e.g., 
about 1.5 cm on a side) could be used for shells A1-A4. The 
conductive trace is preferably made of copper. While exem- 
plary fractal shapes are shown in FIG. 3, the present disclo- 
sure is not limited to such and any other suitable fractal shapes 
(including generator motifs) may be used in accordance with 
the present disclosure. 

It will be appreciated that the resonant structures of the 
shells may be formed or made by any suitable techniques and 
with any suitable materials. For example, semiconductors 
with desired doping levels and dopants may be used as con- 
ductive materials. Suitable metals or metal containing com- 
pounds may be used. Suitable techniques may be used to 
place conductors on/in a shell, including, but no limited to, 
printing techniques, photolithography techniques, etching 
techniques, and the like. 

It will also be appreciated that the shells may be made of 
any suitable material(s). Printed circuit board materials may 
be used. Flexible circuit board materials are preferred. Other 
material may, however, be used for the shells and the shells 
themselves can be made of non-continuous elements, e.g., a 
frame or framework. For example, various plastics may be 
used. 
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FIG. 4 depicts a perspective view (photograph) ofan exem- 
plary embodiment of a cloak system 400 according to the 
present disclosure. As shown, the system includes a number 
of resonator shells 402 each having a close-packed arrange- 
ment of electrically conductive material (self-similar resona- 
tors 404) formed on one surface. Two different shell configu- 
rations are shown, four larger shells and two smaller shells. 
The smaller shells included close-packed arrangements of 
resonator structures in which each resonator shape (as shown 
by 302 in FIG. 3) was about 1 cm on a side. Similar fractal 
shapes of larger size (e.g., about 1.5 cm on a side) were used 
for the larger shells. 

In FIG. 4, a transmitting (source) antenna and a receiving 
antenna are shown as triangular shapes on the left and right, 
respectively (though functionally of each could of course be 
interchanged for the other). Twelve radially arrayed spacers 
are shown in FIG. 4. The system 400 is shown supported on a 
Nalgene tank and Delrin platform and Delrin supports (radial 
supports) RF absorbers were placed in the immediate vicinity 
of the set up; further RF tripods (e.g., available from ETS) 
were used; all such materials were substantially transparent at 
the RF frequencies investigated/used. The cloak system 400 
consists of six belts of fractal metamaterial (1.e., fractal-reso- 
nant structures shown in FIG. 3) on flexible Taconic EF35 
(low loss) circuit board. The belts are shown surround a 
scattering ring (object). The arrangement is supported by RF 
transparent plastics in a comb support. The entire system 400 
was shown to be easily built up and broken down within a 
minute or two. The scale in FIG. 4 is about 0.7 meters across. 
The height of each shell can of course be selected as desired 
depending on the situation/application. 

While embodiments are shown and described herein as 
having shells in the shape of concentric rings (circular cylin- 
ders), shells can take other shapes in other embodiments. For 
example, one or more shells could have a generally spherical 
shape (with minor deviations for structural support). In an 
exemplary embodiment, the shells could form a nested 
arrangement of such spherical shapes, around an object to be 
shielded (at the targeted/selected frequencies/wavelengths). 
Shell cross-sections of angular shapes, e.g., triangular, hex- 
agonal, while not preferred, may be used. 

One skilled in the art will appreciate that embodiments 
and/or portions of embodiments of the present disclosure can 
be implemented in/with computer-readable storage media 
(e.g., hardware, software, firmware, or any combinations of 
such), and can be distributed and/or practiced over one or 
more networks. Steps or operations (or portions of such) as 
described herein, including processing functions to derive, 
learn, or calculate formula and/or mathematical models uti- 
lized and/or produced by the embodiments of the present 
disclosure, can be processed by one or more suitable proces- 
sors, e.g., central processing units (“CPUs”) implementing 
suitable code/instructions in any suitable language (machine 
dependent on machine independent). 

While certain embodiments and/or aspects have been 
described herein, it will be understood by one skilled in the art 
that the methods, systems, and apparatus of the present dis- 
closure may be embodied in other specific forms without 
departing from the spirit thereof. 

For example, while certain wavelengths/frequencies of 
operation have been described, these are merely representa- 
tive and other wavelength/frequencies may be utilized or 
achieved within the scope of the present disclosure. 

Furthermore, while certain preferred fractal generator 
shapes have been described others may be used within the 
scope of the present disclosure. Accordingly, the embodi- 
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ments described herein are to be considered in all respects as 
illustrative of the present disclosure and not restrictive. 


What is claimed is: 

1. An electrical resonator system, comprising: 

a plurality of concentric electrical resonator shells, each 
shell including a substrate having first and second sur- 
faces and a close-packed arrangement of electrically 
conductive material formed on the first surface, wherein 
the closed-packed arrangement comprises a plurality of 
self-similar electrical resonator shapes and is configured 
to operate at a desired passband of electromagnetic 
radiation; 

wherein the close-packed arrangements of at least two of 
the electrical resonator shells are different in size and/or 
shape; and 

wherein a resonator in the close-packed arrangement com- 
prises a second order or higher fractal. 

2. The system of claim 1, wherein said passband is about 

2:1. 

3. The system of claim 2, wherein said passband is about 
3:1. 

4. The system of claim 1, wherein the electrical system is 
configured and arranged so that radiation incident on the 
system from a given direction has an intensity on a point-by- 
point basis such at each respective antipodal point, relative to 
an object placed at the center of the system, the radiation has 
the same or similar intensity. 

5. The system of claim 1, wherein the system is configured 
and arranged so that radiation incident on the system from a 
direction in cylindrical coordinates has the same or similar 
intensity at the antipodal point after having traversed the 
system. 
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6. The system of claim 1, wherein the plurality of shells 
comprises a first pair of shells having similar closed-packed 
arrangements for operation at a first passband, wherein the 
two shells are positioned within 4A of one another. 

7. The system of claim 6, wherein the plurality of shells 
comprises a second pair of shells having similar closed- 
packed arrangements for operation at a second frequency 
band, wherein the two shells are positioned within YsA of one 
another. 

8. The system of claim 1, wherein the plurality of shells are 
hemispherical. 

9. The system of claim 1, wherein the plurality of shells are 
cylindrical. 

10. The system of claim 1, wherein the plurality of shells 
are spherical. 

11. The system of claim 1, wherein said fractal 1s selected 
from the group consisting of a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, a 
Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal. 

12. The system of claim 1, wherein the fractal is selected 
from the group consisting of a contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, a 
Lypanov fractal, and a Kleinian group fractal. 

13. The system of claim 1, wherein the plurality of con- 
centric electrical resonator shells are configured and arranged 
for operation at K band, Ka band, or X-band. 

14. The system of claim 1, wherein the system is opera- 
tional over a bandwidth from about 500 MHz to about 1500 
MHz. 
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SYSTEM FOR CONVERTING 
ELECTROMAGNETIC RADIATION ENERGY 
TO ELECTRICAL ENERGY 


BACKGROUND OF THE INVENTION 


The invention relates generally to conversion of electro- 
magnetic radiation energy to electrical energy, and, more 
particularly, to conversion of high frequency bandwidths of 
the spectrum of a type of radiation known as zero point 
electromagnetic radiation to electrical energy. 


The existence of zero point electromagnetic radiation was 
discovered in 1958 by the Dutch physicist M. J. Sparnaay. 
Mr. Sparnaay continued the experiments carried out by 
Hendrik B. G. Casimir in 1948 which showed the existence 
of a force between two uncharged parallel plates which arose 
from electromagnetic radiation surrounding the plates in a 
vacuum. Mr. Sparnaay discovered that the forces acting on 
the plates arose from not only thermal radiation but also 
from another type of radiation now known as classical 
electromagnetic zero point radiation. Mr. Sparnaay deter- 
mined that not only did the zero point electromagnetic 
radiation exist in a vacuum but also that it persisted even at 
a temperature of absolute zero. Because it exists in a 
vacuum, zero point radiation is homogeneous and isotropic 
as well as ubiquitous. In addition, since zero point radiation 
is also invariant with respect to Lorentz transformation, the 
zero point radiation spectrum has the characteristic that the 
intensity of the radiation at any frequency is proportional to 
the cube of that frequency. Consequently, the intensity of the 
radiation increases without limit as the frequency increases 
resulting in an infinite energy density for the radiation 
spectrum. With the introduction of the zero point radiation 
into the classical electron theory, a vacuum at a temperature 
of absolute zero is no longer considered empty of all 
electromagnetic fields. Instead, the vacuum is now consid- 
ered as filled with randomly fluctuating fields having the 
zero point radiation spectrum. The special characteristics of 
the zero point radiation which are that it has a virtually 
infinite energy density and that it is ubiquitous (even present 
in outer space) make it very desirable as an energy source. 
However, because high energy densities exist at very high 
radiation frequencies and because conventional methods are 
only able to convert or extract energy effectively or eff- 
ciently only at lower frequencies at which zero point radia- 
tion has relatively low energy densities, effectively tapping 
this energy source has been believed to be unavailable using 
conventional techniques for converting electromagnetic 
energy to electrical or other forms of easily useable energy. 
Consequently, zero point electromagnetic radiation energy 
which may potentially be used to power interplanetary craft 
as well as provide for society’s other needs has remained 
unharnessed. . | 


There are many types of prior art systems which use a 
plurality of antennas to receive electromagnetic radiation 
and provide an electrical output therefrom. An example of 
such a prior art system is disclosed in U.S. Pat. No. 3,882, 
503 to Gamara. The Gamara system has two antenna struc- 
tures which work in tandem and which oscillate by means of 
a motor operatively attached thereto in order to modulate the 
radiation reflected from the antenna surfaces. The reflecting 
surfaces of the antennas are also separated by a distance 
equal to a quarter wavelength of the incident radiation. 
However, the Gamara system does not convert the incident 
radiation to electrical current for the purpose of converting 
the incident electromagnetic radiation to another form of 
readily useable energy. In addition, the relatively large size 
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of the Gamara system components make it unable to reso- — 
nate at and modulate very high frequency radiation. 


What is therefore needed is a system which is capable of 
converting high frequency electromagnetic radiation energy 
into another form of energy which can be more readily used 
to provide power for transportation, heating, cooling as well 
as various other needs of society. What is also needed is such 
a system which may be used to provide energy from any 
location on earth or in space. 


SUMMARY OF THE INVENTION 


It is a principle object of the present invention to provide 
a system for converting electromagnetic radiation energy to 
electrical energy. 


It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy hav- 
ing a high frequency to electrical energy. 


It is another object of the present invention to provide a 
system for converting zero point electromagnetic radiation 
energy to electrical energy. 


It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy to 
electrical energy which may used to provide such energy 
from any desired location on earth or in space. 


It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy to 
electrical energy having a desired waveform and voltage. 


It is an object of the present invention to provide a 
miniaturized system for converting electromagnetic radia- 
tion energy to electrical energy in order to enhance effective 
utilization of high energy densities of the electromagnetic 
radiation. 


It is an object of the present invention to provide a system 
for converting electromagnetic radiation energy to electrical 
energy which is simple in construction for cost effectiveness 
and reliability of operation. 


Essentially, the system of the present invention utilizes a 
pair of structures for receiving incident electromagnetic 
radiation which may be propagating through a vacuum or 
any other medium in which the receiving structures may be 
suitably located. The system of the present invention is 
specifically designed to convert the energy of zero point 
electromagnetic radiation; however, it may also be used to 
convert the energy of other types of electromagnetic radia- 
tion. The receiving structures are preferably composed of 
dielectric material in order to diffract and scatter the incident 
electromagnetic radiation. In addition, the receiving struc- 
tures are of a volumetric size selected to enable the struc- 
tures to resonate at a high frequency of the incident elec- 
tromagnetic radiation based on the parameters of frequency 
of the incident radiation and propagation characteristics of 
the medium and of the receiving structures. Since zero point 
radiation has the characteristic that its energy density 
increases as its frequency increases, greater amounts of 
electromagnetic energy are available at higher frequencies. 
Consequently, the size of the structures are preferably min- 
iaturized in order to produce greater amounts of energy from 
a system located within a space or area of a given size. In this 
regard, the smaller the size of the receiving structures, the 
greater the amount of energy that can be produced by the 
system of the present invention. 


At resonance, electromagnetically induced material defor- 
mations of the receiving structures produce secondary fields 
of electromagnetic energy therefrom which may have eva- 
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nescent energy densities several times that of the incident 
radiation. The structures are of different sizes so that the 
secondary fields arising therefrom are of different frequen- 
cies. The difference in volumetric size is very small so that 
interference between the two emitted radiation fields, and 
the receiving structures at the two different frequencies 
produces a beat frequency radiation which has a much lower 
frequency than the incident radiation. The beat frequency 
radiation preferably is at a frequency which is sufficiently 
low that it may be relatively easily converted to useable 
electrical energy. In contrast, the incident zero point radia- 
tion has its desirable high energy densities at frequencies 
which are so high that conventional systems for converting 
the radiation to electrical energy either cannot effectively or 
efficiently so convert the radiation energy or simply cannot 
be used to convert the radiation energy for other reasons. 


The system of the present invention also includes an 
antenna which receives the beat frequency radiation. The 
antenna may be a conventional metallic antenna such as a 
loop or dipole type of antenna or a rf cavity structure which 
partially encloses the receiving structures. The antenna feeds 
the radiation energy to an electrical conductor (in the case of 
a conventional dipole or comparable type of antenna) or to 
a waveguide (in the case of a rf cavity structure). The 
conductor or waveguide feeds the electrical current (in the 
case of the electrical conductor) or the electromagnetic 
radiation (in the case of the waveguide) to a converter which 
converts the received energy to useful electrical energy. The 
converter preferably includes a tuning circuit or comparable 
device so that it can effectively receive the beat frequency 
radiation. The converter may include a transformer to con- 
vert the energy to electrical current having a desired voltage. 
In addition, the converter may also include a rectifier to 
convert the energy to electrical current having a desired 
waveform. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a plan view of the receiving structures and 
antenna of a first embodiment of the system of the present 
invention with a schematic view of the conductor and 
converter thereof and also showing the incident primary and 
emitted secondary electromagnetic radiation. 


FIG. 2 is a front view of the receiving structures, antenna 
and waveguide of a second embodiment of the system of the 
present invention with a schematic view of the converter 
thereof and also showing the incident primary and emitted 
secondary electromagnetic radiation. 


FIG. 3 is a perspective view of the receiving structures, 
antenna and waveguide of the second embodiment shown in 
FIG. 2 with a schematic view of the converter thereof and 
also showing the incident primary and emitted secondary 
electromagnetic radiation. 


FIG. 4 is a front view of the substrate and a plurality of 
pairs of the receiving structures and a plurality of antennas 
of a third embodiment of the system of the present invention 
with a schematic view of the conductor and converter 
thereof and also showing the incident primary and emitted 
secondary electromagnetic radiation. 


FIG. 5 is a top view of some of the components of the 
third embodiment of the system of the present invention 
showing two of the plurality of pairs of receiving structures 
and two of the plurality of antennas mounted on the sub- 
Strate. 


FIG. 6 is a diagram of a receiving structure of the system 
of the present invention showing an incident electromag- 
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netic plane wave impinging on the receiving structure and 
illustrating the directions of the electric and magnetic field 
vectors thereof. 


FIG. 7 is a diagram of a spherical coordinate system as 
used in the formulas utilized in the system of the present 
invention. 

FIG. 8 is a graph showing an imaginary p parameter 
plotted against a real p parameter illustrating the values 
thereof at resonance as well as values thereof at other than 
resonance. 


FIG. 9 is a graph showing a portion of the graphical 
representation shown in FIG. 8 illustrating the real and 
imaginary p values at or near a single resonance. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


Referring to the drawings, a first embodiment of the 
present invention is generally designated by the numeral 10. 
The system 10 includes a first and second means for receiv- 
ing 12 and 14 incident electromagnetic radiation 16. The 
means for receiving 12 and 14 are preferably a pair of 
spherical structures 12 and 14 which are preferably com- 
posed of a dielectric material. Alternatively, the spheres 12 
and 14 may be cubical structures or any other suitable shape. 
The spheres 12 and 14 may be mounted on a suitable 
foundation by any suitable mounting means (not shown), or 
spheres 12 and 14 may be suspended from a suitable 
foundation by any suitable suspension means (not shown). 
The spheres 12 and 14 are preferably composed of a 
dielectric material. The dielectric spheres 12 and 14 scatter 
and concentrate electromagnetic waves. At very sharpely 
defined frequencies, the spheres 12 and 14 will have reso- 
nances wherein the internal energy densities can be five 
orders of mangitude larger than the energy density of the 
incident electromagnetic field driving the spheres 12 and 14. 
At resonance, the electromagnetic stresses, equivalent to 
pressures proportional to the energy density, can cause 
material deformation of the spheres 12 and 14 which pro- 
duce a secondary electromagnetic field. The spheres 12 and 
14 are preferably positioned proximal to each other, as 


shown in FIG. 1. Although the proximity of the spheres to 


each other will adversely affect the resonances, the very high 
“Q”s of the isolated-sphere resonances results in such 
adverse affect being relatively small. However, the proxim- 
ity of the spheres 12 and 14 allows the spheres to interact 
electromechanically which increases the magnitude of the 
secondary radiation emitted therefrom. 


The electromagnetic radiation incident upon the spheres 
12 and 14 which drives the spheres to resonance is prefer- 
ably zero point radiation 16. However, other types of elec- 
tromagnetic radiation may also be used to drive the spheres 
12 and 14, if desired. 


The effect of a dielectric sphere such as 12 or 14 on an 
incident electromagnetic radiation such as a plane wave 
thereof is shown in FIG. 6. The plane wave propagates in the 
z axis direction and is diffracted by the sphere 12 resulting 
in scattering thereof. This scattering is commonly known as 
Mie scattering. The incident radiation wave has an electric 
vector component which is linearly polarized in the x axis 
direction and a magnetic vector component which is linearly 
polarized in the y axis direction. 

An electromagnetic wave incident upon a structure pro- 
duces a forced oscillation of free and bound charges in synch 
with the primary electromagnetic field of the incident elec- 
tromagnetic wave. The movements of the charges produce a 
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secondary electromagnetic field both inside and outside the 
structure. The secondary electromagnetic radiation compris- 
ing this secondary electromagnetic field is shown in FIG. 1 
and designated by the numerals 18 and 20. An antenna 
which is shown simply as a loop antenna but may also be a 
dipole or any other suitable type of antenna is also shown in 
FIG. 1 and designated by the numeral 22. The nonlinear 
mutual interactions of the spheres produces interference 
between the secondary electromagnetic radiation 18 and 20 
_ produces a beat frequency radiation 24 which is preferably 
at a much lower frequency than the primary radiation 16. It 
is this beat frequency radiation 24 which is desired for 
conversion into electrical energy because it preferably is 
within the frequency range of rf radiation which may be 
converted into electrical energy by generally conventional 
systems. Thus, the radiation 24 received by the antenna 22 
is fed via an electrical conductor 26 to a means for convert- 
ing the beat frequency radiation 24 to electrical energy. This 
means for converting is designated by the numeral 28 and 
preferably includes a tuning capacitor 30 and a transformer 
32 and a rectifier (preferably a diode) 34. Instead of includ- 
ing the capacitor 30, transformer 32 and rectifier 34, the 
converter 28 may alternatively include an rf receiver of any 
suitable type. 

The resultant field at any point is the vector sum of the 
primary and secondary fields. For the equations that follow, 
the structure receiving the incident plane wave is a sphere of 
radius a having a propagation constant k, positioned in an 
infinite, homogeneous medium having a propagation con- 
stant k,. The incident plane wave propagates in the z axis 
direction and is as shown in FIG. 6. The spherical coordinate 
system used for the vector spherical wave functions is 
shown in FIG. 7. Expansion of the incident field provides: 


E 2n+1 
H;=- ka E eiut z pnt) (m? +i 1) ) 
i Ou? D n n(n + 1) ein ln 


where E is the electric field and H is the magnetic field; 
and 


yd Pio 
Moin = a Jn(koR)P n'(cos®) E "bn jello) Å 5 E bis 
ein 
D  n(n+1) LRP 9 on pad 
on =R in(k2oRy)PA*(cos0) > Qi +y k in(KoR)]' X 
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OPn' sin 
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The electric and magnetic fields of the incident wave 
transmitted into the sphere i.e., R<a, can be similarly 
expanded: 


E, = Egia z pont) e (ar D _ iy a) 


n=} n(n+1) 2 Oln n eln 
ke sige Oe QT (1) (1) 
a -ft y Pl AO => 
ms du Ene” A CES ( ba eln iay Oln ) 


If j,(k,R) is replaced by h,,“(k,R) in the previous equa- 
tions, the functions m‘ and n® become m® and n*”. The 
outgoing fields i.e., R>a, are represented by: 
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where H, represents the resultant wave in the medium 
surrounding the sphere. At resonance, the values of p at 
resonance require that the a,’ and b,,’ coefficients be infinite. 
In order to determine these values of a,‘ and b,’, the 
boundary conditions at the sphere radius are needed. Since 
there must be continuity of the E and H values at the surface, 
the following equations are used: 


i,x(E+E,)=i,xE, and — 
i,x(H,+H,)=i,xH, 
which lead to two pairs of inhomogeneous equations: 
an JaN P)-an hn (P= InP) 
Hoan [NPin(NP)]—H14n' [Phn P= (pj, (p)1 and 
HN bn InN p) Rp) jp (0) 
b INP} NP) -Nb Phn (p)=Mpj, P 


where k,=Nk,, p=k,a, k,a=Np. Spherical Bessel functions 
of the first kind are denoted by j,,, while those of the third 
kind are denoted by h,,“’. The resulting equations are: 


ARO — APAPAP 
Paja NPAPI — poh(p)[Npjn(Np)]’ 


and 


E un pl NAPO AN 
12 (NP — a (PANPjANp)]' 


At a resonance, the denominator of either a,‘ or b, will be 
zero. Thus, p values are found using the above equations that 
correspond to a resonant combination of angular frequency 
(@) and radius (a) for a given sphere material and given 
surrounding medium. In determining such values of p, the 
following equations are also specifically used: 
and 


p =ako =aw \ ezp 


Pi = (k,/k2)p 


where p, corresponds to the sphere material. An iterative 
method is preferably used to find the desired values of p at 
resonance. In calculating p utilizing the above equations for 
purposes of example, it was assumed that p,=p,=Up=40x 
107 and €,=€,=8.85419x107™. 

One major root of p which was found has a value of: 


Real (p)=+66.39752607619131 
Imaginary (p)=-0.6347867071968998. 


These particular values are not shown in FIG. 8. However, 
other values of p found using the equations set forth herein 
are shown in FIG. 8. The peaks in FIG. 8 are the resonances. 
One of these resonances shown in FIG. 8 is shown in detail 
in FIG. 9. These resonance values are shown for purposes of 
example. Other resonances also exist which have not been 
determined; thus, not all possible resonance values are 
shown in FIGS. 8 and 9. 
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Calculation of these values also allows the determination 
of a possible am combination which would have these root 
values. For p, e (epsilon)=e¿ and p=p,, and 


p=a0w0 \ couo =amic. 


Expressed in SI units, the speed of light c=2.99792458x10** 
m/s. If an a value of 10% m is assumed for the examples 
shown herein, then: 


w=pc/a=1.9919x10*%-51.9044x10** radians/s. 


This is an example of the angular frequency required within 
the impingent EM radiation in order to create a resonant 
situation. Examples of other resonances were indicated, and 
these are shown in FIG. 8. No complex-frequency plane 
waves exist. Therefore, the calculations were made by 
considering only the real portion of the above root and 
setting the imaginary portion equal to zero. However, upon 
doing this, the iterative calculation procedure becomes 
insensitive to any root in the vicinity of the root’s real 
portion. In the iterative calculation procedure, initially a 
range of p values is input into the equations. These p values 
are in the neighborhood of the prospective root. A range of 
p values is subsequently studied to find any imaginary p 1.e., 
fp (a function of p), peaks in that range. Next, once a peak 
has been chosen, the function order n giving the dominant fp 
is determined. This also gives a clue as to whether the peak 
is due to a magnetic resonance (a,, approaches infinity) or an 
electrical resonance (b,, approaches infinity). A large number 
of Newton-Raphson iterations is preferably performed in 
order to converge upon a root p value. 

FIGS. 2 and 3 show a second embodiment of the present 
invention generally designated by the numeral 110. Embodi- 
ment 110 is essentially the same as embodiment 10 except 
that the antenna is a rf cavity structure 122 which feeds the 
received beat frequency radiation 124 to a waveguide 126. 
Embodiment 110 also preferably includes two spheres 112 
and 114 which receive the primary incident electromagnetic 
radiation 116 and emit the secondary electromagnetic radia- 
tion 118 and 120. As with the spheres 18 and 20 of 
embodiment 10, spheres 118 and 120 are preferably com- 
posed of a dielectric material. Embodiment 110 also 
includes converter 128, capacitor 130, transformer 132 and 
rectifier 134 which are essentially identical to the corre- 
spondingly numbered elements of embodiment 10. There- 
fore, a description of these components of embodiment 110 
will not be repeated in order to promote brevity. In addition, 
the same equations and method of calculation set forth 
above with regard to embodiment 10 also apply to embodi- 
ment. Therefore, their description will not be repeated in 
order to promote brevity. 

FIGS. 4 and 5 show a third embodiment of the present 
invention generally designated by numeral 210. Embodi- 
ment 210 is essentially identical to the first embodiment 10 
except that the embodiment 210 includes a plurality of pairs 
215 of receiving means (spheres) 212 and 214 mounted on 
a substrate 236. The spheres 212 and 214 are thus in the form 
of an array 238. The pairs 215 of the array 238 are preferably 
positioned proximal to each other in order to maximize the 
amount of energy extracted from a particular area or space 
of a given size. Since, as set forth hereinabove, the energy 
density of the zero point radiation increases as the frequency 
of the radiation increases, it is desirable that the spheres 
resonate at as high a bandwidth of frequencies as possible. 
Because the spheres 212 and 214 must be small in direct 
proportion to the wavelength of the high frequencies of the 
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incident electromagnetic radiation 216 at which resonance is 
desirably obtained, the spheres 212 and 214 are preferably 
microscopic in size. Current lithographic techniques are 
capable of manufacturing such microscopically small 
spheres mounted on a suitable substrate thereby providing a 
suitably miniaturized system 210. A miniaturized system 
enhances the energy output capability of the system by 
enabling it to resonate at higher frequencies at which there 
are correspondingly higher energy densities. Consequently, 
utilization of array 238 in the system 210 enhances the 
maximum amount of electrical energy provided by the 
system 210. 

Lithographic techniques may be more amenable to manu- 
facturing microscopically small receiving structures 212 and 
214 which may be disc shaped, semispherical or have 
another shape other than as shown in FIGS. 4 and 5. 
Consequently, the receiving means 212 and 214 may accord- 
ingly have such alternative shapes rather than the spherical 
shape shown in FIGS. 4 and 5. In addition, a large number 
of small spheres may be manufactured by bulk chemical 
reactions. Packing a volume with such spheres in close 
proximity could enhance the output of energy. 

Embodiment 210 also includes a plurality of antennas 222 
positioned preferably between the spheres 212 and 214 
which receive the beat frequency radiation 224 produced by 
the interference between the secondary radiation 218 and 
220. The antennas 222 are shown as loop antennas 222 but 
may be any other suitable type of antennas as well. 

Embodiment 210 has a plurality of electrical conductors 
226 which preferably include traces mounted on the sub- 
strate 236 which occupies a finite volume. The electrical 
conductors 226 feed the electrical output from the antennas 
222 to a suitable converter 228 which preferably includes 
tuning capacitor 230, transformer 232 and rectifier 234, as 
with embodiments 10 and 110. Except as set forth above, the 
components of embodiment 210 are identical to embodiment 
10 so the detailed description of these components will not 
be repeated in order to promote brevity. In addition, the same 
equations and method of calculation set forth above for 
embodiment 10 also apply to embodiment 210. Therefore, 
the description of these equations and method of calculation 
will not be repeated in order to promote brevity. 

Accordingly, there has been provided, in accordance with 
the invention, a system which converts high frequency zero 
point electromagnetic radiation into electrical energy effec- 
tively and efficiently and thus fully satisfies the objectives 
set forth above. It is to be understood that all terms used 
herein are descriptive rather than limiting. Although the 
invention has been specifically described with regard to the 
specific embodiments set forth herein, many alternative 
embodiments, modifications and variations will be apparent 
to those skilled in the art in light of the disclosure set forth 
herein. Accordingly, it is intended to include all such alter- 
natives, embodiments, modifications and variations that fall 
within the spirit and scope of the invention as set forth in the 
claims hereinbelow. 

What is claimed is: 

1. A system for converting incident electromagnetic radia- 
tion energy to electrical energy, comprising: 


a first means for receiving incident primary electromag- 
netic radiation, said means for receiving producing 
emitted secondary electromagnetic radiation at a first 
frequency, said first means for receiving having a first 
volumetric size selected to resonate at a frequency 
within the frequency spectrum of the incident primary 
electromagnetic radiation in order to produce the sec- 
ondary electromagnetic radiation at the first frequency 
at an enhanced energy density; 
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a second means for receiving the incident primary elec- 
tromagnetic radiation, said means for receiving pro- 
ducing emitted secondary electromagnetic radiation at 
a second frequency, the secondary radiation at the first 
frequency and the secondary radiation at the second 
frequency interfering to produce secondary radiation at 
a lower frequency than that of the incident primary 
radiation, said second means for receiving having a 
second volumetric size selected to resonate at a fre- 
quency within the frequency spectrum of the incident 
primary electromagnetic radiation in order to produce 
the emitted secondary electromagnetic radiation at the 
second frequency at an enhanced energy density; 


an antenna for receiving the emitted secondary electro- 
magnetic radiation at the lower frequency, said antenna 
providing an electrical output responsive to the sec- 
ondary electromagnetic radiation received; 


a converter electrically connected to said antenna for 
receiving electrical current output from said antenna 
and converting the electrical current output to electrical 
current having a desired voltage and waveform. 

2. The system of claim 1 wherein: 


said first means for receiving is composed of a dielectric 
material; and 

said second means for receiving is composed of a dielec- 
tric material. 

3. The system of claim 1 wherein: 


said first means for receiving is spherical; and 


said second means for receiving is spherical. 

4. A system for for converting incident zero point elec- 
tromagnetic radiation energy to electrical energy, compris- 
ing: | 

a first means for receiving incident primary zero point 

electromagnetic radiation, said means for receiving 
producing emitted secondary electromagnetic radiation 
at a first frequency; 


a second means for receiving the incident primary zero 
point electromagnetic radiation, said means for receiv- 
ing producing emitted secondary electromagnetic 
radiation at a second frequency, the secondary radiation 
at the first frequency and the secondary radiation at the 
second frequency interfering to produce secondary 
radiation at a beat frequency which is lower than that of 
the incident primary radiation; 

an antenna for receiving the emitted secondary electro- 
magnetic radiation at the lower frequency, said antenna 
providing an electrical output responsive to the sec- 
ondary electromagnetic radiation received; 


means for transmitting the emitted secondary electromag- 
netic radiation at the beat frequency from said antenna, 
said means for transmitting connected to said antenna; 


a converter connected to said means for transmitting for 
receiving the emitted secondary electromagnetic radia- 
tion at the beat frequency from said antenna and 
converting the same to electrical current having a 
desired voltage and waveform. 

5. The system of claim 4 wherein: 


said first means for receiving has a first volumetric 
spherical size selected to resonate in response to the 
incident primary electromagnetic radiation in order to 
produce the secondary electromagnetic radiation at the 
first frequency at an enhanced energy density; and 

said second means for receiving has a second volumetric 
spherical size selected to resonate in response to the 
incident primary electromagnetic radiation in order to 
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produce the emitted secondary electromagnetic radia- 
tion at the second frequency at an enhanced energy 
density, said first and second volumetric sizes selected 
based on parameters of propagation constant of said 
first and second means for receiving, propagation con- 
stant of medium in which said first and second means 
for receiving are located and frequency of the incident 
primary electromagnetic radiation. 

6. The system of claim 5 wherein the first and second 

volumetric sizes are selected by utilizing the formulas: 


ACI TA) 
an = ————-” — 
IIA) 


AO NAPO 
NGANDAP — DN ANP) 


p=aw0N enn 


wherein at a resonance, the denominator of either equation 
for a,' or b,' will be approximately zero and wherein 
k,=propagation constant of the means for receiving, 
k,=propagation constant of medium through which the 
incident electromagnetic radiation propagates, ais the radius 
of either means for receiving, N=k,/k,, p=k,a, k,a=Np, 
a, =magnitude of oscillations of the electric field of the nth 
order, b,,’=magnitude of oscillations of the magnetic field of 
the nth order, @=angular frequency of the incident electro- 
magnetic radiation, € is the permittivity of the material or 
medium and pis the permeability of the material or medium. 

7. The system of claim 6 wherein the radius of the first 
means for receiving is different from the radius of the second 
means for receivmg, difference between the radius of said 
first means for receiving and the radius of said second means 
for receiving selected so that the beat frequency resulting 
from the difference is a frequency which facilitates conver- 
sion of the beat frequency electromagnetic radiation to 
electrical energy. 

8. The system of claim 4 wherein: 


said first means for receiving is composed of a dielectric 
material; and 


said second means for receiving is composed of a dielec- 
tric material. 
9. The system of claim 4 wherein: 


said first means for receiving is spherical; and 


said second means for receiving is spherical. 

10. The system of claim 4 wherein said antenna is 
positioned generally between said first and second means for 
receiving. 

11. The system of claim 4 wherein said antenna is a loop 
antenna. 

12. The system of claim 4 wherein said antenna is a 
generally concave shell partially enclosing said first and 
second means for receiving. 

13. The system of claim 4 wherein said means for 
transmitting is a waveguide. 

14. A system for for converting incident zero point 
electromagnetic radiation energy to electrical energy, com- 
prising: 

a substrate; 

a plurality of pairs of first means for receiving incident 
primary zero point electromagnetic radiation and sec- 
ond means for receiving incident primary zero point 
electromagnetic radiation, said plurality of pairs of 
means for receiving mounted on said substrate, said 
first means for receiving producing emitted secondary 
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electromagnetic radiation at a first frequency, said 
second means for receiving the incident primary zero 
point electromagnetic radiation producing emitted sec- 
ondary electromagnetic radiation at a second fre- 
quency, the secondary radiation at the first frequency 
and the secondary radiation at the second frequency 
interfering to produce secondary radiation at a beat 
frequency which is lower than that of the incident 
primary radiation, said first means for receiving having 
a first volumetric size selected to resonate in response 
to the incident primary electromagnetic radiation in 
order to produce the secondary electromagnetic radia- 
tion at the first frequency at an enhanced energy den- 
sity, and said second means for receiving having a 
second volumetric size selected to resonate in response 
to the incident primary electromagnetic radiation in 
order to produce the emitted secondary electromagnetic 
radiation at the second frequency at an enhanced 
energy density, said first and second volumetric sizes 


15 


selected based on parameters of propagation constant 20 


of said first and second means for receiving, propaga- 
tion constant of medium in which said first and second 
means for receiving are located and frequency of the 


12 


incident primary electromagnetic radiation, said first 
and second volumetric sizes being different from each 
other; 


a plurality of antennas for receiving the emitted secondary 


electromagnetic radiation at the lower frequency, said 
antenna providing an output responsive to the second- 
ary electromagnetic radiation received, said plurality of 
antennas mounted on said substrate, each of said plu- 
rality of antennas receiving the emitted secondary 
electromagnetic radiation of one of said pairs of first 


and second means for receiving; 
means for transmitting the emitted secondary electromag- 


netic radiation at the beat frequency from said antenna, 
said means for transmitting connected to said plurality 
of antennas; 


a converter connected to said means for transmitting for 


receiving the emitted secondary electromagnetic radia- 
tion at the beat frequency from said antenna and 
converting the same to electrical current having a 
desired voltage and waveform. 
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In electronics, a diode is a two-terminal electronic component that conducts 


primarily in one direction; it has low resistance to the flow of current in one 
direction, and high resistance in the other. A semiconductor diode, the most 
common type today, is a crystalline piece of semiconductor material with a p—n 
junction connected to two electrical terminals. A vacuum tube diode has two 
electrodes, a plate and a heated cathode. Semiconductor diodes were the first 
semiconductor electronic devices. The discovery of crystals’ rectifying abilities was 
made by German physicist Ferdinand Braun in 1874. The first semiconductor 
diodes, called cat's whisker diodes, developed around 1906, were made of mineral 
crystals such as galena. Today, most diodes are made of silicon, but other 
semiconductors such as selenium or germanium are sometimes used. 


This diode is able to detect RF signals and converts it to DC electricity to power a 
Led the amazing thing about this is that its completely passive and doesn't require 
any batteries... Gold Plated Slug 1N23B is Vintage U.S. ARMY Military for General 
Purpose UHF-MW Silicon Mixer. Primarily used in the Allies’ radar systems during 
World War Il. 
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TERRESTRIAL ATMOSPHERIC ELECTRICITY 
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- Generators 
- Coupling with outer space 
2- PHYSICAL PROCESSES 
- Charging/Discharging Mechanisms in Clouds and Thunderstorms 
- High Altitude Phenomena: Transient Luminous Events 
- Acceleration Processes: Transient Gamma Ray Flashes 
- EM emissions and Schumann resonances 


PLANETARY ATMOSPHERIC ELECTRICITY 


1- PLANETARY GLOBAL ELECTRICAL CIRCUITS 
- Terrestrial Planets: Venus, Mars 
- Giant Planets: Jupiter, Saturn and their moons 
2- OBSERVATIONS 


OUTLINE (2) 


INSTRUMENTATION 


1- MEASUREMENT CONDITIONS 
- Ground Based Observations 
- Observations from Space 
- Balloons 


2- MEASUREMENTS TECHNIQUES 
- Conductivity 
- Electric Fields and Waves 


3- SOME EXAMPLES 


THE EARTH S GLOBAL ATMOSPHERIC ELECTRIC CIRCUIT 
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From M.J. Rycroft et al., JASTP, 2000 


ATMOSPHERIC CONDUCTIVITY 


Production Mechanisms 

- Soil radioactivity at low altitude 

- Cosmic rays 

- Solar sources: UV, X-rays, 

- auroral and polar regions: magnetospheric electrons, solar protons 


Charged Particles 
-Positive and Negative cluster ions 


Conductivity profile 

- 10-14 S/m at ground, scale height H,~ atmospheric scale height ~ 6-7 km 

- Isotropic till ~ 70 km, anisotropic in the ionosphere o// >> o Hall, oPedersen 
- day/night and latitude variations 


ATMOSPHERIC CONDUCTIVITY 
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Fig. 3. Total conductivity and corresponding relaxation time under a variety 
of conditions. 
JASR 4:4=4 


From Hale, ASR, 1984 


GENERATORS, THUNDERSTORMS 


CHARGING MECHANISMS 
Convective air motion in thunderstorm clouds, temperature profile L_———— 


Distance from charges (km) 


Collisional Charging between graupels and rain drops 


Electrical structure of Thunderstorm clouds 
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Fig. 1. Illustration of the tripole structure of thunderclouds based Distance from charges Mms 
on in situ measurements by Simpson and Scrase [1937]. aire. The cena ese e e et en 
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From Marshall & Rust, JGR, 1991 


GENERATORS, LIGHTNING 


na» 15 
Gib 
o i pid 
A __} (a) 
ET 
i | 
: 0 
e 
m r" 
f Só 10 
| | a 
— a ' 
C = | 5 
i 7 
| D 


Negative Cloud to Ground, CG- 
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GENERATORS, LIGHTNING 


Geographic Average Distribution 
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Figure 4. The annualized distribution of total lightning activity (in units of fl km”? yr”?). 


From Christian et al, JGR 2003 


GENERATORS, LIGHTNING SEASONAL VARIATIONS 
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GENERATORS, HIGH ALTITUDE DISCHARGES, TLE s 


PHYSICAL PROCESSES 


TLE’ s (Sprites, Blue Jets, Elves, Gigantic jets) are electrical discharges 
in the stratosphere and mesosphere above active thunderstorm clouds 


Sprites o elves 90 km 
Large Electric Field between cloud and see eee eee 

ionosphere following a +CG 
Break-down threshold reached at ~ 70 km red sprites 


Elves 
Initiated from the EMP following a CG 


lonization and luminous halo produced in 
the mesosphere at ~ 90 km 
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tendrils 


Blue Jets and Gigantic Jets 

Streamer initiated at cloud top (~ 15-18 
km) by localized intensification of the ee 
electric field Be 

Propagate up to ~40 km for BJ, ~ 70 km 

or GJ 


GENERATORS, HIGH ALTITUDE DISCHARGES, TLE s 


e” rx 


\ i 
Gigantic jet | Sprite 


na 
ho 
x 
“e 
L”, 
€. 
dd 
= 
TÍ 


Stratosphere 


¡Cloud-to-ground lightning 


100 200 
Distance (km) 


GENERATORS, HIGH ALTITUDE DISCHARGES, TLE s 


ACCELERATION PROCESSES, TGF 


PHYSICAL PROCESSES 
Acceleration of Electrons up to ~ 100 MeV 


- Relativistic Runaway Electron Avalanche from 
cosmic ray generated electrons initially proposed. 


But 
(1) cosmic ray showers not a sufficient electron 


source 
(ii) RREA cannot account for the intensity of TGF 


fluxes. 
-Two mechanisms recently proposed (Dwyer2007, 


2008): 
- Relativistic Feedback mechanism from backward 
propagating positrons and scattered X,y rays 
- Runaway Electron production in large E-fields 
reproduces the duration and intensity of TGF 
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From Dwyer, 2011 


ACCELERATION PROCESSES, TGF 


count rate 


Simulation/Observations comparisons 


Electron fluxes: 
RHESSI data (black dots) 
simulated fluxes (red curve) 


(Dwyer, JGR, 2008) 


count rate 


aver, pitch angle (deg) 


5 


10 15 
tímsec) 


20 


30 


ELECTRO-MAGNETIC EMISSIONS 


Sferics 
- frequency spectrum peaked at ~ 10 kHz, extends up to a few MHz 


Whistlers 
- lonospheric propagation along Earth s magnetic field and ducts at ELF/VLF 


Transverse Resonance 
- Between the surface and the lower ionosphere, ~ 1.5 to 3 kHz 


Schumann Resonances 
-Resonant modes of the Earth-lonosphere wave guide w ~ [n(n+1)]"/4 (c/R) 
- frequencies 7.8, 14.3, 20.8, 27.3, 33.8, ... 
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From Rycroft, 2011 


PLANETARY ATMOSPHERIC ELECTRICITY 


CONDITIONS FOR A GLOBAL ELECTRICAL CIRCUIT ON OTHER PLANETS 
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Mechanisms 
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Whistler mode ELF signals from the Venus Express magnetometer 
Indicating the existence of lightning 


Russel et al., ASR 2008 
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MARS 


Conductivity 
- profile similar to Earth 
- O at surface ~ 10% o on Earth 


Electrification Mechanism 

- Dust Impact 

- Charge depends on size, material 
- Breakdown at ~ 10 kV/m 


Generators 
- Dust storms 
- Dust Devils 


Observations 
-SR of extremely high amplitude (?) 


(Kok, Renno, 2007) 


— Solar minimum (Viking 1) 
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Frequency (Hz) 
dB Above Background (30%) 


SCET 21:00 22:00 23:00 00:00 01:00 02:00 03:00 04:00 
HA 52.89 o2.// 92.04 22.01 92.38 32.20 32.13 92.00 
Lon 47,87 81.56 115.24 148,92 182,61 216,29 249,97 283,65 
lat -0.15 -0.15 -0.15 -0.15 -0.15 -0.15 -0.15 -0.15 
Li 5.98 5.98 5.99 -00 6.00 6.01 6.02 6.02 Orbit 21 


« Saturn Electronic Discharges » (SED) observed by RPWS on Cassini 
EM emissions from lightning 


SATURN and JUPITER 


Comparison between Saturn, Jupiter and Earth lightning 

Lightning sources : 

- Saturn: Giant convective storm systems 3000 km in diameter, equator or 35°S 
- Jupiter: numerous storms in ~ 5° latitude bands at ~ 50° N and S 

- Updrafting water clouds at levels of ~ 10 bar (Saturn), ~ 5 bar (Jupiter) 
Characteristics 

- Frequency spectrum: up to 20 MHz / a few kHz / a few MHz 

- Spectral power at MHz frequencies 100 W/Hz / ~10/0.01 

Physical process 

- Saturn: Elves more likely than Sprites 

- Jupiter: lightning a few ms long 


Desch et al., 2002; Fisher et al., 2008 


TITAN 


36 HZ peak in ELF AC electric field spectrum 
interpreted as the second harmonic of Schumann resonnance 
of the planet-ionosphere wave-guide due to a buried ocean at ~ 60-80 km depth 
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Simoes et al., Icarus, 2007 
Beghin et al, 2012 


INSTRUMENTATION AND OBSERVATIONS 


1- CONDUCTIVITY 
2- ELECTRIC FIELDS AND WAVES 
3- CURRENTS 


4- EXAMPLES OF OBSERVATIONS 
- Stratospheric balloon measurements 


- Huygens probe measurements in the atmosphere of Titan 


ATMOSPHERIC ELECTRICITY PARAMETERS AND THEIR MEASUREMENTS 
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ELECTRIC CURRENTS From M.J. Rycroft et al., JASTP, 2000 
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From R.G. Harrison, Surveys in Geophysics, 2004 


ATMOSPHERE ELECTRIC CONDUCTIVITY (1) 


Gerdien Condenser Relaxation method Mutual Impedance 
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Z(0,2) = V/I 
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frequency 


ATMOSPHERE ELECTRIC CONDUCTIVITY (2) 


Gerdien condenser 
- gives access to the ion mobility spectrum 
- relaxation method can be included 
- requires accurately controlled air flow 
- complexity (fan, electronics...) 


Relaxation method (with electrostatic probes) 
- simple, can be easily implemented on double probe 
- accurate technique for large enough o and stable electric field 
- analysis difficult with a variable background electric field 
- requires specific modeling in case of space charge 


Mutual impedance 
- accurate in atmospheres with both ions and electrons 
- able to provide soil measurements if landed on planetary surface 
- complexity (booms, electronics...) 


TERRESTRIAL CONDUCTIVITY PROFILES 
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From W. Gringel, Prometheus, 1977 


ELECTRIC FIELD MEASUREMENTS 


INDUCTIVE COUPLING RESISTIVE COUPLING 
THE « FIELD MACHINES » THE DOUBLE PROBE INSTRUMENT 
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ELECTRIC FIELD MEASUREMENTS 
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ELECTRIC FIELD MEASUREMENTS 


Transition frequency 0, = 


Low Frequency limit Y, = (V, - V, ): ——*— 


DC-ELF : spherical sensors (with polarization current) 


HF : cylindrical long antenna 


ELECTRIC FIELD MEASUREMENTS 


INDUCTIVE COUPLING, THE « FIELD MACHINES » 


- high impedance, can operate in very low o (Earth's surface) 

- can measure large DC electric fields 

- Some directional capability, 2D measurement with 1 sensor 

- innovative designs in progress, miniaturized devices, vibrating system, ASIC 


- low sensitivity 
- electro-mechanical device (harsh environments, dust, EMI...), signal processing 


- low temporal resolution and low frequency capability (no waves) 


RESISTIVE COUPLING, THE DOUBLE PROBE INSTRUMENT 


- simple device and electronics 

- high sensitivity (in AC better than 1uV/mHz!?*) 

- high temporal resolution (lightning), high frequency capability (MHz) 

- direct measurement, no signal processing 

- high amplitude DC and AC electric field measurements in dedicated modes 


- booms (deployment, mass,...) 
- limited to o 2 10:19 S/m (on Earth above ~ 8 kilometers) 


ATMOSPHERIC CURRENT MEASUREMENTS 
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POTENTIAL GRADIENT 
AND CURRENT 
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y i OUTPUT POTENTIAL 
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GROUND (IV) (Attached to voltmeter) 


From A.J. Bennet and R.G. Harrison, Sub. Adv in Geosciences 


ELECTRIC FIELDS AND CONDUCTIVITY MEASUREMENTS 
ON STRATOSPHERIC BALLOON FLIGHTS 
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e Vertical aa! of Electric Field 
- DC to 3 kHz 
- Large signal « DC channel » 
~ + 50 mV/m to + 200 V/m 
(up to + 10 kV/m in special mode 
- Small signal « AC channel » 
sensitivity ~ 30 uV/m. Hz! 


e Conductivity measurements 
- relaxation method 


you~ 

fs I D i, 
D | A 
\ a @ 
wy iv 


ical 


sensors 


| 


e photodiode SENEN detectors 


HVAIRS_AMMA, Meteorological Conditions (1) 


E E n nm = 5 n a E 


' Balloon flight 
) e T N 


e 


= 
Niamey 


a a ul Ñ E | E a 


HVAIRS_AMMA, Meteorological conditions (2) 
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HVAIRS_AMMA, Conductivity Measurements 


Relax n° 6 
Tau=23.7851 V=139.2663 V0=205.038 V1=-0.11411 V2=0 V3=0 K=2 Relax n°13 Tau=29.5881 V=117.4017 V0=174.8966 V1=0.010034 V2=0 V3=0 K=2 
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e o-~ 3.1 10 S/m 


e O+ ~ 3.3 10-13 S/m 


o ~ 6.4 10-13 S/m 


o ~ 2 10-12 S/m 


R.H. Holzworth JGR, 1991 


o ~ 1.4 10-12 S/m 


From W. Gringel, Prometheus, 1977 
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HVAIRS_AMMA, AC ELECTRIC FIELDS 
Background noise during ascent and Schumann resonnances 
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HVAIRS_AMMA, LIGHTNING and DC ELECTRIC FIELDS 
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HVAIRS_AMMA, DC Electric Fields 
ULF signatures of stratospheric charged clouds 


50 100 150 200 250 300 
TO=17:24:49 + Time [s] 


50 100 150 200 250 300 
TO=17:31:13 + Time [s] 


Altitude [km] 


al 


Altitude [km] 
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HV-AIRS AMMA, LIGHTNING, EM Pulse and Transverse resonance 
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LIGHTNING DETECTION FROM ORBIT 
DEMETER Observations at 650 km altitude 
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THE HASI/PWA EXPERIMENT ON HUYGENS 


PWA aimed at contributing to answering the following questions: 
e What are the ion and electron conductivity profiles? 
e What is the role of aerosols in atmospheric chemistry? 
e Is there lightning on Titan? 
e Do standing waves form in the surface-ionosphere cavity? 
e What are the dielectric properties of the surface? 
e Does a global electric circuit exist on Titan? 
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HUYGENS: Relaxation Curve with plateaus 
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[57] | ABSTRACT 


A method and apparatus for altering at least one se- 
lected region which normally exists above the earth's 
surface. The region is excited by electron cyclotron 
resonance heating to thereby increase its charged parti- 
cle density. In one embodiment, circularly polarized 
electromagnetic radiation is transmitted upward in a 
direction substantially parallel to and along a field line 
which extends through the region of plasma to be al- 
tered. The radiation is transmitted at a frequency which 
excites electron cyclotron resonance to heat and accel- 
erate the charged particles. This increase in energy can 
cause ionization of neutral particles which are then 
absorbed as part of the region thereby increasing the 
charged particle density of the region. 


15 Claims, 5 Drawing Figures 
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i 
METHOD AND APPARATUS FOR ALTERING A 


' REGION IN THE EARTH’S ATMOSPHERE, 
IONOSPHERE, AND/OR MAGNETOSPHERE 


DESCRIPTION 


1. Technical Field | 

This invention relates to a method and apparatus for 
altering at least one selected region normally existing 
above the earth's surface and more particularly relates 
to a method and apparatus for altering said at least one 
region by initially transmitting electromagnetic radia- 
tion from the earth's surface essentially parallel to and 
along naturally-occurring, divergent magnetic field 
lines which extend from the earth’s surface through the 
region or regions to be altered. 

2. Background Art | 

In the Jate 1950’s, it was discovered that naturally- 
occuring belts exist at high altitudes above the earth’s 
surface, and it is now established that these belts result 
from charged electrons and ions becoming trapped 
along the magnetic lines of force (field lines) of the 
earth’s essentially dipole magnetic field. The trapped 
electrons and ions are confined along the field lines 
between two magnetic mirrors which exist at spaced 
apart points along those field lines. The trapped elec- 
trons and ions move in helical paths around their partic- 
ular field lines and “bounce” back and forth between 
the magnetic mirrors. These trapped electrons and ions 
can oscillate along the field lines for long periods of 
time. o 

In the past several years, substantial effort has been 
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that result from the ionized gas or “cold plasma” injec- 
tion. | 

It has also been proposed to release large clouds of 
barium in the magnetosphere so that photoionization 
will increase the cold plasma density, thereby produc- 
ing electron precipitation through enhanced whistier- 
mode interactions. | 

However, in all of the above-mentioned approaches, 
the mechanisms involved in triggering the change in the 
trapped particle phenomena must be actually positioned 
within the affected zone, e.g., the magnetosphere, be- 
fore they can be actuated to effect the desired change. 

The earth’s ionosphere is not considered to be a 
“trapped” belt since there are few trapped particles 
therein. The term “trapped” herein refers to situations 
where the force of gravity on the trapped particles is 
balanced by magnetic forces rather than hydrostatic or 
collisional forces. The charged electrons and ions in the 
ionosphere also follow helical paths around magnetic 
field lines within the ionosphere but are not trapped 
between mirrors, as in the case of the trapped belts in 
the magnetosphere, since the gravitational force on the 
particles is balanced by collisional or hydrostatic forces. 

In recent years, a number of experiments have actu- 
ally been carried out to modify the ionosphere in some 
controlled manner to investigate the possibility of a 
beneficial result. For detailed discussions of these opera- 
tions see the following papers: (1) lonospheric Modifi- 


- cation Theory; G. Meltz and F. W. Perkins; (2) The 


ta 
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made to understand and explain the phenomena in- _ 


volved in belts of trapped electrons and ions, and to 
explore possible ways to control and use these phenom- 
ena for beneficial. purposes. For example, in the late 
1950’s and early 1960’s both the United States and 
U.S.S.R. detonated a series of nuclear devices of vari- 
ous yields to generate large numbers of charged parti- 
cles at various altitudes, e.g., 200 kilometers (km) or 
greater. This was done in order to establish and study 
artifical belts of trapped electrons and ions. These ex- 
periments established that at least some of the extrane- 
ous electrons and ions from the detonated devices did 
become trapped along field lines in the earth’s magneto- 
sphere to form artificial belts which were stable for 
prolonged periods of time. For a discussion of these 
experiments see “The Radiation Belt and Magneto- 
sphere”, W. N. Hess, Blaisdell Publishing Co., 1968, 
pps. 155 et sec. 

Other proposals which have been advanced for alter- 
ing existing belts of trapped electrons and ions and/or 
establishing similar artificial belts include injecting 
charged particles from a satellite carrying a payload of 
radioactive beta-decay material or alpha emitters; and 
injecting charged particles from a satellite-borne elec- 
tron accelerator. Still another approach is described in 
U.S. Pat. No. 4,042,196 wherein a low energy ionized 
gas, e.g., hydrogen, is released from a synchronous 
orbiting satellite near the apex of a radiation belt which 
is naturally-occurring in the earth’s magnetosphere to 
produce a substantial increase in energetic particle pre- 
cipitation and, under certain conditions, produce a limit 
in the number of particles that can be stably trapped. 
This precipitation effect arises from an enhancement of 
the whistler-mode and ion-cyclotron mode interactions 
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Platteville High Power Facility; Carrol et al.; (3) Are- 
cibo Heating Experiments; W. E. Gordon and H. C. 
Carlson, Jr.; and (4) Ionospheric Heating by Powerful 
Radio Waves; Meltz et al., all published in Radio Sci- 
ence, Vol. 9, No. 11, November, 1974, at pages 885-888; 
889-894; 1041-1047; and 1049-1063, respectively, all of 
which are incorporated herein by reference. In such 


experiments, certain regions of the ionosphere are 


heated to change the electron density and temperature 
within these regions. This is accomplished by transmit- 
ting from earth-based antennae high frequency electro- 
magnetic radiation at a substantial angle to, not parallel 
to, the ionosphere’s magnetic field to heat the iono- 
spheric particles primarily by ohmic heating. The elec- 
tron temperature of the ionosphere has been raised by 
hundreds of degrees in these experiments, and electrons 
with several electron volts of energy have been pro- 
duced in numbers sufficient to enhance airglow. Elec- 
tron concentrations have been reduced by a few per- 
cent, due to expansion of the plasma as a result of in- 
creased temperature. | 

In the Elmo Bumpy Torus (EBT), a controlled fusion 
device at the Oak Ridge National Laboratory, all heat- 


ing is provided by microwaves at the electron cyclotron 


resonance interaction. A ring of hot electrons is formed 

at the earth’s surface in the magnetic mirror by a combi- . 
nation of electron cyclotron resonance and stochastic 

heating. In the EBT, the ring electrons are produced 

with an average “temperature” of 250 kilo electron 

volts or kev (2.5 Xx 109K) and a plasma beta between 0.1 

and 0.4; see, “A Theoretical Study of Electron—Cyclo- — 
tron Absorption in Elmo Bumpy Torus”, Batchelor and - 

Goldfinger, Nuclear Fusion, Vol. 20, No. 4 (1980) pps. 
403-418. 

Electron cyclotron resonance heating has been used 
in experiments on the earth’s surface to produce and 
accelerate plasmas in a diverging magnetic field. Kos- 
mahl et al. showed that power was transferred from the 
electromagnetic waves and that a fully ionized plasma 
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was accelerated with a divergence angle of roughly 13 
degrees. Optimum neutral gas density was 1.7 x 10!4per 
cubic centimeter; see, “Plasma Acceleration with Mi- 
crowaves Near Cyclotron Resonance”, Kosmahl et al., 
Journal of Applied Physics, Vol. 38, No. 12, Nov., 1967, 
pps. 4576-4582. 


DISCLOSURE OF THE INVENTION 


The present invention provides a method and appara- 
tus for altering at least one selected region which nor- 
mally exists above the earth’s surface. The region is 
excited by electron cyclotron resonance heating of elec- 
trons which are already present and/or artifically cre- 
ated in the region to thereby increase the charged parti- 
cle energy and ultimately the density of the region. 

In one embodiment this is done by transmitting circu- 
larly polarized electromagnetic radiation from the 
earth’s surface at or near the location where a naturally- 
occurring dipole magnetic field (force) line intersects 
the earth’s surface. Right hand circular polarization is 
used in the northern hemisphere and left hand circular 
polarization is used in the southern hemisphere. The 
radiation is deliberately transmitted at the outset in a 
direction substantially parallel to and along a field line 
which extends upwardly through the region to be al- 
tered. The radiation is transmitted at a frequency which 
is based on the gyrofrequency of the charged particles 
and which, when applied to the at least one region, 
excites electron cyclotron resonance within the region 
or regions to heat and accelerate the charged particles 
in their respective helical paths around and along the 
field line. Sufficient-energy is employed to cause ioniza- 
tion of neutral particles (molecules of oxygen, nitrogen 
and the like, particulates, etc.) which then become a 
part of the region thereby increasing the charged parti- 
cle density of the region. This effect can further be 
enhanced by providing artificial particles, e.g., elec- 
trons, ions, etc., directly into the region to be affected 
from a rocket, satellite, or the like to supplement the 
particles in the naturally-occurring plasma. These arti- 
ficial particles are also ionized by the transmitted elec- 
tromagnetic radiation thereby increasing charged parti- 
cle density of the resulting plasma in the region. 

In another embodiment of the invention, electron 
cyclotron resonance heating is carried out in the se- 
lected region or regions at sufficient power levels to 
allow a plasma present in the region to generate a mir- 


ror force which forces the charged electrons of the 


altered plasma upward along the force line to an alti- 
tude which is higher than the original altitude. In this 
case the relevant mirror points are at the base of the 
altered region or regions. The charged electrons drag 
ions with them as well as other particles that may be 
present. Sufficient power, e.g., 10!>joules, can be ap- 
plied so that the altered plasma can be trapped on the 
field line between mirror points and will oscillate in 
space for prolonged periods of time. By this embodi- 
ment, a plume of altered plasma can be established at 
selected locations for communication modification or 
other purposes. 

In another embodiment, this invention is used to alter 
at least one selected region of plasma in the ionosphere 
to establish a defined layer of plasma having an in- 
creased charged particle density. Once this layer is 
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established, and while maintaining the transmission of 65 


the main beam of circularly polarized electromagnetic 
radiation, the main beam is modulated and/or at least 
one second different, modulated electromagnetic radia- 


4 


tion beam is transmitted from at least one separate 
source at a different frequency which will be absorbed 
in the plasma layer. The amplitude of the frequency of 
the main beam and/or the second beam or beams is 
modulated in resonance with at least one known oscilla- 
tion mode in the selected region or regions to excite the 
known oscillation mode to propagate a known fre- 
quency wave or waves throughout the ionosphere. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The actual construction, operation, and apparent 
advantages of this invention will be better understood 
by referring to the drawings in which like numerals 
identify like parts and in which: 

FIG. 1 is a simplified schematical view of the earth 
(not to scale) with a magnetic field (force) line along 
which the present invention is carried out; 

FIG. 2 is one embodiment within the present inven- 
tion in which a selected region of plasma is raised to a 
higher altitude; 

FIG. 3 is a simplified, idealized representation of a 
physical phenomenon involved in the present invention; 
and 

FIG. 4 is a schematic view of another embodiment 
within the present invention. 

FIG. 5 is a schematic view of an apparatus embodi- 
ment within this invention. 


BEST MODES FOR CARRYING OUT THE 
INVENTION 


The earth’s magnetic field is somewhat analogous to 
a dipole bar magnet. As such, the earth’s magnetic field 
contains numerous divergent field or force lines, each 
line intersecting the earth’s surface at points on opposite 
sides of the Equator. The field lines which intersect the 
earth’s surface near the poles have apexes which lie at 
the furthest points in the earth’s magnetosphere while 
those closest to the Equator have apexes which reach 
only the lower portion of the magnetosphere. 

At various altitudes above the earth’s surface, e.g., in 
both the ionosphere and the magnetosphere, plasma is 
naturally present along these field lines. This plasma 
consists of equal numbers of positively and negatively 
charged particles (i.e., electrons and ions) which are 
guided’ by the field line. It is well established that a 
charged particle in a magnetic field gyrates about field 
lines, the center of gyration at any instance being called 
the “guiding center” of the particle. As the gyrating 
particle moves along a field line in a uniform field, it 
will follow a helical path about its guiding center, hence 
linear motion, and will remain on the field line. Elec- 
trons and ions both follow helical paths around a field 
line but rotate in opposite directions. The frequencies at 
which the electrons and ions rotate about the field line 
are called gyromagnetic frequencies or cyclotron fre- 
quencies because they are identical with the expression 
for the angular frequencies of gyration of particles in a 
cyclotron. The cyclotron frequency of ions in a given 
magnetic field is less than that of electrons, in inverse 
proportion to their masses. 

If the particles which form the plasma along the 
earth’s field lines continued to move with a constant 
pitch angle, often designated “alpha”, they would soon 
impact on the earth’s surface. Pitch angle alpha is de- 
fined as the angle between the direction of the earth’s 
magnetic field and the velocity (V) of the particle. 
However, in converging force fields, the pitch angle 
does change in such a way as to allow the particle to 
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turn around and avoid impact. Consider a particle mov- 
ing along a field line down toward the earth. It moves 
into a region of increasing magnetic field strength and 
therefore sine alpha increases. But sine alpha can only 
increase to 1.0, at which point, the particle turns around 
and starts moving up along the field line, and alpha 
decreases. The point at which the particle turns around 
is called the mirror point, and there alpha equals ninety 
degrees. This process is repeated at the other end of the 
field line where the same magnetic field strength value 
B, namely Bm, exists. The particle again turns around 
and this is called the “conjugate point” of the original 
mirror point. The particle is therefore trapped and 
bounces between the two magnetic mirrors. The parti- 


cle can continue oscillating in space in this manner for , 


long periods of time. The actual place where a particle 
will mirror can be calculated from the following: 


sin? alphag= 


Bo/Bm (1) 
wherein: | i 
alpha,=equatorial pitch angle of particle 


Bo=equatorial field strength on a particular field line 

Bm=field strength at the mirror point 

Recent discoveries have established that there are 
substantial regions of naturally trapped particles in 
space which are commonly called “trapped radiation 
belts”. These belts occur at altitudes greater than about 
500 km and accordingly lie in the pibenctospiere and 
mostly above the ionosphere. 

The ionosphere, while it may overlap some of the 
trapped-particle belts, is a region in which hydrostatic 
forces govern its particle distribution in the gravita- 
tional field. Particle motion within the ionosphere is 
governed by both hydrodynamic and electrodynamic 
forces. While there are few trapped particles in the 
ionosphere, nevertheless, plasma is present along field 
lines in the ionosphere. The charged particles which 
form this plasma move between collisions with other 
particles along similar helical paths around the field 
lines and although a particular particle may diffuse 
downward into the earth’s lower atmosphere or lose 
energy and diverge from its original field line due to 
collisions with other particles, these charged particles 
are normally replaced by other available charged parti- 
cles or by particles that are ionized by collision with 
said particle. The electron density (Ne) of the plasma 
will vary with the actual conditions and locations in- 
volved. Also, neutral particles, ions, and. electrons are 
present in proximity to the field lines. 

The production of enhanced ionization will also alter 
the distribution of atomic and molecular constituents of 
the atmosphere, most notably through increased atomic 
nitrogen concentration. The upper atmosphere is nor- 
mally rich in atomic oxygen (the dominant atmospheric 
constituent above 200 km altitude), but atomic nitrogen 
is normally relatively rare. This can be expected to 
manifest itself in increased airglow, among other ef- 
fects. 
= As known in eens physics, the characteristics of a 
plasma can be altered by adding energy to the charged 
particles or by ionizing or exciting additional particles 
to increase the density of the plasma. One way to do this 
is by heating the plasma which can be accomplished i in 
different ways, e.g., ohmic, magnetic compression, 
shock waves, magnetic pumping, electron cyclotron 
resonance, and the like. . 

Since electron cyclotron resonance heating is in- 
volved in the present invention, a brief discussion of 
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sáme is in order. Increasing the energy of electrons in a 
plasma by invoking electron cyclotron resonance heat- 
ing, is based on a principle similar to that utilized to 
accelerate charged particles in a cyclotron. If a plasma 
is confined by a static axial magnetic field of strength B, 
the charged particles will gyrate about the lines of force 
with a frequency given, in hertz, as fy= 1.54 X 10?B/A, 
where: B=magnetic field strength in gauss, and A =- 
mass number of the ion. 

Suppose a time-varying field of this frequency is su- 
perimposed on the static field B confining the plasma, 
by passage of a radiofrequency current through a coil 
which is concentric with that producing the axial field, 
then in each half-cycle of their rotation about the field 
lines, the charged particles acquire energy from the 
oscillating electric field associated with the radio fre- 
quency. For example, if B is 10,000 gauss, the frequency 
of the field which is in resonance with protons in a 
plasma is 15.4 megahertz. 

As applied to electrons, electron cyclotron resonance 
heating requires an oscillating field having a definite 
frequency determined by the strength of the confining 
field. The radio-frequency radiation produces time- 
varying fields (electric and magnetic), and the electric 
field accelerates the charged particle. The energized 
electrons share their energy with ions and neutrals by 
undergoing collisions with these particles, thereby ef- 
fectively raising the temperature of the electrons, ions, 
and neutrals. The apportionment of energy among these 
species is determined by collision frequencies. For a 
more detailed understanding of the physics involved, 
see “Controlled Thermonuclear Reactions”, Glasstone 
and Lovberg, D. Van Nostrand Company, Inc., Prince- 
ton, N.J., 1960 and “The Radiation Belt and Magneto- 
sphere”, Hess, Blaisdell Publishing Company, 1968, 
both of which are incorporated herein by reference. 

Referring now to the drawings, the present invention 


- provides a method and apparatus for altering at least 
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one region of plasma which lies along a field line, partic- 
ularly when it passes through the ionosphere and/or 
magnetosphere. FIG. 1 is a simplified illustration of the 
earth 10 and one of its dipole magnetic force or field 


lines 11. As will be understood, line 11 may be any one 


of the numerous naturally existing field lines and the 
actual geographical locations 13 and 14 of line 11 will be 
chosen based on a particular operation to be carried out. 
The actual locations at which field lines intersect the 
earth's surface is documented and is readily ascertain- 
able by those skilled in the art. 

Line 11 passes through region R which: lies at an 
altitude above the earth’s surface. A wide range of alti- 
tudes are useful given the power that can be employed 
by the practice of this invention. The electron cyclotron 
resonance heating effect can be made to act on electrons 
anywhere above the surface of the earth. These elec- 
trons may be already present in the atmosphere, iono- . 
sphere, and/or magnetosphere of the earth, or can be 
artificially generated by a variety of means such as x-ray 
beams, charged particle beams, lasers, the plasma sheath 
surrounding an object such as a missile or meteor, and 
the like. Further, artificial particles, e.g., electrons, ions, 
etc., can be injected directly into region R from an 
earth-launched rocket or orbiting satellite carrying, for 
example, a payload of radioactive beta-decay material; 
alpha emitters; an electron accelerator; and/or ionized 
gases such as hydrogen; see U.S. Pat. No. 4,042,196. 
The altitude can be greater than about 50 km if desired, 
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e.g., can be from about 50 km to about 800 km, and, 
accordingly may lie in either the ionosphere or the 
magnetosphere or both. As explained above, plasma 
will be present along line 11 within region R and 1s 
represented by the helical line 12. Plasma 12 is com- 
prised of charged particles (i.e., electrons and ions) 
which rotate about opposing helical paths along line 11. 

Antenna 15 is positioned as close as is practical to the 
location 14 where line 11 intersects the earth’s surface. 
Antenna 15 may be of any known construction for high 
directionality, for example, a phased array, beam spread 
angle (0) type. See “The MST Radar at Poker Flat, 
Alaska”, Radio Science, Vol. 15, No. 2, Mar.-Apr. 1980, 
pps. 213-223, which is incorporated herein by refer- 
ence. Antenna 15 is coupled to transmitter 16 which 
generates a beam of high frequency electromagnetic 
radiation at a wide range of discrete frequencies, e.g., 
from about 20 to about 1800 kilohertz (kHz). 

Transmitter 16 is powered by power generator means 
17 which is preferably comprised of one or more large, 
commercial electrical generators. Some embodiments 
of the present invention require large amounts of 
power, e.g., up to 10%to 10!! watts, in continuous wave 
or pulsed power. Generation of the needed power is 
- within the state of the art. Although the electrical gen- 
erators necessary for the practice of the invention can 
be powered in any known manner, for example, by 
nuclear reactors, hydroelectric facilities, hydrocarbon 
fuels, and the like, this invention, because of its very 
large power requirement in certain applications, is par- 
ticularly adapted for use with certain types of fuel 
sources which naturally occur at strategic geographical 
locations around the earth. For example, large reserves 
of hydrocarbons (oil and natural gas) exist in Alaska and 
Canada. In northern Alaska, particularly the North 
Slope region, large reserves are currently readily avail- 
able. Alaska and northern Canada also are ideally lo- 
cated geographically as to magnetic latitudes. Alaska 
provides easy access to magnetic field lines that are 
especially suited to the practice of this invention, since 
many field lines which extend to desirable altitudes for 
this invention intersect the earth in Alaska. Thus, in 
Alaska, there is a unique combination of large, accessi- 


ble fuel sources at desirable field line intersections. Fur- 


ther, a particularly desirable fuel source for the genera- 
tion of very large amounts of electricity is present in 
Alaska in abundance, this source being natural gas. The 
presence of very large amounts of clean-burning natural 
gas in Alaskan latitudes, particularly on the North 
Slope, and the availability of magnetohydrodynamic 
(MHD), gas turbine, fuel cell, electrogasdynamic 
(EGD) electric generators which operate very effi- 
ciently with natural gas provide an ideal power source 
for the unprecedented power requirements of certain of 
the applications of this invention. For a more detailed 
discussion of the various means for generating electric- 
ity from hydrocarbon fuels, see “Electrical Aspects of 
Combustion”, Lawton and Weinberg, Clarendon Press, 
1969. For example, it is possible to generate the electric- 
ity directly at the high frequency needed to drive the 
antenna system. To do this, typically the velocity of 
flow of the combustion gases (v), past magnetic field 
perturbation of dimension d (in the case of MHD), fol- 
low the rule: 


v=df 


where f is the frequency at which electricity is gener- 
ated. Thus, if v=1.78x 106 cm/sec and d=1 cm then 
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electricity would be generated at a frequency of 1.78 
mHz. 

Put another way, in Alaska, the right type of fuel 
(natural gas) is naturally present in large amounts and at 
just the right magnetic latitudes for the most efficient 
practice of this invention, a truly unique combination of 
circumstances. Desirable magnetic latitudes for the 
practice of this invention interest the earth’s surface 
both northerly and southerly of the equator, particu- 
larly desirable latitudes being those, both northerly and 
southerly, which correspond in magnitude with the 
magnetic latitudes that encompass Alaska. 

Referring now to FIG. 2 a first ambodiment is illus- 
trated where a selected region R ¡of plasma 12 is altered 
by electron cyclotron resonance heating to accelerate 
the electrons of plasma 12, which are following helical 
paths along field line 11. 

To accomplish this result, electromagnetic radiation 
is transmitted at the outset, essentially parallel to line 11 
via antenna 15 as right hand circularly polarized radia- 
tion wave 20. Wave 20 has a frequency which will 
excite electron cyclotron resonance with plasma 12 at 


_ its initial or original altitude. This frequency will vary 


depending on the electron cyclotron resonance of re- 
gion Rywhich, in turn, can be determined from available 


- data based on the altitudes of region Ry, the particular 
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field line 11 being used, the strength of the earth's mag- 
netic field, etc. Frequencies of from about 20 to about 
7200 kHz, preferably from about 20 to about 1800 kHz 
can be employed. Also, for any given application, there 
will be a threshhold (minimum power level) which is 
needed to produce the desired result. T'he minimum 
power level is a function of the level of plasma produc- 
tion and movement required, taking into consideration 
any loss processes that may be dominant in a particular 
plasma or propagation path. 

As electron cyclotron resonance is established in 
plasma 12, energy is transferred from the electromag- 
netic radiation 20 into plasma 12 to heat and accelerate 
the electrons therein and, subsequently, ions and neutral 
particles. As this process continues, neutral particles 
which are present within Rjare ionized and absorbed 
into plasma 12 and this increases the electron and ion 
densities of plasma 12. As the electron energy is raised 
to values of about 1 kilo electron volt (kev), the gener- 
ated mirror force (explained below) will direct the ex- 
cited plasma 12 upward along line 11 to form a plume 
Rat an altitude higher than that of R¡. 

Plasma acceleration results from the force on an elec- 
tron produced by a nonuniform static magnetic field 
(B). The force, called the mirror force, is given by 

F=-—uVB (2) 
where p is the electron magnetic moment and V B is the 
gradient of the magnetic field, u being further defined 
as: 


W¡/B=mV1?*/2B 


where Wis the kinetic energy in the direction perpen- 
dicular to that of the magnetic field lines and B is the 
magnetic field strength at the line of force on which the 
guiding center of the particle is located. The force as 
represented by equation (2) is the force which is respon- 
sible for a particle obeying equation (1). 
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Since the magnetic field is divergent in region Ry, it 
can be shown that the plasma will move upwardly from 
the heating region as shown in FIG. 1 and further it can 
be shown that | 

MVA AO EMV MH MV 7) (3) 
where the left hand side is the initial electron transverse 
kinetic energy; the first term on the right 1s the trans- 
verse electron kinetic energy at some point (Y) in the 
expanded field region, while the final term is the ion 
kinetic energy parallel to B at point (Y). This last term 
is what constitutes the desired ion flow. It is produced 
by an electrostatic field set up by electrons which are 
accelerated according to Equation (2) in the divergent 
field region and pulls ions along with them. Equation 
(3) ignores electron kinetic energy parallel to B because 
Ve|| = Vij], so the bulk of parallel kinetic energy resides 
in the ions because of their greater masses. For example, 
if an electromagnetic energy flux of from about 1 to 
about 10 watts per square centimeter is applied to re- 
gion R, whose altitude is 115 km, a plasma having a 
density (Ne) of 1012 per cubic centimeter will be gener- 
ated and moved upward to region R2 which has an 
altitude of about 1000 km. The movement of electrons 
in the plasma is due to the mirror force while the ions 
are moved by ambipolar diffusion (which results from 
the electrostatic field). This effectively “lifts” a layer of 
plasma 12 from the ionosphere and/or magnetosphere 
to a higher elevation R2. The total energy required to 
create a plasma with a base area of 3 square kilometers 
and a height of 1000 km is about 3 x 1013 joules. | 

FIG. 3 is an idealized representation of movement of 
plasma 12 upon excitation by electron cyclotron reso- 
nance within the earth’s divergent force field. Electrons 
(e) are accelerated to velocities required to generate the 
necessary mirror force to cause their upward move- 
ment. At the same time neutral particles (n) which are 
present along line 11 in region Ryare ionized and be- 
come part of plasma 12. As electrons (e) move upward 
along line 11, they drag ions (1) and neutrals (n) with 
them but at an angle @ of about 13 degrees to field line 
11. Also, any particulates that may be present in region 
Rj, will be swept upwardly with the plasma. As the 
charged particles of plasma 12 move upward, other 
particles such as neutrals within or below Rj, move in 
to replace the upwardly moving particles. These neu- 
trals, under some conditions, can drag with them 
charged particles. | 

For example, as a plasma moves upward, other parti- 
cles at the same altitude as the plasma move horizon- 
tally into the region to replace the rising plasma and to 


form new plasma. The kinetic energy developed by said 


other particles as they move horizontally is, for exam- 
ple, on the same order of magnitude as the total zonal 
kinetic energy of stratospheric winds known to exist. 


10 


oscillation will then allow additional heating of the 
trapped plasma 12 by stochastic heating which is associ- 
ated with trapped and oscillating particles. See “A New 
Mechanism for Accelerating Electrons in the Outer 
Ionosphere” by R. A. Helliwell and T. F. Bell, Journal 
of Geophysical Research, Vol. 65, No. 6, June, 1960. 
This is preferably carried out at an altitude of at least 
500 km. l 
The plasma of the typical example might be em- 
ployed to modify or disrupt microwave transmissions of 
satellites. If less than total black-out of transmission is 


| desired (e.g., scrambling by phase shifting digital sig- 


nals), the density of the plasma (Ne) need only be at least 
about 106 per cubic centimeter for a plasma orginating 
at an altitude of from about 250 to about 400 km and 


accordingly less energy (1.e., electromagnetic radia- a 


tion), e.g., 105 joules need be provided. Likewise, if the 
density Neis on the order of 108, a properly positioned 
plume will provide a reflecting surface for VHF waves 


and can be used to enhance, interfere with, or otherwise 


modify communication transmissions. It can be seen 
from the foregoing that by appropriate application of : 
various aspects of this invention at strategic locations 
and with adequate power sources, a means and method 
is provided to cause interference with or even total 


- disruption of communications over a very large portion 


us) 


35 


O 


of the earth. This invention could be employed to dis- 
rupt not only land based communications, both civilian 
and military, but also airborne communications and sea 
communications (both surface and subsurface). This 
would have significant military implications, particu- 
larly as a barrier to or confusing factor for hostile mis- 
siles or airplanes. The belt or belts of enhanced ioniza- 
tion produced by the method and apparatus of this 
invention, particularly if set up over Northern Alaska 
and Canada, could be employed as an early warning 


device, as well as a communications disruption medium. 


Further, the simple ability to produce such a situation in 
a practical time period can by itself be a deterring force 
to hostile action. The ideal combination of suitable field 
lines intersecting the earth's surface at the point where 
substantial fuel sources are available for generation of 
very large quantitities of electromagnetic power, such 
as the North Slope of Alaska, provides the wherewithal 
to accomplish the foregoing in a practical time period, 


- e.g., Strategic requirements could necessitate achieving 


55 


Referring again to FIG. 2, plasma 12 in region Rj is © 


moved upward along field line 11. The plasma 12 will 
then form a plume (cross-hatched area in FIG. 2) which 
will be relatively stable for prolonged periods of time. 
The exact period of time will vary widely and be deter- 
mined by gravitational forces and a combination of 
radiative and diffusive loss terms. In the previous de- 
tailed example, the calculations were based on forming 
a plume by producing O*energies of 2 ev/particle. 
About 10 ev per particle would be required to expand 
plasma 12 to apex point C (FIG. 1). There at least some 
of the particles of plasma 12 will be trapped and will 
oscillate between mirror points along field line 11. This 
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the desired altered regions in time periods of two min- 
utes or less and this is achievable with this invention, 
especially when the combination of natural gas and 
magnetohydrodynamic, gas turbine, fuel cell and/or 
EGD electric generators are employed at the point 
where the useful field lines intersect the earth’s surface. 
One feature of this invention which satisfies a basic 
requirement of a weapon system, i.e., continuous check- 
ing of operability, is that small amounts of power can be 
generated for operability checking purposes. Further, in 
the exploitation of this invention, since the main electro- 
magnetic beam which generates the enhanced ionized 
belt of this invention can be modulated itself and/or one 
or more additional electromagnetic radiation waves can 
be impinged on the ionized region formed by this inven- 
tion as will be described in greater detail herein after 
with respect to FIG. 4, a substantial amount of ran- 
domly modulated signals of very large power magni- 
tude can be generated in a highly nonlinear mode. This 
can cause confusion of or interference with or even 
complete disruption of guidance systems employed by 
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even the most sophisticated of airplanes and missiles. 

The ability to employ and transmit over very wide areas 

of the earth a plurality of electromagnetic waves of, 
varying frequencies and to change same at will in a 

random manner, provides a unique ability to interfere 

with all modes of communications, land, sea, and/or air, 

at the same time. Because of the unique juxtaposition of 
usable fuel source at the point where desirable field lines 

intersect the earth's surface, such wide ranging and 

complete communication interference can be achieved 

in a resonably short period of time. Because of the mir- 

roring phenomenon discussed hereinabove, it can also 

be prolonged for substantial time periods so that it 

would not be a mere transient effect that could simply 

be waited out by an opposing force. Thus, this invention 

provides the ability to put unprecedented amounts of 
power in the earth's atmosphere at strategic locations 

and to maintain the power injection level, particularly if 
random pulsing is employed, in a manner far more pre- 

cise and better controlled than heretofore accomplished 
by the prior art, particularly by the detonation of nu- 

clear devices of various yeilds at various altitudes. 

Where the prior art approaches yielded merely transi- 

tory effects, the unique combination of fuel and desir- 

able field lines at the point where the fuel occurs allows 

the establishment of, compared to prior art approaches, 

precisely controlled and long-lasting effects which can- 

not, practically speaking, simply be waited out. Further, 

by knowing the frequencies of the various electromag- 

netic beams employed in the practice of this invention, 

it is possible not only to interfere with third party com- 

munications but to take advantage of one or more such 

beams to carry out a communications network even 

though the rest of the world’s communications are dis- 

rupted. Put another way, what is used to disrupt anoth- 

er’s communications can be employed by one knowl- 

edgeable of this invention as a communications network 

at the same time. In addition, once one’s own communi- 

cation network is established, the far-reaching extent of 
the effects of this invention could be employed to pick 

up communication signals of other for intelligence pur- 

poses. Thus, it can be seen that the disrupting effects 

achievable by this invention can be employed to benefit 

by the party who is practicing this invention since 

knowledge of the various electromagnetic waves being 

employed and how they will vary in frequency and 

magnitude can be used to an advantage for positive 

communication and eavesdropping purposes at the 

same time. However, this invention is not limited to 

locations where the fuel source naturally exists or 

where desirable field lines naturally intersect the earth's 

surface. For example, fuel, particularly hydrocarbon 

fuel, can be transported by pipeline and the like to the 

location where the invention is to be practiced. 

FIG. 4 illustrates another embodiment wherein a 
selected region of plasma R3which lies within the 
earth’s ionosphere is altered to increase the density 
thereof whereby a relatively stable layer 30 of relatively 
dense plasma is maintained within region R3. Electro- 
magnetic radiation is transmitted at the outset essen- 
tially parallel to field line 11 via antenna 15 as a right 
hand circularly polarized wave and at a frequency (e.g., 
1.78 megahertz when the magnetic field at the desired 
altitude is 0.66 gauss) capable of exciting electron cyclo- 
tron resonance in plasma 12 at the particular altitude of 
plasma 12. This causes heating of the particles (elec- 
trons, ions, neutrals, and particulates) and ionization of 
the uncharged particles adjacent line 11, all of which 
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12 
are absorbed into plasma 12 to increase the density 
thereof. The power transmitted, e.g., 2 10° watts for 
up to 2 minutes heating time, is Jess than that required to 
generate the mirror force F required to move plasma 12 
upward as in the previous embodiment. 

While continuing to transmit electromagnetic radia- 
tion 20 from antenna 15, a second electromagnetic radi- 
ation beam 31, which is at a defined frequency different 
from the radiation from antenna 15, is transmitted from 
one or more second sources via antenna 32 into layer 30 
and is absorbed into a portion of layer 30 (cross-hatched 
area in FIG. 4). The electromagnetic radiation wave 
from antenna 32 is amplitude modulated to match a 
known mode of oscillation f3 in layer 30. This creates a 
resonance in layer 30 which excites a new plasma wave 
33 which also has a frequency of f3 and which then 
propogates through the ionosphere. Wave 33 can be 
used to improve or disrupt communications or both 
depending on what is desired in a particular application. 
Of course, more than one new wave 33 can be gener- 
ated and the various new waves can be modulated at 
will and in a highly nonlinear fashion. 

FIG. 5 shows apparatus useful in this invention, par- 
ticularly when those applications of this invention are 
employed which require extremely large amounts of 
power. In FIG. 5 there is shown the earth’s surface 40 
with a well 41 extending downwardly thereinto until it 
penetrates hydrocarbon producing reservoir 42. Hydro- 
carbon reservoir 42 produces natural gas alone or in 
combination with crude oil. Hydrocarbons are pro- 
duced from reservoir 42 through well 41 and wellhead 
43 to a treating system 44 by way of pipe 45. In treater 
44, desirable liquids such as crude oil and gas conden- 
sates are separated and recovered by way of pipe 46 
while undesirable gases and liquids such as water, H25, 
and the like are separated by way of pipe 47. Desirable 
gases such as carbon dioxide are separated by way of 
pipe 48, and the remaining natural gas stream is re- 
moved from treater 44 by way of pipe 49 for storage in 
conventional tankage means (not shown) for future use 
and/or use in an electrical generator such as a magneto- 
hydrodynamic, gas turbine, fuel cell or EGD generator 
50. Any desired number and combination of different 
types of electric generators can be employed in the 
practice of this invention. The natural gas is burned in 
generator 50 to produce substantial quantities of elec- 
tricity which is then stored and/or passed by way of 
wire 51 to a transmitter 52 which generates the electro- 
magnetic radiation to be used in the method of this 
invention. The electromagnetic radiation is then passed 
by way of wire 53 to antenna 54 which is located at or 
near the end of field line 11. Antenna 54 sends circularly 
polarized radiation wave 20 upwards along field line 11 
to carry out the various methods of this invention as 
described hereinabove. 

Of course, the fuel source need not be used in its 
naturally-occurring state but could first be converted to 
another second energy source form such as hydrogen, 
hydrazine and the like, and electricity then generated 
from said second energy source form. 

It can be seen from the foregoing that when desirable 
field line 11 intersects earth’s surface 40 at or near a 
large naturally-occurring hydrocarbon source 42, ex- 
ceedingly large amounts of power can be very effi- 
ciently produced and transmitted in the direction of 
field lines. This is particularly so when the fuel source is 
natural gas and magnetohydrodynamic generators are 
employed. Further, this can all be accomplished in a 
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- relatively small physical area when there is the unique 
coincidence of fuel source 42 and desirable field line 11. 
Of course, only one set of equipment is shown in FIG. 
5 for sake of simplicity. For a large hydrocarbon reser- 
voir 42, a plurality of wells 41 can be employed to feed 
one or more storage means and/or treaters and as large 
a number of generators 55 as needed to power one or 
more transmitters 52 and one or more antennas 54. 
Since all of the apparatus 44 through 54 can be em- 
ployed and used essentially at the sight where naturally- 
occurring fuel source 42 is located, all the necessary 
electromagnetic radiation 20 is generated essentially at 
= the same location as fuel source 42. This provides for a 


maximum amount of usable electromagnetic radiation — 


20 since there are no significant storage or transporta- 
tion losses to be incurred. In other words, the apparatus 
-is brought to the sight of the fuel source where desirable 
field line 11 intersects the earth's surface 40 on or near 
the geographical location of fuel source 42, fuel source 
42 being at a desirable magnetic latitude for the practice 
of this invention, for example, Alaska. 

The generation of electricity by motion of a conduct- 
ing fluid through a magnetic field, i.e., magnetohydro- 
dynamics (MHD), provides a method of electric power 
generation without moving mechanical parts and when 
the conducting fluid is a plasma formed by combustion 


20 


23 


of a fuel such as natural gas, an idealized combination of | 


apparatus is realized since the very clean-burning natu- 
ral gas forms the conducting plasma in an efficient man- 
ner and the thus formed plasma, when passed through a 
magnetic field, generates electricity in a very efficient 
manner. Thus, the use of fuel source 42 to generate a 


plasma by combustion thereof for the generation of | 


electricity essentially at the site of occurrence of the 
fuel source is unique and ideal when high power levels 
are required and desirable field lines 11 intersect the 
earth’s surface 40 at or near the site of fuel source 42. A 
particular advantage for MHD generators is that they 
can be made to generate large amounts of power with a 
small volume, light weight device. For example, a 1000 
megawatt MHD generator can be construed using su- 
perconducting magnets to weigh roughly 42,000 
pounds and can be readily air lifted. 

_ This invention has a phenomenal variety of possible 
ramifications and potential future developments. As 
alluded to earlier, missile or aircraft destruction, deflec- 
tion, or confusion could result, particularly when rela- 
tivistic particles are employed. Also, large regions of 


. the atmosphere could be lifted to an unexpectedly high- 


altitude so that missiles encounter unexpected and un- 
planned drag forces with resultant destruction or de- 
flection of same. Weather modification is possible by, 
for example, altering upper atmosphere wind patterns 
or altering solar absorption patterns by constructing 
one or more plumes of atmospheric particles which will 
act as a lens or focusing device. Also as alluded to ear- 
lier, molecular modifications of the atmosphere can take 
place so that positive environmental effects can be 
achieved. Besides actually changing the molecular com- 
position of an atmospheric region, a particular molecule 
or molecules can be chosen for increased presence. For 
example, ozone, nitrogen, etc. concentrations in the 
atmosphere could be artificially increased. Similarly, 
environmental enhancement could be achieved by caus- 
ing the breakup of various chemical entities such as 
carbon dioxide, carbon monoxide, nitrous oxides, and 
the like. Transportation of entities can also be realized 
when advantage is taken of the drag effects caused by 
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regions of the atmosphere moving up along diverging 
field lines. Small micron sized particles can be then 
transported, and, under certain circumstances and with 
the availability of sufficient energy, larger particles or 
objects could be similarly affected. Particles with de- 
sired characteristics such as tackiness, reflectivity, ab- 
sorptivity, etc., can be transported for specific purposes 
or effects. For example, a plume of tacky particles could 


be established to increase the drag on a missile or satel- . 


lite passing therethrough. Even plumes of plasma hav- 
ing substantially less charged particle density than-de- 
scribed above will produce drag effects on missiles 
which will affect a lightweight (dummy) missile in a 
manner substantially different than a heavy (live) mis- 
sile and this affect can be used to distinguish between 


the two types of missiles. A moving plume could also 


serve aS a means for supplying a space station or for 
focusing vast amount of sunlight on selected portions of 
the earth. Surveys of global scope could also be realized 
because the earth’s natural magnetic field could be sig- 
nificantly altered in a controlled manner by plasma beta 
effects resulting in, for example, improved magnetotel- 
luric surveys. Electromagnetic pulse defenses are also 
possible. The earth’s magnetic field could be decreased 
or disrupted at appropriate altitudes to modify or elimi- 
nate the magnetic field in high Compton electron gener- 
ation (e.g., from high altitude nuclear bursts) regions. 
High intensity, well controlled electrical fields can be 
provided in selected locations for various purposes. For 
example, the plasma sheath surrounding a missile or 
satellite could be used as a trigger for activating such a 
high intensity field to destroy the missile or satellite. 
Further, irregularities can be created in the ionosphere 
which will interfere with the normal operation of vari- 
ous types of radar, e.g., synthetic aperture radar. The 
present invention can also be used to create artificial 
belts of trapped particles which in turn can be studied to 


determine the stability of such parties. Still further, 


plumes in accordance with the present invention can be 
formed to simulate and/or perform the same functions 
as performed by the detonation of a “heave” type nu- 
clear device without actually having to detonate such a 
device. Thus it can be seen that the ramifications are 
numerous, far-reaching, and exceedingly varied in use- 
fulness. 

I claim: 

1. A method for altering at least one region normally 
existing above the earth’s surface with electromagnetic 
radiation using naturally-occurring and diverging mag- 
netic field lines of the earth comprising transmitting first 
electromagnetic radiation at a frequency between 20 
and 7200 kHz from the earth’s surface, said transmitting 
being conducted essentially at the outset of transmission 
substantially parallel to and along at least one of said 
field lines, adjusting the frequency of said first radiation 
to a value which will excite electron cyclotron reso- 
nance at an initial elevation at least 50 km above the 
earth’s surface, whereby in the region in which said 
electron cyclotron resonance takes place heating, fur- 
ther ionization, and movement of both charged and 
neutral particles is effected, said cyclotron resonance 
excitation of said region is continued until the electron 
concentration of said region reaches a value of at least 
106 per cubic centimeter and has an ion energy of at 
least 2 ev. 

2. The method of claim 1 including the step of pond: 
ing artificial particles in said at least one region which 
are excited by said electron cyclotron resonance. 
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3. The method of claim 2 wherein said artificial parti- 
cles are provided by injecting same into said at least one 
region from an orbiting satellite. 

4. The method of claim 1 wherein said threshold 
excitation of electron cyclotron resonance is about | 
watt per cubic centimeter and is sufficient to cause 
movement of a plasma region along said diverging mag- 
netic field lines to an altitude higher than the altitude at 
which said excitation was initiated. 

5. The method of claim 4 wherein said rising plasma 
region pulls with it a substantial portion of neutral parti- 
cles of the atmosphere which exist in or near said 
plasma region. 

6. The method of claim 1 wherein there 1s provided at 
least one separate source of second electromagnetic 
radiation, said second radiation having at least one fre- 
quency different from said first radiation, impinging 
said at least one second radiation on said region while 
said region is undergoing electron cyclotron resonance 
excitation caused by said first radiation. 

7. The method of claim 6 wherein said second radia- 
tion has a frequency which is absorbed by said region. 

8. The method of claim 6 wherein said region is 
plasma in the ionosphere and said second radiation ex- 
cites plasma waves within said ionosphere. 

9. The method of claim 8 wherein said electron con- 
centration reaches a value of at least 101? per cubic 
centimeter. 
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10. The method of claim 8 wherein said excitation of 
electron cyclotron resonance is initially carried out 
within the ionosphere and is continued for a time suffi- 
cient to allow said region to rise above said ionosphere. 

11. The method of claim 1 wherein said excitation of 
electron cyclotron resonance is carried out above about 
500 kilometers and for a time of from 0.1 to 1200 sec- 
onds such that multiple heating of said plasma region 1s 
achieved by means of stochastic heating in the magneto- 
sphere. | 

12. The method of claim 1 wherein said first electro- 
magnetic radiation is right hand circularly polarized in 
the northern hemisphere and left hand circularly polar- 
ized in the southern hemisphere. | 

13. The method of claim 1 wherein said electromag- 
netic radiation is generated at the site of a naturally- 
occurring hydrocarbon fuel source, said fuel source 
being located in at least one of northerly or southerly 
magnetic latitudes. 

14. The method of claim 13 wherein said fuel source 
is natural gas and electricity for generating said electro- 
magnetic radiation is obtained by burning said natural 
gas in at least one of magnetohydrodynamic, gas tur- 


bine, fuel cell, and EGD electric generators located at 


the site where said natural gas naturally occurs in the 
earth. 

15. The method of claim 14 wherein said site of natu- 
ral gas is within the magnetic latitudes that encompass 
Alaska. © . 


* * * x * 


B1—Battery, 9 VDC, type 2U6 
or equiv. 
M1—Meter, 0-1-mA DC 


. 56 Simple AM Mod. Monitor 


[] This simple modulation monitor 
for AM ham or CB transmitters re- 
quires no connection to the transmit- 
ter. Just position the loop near the 
final tank or antenna matching coil 
until the signal is heard in the head- 
phones. 
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PARTS LIST FOR 
SIMPLE AM MOD. MONITOR 


C1—100-pF disc capacitor 

D1—1N914 diode 

E1—Magnetic headphone, 2000 
ohms or better 

L1—Coil, 3 turns on 1%-in. dia. 
form, use any thin gauge wire 


f you" ve been following the “Below 

500 kHz” column, you know that 

natural phenomena right here onearth 
have been producing, transmitting, and 
receiving radio signals since lime began. 
Lightning bolts, and some other mighty 
reactions in nature, produce great amounts 
of electromagnetic radiation in the light, 
heat, and the radio portions of the electro- 
magnetic-wave spectrum. Lightning dis- 
charges from tropical storms in particu- 
lar are continually producing wide-band 
radio waves that propagate worldwide. 
You receive these signals as bothersome 
static noise on the LF, MF, and on HF 
bands. 

Weak-signal operators who do moon- 
bounce work are only too well acquainted 
with the radio signals which our own sun 
transmits. These noisy signals can totally 
mask over moon-bounce signals when 
the sun and moon are both in the same 
direction from moon-bouncer’s antenna. Ra- 
dio waves known as “cosmic noise” are con- 
tinually bombarding our antennas with radio 
signals generated by natural reactions occur- 
ring in galactic space. As a matter of fact, the 
discovery that the source of this particular 
radio noise lay outside our solar system 
marked the beginning of radio astronomy. In 
radio astronomy, naturally occurring radio 
signals from space are studied in an attempt to 
learn more about the cosmos. 

OK, so there were radio signals before we 
were around to know about it, but what about 
the reception of those waves? Who received 
those signals? No person received them, but 
they were received by every naturally-occur- 
ring conductor to which they propagated. 
And, once trees evolved, they provided natu- 
ral, grounded-vertical Marconi antennas to 
receive these waves, 

Well, but where was the receiver for those 
antennas? The resistance of the tree’s “body” 
was the “receiver.” This resistance dissipated 
much of the received energy as heat rather 
than as sound, like the loudspeaker does in 
our HF receivers. 

Of course, natural transmission and recep- 
lion still goes on today. Have you asked the 
trees near your home if they have received 
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FIGURE 1: 


any RF signals lately? I have. And the trees 
which I asked told me that they receive lots of 
signals—and [ haven't gone off my rocker! 
They receive lightning-generated signals just 
as they have since time immemorial, and they 
also receive the signals which man puts onto 
the airwaves today. 

How did I ask the trees? It’s simple. I just 
connected a feedline to a tree, and connected 
the line to my receiver. I received a multitude 
of signals across the LF, MF, and HF bands. If 
I had tried other bands I would have, no doubt, 
received signals on those bands, too. As a 
matter of fact, a tall, live tree makes a decent 
LF-MF-HF antenna. 


Ml Tree-Antennas Throughout Radio's 
History 


Old time radio expert Squires reported 
using trees as receiving aerials for distances of 
50 kilometers. His method was to hammer a 
nail into the tree a few yards above the ground, 
and connect the receiver's antenna input con- 
nectors to the nail and to a ground. 

Texanna Loomis, daughter of wireless com- 
munication pioneer Mahlon Loomis, says in 
her Radio Theory and Operating that “It has 
been found that a tree can be used for a 
receiving antenna, preferably an oak, by at- 


Prehistoric Radio! 


Connecting a feedline to a tree antenna, Nail small, thort, thin nails into the tree about every two or 
three feet, up to 10 or 15 feet high. Connect the clip to the various nails until best results are 
achieved. The balun is a 4:1 ratio or higher, high side to the tree. 


taching a lead-in wire to the trunk of the tree.” 

Another old-time radio expert named 
Morecroft felt that reception came from the 
lead-in wire, rather than the tree itself. In my 
own tests | can't agree with Morecroft, be- 
cause my lead-in was shielded, grounded coax, 
the attachment connectors to the tree were 
short, and the antenna performed much more 
like a long antenna than a short stub. 

In more recent times there have also been 
reports of tree antennas. Cohen, in the April 
1996 issue of 73 Magazine, reports using a 
tree antenna on VHF and UHF with “medio- 
cre-to-good results,” but no acceptable results 
for lower bands. Perhaps his use of trees only 
20 feet tall limited their performance on lower 
bands. 

Also in 73 (May 1990), JA6HW and 
JAGAUI report using a 12 foot high tree for 
both transmitting and receiving on the 10 
meter band with good results. Their article 
also says that hams used live-tree antennas in 
the 1930's, as did the U. S. Forces in Vietnam. 
In Monitoring Times, April 1989, Dr. Kosta 
reports that trees “frequently work better than 
conventional antennas” for television recep- 
tion. In the September 1990 issue of Monitor- 
ing Times yours truly reports good results 
with a tall maple tree on LF through HF. 


Bi Tapping into Natural Radio 


Figure 1 shows suggestions on utilizing a 
tree as an antenna. For HF, I suggest using the 
tallest tree available. Perhaps shorter trees 
would be better for VHF-UHF as in the 1990 
73 article discussed above—or perhaps not. 
As with any outside antenna it is wise to utilize 
some form of lightning protection. 


Y RADIO RIDDLES % 


a Last month: 


I said, “Let’s say that we could stain some 
radio waves, frozen at one moment in time, 
with some kind of dye so that we could actu- 
ally see them. Of course we can’t do this, 
except in our imagination. But if we did, how 
would the waves appear to us?” 

For the area occupied by the waves at any 
one instant in time we would be trying to 
visualize the variations in the signal’s electri- 
cal-field strength, and the reversals in field 
orientation (showing when the RF current 
changes direction of flow twice each cycle). 
This wouldn't look like a wavy line, or a sine 
wave graph as 1s represented in most texts on 
radio. 

One way lo imagine seeing the frozen 
waves is to envision that the space which the 
radio waves fill will show a darker shade of 
gray where their field strength is more intense, 
and a lighter shade where their field strength 
is weaker. For simplicity, let's consider only 
direct-wave propagation with no reflections 
or other impediments to the wave's travel 
between the transmitting antenna and receiv- 
ing antenna. 

In the space between the two antennas we 
would see bands of differing shades of gray 
oriented at right angles to the wave’s direction 
of travel. There would be darker bands, less 
dark bands just next, even less dark bands next 
tillarelatively light shade of gray wasreached. 
Then somewhat darker bands, then even darker 
bands, and on to produce a sort of zebra-skin 
look. The darkest bands would be a half wave- 
length apart as would the lightest ones. 

If we added a green tinge to our gray to 
indicate one orientation of the electrical field, 
and a red tinge for the field’s other orientation 
then, starting at the middle of a darker band 
there would be greenish gray for a half wave- 
length along the direction of wave travel, a 
reddish gray for the next half wavelength, and 
so on. 

Of course this picture is an over-simplifi- 
cation. For instance, we haven't talked about 
the wave’s magnetic field, the polarization of 


the wave, or the spherical shape of the 
wavefront. But this simplified picture does 
cover the basic idea of radio waves in space. 


E This Month: 


Let's say that, instead of freezing the 
waves, we had the advanced eyes and brains 
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of some specialized android so that we could 
actually watch radio waves zip along on their 
186,000 miles per hour flight from the trans- 
mitting antenna to our receiving antenna? 
How would those rascals look then? 

You'll find an answer for this month’s 
riddle, and much more, in next month’s issue 
oí Monitoring Times. “Til then Peace, DX, 
and 73. 


“You know, I thought 
those were classic 
standing radio waves 
until I read Clem 
Small’s column this 
month. Now, I don’t 
know what the heck 
they are!” 
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Solar TV Reception Booster 


Here is a versatile rooftop TV reception booster that will add a full 
18 dB of gain to the incoming TV signals at your receiver. This 
means no more ghosts, clearer pictures, and perhaps even 
reception of a distant station you could not get before. Best of all, 
this gadget is powered by an inexpensive solar cell that will 
virtually run forever without requiring replacement. Additionally, 
the circuit is designed with a charger circuit and reserve pack. 

You can build it as is, or only include as much as you would 
like. For example, if you break the circuit where the X’s are 
indicated, your booster will thrive entirely off its solar battery. If 
you break it at the two Y’s, the solar cell charges a4%-volt battery 
pack during the day so the booster will work just as well at night as 
in direct sunlight. If you include all the circuit (taking into account 
the indoor AC supply shown), you can occasionally recharge the 
4%-volt pack just in case you have had a protracted period of rain or 
overcast weather which prevented the solar cell from sending its 
energy down to the reserve battery. 

Construction is not complicated, but since you are dealing 
with both vhf and uhf signals, you will have to keep all leads 
extremely short and direct. In fact, you would do best to cram the 
parts close together so as to cut down on the length ofinterconnect- 
ing wires. Looking at the schematic, you will note that Q1 must be 
grounded; this is no problem; however, since the HEP-3 comes 
with four leads instead of the regular three. Turning the transistor 
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Fig. 17. Solar TV reception booster. 


upside down, you will notice an arrangement of leads as shown and 
A oem e your ere ygu a] exactly 
iques recommended in Labie 1/. Fa 
A can test out your booster by hooking : to 
the TV set and placing a lit 60-watt lamp bulb in e c fi 
proximity to M5. As the lamp is turned on, you spus a 
much-improved picture. Adjust the best reception a song A 
by tuning L4 and the coupling between L1 and L2. ow 
the TV antenna, positioning M5 for best sunlight hits. pa 
Hint: Leave the AC plug plugged in at all times: It will no 
draw power until you throw switch S1 onto charge. 


Table 17. Parts List for Solar TV Rec eption Booster. 


L5,L6 


M1 
M2, M3 
M4 
M5 


Q1 
R1 
R2 
R3 
R4 
R5 
S1 
T1, T2, T3, T4 


Description 


56-pF capacitor. 

.0022-uF capacitors: 

1.5-pF capacitor. 

18-pF capacitor. 

150-uF, 15-w VDC electrolytic capacitor. 

.0022-uF capacitors. 

7V2 turns No. 24 enameled wire, evenly 
wound on a 3/16-inch-diameter form. 

3 turns No. 24 enameled wire evenly wound 

on a 3/16-inch-diameter form. 


17 turns No. 24 enameled wire evenly wound 


on a 3/16-inch-diameter form. 
11¥ turns of No. 24 enameled wire evenly 
wound on Speer Type E ferrite form. 


10 turns No. 24 enameled wire evenly wound 


on Speer Type E ferrite form. 

4Y2 VOC, with three penlites of NiCd cells. 

Binding posts. 

AC wall plug with cable clamp. 

4Y2-VDC Solar pack. (International 
Rectifier No. SP5G26C or equiv.) 

HEP-3 transistor. 

51K resistor. 

30K resistor. 

240-ohm resistor. 

110-ohm resistor. 

750-ohm resistor. 

Spst switch. 

Using Ferroxcube K5050-06 ferrite cores, 
insert 2 turns of special 300-ohm minia- 
ture twinleadin each formhole. Pull 
tight, and connectleads where shown in 
diagram. 

6.3-VAC filament trnasformer. (Triad 

F-14X or equiv.) 


ES 


Free-Power AM Radio Receiver 


Strange as it may seem, this transistor broadcast-band radio 


receiver “steals” power from one station to give to another! The 

principle is basic: By tuning the battery-section antenna coil (L2) to 

the strongest broadcast station on the band, diode X1 can rectify 

the rf and convert it into DC current. Naturally, the closer you are 
to a strong station, the more current the “radio battery” section of 
your radio receiver will be able to supply. Once you have found this 
spot, the DC current is passed on to power the transistor circuit 
which acts as a genuine receiver, with the full tuning it affords. See 
Fig. 18 and Table 18. 

The basic consideration is a good antenna and ground, the 
latter preferably being made to a water pipe or solid external 
ground composed of a pipe driven at least 4 feet into moist earth. 
This procedure not only ensures maximum signal pickup for the 
radio-battery portion of the circuit, but also provides best results 
for the GE-2 receiver circuit. 

Once completed, just tune the radio battery as explained in the 
first paragraph and calibrate your receiver by adjusting L1 so that 
the bottom of the band occurs when C1 is fully meshed. If you have 
a local broadcast station operating near 540 kHz, this simplifies 
things tremendously. Once the calibration procedure is complete, 
forget entirely about adjusting L1 and do all your listening by tuning 
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Fig. 18. Free-power radio receiver. 


Table 18. Parts List for Free-Power AM Radio Receiver. 


Description 


365-pF variable capacitors. 

.22-uF capacitor. 

.0047-uF capacitor. 

15-uF, 6-w VDC electrolytic Capacitor. 
Loopsticks. (Superex VLT-240 or equiv.) 


Binding post. 
Test jacks. 
GE-2 transistor. 
1N38B diode. 
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This paper reviews the current work in the field of Schumann resonances and discusses the topics 
of waveforms and frequency estimates, resonance frequencies and O factors, source distributions and 
noise spectra, diurnal and seasonal changes of power spectra, and variations of resonance frequencies. 
Observations of the above phenomena are correlated with theoretical considerations. 


1. Introduction 


The resonances in the spherical shell between the 
earth and ionosphere that are due to azimuthal waves 
have been considered in two recent survey papers 
[Galejs, 1964a; Wait, 1964a]. This work contains 
experimental data as well as the required theory. 
The basic theory of the resonances has been reviewed 
by Wait [1964b]. In the present summary the 
emphasis will be on correlation between measurements 
and available theory. There will be no extensive 
analytical developments, but frequent references will 
be made to literature. 

Based on theoretical considerations, Schumann 
[1952a, b, 1957] postulated resonances of the earth- 
to-ionosphere cavity. Koenig [1958, 1959, 1961] 
obtained the first experimental indication of Schumann 
resonances by observing noise waveforms in the out- 
put of a narrow band amplifier. Detailed frequency 
spectra of this noise were first obtained by Balser and 
Wagner [1960]. Other measurements have been 
reported by Fournier [1960]; Benoit and Houri [1961, 
1962]; Lokken et al. [1961, 1962]; Polk and Fitchen 
[1962]; Gendrin and Stefant [1962a]; Balser and Wagner 
[1962a, b, 1963]; Rycroft [1963]; Chapman and Jones 
[1964]. 

The fundamental theory of Schumann resonances 
[Schumann 1952a, b, 1957] is discussed in a book by 
Wait [1962]. Raemer [196la, b] considers the observ- 
able noise spectra as the response of the earth-to- 
ionosphere cavity due to lightning flashes all over the 
world, but the homogeneous sharply bounded iono- 
sphere model of Raemer introduces high losses, and he 
does not succeed in reproducing the spectral measure- 
ments of Balser and Wagner [1960]. Galejs [196la, b] 
uses an isotropic ionosphere model of exponentially 
increasing conductivity which is based on measured 
or calculated characteristics of the lower ionosphere. 


! Paper presented at the ULF Symposium, Boulder, Colo., Aug. 17-20, 1964. 


This model permits a close reproduction of the noise 
spectra measurements in the resonance region, and 
it also provides an agreement with measured ELF 
attenuation rates [Chapman and Macario, 1956; 
Jean et al., 1961]. 

Models of an anisotropic ionosphere are difficult to 
apply to the problem of earth-to-ionosphere cavity 
resonances because of the variations of the magnetic 
field vector along the surface of the earth. The prop- 
agation parameters can be estimated in the presence 
of a horizontal magnetic field component from the 
work of Galejs and Row [1964] and of Galejs [1964b]. 
The earth-to-ionosphere cavity resonances have been 
analyzed for a nonhomogeneous ionosphere in the 
presence of a radial (vertical) magnetic field by Thomp- 
son [1963] and Galejs [1965]. A thin-shell approxi- 
mation of the ionosphere with a superimposed radial 
magnetic field has been considered by Wait [1964c]. 
Some other work of Wait [1963a, b], although intended 
for a different frequency range, can also be applied 
to the earth-to-ionosphere resonance problem in the 
presence of a radial magnetic field. 

Additional references are available in the compre- 


hensive bibliography by Brock-Nannestad [1962]. 


2. Waveforms and Frequency Estimates 


In wide band recordings of atmospheric signals an 
ELF component or slow tail follows the initial VLF 
component of the transient [Hepburn and Pierce, 
1953; Liebermann, 1956a, b; Tepley, 1959; Pierce, 
1960]. An oscillatory structure of the signal becomes 
noticeable by passing it through a band-pass filter. 
An example of a noise recording in the output of a 2 to 
30 c/s band-pass filter [ Lokken, 1964, private communi- 
cation] is shown in figure 1. The two horizontal mag- 
netic field components have been observed simul- 
taneously in Canada and in Antarctica. There is a 
correlation between the high intensity ELF noise bursts 
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observed at the various sites. A recording of one of 
the waveforms is shown in figure 2. The darkened 
areas indicate resonance frequencies around 8, 14, 
and 20 c/s. Noise waveforms in the 5 to 20 c/s band 
have been reported by Polk and Fitchen [1962] and 
Polk [1962]. Figure 3 shows sample recordings of 
the outputs of two coils the axes of which are oriented 
in the north to south (N-S) and east to west (E-W) 
directions. Frequency of these waveforms has been 
estimated by counting the cycles between the second 
markers shown on the records. The average fre- 
quency computed in this procedure should be higher 
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FIGURE 1. Noise recording in the 2 to 30 c/s band. 
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FIGURE 2. Recording of the noise waveform X of Westham Island, 
B.C. 
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FIGURE 3. Noise recording in the 5 to 20 c/s band. 


than the resonance frequencies of a spectral analysis 
[Galejs, 1962a, 1964a]. Noise recordings made simul- 
taneously in Germany and in Rhode Island have been 
reported by Keefe, Polk, and Koenig [1964]. 


3. Resonance Frequencies and Q Factors 
3.1. Definitions 


A resonance frequency and Q factor may be deter- 
mined from spectral measurements. Analytically it 
is also possible to compute the power spectrum of the 
noise waveform. However, it is more convenient to 
relate the resonance frequency and the Q factor to 
the analytically determined propagation parameters. 
The radial electrical field due to the vertical dipole 
excitation can be represented by 


ilds v(v+ l) 


4weha? sin vr 


E,= P,(— cos 0) (1) 


where 
v(v + 1)=(koaS)?. (2) 


For a wave that propagates in the spherical shell be- 
tween the earth and the ionosphere S is defined as the 
ratio of the complex wave number k to free space 
wave number ko(S=k/ko). The real part of S can be 
seen to be inversely proportional to the phase velocity, 
and the imaginary part of S is proportional to the at- 
tenuation constant. This parameter S is determined 
from solving the appropriate boundary value problem 
of the earth, the air space and the chosen ionosphere 
model [Wait, 1962; Galejs, 1964a]. The resonance 
frequencies of the nth mode are determined from the 
minima of sin vz in (1) [Galejs, 1962a, 1964a] which 
gives 


qa 1.0 Van t I) 
ee ReS (3) 


Typical values of ReS are 1.4 to 1.2 for frequencies in 
the resonance region. 
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The cavity Q may be determined as a ratio between 
the stored energy and energy loss per cycle or simply 
by the width of the resonance curves. As shown in 
the appendix, in the present problem the electrically 
stored energy We differs from the magnetically stored 
energy Wn, and the Q definition should consider the 
sum of the average stored energies We and Wa. This 
expression for Q is 


-Bes ri 
= Res Ims (4) 


When considering only the magnetically stored energy 
Q is given by 
T 
2 ReS ImS Se 


For a given set of propagation parameters this will 
give a lower Q figure than (4). This expression has 
been used in the past work of Galejs [1961a, 1962a, b, 


1964a]. Considering only the electrically stored 
energy gives 
_ ReS 
ary (6) 


The last expression can also be derived from the con- 
cept of complex resonance frequencies [Wait, 1964a] 
or by considering the half-power band width of the 
resonance curve. All three Q definitions yield the 
same results as ReS approaches unity, but they will 
differ near the lower resonance frequency of the earth 
ionosphere cavity. Equation (4) will be used in the 
present calculation. 

Experimentally determined Q values that are esti- 
mated from the half-power bandwidths of the reso- 
nance curves neglect the effects of adjacent resonances 
and of near-field noise that will tend to add to the 
background level. Hence, the half-power level is 
estimated too low, the apparent half-power bandwidth 
is larger and the estimated Q factor may be too low. 


3.2. Characteristics of the Boundary 


In the theoretical models that are advanced for ex- 
plaining the resonance frequencies and the Q-factor 
measurements [Wait, 1962; Galejs, 1964a; Wait, 1964a] 
it is necessary to consider the boundary properties 
of the spherical shell. 

In the frequency range of the resonances the dis- 
placement currents of ground are negligible and the 
ground conductivity og=10-? to 1 mho/m is much 
higher than the effective ionospheric conductivity 
gi that is estimated to be of the order of 1077 to 107* 
mho/m. The ground conductivity og may be assumed 
as infinite in the first approximation and only the iono- 
spheric properties require a detailed analysis. 


The ionosphere acts as an anisotropic conductor 
and for a z-directed magnetic field its conductivity 


tensor is of the form 


== Q 
lo]=|0w» «a, 0|- (7) 
0 0 Oo 


Equations for computing the conductivity components 
are available in literature [Galejs, 1964a and b] and 
typical conductivity profiles are shown in figure 4 but 
some uncertainties still apply to such models [ Van- 
Zandt, 1964]. The above computations consider the 
ion effects, but assume the operating frequency to be 
zero. These profiles can be further approximated by 
straight lines through the lower ionosphere in the 
semilogarithmic plots of figure 4, which corresponds to 
an expoential height variation of the conductivity com- 
ponents. In a further simplification the anisotropy 
may be ignored (o1 =o, 02=0). Even a simple one 
or two layer model can be assumed, such as shown in 
figure 5. These particular models have been used in 
past work by Raemer [196la and b], Galejs [1962a 
and b], and by Chapman and Jones [1964]. In the 
isotropic exponential model the conductivity is given 


by 


a(z) =0 (zo) exp [B(2—20)] (8) 


where zo=60 km and the day and night models are 
characterized by 0(z)=4.63Xx1078 mho/m and 


f4=0.308 km-* and by a(z)=6.5Xx 107 mho/m 


and B=0.44 km”*, respectively. 
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FIGURE 4. Components of the tensor conductivity F = 0. 
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FIGURE 5. Models of ionospheric conductivity. 


3.3. Single Layer lonosphere 


The single layer ionosphere model of Raemer [1961a 
and b] assumes the boundary height of the ionosphere 
to be constant, but the conductivity to change with 
frequency so as to obtain the correct resonant fre- 
quencies. However, the resulting O factors are 
approximately two times lower than in measurements. 
The same difficulties are experienced with an iono- 
sphere model of constant conductivity, but frequency 
dependent boundary height. Similar results are 
obtained by Madden [1961] with a conductivity of 

a=1.8xX 107% mho/m and the ionospheric boundary 
at h=80 km. The deficiencies of a single layer 
ionosphere model are less pronounced if it is attempted 
to achieve only a partial match of the resonant fre- 
quencies, as seen from Wait [1964a]. However, 
the Q factors will be too low in particular at the higher 
resonance frequencies (f= 30 c/s). 

Compressibility effects of the ionosphere have been 
considered by Seshadri [1965b] using the model of a 
perfectly conducting flat earth and a sharply bounded 
homogeneous isotropic and lossless ionosphere. The 
compressibility of the ionosphere does not affect the 
wave propagation below it for frequencies in the range 
of Schumann resonances and in the ELF band. How- 
ever, the compressibility should be considered for 


waves that propagate inside the ionosphere [Seshadri, 
1965a]. 


3.4. Two-Layer lonosphere Models 


Two-layer models give more accurate values of the 
resonance frequencies and of cavity O or of the com- 
plex propagation parameter S. Two-layer and multi- 
layer models have been discussed by Wait [1958, 
1962]; Madden [1961]; Jean et al. [1961], and a par- 
ticularly successful two-layer model has been con- 
structed by Chapman and Jones [1964a, b]. This 
model, which is indicated in figure 5, has been applied 
in the frequency range of earth-to-ionosphere cavity: 
resonances and also for frequencies up to | ke/s. 

Such models are usually derived by trial and error 
procedures and they are difficult to correlate with con- 
tinuous ionosphere profiles, such as shown in figure 4. 


3.5. Models of Continuously Varying Ionosphere 


The isotropic exponential model gives a reasonable 
approximation to the ionospheric conductivity versus 
height profile through the lower ionosphere layers, and 
the propagation parameters of the model can be deter- 
mined from closed form expressions of the surface 
impedance [Galejs, 196la, 1962a, b, 1964a]. Calcu- 
lated resonance frequencies and Q factors that are 
based on (3), (4), and available values of S [Galejs, 
1962a] are listed in tables I and II. Calculations are 
based on daytime or day and nighttime ionosphere 
models. The Q factors considered also the effects 
of cosmic ray ionization [Bourdeau et al., 1959] that 
give a nearly exponential conductivity versus height 
variation as indicated by Galejs [1962a]. Cosmic ray 
ionization decreases the effective Q figures, in particu- 
lar for the lower frequencies. The calculated Q values 
are still somewhat higher than those estimated from 
experimental data. 


TABLE 1 


RESONANCE FREQUENCIES OF THE SPHERICAL SHELL BETWEEN THE EARTH AND IONOSPHERE 


LOSSLESS CAVITY 


IN | 


a 
a 
n 


DAYTIME WITH h = 45 KM 
AVERAGE DATA OF DAY WITH h = eee pon KM 


AND OF NIGHT WITH h = eee pon KM 14.25 
i i oe is 


RESONANCE 


FREQUENCY f 


TABLE II 


Q FACTORS OF EARTH-IONOSPHERE CAVITY RESONANCES 


£ IN C/S 


DAY WITH h = 45 KM, NIGHT WITH h = 60 KM 


DAYTIME ONLY WITH h = 45 KM 


DAY WITH h = 45 KM, NIGHT WITH h = 60 KM, 
COSMIC RAY IONIZATION 


- FACTORS 


MEASUREMENTS 


Q 
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3.6. Magnetic Field Effects 


The magnetic field effects for a homogeneous sharply 
bounded ionosphere model have been discussed by 
Wait [1962] in a quasi-longitudinal approximation for 
a superimposed radial magnetic field and also for a 
transverse magnetic field (east-west or west-east propa- 
gation along the magnetic equator). 

The propagation parameters have been determined 
by Galejs and Row [1964] and Galejs [1964a, 1964b] 
in the presence of a horizontal magnetic field. These 
data provide an indication of propagation character- 
istics of the waves near the magnetic equator, but 
they do not apply directly to the earth-ionosphere 
resonance problem, where the H vector is nearly hori- 
zontal only over a small surface portion of the earth. 

The earth-ionosphere cavity resonance frequencies 
have been considered in the thesis of Thompson 
[1963] for a radial magnetic field. He uses a multi- 
layer ionosphere model that approximates the con- 
tinuous altitude variation of the conductivity tensor. 
The azimuthal field variation is expressed in terms of 
the Legendre polynomials P» (cos @) for the nth mode. 
The wave equation has four different solutions for 
each of the ionosphere layers, but it has only two 
solutions for the space between the ionosphere and 
the perfectly conducting ground surface. The solu- 
tion of the problem and the resonance condition for 
the mode n are obtained after multiplying a sequence 
of 4X4 matrices. In these computations the displace- 
ment currents of the ionosphere are neglected. The 
computed resonance frequencies are in agreement 
with measurements, but the Q values are in the range 
of 15 to 20, with the exception of nighttime anisotropic 
solutions, where Q=7 to 10. The lowering of the 
nighttime Q figures by the magnetic field has been 
attributed to wave penetration through the ionosphere 
and to energy thus escaping from the earth-ionosphere 
cavity. 

Another solution to the problem of earth's 
ionosphere cavity resonance in the presence of 
a radial magnetic field is given by Galejs [1965]. 
The azimuthal field variation is expressed in terms of 
the Legendre functions P, (—cos 0), and the solution 
of the wave equation is set up so that the four solutions 
of the ionospheric layers where o > wéo degenerate 
into two solutions for the lower ionospheric layers 
where g << w€ and for free space. After comput- 
ing the surface impedance at the lower boundary of 
the ionosphere, the propagation parameters are deter- 
mined from the solutions of the modal equation for TM 
modes, althought the coupling between TE and TM 
modes is considered in the processes of computing the 
surface impedance. Only the vertically polarized TM 
modes are assumed to propagate below the ionosphere. 
Such assumptions have been justified for a single layer 
ionosphere model at higher frequencies [Wait 1962, p. 
269] and for a thin ionospheric shell also for fre- 
quencies in the resonance range [Wait, 1964c]. 

In the numerical calculations the anisotropic 
ionosphere models are those of figure 4 and further 
calculations are made for ionosphere models which 


771-025 O-65—2 


consider electrons and ions at an operating fre- 
quency of 20 c/s, as indicated in figures 3 and 4 
of Galejs [1964b]. In the isotropic ionosphere 
models oy remains unaltered, 0;=00, and o:> 0. 
The calculated resonance frequencies fn are listed in 
table III. The isotropic day or night models exhibit 
too high resonance frequencies, but the average for 
the anisotropic day or night models gives nearly 
correct results, although the first resonance occurs 
near 7.7 c/s. At night the various anisotropic models 
give different results, while their results are nearly the 
same for daytime or for the isotropic models. The 
calculated O factors are listed in table IV. At daytime 
the O factors are lowered slightly due to anisotropy. 
The losses are principally due to absorption in the 
lower D region where the collision frequencies are 
high and the magnetic field has only small effects. At 
nighttime the anisotropy reduces the Q values dras- 
tically, and the ions have a considerable effect. For 
the isotropic models the energy remains below the 
ionosphere, the losses in the lower ionosphere are small 
and the Q values are high. For the anisotropic models 
some energy penetrates the ionosphere and escapes 
from the earth to ionosphere cavity. Hence the Q 
figure is low. 


TABLE III 


RESONANCE FREQUENCIES OF THE SPHERICAL SHELL BETWEEN THE EARTH AND IONOSPHERE 


IN THE PRESENCE OF A RADIAL MAGNETIC FIELD 
~ ; E 
n 
Pa 


IONOSPHERE MODEL 


/S 


DAY, ANISOTROPIC 7.8 13.8 19.8 26 


DAY, ISOTROPIC 8.1 14.2 20.4 26.6 


c 


NIGHT, ANISOTROPIC EL.+ IONS F = 20 Line 15.2 23.2 29.5 


EL.+ IONS F = 0 Tet 13.8 20.1 26.9 


EL. ONLY F=0 7.8 14.1 20.7 27.8 


o 
Zz 
i 
Yu 
> 
O 
Z 
S] 
=} 
O 
El 
pl 
ta 
E] 
o 
E 
o 
n 
ty 
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NIGHT, ISOTROPIC 8.6 15.3 21.3 27.4 


MEASUREMENTS 8 14.1 20.3 26.4 


TABLE IV 


Q-FACTORS OF EARTH-IONOSPHERE CAVITY RESONANCES 
IN THE PRESENCE OF A RADIAL MAGNETIC 


| 10 30 


DAY, ANISOTROPIC 6.8 5.6 


NIGHT, ANISOTROPIC EL. + IONS F = 20 LT 6.6 


EL. + IONS F= 0 2.0 2.7 


es 


IONOSPHERE MODEL 


Q-FACTORS 


EL. ONLY 


he, 
NIGHT, ISOTROPIC 8.8 9.3 


F = 0 


MEASUREMENTS 


The previous calculations have assumed a constant 
radial magnetic field (S pole) all over the globe. A 
reversal of the static magnetic field (N pole) causes 
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negligible differences in the propagation parameters or 
in the values of fr and O. Hence a model using the 
average of the radial magnetic field may provide a 
first order estimate of the anisotropy effects. The 
present calculations assume the radial magnetic of the 
polar regions to be extended over the whole surface of 
the globe and the anisotropy effects should be too 
pronounced. The analytical results are highly 
dependent on the detailed structure of the nighttime 
anisotropic ionosphere, and further studies of it may 
be in order. 


4. Source Distributions and Noise Spectra 


Most of the ELF energy is of terrestrial origin and is 
caused by thunderstorm activity, although there are 
some high latitude events of an apparent extra- 
terrestrial origin. Such emissions of approximately 
800 c/s have been detected near Kiruna, Sweden 
[Egeland, 1964] and of 14 to 17 c/s on Kerguelen Island 
in the Southern part of the Indian Ocean [Gendrin and 
Stephant, 1964, private communication]. The 
Spectran recording of the signals received at Kerguelen 
is shown in figure 6. The upper trace shows a normal 
signal with resonances near 8, 14, 20, and 25 c/s. 
There is an additional signal of 14 to 17 c/s on the two 
lower traces. When neglecting the presence of such 
extraneous signals the terrestrial noise spectra can 
be calculated after estimating the dipole moments of 
the sources and using propagation parameters that are 
appropriate to the selected ionosphere model. 
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FIGURE 6. Spectran recordings of noise waveforms at Kerguelen 
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FIGURE 7. Estimated lighting flash spectrum. 


Raemer [1961a, b] has estimated the power spectrum 
of the dipole moment in a median lightning flash [ds (or 
the first derivative of the electrostatic moment dM/dt) 
based on statistics of lightning strokes compiled by 
Williams [1959]. Later work of Raemer [1963 private 
communication] has lead to arevised estimate. These 
spectra are shown in figure 7. Pierce [1963] has com- 
puted the magnitude of the frequency spectra of the 
second derivative d?M/dt?, and Rycroft [1963] has 
calculated the frequency spectra of dM/dt using a 
similar representation of the lightning moments. The 
square of the frequency spectrum computed by Rycroft 
[1963] is also indicated in figure 7. 

An equivalent power spectrum for the dipole moment 
of terrestrial noise sources has been deduced by 
Harris and Tanner [1962] from the measurements of 
Balser and Wagner [1960] by estimating the complex 
propagation constant within this frequency range in 
a “trial and error” approach. Harris and Tanner 
[1962] do not require an ionosphere model or any 
knowledge of lightning waveforms and their statistics 
for obtaining this equivalent power spectrum. 

After determining the source spectra and the propa- 
gation parameters the power spectrum of the received 
noise may be computed from 


gliw) |v(v+1)|? 


iS 8(akoh)? |v + 3\[ (27 Re v)] 
d sinh [2 Im v (7 — 0) ] 
(— Im pv) 
O ee 
Re v+ 5 6” (9) 


where the v is given by (2) and where the sources are 
assumed to be uniformly distributed in the @ interval 
of 0:;<0< 62. The derivation of (9) starts from (1) 
and Legendre functions P,(—cos 0) are replaced by 
an asymptotic expansion. There are also equivalent 
spectral representations in terms of Legendre poly- 
nomials [Raemer, 1961a, b]. 
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FIGURE 9. Noise spectrum for 38° < 0 < 72°. 


The noise spectrum of Raemer [1961b] has been 
used for computing the observed noise spectra in 
conjunction with a sharply bounded ionosphere model. 
This spectrum is shown in figure 8 and is seen to exhibit 
excessively damped higher resonance peaks. 

The exponential ionosphere model [Galejs, 1961b, 
1962a, 1964a] produces a better agreement with meas- 
urements as seen in figures 9 and 10. In this work 
propagation is assumed to be uniform around the sur- 
face of the earth and the propagation parameters 
represent the average of day and night conditions. 
The sources are assumed to be uniformly distributed 
over the @ interval indicated in the figures (0 is defined 
with respect to the observer). 


5. Diurnal and Seasonal Changes of 
Power Spectra 
Balser and Wagner [1962a] have recorded diurnal 


variations of measured noise spectra. Their meas- 
urements of the diurnal variations of the power level 
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FIGURE 10. Noise spectrum for 47° < 6 < 128°. 
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FIGURE 11. Diurnal variation of the resonance modes at Ipswich, 
Mass., February 1961 (vertical electric field), Chambon-la-F oret 
(near Paris) July 1962 and at Tromso (Norway) April 1962 (hori- 
zontal magnetic field). 


at the first three resonance frequencies are shown in 
figure 11 together with similar measurements by 
Gendrin and Stefant [1962a]. Diurnal variations of 
the fields near the two lower resonance frequencies 
have been measured at Kingston, R.I., by Polk, Huck, 
and Yu [1963, private communication]. The maxi- 
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mum signal intensity occurs between 1500 and 1800 
UT. In an amplitude versus time plot the signal peak 
is broader during summer than winter. Seasonal and 
diurnal variations of the noise power in the ELF fre- 
quency band below 35 c/s have been described by 
Wright [1963] without singling out the individual 
resonance modes. The measurements are made at 
Byrd Station, Antarctica (80°S, 120°W) and show peak 
intensities near 1000 UT during spring and summer 
and near 2300 UT during most of the year. 

The gross features of the spectrum, such as the 
number of peaks and their approximate time of occur- 
ance, may be explained qualitatively by noting areas 
of globe with particularly high thunderstorm activity 
and by measuring the polar angle 0 from these source 
regions to the observation point. The vertical elec- 
tric field E, and the horizontal magnetic field Hg of 
the mode n exhibit the 9 dependence of 


E, ~ Pn(cos@) 
Hs 


(10) 
d 
10 P, (cos 0), (11) 

where P,(cos 0) is a Legendre polynomial of the order 

n. A particular geographical region will contribute 

to the measured values of E, or Hg in the mode n if 

the right hand sides of (10) or (11) are sizeable for those 
values of 0. Such considerations have been reported 
by Balser and Wagner [1962a] and Gendrin and 

Stefant [1962a]. 

More detailed calculations have been carried out by 
Abraham [1964, private communication; Galejs 1964a] 
who used available estimates of geographical distribu- 
tions of the noise sources and who calculated the day 
and night propagation effects after expressing the fields 
as a sum of recirculating azimuthal waves. 

In the expression for the electric field component 
E, of (1), the Legendre function is replaced by the 


leading term of its asymptotic expansion. The func- 
tion sin v7r is expanded into 
(sin var) !=— 21 >» ell2n + 1)vr (12) 
n=0 


which is valid for Im »>0. This results in [Abra- 
ham, 1964, private communication] 


las vv+1) oF 
A aa E O 
2weha? V 27(v + 4)sin 0 


00 
Ss; E i(v+ 3)(O+2nm)—ianZ + e i(v+ Plerin + 1) - 6] -i(2n+1) E l. 
n=0 


(13) 


The first term of the summation represents a wave 
which has traveled the direct distance from the source 
to the observation point (0) plus n full circles around 
the sphere (2n7r), while experiencing a phase shift of 
(7/2) radians at each traversal of the source point 
or its antipode. The other term of the summation 
represents a wave which has traveled toward the ob- 
servation point across the antipode of the source 
(277 — 0) and has made furthermore n circles around the 


sphere (2n7r) and has also experienced a phase shift 
of (— 7/2) radians at each traversal of the source point 
or its antipode. This physical interpretation of (13), 
which is equivalent to (l) for v= const., permits a 
heuristic consideration of the v differences between the 
day and night hemispheres. The multiplicative v fac- 
tors in front of the n summation are assumed to be con- 
stant and equal to v which is intermediate between 
the day and night v values. The @ factors of the ex- 
ponentials are replaced by integrals in order to 
account for the v variation seen by the circular wave 
front as it propagates in the 6-direction with respect 
to the source. The amplitude changes at the day 
and night boundary can be also considered for each 
traveling wave by assuming that the energy of the 
wave remains constant after passing the day and night 
boundary. This results in decreased amplitudes for 
the larger ionospheric height of the night hemisphere. 
In the numerical work the surface of the earth was 
subdivided into 10° cells. Each cell had a constant 
surface density of noise sources but a variation was 
allowed from cell to cell. The plots of thunderstorm 
days over the world were used to set relative values 
of lightning activity for each of the cells, by assuming 
that the distribution of squared dipole moment per 
unit area is directly proportional to the thunderstorm 
day plots according to the Handbook of Geophysics 
[1960]. The diurnal variations were accounted for 
by a multiplicative factor in terms of local time at 
the source [Williams, 1959]. The final equation 


used in the spectrum calculations is similar to (9), 


although it is algebraically more involved [Abraham, 
1964, private communication]. 

The diurnal variations of the noise power at the 
first three Schumann resonances have been computed 
using the exponential ionosphere model of figure 5 
and are shown in figure 12. The calculations have dis- 
regarded the noise sources near the antipode where 
the usual asymptotic approximation of the Legendre 
functions is inaccurate. Figure 12 shows a qualitative 
agreement with the measurements of Balser and 
Wagner [1962a], that are shown in figure 11. 

An example of seasonal power variations is shown 
in figure 13. It indicates a decreased noise power 
near the higher frequencies and/or during winter 
months. 

Based on measurements at one location of the earth 
it is also possible to predict the noise levels at other 
locations using this procedure of noise spectrum 
calculations. The noise that is due to a worldwide 
distribution of thunderstorms depends on the fre- 
quency variation and also on the absolute value of 
the power spectrum of the mean dipole moment of 
the source gliw, 0,4). The 6 and d dependence may 
be estimated from the thunderstorm frequency maps 
as was indicated before, which leaves the absolute 
value and the frequency dependence of g(iw) as an 
unknown. Assuming that g(iw) is the same for all 
noise sources, it may be determined by making the 
calculations to agree with measurements at one par- 
ticular location. This gives a uniquely determined 
noise distribution over the surface of the earth and 
the accuracy of this model can be checked by com- 
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Calculated noise spectrum for local noon in northern 
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Comparison of calculated field strength’s data with 
July 1963 measurements by DECO and RCA. 


FIGURE 


paring the calculations with measurements at other 
locations. In an example, measurements by DECO 
at Boulder, Colo., [Maxwell, 1963, private communi- 
cation] and by RCA at Long Island, N.Y. [Powers, 
1964, private communication], were used to determine 
gliw). The calculations by Abraham [1964, private 
communication] based on these values of g(iw) have 
been compared with simultaneous measurements 
made in Malta and Alaska [Maxwell, 1963, private 
communication]. As seen from figure 14 the analytic 
curves agree in shape with the measurements, but the 
normalization with respect to Boulder gives somewhat 
higher predictions of the noise level. This may pos- 
sibly be caused by summertime thunderstorm activity 
in the mountains near Boulder, Colo., that would give 
significant near-fields and a high estimate for the func- 
tion gliw). The calculations are extended above the 
region of the earth-ionosphere cavity resonances to 
show that more significant noise level changes occur at 
higher frequencies. 

In the calculations leading to figures 12 through 14 
the day and night effects are considered most ac- 
curately if the day and night boundary is located sym- 
metrically with respect to source (i.e., source at local 
noon or midnight). For nonsymmetrical day and 
night boundaries it is difficult to estimate the effects 
of wave front distortion. When neglecting such distor- 
tions (or assuming propagation strictly in the ð- 
direction), this method can account for v(@) variations, 
which may be caused by ionosphere parameter changes 
or by changes of the static magnetic field along the 
surface of the earth. The assymptotic expansions of 
P,(— cos) used in (13) or (9) can be modified to 
increase their accuracy for observations near the 
source or its antipode [Abraham, 1965]. 


6. Variations of Resonance Frequencies 


Diurnal frequency variations of the earth-ionosphere 
cavity modes have been reported by Balser and Wagner 
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[1962b], Gendrin and Stefant [1963], Rycroft [1963] 
and by Chapman and Jones [1964b]. The resonance 
frequencies vary by about +0.2 to 0.3 c/s, but the 
changes are not simultaneous for the different modes; 
a low resonance frequency of one mode occurs simul- 
taneously with a high frequency of a different mode. 
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FIGURE 15. Diurnal frequency variations measured by Gendrin 


and Stefant. ~ 
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FIGURE 16. Diurnal frequency variations measured by Rycroft. 
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FIGURE 17. Nuclear effects on earth-ionosphere cavity resonances. 


Measurements by Gendrin and Stefant. 


A high altitude nuclear explosion has been shown to 
affect the earth-to-ionosphere cavity resonances by 
simultaneously lowering all the resonance frequencies 
[Gendrin and Stefant, 1962a and b; Balser and Wagner, 
1963]. Tepley et al., [1963] noted also an increase of 
signal strength for observations near the conjugate 
point of the explosion. The lowering of resonance 
frequency shown in figure 17 has been attributed to 
worldwide lowering of the effective ionosphere in a 
model of a single layer isotropic ionosphere [Gendrin 
and Stefant, 1962b]. The depression of the resonance 
frequency can be also explained by assuming an ex- 
ponential daytime ionosphere to be effective around 
the globe [Row, 1964, private communication]. As an 
illustration the daytime resonance frequencies of 
table 1 compare with the measured resonance fre- 
quencies of figure 17. There are VLF observations 
[Zmuda et al, 1963] that can be explained by a lower- 
ing (or increasing electron density) of the D-region 
boundary. Brady et al., [1964] interpreted VLF di- 
urnal phase shifts to show that some enhanced D- 
region ionization persists for several days following 
the event. 

The lowering of the resonance frequency following 
a nuclear explosion has been attributed by Chapman 
and Jones [1964a] in their two-layer ionosphere model 
solely to a decreasing conductivity of the E-region. 

After measuring a change of the resonance frequen- 
cies following a nuclear explosion, it is possible to 
advance simple ionosphere models for explaining a 
particular change. However, no attempt has been 
reported to predict resonance shifts for different 
nuclear yields and detonation altitudes. This rather 
complex problem requires a quantitative evaluation 
of the various nuclear mechanisms that may lead to 
ionosphere perturbations. If such information is 
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available, the computation of the resonance shifts 
is relatively simple. It would be also of interest to 
investigate the effects of sudden ionosphere dis- 
turbances (SID) and to discriminate between SID’s 
and nuclear effects. 

The resonant frequency changes can be considered 
more accurately with nonuniform models of the propa- 
gation geometry. A perturbation method [Wait, 
1964b] or numerical techniques [Madden and Thomp- 
son, 1964] have been used for solving such problems. 

Madden and Thompson [1964] compute the local 
surface impedance and propagation constant for a 
uniform cylindrical shell between the anisotropic 
ionosphere and the earth using matrix multiplication 
techniques. There is a smooth variation of the 
parameters between polar and equatorial regions 
and also between day and night hemispheres. These 
local surface impedances and propagation constants 
are assumed to characterize a spherical transmission 
line of nonuniform parameters. The resonance fre- 
quencies and Q factors are computed numerically 
using a lumped parameter approximation of the two- 
dimensional transmission line. This model has been 
applied to explain the diurnal frequency variations 
and also the frequency changes due to a nuclear 
explosion. 


7. Areas of Future Work 


There are numerous observations of earth-iono- 
sphere cavity resonances and existing ionosphere and 
source models account for most observed charac- 
teristics like the resonance frequency, O factors, 
shape of the noise spectra, and diurnal variations of 
the received power. 

Future work appears to be required in a systematic 
study of diurnal and seasonal amplitude and frequency 
variations of resonances. These changes should also 
be correlated with ionospheric disturbances. The 
parameters of the nighttime ionosphere require also 
a future clarification. The variations of the ionosphere 
parameters and the variations of the magnetic field 
vector along the surface of the earth should be in- 
corporated in future calculations [Wait, 1964b; Mad- 
den and Thompson, 1964]. Much work remains to be 
done for assessing nuclear effects on the earth iono- 
sphere resonance and for discriminating between 
lower level nuclear and sudden ionospheric disturb- 
ances. 


The work of Sylvania reported in this paper has 
been supported principally by the Office of Naval 
Research under Contract Nonr 3185(00). 


O Factors 


The basic definition of the Q factor of a cavity with 


8. Appendix. 


lossy walls is 


] f f E xH* -ds 


Qi of S S [E+ Erdo+ S f fH Adv 


(14) 


where the surface integral is extended over the cavity 
walls and the volume integral covers the inside of the 
cavity. The ground surface is assumed to be a perfect 
conductor and Ej is related to Hg at the ionospheric 
boundary by the surface impedance Z, as E= Z;Ho. 
However Ej is assumed to be small relative to E, for 
vertically polarized waves. Equation (14) is rewritten 


as 

1_ 2f J ReZ;|Hs|(a+h)? sin dodo as 

m aliie lar odoae ) 
_ 2ReZ, f |H|? sin 0d0 16) 
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where a is the radius of earth, A is the ionospheric 
height and where the cavity is assumed to be uniform. 
For excitation by a radial electric dipole of moment 
Idr the field component E, and Hg follow from (21), 
(61), and (62) of Galejs [1964a] as 


ilar nnt Hnt 


p E E REP D, P,(cos 0) (17) 
ddr nti 9 
He= 4tha Dn 00 Peon) (18) 


with D,=n(n+1)—v(v+1). Substituting (17) and (18) 
in (16) and evaluating the integrals gives 


Qi n(n +1) 
Be | (koa)? is J 


where ko=wV uoco. From the approximate modal 
equation 


S=4/1+ -< (20) 
it follows that 
2 ReS ImS = o (21) 
Applying (21) and the resonance condition 
n(n + 1) = (koa ReSy? (22) 
(19) simplifies to 
1_4ReS ImS 
O; (ReS)?+1 (23) 
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which was listed as (4). When considering the dif- 
ferences of E, Hs, Zs, and h between the day and 
night hemispheres it follows that 


ne bees 2[ReS ImSlaay A ReS ImS |nignt] ; 
Qi (ReSlave? + 1 


The form (5) or (6) is obtained by neglecting the E 
integral or H integral, and by doubling the value of 
the H integral or E integral in (14). 


(24) 
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(57) ABSTRACT 


A system for the recovery and use of the electrostatic charge 
present in the atmosphere during storms generated by light- 
ning, transforming natural energy into electrical energy use- 
ful for consumption, and providing the necessary protection 
for lives and property against electro-atmospheric phenom- 
ena, has an ecological lightning conductor, an electrical con- 
ductor connected by one end to the low-frequency electrode 
of the lightning conductor, and an enhanced intelligent earth 
wire, whereto the conductor is joined by its other end. The 
conductor includes a series of probes and magnetic field 
detectors which will send information to the microprocessor 
and from there to the mainframe computer. The control device 
allows regulation of the earth resistance, thereby generating 
more or less charge, diverting the energy to the accumulators 
or to earth through dissipator electrodes. 
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SYSTEM FOR RECOVERING AND USING 
THE ELECTROSTATIC CHARGE 
GENERATED BY LIGHTNING 


CROSS-REFERENCE TO RELATED 
APPLICATION 


[0001] The invention described and claimed hereinbelow is 
also described in Spanish Patent Application ES 2009 01924 
filed on Sep. 29, 2009. This Spanish Patent Application, 
whose subject matter is incorporated here by reference, pro- 
vides the basis for a claim of priority of invention under 35 
U.S.C. 119(a)-(d) 


BACKGROUND OF THE INVENTION 


[0002] The present invention relates to a system which 
allows the recovery and use of the electrostatic charge present 
in the atmosphere during storms which generates lightning, 
thereby achieving the transformation of natural energy into 
electrical energy useful for domestic and industrial consump- 
tion, while providing essential and adequate protection to 
persons, animals and property against the aforementioned 
atmospheric electrical phenomena. 

[0003] Different technical and scientific arguments relative 
to the effective application of the system that is the object of 
this invention will be explained in detail in this description, in 
addition to describing the elements that compose the afore- 
mentioned system. 

[0004] During an atmospheric storm formation process, 
variable electrical fields appear which are responsible for the 
generation and appearance of lightning, which are discharges 
between the ground and the atmosphere. As a result of the 
generation of electrical charges within the cloud, the atmo- 
sphere increases its electrical potential, inducing a variable 
ground voltage. 

[0005] It has been scientifically proven that if this ground 
voltage is controlled, the current flowing through the ground 
can also be controlled, thereby adequately leveraging the full 
potential of this energy. 

[0006] This will primarily avoid the electrical saturation of 
that area, which could call, excite or create a lightning bolt 
therein and, secondly, this energy may be accumulated in the 
most adequate manner. 

[0007] This process for recovering energy from the atmo- 
sphere is carried out before and during the first phase of the 
generation of lightning charges. The effect of attenuating the 
electrical field of the atmosphere causes the disappearance of 
the lightning discharge to ground, on not having sufficient 
potential for formation thereof, thereby allowing prevention 
and protecting persons, animals and property. 

[0008] Widely known are the experiments and achieve- 
ments of Benjamin Franklin in the 18” century, inventor of 
the passive lightning conductor equipped with a priming 
device or those developed subsequently using the “multi- 
point” system, the action of which is based on ionisation and 
excitation, constant or by impulses, of the electro-atmo- 
spheric field in order to capture the lightning discharge. 
[0009] Mention must be made of radioactive lightning con- 
ductors, currently in disuse for evident safety reasons due to 
radiation hazard; likewise, other devices based on the filtra- 
tion of high frequencies and harmonic components are also 
known to exist, equipped with two or more external electrical 
connections and having different components such as coils, 
resistors and condensers, duly connected and having the nec- 
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essary siliceous sand for absorbing the thermal inertia pro- 
duced when the system functions as a whole. 

[0010] Reference is made herein to patent of invention P 
200202884/2, by the same inventors, which relates to a deio- 
nising lightning conductor of electrostatic charge, based on 
three insulators equipped with a variable noble gas dielectric 
in its interior. 

[0011] According to the data provided by the world meteo- 
rological detection system, more than four thousand storms 
form in the Earth’s atmosphere every day, which generate 
around eight million lightning bolts. 

[0012] The phenomenon called “lightning” is the electrical 
reaction caused by the saturation of electrostatic charges gen- 
erated by the progressive accumulation of an electric field 
between the ground and the cloud, during the activation of a 
typical storm. 

[0013] This phenomenon is randomly present as of an elec- 
tro-atmospheric potential of 10/45 kV. Itis generated between 
two points of attraction of different polarity and same poten- 
tial for the purpose of compensating the saturation of the 
electrostatic charge. Lightning charge density is proportional 
to the saturation of the electrostatic charge of the area: the 
higher the charge density, the higher the risk of generating a 
tracker or “leader” and, subsequently, a lightning discharge. 
[0014] Lightning charge intensity is variable, depending on 
the critical moment when the resistance in the air between the 
two transfer points break down; it will also be influenced by 
serially exposed materials such as soils, rocks, wood, iron or 
other metals, lightning conductors, earth wires, etc. A light- 
ning bolt can transport an average charge of 20 GW of power 
per second, equivalent to one hundred million ordinary incan- 
descent light bulbs. 

[0015] This electrical phenomenon is represented in the 
form of an electronic shadow, which determines the elements 
that will be affected by charge exchange. 

[0016] Studies carried out on the electro-atmospheric field 
at ground level reveal that charge distribution during the 
generation of the high-voltage field is not static but rather 
dynamic, on being randomly formed and generating the mov- 
ing tracker or leader and different geographical points at the 
same time. The intensity and location of this electronic 
shadow can change radically and affect the low or lateral 
areas of high structures or buildings. 

[0017] The behavioural study of a conventional pointed 
lightning conductor has demonstrated that they generate, to a 
greater or lesser extent, electromagnetic effects in the instal- 
lations themselves, as well as in neighbouring installations, 
upon capturing the lightning bolt. In the case of ionising 
lightning conductors, accidents frequently occur for this rea- 
son. 

[0018] Recently, enhancements made in electrostatic 
charge deionising lightning conductors through the applica- 
tion and incorporation of new technologies, such as a special 
cable adaptable to different forms of energy transport, elimi- 
nates causes of accidents and improves the reliability of the 
facilities, in addition to acting within an ecological electrical 
environment free of electromagnetic interferences. 


SUMMARY OF THE PRESENT INVENTION 


[0019] Accordingly, it is an object of the present invention 
to provide a new system which allows recovering and using 
the electrostatic charge generated by lightening and provides 
for highly advantageous results. 
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[0020] In keeping with these objects this system allows to 
cover all levels of electrical risk, diversity in the type and 
polarity of lightning bolts for any type of structure. It is an 
individual and collective protection system which bases its 
operating principle on the orderly transformation of ions 
flowing in a current, and is useful for working at low voltages 
and previously be derived to an accumulation area. 

[0021] The system is composed of an external electrode 
acting as an ecological lightning conductor, an electric con- 
ductor, designed and calculated for a wide range of frequen- 
cies, and having anti-corrosive protection and an intelligent 
earth wire, complemented by energy accumulators and dissi- 
pator electrodes, capable of deriving all current leakage to 
earth, all of said components being controlled by a micropro- 
cessor which manages the energy as it appears, controlling its 
intensity, as well as the charge of the aforementioned accu- 
mulators for subsequent consumption. 

[0022] The system also incorporates an alarm-based alert 
device, both private and public, for occupational risk preven- 
tion management against lightning risk. 

[0023] Atmeteorological level, the system allows data to be 
obtained relative to the behaviour of the electric field, tem- 
peratures, atmospheric pressure, humidity and quantity of 
discharges. 

[0024] The invention being described incorporates mag- 
netic field detectors and detectors for controlling earth leak- 
age current intensity, for subsequent analysis thereof and the 
consequent alarms. These detectors send the information to 
the microprocessor, upon recording the abrupt magnetic field 
variations. 

[0025] The deionisation system of the lightning conductor 
itself facilitates the appearance of small currents in the earth 
wire, where charges are intelligently accumulated for subse- 
quent use thereof. Depending on the intensity of the natural 
earth electric field, the ecological lightning conductor system 
generates the appearance of an earth leakage current which 
passes through the electrical conductor from the lightning 
conductor, strictly speaking, to the earth wire. The automatic 
control system regulates earth resistance in order to generate 
more or less charge and divert energy to the accumulators or 
to the enhanced intelligent earth wire. 

[0026] The intelligent earth wire incorporates an electronic 
system which automatically regulates its own electrical resis- 
tance with reference to the physical earth. This control system 
allows controlled energy transfer, maintaining a resistance of 
less than 5 ohms in the earth installation during the four 
seasons of the year and varying, as required, the electrical 
conductivity of the physical earth and its humidity in order to 
facilitate or stop leakage currents. 

[0027] The intelligent earth wire consists of special elec- 
trodes, according to the type of soil and/or terrain, aimed at 
facilitating current leakage and avoiding corrosion of the 
metals. These electrodes are installed conveniently protected 
against the aggressiveness of any chemical or electrochemi- 
cal reaction. 

[0028] The novel features which are considered as charac- 
teristic for the present invention are set forth in particular in 
the appended claims. The invention itself, however, both as to 
its construction and its method of operation, together with 
additional objects and advantages thereof, will be best under- 
stood from the following description of specific embodiments 
when read in connection with the accompanying drawings. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0029] FIG. 1 is a longitudinal diagram of the system in 
accordance with the present invention, illustrating the layout 
of the different components thereof; 
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[0030] FIG. 2 shows an outer view of the ecological light- 
ning conductor of the inventive system; and 

[0031] FIG. 3 is a complementary view of the preceding 
figure, showing a fully sectional view of the lightning con- 
ductor of the inventive system. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENTS 


[0032] A system for recovering and using the electrostatic 
charge generated by the lightning of the present invention 
includes an ecological lightning conductor 1, disposed on a 
mast 2, which is installed at the highest point of the existing 
structure by means of adequate bearings or on a newly built 
tower, an electrical conductor 3 and an intelligent earth wire 
4. 

[0033] The electrical conductor 3 is connected by one end 
to the mast or low electrical resistance electrode 5 of the 
lightning conductor 1, and connected to the intelligent earth 
wire 4 by the other end, said conductor incorporating a series 
of probes 6 and magnetic field detectors 7 that will send 
information to the microprocessor 8. 

[0034] These data, recorded by the microprocessor 8, are 
sent to a mainframe computer 9 where they are processed, 
being immediately displayed on a screen or sent to an “Inter- 
net”-type data transport network. 

[0035] The intelligent earth wire 4 is equipped with a con- 
trol device 10 which will analyse, in real time, the earth 
current leakages, sending the data to the aforementioned 
mainframe computer 9. Depending on the intensity of the 
leakage, the system will manage the information, generating 
alarms or modifying the processes for sending current to the 
energy accumulators 11, disposed next to the intelligent earth 
wire 4. This earth wire 4 also has dissipator electrodes 12 at 
ground level. 

[0036] The ecological lightning conductor 1 has a toroidal- 
shaped body 13, closed by 1ts upper part by an upper frame 14 
and completed by a lower frame 15 whereto, in the central 
appendix 16 of 1ts lower part, 1s fixed to the mast or low 
electrical resistance electrode 5. 

[0037] The dielectric product, which is essential for the 
object to act as a lightning conductor in itself, is disposed in 
the interior of the toroidal body 13 of the ecological lightning 
conductor. The dielectric product can be of noble gas. 
[0038] The previously described characteristics of the eco- 
logical lightning conductor confer the quality of deionising 
lightning conductor to this system component, which allows 
the appearance, as mentioned earlier, of small currents in the 
intelligent earth wire 4, where the charges are accumulated 
for their subsequent consumption in the energy accumulators 
11. 

[0039] During a storm process, a high-voltage field is gen- 
erated at ground level which 1s proportional to the charge of 
the cloud and the distance that separates it from the ground. 
[0040] Asofa certain magnitude of the natural electric field 
on the physical earth, the equipotential installation of earth 
wires of the system facilitates transfer of the charges through 
the electrical conductor 3, charges which, regardless of their 
polarity, are concentrated on the mast or lower electrode 5 of 
the lightning conductor 1, disposed at the highest point of the 
installation that configures the system, which is connected to 
the earth wire by means of the electrical conductor 3. The 
current that circulates through the lightning conductor-con- 
ductor-earth wire system 1s proportional to the charge within 
the cloud. 
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[0041] The low resistance of this mast or lower electrode 5 
of the lightning conductor 1, facilitates the capture of oppos- 
ing charges in the electrode or upper body 13. During this 
energy transfer process, a small current flow takes place 
between the cathode and anode in the interior of the lightning 
conductor, in the direction of the current flow. 

[0042] The resulting effect causes the appearance of a weak 
leakage current that derives to the electrical earth wiring of 
the installation, which is controlled by a microprocessor 8 
which, in turn, causes current shunting to an accumulation 
system 11 or to dissipator electrodes 12 at ground level. 
[0043] The evolution of the electro-atmospheric phenom- 
enon is recorded in a database by means of electric probes 6 
installed in the electrical conductor 3, disposed between the 
lightning conductor 1 and intelligent earth wire 4, and mag- 
netic field detectors 7. The data are stored, in real time, in a 
microprocessor 8 thanks to the transfer of data from the 
probes 6 to the mainframe computer 9, via radio or conductor. 
These data may be viewed on a PC screen and statistics 
calculated, both real time and historical, for the purpose of 
carrying out electromagnetic and electrical prevention stud- 
ies. 

[0044] The novel technology of the system that is the object 
of the invention, and which is being described, allows opti- 
misation of industrial process management and enhancement 
of personal electrical safety. 

[0045] Depending on the intensity of the current that flows 
through the conductor 3 towards the earth wire 4, high electric 
field alarms may be generated, consequently alerting of the 
risk of electrical storm in the area, with lightning activity. 
[0046] Having sufficiently described the characteristics of 
the system that is the object of the present invention, we must 
point out that any variation in dimensions, shapes, types of 
materials and layout of the different components shall not 
alter the essentiality of the invention and may be necessary 
according to the protection requirements of the desired area, 
based on factors such as the geographical area, environmental 
context and dimensions. 

[0047] It will be understood that each of the elements 
described above, or two or more together, may also find a 
useful application in other types of constructions differing 
from the types described above. 

[0048] While the invention has been illustrated and 
described as embodied in a system for recovering and using 
the electrostatica charge generated by ligntening, it is not 
intended to be limited to the details shown, since various 
modifications and structural changes may be made without 
departing in any way from the spirit of the present invention. 
[0049] Without further analysis, the foregoing will so fully 
reveal the gist of the present invention that others can, by 
applying current knowledge, readily adapt it for various 
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applications without omitting features that, from the stand- 
point of prior art, fairly constitute essential characteristics of 
the generic or specific aspects of this invention. 

What is claimed as new and desired to be protected by 
Letters Patent is set forth in the appended claims. 

1. A system for recovering and using an electrostatic charge 
generated by lightning and being present in an atmosphere 
during storms for transforming a natural energy into electrical 
energy and providing a necessary protection to persons, ani- 
mals and property, the system comprising components 
including an element selected from the group consisting of an 
external electrode and an ecological lightning conductor, a 
mast fixing said electrode, an intelligent earth wire, an elec- 
trical conductor joining said element to said intelligent earth 
wire, energy accumulators, dissipation electrodes, electric 
probes, magnetic field detectors, and a microprocessor con- 
trolling all the components of the system and transferring data 
to a mainframe computer. 

2. A system for recovering and using the electrostatic 
charge as defined in claim 1, wherein said ecological light- 
ning conductor has a toroidal-shaped body housing contain- 
ing a dielectric product, an upper frame closing said body, a 
lower frame completing said body, and a lower central appen- 
dix in which a member selected from a group consisting of 
said mast and a low electrical resistance electrode 1s fixed. 

3. A system for recovering and using the electrostatic 
charge as defined in claim 2, wherein said toroidal-shaped 
boyd of said ecological lightening conductor contains a noble 
gas. 

4. A system for recovering and using the electrostatic 
charge as defined in claim 1, wherein said electrical conduc- 
tor has one end connected to a member selected from the 
group consisting of a mast and an electrode and is designed 
for a wide range of frequencies and has adequate anti-corro- 
sion protection, said electrical conductor also having another 
end joined to said intelligent earth wire, said electrical con- 
ductor incorporating said electric probes and said magnetic 
field detectors. 

5. A system for recovering and using the electrostatic 
charge as defined in claim 1, wherein said intelligent earth 
wire is provided with disipator electrodes at a ground level 
according to a type of a component selected from the group 
consisting of soil, terrain and both. 

6. A system for recovering and using the electrostatic 
charge as defined in claim 1, further comprising a control 
device analyzing earth current leakages in real time and send- 
ing data to the mainframe computer, generating according to 
a leakage intensity, alarms or modifying a process for sending 
current to said accumulators. 
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This invention relates to lightning pro- 
tection systems and, also, to lightning protec- 
tion methods. | 

In general, an object of the invention is to 
protect particular areas or structures against 
being struck by lightning. | 

More particularly, an object of the inven- 
tion is to provide a system and method where- 


by the point or points for receiving the light- | 


ning strokes are predetermined. ] | 

Another object is to make provision for 
taking care of the consequential secondary 
discharges. | : | 

Heretofore, it has been a practice for pro- 
tecting certain areas and structures from 
lightning strokes, to provide towers, masts 
and network, singly or enclosing said areas 


or structures, thus providing a multiplicity 


of points in the expectation that one or more 
of said points would receive the lightning 


- stroke in event of the stroke occurring in the 


25 


30 


vicinity of the area or structure thus protect- 
ed, thus diverting the lightning stroke from 
sald area or structure. Protection against 


lightning might possibly be afforded in this 


manner if it were practicable to erect towers 
in sufficient number and of sufficient height 
or to provide metallic enclosures of a type 
that would insure immunity for the enclosed 
area or structure against lightning strokes. 
This, however, is not, generally, feasible 
economically.. Accordingly, another object 
of the present invention is to afford. adequate 
protection in an economical and practicable 
manner. | o 

In order to more clearly understand the in- 
vention, let it be assumed that there is a cloud 
sufficiently charged with electricity at a con- 


siderable height above the earth, imposing by 


its influence, an equal charge of electricity of 
opposite sign on the earth. The result will 
be a potential difference between the cloud 
and the earth, the presence of which is mani- 
fested in the form of an electrostatic atmos- 
pheric potential gradient. As a further re- 
sult, there will be tendency toward equaliza- 
tion of this potential gradient through the 
medium of whatever conduction may exist 
across or through the ditlectric or dielectrics 


separating the charged bodies which, in this 


instance, are the cloud and the earth. 

As the cloud approaches the earth, or as 
the charge on the cloud increases, the poten- 
tial gradient becomes steeper and the air in- 
tervening between the cloud and the earth 
becomes subjected to a greater electrostatic 
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stress. The greater this stress the greater * 
will be the tendency of the dielectric to break . 


down and become to a greater or less degree 
conductive of electric current. In this case, 
conductivity is primarily due to ionization, 


probably the ionization of collision, when 


electrons are pulled from the atoms of the 
dielectric by the more or less intense strain 
exerted by the potential gradient. The the- 
oretical explanation of what occurs implies 
a breaking up of the atoms of the dielectric 


into electrons and protons which, under the 


influence of the potential gradient, are drawn, 
respectively, toward the positively charged 
body and the negatively charged body. 
Other factors being equal, the conduction 
across a Stratum of air will be in direct ratio 
to the degree of ionization which, in turn, is 


largely dependent on the potential gradient. 


Therefore, when two electrically charged 
bodies of opposite sign exist and there is a 
tendency toward equalization of potential 
between them, under such conditions a re- 


duction in the potential difference may take 


the form of a visible phenomena, when the 
so-termed ionization potential of the dielec- 


‘tric has been reached. This will be visibly 


indicated by the formation of corona and un- 


der slightly higher potentials, by the forma- 
tion of streamers, these manifestations gen- 


erally preceding a more or less complete 


breakdown of the dielectric, particularly un- 


der conditions of increasing or extremely 
high potential gradient. Under these con- 
ditions it is probable that the ionization of 
collision is supplemented by ionization due 
to increase in temperature, since the increased 


‘molecular activity causes more electrons to 


give up their energy in the form of heat 
which results from collision. The effects are 
undoubtedly cumulative when the potential 
gradient is sufficiently hi 


igh. | | 
The rate at which PAn of potential 
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occurs between an electrically charged cloud 
and the earth depends on the steepness of the 

otential gradient and the character of the 
Daan and, under a sufficiently steep po- 
tential gradient, every projecting point on 
the surface of the earth, such as blades of 
grass and leaves on the trees, in the vicinity, 
will have an electric discharge ranging from 
an infinitesimal amount to an amount that 
results in visible corona and streamers. If 
the cloud attains sufficient electric charge 
and has sufficient capacity, to make it a po- 
tential source of lightning strokes, some path 
of ionization or breakdown of the dielectric 
may occur between the cloud and the earth 
and along’ this highly conducting path, the 
current flow which constitutes a lightning 
stroke will take place. The earth end of this 
path of ionization will be at some point 
which, under the existing potential gradient, 
has a greater discharge, or ionizing influence, 
than any other nearby point. This is þe- 
cause the power of ionization is the result of 
the introduction into the space under stress 
of a number of free electrons (created 
through ionization) with a consequent tend- 
eney to render that particular portion of 
the space relatively conducting by moving 
under the influence of the potential gradient 
and tending to leave a more or less ionized 
path, and, therefore, one that is more or less 
conducting of electric current. It follows 


from this that the ground point first furnish- 
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ing ionization or electrons in sufficient degree, 
will be the point from.which the path of 10n1- 
zation will start and, if the path of ioniza- 
tion be then completed to the charged cloud, 
said point will be the one where lightning 
will strike the earth, all other conditions be- 
ing the same. | 
In nature, there are so many variables 
which influence the behavior and occurrence 
of lightning strokes that it is manifestly 1m- 
ee to predetermine and locate every 
danger point with a view toward avoiding the 
hazard at said point and in the area adjacent 
to said point. It is an object of the present 
invention to artificially create, at will, and at 
any desired point, an ionized area corre- 
sponding to the ionized area at the earth end 
or point of the lightning stroke so that, by lo- 
cating this point removed from a particular 
structure or area, the same will be protected 
or rendered immune against lightning dis- 
charges, any discharge in that particular area 
being taken by the specially prepared point. 
The potential of metallic objects or bodies 
on the earth is that of the earth and, under 
the influence of electrical disturbances, a con- 
siderable electric charge may be carried to a 


point considerably above the surface of the. 


earth. As long as the potential gradient re- 
mains unchanged, this elevated charge will 
be in equilibrium and, accordingly, no hazard 
is present from such conditions; but, in the 
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event of asudden change in the potential gra- 
dient following a lightning discharge, there 
is a tremendous surge of current from the me- 
tallic objects or bodies to the earth. This 
surge is composed of the elevated charges, 
the potential of which, when the gradient is 
reduced, is above that of the earth. If an un- 
broken path, such as is formed by a metallic 
conductor of ample capacity, exists from the 
elevated charges to the earth, the charges, 
suddenly released, are carried harmlessly to 
the earth along said path and the electrical 
equilibrium is again restored. However, any 
break in the conducting path or lack of ca- 
pacity of the metallic conductor to properly 
take care of the current flow will result in a 
bridging of the gap, resulting from the break 
in the conductor, by the electric current and 
the consequent formation of an arc across said 
gap, thus producing a serious fire hazard. 
These electric charges, which take up their 
position under the stress of a potential 
gradient are known as bound charges and, 
when released, following lightning strokes, 
constitute secondary electric surges which are 
particularly hazardous in the presence of in- 
flammable liquids and gases. The roof of a 
reservoir or tank used for the storage of 
petroleum is a typical example of hazard due 
to secondary electric discharges or surges. 
Accordingly, it is an object of this invention 
to provide a path of electric current conduc- 
tive material of a capacity to handle the maxi- 
mum surges to the earth and to make this 
path a part of the structure to be protected. 
In the system I at present propose to em- 
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ploy, there is an electric device for produc- | 


ing corona, brush, streamer, or other high 


frequency discharges from the top of sultable 


towers, masts or other elevated structures 
grounded to the earth, to provide a path along 
which lightning discharges will flow, and in- 
cluded in the system is a grounded metallic 
network or grid having a capacity sufficient 
to relieve the area or structure being pro- 
tected from any bound electrical charge re- 
leased by a sudden decrease in the atmos- 
pheric potential gradient, such as may follow 


-a stroke of lightning in the vicinity of said 
area or structure. This grounded metallic 


network is in all instances placed directly on 
the surface of and in contact with any roof, 
tank roof, reservoir roof or other structure 


‘which may under a high gradient be the seat 


of bound charges which upon release may 
form a secondary surge to ground. 

The accompanying drawings illustrate a 
system constructed in accordance with the 
provisions of this invention and capable of 
operating to perform the method in accord- 
ance with the invention, the drawings being 
more or less diagrammatic. | 

- Figure 1 is a view of a lightning protection 


system embodying the invention. 


Figure 2 is an enlarged view, mainly in 
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section, from the line indicated by 2—2, Fig- 
ure 1. | 

Figure 3 is an enlarged plan view of the 
left portion of Figure 1 showing the reservoir 
and the elements adjacent thereto. 

Figure 4 is a plan showing in detail the 
base of one of the masts, together with the 
guy wires and grounding wires. 

‘igure 5 is a plan view of one of the masts, 
together with its guy wires and the anchors 
for said wires, the mast being shown in sec- 
tion. | E | 
Figure 6 is an enlarged view of the ioniz- 
ing apparatus, the housing being shown in 
section. | | 

Figure 7 is a wiring diagram of the wir- 
ing of the lonizing apparatus. | 

Figure 8 is a diagram of electrical connec- 
tions. | 

Referring to the drawings, the area or 
structure to be protected against lightning 
strokes may be, for example, a tank farm of 
the character used for the storage of petro- 
leum and its products. In Figure 3, two 
tanks or reservoirs of such tank farm are in- 
dicated at 11 and on each of them is a metal- 
lic network. or grid 12 for conducting to 
ground the bound charges that may exist on 
the reservoir roof. As indicated in Figure 
2 the grids 12 may be metallically bonded to 
the reservoir roofs 13 as indicated at 14 so 
that, under the influence of an unbalanced 
potential, any secondary electrical discharges 
will be carried to the earth, without arcing, 
by grounds 15 from the grids. Said grounds 
may be pipes. The grids are connected to 
the pipes by wires 16. 

Now referring, more particularly, to Fig- 
ure 8, there is provided a manually controlled 
switch 17 connecting with a source of com- 
mercial or other electric current, preferably 
at a location that is remote from the area and 
structure that are to be protected. The man- 
ually operated switch 17 is connected by wires 


18, 19 to remote control switches 20. 21 in- 
dicates a line protector for grounding tran- 


sients and lightning surges that may occur 
in the wires 18, 19. The remote control 


switches 20 are connected by wires 22, 23 to 


a high frequency, high voltage generator or 
resonance coil 24 which, when in operation, 
produces the electrical discharge for ioniza- 
tion. The generator 24 is grounded at 25 to 
the earth so that lightning discharges will be 
conducted to the earth. 

In Figure 8 but one resonance coil or gen- 
erator 24 is indicated, but, preferably, the 
upper end of each mast 40 will be provided 
with such coil or generator and this com- 


3 prises a portion of the ionization apparatus © 


which is illustrated, more or less diagram- 
matically in toto in Figure 6. Referring 
more particularly to said Figure 6 there is 
provided a base 26 mounted in a housing 27. 


> The base 26 is of suitable electrical insulating 


material such as hard rubber, bakelite or the 
like. Mounted on the base 26 is a support 
28 for primary winding 29. Also mount- 
ed on the base 26 is a cylinder 30 of suitable 
insulating material, such as hard rubber, 
bakelite or the like, and on said cylinder jis 
a secondary winding 31. Connected to one 
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end of the secondary winding 31 and pro- | 


jecting through the top of the housing 27 


into the atmosphere is a vertical metal rod 


82. The rod 32 is surmounted by a metal ball 


33. The other end of the secondary wind- 


ing 31 is connected to a point on the primary 


winding 29 and the secondary winding 31 is 
connected by a wire 34 to the ground 25 here- 
inbefore mentioned. Mounted in the hous- 
ing 27 is a line-voltage transformer 35. The 
secondary winding 36 of the transmitter 35 
connects with a spark gap 37 and also con- 
nects with the ground 25 and with a variable 
condenser 38 which, in turn, connects with the 
primary winding 29. O 2" 


The housing 27 is constructed of suitable 
weather proof material and covers all ele- 


ments of the ionizing apparatus excepting the. 


ball 33 and a portion of the rod 32 and the 
housing may be connected to the mast, with 
which it is associated, by a pipe flange 39 
which is secured to the bottom of the housing 
and which is threaded on to the upper end of 
the mast. : | 
The above described system operates to 


perform the various operations of the meth- _ 


od, as follows: Assuming that there are indi- 
cations of an approaching storm or that a 


storm may eventually occur in the area or- 
near the structure to be protected, the man- 


ually operated switch 17 will be closed, thus 


energizing the lines 18, 19 so as to operate the - 


remote control switches 20. This connects 
the ionization apparatus with the source of 
power and renders the system operative for 
producing the desired effect on lightning 


discharges. The high frequency, high volt- 


age generator operates to produce sufficient 
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free electrons adjacent the ball 33 to insure | 


that, if a path of ionization is even completed 


from the earth to a cloud in that area, the 


earth end of that path will be in the ionized 
zone surrounding the ball 33. 
It is to be understood that the remote con- 


trol switches may be dispensed with and the 
system put into and out of operative condi- 


tion by manually operated switch or switches 
at the base of the mast or other supporting 
structure. | 
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It is to be understood that the system above ` 


described may be modified in any suitable 
manner to suit local conditions. | 
1t will appear from the foregoing that the 
methhod of protecting an area or structure 
against lightning involves the operation of 
producing a definite zone of relatively high 
ionization at a point or points removed from 


the area that is to be protected. The meth- 
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od also includes the operation of conducting 
to the earth from any elevated objects that 
may be in the protected area, the secondary 
electrical surge resulting from a lightning 
discharge in the vicinity. | 

It is to be particularly noted that in this 


system the metallic grid or network lies di- 


rectly on the structure that is to be protected 
with no dielectric separating the grid and 
structure. Consequently, when the grid 
drains the charges to ground, following a 
lightning discharge in the vicinity, it drains 
from the structure to ground charges on the 
structure and, therefore, no fire hazard can 
exist there. 

I claim: 
- 1. The combination with a reservoir for 
inflammable substances, of a metallic grid in 
contact with and extending over said reser- 
voir and electrically connected with the 
earth, an elevated structure at one side of 
the reservoir, and a means mounted on the 
elevated structure operable to artificially 
produce a higher ionized zone above the level 
of the grid than is producible in said zone by 
the natural charged condition of the earth, 
the last mentioned means being electrically 
connected with the earth. 

9. The combination with a reservoir for in- 


flammable substances, of a metallic grid rest- 


ing on the roof of said reservoir in contact 
with and bonded thereto, means for electrical- 
ly connecting the. metallic grid with the 
earth, and means for artificially producing a 
measurably higher ionized zone at a point 
removed from the grid than is producible 


in said zone by the natural charged condi- 


40 


tion of the earth, the last mentioned means 
being electrically connected with the earth. 
Sioned at Ventura, Calif., this 5th day of 


July, 1927. | 
HAROLD L. BUMBAUGH. 
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Popular Science ( April 1971 ) 
The Amazing Motor That Draws Power from the Air 
by 


C.P. Gilmore & William J. Hawkins 


Would you believe an electric motor made almost entirely of plastic? That can run on power transmitted through open air? 


And sneak free electricity right out of the earth's electrical field? 


At the University of West Virgina we saw a laboratory full of such exotic devices spinning, humming, and buzzing away 


like a swarm of bees. They are electrostatic motors, run by charges similar to those that make your hair stand on end when 


you comb it on a cold winter's day. 


Today, we use electromagnetic motors almost exclusively. but electrostatics have a lot of overlooked advantages. They're 


far lighter per horsepower than electromagnetics, can run at extremely high speeds, and are incredibly simple and 
foolproof in construction. 
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"And, in principle," maintains Dr Oleg Jefimenko, "they can do anything electromagnetic motors can do, and some things 
they can do better." 


Jewel-like Plastic Motors. 


Jefimenko puts on an impressive demonstration. He showed us motors that run on the voltage developed when you hold 
them in your hands and scuff across a carpet, and other heavier, more powerful ones that could do real work. Up on the 
roof of the University's physics building in a blowing snowstorm, he connected an electrostatic motor to a specially 
designed earth-field antenna. It twirled merrily from electric power drawn out of thin air. 


These remarkable machines are almost unknown today. Yet the world's electric motor was an electrostatic. It was invented 
in 1748 by Benjamin Franklin. 


Franklin's motor took advantage of the fact that like charges repel, unlike ones attract. He rigged a wagon-wheel-sized, 
horizontally mounted device with 30 glass spokes. On the end of each spike was a brass thimble. Two oppositely charged 
leyden jars -- high voltage capacitors -- were so placed that the thimbles on the rotating spokes barely missed the knobs 
on the jars ( see photo ). 


As a thimble passed close to a jar, a spark leaped from knob to thimble. That deposited a like charge on the thimble, so 
they repelled each other. then, as the thimble approached the oppositely charged jar, 1t was attracted. As 1t passed this 
second jar, a spark jumped again, depositing a new charge, and the whole repulsion-attraction cycle began again. 


In 1870, the German physicist J.C. Poggendorff built a motor so simple it's hard to see what makes it work. The entire 
motor, as pictured here, is a plastic disk ( Poggendorff used glass ) and two electrodes. The electrodes set up what 
physicists call a corona discharge; their sharp edges ionize air molecules that come in contact with them. These charged 
particles floating through the air charge the surface of the palstic disk nearby. Then the attraction-repulsion routine that 
Franklin used takes place. 


A few papers on electrostatic motors have trickled out of the laboratories in recent years. But nobody really showed 
much interest until Dr Jefimenko came on the scene. 


The Russian-born physicist was attending a class at the University of Gottingen one day shortly after World War II when 
the lecturer, a Prof. R.W. Pohl, displayed two yard-square metal plates mounted on the end of a pole. He stuck the device 
outside and flipped it 180 degrees. A galvanometer hooked to the plates jumped sharply. 


"I could never forget that demonstration," said Jefimenko. "And I wondered why, if there is electricity in the air, you 
couldn't use it light a bulb or something." 


Electricity Everywhere 


The earth's electrical field has been known for centruries. Lightning and St Elmo's fire are the most dramatic 
manifestations of atmospheric electricity. But the field doesn't exist just in the vicinity of these events; it's everywhere. 


The earth is an electrical conductor. So is the ionosphere, the layer of ionized gas about 70 kilometers over our heads. The 
air between is a rather poor insulator. Some mechanisms not yet explained constantly pumps large quantitites of charged 
particles into the air. The charged particles cause the electrical field that Jefimenko saw demonstrated. Although it varies 
widely, strength of the field averages 120 volts per meter. 


You can measure this voltage with an earth-field antenna -- a wire with a sharp point at the top to start a corona, or with a 
bit of radioactive materials that ionizes the air in its immediate vicinity. near the earth, voltage is proportional to altitude; 
on an average day you might measure 1200 volts with a 10-meter antennas. 


Over that past few years, aided by graduate-student Henry Fischbach-Nazario, Jefimenko designed advanced corona 
motors. With David K. Walker, he experimented with electret motors. An electret is an insulator with a permanent 
electrostatic charge. It produces a permanent electrostatic charge in the surrounding space, just as a magnet produces a 
permanent magnetic field. And like a magnet, it can be used to build a motor. 


Jefimenko chose the electrostatic motor for his project because the earth-field antennas develop extremely high-voltage 
low-current power -- and unlike the electromagnetic motor -- that's exactly what 1t needs. 


The Climactic Experiment 
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On the night of Sept. 29, 1970, Jefimenko and Walker strolled into an empty parking lot, and hiked a 24-foot pole painted 
day-glow orange into the sky. On the pole's end was a bit of radioactive material in a capsule connected to a wire. The 
experimenters hooked an electret motor to the antenna, and, as Jefimenko describes it, "the energy of the earth's electrical 
field was converted into continuous mechanical motion." 


Two months later, they successfully operated operated a corona motor from electricity in the air. 

Any Future In It? 

Whether the earth's electrical field will ever be an important source of power is open to question. There are millions -- 
perhaps billions -- of kilowatts of electrical energy flowing into the earth constantly. Jefimenko thinks that earth-field 
antennas could be built to extract viable amounts of it. 


But whether or not we tap this energy source, the electrostatic motor could become important on its own. 


* In space or aviation, it's extreme light weight could be crucial. Jefimenko estimates that corona motors could deliver one 
horsepower for each 3 pounds of weight. 


* They'd be valuable in laboratories where even the weakest magnetic field could upset an experiment. 
* Suspended on air bearings, they'd make good gyroscopes. 


In a particularly spectacular experiment, Jefimenko turned on a Van de Graaff generator -- a device that creates a very- 
high-voltage field. About a yard away he placed a sharp-pointed corona antenna and connected it to an electrostatic motor. 
The rotor began to spin. The current was flowing from the generator through the air to where it was being picked up by 
the antenna. 


The stunt had a serious purpose: The earth's field is greatest on mountaintops. Jefimenko would like to set up a large 
antenna in such a spot, then aim an ultraviolet laser beam at a receiving site miles away at ground level. The laser beam 
would ionize the air, creating an invisible conductor through apparently empty space. 


To be sure, many difficulties exist; and no one knows for sure whether we'll ever get useful amounts of power out of the 
air. But with thinking like that, Jefimenko's a hard man to ignore. 
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World's first electrostatic motor looked like this, according to 
Benjamin Franklins description. Franklin said he'd use it to 
jm a roasting turkey, but there's no evidence that he did. 
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Simplest electrostatic motor ever designed was built by physicist 
j. C. Popggendorff, Two slanted electrodes spray charges onto 
disk, alternately repel and attract it to make it revolve. 


4/22 


4/24/2018 jefimenko 


efficient, most powerful electrostatic shown to date was de- 
igned by Dr. Oleg Jefimenko. 1t has multiple electrodes, cylin- 
ical rotor, and develops a maximum of 70 watts of power. 
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Electret motor above turns on as little as 60 volts. It was the first 
to run on power from the earth's electrical field. Such motors can 
achieve extremely high speeds, and use little power 


Popular Science ( May 1971 ) 
Electrostatic Motors You Can Build 
by 


C.P. Gilmore & William J. Hawkins 
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When we crank up the electrostatic motor at the top of this page, people always want to know what makes it run. It 1s 
mysterious -- there's nothing but a plastic disk and two strange electrodes. Yet there it is, spinning merrily. 


In "The Amazing Motor That Draws Power From the Air", last month, we told about our visit to the laboratory of Dr Oleg 
Jefimenko at the University of West Virginia, who has designed and built a variety of these ingenious machines. now, as 
promised, we bring you details on how you can build your own electrostatic motor from simple materials. 


The devices that you see here are corona-discharge motors. The sharp-pointed or knife-edge electrodes create a corona, 
which ionizes or charges the air particles floating by. These charged particles transfer their charge to the closest part of the 
plastic rotor and charge it up, just as you can charge your body by walking across a wool rug on a dry winter's day. 


Once a spot on the rotor assumes a charge, it is repelled from the chargin electrode by electrostatic forces, and at the same 
time is attracted to the other electrode, which has an opposite charge. When the charged section of the rotor reaches the 
opposite electrode, another corona discharge reverses the polarity and starts the whole thing over again. 


The Concept is Simple 


And so are the motors. But that doesn't mean thery're easy to build. These motors run on millionths of a watt; they've got 
no power to waste turning stiff bearings or slightly misaligned rotors. So they must be built with watch-making precision. 


They're made of acrylic sheet, rod, and tube stock -- Plexiglas and Lucite are two of the better-known brands. Acrylic cuts 
and works beautifully. Cut edges can be sanded so they have a white, frosted appearance that, in contrast with clear 
surfaces, gives your finished motor a sparkling, jewel-like appearance. If you like clear edges, you can buff them on a 
wheel and the whole thing becomes transparent. 


Drill and tap the acrylic and assemble parts with machine screws. This allows for fine adjustment and alignment. Later, 
you can make the whole thing permanent by putting a little solvent along the joints. The solvent flows into the joint and 
fuses 1t permanently. 


Details of framework, support and so on aren't important; change them if you like. but work with care if you want to avoid 
headaches. The Poggendorff motor looked simple; we slapped it together in a couple of hours, hooked up the power 
source -- and nothing happened. We gave it a few helpful spins by hand, but it wouldn't keep running. 


The cure took about 3 hours. First, we noticed that the outer edge of the disk wobbled from side to side about 1/16 of an 
inch as the wheel revolved. So the rotor-electrode distance was constantly changing. There was a little play in the 1/4" 
hole we had drilled for the electrodes -- so they weren't lined up absolutely square with the disk. Then we noticed that the 
disk always stopped with one side down. The imbalance was only a fraction of an ounce -- but it was too much. 


We drilled out the old hub and cemented in a new one -- this time, carefully. We lined up the electrodes -- precisely. Then, 
once more spinning the disk by hand, we added bit of masking tape until it was perfectly balanced. We connected the 
power -- and slowly... slowly... the disk began to turn. After about a minute, we clocked some turns with a watch and 
found it was spinning at 200 rpm. A moment later, we lost count. It was a great feeling. 


Where Tolerances Are Brutal 


We had even more trouble with the octagonal-window machine. When it wouldn't run and we turned the shaft by hand, 
we could feel the rotor dragging. We took it apart, felt all the surfaces on the rotor and the framework's insides and found 
a few bits of hardened cement, which we removed. We filed down all edges on the rotor adn the windows to make sure 
there were no beads or chips dragging. 


The rotor and corner separators are made from the same sheet of 1/2" plastic, so rotor clearance is achieved by putting 
shims at the corners to hold the side plates slightly more than 1/2" apart. With the 1/16" shims we were using, we could 
see that the sides were slightly misaligned so the shaft was not being held at a true 90 degrees. We drilled slightly 
oversized holes in the corners of one side piece and carefully adjusted until the rotor was turning true in the slot. To give 
the motor more torque, we put a bead of cement along the outer edge of each aluminum-foil electrode to stop corona 
leakage. The motor ran. 


Take A Giant Step 


Once you've built these machines, why not design your own? Start with the Jefimenko 1/10 hp model (pictured) as a 
challenge. Then plan one from scratch. You can power your motors with a laboratory high-voltage supply, a Van de Graff 
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generator, or a Wimhurst machine or any other high-voltage source. We've been running ours on the home-built Wimhurst 
machine shown in the photos. (If you don't want to build one, Wimhurst machiens are available from scientific supply 
houses such as Edmund Scientific ). 


The discharge globes are traditional for high-voltage machines. They aren't necessary, but they give a quick check on 

machine operation and a satifying arc when you move them within 1/2" of each other. Incidentally, that funny smell is 
ozone. But 1ts concentration 1s too low to be harmful. The generator 1s safe, too. You can hold both electrodes in your 

hands and all you'll feel is a tingle. This particular generator, we estimate, puts out about 30,000 volts. 


To make wiring simple, we used standard connectors on the Wimhurst collectors, and meter leads with regular banana 
plugs and alligator clips to hook up the motors. 


Last month, we mentioned seeing Dr Jefimenko run his electrostatic motors on electricity tapped from the earth's field. 
We haven't had a chance to try this yet with ours, but 1t should work. If you want to try, you'll need a needle-pointed piece 
of music wire a few inches long to start a corona, plus several hundred feet of fine copper wire. 


Connect the pointed wire to the fine conductor, get the sharp point up into the air at least 200-300 feet with a kite or 
balloon, and hook the wire to one side of the motor. Hook the other side of the motor to ground. The earth field antenna 
should at times be able to develop up to 20,000 volts from the earth's electrical field. If nothing happens, check your 
equipment, or try another day. The field changes constantly. 


The force that makes your hair stand 
on end when you comb it on a dry day 
drives these fascinating motors 


The electrostatic motor on the left turns between three- and four-hundred rpm when connected to the Wimshurst generator at right. 
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Oleg D. Jefimenko 


(October 14, 1922, Kharkiv, Ukraine - May 14, 2009, Morgantown, West Virginia, USA) - physicist and Professor 
Emeritus at West Virginia University. 


Biography 


Jefimenko received his B.A. at Lewis and Clark College (1952). He received his M. A. at the University of Oregon 
(1954). He received his Ph.D. at the University of Oregon (1956). Jefimenko has worked for the development of the 
theory of electromagnetic retardation and relativity. In 1956, he was awarded the Sigma Xi Prize. In 1971 and 1973, he 
won awards in the AAPT Apparatus Competition. Jefimenko has constructed and operated electrostatic generators run by 
atmospheric electricity. 


Jefimenko has worked on the generalization of Newton's gravitational theory to time-dependent systems. In his opinion, 
there 1s no objective reason for abandoning Newton's force-field gravitational theory (in favor of a metric gravitational 
theory). He is actively trying to develop and expand Newton's theory, making it compatible with the principle of causality 
and making it applicable to time-dependent gravitational interactions. 
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Jefimenko's expansion, or generalization, 1s based on the existence of the second gravitational force field, the 
"cogravitational, or Heaviside's, field". This is might also be called a gravimagnetic field. It represents a physical 
approach profoundly different from the time-space geometry approach of the Einstein general theory of relativity. Oliver 
Heaviside first predicted this field in the article "A Gravitational and Electromagnetic Analogy" (1893). 
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The next energy breakthrough is Dr. Oleg Jefimenko's electrostatic motors. Discovered by Ben Franklin in the 18th 
century, electrostatic motors are an all-American invention. They are based on the physics of the fair-weather atmosphere 
that has an abundance of positive electric charges up to an altitude of 20 km. However, the greatest concentration is near 
the ground and diminishes with altitude rapidly. Dr. Jefimenko discovered that when sharp-pointed antennas are designed 
for a sufficient length to obtain at least 6000 volts of threshold energy, the fair-weather current density available is about a 
picoampere per square meter. Such antennas produce about a microampere of current. However, small radioactive source 
antennas may be used instead that have no threshold voltage and therefore no height requirements. Similar to a nuclear 
battery design of Dr. Brown, these antennas have larger current potentials depending upon the radioactive source used 
(alpha or beta source) and ionize the air in the vicinity of the antenna. Electrostatic motors are lighter than 
electromagnetic motors for the same output power since the motor occupies the entire volume. For example, it is expected 
that a motor one meter on a side will provide a power of one megawatt and weigh 500 kg or less. Electrostatic motors also 
require very little metal in their construction and can use mostly plastic for example. They can also operate from a variety 
of sources and range of voltages. As Dr. Jefimenko points out, "It is clear that electrostatic motor research still constitutes 
an essentially unexplored area of physics and engineering, and that electrostatic motor research must be considered a 
potentially highly rewarding area among the many energy-related research endeavors."[5] The atmospheric potential of 
the planet is not less than 200,000 megawatts. He has succeeded in constructing demonstration motors that run 
continuously off atmospheric electricity. Jefimenko's largest output motor was an electret design that had a 0.1 Hp rating. 
[6] Certainly the potential for improvement and power upgrade exists with this free energy machine. 
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Book Report 


So I go out on my step and what to my wondering eyes doth appear but the box from Amazon.com containing the 
Jefimenko books that Bill Miller shamed me into finally buying. So I take a quick look inside and decide to give an initial 
report here. (Too much vector math in there for a thorough review.) 


These books have some amazing advanced thinking in the understanding of Maxwell and EM. One first thought is the 
consideration of causality. This is typically totally ignored in the EM community. Evidence of that 1s the fact that EM 
waves are widely held to be propagated by the E field creating the H field and the H field creating the E field as it goes 
along. Too bad it's just not true! Jefimenko points out that causality demands that that an event must be PRECEDED by 
it's cause! Simultaneous events CANNOT be "causal" of each other. Hence E and H fields of waves are created by the 
WAVE SOURCE not each other! Same things goes for the E field created by Faraday induction. It simply cannot be 
"caused" by the time-varying Magnetic Field. "Magnetic induction" 1s therefore a misnomer. Such induction is caused by 
the source CURRENT and NOT the magnetic field! 


This leads Jefimenko on to note that contrary to the "one E field" theory that has been believed for so many years, the 
inductive E field is clearly NOT the same field as an electrostatic E field. Jefimenko terms this inductive E field the 
"Electrokinetic Field" to show that it is a different field from the electrostatic E field. Very good. However, old habits die 
hard and even Jefimenko persists in writing an expression for a "total E field" following Maxwell as consisting of a sum 
of the electrostatic and electrokinetic parts as if they were both the "same" kind of E field. 


Jefimenko then proceeds to illustrate the electrokinetic fields with a series of calculations and examples using his 
formulas as an approach. He presents it as basically a "new" way of doing this and in one sense it is compared to the 
commonly used and non-causal bogus "flux linkage" methods. However, he fails to note that the causal Neumann formula 
is in essence identical to his formulation and has been a standard formulation for years for the calculation of the 
"electrokinetic field" or what is usually termed "mutual induction". Nevertheless his example calculations are important 
basic references to the topic of Faraday induction. And the consideration of causality clearly shows that the Neumann 
approach has the edge over the "flux linkage" ideas with at times fail to give correct results. 


But the subject doesn't end with induction, he pulls gravity into the mix. Of particular interest 1s that he shows that once 
you introduce causality into Newton's theory of gravitation, interesting things start to happen! Relativity suddenly begins 
to show up and even more interesting "action-reaction" 1s soon discovered to actually be a law that does NOT hold in all 
cases! The electromagnetic nature of gravity quickly becomes strongly hinted at and without action-reaction laws, those 
dreamed of devices such as anti-gravity ships and the "force-glove" that you wear to push over a building become 
theoretical possibilities! These are truly books full of thought-provoking new ways of looking at tired old physics! 


I'm not going to be going through the large quantity of field theory math in these books in a hurry, but that's OK because 
clearly taking the time to go through in detail WILL be worth the effort! What can I say? Listen to Bill Miller and get that 
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order off to Amazon.com now. At roughly $25 each these two books are a huge bargain to the usual EM text books 
costing hundreds of dollars and then being full of bogus ideas and misunderstandings of the established theories. Just do 
it! I did and I'm not sorry I did! 


Benj 


The Bizarre and Intriguing Story of Oleg Jefimenko and the Solutions to Maxwell's Equations 


I recently heard the story of Oleg Jefimenko during a lecture on Electrodynamics, specifically the general solution to 
Maxwell’s Equations. 


Jefimenko’s tiny bit of fame comes from Jefimenko’s Equations, which are the general solution to Maxwell’s equations 
expressed solely in terms of sources, that is charge and current distributions. The equations are messy and difficult to 
work with, and aren’t used much in practice. But they do reveal certain bits of physics (such as the applicability of the 
quasistatic approximation (the link goes to a thermodynamics page, but the idea is the same) and that fields must be 
created by sources), and it’s always nice to have the general solution to a problem available. 


These equations weren’t written down until 1966, about a century after Maxwell’s Equations were known. Some people 
will claim (as the Wikipedia article cited does) that Jefimenko’s Equations were written down earlier, but those earlier 
versions are always slightly different and not quite complete. What's really funny 1s that Jefimenko wrote them down in 
an attempt to formulate an alternative to Maxwell’s equations. 


When my current Professor, David Griffiths, was in the process of writing a paper on the subject, he independently 
derived Jefimenko’s equations, and tried to figure out if anyone had done it before. Other than some slightly tricky and 
annoying math, they’re not hard to derive, so someone must have done it. He found that Jefimenko had written them in a 
book that was published by a company that had only published one other work, also by Jefimenko (apparently regular 
publishers wouldn’t take his books, so he went to a prestige press). He contacted Jefimenko, and Jefimenko didn’t believe 
that he had solved Maxwell’s equations, but that he had created an electromagnetic theory separate from (and doubtless 
better than) Maxwell’s. Of course he had done no such thing, his formulation is exactly equivalent to Maxwell’s, but he 
wasn’t buying it. 


According to Griffiths, Jefimenko currently submits one or two papers a week to American journals, gets denied, then 
publishes them in Europe (where review is apparently not as stringent). I don’t know what they’re about, the Wikipedia 
article says he focuses on overthrowing Einstein’s General Relativity and Maxwell. 


I found this story behind some esoteric equations to be pretty amusing, and thought others might agree. I hope you’ve 
enjoyed the convoluted and intriguing story behind Jefimenko’s equations. 


[Most of my information comes from a lecture with Griffiths, and as such could not be found online. Anything that is 
available online has been referenced. | 
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Electrostatic Motors (Paperback) 
by Oleg D. Jefimenko 


Scientific American ( October, 1974 ) 


Electrostatic Motors Are Powered by Electric Field of the Earth 
by 


C. L. Stong 
Although no one can make a perpetual motion machine, anyone can tap the earth's electric field to run a homemade motor 


perpetually. The field exists in the atmosphere between the earth's surface and the ionosphere as an electric potential of 
about 360,000 volts. Estimates of the stored energy range from a million kilowatts to a billion kilowatts. 


Energy in this form cannot be drawn on directly for driving ordinary electric motors. Such motors develop mechanical 
force through the interaction of magnetic fields that are generated with high electric current at low voltage, as Michael 
Faraday demonstrated in 1821. The earth's field provides relatively low direct current at high voltage, which 1s ideal for 
operating electrostatic motors similar in principle to the machine invented by Benjamin Franklin in 1748. 


Motors of this type are based on the force of mutual attraction between unlike electric charges and the mutual repulsion of 
like charges. The energy of the field can be tapped with a simple antenna in the form of a vertical wire that carries one 
sharp point or more at its upper end. During fair weather the antenna will pick up potential at the rate of about 100 volts 
for each meter of height between the points and the earth's surface up to a few hundred feet. At higher altitudes the rate 
decreases. During local thunderstorms the pickup can amount to thousands of volts per foot. A meteorological hypothesis 
is that the field is maintained largely by thunderstorms, which pump electrons out of the air and inject them into the earth 
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through bolts of lightning that continuously strike the surface at an average rate of 200 strokes per second. 


Why not tap the field to supplement conventional energy resources? Several limitations must first be overcome. For 


example, a single sharp point can draw electric current from the surrounding air at a rate of only about a millionth of an 


ampere. An antenna consisting of a single point at the top of a 60-foot wire could be expected to deliver about a 


microampere at 2,000 volts; the rate is equivalent to .002 watt. A point-studded balloon tethered by a wire at an altitude of 
75 meters might be expected to deliver .075 watt. A serious limitation appears as the altitude of the antenna exceeds about 


200 meters. The correspondingly higher voltages become difficult to confine. 


At an altitude of 200 meters the antenna should pick up some 20,000 volts. Air conducts reasonably well at that potential. 
Although nature provides effective magnetic materials in substances such as iron, nickel and cobalt, which explains why 
the electric-power industry developed around Faraday's magnetic dynamo, no comparably effective insulating substances 


exist for isolating the high voltages that would be required for electrostatic machines of comparable power. Even so, 


electrostatic motors, which are far simpler to build than electromagnetic ones, may find applications in special 


environments such as those from which magnetism must be excluded or in providing low power to apparatus at remote, 


unmanned stations by tapping the earth's field. 


Apart from possible applications electrostatic motors make fascinating playthings. They have been studied extensively in 


recent years by Oleg D. Jefimenko and his graduate students at West Virginia University. The group has reconstructed 


models of Franklin's motors and developed advanced electrostatic machines of other types. 
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Although Franklin left no drawing of his motor, his description of it in a letter to Peter Collinson, a Fellow of the Royal 
Society, enabled Jefimenko to reconstruct a working model [see illustration at right]. Essentially the machine consists of a 
rimless wheel that turns in the horizontal plane on low-friction bearings. Each spoke of the "electric wheel," as Franklin 
called the machine, consists of a glass rod with a brass thimble at 1ts tip. An electrostatic charge for driving the motor was 


stored in Leyden jars. A Leyden jar 1s a primitive form of the modern high-voltage capacitor. Franklin charged his jars 


with an electrostatic generator. 


The high-voltage terminals of two or more Leyden jars that carried charges of opposite polarity were positioned to graze 
the thimbles on opposite sides of the rotating wheel. The motor was started by hand. Thereafter a spark would jump from 
the high-voltage terminal to each passing thimble and impart to it a charge of the same polarity as that of the terminal. The 


force of repulsion between the like charges imparted momentum to the wheel. 


Conversely, the thimbles were attracted by the oppositely charged electrode of the Leyden jar Franklin placed on the 
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opposite side of the wheel. As the thimbles grazed that jar, a spark would again transfer charge, which was of opposite 
polarity. Thus the thimbles were simultaneously pushed and pulled by the high-voltage terminals exactly as was needed to 
accelerate the wheel. 


Franklin was not altogether happy with his motor. The reason was that running it required, in his words, "a foreign force, 
to wit, that of the bottles." He made a second version of the machine without Leyden jars. 


In this design the rotor consisted principally of a 17-inch disk of glass mounted to rotate in the horizontal plane on low- 
friction bearings. Both surfaces of the disk were coated with a film of gold, except for a boundary around the edge. The 
rotor was thus constructed much like a modern flat-plate capacitor. 


Twelve evenly spaced metal spheres, cemented to the edge of the disk, were connected alternately to the top and bottom 
gold films. Twelve stationary thimbles supported by insulating columns were spaced around the disk to graze the rotating 
metal spheres. When Franklin placed opposite charges on the top and bottom films and gave the rotor a push, the machine 
ran just as well as his first design, and for the same reason. According to Franklin, this machine would make up to 50 
turns a minute and would run for 30 minutes on a single charge. 


Jefimenko gives both motors an initial charge from a 20,000-volt generator. They consume current at the rate of about a 
millionth of an ampere when they are running at full speed. The rate is equivalent to .02 watt, which is the power required 
to lift a 20-gram weight 10 centimeters (or an ounce 2.9 inches) in one second. 


Jefimenko wondered if Franklin's motor could be made more powerful. As Jefimenko explains, the force can be increased 
by adding both moving and fixed electrodes. This stratagem is limited by the available space. If the electrodes are spaced 
too close, sparks tend to jump from electrode to electrode around the rotor, thereby in effect short-circuiting the machine. 
Alternatively the rotor could be made cylindrical to carry electrodes in the form of long strips or plates. This scheme 
could perhaps increase the output power by a factor of 1,000. 


Reviewing the history of electrostatic machines, Jefimenko came across a paper published in 1870 by Johann Christoff 
Poggendorff, a German physicist. It described an electrostatic motor fitted with a rotor that carried no electrodes. The 
machine consisted of an uncoated disk of glass that rotated in the vertical plane on low-friction bearings between 
opposing crosses of ebonite. Each insulating arm of the crosses supported a comblike row of sharp needle points that 
grazed the glass. 


When opposing combs on opposite sides of the glass were charged in opposite polarity to potentials in excess of 2,000 
volts, air in the vicinity of the points on both sides of the glass was ionized. A bluish glow surrounded the points, which 
emitted a faint hissing sound. The effect, which 1s variously known as St. Elmo's fire and corona discharge, deposited 
static charges on both sides of the rotor. 


Almost the entire surface of the glass acquired a coating of either positive or negative fixed charges, depending on the 
polarity of the combs. The forces of repulsion and attraction between glass so charged and the combs were substantially 
larger than they were in Franklin's charged thimbles. The forces were also steadier, because in effect the distances 
between the combs and the charged areas remained constant. It should be noted that adjacent combs on the same side of 
the glass carried charges of opposite polarity, so that the resulting forces of attraction and repulsion acted in unison to 
impart momentum to the disk, as they did in Franklin's motor. 


By continued experimentation Poggendorff learned that he should slant the teeth of the combs to spray charge on the glass 
at an angle. The resulting asymmetrical force made the motor self-starting and unidirectional. When the teeth were 
perpendicular to the glass surface, the forces were symmetrical, as they were in Franklin's motor. When the machine was 
started by hand, 1t ran equally well in either direction. 


Poggendorff was immensely pleased by the rate at which his machine converted charge into mechanical motion. He 
concluded his paper with a faintly odious reference to Franklin's device. "That such a quantity of electricity must produce 
a far greater force than that in the [Franklin] electric roasting spit," he wrote, "is perfectly obvious and nowadays would 
not be denied by Franklin himself. With one grain of gunpowder one cannot achieve so much as with one hundred 
pounds." 


Electrostatic motors are now classified in general by the method by which charge is either stored in the machine or 
transferred to the rotor. Poggendorff's machine belongs to the corona type, which has attracted the most attention in recent 
years. Although its measured efficiency is better than 50 percent, Poggendorff regarded it merely as an apparatus for 
investigating electrical phenomena. He wrote that "it would be a sanguine hope if one wanted to believe that any useful 
mechanical effect could be achieved with it." 
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Poggendorff's negative attitude toward the usefulness of his design may well have retarded its subsequent development. A 
modern version of the machine constructed in Jefimenko's laboratory has an output of approximately .1 horsepower. It 
operates at speeds of up to 12,000 revolutions per minute at an efficiency of substantially more than 50 percent. In one 
form the modern corona motor consists of a plastic cylinder that turns on an axial shaft inside a concentric set of knife- 
edge electrodes that spray charge on the surface of the cylinder [see illustration at left]. Forces that act between the 
sprayed charges and the knife-edge electrodes impart momentum to the cylinder. 


Machines of this kind can be made of almost any inexpensive dielectric materials, including plastics, wood and even 
cardboard. The only essential metal parts are the electrodes and their interconnecting leads. Even they can be contrived of 
metallic foil backed by any stiff dielectric. The shaft can be made of plastic that turns in air bearings. By resorting to such 
stratagems experimenters can devise motors that are extremely light in proportion to their power output. Corona motors 
require no brushes or commutators. A potential of at least 2,000 volts, however, is essential for initiating corona discharge 
at the knife-edges. 
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A smaller and simpler version of the machine was demonstrated in 1961 by J. D. N. Van Wyck and G. J. Kühn in South 
Africa. This motor consisted of a plastic disk about three millimeters thick and 40 millimeters in diameter supported in the 
horizontal plane by a slender shaft that turned in jeweled bearings. Six radially directed needle points grazed the rim of 
the disk at equal intervals. When the machine operated from a source of from 8,000 to 13,000 volts, rotational speeds of 
up to 12,000 revolutions per minute were measured. 


I made a corona motor with Plexiglas tubing two inches in diameter and one and a half inches long. It employed 
stiffbacked single-edge razor blades as electrodes. The bore of the tube was lined with a strip of aluminum foil, a 
stratagem devised in Jefimenko's laboratory to increase the voltage gradient in the vicinity of the electrodes and thus to 
increase the amount of charge that can be deposited on the surface of the cylinder. I coated all surfaces of the razor blades 
except the cutting edges and all interconnecting wiring with "anticorona dope," a cementlike liquid that dries to form a 
dielectric substance that reduces the loss of energy through corona discharges in nonproductive portions of the circuit. 


The axial shaft that supports the cylinder on pivot bearings was cut out of a steel knitting needle. The ends of the shaft 
were ground and polished to 30degree points. To form the points I chucked the shaft in an electric hand drill, ground the 
metal against an oilstone and polished the resulting pivots against a wood lap coated with tripoli. 


The bearings that supported the pivots were salvaged from the escapement mechanism of a discarded alarm clock. A pair 
of indented setscrews could be substituted for the clock bearings. The supporting frame was made of quarter-inch Lucite. 
The motor can be made self-starting and unidirectional by slanting the knife-edges. Those who build the machine may 
discover, as I did, that the most difficult part of the project, balancing the rotor, 1s encountered after assembly. The rotor 
must be balanced both statically and dynamically. 
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Static balance was achieved by experimentally adding small bits of adhesive tape to the inner surface of the aluminum foil 
that lines the cylinder until the rotor remained stationary at all positions to which 1t was set by hand. When the rotor was 
balanced and power was applied, the motor immediately came up to speed, but it shook violently. I had corrected the 
imbalance caused by a lump of cement at one end of the rotor by adding a counterweight on the opposite side at the 
opposite end of the cylinder. Centrifugal forces at the ends were 180 degrees out of phase, thus constituting a couple. 


The dynamic balancing, which 1s achieved largely by cut-and-try methods, took about as much time as the remainder of 
the construction. To check for dynamic balance suspend the motor freely with a string, run it at low speed and judge by 
the wiggle where a counterweight must be added. Adhesive tape makes a convenient counterweight material because it 
can be both applied and shifted easily. 


I made the motor as light and frictionless as possible with the objective of operating it with energy from the earth's field. 
The field was tapped with an antenna consisting of 300 feet of No. 28 gauge stranded wire insulated with plastic. It 1s the 
kind of wire normally employed for interconnecting electronic components and is available from dealers in radio supplies. 


The upper end of the wire was connected to a 20-foot length of metallic tinsel of the kind that serves for decorating a 
Christmas tree. The tinsel functioned as multiple needle points. Strips cut from window screening would doubtless work 
equally well. 


The upper end of the tinsel was hoisted aloft by a cluster of three weather balloons. Such balloons, each three feet in 
diameter, and the helium to inflate them are available from the Edmund Scientific Co. (300 Edscorp Building, Barrington, 
N.J. 08007). The weight in pounds that a helium-filled balloon of spherical shape can lift is roughly equal to a quarter of 
the cube of its radius in feet. To my delight the motor began to run slowly when the tinsel reached an altitude of about 100 
feet. At 300 feet the rotor made between 500 and 700 revolutions per minute. 


A note of warning is appropriate at this point. Although a 300-foot vertical antenna can be handled safely in fair weather, 
it can pick up a lethal charge during thunderstorms. Franklin was incredibly lucky to have survived his celebrated kite 
experiment. A European investigator who tried to duplicate Franklin's observations was killed by a bolt of lightning. The 
300-foot antenna wire can hold enough charge to give a substantial jolt, even during fair weather. Always ground the 
lower end of the wire when it is not supplying a load, such as the motor. 


To run the motor connect the antenna to one set of electrodes and ground the other set. Do not connect the antenna to an 
insulated object of substantial size, such as an automobile. A hazardous charge can accumulate. Never fly the balloon in a 
city or in any other location where the antenna can drift into contact with a high-voltage power line. Never fly 1t below 
clouds or leave it aloft unattended. 
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plastic drum 
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A variety of corona motors have been constructed in Jefimenko's laboratory. He has learned that their performance can be 
vastly improved by properly shaping the corona-producing electrodes [see illustration at right]. The working surface of 
the rotors should be made of a fairly thin plastic, such as Plexiglas or Mylar. Moreover, as I have mentioned, the inner 
surface of the cylinder should be backed by conducting foil to enhance the corona. Effective cylinders can be formed 
inexpensively out of plastic sewer pipe. Corona rotors can of course also be made in the form of disks. 


One model consists of a series of disks mounted on a common shaft. Double-edged electrodes placed radially between 
adjacent disks function much like Poggendorff's combs. This design needs no foil lining or backing because a potential 
gradient exists between electrodes on opposite sides of the disks. It is even possible to build a linear corona motor, a 
design that serves to achieve translational motion. A strip of plastic 1s placed between sets of knife-edge electrodes 
slanted to initiate motion in the desired direction. 


http://rexresearch.com/jefimenko/jefimenko.htm 18/22 


4/24/2018 jefimenko 


Notwithstanding the problem of handling potentials on the order of a million volts without effective insulation materials, 
Jefimenko foresees the possibility of at least limited application of corona power machines. In The Physics Teacher 
(March, 1971) he and David K. Walker wrote: "These motors could be very useful for direct operation from high-voltage 
d.c. transmission lines as, for example, the 800 kV Pacific Northwest-Southwest Intertie, which is now being constructed 
between the Columbia River basin and California. It is conceivable that such motors could replace the complex 
installations now needed for converting the high-voltage d.c. to low-voltage a.c. All that would be required if corona 
motors were used for this purpose would be to operate local low-voltage a.c. generators from corona motors powered 
directly from the high-voltage d.c. line." 


As Jefimenko points out, a limiting factor of the corona motor 1s its required minimum potential of 2,000 volts. This 
limitation 1s circumvented by a novel electrostatic motor invented in 1961 by a Russian physicist, A. N. Gubkin. The 
motor is based on an electret made in 1922 by Mototaro Eguchi, professor of physics at the Higher Naval College in 
Tokyo. 


An electret is a sheet or slab of waxy dielectric material that supports an electric field, much as a permanent magnet 
carries a magnetic field. Strongly charged carnauba-wax electrets are available commercially, along with other 
electrostatic devices, from the Electret Scientific Company (P.O. Box4132, Star City, W.Va. 26505). A recipe for an 
effective electret material is 45 percent carnauba wax, 45 percent water-white rosin and 10 percent white beeswax. Some 
experimenters substitute Halowax for the rosin. 


The ingredients are melted and left to cool to the solid phase in a direct-current electric field of several thousand volts. 
The wax continues to support the field even though the external source of potential is turned off [see "The Amateur 
Scientist, SCIENTIFIC AMERICAN, November, 1960, and July, 1968]. The electret reacts to neighboring charges 
exactly as though it were a charged electrode, that is, it is physically attracted or repelled depending on the polarity of the 
neighboring electrode. 
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Gubkin harnessed this effect to make a motor. The rotor consisted of a pair of electrets in the shape of sectors supported at 
opposite ends of a shaft. The center of the shaft was supported transversely by an axle. When the rotor turned, the 
electrets were swept between adjacent pairs of charged metallic plates, which were also in the form of sectors. 


The plates were electrified by an external source of power through the polarity-reversing switch known as a commutator. 
The commutator applied to the electrodes a charge of polarity opposite to the charge of the attracted electret. As the 
electret moved between the attracting plates, however, the commutator switched the plates to matching polarity. The 
alternate push and pull imparted momentum to the rotor in exact analogy to Franklin's motor. 


Gubkin's motor was deficient in two major respects. The distances between the electrodes and the electrets were 
needlessly large, so that the forces of attraction and repulsion were needlessly weak. Moreover, during the electret's transit 
between electrodes its surfaces were unshielded. Unshielded electrets attract neutralizing ions from the air and lose their 
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charge within hours or days. 
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Both inherent deficiencies of Gubkin's motor have been corrected in Jefimenko's laboratory by taking advantage of what 
is termed the slot effect. Instead of sandwiching the electret alternately between pairs of metal plates, Jefimenko employs 
opposing pairs of adjacent plates [see illustration at rightt]. The adjacent plates are separated by a narrow slot. When 
adjacent plates carry charges of opposite polarity, the electret experiences a force at right angles to the slot and in the 
plane of the electret. The strength of the force is at a maximum because the electret is close to the electrodes. 
Simultaneously the electrodes function as shields to prevent the neutralization of the electret by free ions. 


Motors based on the slot effect can be designed in a number of forms. One design consists of an electret in the shape of a 
wafer-thin sheet of Mylar supported by a flat disk of balsa wood 100 millimeters in diameter and three millimeters thick. 
(A long-lasting charge 1s imparted to the Mylar by immersing it in a field of a few thousand volts from an electrostatic 
generator after the motor is assembled.) This rotor is sandwiched between four semicircular sectors that are cross- 
connected [ see illustration ]. 
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The electret is mounted on a four-millimeter shaft of plastic that turns in jeweled bearings. The conducting surfaces of the 
commutator consist of dried India ink. The brushes are one-millimeter strips of kitchen aluminum foil. The motor 
operates on a few microwatts of power. 


Jefimenko has demonstrated a similar motor that was designed to turn at a rate of about 60 revolutions per minute and 
develop a millionth of a horsepower on a 24-foot antenna having a small polonium probe at its upper end. (By emitting 
positive charges probes of this type tap the earth's field somewhat more efficiently than needle points do.) The 
performance of the motor easily met the design specifications. The charm of these motors lies in the fact that, although 
they do not accomplish very much, they can run forever. 
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Atmospheric Transduction System including a Power Fre- 
quency broadcast station, a receiver, and a network. The 
Power Frequency broadcast station includes a transmitter and 
a computer server. The receiver is in communication with the 
Power Frequency broadcast transmitter and also includes a 
user interface for receiving user input commands comprising 
a request for information from the Power Frequency broad- 
cast station. The receiver is configured to establish a two-way 
communication path between the receiver and the Power 
Frequency broadcast transmitter. The network is in commu- 
nication with the transducer, controller and the receiver for 
exchanging information therebetween. In response to oscil- 
lation translation and/or rotation of the electronic transducer, 
portions of forces induced by the mass are transferred to the 
piezoelectric elements. Electrical energy output by these 
piezoelectric elements is received in a power controller and 
can be applied to the battery as self charging. The piezoelec- 
tric transducer includes a conductive rotor and bearings, at 
least one of them incorporating a vibrator of mechanical 
oscillation, having a piezoelectric transducer converting 
mechanical vibrations into electric power. 
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ATMOSPHERIC TRANSDUCTION SYSTEM 


CROSS REFERENCE TO RELATED 


APPLICATIONS 
[0001] NONE 
BACKGROUND OF THE INVENTION 
Field of the Invention 
[0002] Self-propelled travel is a type of recreational adven- 


ture travel using human powered transport. This includes 
non-motorized machines such as a bicycle or skateboard. It is 
in contrast to traveling in a powered vehicle (such as an 
automobile) as in that case it is the vehicle which powers 
itself. Self-propelled travel is used to travel short distances or 
even for much longer distances such as bicycle touring. Self 
propelled describes something that moves, progresses or acts 
on its own power without needing outside help. Leonardo da 
Vinci’s 1478 Self-Propelled Car: It was more than 500 years 
ago, however—sometime around the year 1478 to be more or 
less specific—when Leonardo drew out his plans for the 
world’s first self-propelled vehicle. Experts originally 
believed two leaf springs, the simplest form of the spring 
typically used for automotive suspensions, somehow pow- 
ered the vehicle. Closer inspection eventually revealed the 
power came from bigger, coiled springs located in tambours, 
cylindrical drum-like casings, inside the car’s frame. The 
machine works like a robot or a wind-up toy simply by rotat- 
ing the wheels opposite of their intended direction, which 
winds up the springs inside and gives it power. Self propul- 
sion (of a vehicle) provided with its own source of tractive 
power rather than requiring an external means of propulsion. 
[0003] Inthe middle of the 18th century, Benjamin Frank- 
lin’s experiments showed that electrical phenomena of the 
atmosphere were not fundamentally different from those pro- 
duced in the laboratory. By 1749, Franklin observed lightning 
to possess almost all the properties observable in electrical 
machines. 

[0004] In July 1750, Franklin hypothesized that electricity 
could be taken from clouds via a tall metal aerial with a sharp 
point. Before Franklin could carry out his experiment, in 1752 
Thomas-Francois Dalibard erected a 40-foot (12 m) iron rod 
at Marly-la-Ville, near Paris, drawing sparks from a passing 
cloud. With ground-insulated aerials, an experimenter could 
bring a grounded lead with an insulated wax handle close to 
the aerial, and observe a spark discharge from the aerial to the 
grounding wire. In May 1752, Dalibard affirmed that Frank- 
lin’s theory was correct. 


Piezoelectric Motor 


[0005] A piezoelectric motor or piezo motor is a type of 
electric motor based upon the change in shape of a piezoelec- 
tric material when an electric field is applied. Piezoelectric 
motors make use of the converse piezoelectric effect whereby 
the material produces acoustic or ultrasonic vibrations in 
order to produce a linear or rotary motion. In one mechanism, 
the elongation in a single plane is used to make a series 
stretches and position holds, similar to the way a caterpillar 
moves. A transducer is a device that converts one form of 
energy to another. Energy types include (but are not limited 
to) electrical, mechanical, electromagnetic (including light), 
chemical, acoustic or thermal energy. While the term trans- 
ducer commonly implies the use of a sensor/detector, any 
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device which converts energy can be considered a transducer. 
Transducers are widely used in measuring instruments. 
Piezoelectric materials can also be used to harvest low levels 
of mechanical energy into electrical energy suitable for pow- 
ering wireless sensors, low power microprocessors or charg- 
ing batteries. Rotary Uses include rotating machines such as 
fans, turbines, drills, the wheels on electric cars, locomotives 
and conveyor belts. Also, in many vibrating or oscillating 
machines, an electric motor spins an unbalanced mass, caus- 
ing the motor (and its mounting structure) to vibrate. 


Atmospheric Electricity 


[0006] There is always free electricity in the air and in the 
clouds, which acts by induction on the earth and electromag- 
netic devices. Experiments have shown that there is always 
free electricity in the atmosphere, which is sometimes nega- 
tive and sometimes positive, but most generally positive, and 
the intensity of this free electricity is greater in the middle of 
the day than at morning or night and is greater in winter than 
in summer. In fine weather, the potential increases with alti- 
tude at about 30 volts per foot (100 V/m). 


Atmospheric Layers 


[0007] The electrical conductivity of the atmosphere 
increases exponentially with altitude. The amplitudes of the 
electric and magnetic components depend on season, latitude, 
and height above the sea level. The greater the altitude the 
more atmospheric electricity abounds. The exosphere is the 
uppermost layer of the atmosphere and is estimated to be 500 
km to 1000 km above the Earth’s surface, and its upper 
boundary at about 10,000 km. The thermosphere (upper 
atmosphere) is the layer of the Earth’s atmosphere directly 
above the mesosphere and directly below the exosphere. 
Within this layer, ultraviolet radiation causes ionization. 
Theories that have been proposed to explain the phenomenon 
of the polar aurora, but it has been demonstrated by experi- 
ments that it is due to currents of positive electricity passing 
from the higher regions of the atmosphere to the earth. 
[0008] The mesosphere (middle atmosphere) is the layer of 
the Earth’s atmosphere that is directly above the stratosphere 
and directly below the thermosphere. The mesosphere is 
located about 50-80/85 km above Earth’s surface. The strato- 
sphere (middle atmosphere) is a layer of Earth’s atmosphere 
that is stratified in temperature and is situated between about 
10 km and 50 km altitude above the surface at moderate 
latitudes, while at the poles it starts at about 8 km altitude. The 
stratosphere sits directly above the troposphere and directly 
below the mesosphere. The troposphere (lower atmosphere) 
is the densest layer of the atmosphere. 

[0009] The planetary boundary layer (PBL), also known as 
the atmospheric boundary layer (ABL), is the lowest part of 
the atmosphere and its behavior is directly influenced by its 
contact with the planetary surface. It is also known as the 
“exchange layer”. (see also: p-n junction.) 

[0010] There is a potential gradient at ground level (“Atmo- 
sphere ground layer”) and this vertical field corresponds to 
the negative charge in and near the Earth’s surface. The nega- 
tive potential gradient falls rapidly as altitude increases from 
the ground. Most of this potential gradient is in the first few 
kilometers. The positive potential gradient rises rapidly as 
altitude increases from the ground. Volta, over two centuries 
before the 21st century, discovered with some degree of exac- 
titude that the proportions of the ordinates of the curve or 
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gradient of electric potential increased as the distance from 
the earth increases, and, more recently, Engel has provided 
data to calculate the increase (Image to the right). 


Drum-Type Generator 


[0011] A drum-type homopolar generator has a magnetic 
field (B) that radiates radially from the center of the drum and 
induces voltage (V) down the length of the drum. A conduct- 
ing drum spun from above in the field of a “loudspeaker” type 
of magnet that has one pole in the center of the drum and the 
other pole surrounding the drum could use conducting ball 
bearings at the top and bottom of the drum to pick up the 
generated current. 


Astrophysical Unipolar Inductors 


[0012] Unipolar inductors occur in astrophysics where a 
conductor rotates through a magnetic field, for example, the 
movement of the highly conductive plasma in a cosmic 
body’s ionosphere through its magnetic field. In their book, 
Cosmical Electrodynamics, Hannes Alfven and Carl-Gunne 
Falthammar write: 

[0013] “Since cosmical clouds of ionized gas are generally 
magnetized, their motion produces induced electric fields | . . 
. | For example the motion of the magnetized interplanetary 
plasma produces electric fields that are essential for the pro- 
duction of aurora and magnetic storms” |... | 

[0014] “... the rotation of a conductor in a magnetic field 
produces an electric field in the system at rest. 

[0015] This phenomenon is well known from laboratory 
experiments and is usually called ‘homopolar’ or “unipolar” 
induction. 


The Faraday Disc 


[0016] The homopolar generator was developed first by 
Michael Faraday during his experiments in 1831. It is fre- 
quently called the Faraday disc in his honor. It was the begin- 
ning of modern dynamos—that is, electrical generators 
which operate using a magnetic field. It was very inefficient 
and was not used as a practical power source, but it showed 
the possibility of generating electric power using magnetism, 
and led the way for commutated direct current dynamos and 
then alternating current alternators. 


Boeing 737-800 


[0017] The Boeing Fuel Cell Demonstrator Airplane has a 
Proton Exchange Membrane (PEM) fuel cell/lithium-ion bat- 
tery hybrid system to power an electric motor, which is 
coupled to a conventional propeller. The fuel cell provides all 
power for the cruise phase of flight. During takeoffand climb, 
the flight segment that requires the most power, the system 
draws on lightweight lithium-ion batteries. 

[0018] The demonstrator aircraft is a Dimona motor glider, 
built by Diamond Aircraft Industries of Austria, which also 
carried out structural modifications to the aircraft. With a 
wing span of 16.3 meters (53.5 feet), the airplane will be able 
to cruise at approximately 100 kilometers per hour (62 miles 
per hour) on power from the fuel cell. 

[0019] Nikola Tesla explored the wireless transmission of 
energy through his work with radio and microwaves and his 
creation of the Tesla coil and the magnifying transmitter. In 
1898, Tesla demonstrated his radio-controlled boat, which he 
was able to control remotely. In the 1930s, Tesla claimed to 
have invented a particle beam weapon, or, as some called it, a 
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“peace ray.” The device was, in theory, capable of generating 
an intense, targeted beam of energy and sending it across 
great distances to demolish warplanes, foreign armies, or 
anything else you'd rather didn’t exist. 

[0020] “Roy J. Meyers, British Patent Number 1098” 
[0021] This invention relates to improvements in apparatus 
for the production of electrical currents, and the primary 
object in view is the production of a commercially serviceable 
electrical current without the employment of mechanical or 
chemical action. To this end the invention comprises means 
for producing what I believe to be dynamic electricity from 
the earth and its ambient elements. 

[0022] Edward Leedskalnin: Magnetic Current— 

[0023] The Perpetual Motion Holder is primarily a teaching 
device but it has many functions including an electromagnet, 
this is easy enough to see; it is a generator—spin a magnet 
between the coils it will generate electricity; it functions as a 
transformer; it demonstrates how permanent magnets are 
made, and is a holder of perpetual motion. 


Strategic Defense Initiative 


[0024] The Strategic Defense Initiative (SDI) was proposed 
to use ground and space-based systems to protect the United 
States from attack by strategic nuclear ballistic missiles. 


Description of the Related Art 


[0025] The present invention relates to a ball bearing 
assembly structure, an electromagnetic clutch having the ball 
bearing assembly structure, and a gas compressor equipped 
with the electromagnetic clutch. 

[0026] When operating the gas compressor, the electro- 
magnet of the electromagnetic clutch 1s energized to attract or 
adsorb the follower armature plate to an end surface of the 
prime-mover pulley and join the prime-mover pulley and the 
rotor shaft, thereby rotating the rotor shaft. 

[0027] The ball bearing of the electromagnetic clutch con- 
ventionally has used one having an even number of balls per 
row. Generally, the ball bearing causes vibration and noise 
due to rotation. In the case of the ball bearing rotating while 
undergoing a radial load due to a tension of the belt, vibration 
and noise considerably occur. Particularly when other vibra- 
tion and noise levels are lowered during engine idling, the 
vibration and noise of the ball bearing transmitted to the 
vehicular compartment is not negligible. 

[0028] The inventor has conducted various experiments 
and discovered that the one factor of high vibration and noise 
level is an even number of balls of the ball bearing. In the ball 
bearing having an even number of balls per one row, the balls 
are in a facing relation to have linear-symmetry arrangement 
between the inner race and the outer race. The deformation 
and vibration at a regular particular frequency is caused in the 
inner and outer races. It is to be considered that the vibration 
as a source also increases noise. 

[0029] The present invention relates generally and in vari- 
ous embodiments to piezoelectric mechanical systems. More 
specifically, the present invention relates generally and in 
various embodiments to atmospheric oscillation transducer 
apparatuses, systems, and methods. 

[0030] Although various implementations of the present 
invention, among many, may be described herein with refer- 
ence to the specific illustratrve embodiments related to par- 
ticular applications, those skilled in the art will understand 
that the invention is not in any way intended to be limited to 
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such embodiments and/or applications. Those having ordi- 
nary skill in the art and reference to the description of the 
embodiments herein will recognize additional modifications, 
applications, and other embodiments falling within the scope 
of the claimed invention and additional fields in which the 
present invention may be practiced. 

[0031] Digital Radio (also known as Satellite Radio or Sat- 
ellite Digital Audio Radio Service (SDARS)) is a subscriber- 
based digital radio service that is broadcast via satellites. 
Digital radio service provides compact-disc (CD) quality pro- 
gramming that may be digitally transmitted via one or more 
satellites and/or space stations to one or more Earth-based 
(terrestrial) digital radio stations, receivers, and/or repeaters. 
In satellite-based direct-broadcast radio services, digitally- 
encoded audio program material may be broadcast to terres- 
trial fixed or mobile digital radio receivers. Fixed receivers 
may include, for example, stand alone digital radio receivers 
or digital radio receivers connected via computer networks, 
including for example, the Internet. Mobile receivers may 
include, for example, digital radio receivers located in auto- 
mobiles, aircrafts, watercrafts, and the like. 

[0032] Satellite-based digital audio radio services such as 
SDARS, for example, may be broadcast to one or more digital 
radio receivers either directly from an orbiting satellite, or 
indirectly from one or more repeater stations. Such repeater 
stations may be useful where the digital radio receiver is 
located in a shielded location or where there is no direct line 
of sight between the radio and the satellite. In other digital 
audio radio services systems, the audio programs also may be 
transmitted in digital form by one or more space stations 
directly to fixed, mobile, and/or portable radio stations. Such 
systems may comprise, for example, orbiting satellites, 
complementary repeating terrestrial transmitters, telemetry, 
tracking, and control facilities. 

[0033] Combinations of mechanical devices U.S. Pat. Nos. 
4,019,073, 6,615,968 and atmospheric system interaction are 
disclosed in U.S. Pat. Nos. 1,119,732, 787,412, 6,902,513 to 
Nikola Tesla; 28,793 to Charles Vion; and U.S. Pat. No. 
1,540,998 to Herman Plauson. Lastly, U.S. Pat. No. 8,102, 
078 and US2008/0009240. Agnoff discloses an Oscillating 
watch winder in U.S. Pat. No. 6,543,929, Jennings further 
discloses an oscillating smart device in application No. 
13,572,679. 

[0034] As illustrated by a large body of prior art, including 
the above-noted patents, and a large number of commercial 
devices, efforts are continuously being made in an attempt to 
improve helmets, headsets and their methods of fabrication. 
Nothing in the prior art, however, suggests the present inven- 
tive combination of materials and method steps as herein 
described and claimed. The present invention achieves its 
purposes, objects and advantages over the prior art through a 
new, useful and unobvious combination of components and 
method steps which improve safety, comfort and noise abate- 
ment performance. 

[0035] Therefore, itis an object ofthis invention to provide 
Effectively, the provision of energy such that it meets the 
needs of the present without compromising the ability of 
future generations to meet their own needs .... Sustainable 
Energy has two key components: renewable energy and 
energy efficiency. 

[0036] It is still a further objection of this invention to 
promote Dynamic harmony between equitable availability of 
energy-intensive goods and services to all people and the 
preservation of the earth for future generations.” And, “the 
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solution will lie in finding sustainable energy sources and 
more efficient means of converting and utilizing energy. 
[0037] It is a further object of the present invention to 
produce Green Power Energy: 1s energy that can be extracted, 
generated, and/or consumed without any significant negative 
impact to the environment, green power; as electricity pro- 
duced from solar, wind, geothermal, biogas, biomass, and 
low-impact small hydroelectric sources. 

[0038] Thus, there is a need for a clean energy system that 
uses atmospheric electricity. 


Prior Art 


[0039] Quartz crystals have been in regular use for many 
years to give an accurate frequency for all radio transmitters, 
radio receivers and computers. Their accuracy comes from an 
amazing set of coincidences: Quartz— which is silicon diox- 
ide like most sand—is unaffected by most solvents and 
remains crystalline to hundreds of degrees Fahrenheit. The 
property that makes it an electronic miracle is the fact that, 
when compressed or bent, it generates a charge or voltage on 
its surface. This is a fairly common phenomenon called the 
Piezoelectric effect. In the same way, if a voltage is applied, 
quartz will bend or change its shape very slightly. 

[0040] Ifa bell were shaped by grinding a single crystal of 
quartz, it would ring for minutes after being tapped. Almost 
no energy is lost in the material. A quartz bell—if shaped in 
the right direction to the crystalline axis—will have an oscil- 
lating voltage on its surface, and the rate of oscillation is 
unaffected by temperature. If the surface voltage on the crys- 
tal is picked off with plated electrodes and amplified by a 
transistor or integrated circuit, it can be re-applied to the bell 
to keep it ringing. 

[0041] Theelectronics of the watch initially amplifies noise 
at the crystal frequency. This builds or regenerates into oscil- 
lation—tt starts the crystal ringing. The output of the watch 
crystal oscillator is then converted to pulses suitable for the 
digital circuits. 


Polymers 


[0042] Polyvinylidene fluoride (PVDF): PVDF exhibits 
piezoelectricity several times greater than quartz. Unlike 
ceramics, where the crystal structure of the material creates 
the piezoelectric effect, in polymers the intertwined long- 
chain molecules attract and repel each other when an electric 
field is applied. 


Near Space 


[0043] Solar particles become trapped within the Earth’s 
magnetic field and form radiation belts. The Van Allen radia- 
tion belt is a torus of energetic charged particles (1.e. a plasma) 
around Earth, trapped by Earth’s magnetic field. 

[0044] At elevations above the clouds, atmospheric elec- 
tricity forms a continuous and distinct element (called the 
electrosphere) in which the Earth is surrounded. The electro- 
sphere layer (from tens of kilometers above the surface of the 
earth to the ionosphere) has a high electrical conductivity and 
is essentially at a constant electric potential. The ionosphere 
is the inner edge of the magnetosphere and is the part of the 
atmosphere that is ionized by solar radiation. (Photoionisa- 
tion is a physical process in which a photon is incident on an 
atom, ion or molecule, resulting in the ejection of one or more 
electrons.) 
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Advantages/Disadvantages 


[0045] Energy in electronic elements: Electric potential 
energy, or electrostatic potential energy, 1s a potential energy 
(measured in joules) that results from conservative Coulomb 
forces and is associated with the configuration of a particular 
set of point charges within a defined system. The term “elec- 
tric potential energy” is used to describe the potential energy 
in systems with time-variant electric fields, while the term 
“electrostatic potential energy” is used to describe the poten- 
tial energy in systems with time-invariant electric fields. 


[0046] Capacitance is the ability of a body to store an elec- 
trical charge. Any body or structure that is capable of being 
charged, either with static electricity or by an electric current, 
exhibits capacitance. A common form of energy storage 
device 1s a parallel-plate capacitor. In a parallel plate capaci- 
tor, capacitance is directly proportional to the surface area of 
the conductor plates and inversely proportional to the sepa- 
ration distance between the plates. If the charges on the plates 
are +q and -q, and V gives the voltage between the plates, then 
the capacitance C is given by 


C=g/V. 


[0047] The capacitance is a function only of the physical 
dimensions (geometry) of the conductors and the permittivity 
of the dielectric. It is independent of the potential difference 
between the conductors and the total charge on them. 


[0048] Piezoelectricity is the combined effect of the elec- 
trical behavior of the material: 


D=EE 


where D is the electric charge density displacement (electric 
displacement), © is permittivity and E 1s electric field 
strength, and 


Hooke’s Law: S=sT 


where S is strain, s is compliance and T is stress. 


[0049] Polyvinylidene fluoride, or polyvinylidene difluo- 
ride (PVDF) is a highly non-reactive and pure thermoplastic 
fluoropolymer produced by the polymerization of vinylidene 
difluoride. PVDF is a specialty plastic material in the fluo- 
ropolymer family; it is used generally in applications requir- 
ing the highest purity, strength, and resistance to solvents, 
acids, bases and heat and low smoke generation during a fire 
event. Compared to other fluoropolymers, it has an easier 
melt process because of its relatively low melting point of 
around 177° C. 


[0050] Ithas a low density (1.78) and low cost compared to 
the other fluoropolymers. It is available as piping products, 
sheet, tubing, films, plate and an insulator for premium wire. 
It can be injected, molded or welded and is commonly used in 
the chemical, semiconductor, medical and defense industries, 
as well as in lithium ion batteries. It is also available as a 
crosslinked closed cell foam, used increasingly in aviation 
and aerospace. PVDF has a glass transition temperature (Tg) 
of about -35° C. and is typically 50-60% crystalline. To give 
the material its piezoelectric properties, it is mechanically 
stretched to orient the molecular chains and then poled under 
tension. PVDF exists in several forms: alpha (TGTG'), beta 
(TTTT), and gamma (TTTGTTTG') phases, depending on 
the chain conformations as trans (T) or gauche (G) linkages. 
When poled, PVDF is a ferroelectric polymer, exhibiting 
efficient piezoelectric and pyroelectric properties. These 
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characteristics make it useful in sensor and battery applica- 
tions. Thin films of PVDF are used in some newer thermal 
camera sensors. 

[0051] Copolymers: Copolymers of PVDF are also used in 
piezoelectric and electrostrictive applications. One of the 
most commonly-used copolymers is P(VDF-trifluoroethyl- 
ene), usually available in ratios of about 50:50 wt % and 65:35 
wt % (equivalent to about 56:44 mol % and 70:30 mol %). 
Another one is P(VDF-tetrafluoroethylene). They improve 
the piezoelectric response by improving the crystallinity of 
the material. 

[0052] While the copolymers’ unit structures are less polar 
than that of pure PVDF, the copolymers typically have a much 
higher crystallinity. This results in a larger piezoelectric 
response: d33 values for P(VDEF-TrFE) have been recorded to 
be as high as -38 pC/N versus -33 pC/N in pure PVDF. 
[0053] Applications: 

[0054] The piezoelectric properties of PVDF are used to 
advantage to manufacture tactile sensor arrays, inexpensive 
strain gauges and lightweight audio transducers. Piezoelec- 
tric panels made of PVDF are used on the Venetia Burney 
Student Dust Counter, a scientific instrument of the New 
Horizons space probe that measures dust density in the outer 
solar system. PVDF is the standard binder material used in the 
production of composite electrodes for lithium ion batteries. 
1-2% weight solution of PVDF dissolved in N-Methyl-2- 
pyrrolidone (NMP) is mixed with an active lithium storage 
material such as graphite, silicon, tin, LiCoO2, LiMn204, or 
LiFePO4 and a conductive additive such as carbon black or 
carbon nanofibers. This slurry is cast onto a metallic current 
collector and the NMP is evaporated to form a composite or 
paste electrode. PVDF is used because it is chemically inert 
over the potential range used and does not react with the 
electrolyte or lithium. Piezoelectric elements can be used in 
laser mirror alignment, where their ability to move a large 
mass (the mirror mount) over microscopic distances 1s 
exploited to electronically align some laser mirrors. By pre- 
cisely controlling the distance between mirrors, the laser elec- 
tronics can accurately maintain optical conditions inside the 
laser cavity to optimize the beam output. Piezoelectric sen- 
sors especially are used with high frequency sound in ultra- 
sonic transducers for medical imaging and also industrial 
nondestructive testing (NDT). 

[0055] For many sensing techniques, the sensor can act as 
both a sensor and an actuator—often the term transducer is 
preferred when the device acts in this dual capacity, but most 
piezo devices have this property of reversibility whether it is 
used or not. Ultrasonic transducers, for example, can inject 
ultrasound waves into the body, receive the returned wave, 
and convert it to an electrical signal (a voltage). Most medical 
ultrasound transducers are piezoelectric. 

[0056] Advantageously, 

[0057] Sustainable energy is the sustainable provision of 
energy that meets the needs of the present without compro- 
mising the ability of future generations to meet their needs. 
Technologies that promote sustainable energy include renew- 
able energy sources, such as hydroelectricity, solar energy, 
wind energy, wave power, geothermal energy, and tidal 
power, and also technologies designed to improve energy 
efficiency. 

[0058] This sequence of oscillations causes the rotor within 
the watch to spin rapidly thereby winding the watch in a 
manner closely simulating the spinning of the rotor that 
occurs during normal winding of the watch when the watch is 
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worn by a user. Due to the forces that are exerted, the rotor 
spins around the watch shaft during the oscillations, as 
opposed to the partial rotation observed in prior art mecha- 
nisms. Therefore, the time required to wind the watch, and the 
energy required, is substantially reduced. Moreover, since the 
rotor 1s spinning about the shaft, as opposed to merely being 
held in a downward position while the watch is rotated, wind- 
ing more closely approximating the design mechanism is 
achieved, thereby putting less wear on the watch. 

[0059] This invention relates to satellite communications 
systems using multiple spot beams from a geosynchronous 
earth orbit satellite to provide selective coverage of the con- 
tinental United States and, more particularly, relates to a 
system having a satellite receiving hub in every spot beam 
that allows for asynchronous communications between each 
hub and the satellite for maximizing frequency re-use. 
[0060] These purposes, objects and advantages should be 
construed as merely illustrative of some of the more promi- 
nent features and applications of the present invention. Many 
other beneficial results can be obtained by applying the dis- 
closed invention in a different manner or by modifying the 
invention within the scope of the disclosure. Accordingly, 
other purposes, objects and advantages as well as a fuller 
understanding of the invention may be had by referring to the 
summary herein mentioned and detailed description describ- 
ing the preferred embodiments of the invention, in addition to 
the scope of the invention, as defined by the claims, taken in 
conjunction with the accompanying drawings. 


SUMMARY OF THE INVENTION 


[0061] In one general respect, an embodiment of the 
present invention is directed to a system. The system includes 
a Power Frequency broadcast station, a receiver, and a net- 
work. The Power Frequency broadcast station includes a 
transmitter and a server. The receiver is in communication 
with the Power Frequency broadcast transmitter and also 
includes a user interface for receiving user input commands 
comprising a request for information from the Power Fre- 
quency broadcast station. 

[0062] The receiver is configured to establish a two-way 
communication path between the receiver and the Power 
Frequency broadcast transmitter. The network is in commu- 
nication with the server and the receiver for exchanging infor- 
mation therebetween. The request for information is provided 
to the server via the network and the server is configured to 
receive the request and transmit a response message to the 
receiver in accordance with the request. 
Continuously Outboard Recharged Electric Vehicle 
(COREY) 


[0063] Given suitable infrastructure, permissions and 
vehicles, BEVs (battery electric vehicles) can be recharged 
while the user drives. The BEV establishes contact with an 
electrified rail, plate or overhead wires on the highway via an 
attached conducting wheel or other similar mechanism (see 
Conduit current collection). The BEV’s batteries are 
recharged by this process—on the highway—and can then be 
used normally on other roads until the battery is discharged. 
Some of battery-electric locomotives used for maintenance 
trains on the London Underground are capable of this mode of 
operation. Power is picked up from the electrified rails where 
possible, switching to battery power where the electricity 
supply is disconnected. 
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[0064] The present invention is directed to overcome the 
disadvantages of the prior art. The invention is a mechanism 
which taps into the naturally occurring static electricity in the 
atmosphere. Whereas heretofore, the attempt to garner elec- 
tricity from the atmosphere has focused exclusively on cap- 
turing lightning, the present invention syphons off the static 
electricity which is generated from any agitated air and voids 
lightning. 

[0065] Lightning is only the final discharge of the static 
electricity, whether that lightning is intra-cloud lightning, 
cloud-to-ground lightning, or inter-cloud lightning. Other 
types of final discharges are known as heat lightning, summer 
lightning, sheet lightning, ribbon lightning, silent lightning, 
ball lightning, bead lightning, elves, jets, and sprites. Well 
before these discharges are observed, as the atmosphere 
becomes agitated by wind or thermal, static electricity 1s 
being generated. The present invention recognizes that this 
static electricity is being formed and creates a mechanism to 
capture it. 

[0066] Inthe preferred embodiment, a sensor array is used 
to monitor the activities both at the base unit (such as electri- 
cal flow within the conductor) and in the surrounding locale. 
A sensor monitoring the electrical flow (i.e. voltage and/or 
current) within the conductor is used to monitor the electrical 
activity within the conductor. 

[0067] In the preferred embodiment, a lightning sensor 
monitors for lightning activity within the locale. As noted 
earlier, the electrical characteristic of lightning is so extreme 
that ideally this discharge is avoided as it might damage the 
mechanism of this invention. The sensor array is utilized by a 
controller, such as microprocessor, programmed to operate 
the mechanism as outlined herein. 

[0068] The controller operates the winch motor to extend or 
withdraw the conductive line and by extension the altitude of 
the balloon. The controller is programmed to operate the 
winch by monitoring the electrical characteristics of the con- 
ductor and adjusting the balloon’s altitude to maintain these 
characteristics within the conductor within a preset range. 
[0069] This preset range is established either in the base 
programming ofthe controller or is established by an operator 
of the system. As example, by controlling the amount of 
current being withdrawn from the atmosphere, the mecha- 
nism operates within a safe range and also provides a rela- 
tively stable current flow from which a variety of activities 
can take place (such as DC-AC conversion). 

[0070] The controller also utilizes the lightning sensor to 
protect the mechanism from a lightning strike. Should light- 
ning be detected within a pre-determined range (as estab- 
lished by the software or defined by an operator), then the 
balloon is pulled down to minimize the risk of damage from 
a lightning strike. 

[0071] Another aspect of the invention relates to the elec- 
trical system which accepts the fluctuating atmospheric 
charge and changes it into an acceptable configuration for 
either the desired load or for the existing power grid. 

[0072] Power grids in the United States operate with a 
frequency of 60 hertz in an alternating current arrangement. 
While this basic configuration seems to be universally 
accepted, the voltage within the grid varies dramatically, such 
as 15 kv, 34 kv, 69 kv, and even 112 kv. 

[0073] Each atmospheric generator is placed proximate to 
or within easy access to a specific grid; this establishes the 
required electrical output configuration (1.e. that which is 
accepted by the power grid). As example, one of the atmo- 


US 2014/0152016 Al 


spheric electrical collector units as described above collects 
the atmospheric electrical power as direct current and then 
supplies the appropriate power grid a specific flow (as 
example, AC, 60 hertz, at 69 kv). 

[0074] The difficulty lies the fact that the DC current being 
garnered from the atmosphere varies depending on the actual 
agitation being generated in the atmosphere. This means that 
the source of DC current is fluctuating. 

[0075] The present invention uses a monitoring system 
which checks the input DC voltage. Depending on the actual 
voltage being received, the appropriate converter is con- 
nected to the input DC voltage so that the desired output 1s 
obtained. 


[0076] As example, suppose the DC input voltage is 1500 
volts, the monitoring system, sensing this input, closes the 
switch connecting the DC voltage to a converter which 
accepts DC voltage in the range of 1000-2000 volts which 
then delivers an AC, 60 hertz 69 kv signal to the power grid. 
If the DC input voltage increases to 2100 volts, then the 
monitoring system opens the switch to the first converter 
(1000-2000 volts) and closes the switch to a second converter 
(such as 2000-4000 volts) to deliver the desired output of AC 
(60 hertz, 69 kv) for the power grid. 


[0077] In this manner, regardless of the fluctuating input 
DC voltage, the electrical grid is supplied with a fully con- 
figured electrical input conforming to the needs of that spe- 
cific electrical grid. 


[0078] Another aspect of the present invention is the use of 
a tower or permanent structure instead of an aircraft. In this 
embodiment, the building or tower is electrically isolated 
from the ground and a rod (similar to a lightning rod) is 
extended into the atmosphere. The rod collects the atmo- 
spheric charge which is conveyed via an electrical conduit 
(ideally insulated) where the collected DC charge 1s recon- 
figured to meets the need of the locale. 


[0079] Inthis context, for one embodiment of the invention, 
a tower is placed onto the top of a building. The tower is 
electrically isolated from the building using such mecha- 
nisms well known to those of ordinary skill in the art such as 
rubber mats. A rod ideally extends from the top of the tower 
to facilitate the collection of the DC electrical energy. 


[0080] Piezoelectricity is a material property that is mani- 
fested when voltage is produced by applying mechanical 
forces, and vice versa, the effect has been described as direct 
and converse. Piezoelectricity has been described as coupling 
between a quasi-static electric field and dynamic mechanical 
motion. 


[0081] A piezoelectricity converter mechanism such as 
described above, is connected to the tower to flow the DC 
electricity to a converter which modifies the DC current for 
the specific application. In one application, the DC current is 
converted to the electrical needs of the building, thereby 
providing at least some of the electrical requirements of the 
building itself. 


[0082] As noted earlier, the dynamic converter system of 
the present invention allows a power generator to address a 
variable voltage in an efficient manner. This makes the 
dynamic converter system ideal for a variety of alternative 
energy sources such as the above described atmospheric elec- 
trical generator and other alternative energy sources such as 
wind and wave powered systems. In these systems, the energy 
being generated must be converted to a proper electrical con- 
figuration for a identified load. This may be a particular motor 
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or connection to the power grid which act as a load to the 
power generating mechanism. 

[0083] For these energy generating systems, the converter 
assembly of this invention utilizes multiple converters. Each 
converter is configured to accept a unique range of voltages 
and from these voltages, create the desired electrical configu- 
ration. By using multiple converters, a full range is available, 
from a minimum voltage input to a maximum voltage input. 
[0084] The present invention can include systems and 
methods for integrating sensors for tracking atmospheric 
transducer system performance metrics into media devices 
and accessories therefor, thereby reducing or eliminating the 
need for additional independent monitoring devices. In one 
embodiment of the present invention. 

[0085] It also is known to provide such transducers with 
connectors to allow their rechargeable batteries to be charged. 
In some cases, the connector is a Universal Serial Bus (USB) 
connector, allowing the transducer to be charged by plugging 
it into the USB port of a computer, grid circuit or other device. 
[0086] These and other objects and advantages of the inven- 
tion will appear more clearly from the following description 
in which the preferred embodiment of the invention has been 
set forth in conjunction with the drawings. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0087] FIG. 1 Prior Art depicts perspective view of Electric 
currents created in sunward ionosphere; 

[0088] FIG. 2 is a box flow chart of the propulsion cycle 
systems present invention; 

[0089] FIG. 3 is an top view of the piezoelectric disk cyl- 
inder orb of the present invention; 

[0090] FIG. 4 is a longitudinal sectional view showing an 
embodiment of this invention; 

[0091] FIG. 5 is a top view of the (ATS) slip rotor piezo- 
electric chamber of the present invention; 

[0092] FIG. 6 is an alternate top view of the piezoelectric 
cylinder orb of the present invention; 

[0093] FIG. 7-10 elevation views of spine piezo stacks 
embodiments of the present invention; 

[0094] FIG. 11 illustrates one embodiment of a power ser- 
vice (ATS) system architecture; 

[0095] FIG. 12 is a block diagram of the ATS charge sche- 
matics systems of the present invention; 

[0096] FIG. 13 is a block diagram of an ATS charge and 
recycle schematics of the present invention; 

[0097] FIG. 14 is a view of the piezoelectric ball race cyl- 
inder of the present invention; 

[0098] FIG. 15 is a view of the piezoelectric housing and 
gear of the present invention; 

[0099] FIG. 16 is a view ofa multiple piezoelectric ball race 
cylinder of the present invention; 

[0100] FIG. 17 is another embodiment of the piezoelectric 
stack ball of the present invention; 

[0101] FIGS. 18 & 19 are antenna rod transmit device 
embodiments of the (ATS) present invention; 

[0102] FIG. 20 illustrates substation embodiment of the 
power service (ATS) system architecture; 

[0103] FIG. 21 illustrates a home embodiment of the power 
service (ATS) system architecture; 

[0104] FIG. 22 illustrates a window embodiment of the 
power service (ATS) system architecture; 

[0105] FIG. 23 is (ATS) shock device in accordance with an 
embodiment of the present invention; 
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[0106] FIG. 24is (ATS) shock device in accordance with an 
embodiment of the present invention; 

[0107] FIG. 25 is (ATS) motorcycle device embodiment of 
the present invention; 

[0108] FIG. 26 is (ATS) axle device in accordance with an 
embodiment of the present invention; 

[0109] FIG. 27 is (ATS) train device in accordance with an 
embodiment of the present invention; 

[0110] FIG. 28 is (ATS) plane device in accordance with an 
embodiment of the present invention; 

[0111] FIG. 29 is (ATS) boat device in accordance with an 
embodiment of the present invention; 

[0112] FIG. 30 is (ATS) solar device in accordance with an 
embodiment of the present invention; 

[0113] FIG. 31 a (ATS) turbine device in accordance with 
an embodiment of the present invention; 

[0114] FIG. 32 is (ATS) auto body panel device embodi- 
ment of the present invention; 

[0115] FIG. 33 is (ATS) motorcycle body fairing panel 
device in of the present invention; and 

[0116] FIG. 34 is (ATS) cross section view of body embed 
panel device of the present invention. 


DETAILED DESCRIPTION 


[0117] This sequence of oscillations causes the conductive 
rotor within piezoelectric molded housing device to spin rap- 
idly thereby winding the mechanism in a manner closely 
simulating the spinning of the conductive rotor that occurs 
during normal electric activity when the device is activated. 
Due to the forces that are exerted, the conductive rotor spins 
around the piezoelectric cylinder device shaft during the 
oscillations, as opposed to the partial rotation observed in 
prior art mechanisms. Therefore, the time required to charge 
the Atmospheric Transduction System (ATS) device, and the 
energy required, is substantially reduced. Moreover, since the 
rotor is spinning about the shaft, as opposed to merely being 
held in a downward position while the ATS device is rotated, 
recharging more closely approximating the design mecha- 
nism is achieved, thereby putting less wear on the ATS cham- 
ber device Innovative Piezoelectric housing and ball bearing, 
coupler and book spine stacks. There relies the notion of 
negative ground electricity and positive aerial electricity 
which is in abundance. This invention substantiates land 
vehicles recycle recharge by reverse oscillation. Aerial 
vehicles recycle recharge by forward oscillation in accumu- 
lation of environmental positive and negative electricity. 
These aforementioned activities are integral or synchronous 
with frequency. 

[0118] Prior Art FIG. 1 

[0119] Electric currents created in sunward ionosphere. 
FIG. 2 is a recycle box flow chart 49 of a self propulsion unit 
consisting of a battery 27, engine 29 and piezoelectric trans- 
ducer 33 unit. FIG. 3 is a multiple disk 31 load part 51 about 
a 360 degree cylinder 45 and shaft 44. FIG. 41s a piezoelectric 
molded device 100 housing 110 containing a ball bearing race 
104, disk stacks capacitor 102 and conductive rotor 46. FIG. 
5 is a piezoelectric chamber 120 configuration including a 
counterweights 50, shaft 44, conductive slip rotor 106. FIG. 6 
is an alternate part 200 chamber cylinder 201 embodiment 
containing piezoelectric spine disk stack capacitors 102. FIG. 
7-10 are variations of spine 107,108,109,110 case piezoelec- 
tric stack capacitor 102 with plate and ball heads. FIG. 11 
Various embodiments of the present invention, among others, 
will now be described with reference to the accompanying 
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drawings. Accordingly, FIG. 11 illustrates an embodiment of 
a Atmospheric Transduction (ATS) System 300 architecture. 
The system 300 may include, for example, a satellite broad- 
cast station 318 that transmits signals 333 containing fre- 
quency content from a geostationary satellite 312 by way of 
airplane antenna 326. In turn, the satellite 312 transmits line- 
of-sight (LOS) signals 333 to one or more ATS terrestrial 
frequency power receiver farms 314. The system 300 also 
may include one or more terrestrial repeaters 316 which 
receive and retransmit the satellite signals 333 as repeater 
signals 323 to facilitate reliable reception in geographic areas 
where LOS reception from the satellite 312 is obstructed by 
tall buildings, hills, tunnels, and other similar impediments to 
the signals 333. The ATS receivers 314 maybe designed to 
receive one or more signals 333 from the satellite 312 and/or 
from the terrestrial repeater transceiver 316. In operation, 
such ATS receivers 314 may receive both the satellite signals 
333 and the repeater signals 323. The receivers 314 also may 
be located in mobile environments 320, 321, 322 which 
include, but are not limited to, land vehicles 321, 322, aircraft 
320, watercraft 900, and handheld devices, among others. 
The receivers 314 also may be fixed in stationary units for 
residential use (e.g., home 325,750 entertainment, etc.) or 
commercial 314, 328,360 use (e.g., business 314, office 700, 
security 328, etc.). The power frequency broadcast station 
318 also may be in communication with a grid network 342. 
Two-way communication between the ATS receivers 314 and 
the power frequency broadcast station 318 may occur via the 
network 342. Furthermore, information feedback from the 
power frequency broadcast station 318 may be transmitted to 
the ATS receiver 314 both by way of the network 342 as well 
as via the satellite 312. Information also may be transmitted to 
the power broadcast station 318 wirelessly via a wireless 
network 342,707 by way of transducer tower 360. 


[0120] Further disclosed in FIG. 12 and FIG. 13 (in block 
diagrams 400, 500) are electrical schematics for handling the 
static charge from the atmosphere. By maintaining the volt- 
age being collected in a prescribed range, an electrical con- 
version system is easily designed. While FIGS. 12, and 13 
illustrate some electrical configurations, those of ordinary 
skill in the art readily recognize a variety of other configura- 
tions which will serve the same function. 


[0121] Referencing FIG. 12, Direct Current In (DC IN) 401 
is buffered by a gang of capacitors 410 before being commu- 
nicated to a DC/AC converter 420. The DC/AC converter 420 
converts the direct current into a an alternating current suit- 
able for placement over an existing electrical grid 430 such as 
normally found from a power-plant. FIG. 12 Also illustrates 
an electrical arrangement suitable for use in charging a bat- 
tery 440. DC IN 401 is buffered by capacitor 410 bank before 
entering into a step down transformer 435. Step down trans- 
former 435 reduces the voltage so that the voltage can safely 
be introduced into battery 440 which is connected to ground 
450 at the battery’s other pole. In FIG. 12, DC IN 401 is fed 
into an adjustable rheostat 460 which is controlled by the 
controller 465 so that the DC OUT 470 falls within a com- 
puter 475 monitored and sensor 480 specified range. FIG. 13 
Hypothetically, unused energy may be recycled current 501 
and/or recaptured by reversing the oscillated spin rotation of 
devices 51, 100, 120 with the use of a rectifier 502 and Step up 
transformer 503, returned to grid 430 capacitor 410. This 
theory lends itself to the concept of positive and negative 
frequency. FIG. 14-17 Self charging propulsion embodiment 
of the invention where Da Vinci’s ball race 510,512 is com- 
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bined with a disk cylinder 45 and 513 stack balls 525, con- 
ductive rotor 46, 511 tooth gear 515 and piezoelectric molded 
housing 555. FIGS. 18 £ 19 Improvement structures Frank- 
lin’s lightening rod 600,603 and a molded vibration trans- 
ducer 601 quasi replicating Vion’s tubes and piezoelectric 
spine stacks capacitor 602 improving Tesla’s Atmospheric 
transmit device. FIG. 201s an atmospheric receiving building 
sub station 700 where energy is consumed and excess ren- 
dered to the grid 707 by conductive rotor 702 transducer 710, 
tower transducer 703, antenna rod 701 and transducer win- 
dows 704. 

[0122] FIG. 12 and FIG. 2 flowchart illustration also 
includes battery 440. Battery 440 may provide electrical 
power to components of ATS devices within FIG. 11. Charg- 
ing circuitry may also be provided to charge battery 440 when 
an external power supply is connected to an ATS device 100. 
FIG. 14-17 eliminates one or more steps by presenting a self 
charge retaining transducer 510-513 may be configured with 
an accelerator sensor 480 controller 465 and gears 515, pro- 
vide reciprocal power incorporated within piezoelectric 
molded and ceramic housing 555 along with stack balls 525 
and cylinder 545. This assembly more resembles a motor by 
characteristics given power with application. 

[0123] In operation, as illustrated in FIGS. 2-20 and FIGS. 
21-34, is periodically energized by movement to rotate Orb in 
either a clockwise or counterclockwise direction. The length 
of time or activity is energized, and the length of time between 
the period when the capacitor 31, 102 battery is energized, 
will depend on the particular ATS device design. As the Orb 
rotates, the outer end of the disk moves along a 360° circular 
pathway to push against with forward and rearwardly spin- 
ning. Upon engagement of the Orb, ATS device disk is rotated 
until carried to the apex or top of the circular pathway. Upon 
reaching the apex, the gravitational and vibrational force or 
counterweight 50 promotes additional oscillation. ATS 
device movement rapidly rotate on Orb at a rotational speed 
greater than the speed of rotation of Orb. Counterweight 50 is 
then carried beyond the bottom or lowest point of the pathway 
by its momentum to a point near the apex on the opposite side 
of the pathway. The cycle is repeated through multiple 
increasing oscillations of the ATS device until counterweight 
50 stops at the bottom position, or until once again engages to 
again move counterweight to the top of its circular pathway. 
[0124] FIG. 2 is a flow chart showing generation of energy 
using a rotor according to one or more of the above-described 
embodiments. First, battery 27 starts the engine 29 and/or 
mobile transducer 33 is oscillated. In response to this accel- 
eration, forces are imposed on one or more rotation piezo- 
electric devices. In response to those forces, the piezoelectric 
devices output electrical energy, which energy is extracted at 
a power controller 465. The power controller 465 sensor 480 
then makes this energy available to recharge a capacitor 410 
battery 440 and/or to electronic components of the mobile 
terminal. Although FIG. 2 shows a serial flow of events, it is 
to be appreciated that the events of blocks 33, 27 and 29 occur 
substantially instantaneously upon acceleration of the mobile 
terminal. 


Preferred Alternate Embodiments 


[0125] The present invention (ATS) device in accordance 
with an embodiment of the present invention overcomes the 
foregoing problem in the conventional art and provides an 
electro energy vibration and alternative to gas, oil or fossil 
fuel consumption in FIG. 21 homes 750 transducer 755, FIG. 
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28 airplane 880 transducer 801, FIG. 27 train 860 transducer 
801, FIG. 32 auto 950 transducer 910, FIG. 25 and FIG. 33 
motorcycles 960,850 transducers 799, 802, 810,910 and FIG. 
29 boat 900 transducers 901,910. 

[0126] In order to solve the foregoing problems in the con- 
ventional art, the present invention provides an electro trans- 
ducer having a ball bearing assembly which is compatible 
with FIG. 26 axle shaft 44 transducer 810 wheel 870 assem- 
bly. In order to solve the foregoing problems in the conven- 
tional art, the present invention provides an electro transducer 
having an FIG. 34 housing panel 980 transducer 910 assem- 
bly which is compatible with an exterior body assembly. 
Thereby, an Atmospheric transducer device may be shock 
800 integrated as within the FIG. 23 coupler 802, and FIG. 24 
ladder 799, (vertical friction) piezoelectric absorbers assem- 
blies. In order to solve the foregoing problems in the conven- 
tional art, the present invention provides an electro transducer 
having a capable flat assembly which is compatible with FIG. 
22 window 704 disk 31 plate transducer 714, FIG. 30 solar 
panel 920 transducer 910, FIG. 31 wind turbine 930 trans- 
ducer 910 assembly. This invention provided FIG. 3 piezo- 
electric plate disks 31, FIG. 7-10 spine piezoelectric disks 
stacks 107-110 capacitor 102, FIG. 17 piezoelectric stack 
balls 525 capacitor, the arrangement of balls 525 will not bein 
a facing relation. The deformation in the inner and outer races 
during rotation of the ball bearing while undergoing a radial 
load is made irregular and complicated. The spine eliminates 
the deformation and vibration level increased by a combina- 
tion of ceramic and molded piezoelectric materials at a regu- 
lar predetermined frequency thereby multiplying the level of 
vibration and noise reduction. 

[0127] Certain modifications and improvements will occur 
to those skilled in the art upon a reading of the foregoing 
description. It should be understood that all such modifica- 
tions and improvements have been deleted herein for the sake 
of conciseness and readability but are properly within the 
scope of the following claims. 

[0128] Thus itis seen that an atmospheric transducer device 
may be integrated and/or provided. It will be understood that 
the foregoing is only illustrative of the principles of the inven- 
tion, and that various modifications can be made by those 
skilled in the art without departing from the scope and spirit of 
the invention, and the present invention is limited only by the 
claims that follow. 

1-3. (canceled) 

4. An atmospheric transduction system comprising: 

means for recycle recharge by oscillation and frequency in 

accumulation of environmental positive and negative 
electricity, maintaining the voltage being collected in a 
prescribed range, providing an electrical conversion 
broadcast network; and 

means for collecting the atmospheric electrical power as 

direct current and then supplies the appropriate power 
grid, transceiver and capacitates a charge; and 

means for self charging propulsion provides motor charac- 

teristics, and frequency engine. 

5. The atmospheric transduction system in accordance with 
claim 1, wherein said means for recycle recharge by oscilla- 
tion and frequency in accumulation of environmental positive 
and negative electricity, maintaining the voltage being col- 
lected in a prescribed range, an electrical conversion broad- 
cast network comprises piezoelectric transducer molded 
device(s), rotor, stack ball bearing, coupler, book spine stacks 
and antenna rod stacks; 
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wherein said means for collecting the atmospheric electri- 
cal power as direct current and then supplies the appro- 
priate power grid and capacitates a charge comprises a 
piezoelectric network, piezoelectric grid, piezoelectric 
spine stack antenna, piezoelectric transmitters, piezo- 
electric receivers, piezoelectric devices, piezoelectric 
cylinders and orbs, power frequency broadcast; 

wherein said means for charging providing motor charac- 
teristics, said power frequency engine comprises a sen- 
sor accelerator, rotor/gear, battery/capacitor, antenna, 
controller, for propulsion. 

6. An atmospheric transduction system comprising: 

a piezoelectric transducer molded device(s), rotor, spine 
ball bearing, coupler and book spine stack transducers, 
for recycle recharge by oscillation and frequency in 
accumulation of environmental positive and negative 
electricity, maintaining the voltage being collected in a 
prescribed range, providing an electrical conversion 
broadcast server network; and 

a piezoelectric network, piezoelectric grid, piezoelectric 
spine stack antenna, piezoelectric transmitters, piezo- 
electric receivers, piezoelectric devices, piezoelectric 
cylinders and disc orbs, stack rods, power frequency 
broadcast, for collecting the atmospheric electrical 
power as direct current and then supplies the appropriate 
power grid, transceiver and capacitates a charge; and 

a sensor accelerator, rotor/gear, battery/capacitor, control- 
ler, antenna, means for self charge propulsion providing 
motor characteristics, thereby an engine of power fre- 
quency. 
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WIKIPEDIA 
Atmospheric physics 


Atmospheric physics is the application of physics to the study of the atmosphere. Atmospheric physicists attempt to 
model Earth's atmosphere and the atmospheres of the other planets using fluid flow equations, chemical models, radiation 
budget, and energy transfer processes in the atmosphere (as well as how these tie into other systems such as the oceans). 
In order to model weather systems, atmospheric physicists employ elements of scattering theory, wave propagation 
models, cloud physics, statistical mechanics and spatial statistics which are highly mathematical and related to physics. It 
has close links to meteorology and climatology and also covers the design and construction of instruments for studying the 
atmosphere and the interpretation of the data they provide, including remote sensing instruments. At the dawn of the 
space age and the introduction of sounding rockets, aeronomy became a subdiscipline concerning the upper layers of the 


atmosphere, where dissociation and ionization are important. 
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Remote sensing 


Remote sensing is the small or large-scale acquisition of information of an object or phenomenon, by the use of either 
recording or real-time sensing device(s) that is not in physical or intimate contact with the object (such as by way of 
aircraft, spacecraft, satellite, buoy, or ship). In practice, remote sensing is the stand-off collection through the use of a 
variety of devices for gathering information on a given object or area which gives more information than sensors at 
individual sites might convey.!"! Thus, Earth observation or weather satellite collection platforms, ocean and atmospheric 
observing weather buoy platforms, monitoring of a pregnancy via ultrasound, Magnetic Resonance Imaging (MRI), 
Positron Emission Tomography (PET), and space probes are all examples of remote sensing. In modern usage, the term 
generally refers to the use of imaging sensor technologies including but not limited to the use of instruments aboard 


aircraft and spacecraft, and is distinct from other imaging-related fields such as medical imaging. 


There are two kinds of remote sensing. Passive sensors detect natural radiation that is emitted or reflected by the object or 
surrounding area being observed. Reflected sunlight is the most common source of radiation measured by passive sensors. 
Examples of passive remote sensors include film photography, infra-red, charge-coupled devices, and radiometers. Active 


collection, on the other hand, emits energy in order to scan objects and areas whereupon a sensor then detects and 
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measures the radiation that is reflected or backscattered from the target. radar, 
lidar, and SODAR are examples of active remote sensing techniques used in 
atmospheric physics where the time delay between emission and return is 


measured, establishing the location, height, speed and direction of an object.!4! 


Remote sensing makes it possible to collect data on dangerous or inaccessible 
areas. Remote sensing applications include monitoring deforestation in areas 
such as the Amazon Basin, the effects of climate change on glaciers and Arctic 
and Antarctic regions, and depth sounding of coastal and ocean depths. 
Military collection during the cold war made use of stand-off collection of data 
about dangerous border areas. Remote sensing also replaces costly and slow 
data collection on the ground, ensuring in the process that areas or objects are 
not disturbed. 


Brightness can indicate reflectivity 
as in this 1960 weather radar image 
(of Hurricane Abby). The radar's 


frequency, pulse form, and antenna 
largely determine what it can ground-based sensing and analysis, provides researchers with enough 


Orbital platforms collect and transmit data from different parts of the 


electromagnetic spectrum, which in conjunction with larger scale aerial or 


observe. information to monitor trends such as El Nino and other natural long and 
short term phenomena. Other uses include different areas of the earth sciences 
such as natural resource management, agricultural fields such as land usage 


and conservation, and national security and overhead, ground-based and stand-off collection on border areas.) 


Radiation 


Atmospheric physicists typically divide radiation into solar radiation 


Low density of 


(emitted by the sun) and terrestrial radiation (emitted by Earth's incident rays 
[northern winter) 


surface and atmosphere). 


Solar radiation contains variety of wavelengths. Visible light has 


wavelengths between 0.4 and 0.7 micrometers.!* Shorter wavelengths 


are known as the ultraviolet (UV) part of the spectrum, while longer 


High density of 
Incident rays 
(southern summer) 


wavelengths are grouped into the infrared portion of the spectrum.) 


Ozone is most effective in absorbing radiation around 


0.25 micrometers,!©! where UV-c rays lie in the spectrum. This This is a diagram of the seasons. In addition 
increases the temperature of the nearby stratosphere. Snow reflects to the density of incident light, the 
88% of UV rays,'él while sand reflects 12%, and water reflects only 4% dissipation of light in the atmosphere is 


of incoming UV radiation.!©! The more glancing the angle is between greater when it falls at a shallow angle. 


the atmosphere and the sun's rays, the more likely that energy will be 


reflected or absorbed by the atmosphere.!/1 


Terrestrial radiation is emitted at much longer wavelengths than solar radiation. This is because Earth is much colder than 
the sun. Radiation is emitted by Earth across a range of wavelengths, as formalized in Planck's law. The wavelength of 


maximum energy is around 10 micrometers. 


Cloud physics 
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Cloud physics is the study of the physical processes that lead to the formation, growth and precipitation of clouds. Clouds 
are composed of microscopic droplets of water (warm clouds), tiny crystals of ice, or both (mixed phase clouds). Under 
suitable conditions, the droplets combine to form precipitation, where they may fall to the earth.!®! The precise mechanics 
of how a cloud forms and grows is not completely understood, but scientists have developed theories explaining the 
structure of clouds by studying the microphysics of individual droplets. Advances in radar and satellite technology have 


also allowed the precise study of clouds on a large scale. 


Atmospheric electricity 


Atmospheric electricity is the term given to the electrostatics and = o 
electrodynamics of the atmosphere (or, more broadly, the atmosphere of any 
planet). The Earth's surface, the ionosphere, and the atmosphere is known as 
the global atmospheric electrical circuit.!! Lightning discharges 30,000 
amperes, at up to 100 million volts, and emits light, radio waves, x-rays and 


even gamma rays.11% Plasma temperatures in lightning can approach 28,000 


kelvins and electron densities may exceed 1024/m3.11 


Atmospheric tide 


The largest-amplitude atmospheric tides are mostly generated in the 
troposphere and stratosphere when the atmosphere is periodically heated as 
water vapour and ozone absorb solar radiation during the day. The tides 
generated are then able to propagate away from these source regions and 
ascend into the mesosphere and thermosphere. Atmospheric tides can be 
measured as regular fluctuations in wind, temperature, density and pressure. 


Although atmospheric tides share much in common with ocean tides they have 


two key distinguishing features: Cloud to ground Lightning in the 


global atmospheric electrical circuit. 
i) Atmospheric tides are primarily excited by the Sun's heating of the 


atmosphere whereas ocean tides are primarily excited by the Moon's 

gravitational field. This means that most atmospheric tides have periods of oscillation related to the 24-hour length of the 
solar day whereas ocean tides have longer periods of oscillation related to the lunar day (time between successive lunar 
transits) of about 24 hours 51 minutes.!"4! 

ii) Atmospheric tides propagate in an atmosphere where density varies significantly with height. A consequence of this is 
that their amplitudes naturally increase exponentially as the tide ascends into progressively more rarefied regions of the 
atmosphere (for an explanation of this phenomenon, see below). In contrast, the density of the oceans varies only slightly 


with depth and so there the tides do not necessarily vary in amplitude with depth. 


Note that although solar heating is responsible for the largest-amplitude atmospheric tides, the gravitational fields of the 
Sun and Moon also raise tides in the atmosphere, with the lunar gravitational atmospheric tidal effect being significantly 
greater than its solar counterpart.!"4] 

At ground level, atmospheric tides can be detected as regular but small oscillations in surface pressure with periods of 24 
and 12 hours. Daily pressure maxima occur at 10 a.m. and 10 p.m. local time, while minima occur at 4 a.m. and 4 p.m. 
local time. The absolute maximum occurs at 10 a.m. while the absolute minimum occurs at 4 p.m.l14 However, at greater 
heights the amplitudes of the tides can become very large. In the mesosphere (heights of ~ 50 — 100 km) atmospheric tides 


can reach amplitudes of more than 50 m/s and are often the most significant part of the motion of the atmosphere. 
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Aeronomy 


Aeronomy is the science of the upper region of the atmosphere, where 


: Thermosplhere 


dissociation and ionization are important. The term aeronomy was 
introduced by Sydney Chapman in 1960.!"°! Today, the term also includes 
the science of the corresponding regions of the atmospheres of other arado 
planets. Research in aeronomy requires access to balloons, satellites, and 
sounding rockets which provide valuable data about this region of the 
atmosphere. Atmospheric tides play an important role in interacting with 
both the lower and upper atmosphere. Amongst the phenomena studied aa 

Stratosphere 


are upper-atmospheric lightning discharges, such as luminous events 


called red sprites, sprite halos, blue jets, and elves. 


Centers of research | maps 4; EPA 
E Representation of upper-atmospheric 
In the UK, atmospheric studies are underpinned by the Met Office, the lightning and electrical-discharge 
Natural Environment Research Council and the Science and Technology phenomena 


Facilities Council. Divisions of the U.S. National Oceanic and 
Atmospheric Administration (NOAA) oversee research projects and 
weather modeling involving atmospheric physics. The US National Astronomy and Ionosphere Center also carries out 


studies of the high atmosphere. In Belgium, the Belgian Institute for Space Aeronomy studies the atmosphere and outer 


space. 
See also 
= Adiabatic lapse rate = Coriolis effect = Kelvin-Helmholtz » Rossby number 
= Atmospheric = Euler equations instability = Rossby radius of 
thermodynamics a FluxNet = Madden—Julian deformation 
a Baroclinic instability = Geostrophic oscillation = Space weather 
= Barotropic vorticity wind : Navier-Stokes = Space physics 
equation = Gravity wave se ESE o = Thermal wind 
= Convective instability  ». Hydrostatic = Potential vorticity = Vorticity equation 
balance = Pressure-gradient 
force 
= Primitive equations 
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uds 
The below added text I have been looking into has been an easily made design. Our government 
goes to no end to stop men and women who help human kind with their awesome God given inventions. I am not afraid to share this as 
Alex does with his knowledge and research. It is to open the minds of those that are dumbed down by corporate America and the global 
elite to do as they bid...No...stand up and fight against their system. 


Free energy is NOT a hoax as they want you to believe. 


If you have any engineer in you or technical expertise — Read...It works ! 


Jes Ascanius’ Version of Nikola Tesla’s Aerial System 


This sort of information may seem confusing and maybe a little too technical for you, so let me tell you about the practical and useful 
applications used by Jes Ascanius, a Danish developer, to whom thanks is due for sharing his design. Initially, he set up a system to 
charge his mobile phone battery overnight from an aerial. Then he went on to produce a full-size Tesla Aerial System as described at the 
start of this chapter. Let's start with the very simple system and progress from that to the more powerful arrangements. 


The initial circuit uses one strand of solid wire which rises vertically to a 700 mm diameter drum where there are some twenty turns. The 
arrangement is like this: 


— Drum 700 x 100 mm 
with 20 turns on it 


— Single-strand 
aerial 


200 nF] 200 nF 
200% | 2004 


100 pF 50 100 pF 50 


connection 


The aerial wire is several metres long, and in the prototype, was supported by 
(and insulated from) the eaves of a house. The aerial should be vertical or near vertical and a proper earth connection provided by driving 
a metal rod into the ground or connecting a wire to a metal plate and burying the plate in the ground as a good electrical connection is 
needed here. The earth connection used here is a 12 mm copper pipe 3 metres long, driven into the ground and the ground around it 
saturated with water: 


The wire used to connect with the earthing rod is very important and should not be less than 8 swg copper wire, 
that is, 4 mm diameter and 13 sq. mm. cross-sectional area. As with all free-energy devices, the exact constructional details are vital. 


The diodes used are germanium 1N34 or 1N34a as germanium diodes drop far less voltage than do silicon diodes and the 1N34 types are 
low-loss diodes, particularly suited to this application. Ceramic disc types are recommended for the 200 nF capacitors. The prototype 
build looked like this: 
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Now, consider this circuit as 
described, to be one modular building block which can lead to unlimited power from an aerial. I will represent the circuit shown above as 
a rectangle, showing the above circuit as: 


While it is possible to use more than one module with the aerial to get more power, the Danish developer then switched 
to the full-blown Tesla arrangement by attaching a 800 x 600 x 2 mm aluminium plate inside the sloping roof of his house: 


The plate being suspended using nylon cord to prevent it touching 
the roof or anything else: 


The plate is positioned 
between 3 and 3.5 metres (10 to 12 feet) above the ground and the attachment to the plate is also heavy-duty 8 swg cable: 
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The cable is connected to the aluminium plate using a brass bolt and nuts 
which the builder thinks may be significant, quite apart from avoiding any galvanitic connection to the circuit. The cable is then run 
vertically downwards to the circuit. For this arrangement a second earthing point is also used. This is a galvanised iron pipe 3 metres 
long, driven vertically into the ground which is saturated with water. The second earth is 2 metres away from the first earth. 


This arrangement provides serious power, enough to cause injury to, or kill a careless human. With two modules, it will 
light an LED very brightly, driving it to 2.6 volts. If the LED is removed, then the voltage climbs to about twenty volts and is easily 
sufficient to charge a 12V battery or battery bank although that takes time. With twenty modules as 12V battery can be charged over 
night. It is estimated that with two hundred modules, the power would be sufficient to power a household although that has not yet been 
done. It should be borne in mind that each module is easy and cheap to make, so arranging for a stack of them where additional modules 
can be added at a later date for more power, is an ideal arrangement. The circuit is like this: 


This circuit looks completely mad as the aerial input to the circuit 
appears to be directly short-circuited by the second earth connection. In spite of this, the circuit works very well when connected this 
way. Additional modules can be added without any known limit. Increased power can be had by either raising the aluminium plate higher 
above the ground, to say, 10 metres (33 feet), or by adding one or more additional aerial plates. As you have a good aerial connected 
through to a very good earth, there has to be the possibility of the equipment being hit by lightning, and so it is suggested that a 
protective spark-gap is installed between the aerial and the earth, close to the circuit, so that if high-voltage is suddenly applied to the 
aerial, the spark gap will fire and shunt the excess power through to the earth. Alternatively, possibly a better solution is to install a 
standard lightning rod system a few metres away from the aerial and a metre or two higher up, so that it forms a more attractive point for 
a lightning strike. 


Further experimentation has shown that altering the connection point for the aerial has a significant effect on the results. If the 
connection is made at the mid point between the aerial plate and the earth connection, it produces a greater output: 


With this arrangement a single module produces around 30 volts while 
the original method of connecting near the earth was giving about 26 volts with two modules. 


Dragan Kljajic has been experimenting with this circuit and has started by building many of these modules on a printed circuit board like 
this: 
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Using two of these boards, Dragan is pulling 96 watts 
continuously from his aerial plate. He intends to extend this arrangement much further, but is being hindered at present by a local civil 
war. 


There is a forum where some builders of this system share comments. One comment is that there is an increased risk of a lightning strike 
where you have an earthed aerial, and so itis advisable not to place the aerial plate inside a house, but perhaps suspended between two 
trees. Also, using a car spark plug connected across the module set can protect against lightning strikes damaging the circuitry. 


< Truth is a commodity... Sad > 
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Comment rules 


9 responses to Don’t let the big energy corporations control you — Free energy is HERE 


Hendra said on April 26, 2016 


Hello, | am new to this website and | am trying to build this things right now with the pcb. Has anyone successfully built this things with the PCB that 


Dragan make ? 
THank you 


Hendra 


Log in to Reply 


ifree said on June 1, 2012 


cool. | remember reading an article about a farmer who was able to light a bunch of bulbs from a really long cable that somehow just inducted energy... 


this was after that idiotic show “Mythbusters” said it was impossible.. so, yeah. | don’t recommend that show. 


Log in to Reply 


Shaun said on June 1, 2012 


| have made two of these boards but in A4 size with 32 modules on each board im in the process of drilling holes. 
The alexkor circuit in Chap 7 is also worth looking at | will let you know when Im done with the Tesla /Jes Ascanius 


circuit and what results | get | know its important to polish the plate and to have a very good earthing plate. 


Log in to Reply 


United said on May 28, 2012 


Great post! thanks 


Planet Infowars Log In Visit 


Kakashi said on May 28, 2012 
Is this transduction? 
Log in to Reply 
Kellie said on May 28, 2012 
The whole article is here http://www .free-enerqgy-info.com/Chapt7.html 


Log in to Reply 


Ab WizarDave said on May 26, 2012 


ee 
ah Gotta love Tesla! 
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Kellie said on July 6, 2012 


Yes, and look how our great government treated him later in life up unto his death, and still to this day...Corrupticians ! 


Log in to Reply 


ZerMaster said on May 26, 2012 


Don’t forget about Tesla's Turbine at 1PSI Steam hooked up to a generator (1PSI! think about it ...) cheap to build and use. http://books.google.ro/books? 
id=BOMDAAAAMBAJ&pg=PA188&dq=popular+mechanics+ Teslaghl=ené8sa=X8ei=BeC_T4G1FdDn-gbS- 


rCcCg&sqi=2&ved=0CCwQ6AEwAA#v=onepage&q=popular%20mechanics%20 Tesla&f=false 


http://www. youtube.com/watch?v=Oqgyh-JyCmQc 


Log in to Reply 


Leave a reply 


You must be logged in to post a comment. 
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CRYSTAL SETS 5: EXPERIMENTAL CRYSTAL SETS 


Picture 1 - The Complete Experimental Crystal Set 


THE POPULARITY of the crystal radio arises from its simplicity, and the fact that it needs no power supply. The 
circuit here allows for easy experiments with tuning, aerial and diode coupling, and frequency coverage. Wrong 
connections can cause no damage to any components. 


A Crystal Set is more often than not used for the reception of medium and long wave radio, but short wave 
reception is also quite feasible. It will normally be possible to receive some of the stronger international radio 
stations. 


This is adapted from an article that appeared in the 1970's in Everyday Electronics, and gave me almost endless 
hours of fun! 


BASIC CIRCUIT 

The basic circuit is shown in Picture 2 below. The coil L1 can be air cored, or have a ferrite rod placed in its 
winding. The variable capacitor C1, in conjunction with aerial-earth capacitance, tunes the circuit to resonate with 
the wanted radio station frequency. The diode D1 "detects" or demodulates the radio signal so that the programme 
is heard in the earpiece. 


This basic circuit can be modified in various ways to obtain better performance. 
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EARPHONE 


As most constructors will be using a Crystal Earpice to listen to the crystal set it is essential that a 47k Ohm resistor 
is connected across the earphone terminals (TB1/1 and TB1/2 in the diagram), i.e. in parallel with the earphone, 
otherwise results will be very quiet. 


A High Impedance headset of 20k Ohms (20,000 Ohms) may give even better results, but these are very difficult to 
obtain , so unless you happen to already own such a headset the Crystal Earphone with 47k resistor will be the only 
option. An ordinary magnetic earpiece or Walkman headphones will not work with a crystal set. 


ASSEMBLY 


Construction is of a 'breadboard' type using a wooden board of about 165 x 130 mm. A 12-way block connector, 
TB1, is used to connected together the components and this is screwed onto the wooden board. The use of a 
block connector provides an easy method of connecting the components together and then subsequently 
rearranging them as the experiments progress. 


Tuning capacitor C1 is screwed to a bracket made of some scrap metal which is then also screwed firmly down to 
the baseboard, see Picture 1 above. Thin plywood screwed to the front edge of the baseboard would also provide 
a suitable method of fixing the tuning capacitor to the base. A knob with pointer is fitted to C1, and a scale is drawn 
and fitted behind this. 


Except for C1, all connections are made by the terminals of the 12-way terminal block as shown in Picture 4. 
Loosen the screws with a small screwdriver, insert the bared ends of the wires, and tighten the screws. The various 
locations on the terminal block, TB1, are also shown in the circuit diagram, Picture 2. 


AERIAL AND EARTH 


Crystal receivers need a long wire aerial preferably strung outside and about 25m long, or as long as is possible to 
install. If this is outside it should be high and clear of earthed objects as this will improve performance. 


An earth is absolutely essential for a crystal set to work properly. The earth lead can be run to an earth rod or spike 
that is buried to a depth of about 1 meter into damp soil. Or it may be soldered to a bare metal can which is buried 
in damp soil. 

It is feasible, though not recommended, that the earth lead can be connected to the earthing terminal of a hi-fi 
system or even to the bare metal case of a personal computer that is plugged into an earthed mains outlet, but is 
switched OFF. 


Stranded, insulated wire, or purpose made aerial wire can be used for the aerial and earth leads. 


zg = xp = 
y 


Ste” 


Ss | 
Ee E jar 


Picture 2 - The Basic Circuit Picture 3 - Photo Of The General Layout 
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INDUCTORS (The Tuning Coils) 


The following four coils are suggested for initial use as L1 : 


Coil 1: Make a thin card tube to slide on a 10mm diameter ferrite rod, and on this tube wind about 105 turns of 32 
s.w.g. enamelled copper wire, side by side. Secure ends with sticky tape. 


Coil 2: Make a similar coil to to coil 1 having about 15 turns of 24 s.w.g. enamelled wire on the card tube. Loops of 
cotton will help hold the ends in place. 


Coil 3: Wind 9 turns of 20 s.w.g. bare tinned copper wire on an object about 20mm in diameter. Remove and stretch 
to separate the turns, to obtain a coil about 25mm long. 


Coil 4: Make a similar coil to coil 3, but with 5 turns. 
The Ferrite Rod 


It will be necessary to have a ferrite rod of about 60mm to 75mm long available. Coils 1 and 2 will provide 
reception of medium wave and the longer short wave bands. Coil 3 should cover about 3 - 10MHz shortwave with 
the ferrite placed in it, or about 6 - 18MHz with the ferrite rod removed. Coil 4 should cover about 6 -13MHz with 
the rod in, and about 9 - 20MHz without the' rod. 


It will be noted that as the ferrite rod is inserted, any particular signal has to be re-tuned by opening Cl. This arises 
because the ferrite increases the inductance of the winding, so less parallel capacitance is needed for the same 
resonant frequency. 


EFFICIENCY CHECKS 


Tune in a m.w. transmission using coil 1 which gives good headphone volume. Place a microammeter or multi- 
range meter on a sensitive range in series with the headphones. A reading of 50-100UA or more may be obtained, 
depending on aerial, earth, earphone resistance and resistor value, coil and detector efficiency and strength of 
signals at your locality. 


Placing the ferrite rod in the coil and re-tuning should boost the meter reading to some extent. Surplus or other 
detector diodes can be tried by substituting them in turn and noting the meter reading. Improvements to the aerial 
(or earth) will also show up as a rise in meter reading. 


If experimenting with a crystal earpiece, which gives no direct current circuit, the meter may be clipped across the 
phone leads, i.e. D1 cathode to earth. 
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Picture 4 - Baseboard Layout Of The Crystal Set 
AERIAL COUPLING 


The aerial loads the tuned circuit heavily when connected directly to the top of the tuned circuit, as in Picture 2. 
This damps the tuning action and it can be found that stations spread out all over the dial, which is unsatisfactory. 


The series capacitor, C2 connected in Picture 5(a) reduces the loading and thus improves the sharpness of the 
tuning. A variable or pre-set capacitor of about 250pF maximum is most suitable. for this role, though it is possible 
to experiment with a variety of fixed value capacitors in this range also. 


Connecting the aerial to a tapping on the coil, as in Picture 5 (b) also sharpens tuning. It may also increase 
volume. Try about 2 turns from earth for coil 4, or 4 turns from earth for coil 3. 


Another method is to have a coupling primary, as in Picture 5 (c). This consists of a second coil, with about one 
third the turns of the original wound on top of the existing coil. 


You can even combine these methods to find what arrangement best suits the aerial in use. 
The diode can be disconnected from the end of L1 and taken to a spare position on TB1 for example location 
TB1/9. You can then run a flying-lead fitted with a crocodile clip from this position, connecting it to various tappings 


on the coil as required as in Picture 5 (d). This method also reduces loading on the tuned circuit. 


Coils with spaced turns of bare wire are readily tapped. For other coils, small loops can be made every ten turns or 
so, and crocodile clips can be attached to these when selecting tapping points. 


Picture 5 - Alternative Methods Of Aerial Coupling 
http://www.mds975.co.uk/Content/crystalsets5.html 4/21 


11/1/2017 Crystal Sets 5 - Experimental Crystal Set 


SHORT WAVES 


For shortwave reception, a good efficient outdoor aerial is certainly recommended. Evening listening in the region 
around 5 - 9MHz in often proves to be the most fruitful. 


Since there is no amplification, as with a valve or transistor receiver, certain frequencies will seem to be completely 
dead at particular times of day. So if the crystal receiver works satisfactorily on medium wave and longwave, but no 
shortwave signals are heard, check again in the evening, or after dark, when conditions are different. 


PARTS REQUIRED 


365pF or 500pF Air Spaced Tuning 
Capacitor 


0A47, IN34, OA81, OA90, OA91, IN94 or 
similar point contact small signal 
Germanium Diode 

* The OA47 will be of particular interest since it has the 
lowest forward bias voltage of any of these diodes which 
will make the crystal set somewhat more sensitive and 
therefore louder. The US equivalent of the British OA47 
is the IN34. 


High Impedance Headphones (20,000 
Ohms) 
or Crystal Earphone 


| Tai f 2-Way Plastic Screw Block Terminal 


Also Required: |47 k Ohm Resistor for Crystal Earphone: 
Enamelled Copper Wire: 32 and 24 s.w.g. for 
L1: 20 s.w.g. tinned wire for L1: Ferrite Rod 
10mm diameter x 75 mm long: 25m of wire 
for aerial: Wire and rod or spike etc for 
earth: Wood for base e.g. 10mm x165mm x 
130mm: Scrap of metal of thin plywood for 
C1 bracket/front panel: Knob: Crocodile 
clip(s) 


Adapted from an article in Everyday Electronics magazine, November 1981, By F.G. Rayer. 


HERE ARE A COUPLE OF VERY INTERESTING CRYSTAL SET DESIGNS 
SENT IN BY KRYSATEC - "THE RAT" - FROM THE CZECH REPUBLIC 
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Crystal radio 


100p 
LE MAA Made by Rat 


= a 


earphone 
SE dkGhrmn 
of af 


500p 2x 1NN41 


CICICICICICICIC4 


1/ Using old coils from old bulb radio for MW and LW band. Though it would be straightforward to wind the coils - 
one for Long Wave, one for Medium Wave and a coupling coil. Variable capacitor is 2 x 500pF only one half is 
used: 500pF. For the crystal earphone a resistor of about 82k ohm in parallel is required. This set also uses two 
Ge diodes as a multiplier in the quest for for higher audio signal output. 


Crystal radio with simple amplitier 


100p 
LY FY Made by Fat 

: A oE R 
i f h l M22 Ms 
O MemH 500p 25K | = @ earphone 
i £ a y 150% - aKORM 
[] eE 
O 100n 
[| Me 5 

- 2 gnd 
180un 500p 2x iNN4i . TO2NUI7O 

Ge diode he transistor 


2. If signals are not strong signal in your location, then the above circuit design can be considered. A simple 
transistor amplifier is used. A variable resistor M22 is used for better sensitivity which can be adjusted for poor 
signals. This crystal radio is aversion from cca 1960 - 1970 y. 
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"Minilabs' Crystal Radio 


BELOW: lan Tomlinson kindly sent in a photograph of the box that contained the kit for his John Adams Toys 
'Minilabs' Crystal Radio. 


It is a very simple circuit consisting of the coil (inductor) with a sliding contact that provides variable tapping points, 


a diode and crystal earphone. All that is added is the aerial and earth. There is no variable tuning capacitor for 
simplicity and to keep costs down. 


The coil provides the inductance required for tuning into a certain frequency (wavelength). These days a variable 
"tuning" capacitor is normally wired in parallel across the inductance (coil) in order to vary the resonance of the 
tuned circuit and therefore enable to easily tune into various transmitters on different frequencies. This crystal is 


tuned varying the number of turns on the coil (ie varying the inductance) by tapping off at different points using the 
sliding contact ("ball"). 


The crystal earpiece, or high Z headphone, is connected between the output of the detector diode (the other end 
from the coil) and earth. The volume from a crystal earpiece may be considerably improved by connecting a 
resistor of - somewhere between - 4.7 k and 47k ohms in parallel with the earpiece. A crystal earpiece cannot 


directly allow current to flow through it and the parallel resistor therefore allows current to better flow through the 
circuit. 
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Crystal 


inf; a 
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Make a radio complete with tuning coil, 
antenna and earphone. 


Pack contains all you need including Tull instructions 
Mo battery required 


'Minilabs' crystal set by John Adams Toys 


A discussion on configurations for Crystal Sets by Felix Scerri VK4FUQ 


This discussion, by Felix Scerri VK4FUQ, was posted at this address which no longer appears on the web 
www.tarc.org.au/techinfo2.htm (error 404) so here it is reproduced: 


Crystal Set design is one of my passions closely allied with my obsession for audio and high fidelity. 


My main interest in crystal sets, apart from the wonder of a radio receiver that does not require a power source, is 
the potential excellence of the recovered audio quality from normal AM broadcast stations. 


Personally, it is one of my great laments that most people have never heard how good wideband AM can sound. A 
high performance crystal set or similar TRF approach is, in my opinion,the only way to do it. There are a few people 
around who have heard the audible results of my efforts,and can only agree. 


| have often wondered, given the ultimate simplicity of the crystal set, being essentially a tuned circuit,a diode 
detector and some form of output device, what it takes to achieve optimum performance. What follows are my 
thoughts on the matter. 


Crystal Set optimisation, is in my opinion, all about reduction of circuit losses. Essentially this means high "Q" tuned 
circuits and high quality detectors. Efficient output devices also help too. But as we will see, there are some trade- 
offs required as well. A high "Q" tuned circuit is always benefical, as a high "Q" tuned circuit has lowest RF 

losses, highest potential selectivity,and highest voltage at resonance, which is very useful for the diode being fed 
from the tuned circuit. Variable capacitors, even the "modern" miniature variable capacitors (although the older air 
dielectric units, as used in old valve receivers are more desirable) for various reasons,are generally quite efficient, 
and a higher "Q" coil will produce the most worthwhile improvements. The best (highest "Q") coils are wound with 
"Litz" wire, which is a multistranded woven wire with all strands insulated from each other. The performance of Litz 
wire wound coils is spectacular, unfortunately, although | know Litz wire is still being made, from personal 
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11/1/2017 Crystal Sets 5 - Experimental Crystal Set 
experience, it is VERY rare in Australia. 


Efficient coil design can be quite complex and all my coils are wound on ferrite rods. There seems to be,at least for 
ordinary single wire windings (close wound), an optimum wire thickness for optimum coil "Q". | have determined 
.315 mm winding wire to be about optimum for simple (single wire) coils on ferrite rods. Thicker wire is NOT better, 
believe it or not. 


Lacking Litz wire, an interesting winding approach | have developed is to use two slightly thinner wires wound as a 
bifilar winding connected together at the beginning and end of the coil, yields considerably higher "Q" compared to 
a simple single wire winding. | have found 0.25 mm winding wire optimum in this application. 


Whilst high "Q" coils are beneficial from the RF point of view, there is a possible downside. If one is interested in 
maximum selectivity and sensitivity, there is no problem, but remember highest "Q" results in a narrowed audio 
band-width as a simple consequence of band-width. For high fidelity applications this could be a disadvantage 
under some circumstances, although there are clever ways around this. 


Regardless of ultimate coil "Q", selectivity is a major issue with crystal sets generally. Here another trade-off is 
evident. For the maximum voltage into the diode, connecting the diode to the high impedance end of the coil (i.e. 
the top) yields the greatest voltage but the selectivity is usually terrible, because of severe "loading" by the diode 
circuit. For this reason, tapping well own the coil improves selectivity at the expense of signal volume (reduced 
voltage). Once again there are ways around this. As described in my "Double Tuned Crystal Set Tuner" article in 
"Amateur Radio" magazine, March 2002, the use of two separately tuned coupled resonant circuits allows top 
connection into the diode without compromising overall selectivity, thanks to the use of a second tuned circuit which 
is fed from the external antenna. The whole network forms a double tuned input bandpass filter and in practice this 
approach works very well. For single coil crystal sets | recommend the use of an un-tuned "antenna" winding 
adjacent to the "hot" end of the main coil, preferably adjustable (old paper reels from sewing cotton threads are 
ideal). This allows the degree of coupling to be optimised under actual listening conditions. The double tuned set up 
is best, yielding superb selectivity, but the un-tuned antenna coil arrangement also works quite well, especially if the 
diode is tapped well down the main coil. Tapping halfway works well. 


The other method of performance improvement involves the use of the most effective detector system possible. 
Here things get very interesting. In fact the temptation is to use more complex circuitry, but that gets away from the 
charming simplicity of the crystal set. As an example, my own crystal set tuner has at times mutated into a TRF 
tuner complete with FET RF preamplifiers, active(powered) detectors and other enhancements. These 
modifications do work well, but loses the simplicity of a basic crystal set. In actuality, a simple diode detector can 
work extremely well, subject to some qualification. Diodes like to work with a reasonable level of RF input voltage. 
Audio distortion can result under conditions of low signal level, due to diode transfer curve non linearity and other 
factors, such as the widespread use of broadcast station "processing". The actual type of diode makes a difference. 
The 1N34A germanium diode is very popular for crystal set use, although in my experience just about ANY 
germanium diode will work, although it is worth trying different specimens. Some are definitely better than others. 
Even from a pack of twenty 1N34A's from the same source, some were definitely better than others. Measuring the 
average value of rectified output voltage across the diode load resistor will show which diodes are best. By the way, 
| regard a diode load resistor as being mandatory. | find a value of about 47K about right, especially if a crystal 
earpiece is being used or the crystal set is being used as a tuner feeding an audio pre-amplifier and following 
amplifier. If using high impedance magnetic type headphones, the headphones provide the diode DC load. 


Another type of diode that is very interesting, is the hot carrier diode. There seem to be a lot of different hot carrier 
diodes around these days. There are even hot carrier diodes now being sold as "germanium diode equivalents’. | 
have tried them and they do work acceptably well, but they are not quite as good as genuine germanium diodes 
such as the 1N34A. Typical UHF mixer hot carrier diodes, such as the 1N5711 will not work well in crystal set 
service simply because their "turn on voltage"is too high, similar to silicon diodes such as the 1N4148/914 series, 
which require a lot of RF input to function adequately as RF detectors, however a simple technique can be used to 
turn hot carrier diodes such as the 1N5711 into superlative detectors. 


| guess we are cheating a little, because the technique is to use a little voltage bias supplied via a 1.5v battery, 
through a simple potentiometer voltage divider arrangement, with capacitor (for DC isolation) fed into the diode from 
the tuned circuit. With applied adjustable bias, | find the 1N5711 diodes absolutely superlative detectors under ANY 
signal strength conditions. | find the detection quality also superlative, with a clarity and low noise profile unmatched 
by any other diode arrangement. In my opinion, hot carrier diodes, running bias,are the best detectors overall. 


Regarding other detector arrangements, the diode "voltage doubler" is often recommended, however my own 
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experiments with the doubler arrangement have been inconclusive and slightly disappointing overall. | have found 
no real advantage in their use over a simple (one) diode detector, believe it or not. 


Yes, they do work, but they're nothing special, at least in my opinion. 


Any comments on this general subject of crystal set optimisation would be welcome. 


73's Felix Scerri VK4FUQ. 
22nd July 2002 
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IMPROVED VERSION OF THE ABOVE CONCEPT !! New update from Felix Scerri February 2010: 


New ‘two FET infinite impedance AM detector’ 


I've developed a new version of my old favourite FET ‘infinite impedance’ AM detector that | think sounds very nice. 
| include a short audio of one of our local AM stations. | picked this station as it is my reference ‘torture test AM 
station’ as they run very heavy 'processing' which normally sounds yuck with all my other (diode and non diode) 
detectors! However it's quite clean with this detector. What do you reckon? I'll do up a circuit if you'd like to feature 


itin your TRF radio section. A general draft article follows. 


'A favourite non diode based AM detector that I've built and used many times over the years is the FET based 
infinite impedance detector, offering very good general AM detector performance, especially under weak RF signal 
conditions where diode based detectors do not perform well, especially in terms of audio distortion. 


However one of the slightly strange things I've noticed about the simple FET based infinite impedance detector is 
the variable audio quality noted, even when using the same type of FET. Some I've built have sounded good and 
others slightly fuzzy when used with an audio preamp and fed into a high quality audio system. I've been giving this 
a considerable bit of thought of late and I've wondered if the audio distortion might be a result not necessarily of the 
detection process itself, but the FET stage in its guise as a ‘source follower’ audio stage which essentially, it is. 


| have long been aware that as a simple audio buffer stage, the FET based 'source follower’ can exhibit a 
considerable amount of audio distortion, and a technique I've long used to greatly reduce this audio distortion is to 
use a second FET in the source lead of the first FET as a 'constant current source’ which serves to 'linearise' and 
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greatly reduce audio distortion in the buffer stage overall. So, to test the theory | built a simple one FET infinite 
impedance AM detector which worked well, but with just a hint of audio 'fuzziness' on received AM stations. So | 
added a second FET in the source lead of the first FET wired as a constant current source, taking the output from 
the source of the first RF detector FET and the source resistor and RF bypass capacitor off the source lead of the 
second FET ‘constant current source’. The result, totally clean audio! The theory seems proved! | call this 


modified detector the "Two FET infinite impedance detector’ 


))) Here's what is sounds like - click to play the audio file ((( 


Here is the circuit diagram: 
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This detector has been a real eye opener for me in terms 
of its excellent performance, especially considering its 
circuit simplicity. Indeed in the past | have designed other 
more complex FET based infinite impedance circuits that 
do not quite work as well in practical terms as this latest 
circuit, at least according to my well calibrated ears! 


| do not have access to any precise test equipment but my 
well calibrated ears tell me this 'two FET infinite 
impedance detector’ is a beauty, surpassing practically 
every other AM detector I've built even at low RF input, 
and that's rather a impressive claim and the audio quality 
when used as an AM tuner feeding a high quality audio 
system is quite remarkable. Possibly the best thing about 
this detector is its excellent performance under weak 
signal conditions. Diode based detectors also work 
beautifully, but the use of an RF stage to ensure detection 
over a linear portion of the diode's curve is mandatory! 
This compound infinite impedance detector works 
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beautifully on the sniff of a useable RF signal. 


Just add a high Q tuned circuit and that's it! 


Felix Scerri 
VK4FUQ 


A better FET for the 'basic' Infinite Impedance Detector: 


Quite recently by accident, I've realised the MPF102 FET that I've long used in my FET based infinite impedance 
detectors is possibly not the best FET to use. This was the reason why | developed the 'two FET" infinite 
impedance detector some time ago which works very well. 


However I've found the choice of a more suitable FET works beautifully in the basic FET based infinite impedance 
detector circuit, which has appeared for many years in many editions of the ARRL Handbook. 


| use the 2N5457 and others of the same ‘family' may be equally suitable, but | haven't tried them! However with a 
2N5457 in place of an MPF102, the basic infinite impedance detector has became my AM detector of choice. It 
works beautifully even at low signal input with lovely and clean low distortion audio along with a very high input 
impedance for good tuning selectivity. It's a beauty! The basic generic circuit is attached, courtesy of Rod Elliott's 
ESP website. 


73 Felix VK4FUQ 
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The basic generic circuit is attached, courtesy of Rod Elliott's ESP website 
Felix Scerri VK4FUQ 


As often happens with me, my renewed interest in FET based 'infinite impedance detectors' of late has led to some 
interesting new research and I may have considerably improved the 'two FET infinite impedance detector' as a 
result. 


My research suggests that although the use of a CCS (constant current source) reduces audio distortion in an 
audio stage, the value of the ‘source resistor' in the CCS stage is somewhat critical for best results. 


By using a potentiometer in lieu of a fixed resistor | have found that a resistance value of around 470 kohms 
cleaned up all overall audio distortion. | used an MPF102 as the CCS in this circuit. An interesting and worthwhile 
little circuit refinement. 


73 Felix VK4FUQ 
21/02/2012. 


A Minimum Component Count High Quality AM Detector 
| was generally messing around with various circuit ideas and | came up with this AM detector circuit, a simple 
diode detector along with a FET stage. It was an attempt to provide good performance along with minimum number 


of components. Actually I've been pleasantly surprised at the excellent level of general performance and the best 
of all, it sounds great! 
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The circuit is quite conventional being a BAT 46 diode detector feeding an MPF102 FET buffer! common source 
amplifier stage. | would ordinarily use a FET source buffer stage in this application, but opted to use a simple low 
gain FET 'common source' amplifier stage instead, with excellent results. | also used a BAT 46 Schottky diode 
instead of an ordinary germanium signal diode. 


This was done for several reasons. Firstly, germanium diodes are now very hard to find but in any case these 
'germanium diode equivalent' Schottky diodes are actually a superior diode, having very low noise, almost zero 
back leakage and an essentially complete absence of carrier storage effects and very good weak signal sensitivity. 
| call these diodes high fidelity diodes as they sound wonderful as RF detectors. 


Circuit Diagram of the Minimum Component Count AM Detector by Felix Scerri 
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~~ A Closer View 


The high impedance of the FET's gate circuit is perfect for optimal buffering of the diode detector, something very 
important for good low distortion diode detector performance. Apart from providing slight voltage gain, the use of 
the common source FET amplifier is a new idea, as this prevents the possibility of incidental RF rectification 
occurring in a FET source follower stage, which can happen. A 1 uf plastic film capacitor may be added in series 
with the audio 'hot' output lead to block the DC offset out of the FET drain, if required. 


Despite no additional RF stage ahead of the diode, audio quality on even relatively weak RF strength stations is 
actually very good, and of course the audio quality will be even better with increasing RF signal strength, something 
which will also increase the audio output level. Just on this, for a long time | was somewhat negative regarding 
diode detectors, as one AM station locally (the strongest one) was always distorted when using a diode detector. 


| strongly suspected a transmitter fault, but my complaints were ignored, until one day some time ago when all 
audio distortion suddenly disappeared! Nothing was ever 'said', but | realised that my suspicions of a long standing 
transmitter fault were correct, after all! 


73 Felix 
VK4FUQ 
02 March 2012 


Voltage Doubler Detector 


This is an AM detector circuit that I've long known about and which worked ok, but never seemed to work as well as 
it should have. However | spent some time late last night trying to optimise the circuit, with some success. 


It is a curious circuit being essentially a 'voltage doubler’ originally developed for power supply applications, and its 
use as an AM detector is hard to analyse! It seems that the component values in the circuit are somewhat critical 
for good performance and if not, the performance is rather 'ordinary'. The circuit that | eventually came up with 
uses a 150 picofarad ‘input capacitor’ with a 150 kohm 'load' resistor and loaded into a FET common source voltage 
amplifier stage (as previously described) through a coupling capacitor with a 1 Mohm input resistance. 
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With these circuit values, it all works ‘quite well’. Give it a go! It's an interesting AM detector with quite good 


‘sensitivity’ and clean audio quality, and it seems to work well at low signal levels. 


73 Felix 
vk4fuq. 


16th April 2012. 


Simple AM detectors: What works best? A practical experimenters viewpoint. 


JE MED e~ E — | : Jars arf E 


| have written a lot about simple AM detectors for use as tuners for feeding into an audio amplifier, and it has been 


a long time interest. These days | use either diode based or 'infinite impedance' types of AM detectors. In this 


location our 'local' AM stations are quite distant and are therefore quite weak in terms of signal strength. 


As such | find infinite impedance detectors based on field effect transistors give consistently better results for tuner 
applications due to their lower apparent overall detector distortion. Diode based detectors are quite 'fussy' as they 


require both optimal output buffering (AC/DC ratio) and an ‘adequate’ (beyond the diode knee) level of RF signal 


injection. http://www.tonnesoftware.com/appnotes/demodulator/diodedemod.html 


Diode based detectors will happily 'detect' at very low signal levels, however the (inevitable) audio distortion that 
results, can be extremely irritating to the ear! Under these conditions | find infinite impedance detectors (even 


without additional RF preamplification and subject to individual FET characteristics), generally sound 'cleaner' and 


more pleasant to the ear. 


FET's of course require a power source for operation whereas diodes are passive (un-powered) detectors (most of 


the time), however this is of no real advantage in a tuner application as an ‘active’ audio amplifier stage will 


generally be required anyway for audio level boosting, buffering etc. 


In the end it will come down to a consideration of prevailing RF signal levels and other related circuit considerations 
at one's location. If local RF levels are strong, a well designed diode detector will give excellent results. If not, an 
‘infinite impedance’ type of detector is most likely the better option unless one goes towards the option of additional 


RF preamplification prior to the diode detector. 


73 Felix 
vk4fuq. 
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17th April 2012. 


ANOTHER DETECTOR by Felix Scerri ! 


I've tried diode based ‘voltage doubler’ (or more correctly ‘diode integrator’) AM detectors before with indifferent 
results, however the other day, just trying a few ideas | came up with this version that works rather well, with low 
audio distortion, high audio output and really ‘nice’ audio quality and the best of all, it seems to work very at very 
low RF input level. 


The two diode ‘voltage doubler’ detector using two BAT 46 silicon schottky diodes feed directly into a MPF102 
source follower stage set at 1 Megohm input resistance. The ‘input’ capacitor feeding the diodes from a tuned 
circuit is 68 picofarads. 

| have the simple RF filter right on the output of the FET stage. In that respect this circuit is vaguely similar to the 


old ‘Selstead-Smith’ valve AM detector of the past. An interesting one! | am very happy with its general 
performance. Regards, Felix vk4fuq 11/04/2013 
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Felix Scerri VK4FUQ 
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G'day all, readers may recall the two FET infinite impedance detector | developed some time ago. That circuit 
worked well, but some samples of the MPF102 regretfully produced distorted output. However a recent discovery 
has resulted in an improved version that has truly exemplary performance. 


The MPF102 is in all honesty a device essentially designed for VHF applications, but is often used in simple audio 
applications albeit with occasionally indifferent results, due to general device parameter ‘spread’. More or less by 
empirical trial and error | have found that a simple change in source resistor value to 100 k (from a much lower 
value), pretty well fixes everything. 


In a FET source follower circuit this is interesting as the output impedance is actually a lot lower than 100 k due to 
the action of the FET’s transconductance. It is similar to the action of a bipolar transistor emitter follower circuit. In 
fact a simple infinite impedance detector with a 100 k source resistor actually works very well and will be good 
enough for many applications, however the addition of a second FET as a constant current source does markedly 
reduce overall audio distortion in the stage overall, and produces very clean and low distortion audio quality and 
also reduces the output impedance considerably (good for tuner applications), so take your pick! 


Regards, Felix vk4fug 02/06/2013. 


UPDATE - JANUARY 2014 
A simple modification to the basic FET ‘infinite impedance’ AM detector that dramatically improves 
performance. 
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G'day all, over the Christmas break just messing around | worked out (mostly by accident), a simple modification for 
the simple FET based ‘infinite impedance’ detector circuit that dramatically improves weak signal performance and 
also greatly reduces audio distortion. 


Essentially by the addition of another FET ‘buffer’ stage, another source follower, capacitively coupled from the first 
detector stage. The circuit is actually a simplified version of the circuit that | described in this link, 
http://sound.westhost.com/articles/am-radio.htm (figure 6) and testing the two head to head, they both sound 
superb and the simpler version is actually somewhat easier to build. | cannot get over how low distortion and ‘nice’ 
the recovered audio sounds. It is a joy to listen to! 
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Regards, Felix vk4fug 12/01/2014. 


Diodes for ‘weak signal’ crystal set applications. 


As | am primarily interested in using crystal sets as AM tuners for feeding into a preamplifier/amplifier and 
loudspeakers, the actual type of diode can be relatively critical. In a strong signal area, not so much, but in a weak 
signal area such as where | reside, definitely. A diode with a good ‘square law’ performance (the area below the 
‘knee’ in the diode curve), generally results in much cleaner and lower distortion than other good performing diodes, 
and believe me diode distortion under weak conditions, even with optimised diode ‘buffering’ used is very nasty 
sounding to the ear! 


Testing many, many diodes in actual working crystal sets and listening critically to the audio output, it seems to me 

that the best diodes to use under weak signal conditions are the so called ‘gold bonded’ germanium diodes. | have 
sampled many different gold bonded germanium diodes and they all work well in this specific application, although 

sometimes the rectified output voltage may not be as high as other germanium or silicon schottky diodes, however 
the audio quality is much cleaner and shows much less apparent distortion! 


| have tried OAS, OA47, IN141 and several ‘CG’ gold bonded germanium diodes with consistently excellent results. 
Other ‘ordinary’ germanium diodes may also work well under weak signal conditions, but they will need to be tested 
individually to check actual performance in a working circuit. One thing that | have noticed about germanium diodes 
is that due the ‘point contact’ nature of their construction, even diodes of the same specific type can exhibit rather 
different levels of performance! 


The otherwise very good BAT46 silicon schottky diode works extremely well at good RF input level but not so well 
at weak RF input, especially when heavy broadcast ‘processing’ (commonplace these days), is used. New ‘gold 
bonded’ germanium diodes are probably no longer made although | am aware that they can be purchased through 
vendors over the internet. Apart from that, they may be found in old gear. As stated earlier, ordinary germanium 
diodes may be quite good but will need to be checked individually. Diodes are complex things! 


Felix (vk4fuq). 29/01/2014. 
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Just when | thought that I’ve tried everything | realised that I’ve not tried a voltage doubler (diode integrator) 
detector with an RF stage in front. It is an unfortunate fact that all diode detectors ‘need’ a good RF injection level 
(and buffering) or audio distortion becomes ‘bad’ (an understatement!) 


Consider yourself very lucky if you live in a strong signal area! (unfortunately | don't). Anyway | quickly built a 
couple of prototypes which worked ok but not as well as hoped. Initially | tried using a source follower buffer (no 
voltage gain), but converting it to a common source amplifier (with appreciable voltage gain), seemed no better, 
which was strange. 


After staring at my prototype for what seemed like forever with my magnifiers on, | (finally) realised my mistake. A 
common source stage takes its output off the ‘drain’ terminal of the FET, not the ‘source’ terminal as it does with the 
FET source follower buffer stage. | shifted one wire, and all worked as expected and it sounds fantastic! All diode 
detectors (one diode envelope detectors, doubler detectors etc), need good RF input and a simple untuned FET RF 
gain stage works very well. As to the sound, it sounds great. 


73 vk4fuq 10/03/2014. 
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12/03/12 
Felix Scerri's FET Crystal Set with Voltage Doubler 

A "nice sounding' AM detector - update October 2015 
Looking through these pages the other day I was slightly shocked to realize that lve completely forgotten about 
some of the circuits that I’ve contributed in earlier days! They all work pretty well, however in my advancing older 
age and a little like my tastes in high fidelity generally, I'm starting to show a particular preference for ‘nice 
sounding bits of audio gear. 
| guess that this also means low noise/low distortion too, although with AM broadcasting, at least in this country and 
probably elsewhere in the world too, the very common use of broadcasting ‘processing’ tends to make it hard for 
AM detectors generally, often resulting in a ‘hard/compressed’ sort of sound although still low in distortion, is not 
‘nice sounding’, if that makes any sense! 
Well of all the AM detectors that I’ve tried and/or developed, only one sounds ‘nice’ when confronted by heavy 
broadcast processing and that is an AM detector ‘based’ on a voltage doubler/diode integrator circuit (similar to the 
above circuit, actually the 68 pf capacitor should be changed to .1 uf, for slightly greater output). 
It has taken me a very long time (years) to ‘optimise’ this circuit, but as it presently stands this is my favourite ‘nice 
sounding AM detector, and gets most use for general high quality listening on the AM broadcast band. It sounds 
really good! It somewhat reminds me of an old OA47 gold bonded diode detector from years ago before such 
abhorrent ‘processing became commonplace! 
Ah yes the OA4/7....now that is a lovely sounding detector diode! 


Regards, Felix vk4fug. 17 / 10 / 2015. 
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That's it for crystal sets. | hope you try building one, it's easy and great fun! 
See some useful links below.... 


13's 
Mike 


Crystal Sets (Part1) | Build Your Own Crystal Set (Part 2) 
Spider's Web Crystal Set (Part 3) | Crystal Set By Kenneth Rankin (Part 4) | Crystal Radio Links 
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Amateur Radio 


M@MTJ Visit my amateur radio pages MØMTJ 


Visit my Amateur Radio Pages > 


No AM radio stations or transmitters in your locality or country? 


AM Transmitter 


Has your local medium wave broadcast station closed or been moved to VHF/FM or Digital? Don't worry. You can 
still build and experiment with crystal sets and TRF radios by also buying or even building a simple low power AM 
transmitter. So, not only can you use your crystal sets but you can also run your own radio station that can be 
heard in and around your home - playing the music or programmes that you want to hear! 


SSTRAN AMT3000 Superb high fidelity medium wave AM transmitter kits from SSTRAN. Versions available for 
10kHz spacing in the Americas (AMT3000 or AMT3000-SM) and 9kHz spacing in Europe and other areas 
(AMT3000-9 and AMT3000-9SM). Superb audio quality and a great and well designed little kit to build: 


http://www.sstran.com/pages/products.html 


MCCLELATIONH COMPRESSION 


‘i 


http://www.sstran.com/ 
Other AM transmitters available: 


Spitfire & Metzo Complete, high quality ready built medium wave AM Transmitters from Vintage Components: 
http: //www.vcomp.co.uk/index.htm Vintage Components offer a choice of the high quality Spitfire and Metzo 
transmitters: 


SPITFIRE AM Medium Wave Transmitter with 100 milliwatt RF output power: 


pu A 
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hitp://www.vcomp.co.uk/spitfire/spitfire.htm 
Spitfire 


AM Transmitter 


11/1/2017 


METZO AM Medium Wave Transmitter with built in compressor: 


http://www.vcomp.co.uk/metzo/metzo.htm 


AM88 LP A basic AM transmitter kit from North County Radio. 
http://www.northcountryradio.com/Kitpages/am88.htm 


LINKS: Fine links to more Crystal Radio websites here 


Component Suppliers: Links to electronic component suppliers here 


Amateur Radio 


M@MTJ Visit my amateur radio pages MØMTJ 


Visit my Amateur Radio Pages > 


Crystal Sets (Part1) | Build Your Own Crystal Set (Part 2 
Crystal Set By Kenneth Rankin (Part 4) | Crystal Radio Links 


Spider's Web Crystal Set (Part 3) | 


^Top Of Page 


Home | Contact | Site Map | Radio Stations & Memorabilia | Amateur Radio 


Crystal Sets Introduction | Resistor & Capacitor Conversion Tables 


www.mds975.co.uk © 2004 - 2015 


http://www.mds975.co.uk/Content/crystalsets5.html 21/21 


5/9/2018 RF field strength meter 


May 9 2018, 4:29:05 pm 


MY WEATHER STATION, BY DIMITRIS 
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| p| Position: 38° 00.58' NORTH / 23° 42.04' EAST h 
" Ma T Elevation: 63 meters Click to enable 
= E contact me at meteo@otenet.gr Adobe Flash Player 


Lightnings External Data F | 3 My Projects ¥ | Knowledge *¥ | Friendly Sites | Photo Album F | Guestbook 


SWITCH TO CONTENTS 


RF field strength meter version 1. 


| made a RF simple field strength meter for test the remote control from doors ,alarm e.t.c at frequency VHF-UHF, i used one yA meter ,2 diodes ,2 ceramic 
capacitors,a potentiometer,a box ,and one telescopic antenna.When press the button at remote control,output there is small current RF,where with this 
simple circuit ,easy i can to know if remote controls it work or no. 


Here it is the electronic material,without yet the 


Here it is the plastic box,i have open holes for yA 


potentiometer 47 Kohm, 2 capacitor 18 pF,2 diodes BAT meter ,and i have touch the telescopic antenna 


41,and a pA meter 


Here it is the electronic design 


he aS — Th este $5 
Ps M ’ f 


es 


Here with slo E components it is Here it is the sensitivity test 


Here it the test with remote temperature /humidity It is ready Ready with full open telescopic antenna 
sensor 


Click over to photo for to see a video about it 


http://users.otenet.gr/-meteo/project_rf-field-strength-meter.html 1/3 


5/9/2018 RF field strength meter 


Click here dinil to see video 
4 


= 


Cli ick here for to see video 


RF field strength meter version 2. 


| made a second version. The electronic design i saw from Here. 


Here i added this electronic material.One transistor JFET 
2N3819,one diode germanium AA119,one cap 100 
pF,one resistor 3,3 Mohm,one clip 9 volt battery,one 

battery 9 volt,one switch on-off,and one inductor over 
ferrite 1,82 uH. 


Here it is a electronic design.| left the old 
potentiometer 47 kohm and the yA meter 100 pA. 


| use a coil over to ferrite about 1,82 uH (i 
removed little coil for it is about 1,82 uH) 


Here i added a switch on-off,and i eee nee the aerial 
| From thectherside, o the other side. 
antenna to eee nee side. 


RF | RF field strength meteritis ready | Here i make a test with out remote sensor from weather 
ield | RF field strength meteritis ready | meter, lt is ready station at frequency 433 Mhz 


04012012 


Here i make a test with mobile phone 1,8 Ghz. Click here for you see a video 


http://users.otenet.gr/-meteo/project_rf-field-strength-meter.html 2/3 


5/9/2018 RF field strength meter 


Click here for you see video, 
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click here for you see video 
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PHGN 300 
Crystal Radio 
(in 45 minutes) 
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Crystal Radio in 45 minutes. 
Work in groups of 4. 


2 people should assemble the radio and connect the 
ground wire. 


2 people should string the antenna 


If you get your radio to work using the GeAs diode, 
Try the Gallinium + Cat Whisker 


Return everything the way you found it before leaving 
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The radios must have a good ground connection and a long antenna. 
Long means 100'-200” of antenna wire outside. 200’ is better 


Two possible routes are p A 
shown here. Use one. Kafadar 
Omma hs 


Attach to tree branches you W i 
can reach. 


When crossing a sidewalk, 
make it high so pedestrians 
don’t have to duck (they 
won't). 


You will take antenna down 
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C. Edholm: "Picks Power from Air" (Technology World Magazine, 1912 ? ) 

Dr L. Hirshberg: "Electricity from Air New Great Discovery (Modern Electrics, 1914 ? ) 
Roy J. Meyers: British Patent + 1098 (1913) -— Improvements in and Relating to 
Apparatus for Producing Electricity (PDF Format, requires Adobe Reader) 


R. J. Meyers: British Patent + 1098 (1913) —- Transcription w/ enlarged figures 


Notes & Comments 


R. J. Meyers: British Patent + 1098 (1913) —- JPG version 


Technology World Magazine, p. 279-281 (Year unknown, apparently circa 1912; another 
article about Meyers appeared in the November 1912 issue of Electronic World) 


"Picks Power from the Air" 


by 


Charlton Lawrence Edholm 


A remarkable scene took place in the legislature of Arizona this spring when the lawmakers 
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enthusiastically voted for the parole ofa certain convict in the State penitentiary, granting him a 
leave of absence for 30 days and by means of private contributions raising a fund to defray his 
expenses to Washington DC and return. 


The prisoner, Roy J. Meyers, is serving a 3-1/2 year sentence, but in spite of the fact that he bears 
the stigma of a convicted lawbreaker, he has demonstrated that a convict can be a useful member 
of society. During his imprisonment he perfected an electrical device of such original character as to 
arouse feelings of wonder and skepticism until experts had seen it m actual operation. It 1s a device 
to draw electricity from the atmosphere for light and power, and the 30-day parole was granted in 
order that the inventor might protect his rights through the patent office at Washington. 


With the acquiescence of the legislature, Governor Hunt granted the parole and the prisoner was 
allowed to go free without any guard or any assurance but his word of honor that he would return. 
Two days before the period had elapsed, Meyer again presented himself before the governor, 
having accomplished his mission, and then returned to the penitentiary at Florence, where he 
continues to serve his sentence. 


This, in brief, is the picturesque story which has called attention of the civilized world to a newly 
discovered electrical genius, and to another feature of the case which is of equal importance and 
human interest; namely, the enlightened policy pursued by our youngest State in its treatment of 
convicts... 


Before entering the prison, Meyer had already applied for various patents, among them one for an 
improved trolley wheel head which prevents the trolley wheel from jumping the wire. Meyers had a 
conference with Superintendent Sims and Parole Clerk Sanders, and it was to these gentlemen that 
the inventor first explained the principles of his new device for securing electrical energy from the 
air. The officials were willing to give the man the opportunity to develop his plan and a little wooden 
building outside the walls was turned over to Meyers and was fitted up as a workshop and a 
laboratory. The first demonstration of the new apparatus was made shortly thereafter, the electricity 
drawn from the atmosphere being used to spark the gas engines of the pump house, and although 
the device was crude yet it did the work, and removed the doubts of his friends. Furtter 
development of the "absorber" followed, and his second model was constructed, and developed 8 
volts. The machine came to the attention of the remarkable woman who brought his name before 
the legislature. 


This was Miss Kate Barnard, State Commissioner of Charities and Corrections of Oklahoma, who 
was a guest of Mr. Sims, while studying prison conditions. She saw the machine at work, became 
familiar with the facts of Meyers' case, and was impressed by his rather blunt and unaffected 
personality, for Meyers has nothing of the polish or glibness of the poseur. He is a simple, earnest 
student of mechanical problems and not the sort of man to make a sentimental appeal for sympathy 
because of any grace of person or manner. Therefore it was the value of Meyers' invention, 
together with his essential integrity (in spite of his lapse) which so strongly impressed Miss Barnard 
that when she appeared before the Arizona legislature not long afterwards, addressing that body on 
the need of enlightened legislature along the line of her own work, she told the story of Roy Meyers 
and his epoch-makmg invention. 


So, early in May, Meyers set out for Washington, unaccompanied. 


In his own words: "When I arrived in Washington and laid my plans before the patent office 
experts, they merely smiled and told me that I would have to build a model and demonstrate my 
claims --- that it seemed strange that I, unknown as I am in the electrical world, should have 
accomplished the things for which Edison, Tesla and other experts have been striving for years. 
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"They could grasp the meaning of my drawings nor the explanation I tried to make to them. There 
was little time to spare, as I had only 20 days left of my leave, but I set to work m a few days was 
able to take a crude model around to the patent office to make a demonstration. 


"Arriving at the patent office I telephoned to a friend who had been so kind as to introduce me and 
aid me in reaching the proper officials. The absorber was hoisted on two short poles and made to 
work. While they were as yet unable to understand the principles involved and hardly willing to 
believe their eyes, they were forced to admut that I had something new and different, and they told 
me that there would be no further objection; that I might file my application without further delay. 


"I hope to construct my first large machine right here m Phoenix. I feel grateful; to Governor Hunt 
and others for what they have done for me and to the help they have given in securmg protection I 
might not otherwise have had, and I am desirous of demonstrating this gratitude. I am gomg back to 
Florence today to resume the serving of my sentence, which will expire in 10 months. Then, here in 
Phoenix, I will begin the work of making my machines." 


While there are some details of the device which the inventor refuses to make public, yet there are 
many general features that may be explained. It is planned that the machine, to be set up in Phoenix, 
will generate sufficient power to light the city, and will consist of a 200 foot tower upon which is 
placed the "absorber". The latter consists of a series of magnetized steel plates set in a circle (the 
manner of preparing them is kept secret) and this mechanism attracts the electricity from the 
atmosphere. This is carried by wires to a transformer in the engine house below and thence 1s 
applied to produce either power or light after the usual manner. 


In an authorized statement Meyers says: "The flow of electricity is constant. When it emerges into 
the transformer it is in the form ofa direct current. It will absorb the electricity day and night and will 
work whenever the wireless will work. I can put up a plant to supply such a building as the Adams 
Hotel for about $1500, and one of the principal items of the expense is the cost of the towers, the 
wires, the magnetizing of one set of plates, which is part of the secret of the treatment which makes 
it respond to the accumulations of the atmosphere. 


"For use in the case of an electrical storm I have made what I call a modified form of circuit 
breaker, such as is commonly used as a lightning arrester on telegraph lines. In case of a storm the 
accumulator would suddenly become overcharged, possibly, and as the electricity would not of 
itself flow back into the air, the result might be disastrous. So I send it down into the ground, 
whenever the voltage rises above a certain amount." 


Roy J. Meyers & the "Absorber" 
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Modern Electronics (1914 ?) 


Electricity From Air New Great Discovery 
by 


Dr Leonard Keene Hirshberg 


Working quietly in the heart of Baltimore for weeks on an invention which some critics say will 
revolutionize the method of converting electricity to practical use has been Roy J. Meyers, who like 
Benjamin Franklin, extracts the electric current from the air. 


Mr Meyers invention was made last summer while he was confined in the penitentiary at Florence, 
Arizona. His first finished apparatus was made in Baltimore. 


A practical, unlettered electrician, Mr Meyers, while in Arizona, was arrested on a comparatively 

minor charge and sent to the penitentiary. There he was placed in charge of the prison electrical 

plant, and there he says he made his discovery that the current which the civilized world is beginning 

to use most extensively for light and power could be transformed from the atmosphere without the 
www.rexresearch.com/meyers/meyers.htm 4/26 


12/28/2009 Roy J. Meyers: Absorber (Atmospheric El... 
aid of moving machines or batteries. 


Miss Kate Barnard, Commissioner of Charities and Corrections, of Oklahoma, hearing of Meyers’ 
invention and of his desire to have it patented, appeared before the Arizona Legislature to make an 
appeal in behalf of the young convict. As a result a special bill was passed which granted Meyers a 
month’s leave of absence on parole. He went unaccompanied to Washington, filed his patent 
applications and returned to the penitentiary. Since then he has been indefinitely paroled. 


He came to Baltimore as the place where he could easily obtain the mechanical parts needed to 
make a more nearly perfect machine than the crude model he has fashioned in the penitentiary 
workshop, and is making his headquarters here while working on his invention. With him is W.E. 
Chenot, who has been his assistant in assembling and testing the machine and who says that he has 
bought Meyers’ patent rights for Germany. 


They have proved beyond doubt that the invention is practical and that when finally brought to a 
state of perfection it will mtroduce a new epoch in the industrial use of electricity. By Westinghouse 
meters they tested the strength of the current gathered from the air, and with the use of only two of 
the four rectifying transformers the voltmeter recorded four and one-half volts, and the ammeter, 
which had the capacity of recordmg 75 amperes, was broken by the force of the current. 


The machine itself is simple. It is in reality a transformer, which is familar to anyone knowing 
anything at all about electricity in its practical uses. On a high tripod, which resembles somewhat the 
framework of a windmill tower, is the transformer, which Mr Meyers calls his ‘absorber’. It 1s made 
up of an iron core, wrapped with copper wire. The secret of the invention is the manner in which 
the disks composing this ‘absorber’ are magnetized, and this secret Meyers says he found by 
accident while at work in prison. 


What the machine, when finally perfected, will do is yet to be seen. Its inventor claims that it will 
greatly reduce the cost of making electricity. No batteries of any kind are needed, he says, and not 
a part of the machine turns upon the other. It is as durable, apparently, as an electric light pole. One 
of these machines, says Meyers, when perfected may be placed ona vehicle and transform enough 
electricity to give motive power, be that vehicle a locomotive or an automobile. He declared it can 
be placed on a building to furnish electric lights or power, and that the only wear will be upon the 
machinery which its current runs. 


Meyers is 34 years old and he gained his knowledge of electricity by working in shops along the 
Pacific Coast. The depths of the mysteries of electricity he has not explored, but he is certain that he 
has found the means of absorbing it from the air and of converting it to the use of mankind. 


British (GB) Patent # 191301098 
Improvements in and Relating to Apparatus for Producing Electricity. 
1-14-1914 
Roy Jerome Meyers 


Classification: - international: HOSF 7/00; HOSF7/00; - european: HOSF7/00 

Application number: GBD191301098 19130114 

Priority number(s): GBT191301098 19130114 

Abstract ~ Vapour apparatus, arrangements of. - A rectifier for use with apparatus for producing 
electricity from the earth consists of mercury- vapour lamps constructed and arranged as shown in 
Fig. 4. Each lamp comprises two wires 6<1>, 7<1> wound around a steel tube 15 surrounding a 
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mercury tube 11 preferably of copper. The coil 6<1> is connected between the electrode 14 and 
the terminal 18, and the coil 7<1> between the terminals 19, 5. The coils 6<1>, 7<1> are 
preferably composed of soft iron. Reference has been directed by the Comp- troller to 
Specifications 16,709/87, 14,033/99, and 5457/11, [all in Class 53, Galvanic batteries], and 
15,412/06. 


British Patent # 1098 


(January 14, 1913) 
Improvements in and Relating to Apparatus for Producing Electricity 


Roy Jerome Meyers 


This invention relates to improvements in apparatus for the production of electrical currents, and the 
primary object in view 1s the production of a commercially serviceable electrical current without the 
employment of mechanical or chemical action. To this end the invention comprises means for 
producing what I believe to be dynamic electricity from the earth and its ambient elements. 


I am, of course aware that it has been proposed to obtain static charges from upper strata of the 
atmosphere, but such charges are recognized as of widely variant potential and have thus far proved 
of no practical commercial value, and the present invention is distinguished from all such apparatus 
as has heretofore been employed for attracting static charges by the fact that this improved 
apparatus is not designed or employed to produce or generate irregular, fluctuating or other 
electrical charges which lack constancy, but on the other hand I have by actual test been able to 
produce from a very small apparatus at comparatively low elevation, say about 50 or 60 feet above 
the earth’s surface, a substantially constant current at a commercially usable voltage and amperage. 
This current I ascertained by repeated tests is capable of being readily increased by additions of the 
unit elements in the apparatus hereinafter set forth, and I am convinced from the constancy of the 
current obtained and its comparatively low potential that the current is dynamic and not static, 
although, of course, it is not impossible that certain static discharges occur and, in fact, I have found 
occasion to provide against the damage which might result from such discharge by the provision of 
lightning arresters and cut-out apparatus which assist in rendering the obtained current stable by 
eliminating sudden fluctuations which sometimes occur during conditions of high humidity from what 
I consider static discharges. The nature of my invention is obviously such that I have been unable to 
establish authoritatively all of the principles involved, and some of the theories herein expressed may 
possibly prove erroneous, but I do know and am able to demonstrate that the apparatus which I 
have discovered does produce, generate, or otherwise acquire a difference of potential representing 
a current amperage above stated, or varied therefrom at the will of the operator according to the 
uses which the current is to be subjected. 


The mvention comprises generically means for producing electrical currents of serviceable potential 
substantially without the employment of mechanical or chemical action, and in this connection I have 
been able to observe no chemical action whatever on the parts utilized although deterioration may 
possibly occur in some of the parts, but so far as I am able to determine such deterioration does 
not add to the current supply but is merely incidental to the effect of climatic action. 


The mvention more specifically comprises the employment of a magnet or magnets and a co- 
operating element, such as zinc disposed adjacent to the magnet or magnets and connected in such 
manner and arranged relative to the earth so as to produce current, my observation being that 
current is produced only when such magnets have their poles facing substantially to the north and 
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south and the zincs are disposed substantially along the magnets. 


The invention also comprehends other details of construction, combinations and arrangements of 
parts as will hereinafter be fully set forth and claimed. 


In the accompanying drawings: 


Figure | 1s a top plan view of an apparatus embodying the features of the present invention, the 
arrow accompanying the figure indicating substantially the geographical north, parts of the figure 
bemg diagrammatic for condensing the showing. 
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Figure 2 is a view is side elevation of the parts seen in plan m Figure 1. 
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Figure 3 is a vertical section taken on the plane indicated by the line 3-3 of Figure 2 and looking in 


the direction indicated by the arrow. 
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Figure 4 is a detail view partly in elevation and partly in section showing the detail connections of 


the converter and intensifier. 
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Figure 5 is a transverse section taken on the planes indicated by line 5-5 of Figure 4 and looking 


downwardly. 


10/26 


Figure 6 1s an enlarged detail fragmentary section illustrating the parts at the juncture of the 
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conductors and one of the intensifiers. 


Figure 7 is an enlarged detail view partly in elevation and partly in section of one of the automatic 
cut-outs and 


Figure 8 1s a diagrammatic view of one of the simplest forms of embodiment of the invention. 
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TO RECTIFIER 


Referring to the drawing by numerals, 1,1 indicates magnets connected by a magnetic substance 2, 
preferably an iron wire. The magnets 1 are arranged in pairs, one pair being spaced beneath the 
other, and interposed between the magnets are zinc plates 3,3 connected by an iron wire conductor 
4. Suitable insulating supports 5 are arranged for sustaming the respective magnets | and plates 3,3. 
Each plate 3 is preferably bent substantially into V form, as clearly seen in Figure 1, and the V1 of 
one of the plates opens or faces toward the north and the V of the other plate to the South. I have 
determined by experimentation that it is essential that the plates 3 be disposed substantially north 
and south with their flat faces approximately parallel to the adjacent faces of the co-operating 
magnets, although by experience I have not discovered any material difference in the current 
obtained when the plates are disposed slightly to one side of north and south, as for instance when 
the plates are disposed slightly to one side of north and south, as for instance when disposed in the 
lne of the magnetic polarity of the earth. The same is true with respect to the magnets 1, the said 
magnets being disposed substantially north and south for operative purposes, although I find that it 
is immaterial whether the north pole of one of the magnets 1s disposed to the north and the south 
pole to the south, or vice versa, and it is my conviction from experience that it is essential to have 
the magnets of each pair connected by magnetic material so that the magnets substantially become 
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one with a pole exposed to the north and a pole exposed to the north. In Figure 1, I have indicated 
in full lines by the letters 8 and N the respective polarities of the magnets 1, and have mdicated in 
dotted lines the other pole of those magnets when the connection 2 is severed. I have found that the 
magnets and zinc plates operate to produce, whether by collection or generation I am not certain, 
electrical currents when disposed substantially north and south, but when disposed substantially east 
and west no such currents are produced. I also find that the question of elevation is by no means 
vital, but it is true that more efficient results are obtained by placing the zincs and magnets on 
elevated supports. I furthermore find from tests that it is possible to obtam currents from the 
apparatus with the zincs and magnets disposed in a building or otherwise enclosed, although more 
efficient results are obtamed by having the said elements arranged in the open. 


While in Figures 1, 2, and 3, I have shown the magnets and the zinc plates as superimposed, tt will 
be apparent, as heremafter fully set forth, that these elements may be juxtaposed in horizontal 
planes, and substantially the same results will be secured. Furthermore, the magnets 1 with the 
interposed zincs 3, as shown in Figures 1, 2 and 3 merely represent a unit which may be repeated 
either horizontally or vertically for increasing the current supply, and when the unit is repeated the 
zinc plates are arranged alternating with the magnets throughout the entire series as hereinafter 
indicated. 


A conductor 6 is connected in multiple with the conductors 2 and a conductor 7 is connected with 
conductor 4, the conductor 6 extending to one terminal of a rectifier which I have indicated by the 
general reference character 8, and the conductor 7 extending to the other termmal of said rectifier. 
The rectifier as seen in diagram in Figure 1 may assume any of several well known embodiments of 
the electrical valve type and may consist of four asymmetric cells or Cooper- Hewitt mercury vapor 
lamps connected as indicated in Figure | for permitting communication of the positive impulses from 
the conductor 6 only to the line conductor 9 and the negative impulses from conductor 6 on only to 
the line conductor 10. The current from this rectifier may be delivered through the conductors 9 and 
10 to any suitable source for consumption. 


While the said rectifier 8 may consist of any of the known types, as above outlined, it preferably 
consists of a specially constructed rectifier which also has the capacity of intensifying the current and 
comprises specifically the elements shown in detail in Figures 4, 5, and 6 wherein I have disclosed 
the detail wiring of the rectifier when composed of four of the rectifying and intensify in elements 
instead of asymmetric cells or simple mercury vapor valves. As each of these structures is an exact 
embodiment of all the others, one only will be described, and the description will apply to all. The 
rectifying element of each construction consists of a mercury tube 11 which is preferably formed of 
glass or other suitable material, and comprises a cylinder having its end portions tapered and each 
terminating in an insulating plug or stopper 12. Through the upper stopper 12 is extended the 
electrode 13 which extends well into the tube and preferably substantially one-half the length thereof 
to a point adjacent the inner end of an opposing electrode 14 which latter electrode extends thence 
downwardly through the insulation 12 at the lower end of the tube. The tube 11 is supplied with 
mercury and is adapted to operate on the principle of the mercury vapor lamp, serving to rectify 
current by checking back impulses of one sign and permitting passage of impulses of the other. To 
avoid the necessity for utilizmg a starter, as is common with the lamp type of electrical valve, the 
supply of mercury within the tube may be sufficient to contact with the lower end of the electrode 

13 when current is not being supplied, so that as soon as current is passed from one electrode to 
the other sufficiently for volatilizing that portion of the mercury immediately adjacent the lower end 
of electrode 13, the structure begins its operation as a rectifier. The tube 11 1s surrounded by a tube 
15 which is preferably spaced from tube 11 sufficiently for allowing atmospheric or other cooling 
circulation to pass the tube 11. In some instances, it may be desirable to cool the tube 11 by a 
surrounding body of liquid, as heremafter indicated. The tube 15 may be of insulating material but I 
find efficient results attained by the employment ofa steel tube, and fixed to the ends of the of the 
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tube are insulating disks 16, 16 forming a spool on which are wound twin wires 6“ 1 and 7^1, the 
wire 6^1 being connected at the inner helix of the coil with the outer end of the electrode 14, the 
lower portion of said electrode being extended to one side of the tube 11 and passed through an 
insulating sleeve 17 extending through the tube 15, and at its outer end merging into the adjacent 
end of the wire 6 1. The wire 7^1 extends directly from the outer portion of the spool through the 
several helices to a pont adjacent the juncture of the electrode 14 with wire 6^1 and thence 
extends in mechanical parallelism with the wire throughout the coil, the wire 6^1 ending in a terminal 
18 and the wire 7^1 ending in a terminal 19. For the sake of convenience of description and of 
tracing the circuits, each of the apparatus just above described and herein known as an intensifier 
and rectifier will be mentioned as A, B, C and D, respectively. Conductor 6 is formed with 
branches 20 and 21 and conductor 7 1s formed with similar branches 22 and 23. Branch 20 from 
conductor 6 connects with conductor 741 of intensifier B and branch 21 of conductor 6 connects 
with the conductor 741 of intensifier C, while branch 22 of conductor 7 of mtensifier C, while 
branch 22 of conductor 7 connects with conductor 7^1 of intensifier D. A conductor 27 1s 
connected with terminal 19 of intensifier A and extends to and is connected with the terminal 18 of 
intensifier C, and a conductor 7 connects with conductor 7^1 of mtensifier D. A conductor 27 is 
connected with terminal 19 of intensifier A. and extends to and is connected with terminal 18 of 
intensifier C, and a conductor 28 is connected with the termmal 19 of mtensifier C and extends from 
the terminal 19 of intensifier B to the terminal 18 of intensifier D to electrode 13 of intensifier B. 
Each electrode 13 is supported on a spider 131 1 resting on the upper disk 16 of the respective 
intensifier. Conductors 31 and 32 are connected with the terminals 18 of intensifiers A and B and 
are united to form the positive line wire 9 which co-operates with the negative line wire 10 and 
extends to any suitable point of consumption. The lne wire 10 is provided with branches 35 and 36 
extending to the electrodes 13 of intensifiers C and D for completing the negative side of the circuit. 


Thus it will be seen that alternating currents produced in the wires 6 and 7 will be rectified and 
delivered in the form of a direct current through the line wires 9 and 10, and I find by experiment 
that the wires 6 and 7 should be of iron, preferably soft, and may of course be insulated, the other 
wiring not specified as iron being of copper or other suitable material. 


In carrying out the operation as stated, the circuits may be traced as follows: A positive impulse 
starting at the zincs 3 is directed along conductor 7 to branch 23 to conductor 7^1 and the winding 
of the rectifier of intensifier B through said rectifier to the conductor 6^1, through the winding 
thereof to the contact 18, conductor 32 and to the line wire 9. The next or negative impulse 
directed along conductor 7 cannot find its way along branch 23 and the circuit just above traced 
because it cannot pass across the rectifier of intensifier B but instead the negative impulse passes 
along conductor 22 to conductor 7 of mtensifier A and the winding thereof to the contact 19 and to 
conductor 27 to contact 18 of intensifier C, to the winding of the wire 6^1 thereof to the electrode 
14 through the rectifier to the of the electrode 13 and conductor of intensifier A, electrode 14 
thereof and conductor 6% 1 to contact 18 and wire 31 to line wire 9. Obviously the positive impulse 
cannot pass along the wire 20 because of its inverse approach to the rectifier of intensifier B. The 
next impulse or negative impulse delivered to conductor 6 cannot pass along conductor 21 because 
of its connection with electrode 13 of the rectifier of intensifier A, but instead passes along 
conductor 20 to the wire 7^1 and its winding forming part of intensifier B to the contact 19 and 
conductor 29 to contact 18 and the winding of wire 6^1 of mtensifier D to the electrode 14 and 
through the rectifier to the electrode 13 and conductor 35 to lne wire 10. Thus the current is 
rectified and all positive impulses directed along one line and all negative impulses along the other lie 
s that the potential difference between the two lines will be maximum for the given current of the 
alternating circuit. It is, of course, apparent that a less number of intensifiers with their 
accompanying rectifier elements may be employed with a sacrifice of the impulses which are 
checked back from a lack of ability to pass the respective rectifier elements, and in fact I have 
secured efficient results by the use of a single intensifier with its rectifier elements, as heremafter set 
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forth. 


Grounding conductors 37 and 38 are connected respectively with the conductors 6 and 7 and are 
provided with the ordinary lightning arresters 39 and 40 respectively for protecting the circuit 
against high tension static charges. 


Conductors 41 and 42 are connected respectively with the conductors 6 and 7 and each connects 
with an automatic cutout 43 which is grounded as at 4. Each of said automatic cutouts is exactly like 
the other and one of the same is shown in detail in Figure 7 and comprises the inductive resistance 
45 provided with an insulated binding post 46 wit which the respective conductor 6 or 7 1s 
connected, said post also supporting a spring 48 which sustains an armature 49 adjacent to the core 
of the resistance 45. The helix of resistance 45 is connected preferably through the spring to the 
binding post at one end and at the other end is grounded on the core of the resistance, the said core 
being grounded by ground conductor 44 which extends to the metallic plate 52 embedded in moist 
carbon or other inductive material buried in the earth. Each of the conductors 41, 42 and 44 is of 
iron, and in this connection I wish it understood that where I state the specific substance I am able 
to verify the accuracy of the statement by the results of tests which I have made, but of course I 
wish to include along with such substances al equivalents, as for instance, where iron is mentioned 
its byproducts, such as steel, and its equivalents such as nickel and other magnetic substances are 
intended to be comprehended. The cutout apparatus seen in detail m Figure 7 1s employed 
particularly for msurmg against high tension currents, it being obvious from the structure shown that 
when potential rises beyond the limit established by the tension of the spring sustaming the armature 
40, the armature will be moved to a position contacting with the core of the cutout device and 
thereby directly close the ground connection for lne wire 41 with conductor 44, eliminating the 
resistance of winding 45 and allowing the high tension current to be discharged to the ground. 
Immediately upon such discharge the winding 45 losing its current will allow the core to become 
demagnetized and release the armature 49 whereby the ground connection is substantially broken 
leaving only the connection through the winding 45 the resistance of which is sufficient for insuring 
against loss of low tension current. 


In Figure 8 I have illustrated an apparatus which though apparently primitive in construction and 
arrangement comprehends the first successful embodiment which I produced in the course of 
discovery of the present mvention, and it will be observed that the essential features of the invention 
are therein disclosed. The structure delineated in said figure consists of horseshoe magnets 54, 55, 
one facing north and the other south, that is, each opening in the respective directions indicated and 
the two being connected by an iron wire 55 which is uninsulated and wrapped about the respective 
magnets each end portion of the wire 55 being extended from the respective magnets to and 
connected with, as by being soldered to, a zinc plate 56, there being a plate 56 for each magnet and 
each plate being arranged longitudinally substantially parallel with the legs of the magnet and with the 
faces of the plate exposed toward the respective legs of the magnet, the plate bemg thus arranged 
endwise toward the north and south. An iron wire 57 connects the plates 56, the ends of the wire 
being preferably connected adjacent the outer ends of the plates but from experiment I find that the 
wire may be connected at practically any pomt to the plate. Lead wires 58 and 59 are connected 
respectively with the wires 55 and 57 and supply an alternating current at a comparatively low 
tension, and to control such current the wires 58 and 59 may be extended to a rectifier or combined 
rectifier and intensifier, as above set forth. 


The tests which I have found successful with the apparatus seen in Figure 8 were carried out by the 
employment first of horseshoe magnets approximately 4 inches in length, the bar comprising the 
horseshoe being about one inch square, the zincs being dimensioned proportionately and from this 
apparatus with the employment of a single intensifier and rectifier, as above stated, I was able to 
obtain a constant current of 8 volts. 
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It should be obvious that the magnets forming one of the electrodes of this apparatus may be 
permanent or may be electromagnets, or a combination of the two. 


While the magnets mentioned throughout the above may be formed of any magnetic substance, I 
find the best results obtained by the employment of the nickel chrome steel. 


While the successful operation of the various devices which I have constructed embodying the 
present invention have not enabled me to arrive definitely and positively at fixed conclusion relative 
to the principles and theories of operation and the source from which current is supplied, I wish it to 
be understood that I consider myself as the first inventor of the general type hereinbefore described 
capable of producing commercially serviceable electricity, for which reason my claims heremafter 
appended contemplate that I may utilize a wide range of equivalents so far as concerns details of 
construction suggested as preferably employed. 


The current which I am able to obtain is dynamic in the sense that it is not static and its production is 
accomplished without chemical or mechanical action either incident to the actual chemical or 
mechanical motion or incident to changing caloric conditions so that the elimination of necessity for 
the use of chemical or mechanical action is to be considered as including the elimination of the 
necessity for the use of heat or varying degrees thereof. 


Having now particularly described and ascertained the nature of my said invention, and in what 
manner the same is to be performed, I declare that what I claim is: --- [Claims not included here] 


NOTES & COMMENTS 
From the Article in Tech. World Mag.: 


1. First demo model was powerful enough to spark a gas engine. 

2. Second model developed 8 volts. 

3. Demo model at Patent Office was elevated on short poles. 

4. The model planned to power Phoenix AZ would be elevated 200 feet. 

5. The Absorber "consists of a series of magnetized steel plates set in a circle (the manner of 
preparing them is kept secret)". 

6. "[T]he magnetizing of one set of plates... is part of the secret of the treatment which makes tt 
respond to the accumulations of the atmosphere". 


From British Patent # 1098 (1913): 


"I have been able... to produce from a very small apparatus at comparatively low elevation, say 
about 50 or 60 feet above the earth’s surface, a substantially constant current at a commercially 
useable voltage and amperage". 


"This current... is capable of being readily increased by additions of the unit elements in the 
apparatus". 


Fig. 1 and Fig. 2 show the magnet poles are connected N-S by a thick iron rod (thick compared to 
the lines used for wires in the drawings). 


No angle is specified for the V-shaped zinc plates. The article (but not the patent) states that the 
plates are magnetized (obviously not zinc). Zinc- galvanized steel? Willa thin film of Zn work? Or, 
powdered Zn in a binder (more surface area)? Or, zinc- galvanized iron wire in a coll? 


The Palmer Craig device ( www.rexresearch.com/craig/craig.htm ) is powered by the terrestrial 
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magnetic field, and employs a thin film of bismuth to capture the energy as diamagnetism. Perhaps 
this can be integrated with Meyers’ device. 


Figure 8 (the demonstration of principle) show uninsulated tron wire being used to connect the 
plates and magnets. The wire is wound around the Bloch wall area of the horseshoe magnets. 
Perhaps Coler-type windings around the poles could be used here ( See: 
www.rexresearch.com/coler/coler.htm ). Coler used copper plates as "condensers" in his device. 
Could copper plates be used for the Meyers device? Perhaps flat (Tesla non-inductive) coils could 
be integrated here. 


"It is essential that the plates 3 be disposed substantially N and S with therr flat faces approximately 
parallel to the adjacent faces of the co-operating magnets... 


"I find that it is immaterial whether the N pole of one of the magnets is disposed to the N and the S 
pole to the S, or vice versa". 


"(T]he magnets and zinc plates... produce electrical currents when disposed... N and S, but when 
disposed... E and W no such currents are produced". 


"[E]levation is by no means vital, but... more efficient results are obtained by placing the zincs and 
magnets on elevated supports". 


"The elements may be disposed in horizontal planes [or vertically]...". 


The "zinc plate 56... [is] arranged longitudinally substantially parallel with the legs of the magnet and 
with the faces of the plate exposed toward the respective legs of the magnet, the plate bemg thus 
arranged endwise toward the north and south". 


The first model used "horseshoe magnets approximately 4 inches in length, the bar comprising the 
horseshoe being about one inch square, the zincs being dimensioned proportionately and from this 
apparatus with the employment of a single intensifier and rectifier, as above stated, I was able to 
obtam a constant current of 8 volts... [T]he magnets... may be permanent or may be 
electromagnets, or a combination of the two... I find the best results obtained by... nickel chrome 
steel”. 


Comments & Questions: 


The rectifier is described as a preferred embodiment, but other designs also work. The Ed Gray 
capacitor design comes to mind ( www.rexresearch.convevgray/l gray.htm ). The Tate Ambient 
Power Module also might apply ( www.rexresearch/tate/tate. htm ). 


Would non-ferrous magnets work? Is there a frequency mvolved (oscilloscope tests)? Coler found 
that ferromagnetism has a resonant frequency about 180 KHz. Can the components be made 
adjustable for RLC-resonance? 
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Date of Application, 14th Jan.; 1913—Acospted, 14th Jan., 1914 
COMPLETE SPECIFICATION. 


_ Improvements in and relating to Apparatus for Producing 
EO eee W = Electricity: i É 
1, ‘Roy Jerome Meyers, of Hotel Altamont, Baltimore, in the State of Mury- 
land, United Stites of America, Electrician, do hereby declare the nature of. 
i this invention and in what manner the sume is to be performed, to be particu- 
larly described and ascertained in and by the following statement: —- 


This invention relates to improvements, in apparatus for the production of 
electrical curréuts, and the primary object iu view is the production of a com- 
mercially serviceable electrical current without the employment of mechanical 
‘or chemical action. To this end the invention comprises means for producing 
what I believe to be dynamic electricity from the earth and its ambient elements. 

| Tam, of course, aware that it has been proposed to ubtaim static charges from 
upper strata of the atmosphere,: but such charges are recognized as of widely 
variant potential and have thus far proved of no practical commercial value, and. 
the present invention is distinguished from ‘all such apparatus as has heretofore 
been employed for attracting static charges by the tact that this improved 
| apparatus is not designed or entployed to produce or generate irregular, fluctuat- 
ing or other electrical charges which luck constancy, but on the other hand I 
have by actual test been able to produce from a very small apparatus at com- 
paratively low elevation, suy ubout fifty or sixty feet above the earth's surface, 
a substantially constant current at a commercially usable voltage and amperage. 
I This current I ascertained by repeated tests is capable of being readily increased 
by additions of the unit elements in the apparatus hereinafter set forth, and 1 
am convinced from the constancy of the current obtained and its comparatively `. 
low potential that the current js dynamic and not static, although, of course, it: 
is not impossible that certain static discharges occur and, in fact, T have found 
¡ occasion to provide against the damage which might result from such discharge 
by the provision of lightning arresters and cut-out apparatus which assist in 
rendering the obtained current stuble by eliminating sudden fluctuations which 
sometimes vecur during conditions of high humidity from what I consider static 
discharges. The. nature of my invention is obviously such that I have been 
y unable to establish authoritatively all of the principles involved, and some of the 
theories herein expressed may possibly prove erroneous, but 1 do know and am 
uble to demonstrate that the apparatus which I have discovered does produce, 
generate, or otherwise acquire a difference of potential -representing a current 
value which is commercially serviceable and muy be delivered ut the voltage and 
; umperage ubove stated, or varied therefrom at the will of the operator according 
to the uses to which the current is to be subjected, : l e 

The invention comprises generically means for producing electrical currents 
vf serviceable potential substantially without the employment of mechanical ur 
chemical action, and in this connection I have been able to observe no chemical 

y action whatever on the parts utilized although deterioration may possibly oceúr 
in some of the parts, but so fur as 1 am uble to determine such deterioration does 

; are add to the current supply but is mercly incidental to the effect of climatic 
action. Be cnt oo . 

The invention more specifically comprises the employment of a maguet or 
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maghéts aud a co-operating element, such as zinc disposed adjacent to the maguct 
or magnets and connected in such manner and arranged relative to the earth so 
as to produce current, my observation being that current is produced only when 
such magnets have their poles facing substantially to the north aud south and 
the zines are disposed substantially along the magnets. A 
The invention also comprehends other details of construction, combinations 
und arrangements of parts as will hereinafter be fully set forth and claimed, 
In the accompanying. drawings : 

' Figure 1 is u top plan view of an apparatus embodying the features of the 
present invention, the arrow accompanying the figure in ae substantially 10 
pri qe north, parts of the figure being diagrammatic for condensing 
the showing. | 

_ Figure 2 is a view in side elevation of the parts seen in plan in Pigure 1. 

Figure 3 is a vertical section taken on the plane indicated by the ling 3-3 
of Figure 2 and looking in the direction indicated by the arrow. -15 

‘Figure 4 is a detail view purtly in elevation and partly in section showing the 
detail connections of the converter and intensifier. 

. Figure 5 is a transverse section taken on the plaues indicated by line 5—5 of 
Figure 4 and lodking downwardly. 3 - 

Figure G is an enlurged detail fragmentary section illustrating- the parts at- 20 
ihe juncture of the conductors and one of the intensifiers. 

. Figure 7 is un cnlurged detail view partly in clevation and partly in section 
uf one of the automatic cut-outs and 

Figure 8 is a diagrammatic view of oue of the simplest forms of embodiments: 
vf the invention. i A 25 

. Referring to the drawing by numerals, 1, 1 indicates magnets- connected by 
a magnetic substance 2, preferably an iron wire. The magnets 1 are arranged 
in pales, one pair being spaced beneath the other, and interposed between ‘the 
magnets are zinc plates 3, 3 connected by an iron wire conductor 4. Suitable 
insulating supports 5 are arranged for sustaining the respective magnets 1 and 30 
plates 3,3. Mach plate 3 is pane, aha bent substantially into Y form, us clearly 
seen in Figure L, and the Y' of one of the plates opens or faces toward the north 
and the Y of the other plate tothe south. f have determined by experimentation 
that it is essential that the plates 3 be disposed substantially north aud south 
with their flat faces approximately parallel to the adjacent faces of the co-* 35 
operating: magnets, although by experience I have not discovered any material 
difference iu the current obtained when the plates are disposed slightly to one 
side of north aad south, as tor instance when uted in the line of the magnetic 
polarity of the earth. The same is true with respect to the magnets 1, the suid 
magnets being disposed substantially north and south for operative purposes, : 
wihough Y find that it is immaterial whether the north pole of one of the magnets 
is disposed to the north and the south pole to the south, or vice versa, und it is’ 
my conviction from experience that it is essential to have the magnets of each 
pair connected by mugnetic material so that the magnets substantially become 
ape with » pole exposed to.the north and a pole exposed to the south, Tn 
rab dein J, L have indiented in full lines by the letters S and N the respective 
polurilics of the magnets 1, and have indicated in dotted lines the other poles 
of those magnets when the councction 2 is severed. I have found that the 
magnetis and zinc plates operate to produce, whether by collection or generation’ 
I am not certain, electrical currents when disposed substantially north and south, _ 
but when «disposed substantially cast and .west no such currents are produced. 
T. also find that the question of elevation is by no means vital, but it is true that 
more efficient results are obtained by placing the zincs and magnets on elevated 
supports. I furthermore find from tests that it is possible to- obtain currents 
from the apparatus with the zincs und magnets disposed in a building or other- 55 
wise enclosed, although more efficient results are obtained by having the said’ 
glements arranged in the Open, 
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While in Figures 1, 2 and 3, I have shown the magnets and the zinc plates 
as superimposed, it will be apparent, as hereinafter fully set. forth, that these 
elements may be juxtaposed in horizontal planes, and substantially the same 
results will be secured. Furthermore, the magnets 1 with the interposed zincs 3, 

5 as:shown in Figures 1, 2 and 3 merely represent a unit which may be repeated 
either horizontally or vertically for increasing the current supply, and when the 
unit is repeated the zinc plates are arran alternating with the magnets 
throughout the entire series as hereinafter indicated. / | 

A conductor (6 is connected in multiple with the conductors 2 and a con- 

10 ductor 7 is connected with conductor 4, the conductor 6 extending to one 
` terminal of a rectifier which I have indicated by the general reference character 8, 
and the conductor 7 extending to the other terminal of said rectifier. The 
rectifier as seen in diagram in Figure 1 may assume any of several well known 
embodiments of the electrical valve type and may consist of four assymmetric 
15 cells or Cooper-Hewitt mercury vapor lamps connected as indicated in mg, bono 1 
for sai pean. communication of the positive impulses from conductor 7 only 
to the line conductor 9 and the negative impulses from the conductor 7 only 
to the line conductor 10, and permitting the positive impulses from the con- 
ductor 6 only to the line conductor 9 and the negative impulses from conductor 6 
20 only to the line conductor 10. - The current from this rectifier may be delivered 
through the conductors 9 and 10 to any suitable source for consumption. 

‘While the suid rectifier 8 may consist of any of the known types, as above 
outlined, it- preferably consists of a specially constructed ‘rectifier which also 
has the capacity of intensifying the current and comprises specifically the 

25 ‘elements shown in detail in Figures 4,-5 and 6 wherein I have disclosed ‘the 
detail wiring of the rectifier when composed of ‘four of the rectifying and 
intensifying elements instead of assymmetric cells or simple mercury vapor 
,valves. As each of these structures is an exact embodiment of all the others, 
one only will be described, and the description will apply toall. The rectifying 

-30 element of each construction consists of a mercury tube 1] which is preferably 
formed of copper but- may be formed of glass or-other suitable material, and 
comprises a cylinder having its end —— tapered and each terminating in 
an insulating plug or stopper 12. Through the upper stopper 12. is extended 
the electrode .L3 which extends well into the tube and preferably substantially _ 

35 one-half the length thereof to a point adjacent the inner end of an opposing 
electrode 14 which: latter electrode extends thence downwardly pra the 
insulation 12 at the lower end of the tube. The tube 11 is supplied with 
mercury and is adapted to operate on the principle of the. mercury vapor lamp, 
serving to rectify current by checking back impulses of one sign and permitting 

¿40 passage of impulses of the other. To avoid the necessity for utilizing a starter, - 
as is common with the lamp type of electrical valve, the supply of mercury 
within the tube may be sufficient to contact with the lower end of the electrode 13 
when current is not being supplied, so that as soon as current is passed from ` 
one electrode to the other sufficiently for nO | that portion of the 

, 4f mercury immediately adjacent the lower end of electrode 13, the structure begins 
its operation as a rectifier. The tube 11 is surrounded by a tube 15 which 
is any spaced from tube 11 sufficiently for allowing atmospheric or other 
cooling circulation to pass the tube 11. In some instances, it may be desirable 
to cool the tube 11. by x surrounding body of liquid, as hereinafter indicated. 

50 The tube 15 may be of insulating material but I find efficient results attained 
hy the employment of a steel tube, and fixed to the ends of the tube are 

insulating diaks 16, 16 ‘forming a spool on which are wound twin wires 6! and 7?, 

the wire 6! being connected at the inner helix of the coil with the outer end of 
the electrode 14, the lower portion of said electrode being extended to one side 
of the tube 11 and passed irak an insulating sleeve 17 extending through 
the-tube 15,-and at its outer end merging into the adjacent end of the wire:6'.. 
The- wire 7* extends directly from the outer portion of -ihe spool through, the 
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several helices to a point adjacent the juncture of the electrode 14. with wire 6 
and thence extends in en EE parallelism with. the wire throughout the 
toil, the wire 6! ending in a terminal 18 and the wire 7! ending in a terminal 19. 
For the sake of convenience of description and of tracing the circuits,. each of 
the apparatus just ubove deseribed und herein known as an intensifier and 5 
rectifier will mentioned us A, B, C and D, respectively. Conductor 6 is 
formed with branches 20 and 21 and conductor 7 is formed with similar 
branches 22 and 23. Branch 20 from conductor 6 connects with conductor 7* 
of intensifier B and branch 21 of conductor 6 connects with the conductor 7! 
of- intensifier ©, while branch 22 of conductor 7 connects with conductor 7! of .10 
intensifier A and branch 2% of conductor 7 connects with conductor 7' of 
intensifier D. A conductor 27 is connected with terminal 19 of intensifier A 
and extends to and is connected with terminal 18 of intensifier ©, and a con- 
tluctor 28 is connected with the terminal 19 of intensifier € and extends to and 
is connected with electrode 1') of intensifier A. A conductor 29 extends .from .15 
‘the terminal 19 of intensifier I} to the terminal 18 of intensifier D and a con- 
‘ductor 30 extends from the terminal 19 of intensifier D to electrode 13 of 
‘intensifier B. Euch electrode 13 is supported on a spider 13 resting on. the 
‘upper disk 16 of the respective intensifier. Conductors 31 and 32 are con- . 
nected: with the terminals 18 of intensifiers A and B and are united to form :20 
the positive line wire 9 which co-operates with the negative line wire 10 and 
‘extends to any suitable point of consumption. ` The line wire.10 is provided with 
branches 35 and 36 extending ‘to the electrodes 13 of intensifiers C and D for 
completing the negative side of the -circuit. 5 x om 4 
Thus it will be seen that alternating currents produced in the wires 6 and 7 24 
will be rectified and delivered in the form.of a direct current through the line 
‘wires Y and 10, and I find by experiment that the wires 6 and 7 should -be of 
iron, preferably soft, and may of course be insulated, the other wiring not 
specified as iron being of copper or other suitable material. __ 
In carrying out the operation as stated, the circuita may be traced as follows: ¿30 
A positive impulse starting at the zines 4 is directed: along conductor 7 to 
branch 23 to conductor 7! and the winding of intensifier to terminal : 19 
through conductor 30 to electrode 13 of the.rectifier of intensifier B through 
suid rectifier to the conductor 6', through the winding thereof to the contact 18, 
conductor 32 and to the line wire 9. The next or negative impulse directed 35 
ulong conductor 7 cannot find its way along branch 23 and the circuit just 
ubove traced because it cannot pass across the rectifier of intensifier B but instead 
the negative impulse passes along conductor 22 to conductor 7 of intensifier A 
‘and the winding thereof to the contact 19 to conductor 27-to contact 18 of 
- intensifier C, to the winding of the wire 6! thereof to the electrode 14 through 40 
the rectifier to the electrode 13 and conductor.36 to the line wire 10. -A 
‘positive impulse delivered to wire 6 passes along the said wire'to the branch 21 
to the conductor 7' of intensifier © and the winding thereof to the contact 19, 
conductor 28; electrode 13 of the rectitier of intensifier- A, electrode 14 thereof 
and conductór 6' to contact 18 and wire $1 to line wire 9. Obviously the. 45 
positive impulse cannot pass along the wire 20 because of its inverse approach 
to the rectifier of intensifier B. The next impulse or. negative impulse 
delivered to conductor 6 cannot pass along conductor 21 because of its -connection 
with electrode 13 of the rectifier of intensifier A, but instead passes along con- 
ductor 20 to the wire 7* and its winding forming part of intensifier B to the’ 59 
contact 19. and conductor. 29 to contact 18-.and the. winding of wire 6' of 
intensifier. D to the electrode 14 and through. the rectifier to the electrode 13 and 
conductor 35 to line wire 10. ‘Thus the current is rectified and all positive 
` impulses directed along one line and all negative impulses along the other line 
“so that the potential difference between -the two lines will be maximum for the 5 
- given current ofthe alternating circuit. It is, of course, apparent. that a leas 
“namber of iutensifiers with their- accompanying. rectifier -elements may be 
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employed with a sacrifice of the impulses which are checked back from a lack 
of ability to pass the respective rectifier elements, and in fact I have. secured 
efficient results by the use of a single intensifier with its rectifier elements, as 
hereinafter set forth. i Pegi wa 

Grounding conductors 37 and 38 are connected respectively with the con- 
ductors G and 7 and are provided with the ordinary lightning arresters i9 
saa 40° respectively for protecting the circuit against high tension static 
charges. 

i AP 41 and 42 are connected respectively with the conductors G and 7 
‘and each -connects with an automatic cut-out 45 which is grounded us ut 44. 
Each of said ‘automatic cut-outs is exactly like the other and one -of the same is 
shown in detail in Figure-7 and comprises the inductive resistance 45 provided 
with an insulated binding post 46 with which the respective conductor 6 or 7 
-18 connected, said post also supporting a spring 48 which sustains an armature 49 


“ndjacent the core of the resistance 4). The helix of resistance 45 is connected - 


g 


preferably through the spring to the binding post at one end and at the other end 


is grounded on the core of the resistance, the said core being | erro by ground - 
e 


conductor 44 which extends to the metallic plate 52 imbedded in moist carbon 
or other inductive material 55 buried in the carth, Each of the conductors 41, 42 
and 44 is of-iron, and in this connection 1 wish it understood that where I state 
the specific substance I am able to verify the accuracy of the statement by the 
results of tests which L have made, but of course L wish to include along with 


-puch substance all-equivalents, as for instance, where iron is mentioned its by- - 


products, such as steel, and its equivalents such as nickel and other magnetic 
substances’ are intended to be comprehended. The cut-out apparatus seen in 
detail im Figure 7 is employed particularly for insuring against high tension 
currents it being obvious from the structure shown that when potential rises 
-beyond the limit established by the tension of the spring sustaining „the 
armature 49, the armature will be moved to a position contacting with the core 
of the cut-out device and thereby directly close the ground connection for limo 
wire 41 with conductor 44, eliminating tha resistance of winding 45 and allow- 
ing the: high tension current to be discharged to the ground. Immediately upon 
such discharge the winding 45 losing its current will allow the core to become 
‘demagnetized and reléase ‘the armature 49 whereby the ground connection is 
substantially broken leaving only the connection through the winding 45 the 
resistance -of which is sufficient for jnsuring against loss of low tension current. 

In Figure 8 I have illustrated an apparatus which though apparently primitive 


¿in -construction and arrangement comprehends the first successful embodiment 


which I.produced in the eourse of the discovery of the present invention, and it 
will be observed that the essential features of the invention are therein, disclosed. 
-'The -structure delincated: in said figure consists of horse shoe magnets 54, 54, 
one facing north und the other south, that is, each opening in the respective 
directions indicated and the two being connected by, an iron wire 55 which is 


-uninsulated and wrapped about the respective magnets at or adjacent the neutral 


zone thereof, and the wire 59 is preferably soldered to the respective magnets 


¿each end «portion of the wire 5 being extended from the ae ges maguet to 
and’ connected with. as by being soldered to, a xine plate 56, 


65, there being a 
plate 56 for each. magnet and each plate being arranged longitudinally substan- 
tially parallel with the legs of the magnet and with the faces of the plate cial 
toward the respective Jegs of the magnet, the plate being thus arranged endwise 
toward the north gnd south. An-:iron wire 5% connects the plates 56, the ends 
„of the wire being preferably connected adjacent the auter pa of the plates but 
eriment I find that the wire may be connected at practically any point 
to is plata, Lead wires 58 and 59 are connected respectively with the wires 55 
and 57 and supply an alternating current oda at a comparatively low 
tension, and to rontrol-such current the wires 58 and 59 may be extended to.a 
rectifier or combined rectifier and intensifier, as above. set forth, po 
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The tests which I have found successful with the apparatus seen in Figure 8 
were carried out by the employment first of horse shoe magnets approximately 
four inches in length, the bar comprising the horse shoe being about one inch 
square, the xincs being dimensioned proportionately and from this apparatus 
with the employment cd a single intensifier and rectifier, as above stated, I was 5 
able to obtain a constant current of 8 volts, 

Tt should be obvious that the magnets forming one of the electrodes of this 
apparatus may be permanent or may be electro-magnets, or a combination of 
the twa. ° 

While the magnets mentioned throughout the above may be formed of anv 10 
magnetic substance, I find the hest results obtained hy the employment of the 
nickel chrome steel. - 

While the successful operation of the various devices which I have constructed, 
embodying the present invention have not enabled me to arrive definitely and 
positively at fixed conclusions relative to the principles nud theories of operation 15 
and the source from which current is supplied, I wish it to be understood that 
I consider myself as the first inventor of an apparatus of the general type’ herein- 
before described capable of producing commercially serviceable electricity, for 
which reason my claims hereinafter appended contemplate that I may utilize a 
wide range of equivalents so far as concerns details of construction suggested 20- 
ns preferably employed. 

The current which I am able to obtain is dynamic in the sense that.it is not 
static and its production is accomplished without chemical or mechanical action 
cither incident to the actual chemical or mechanical motion or incident to 
changing calorific conditions so that the elimination of necessity for the use of 95 
chemical or mechanical action is to be considered as including the eHmination 
of the necessity for the use of heat or varying degrees thereof. 


Having now particularly described and ascertained the nature of my snid 
invention, and in what manner the same is to be performed, T declare that what. 
Y claim is :— 40 


1. Means for producing dynamic electricity without mechanical or chemical 
nction. 

2. Electricity producing means as claimed in Claim 1, characterized in that 

‘said means is capable of producing low tension current. 

3. Electricity producing means as claimed in Claim 1, characterized in that 35 

said means comprises n magnet, and means co-operating with the latter. 

4. Means ax set forth in Claim 3, characterized in that the parts are stationary. 

5. Means as claimed in Claim 3, characterized in that the magnet is disposed 
‘substantially north and south. 

G. Means as claimed in Claims 1, 3 and 5, wherein the means coacting with 40 

‘the magnet is a metal and said parts are disposed substantially north and south. 

7. Means as claimed in Claims 1, 3 and 6, in which the metal is zinc, and 
combined with conductors connected with the co-operating parts to deliver current 
therefrom, - E 

8. Means as set forth in Claim 1, characterized in that said means comprises 45 
spaved magnets with an adjacent co-operating zinc, and an iron wire connecting 
the magnets, and means to deliver electrienl current from said parta. 

9. Means as set forth in Claim 8, characterized in that the current delivery 
' means comprises an intensifier and rectifier. | E. 

10: Means as set forth in Claim 8, characterized in that the current delivery 50 
means comprises wires connected with the magnets and zinc, an electrical valve 
connected with one of said wires, and independent helices surrounding said valve, 
one of said helices being connected with the terminal of the valve at the opposite 
side from the contact of said wire and the other of said helices being connected | 
with the other wire, the electrical valye comprising a mercury vapor rectifier. 55 

11. The process of producing electricity comprising’ exposing a magnet and 
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co-operating means disposed substantially north and south and taking off current 
therefrom. sf 

12. The process of producing electricity comprising as ea stationary, 
elements in co-operative relation in respect to each other and with respect to 

5 the earth for giving off relatively low tension electrical current, substantially. 

without chemical action. 

13. Electricity producing means constructed and operating substantially as 
described with reference to the accompanying drawings. . 


Dated this 13th day of January, 1913. 


10 Y. P. THOMPSON & Co., 
s Ü, Lord Street, Liverpool, and at 
Bradford & London, 
Agents for the Applicant. 
Reference has’ been directed, in pursuance of Section 7, Sub-section 4, of the 
15 Patents and Designs Act, 1907, to Specifications No. 16,709 of 1887, No. 14,033 
of 1899, No. 15,412 of 1906, and No. 5457 of 1911. 


Redhill: Printed for His Majesty’s Stationery Office, by Love & Malcomson, Ltd.—1914. 
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R. J. Meyers: British Patent + 1098 (1913) —- JPG version 


Technology World Magazine, p. 279-281 (Year unknown, apparently circa 1912; another 
article about Meyers appeared in the November 1912 issue of Electronic World) 


"Picks Power from the Air" 


by 


Charlton Lawrence Edholm 


A remarkable scene took place in the legislature of Arizona this spring when the lawmakers 
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enthusiastically voted for the parole ofa certain convict in the State penitentiary, granting him a 
leave of absence for 30 days and by means of private contributions raising a fund to defray his 
expenses to Washington DC and return. 


The prisoner, Roy J. Meyers, is serving a 3-1/2 year sentence, but in spite of the fact that he bears 
the stigma of a convicted lawbreaker, he has demonstrated that a convict can be a useful member 
of society. During his imprisonment he perfected an electrical device of such original character as to 
arouse feelings of wonder and skepticism until experts had seen it m actual operation. It 1s a device 
to draw electricity from the atmosphere for light and power, and the 30-day parole was granted in 
order that the inventor might protect his rights through the patent office at Washington. 


With the acquiescence of the legislature, Governor Hunt granted the parole and the prisoner was 
allowed to go free without any guard or any assurance but his word of honor that he would return. 
Two days before the period had elapsed, Meyer again presented himself before the governor, 
having accomplished his mission, and then returned to the penitentiary at Florence, where he 
continues to serve his sentence. 


This, in brief, is the picturesque story which has called attention of the civilized world to a newly 
discovered electrical genius, and to another feature of the case which is of equal importance and 
human interest; namely, the enlightened policy pursued by our youngest State in its treatment of 
convicts... 


Before entering the prison, Meyer had already applied for various patents, among them one for an 
improved trolley wheel head which prevents the trolley wheel from jumping the wire. Meyers had a 
conference with Superintendent Sims and Parole Clerk Sanders, and it was to these gentlemen that 
the inventor first explained the principles of his new device for securing electrical energy from the 
air. The officials were willing to give the man the opportunity to develop his plan and a little wooden 
building outside the walls was turned over to Meyers and was fitted up as a workshop and a 
laboratory. The first demonstration of the new apparatus was made shortly thereafter, the electricity 
drawn from the atmosphere being used to spark the gas engines of the pump house, and although 
the device was crude yet it did the work, and removed the doubts of his friends. Furtter 
development of the "absorber" followed, and his second model was constructed, and developed 8 
volts. The machine came to the attention of the remarkable woman who brought his name before 
the legislature. 


This was Miss Kate Barnard, State Commissioner of Charities and Corrections of Oklahoma, who 
was a guest of Mr. Sims, while studying prison conditions. She saw the machine at work, became 
familiar with the facts of Meyers' case, and was impressed by his rather blunt and unaffected 
personality, for Meyers has nothing of the polish or glibness of the poseur. He is a simple, earnest 
student of mechanical problems and not the sort of man to make a sentimental appeal for sympathy 
because of any grace of person or manner. Therefore it was the value of Meyers' invention, 
together with his essential integrity (in spite of his lapse) which so strongly impressed Miss Barnard 
that when she appeared before the Arizona legislature not long afterwards, addressing that body on 
the need of enlightened legislature along the line of her own work, she told the story of Roy Meyers 
and his epoch-makmg invention. 


So, early in May, Meyers set out for Washington, unaccompanied. 


In his own words: "When I arrived in Washington and laid my plans before the patent office 
experts, they merely smiled and told me that I would have to build a model and demonstrate my 
claims --- that it seemed strange that I, unknown as I am in the electrical world, should have 
accomplished the things for which Edison, Tesla and other experts have been striving for years. 
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"They could grasp the meaning of my drawings nor the explanation I tried to make to them. There 
was little time to spare, as I had only 20 days left of my leave, but I set to work m a few days was 
able to take a crude model around to the patent office to make a demonstration. 


"Arriving at the patent office I telephoned to a friend who had been so kind as to introduce me and 
aid me in reaching the proper officials. The absorber was hoisted on two short poles and made to 
work. While they were as yet unable to understand the principles involved and hardly willing to 
believe their eyes, they were forced to admut that I had something new and different, and they told 
me that there would be no further objection; that I might file my application without further delay. 


"I hope to construct my first large machine right here m Phoenix. I feel grateful; to Governor Hunt 
and others for what they have done for me and to the help they have given in securmg protection I 
might not otherwise have had, and I am desirous of demonstrating this gratitude. I am gomg back to 
Florence today to resume the serving of my sentence, which will expire in 10 months. Then, here in 
Phoenix, I will begin the work of making my machines." 


While there are some details of the device which the inventor refuses to make public, yet there are 
many general features that may be explained. It is planned that the machine, to be set up in Phoenix, 
will generate sufficient power to light the city, and will consist of a 200 foot tower upon which is 
placed the "absorber". The latter consists of a series of magnetized steel plates set in a circle (the 
manner of preparing them is kept secret) and this mechanism attracts the electricity from the 
atmosphere. This is carried by wires to a transformer in the engine house below and thence 1s 
applied to produce either power or light after the usual manner. 


In an authorized statement Meyers says: "The flow of electricity is constant. When it emerges into 
the transformer it is in the form ofa direct current. It will absorb the electricity day and night and will 
work whenever the wireless will work. I can put up a plant to supply such a building as the Adams 
Hotel for about $1500, and one of the principal items of the expense is the cost of the towers, the 
wires, the magnetizing of one set of plates, which is part of the secret of the treatment which makes 
it respond to the accumulations of the atmosphere. 


"For use in the case of an electrical storm I have made what I call a modified form of circuit 
breaker, such as is commonly used as a lightning arrester on telegraph lines. In case of a storm the 
accumulator would suddenly become overcharged, possibly, and as the electricity would not of 
itself flow back into the air, the result might be disastrous. So I send it down into the ground, 
whenever the voltage rises above a certain amount." 


Roy J. Meyers & the "Absorber" 
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Modern Electronics (1914 ?) 


Electricity From Air New Great Discovery 
by 


Dr Leonard Keene Hirshberg 


Working quietly m the heart of Baltimore for weeks on an invention which some critics say will 
revolutionize the method of converting electricity to practical use has been Roy J. Meyers, who like 
Benjamin Franklin, extracts the electric current from the air. 


Mr Meyers invention was made last summer while he was confined in the penitentiary at Florence, 
Arizona. His first finished apparatus was made in Baltimore. 


A practical, unlettered electrician, Mr Meyers, while in Arizona, was arrested on a comparatively 
minor charge and sent to the penitentiary. There he was placed in charge of the prison electrical 
plant, and there he says he made his discovery that the current which the civilized world is beginning 
to use most extensively for light and power could be transformed from the atmosphere without the 
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aid of moving machines or batteries. 


Miss Kate Barnard, Commissioner of Charities and Corrections, of Oklahoma, hearing of Meyers’ 
invention and of his desire to have it patented, appeared before the Arizona Legislature to make an 
appeal in behalf of the young convict. As a result a special bill was passed which granted Meyers a 
month’s leave of absence on parole. He went unaccompanied to Washington, filed his patent 
applications and returned to the penitentiary. Since then he has been indefinitely paroled. 


He came to Baltimore as the place where he could easily obtain the mechanical parts needed to 
make a more nearly perfect machine than the crude model he has fashioned in the penitentiary 
workshop, and is making his headquarters here while working on his invention. With him is W.E. 
Chenot, who has been his assistant in assembling and testing the machine and who says that he has 
bought Meyers’ patent rights for Germany. 


They have proved beyond doubt that the invention is practical and that when finally brought to a 
state of perfection it will mtroduce a new epoch in the industrial use of electricity. By Westinghouse 
meters they tested the strength of the current gathered from the air, and with the use of only two of 
the four rectifying transformers the voltmeter recorded four and one-half volts, and the ammeter, 
which had the capacity of recordmg 75 amperes, was broken by the force of the current. 


The machine itself is simple. It is in reality a transformer, which is familar to anyone knowing 
anything at all about electricity in its practical uses. On a high tripod, which resembles somewhat the 
framework of a windmill tower, is the transformer, which Mr Meyers calls his ‘absorber’. It 1s made 
up of an iron core, wrapped with copper wire. The secret of the invention is the manner in which 
the disks composing this ‘absorber’ are magnetized, and this secret Meyers says he found by 
accident while at work in prison. 


What the machine, when finally perfected, will do is yet to be seen. Its inventor claims that it will 
greatly reduce the cost of making electricity. No batteries of any kind are needed, he says, and not 
a part of the machine turns upon the other. It is as durable, apparently, as an electric light pole. One 
of these machines, says Meyers, when perfected may be placed ona vehicle and transform enough 
electricity to give motive power, be that vehicle a locomotive or an automobile. He declared it can 
be placed on a building to furnish electric lights or power, and that the only wear will be upon the 
machinery which its current runs. 


Meyers is 34 years old and he gained his knowledge of electricity by working in shops along the 
Pacific Coast. The depths of the mysteries of electricity he has not explored, but he is certain that he 
has found the means of absorbing it from the air and of converting it to the use of mankind. 


British (GB) Patent # 191301098 
Improvements in and Relating to Apparatus for Producing Electricity. 
1-14-1914 
Roy Jerome Meyers 


Classification: - international: HOSF 7/00; HOSF7/00; - european: HOSF7/00 

Application number: GBD191301098 19130114 

Priority number(s): GBT191301098 19130114 

Abstract ~ Vapour apparatus, arrangements of. - A rectifier for use with apparatus for producing 
electricity from the earth consists of mercury- vapour lamps constructed and arranged as shown in 
Fig. 4. Each lamp comprises two wires 6<1>, 7<1> wound around a steel tube 15 surrounding a 
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mercury tube 11 preferably of copper. The coil 6<1> is connected between the electrode 14 and 
the terminal 18, and the coil 7<1> between the terminals 19, 5. The coils 6<1>, 7<1> are 
preferably composed of soft iron. Reference has been directed by the Comp- troller to 
Specifications 16,709/87, 14,033/99, and 5457/11, [all in Class 53, Galvanic batteries], and 
15,412/06. 


British Patent # 1098 


(January 14, 1913) 
Improvements in and Relating to Apparatus for Producing Electricity 


Roy Jerome Meyers 


This invention relates to improvements in apparatus for the production of electrical currents, and the 
primary object in view 1s the production of a commercially serviceable electrical current without the 
employment of mechanical or chemical action. To this end the invention comprises means for 
producing what I believe to be dynamic electricity from the earth and its ambient elements. 


I am, of course aware that it has been proposed to obtain static charges from upper strata of the 
atmosphere, but such charges are recognized as of widely variant potential and have thus far proved 
of no practical commercial value, and the present invention is distinguished from all such apparatus 
as has heretofore been employed for attracting static charges by the fact that this improved 
apparatus is not designed or employed to produce or generate irregular, fluctuating or other 
electrical charges which lack constancy, but on the other hand I have by actual test been able to 
produce from a very small apparatus at comparatively low elevation, say about 50 or 60 feet above 
the earth’s surface, a substantially constant current at a commercially usable voltage and amperage. 
This current I ascertained by repeated tests is capable of being readily increased by additions of the 
unit elements in the apparatus hereinafter set forth, and I am convinced from the constancy of the 
current obtained and its comparatively low potential that the current is dynamic and not static, 
although, of course, it is not impossible that certain static discharges occur and, in fact, I have found 
occasion to provide against the damage which might result from such discharge by the provision of 
lightning arresters and cut-out apparatus which assist in rendering the obtained current stable by 
eliminating sudden fluctuations which sometimes occur during conditions of high humidity from what 
I consider static discharges. The nature of my invention is obviously such that I have been unable to 
establish authoritatively all of the principles involved, and some of the theories herein expressed may 
possibly prove erroneous, but I do know and am able to demonstrate that the apparatus which I 
have discovered does produce, generate, or otherwise acquire a difference of potential representing 
a current amperage above stated, or varied therefrom at the will of the operator according to the 
uses which the current is to be subjected. 


The mvention comprises generically means for producing electrical currents of serviceable potential 
substantially without the employment of mechanical or chemical action, and in this connection I have 
been able to observe no chemical action whatever on the parts utilized although deterioration may 
possibly occur in some of the parts, but so far as I am able to determine such deterioration does 
not add to the current supply but is merely incidental to the effect of climatic action. 


The mvention more specifically comprises the employment of a magnet or magnets and a co- 
operating element, such as zinc disposed adjacent to the magnet or magnets and connected in such 
manner and arranged relative to the earth so as to produce current, my observation being that 
current is produced only when such magnets have their poles facing substantially to the north and 
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south and the zincs are disposed substantially along the magnets. 


The invention also comprehends other details of construction, combinations and arrangements of 


parts as will hereinafter be fully set forth and claimed. 


In the accompanying drawings: 


Figure | 1s a top plan view of an apparatus embodying the features of the present invention, the 
arrow accompanying the figure indicating substantially the geographical north, parts of the figure 


pø `. 2 


being diagrammatic for condensing the showing. 
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Figure 2 is a view is side elevation of the parts seen in plan in Figure 1. 
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Figure 3 is a vertical section taken on the plane indicated by the line 3-3 of Figure 2 and looking in 


the direction indicated by the arrow. 
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Figure 4 1s a detail view partly in elevation and partly in section showmg the detail connections of 


the converter and intensifier. 
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Figure 5 1s a transverse section taken on the planes indicated by line 5-5 of Figure 4 and lookmg 


downwardly. 


Figure 6 is an enlarged detail fragmentary section illustrating the parts at the juncture of the 
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conductors and one of the intensifiers. 


Figure 7 is an enlarged detail view partly in elevation and partly in section of one of the automatic 
cut-outs and 


Figure 8 1s a diagrammatic view of one of the simplest forms of embodiment of the invention. 
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Referring to the drawing by numerals, 1,1 indicates magnets connected by a magnetic substance 2, 
preferably an iron wire. The magnets 1 are arranged in pairs, one pair being spaced beneath the 
other, and interposed between the magnets are zinc plates 3,3 connected by an iron wire conductor 
4. Suitable insulating supports 5 are arranged for sustaming the respective magnets | and plates 3,3. 
Each plate 3 is preferably bent substantially into V form, as clearly seen in Figure 1, and the V1 of 
one of the plates opens or faces toward the north and the V of the other plate to the South. I have 
determined by experimentation that it is essential that the plates 3 be disposed substantially north 
and south with their flat faces approximately parallel to the adjacent faces of the co-operating 
magnets, although by experience I have not discovered any material difference in the current 
obtained when the plates are disposed slightly to one side of north and south, as for instance when 
the plates are disposed slightly to one side of north and south, as for instance when disposed in the 
lne of the magnetic polarity of the earth. The same is true with respect to the magnets 1, the said 
magnets being disposed substantially north and south for operative purposes, although I find that it 
is immaterial whether the north pole of one of the magnets 1s disposed to the north and the south 
pole to the south, or vice versa, and it is my conviction from experience that it is essential to have 
the magnets of each pair connected by magnetic material so that the magnets substantially become 
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one with a pole exposed to the north and a pole exposed to the north. In Figure 1, I have indicated 
in full lines by the letters 8 and N the respective polarities of the magnets 1, and have mdicated in 
dotted lines the other pole of those magnets when the connection 2 is severed. I have found that the 
magnets and zinc plates operate to produce, whether by collection or generation I am not certain, 
electrical currents when disposed substantially north and south, but when disposed substantially east 
and west no such currents are produced. I also find that the question of elevation is by no means 
vital, but it is true that more efficient results are obtained by placing the zincs and magnets on 
elevated supports. I furthermore find from tests that it is possible to obtam currents from the 
apparatus with the zincs and magnets disposed in a building or otherwise enclosed, although more 
efficient results are obtamed by having the said elements arranged in the open. 


While in Figures 1, 2, and 3, I have shown the magnets and the zinc plates as superimposed, tt will 
be apparent, as heremafter fully set forth, that these elements may be juxtaposed in horizontal 
planes, and substantially the same results will be secured. Furthermore, the magnets 1 with the 
interposed zincs 3, as shown in Figures 1, 2 and 3 merely represent a unit which may be repeated 
either horizontally or vertically for increasing the current supply, and when the unit is repeated the 
zinc plates are arranged alternating with the magnets throughout the entire series as hereinafter 
indicated. 


A conductor 6 is connected in multiple with the conductors 2 and a conductor 7 is connected with 
conductor 4, the conductor 6 extending to one terminal of a rectifier which I have indicated by the 
general reference character 8, and the conductor 7 extending to the other termmal of said rectifier. 
The rectifier as seen in diagram in Figure 1 may assume any of several well known embodiments of 
the electrical valve type and may consist of four asymmetric cells or Cooper- Hewitt mercury vapor 
lamps connected as indicated in Figure | for permitting communication of the positive impulses from 
the conductor 6 only to the line conductor 9 and the negative impulses from conductor 6 on only to 
the line conductor 10. The current from this rectifier may be delivered through the conductors 9 and 
10 to any suitable source for consumption. 


While the said rectifier 8 may consist of any of the known types, as above outlined, it preferably 
consists of a specially constructed rectifier which also has the capacity of intensifying the current and 
comprises specifically the elements shown in detail in Figures 4, 5, and 6 wherein I have disclosed 
the detail wiring of the rectifier when composed of four of the rectifying and intensify in elements 
instead of asymmetric cells or simple mercury vapor valves. As each of these structures is an exact 
embodiment of all the others, one only will be described, and the description will apply to all. The 
rectifying element of each construction consists of a mercury tube 11 which is preferably formed of 
glass or other suitable material, and comprises a cylinder having its end portions tapered and each 
terminating in an insulating plug or stopper 12. Through the upper stopper 12 is extended the 
electrode 13 which extends well into the tube and preferably substantially one-half the length thereof 
to a point adjacent the inner end of an opposing electrode 14 which latter electrode extends thence 
downwardly through the insulation 12 at the lower end of the tube. The tube 11 is supplied with 
mercury and is adapted to operate on the principle of the mercury vapor lamp, serving to rectify 
current by checking back impulses of one sign and permitting passage of impulses of the other. To 
avoid the necessity for utilizmg a starter, as is common with the lamp type of electrical valve, the 
supply of mercury within the tube may be sufficient to contact with the lower end of the electrode 

13 when current is not being supplied, so that as soon as current is passed from one electrode to 
the other sufficiently for volatilizing that portion of the mercury immediately adjacent the lower end 
of electrode 13, the structure begins its operation as a rectifier. The tube 11 1s surrounded by a tube 
15 which is preferably spaced from tube 11 sufficiently for allowing atmospheric or other cooling 
circulation to pass the tube 11. In some instances, it may be desirable to cool the tube 11 by a 
surrounding body of liquid, as heremafter indicated. The tube 15 may be of insulating material but I 
find efficient results attained by the employment ofa steel tube, and fixed to the ends of the of the 
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tube are insulating disks 16, 16 forming a spool on which are wound twin wires 6“ 1 and 7^1, the 
wire 6^1 being connected at the inner helix of the coil with the outer end of the electrode 14, the 
lower portion of said electrode being extended to one side of the tube 11 and passed through an 
insulating sleeve 17 extending through the tube 15, and at its outer end merging into the adjacent 
end of the wire 6 1. The wire 7^1 extends directly from the outer portion of the spool through the 
several helices to a pont adjacent the juncture of the electrode 14 with wire 6^1 and thence 
extends in mechanical parallelism with the wire throughout the coil, the wire 6^1 ending in a terminal 
18 and the wire 7^1 ending in a terminal 19. For the sake of convenience of description and of 
tracing the circuits, each of the apparatus just above described and herein known as an intensifier 
and rectifier will be mentioned as A, B, C and D, respectively. Conductor 6 is formed with 
branches 20 and 21 and conductor 7 1s formed with similar branches 22 and 23. Branch 20 from 
conductor 6 connects with conductor 741 of intensifier B and branch 21 of conductor 6 connects 
with the conductor 741 of intensifier C, while branch 22 of conductor 7 of mtensifier C, while 
branch 22 of conductor 7 connects with conductor 7^1 of intensifier D. A conductor 27 1s 
connected with terminal 19 of intensifier A and extends to and is connected with the terminal 18 of 
intensifier C, and a conductor 7 connects with conductor 7^1 of mtensifier D. A conductor 27 is 
connected with terminal 19 of intensifier A. and extends to and is connected with terminal 18 of 
intensifier C, and a conductor 28 is connected with the termmal 19 of mtensifier C and extends from 
the terminal 19 of intensifier B to the terminal 18 of intensifier D to electrode 13 of intensifier B. 
Each electrode 13 is supported on a spider 131 1 resting on the upper disk 16 of the respective 
intensifier. Conductors 31 and 32 are connected with the terminals 18 of intensifiers A and B and 
are united to form the positive line wire 9 which co-operates with the negative line wire 10 and 
extends to any suitable point of consumption. The lne wire 10 is provided with branches 35 and 36 
extending to the electrodes 13 of intensifiers C and D for completing the negative side of the circuit. 


Thus it will be seen that alternating currents produced in the wires 6 and 7 will be rectified and 
delivered in the form of a direct current through the line wires 9 and 10, and I find by experiment 
that the wires 6 and 7 should be of iron, preferably soft, and may of course be insulated, the other 
wiring not specified as iron being of copper or other suitable material. 


In carrying out the operation as stated, the circuits may be traced as follows: A positive impulse 
starting at the zincs 3 is directed along conductor 7 to branch 23 to conductor 7^1 and the winding 
of the rectifier of intensifier B through said rectifier to the conductor 6^1, through the winding 
thereof to the contact 18, conductor 32 and to the line wire 9. The next or negative impulse 
directed along conductor 7 cannot find its way along branch 23 and the circuit just above traced 
because it cannot pass across the rectifier of intensifier B but instead the negative impulse passes 
along conductor 22 to conductor 7 of mtensifier A and the winding thereof to the contact 19 and to 
conductor 27 to contact 18 of intensifier C, to the winding of the wire 6^1 thereof to the electrode 
14 through the rectifier to the of the electrode 13 and conductor of intensifier A, electrode 14 
thereof and conductor 6% 1 to contact 18 and wire 31 to line wire 9. Obviously the positive impulse 
cannot pass along the wire 20 because of its inverse approach to the rectifier of intensifier B. The 
next impulse or negative impulse delivered to conductor 6 cannot pass along conductor 21 because 
of its connection with electrode 13 of the rectifier of intensifier A, but instead passes along 
conductor 20 to the wire 7^1 and its winding forming part of intensifier B to the contact 19 and 
conductor 29 to contact 18 and the winding of wire 6^1 of mtensifier D to the electrode 14 and 
through the rectifier to the electrode 13 and conductor 35 to lne wire 10. Thus the current is 
rectified and all positive impulses directed along one line and all negative impulses along the other lie 
s that the potential difference between the two lines will be maximum for the given current of the 
alternating circuit. It is, of course, apparent that a less number of intensifiers with their 
accompanying rectifier elements may be employed with a sacrifice of the impulses which are 
checked back from a lack of ability to pass the respective rectifier elements, and in fact I have 
secured efficient results by the use of a single intensifier with its rectifier elements, as heremafter set 
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forth. 


Grounding conductors 37 and 38 are connected respectively with the conductors 6 and 7 and are 
provided with the ordinary lightning arresters 39 and 40 respectively for protecting the circuit 
against high tension static charges. 


Conductors 41 and 42 are connected respectively with the conductors 6 and 7 and each connects 
with an automatic cutout 43 which is grounded as at 4. Each of said automatic cutouts is exactly like 
the other and one of the same is shown in detail in Figure 7 and comprises the inductive resistance 
45 provided with an insulated binding post 46 wit which the respective conductor 6 or 7 1s 
connected, said post also supporting a spring 48 which sustains an armature 49 adjacent to the core 
of the resistance 45. The helix of resistance 45 is connected preferably through the spring to the 
binding post at one end and at the other end is grounded on the core of the resistance, the said core 
being grounded by ground conductor 44 which extends to the metallic plate 52 embedded in moist 
carbon or other inductive material buried in the earth. Each of the conductors 41, 42 and 44 is of 
iron, and in this connection I wish it understood that where I state the specific substance I am able 
to verify the accuracy of the statement by the results of tests which I have made, but of course I 
wish to include along with such substances al equivalents, as for instance, where iron is mentioned 
its byproducts, such as steel, and its equivalents such as nickel and other magnetic substances are 
intended to be comprehended. The cutout apparatus seen in detail m Figure 7 1s employed 
particularly for msurmg against high tension currents, it being obvious from the structure shown that 
when potential rises beyond the limit established by the tension of the spring sustaming the armature 
40, the armature will be moved to a position contacting with the core of the cutout device and 
thereby directly close the ground connection for lne wire 41 with conductor 44, eliminating the 
resistance of winding 45 and allowing the high tension current to be discharged to the ground. 
Immediately upon such discharge the winding 45 losing its current will allow the core to become 
demagnetized and release the armature 49 whereby the ground connection is substantially broken 
leaving only the connection through the winding 45 the resistance of which is sufficient for insuring 
against loss of low tension current. 


In Figure 8 I have illustrated an apparatus which though apparently primitive in construction and 
arrangement comprehends the first successful embodiment which I produced in the course of 
discovery of the present mvention, and it will be observed that the essential features of the invention 
are therein disclosed. The structure delineated in said figure consists of horseshoe magnets 54, 55, 
one facing north and the other south, that is, each opening in the respective directions indicated and 
the two being connected by an iron wire 55 which is uninsulated and wrapped about the respective 
magnets each end portion of the wire 55 being extended from the respective magnets to and 
connected with, as by being soldered to, a zinc plate 56, there being a plate 56 for each magnet and 
each plate being arranged longitudinally substantially parallel with the legs of the magnet and with the 
faces of the plate exposed toward the respective legs of the magnet, the plate bemg thus arranged 
endwise toward the north and south. An iron wire 57 connects the plates 56, the ends of the wire 
being preferably connected adjacent the outer ends of the plates but from experiment I find that the 
wire may be connected at practically any pomt to the plate. Lead wires 58 and 59 are connected 
respectively with the wires 55 and 57 and supply an alternating current at a comparatively low 
tension, and to control such current the wires 58 and 59 may be extended to a rectifier or combined 
rectifier and intensifier, as above set forth. 


The tests which I have found successful with the apparatus seen in Figure 8 were carried out by the 
employment first of horseshoe magnets approximately 4 inches in length, the bar comprising the 
horseshoe being about one inch square, the zincs being dimensioned proportionately and from this 
apparatus with the employment of a single intensifier and rectifier, as above stated, I was able to 
obtain a constant current of 8 volts. 
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It should be obvious that the magnets forming one of the electrodes of this apparatus may be 
permanent or may be electromagnets, or a combination of the two. 


While the magnets mentioned throughout the above may be formed of any magnetic substance, I 
find the best results obtained by the employment of the nickel chrome steel. 


While the successful operation of the various devices which I have constructed embodying the 
present invention have not enabled me to arrive definitely and positively at fixed conclusion relative 
to the principles and theories of operation and the source from which current is supplied, I wish it to 
be understood that I consider myself as the first inventor of the general type hereinbefore described 
capable of producing commercially serviceable electricity, for which reason my claims heremafter 
appended contemplate that I may utilize a wide range of equivalents so far as concerns details of 
construction suggested as preferably employed. 


The current which I am able to obtain is dynamic in the sense that it is not static and its production is 
accomplished without chemical or mechanical action either incident to the actual chemical or 
mechanical motion or incident to changing caloric conditions so that the elimination of necessity for 
the use of chemical or mechanical action is to be considered as including the elimination of the 
necessity for the use of heat or varying degrees thereof. 


Having now particularly described and ascertained the nature of my said invention, and in what 
manner the same is to be performed, I declare that what I claim is: --- [Claims not included here] 


NOTES & COMMENTS 
From the Article in Tech. World Mag.: 


1. First demo model was powerful enough to spark a gas engine. 

2. Second model developed 8 volts. 

3. Demo model at Patent Office was elevated on short poles. 

4. The model planned to power Phoenix AZ would be elevated 200 feet. 

5. The Absorber "consists of a series of magnetized steel plates set in a circle (the manner of 
preparing them is kept secret)". 

6. "[T]he magnetizing of one set of plates... is part of the secret of the treatment which makes tt 
respond to the accumulations of the atmosphere". 


From British Patent # 1098 (1913): 


"I have been able... to produce from a very small apparatus at comparatively low elevation, say 
about 50 or 60 feet above the earth’s surface, a substantially constant current at a commercially 
useable voltage and amperage". 


"This current... is capable of being readily increased by additions of the unit elements in the 
apparatus". 


Fig. 1 and Fig. 2 show the magnet poles are connected N-S by a thick iron rod (thick compared to 
the lines used for wires in the drawings). 


No angle is specified for the V-shaped zinc plates. The article (but not the patent) states that the 
plates are magnetized (obviously not zinc). Zinc- galvanized steel? Willa thin film of Zn work? Or, 
powdered Zn in a binder (more surface area)? Or, zinc- galvanized iron wire in a coll? 


The Palmer Craig device ( www.rexresearch.com/craig/craig.htm ) is powered by the terrestrial 
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magnetic field, and employs a thin film of bismuth to capture the energy as diamagnetism. Perhaps 
this can be integrated with Meyers’ device. 


Figure 8 (the demonstration of principle) show uninsulated tron wire being used to connect the 
plates and magnets. The wire is wound around the Bloch wall area of the horseshoe magnets. 
Perhaps Coler-type windings around the poles could be used here ( See: 
www.rexresearch.com/coler/coler.htm ). Coler used copper plates as "condensers" in his device. 
Could copper plates be used for the Meyers device? Perhaps flat (Tesla non-inductive) coils could 
be integrated here. 


"It is essential that the plates 3 be disposed substantially N and S with therr flat faces approximately 
parallel to the adjacent faces of the co-operating magnets... 


"I find that it is immaterial whether the N pole of one of the magnets is disposed to the N and the S 
pole to the S, or vice versa". 


"(T]he magnets and zinc plates... produce electrical currents when disposed... N and S, but when 
disposed... E and W no such currents are produced". 


"[E]levation is by no means vital, but... more efficient results are obtained by placing the zincs and 
magnets on elevated supports". 


"The elements may be disposed in horizontal planes [or vertically]...". 


The "zinc plate 56... [is] arranged longitudinally substantially parallel with the legs of the magnet and 
with the faces of the plate exposed toward the respective legs of the magnet, the plate bemg thus 
arranged endwise toward the north and south". 


The first model used "horseshoe magnets approximately 4 inches in length, the bar comprising the 
horseshoe being about one inch square, the zincs being dimensioned proportionately and from this 
apparatus with the employment of a single intensifier and rectifier, as above stated, I was able to 
obtam a constant current of 8 volts... [T]he magnets... may be permanent or may be 
electromagnets, or a combination of the two... I find the best results obtained by... nickel chrome 
steel”. 


Comments & Questions: 


The rectifier is described as a preferred embodiment, but other designs also work. The Ed Gray 
capacitor design comes to mind ( www.rexresearch.convevgray/l gray.htm ). The Tate Ambient 
Power Module also might apply ( www.rexresearch/tate/tate. htm ). 


Would non-ferrous magnets work? Is there a frequency mvolved (oscilloscope tests)? Coler found 
that ferromagnetism has a resonant frequency about 180 KHz. Can the components be made 
adjustable for RLC-resonance? 
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COMPLETE SPECIFICATION, 


_ Improvements in and relating to Apparatus for Producing 
E ee Electricity. ' a 
I, -Ror Jerour Meyers, of Motel Altamont, Baltimore, in the State of Mary- 
land, United Stites of America, Electrician, do hereby declare the nature uf. 
i this invention and in what manner the same is to be performed, to be particu- 
lurly described and ascertained in and by the following statement: —- 


This invention relates to improvements in apparatus for the production of 
electrical curréuts, and the primary object in view is the production of a com- 
merciully serviceable electrical current without the employment of mechanical 

‘or chemical action. To this end the invention comprises means for producing 
what I believe to be dynamic electricity from the earth and its ambient elements. 
| Tam, of course, aware that it hus been proposed to obtain static charges from 
upper strata of the uimosphere,. but such charges are recognized as of widely 
variant potential aud have thus far proved of no practical commercial value, and. 
the present invention is distinguished from ‘all such apparatus as has heretofore 
been employed for attructing static charges by the tact that this improved 
| apparatus is not designed or employed to produce or generate irregular, fluctuat- 
ing or other electrical charges which lack constancy, but on the other hund I 
bave by actual test been able to produce from w very small apparatus at vom- 
paratively low elevation, suy ubout fifty or sixty feet above the earth's surface, 
a substantially constant current at a commercially usable voltage and amperage. 
) This current £ ascertained by repeated tests is capable of being readily increased 
by additions of the unit elements in the apparatus hereinafter set forth, aud 1 
um convinced from the constancy of the current obtained and its comparatively `. 
low potential that the current is dynamic and not static, although, of course, it: 
is not impossible that certain stutic discharges occur and, in fact, T have found 
occasion to provide against the damage which might result from such discharge 
by the provision of lightning arresters and cut-out apparatus which assist im 
rendering the obtained current stable by eliminating sudden fluctuations which 
sometimes oveur during conditions of high humidity from what I consider static 
discharges. The nuture of my invention is obviously such that I have been 
y unable to establish authoritatively all of the principles involved, and some vf the 
theories herein expressed may possibly prove erroneous, but I do know and am 
able to demoustrate that the apparatus which I have discovered does produce, 
generate, or otherwise acquire. a difference of potential -representing a current 
value which is commercially serviceable und may be delivered at the voltage and 
| umperage above stated, or varied therefrom at the will of the operator according 
to the. uses to which the current is to be subjected. _ | 
The invention comprises generically means for producing electrical currents 
of serviceable potential substantially without the employment of mechanical or 
chemical action, and in this connection I have been able to observe no chemical 
y action whatever on the parts utilized although deterioration may possibly occur 
in some of the parts, but so fur as 1 am uble to determine such deterioration does 
| a add to the current supply but is mercly incidental to the effect of climatic 
on. no RE TES : 
The invention more specifically comprises the employment of a maguet or 


[Price 8d.] Pi > 
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Meyers Improvements in and relating to Apparatus for Producing Electricity. 
maghéts aud a co-operating element, such as zinc disposed adjucent to the maguct 
or ean and E ranr ba ik such manner and arranged relative to the earth so 
as to produce current, my observation being that current is produced only wheu 
such magnets have their poles faciug substantially to the north aud south and 
the zines are disposed substantially along the magnets. einen 
The invention also comprehends other details of construction, combinations 
und arrangemeuts of parts as will hereinafter be fully set forth and claimed, 
In the accompanying, drawings: 

' Figure l is a top plan view of an apparatus premade * the features of the 
present invention, the arrow secompanying the figure indicating substantially 10 
the geographical north, parts of the figure being diagrammatic for condensing 
the showing. gear 

_ Figure 2 is a view in side elevation of the parts seen in plan in Figure 1. 

Figure 3 is a vertical section tuken on the plane indicated by the ling 3-3 
of Figure 2 and looking in the direction indicated by the arrow. -15 

Figure 4 is a detail view purtly in elevation and partly in section showing the 
detail connections of the converter and intensifier. 

. Figure 5 is a transverse section taken on the planes indicated by line 5—5 vt 
Figure 4 and lodking downwardly. , . 

Figure 6 is an enlarged detail fragmentary section illustrating the parts at- 20 


a] 


ihe juncture of the conductors and one of the intensifiers. 

Figure 7 is an enlurged detail view partly in clevation and partly in section 
vf one of the automatic cut-outs and ( 

Vigure 8 is a diagrammatic view of oue of the simplest forms of embodiments- 
vf the invention. i - 25 
. Referring to the drawing by numerals, 1, 1 indicates magnets: connected by 
a magnetic substauve 2, preferably an iron wire. The magnets 1 are arranged 
in purs, one pair being spaced beneath the other, and interposed between the 
magnets are sino plates 3, 3 connected by an won wire conductor 4. Suitable 
insulating supports 5 are arranged for sustuining the respective magnets 1 and 30 
plates 5, 0. Mach pate 3 is ble bent substantially into Y form, us cleurly 
seen in Figure 1, and the Y' of one of the plates opens or faces toward the north 
and the Y ef the other plate tothe south. I have j arasan Der by experimentation 
that it is essential that the plates 3 be disposed substantially north aud south 
with their flat fees approximately parallel to the adjacent faces of the co-* 35 
operating: magnets, althongh by experience 1 have not discovered any material 
dierence tu the current obtained when the plates are disposed slightly to one 
side of north wid south, as tor instance when disposed in the line of the magnetic 
polarity vf the earth. The sume is true with respect to the magnets 1, the suid 
magnets being disposed substantially north and south for operative purposes, | 
although T find that it is immaterial whether the north pole of one of the magnets 
is disposed to the north and the south pole to the south, or vice versa, und it is’ 
my conviction from experience that it is essential to have the mugnets of each 
pur connected by magnetic material so that the magnets substantially become 
ope with » pole exposed to the north und a pole exposed to the south, Tn 
nb det 1, L have indicated in full lines by the letters S and N the respective 
polarities of the maguets 1, and have indicated in dotted lines the other poles 
of those magnets when the councction 2 is severed. I have found that the 
magnets and zine plates operate to produce, whether by collection or generation’ 
I am not certain, Pareri currents when disposed substantially north and south, ¿0 
but when disposed substantially cast and .west no such curreuts are produced. 
I. also find that the question of elevation is by no means vital, but it is true that 
more efficient results are obtained by placing the zincs and magnets on elevated 
supports. I furthermore find from tests that it is possible to- obtain currents 
from the apparatus with the zincs und magnets disposed in a building or other- 55 
wise enclosed, although more efficient results are obtained by having the said’ 
elements parranged in the Open, . | 


40 


45 
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While in Figures 1, 2 and 3, I have shown the magnets and the zinc plates 
as superimposed, it will ‘be apparent, as hereinafter fully set. forth, that these 
elements may be juxta in horizontal planes, and substantially the same 
results will be secured. rthermore, the magnets 1 with the interposed zincs 3, 

5 as:shown in Figures 1, 2 and 3 merely represent a unit which may be repeated 
either horizontally or vertically for increasing the current supply, and when the 
unit is repeated the xinc plates are arran alternating with the magnets 
throughout the entire series as hereinafter indicated. , i 

A conductor 6 is connected in multiple with the ċonductors 2 and a con- 

10 ductor 7 is connected with conductor 4, the conductor 6 extending to one 

- terminal of a rectifier which I have indicated by the general reference character 8, 
and the conductor 7 extending to the other terminal of said rectifier. The 
rectifier as seen in diagram in Figure 1 may assume any of several well known 
embodiments of the electrical valve type and may consist of four assymmetric 

15 cells or Cooper-Hewitt mercury vapor lamps connected as indicated in Figure 1 
for re communication of the positive impulses from conductor y 
to the line conductor 9 and the negative impulses from the conductor 7 only 
to the line conductor 10, and permitting the positive impulses from the con- 
ductor 6 only to the line conductor 9 and the negative impulses from conductor 6 

20 only to the line conductor 10. - The current from this rectifier may be delivered 

through the conductors Y und 10 to any suitable source for consumption. 

‘While the suid rectifier 8 may consist of any of the known types, as above 
outlined, it- preferably consists of a specially constructed ‘rectifier which also 
has the pee of intensifying the current and comprises specifically the 

25 ‘elements shown in detail in Figures 4,-5 and 6 wherein I have disclosed the 
detail wiring of the rectifier when composed of ‘four of the rectifying and 
intensifying elements instead of assymmetric cells or simple mercury va 
,valves. As each of these structures is an exact embodiment of all the others, 
one only will be described, and the description will apply toall. The rectifying 

30 element of each construction consists of a mercury tube 11 which is preferably 
formed of copper but- may be formed of glass or-other suitable material, and 
comprises «a cylinder having its end ions tapered and each terminating in 
an insulating plug or stopper 12. Through the upper stopper 12 is extended 
the electrode.13 which extends well into the tube and preferably substantially | 

35 one-half the length thereof to a point adjacent the inner end of an opposing 
electrode 14 which: latter electrode extends thence downwardly through- the 
insulation 12 at the lower end of the tube. The tube 11 is supplied with 
mercury and is adapted to operate on the principle of the. mercury vapor lamp, 
serving to rectify current by checking back impulses of one sign and permitting 

¿40 passage of impulses of the other. To avoid the necessity for utilizing a starter, - 
us is common with the lamp type of electrical valve, the supply of mercury 
within the tube may be sufficient to contact with the lower end of the electrode 13 
when current is not being supplied, so that as soon as current is passed from ` 
one electrode to the other sufficiently for Aa y that portion of the 

‘4 mercury immediately adjacent the lower end of electrode 13, the structure begins 
its operation as a rectifier, The tube 11 is surrounded by a tube 15 which 
is paa y spaced from tube 11 sufficiently for allowing atmospheric or other 
cooling circulation to pass the tube 11. In some instances; it may be desirable 
to-cool the tube 11. by a surrounding body of liquid, as hereinafter indicated. 

50 The tube 15 may be of insulating material but I find efficient results attained 
hy the employment of a ateel tube, and fixed to the ends of the tube are 
insulating links 16, 16 forming a spool on which are wound twin wires 6' and 7?, 
the wire 6! being connected at the inner helix of the coil with the outer end of 
the electrode 14, the lower ion of said electrode being extended to one side 

-£5 of the tube 11 and passed through an insulating sleeve 17 extending through 
the-tube 15,-and at its outer end merging into the adjacent end of the wire:6'.. 
The wire 7* extends directly from the outer portion of -the spool through, the 
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several helices to a point adjacent the juncture of the electrode 14. with wire 6' 
and thence extends in mechanical parallelism with. the wire throughout the 
toil, the wire 6' ending in a terminal 18 and the wire 7* ending in a terminal 19. 
For the sake of convenience of description and of tracing the circuits, each of 
the apparatus just above deseribed and herein known as an intensifier and 5 
rectifier will ha mentioned us A, B, C and D, respectively. Conductor 6 ix 
formed with branches 20 and 21 and conductor is formed with similar 
branches 22 and 23. Branch 20 from conductor 6 connects with conductor 7! 
of intensifier B and branch 21 of conductor 6 connects with the conductor 7! 
of-intensifier C, while branch 22 of conductor 7 connects with conductor 7! of .10 
intensifier A and branch 23 of conductor 7 connects with conductor 7' of 
intensifier D. A conductor 27 is connected with terminal 19 of intensifier A 
and extends to and is connected with terminal 18 of intensifier ©, and a con- 
ductor 28 is connected with the terminal 19 of intensifier © and extends to and 
is connected with electrode 1') of intensifier A. A conductor 29 extends .from .15 
‘the terminal 19 of intensifier I} to the terminal 18 of intensifier D and a con- 
‘ductor 30 extends from the terminal 19 of intensifier D to electrode 13 of 
‘intensifier B. Ench electrode 13 is supported on a spider 1 resting on. the 
‘upper disk 16 of the respective intensifier. Conductors 31 and 32 are con- | 
nected with the terminals 18 of intensifiers A and B and are united to form :20 
the positive line wire 9 which co-operates with the negative line wire 10 and 
‘extends to any suitable point of consumption. ` The line wire 10 is provided with 
branches 35 and 36 extending ‘to the electrodes 13 of intensifiers © and D for 
completing the negative side of the -circuit. t se oi 3 
Thus it will be seen that alternating currents produced in the wires 6 and 7 24 
will be rectified and delivered in the Alai n direct current through the line 
‘wires Y and 10, and I find by experiment that the -wires 6 and 7 should -be of 
iron, preferably soft, and may of course be insulated, the other wiring not 
specified us iron being of copper or other suitable material. | 
In carrying out the operation as stated, the circuita may be traced as follows: 
A positive impulse starting at the zines 3 is directed: along conductor 7 to 
¿branch 23 to conductor T! and the winding of intensifier D to terminal : 19 
through conductor 30 to electrode 13 of the.rectifier of intensifier B through 
snid rectifier to the conductor 6', through the winding thereof to the contact 18, 
conductor 32 and to the line wire 9. The next or negative impulse directed $5 
ulong conductor 7 cannot find its way along branch 23 and the. circuit just 
ubove traced because it cannot pass across the rectifier of intensifier B but instead 
the negutive impulse passes along conductor 22 to conductor 7 of intensifier A 
‘and the winding thereof to the contact 19 to conductor 27.to contact 18 of 
- intensifier C, to the winding of the wire 6' thereof to the electrode 14 through 40 
the tectifier to the electrode 13 and conductor 36 to the line wire 10. .A 
‘positive impulse delivered to wire 6 passes along the said wire to the branch 21 
to the conductor 7' of intensifier Ù and the winding thereof to the contact 19, 
conductor 28; electrode 13 of the rectifier of intensifier. A, electrode 14 thereof 
und conductór 6' to contact 18 and wire $1 to line wire 9. Obviously the. 45 
positive impulse cannot pass along the wire 20 because of its inverse approach 
to the rectifier of intensifier B. The next impulse or. negative impulse 
delivered to conductor 6 cannot pass along conductor 21 because of its connection 
with electrode 13 of the rectifier of intensifier A, but instead passes along con- 
ductor 20 to the wire 7* and its winding forming part of intensifier B to the’ 59 
contact 19: and conductor. 29 to contact 18-and the. winding of wire 6' of 
intensifier D to the electrode 14 and through. the rectifier to the electrode 13 and 
conductor 35 to line wire 10. ‘Thus the current is rectified and all positive 
` impulses directed along one line and all negative impulses along the other line 
“so that the potential difference between -the two lines will be maximum for the ` 
given current ofthe alternating circuit. It is, of course, apparent. that m- leas 
“number of iutensifiers with their- accompanying rectifier -elements may be 


e. 


30 


Qu 
Ct 


www.rexresearch.com/meyers/meyers.htm 21/26 


12/28/2009 Roy J. Meyers: Absorber (Atmospheric El... 


N° 1098,—A:D. 1913, B 
A o i e, e, 
. Meyers s Improvements in and relating to Apparatur for Producing Electricity. 

piero with a sacrifice of the impulses which are checked back from a lack 
of ability to pass the respective rectifier elements, and in fact 1 have. secured 
. efficient results by the use of a single intensifier with its rectifier elements, as 
hereinafter set forth. eee, 
Grounding conductors 37 and 38 are connected respectively with the con- 
ductors G and 7 and are provided with the ordinary lightning arresteres 9 
rol 40° respectively for protecting the circuit against high tension static 
charges. 
"par AN 41 and 42 are connected respectively with the conductors G and 7 
10 ‘and each connects with an automatic cut-out 43 which is grounded us ut 44. 
Kach of said automatic cut-outs is exactly like the other and one-of the same is 
shown in detail in Figure-7 and comprises the inductive resistance 45 provided 
with an insulated binding post 46 with which the respective conductor 6 or 7 
1s connected, said post also supporting a spring 48 which sustains an armature 49 
35" ndjacent the core of the resistance 4). The helix of resistance 45 is connected © 
preferably through the spring to the binding post at one end and at the other end 
ix grounded on the core of the resistance, the said core being grounded by ground - 
conductor 44 which extends to the metallic plate 52 imbedded in moist carbon 
or other inductive material 55 buried in the carth. Each of the conductors 41, 42 
20 and 44 is of-iron, and in this connection 1 wish it understood that where I state 
the specific substance I am able to verify the accuracy of the statement by the 
results of tests which 1 have made, but of course 1 wish to include along with 
-puch substance ‘all-equivalents, as for instance, where iron is mentioned its by- - 
products, such as steel, and its equivalents such as nickel and other ‘magnetic 
25 substances are intended to be comprehended, The cut-out apparatus seen in 
detail iw Figure 7 is employed particularly for insuring against high tension 
currents it being obvious from the structure shown that when potential rises 
beyond the limit established by the tension of the spring sustaining „the 
armature 49, the armature will be moved to a position contacting with the core 
20 of the cut-out device and thereby directly close the ground connection for line 
wire 41 with conductor 44, eliminating ie resistance of winding 45 and allow- 
ing the: high tension current to be discharged to the ground. Immediately upon 
such discharge the winding 45 losing its current will allow the core to become 
‘demagnetized and reléasc ‘the armatute 49 whereby the ground connection is 
25 substantially broken leaving only the connection through the winding 45 the 
reyistance-of which is sufficient for jnsuring against loss of low tension current. 
In Figure 8 I have illustrated an apparatus which though apparently primitive 
¿in «construction and arrangement comprehends the first successful embodiment 
which 1. produced in the eourse of the diseovery of the present invention, and it 
40 will be observed that the essential features of the invention are therein, disclosed. 
- The -structure delineated: in said figure consists of horse shoe magnets 54, 54, 
one facing north and the other south, that is, each opening in the respective 
directions indicated and the two being connected by an iron wire 55 which ia 
_* uninsulated and wrapped about the respective magnets at or adjacent the neutral 
45 zone thereof, and the wire 55 is preferably soldered to the respective magnets 
¿each end portion of the wire 5% being extended from the respective magnet to 
„and. connected with. us by being soldered to, a xine plate 56, there being a 
plate 56 for each magnet and each plate being read lenettadiaadly substan- 
tially parallel with the legs of the magnet and with the faces of the plate exposed 
50 toward the respective Jegs of the magnet, the plate being thus arranged endwise 
toward the north gnd south. An-iron wire 5y connects the plates 56, the ends 
„of the wire being preferably connected adjacent the outer ends of the plates but 
from experiment I find that the wire may be connected at practically any point 
to the,plate. Lead wires 58 and 59 are connected abr gor d with the wires 55 
55 and 57 and supply an alternating current ordinarily at a comparatively low 
tension, and to rontrol-such current the wires 58 and 59 may be extended to.A 
rectifier or: combined rectifier and intensifier, as above set forth, l 
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The tests which I have found successful with the apparatus seen in Figure 8 
were curried out by the employment first of horse shoe magnets approximately 
four inches in length, the bar comprising the horse shoe being about one inch 
square, the xincs Tob dimensioned proportionately and from this apparatus 
with the employment of a single intensifier and rectifier, as above stated, I was 
able to obtain a constant current of 8 volts, 

Tt should be obvious that the magnets forming one of the electrodes of this 
oe may be permanent or may be electro-magnets, or a combination of 
the two. 0 > 

While the magnets mentioned throughout the above may be formed of any 10 
magnetic substance, I find the hest results obtained hy the employment of the 
nickel chrome steel. . 

While the successful operation of the various devices which I have constructed, 
embodyiny the present invention have not enabled me to arrive definitely and 
positively at fixed conclusions relative to the principles nud theories of operation 15 
und the source from which current is supplied, I wish it to be understood that 
I consider myself as the first inventor of an apparatus of the general type herein- 
before described capable of producing commercially serviceable electricity, for 
whieh reason my claims hereinafter appended contemplate that I may utilize a 
wide range of equivalents so far as concerns details of construction suggested 20- 
us preferably employed. 

The current which I am able to obtain is dynamic in the sense that.it is not 
static and its production is accomplished without chemical or mechanical action 
cither incident to the actual chemical or mechanical motion or incident to 
changing calorific conditions so that the elimination of necessity for the use of 95 
chemical or mechanical action is to be considered as including the eHmination 
of the necessity for the use of heat or varying degrees thereof. 


a 


Having now particularly described and ascertained the nature of my said 
invention, and in what manner the same is to be performed, I declare that what . 
I eluim is :— 30 


1. Means for producing dynamic electricity without mechanical or chemical 
action. 

2. Electricity producing means as claimed in Claim 1, characterized in that 

"said means is capable of producing low tension current. ; i 

Y. Electricity producing means as claimed in Claim 1, characterized in that 35 

said means comprises u magnet, and means co-operating with the latter. 
= 4. Means aè set forth in Claim 3, keria in that the parts are stationary. 

5. Means as claimed in Claim 3, characterized in that the magnet is disposed 
‘substantially north and south. 

G. ‘Means as claimed in Claims 1, 3 and 4, wherein the means coacting with 40 

‘the magnet is a metal and said parts are disposed substantially north and south. 

7. Means as claimed in Claims 1, 3 and 6, in which the metal is zinc, and 
combined with conductors connected with the co-operating parts to deliver current 
therefrom. ( E 
" 8, Means as set forth in Claim 1, characterized in that said means comprises 45 
spaced magnets with an adjacent co-operating zinc, and an iron wire connecting 
the magnets, and means to deliver electrienl current from said parta. i 

9, Means as set forth in Claim 8, characterized iù that the current delivery 
' means comprises an intensifier and rectifier. | E 

10: Means as set forth in Claim 8, characterized in that the current delivery 
means comprises wires connected with the magnets and zinc, an electrical valve 
connected with one of said wires, and independent helicés surrounding said valve, 
one of said helices being connected with the terminal of the valve at the opposite 
side from the contact of said wire and the other of said helices being connected | 
with the other wire, the electrical valye comprising a: mercury vapor rectifier. 55 

11. The process of producing electricity comprising exposing a magnet and 
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12/28/2009 Roy J. Meyers: Absorber (Atmospheric El... 
N? 1098.—A.D. 1913, 7 


Meyers's Improvements in aud relating to Apparatus for Producing Electricity. 


a means disposed substantially north and south and taking off current 
therefrom 
12. The process of producing electricity comprising pers air stationary, 
elements in co-operative relation in respect to each other and with respect to 
5 the earth for giving off relatively low tension electrical current, substantially 
without chemical action. 
13. Electricity producing means constructed and Pem iii ii as 
described with reference to the accompanying drawings. 


i Dated this 13th day of January, 1913. 
10 W. P. THOMPSON & Co., 
; G, Lord Street, Liverpool, and at 
Bradford £ London, 
Agents for the Applicant. 
Reference has’ been directed, in pis of Section 7, Sub-section 4, of tha 


15 Patents and Designs Act, 1907, , to > grrr No. 16,709 of 1887, No, 14,033 
of 1899, No. 15,412 of 1906, and 5457 of 1911. 


Rodhill: Priutod for His Mujesty's Stationery Office, by Lovo & Malcomson, Ltd.—1914. 
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Roy J. Meyers Absorber, GB Patent 191301098. 


This device was brought to my attention by Grumage. Here is my take on why it 
worked. 


In its simplest form the device consists of two horseshoe magnets, some zinc plates 
and some uninsulated iron wire. The iron wire is wound around the curved ends of 
the horseshoe magnet and connected to the zinc plates as shown in figure 1. The 
system has to be aligned with the earth’s magnetic field. 


To rectifier 


Uninsulated Fe wires ee 


Zinc plates 


Figure 1. Simple Scheme reported to supply alternating current at low voltage 


At first sight this seems incapable of providing alternating voltage but here is a 
possible explanation. If you follow the magnetization axis of each horseshoe it is 
seen that the earth’s field supplies a magnetic gradient around the curved section, 
hence spin polarized conduction electrons therein will be dragged along thus creating 
a tiny potential difference between the two legs of each magnet. The iron wires 
wound over that curved end do nothing except create contact points at the ends of 
each curvature. We can discount any galvanic potential between iron wire and 
magnet since the magnets used were of magnetized steel. However we cannot ignore 
the galvanic potential between the zinc and the iron connection, or indeed the solder 
used for the connection. Although the two connections to the zinc would normally 
result in a zero overall potential, there exists a difference in the magnetic field at each 
end of the zinc, which could result in a significant (but low) voltage present. This 
magneto-Seebeck effect is a fairly new phenomenon and would not have been known 
in 1913 when the patent application was made. Also unknown at that time was the 
presence of spin-polarized conduction electrons. 


This all predicts the presence of DC voltage, so how could this become AC? Well the 
magneto-Seebeck effect can result in a positive or a negative potential, and it also 
changes with temperature. In fact there can be a crossover temperature where it 
changes from positive to negative. Hence the DC current flowing around the closed 
loop of iron wire could heat the thin zinc plates to take it through that crossover 
temperature, whereupon the current decreases, the zinc cools down then the whole 
process repeats itself. This would result in a very low frequency AC voltage being 
observed. 
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(57) ABSTRACT 


Atmospheric Transduction System including a Power Fre- 
quency broadcast station, a receiver, and a network. The 
Power Frequency broadcast station includes a transmitter and 
a computer server. The receiver is in communication with the 
Power Frequency broadcast transmitter and also includes a 
user interface for receiving user input commands comprising 
a request for information from the Power Frequency broad- 
cast station. The receiver is configured to establish a two-way 
communication path between the receiver and the Power 
Frequency broadcast transmitter. The network is in commu- 
nication with the transducer, controller and the receiver for 
exchanging information therebetween. In response to oscil- 
lation translation and/or rotation of the electronic transducer, 
portions of forces induced by the mass are transferred to the 
piezoelectric elements. Electrical energy output by these 
piezoelectric elements is received in a power controller and 
can be applied to the battery as self charging. The piezoelec- 
tric transducer includes a conductive rotor and bearings, at 
least one of them incorporating a vibrator of mechanical 
oscillation, having a piezoelectric transducer converting 
mechanical vibrations into electric power. 
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ATMOSPHERIC TRANSDUCTION SYSTEM 


CROSS REFERENCE TO RELATED 


APPLICATIONS 
[0001] NONE 
BACKGROUND OF THE INVENTION 
Field of the Invention 
[0002] Self-propelled travel is a type of recreational adven- 


ture travel using human powered transport. This includes 
non-motorized machines such as a bicycle or skateboard. It is 
in contrast to traveling in a powered vehicle (such as an 
automobile) as in that case it is the vehicle which powers 
itself. Self-propelled travel is used to travel short distances or 
even for much longer distances such as bicycle touring. Self 
propelled describes something that moves, progresses or acts 
on its own power without needing outside help. Leonardo da 
Vinc?’s 1478 Self-Propelled Car: It was more than 500 years 
ago, however—sometime around the year 1478 to be more or 
less specific—when Leonardo drew out his plans for the 
world’s first self-propelled vehicle. Experts originally 
believed two leaf springs, the simplest form of the spring 
typically used for automotive suspensions, somehow pow- 
ered the vehicle. Closer inspection eventually revealed the 
power came from bigger, coiled springs located in tambours, 
cylindrical drum-like casings, inside the car’s frame. The 
machine works like a robot or a wind-up toy simply by rotat- 
ing the wheels opposite of their intended direction, which 
winds up the springs inside and gives it power. Self propul- 
sion (of a vehicle) provided with its own source of tractive 
power rather than requiring an external means of propulsion. 
[0003] Inthe middle of the 18th century, Benjamin Frank- 
lin’s experiments showed that electrical phenomena of the 
atmosphere were not fundamentally different from those pro- 
duced in the laboratory. By 1749, Franklin observed lightning 
to possess almost all the properties observable in electrical 
machines. 

[0004] In July 1750, Franklin hypothesized that electricity 
could be taken from clouds via a tall metal aerial with a sharp 
point. Before Franklin could carry out his experiment, in 1752 
Thomas-Francois Dalibard erected a 40-foot (12 m) iron rod 
at Marly-la-Ville, near Paris, drawing sparks from a passing 
cloud. With ground-insulated aerials, an experimenter could 
bring a grounded lead with an insulated wax handle close to 
the aerial, and observe a spark discharge from the aerial to the 
grounding wire. In May 1752, Dalibard affirmed that Frank- 
lin’s theory was correct. 


Piezoelectric Motor 


[0005] A piezoelectric motor or piezo motor is a type of 
electric motor based upon the change in shape of a piezoelec- 
tric material when an electric field is applied. Piezoelectric 
motors make use of the converse piezoelectric effect whereby 
the material produces acoustic or ultrasonic vibrations in 
order to produce a linear or rotary motion. In one mechanism, 
the elongation in a single plane is used to make a series 
stretches and position holds, similar to the way a caterpillar 
moves. A transducer is a device that converts one form of 
energy to another. Energy types include (but are not limited 
to) electrical, mechanical, electromagnetic (including light), 
chemical, acoustic or thermal energy. While the term trans- 
ducer commonly implies the use of a sensor/detector, any 
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device which converts energy can be considered a transducer. 
Transducers are widely used in measuring instruments. 
Piezoelectric materials can also be used to harvest low levels 
of mechanical energy into electrical energy suitable for pow- 
ering wireless sensors, low power microprocessors or charg- 
ing batteries. Rotary Uses include rotating machines such as 
fans, turbines, drills, the wheels on electric cars, locomotives 
and conveyor belts. Also, in many vibrating or oscillating 
machines, an electric motor spins an unbalanced mass, caus- 
ing the motor (and its mounting structure) to vibrate. 


Atmospheric Electricity 


[0006] There is always free electricity in the air and in the 
clouds, which acts by induction on the earth and electromag- 
netic devices. Experiments have shown that there is always 
free electricity in the atmosphere, which is sometimes nega- 
tive and sometimes positive, but most generally positive, and 
the intensity of this free electricity is greater in the middle of 
the day than at morning or night and is greater in winter than 
in summer. In fine weather, the potential increases with alti- 
tude at about 30 volts per foot (100 V/m). 


Atmospheric Layers 


[0007] The electrical conductivity of the atmosphere 
increases exponentially with altitude. The amplitudes of the 
electric and magnetic components depend on season, latitude, 
and height above the sea level. The greater the altitude the 
more atmospheric electricity abounds. The exosphere is the 
uppermost layer of the atmosphere and is estimated to be 500 
km to 1000 km above the Earth’s surface, and its upper 
boundary at about 10,000 km. The thermosphere (upper 
atmosphere) is the layer of the Earth’s atmosphere directly 
above the mesosphere and directly below the exosphere. 
Within this layer, ultraviolet radiation causes ionization. 
Theories that have been proposed to explain the phenomenon 
of the polar aurora, but it has been demonstrated by experi- 
ments that it is due to currents of positive electricity passing 
from the higher regions of the atmosphere to the earth. 
[0008] The mesosphere (middle atmosphere) is the layer of 
the Earth’s atmosphere that is directly above the stratosphere 
and directly below the thermosphere. The mesosphere is 
located about 50-80/85 km above Earth’s surface. The strato- 
sphere (middle atmosphere) is a layer of Earth’s atmosphere 
that is stratified in temperature and is situated between about 
10 km and 50 km altitude above the surface at moderate 
latitudes, while at the poles it starts at about 8 km altitude. The 
stratosphere sits directly above the troposphere and directly 
below the mesosphere. The troposphere (lower atmosphere) 
is the densest layer of the atmosphere. 

[0009] The planetary boundary layer (PBL), also known as 
the atmospheric boundary layer (ABL), is the lowest part of 
the atmosphere and its behavior is directly influenced by its 
contact with the planetary surface. It is also known as the 
“exchange layer”. (see also: p-n junction.) 

[0010] There is a potential gradient at ground level (“Atmo- 
sphere ground layer”) and this vertical field corresponds to 
the negative charge in and near the Earth’s surface. The nega- 
tive potential gradient falls rapidly as altitude increases from 
the ground. Most of this potential gradient is in the first few 
kilometers. The positive potential gradient rises rapidly as 
altitude increases from the ground. Volta, over two centuries 
before the 21st century, discovered with some degree of exac- 
titude that the proportions of the ordinates of the curve or 
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gradient of electric potential increased as the distance from 
the earth increases, and, more recently, Engel has provided 
data to calculate the increase (Image to the right). 


Drum-Type Generator 


[0011] A drum-type homopolar generator has a magnetic 
field (B) that radiates radially from the center of the drum and 
induces voltage (V) down the length of the drum. A conduct- 
ing drum spun from above in the field of a “loudspeaker” type 
of magnet that has one pole in the center of the drum and the 
other pole surrounding the drum could use conducting ball 
bearings at the top and bottom of the drum to pick up the 
generated current. 


Astrophysical Unipolar Inductors 


[0012] Unipolar inductors occur in astrophysics where a 
conductor rotates through a magnetic field, for example, the 
movement of the highly conductive plasma in a cosmic 
body’s ionosphere through its magnetic field. In their book, 
Cosmical Electrodynamics, Hannes Alfven and Carl-Gunne 
Falthammar write: 

[0013] “Since cosmical clouds of ionized gas are generally 
magnetized, their motion produces induced electric fields | . . 
. | For example the motion of the magnetized interplanetary 
plasma produces electric fields that are essential for the pro- 
duction of aurora and magnetic storms” |... | 

[0014] “... the rotation of a conductor in a magnetic field 
produces an electric field in the system at rest. 

[0015] This phenomenon is well known from laboratory 
experiments and is usually called ‘homopolar’ or “unipolar” 
induction. 


The Faraday Disc 


[0016] The homopolar generator was developed first by 
Michael Faraday during his experiments in 1831. It is fre- 
quently called the Faraday disc in his honor. It was the begin- 
ning of modern dynamos—that is, electrical generators 
which operate using a magnetic field. It was very inefficient 
and was not used as a practical power source, but 1t showed 
the possibility of generating electric power using magnetism, 
and led the way for commutated direct current dynamos and 
then alternating current alternators. 


Boeing 737-800 


[0017] The Boeing Fuel Cell Demonstrator Airplane has a 
Proton Exchange Membrane (PEM) fuel cell/lithium-ion bat- 
tery hybrid system to power an electric motor, which is 
coupled to a conventional propeller. The fuel cell provides all 
power for the cruise phase of flight. During takeoffand climb, 
the flight segment that requires the most power, the system 
draws on lightweight lithium-ion batteries. 

[0018] The demonstrator aircraft is a Dimona motor glider, 
built by Diamond Aircraft Industries of Austria, which also 
carried out structural modifications to the aircraft. With a 
wing span of 16.3 meters (53.5 feet), the airplane will be able 
to cruise at approximately 100 kilometers per hour (62 miles 
per hour) on power from the fuel cell. 

[0019] Nikola Tesla explored the wireless transmission of 
energy through his work with radio and microwaves and his 
creation of the Tesla coil and the magnifying transmitter. In 
1898, Tesla demonstrated his radio-controlled boat, which he 
was able to control remotely. In the 1930s, Tesla claimed to 
have invented a particle beam weapon, or, as some called it, a 
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“peace ray.” The device was, in theory, capable of generating 
an intense, targeted beam of energy and sending it across 
great distances to demolish warplanes, foreign armies, or 
anything else you’d rather didn’t exist. 

[0020] “Roy J. Meyers, British Patent Number 1098” 
[0021] This invention relates to improvements in apparatus 
for the production of electrical currents, and the primary 
object in view is the production ofa commercially serviceable 
electrical current without the employment of mechanical or 
chemical action. To this end the invention comprises means 
for producing what I believe to be dynamic electricity from 
the earth and its ambient elements. 

[0022] Edward Leedskalnin: Magnetic Current— 

[0023] The Perpetual Motion Holder is primarily a teaching 
device but it has many functions including an electromagnet, 
this is easy enough to see; it is a generator—spin a magnet 
between the coils it will generate electricity; it functions as a 
transformer; it demonstrates how permanent magnets are 
made, and is a holder of perpetual motion. 


Strategic Defense Initiative 


[0024] The Strategic Defense Initiative (SDI) was proposed 
to use ground and space-based systems to protect the United 
States from attack by strategic nuclear ballistic missiles. 


Description of the Related Art 


[0025] The present invention relates to a ball bearing 
assembly structure, an electromagnetic clutch having the ball 
bearing assembly structure, and a gas compressor equipped 
with the electromagnetic clutch. 

[0026] When operating the gas compressor, the electro- 
magnet of the electromagnetic clutch is energized to attract or 
adsorb the follower armature plate to an end surface of the 
prime-mover pulley and join the prime-mover pulley and the 
rotor shaft, thereby rotating the rotor shaft. 

[0027] The ball bearing of the electromagnetic clutch con- 
ventionally has used one having an even number of balls per 
row. Generally, the ball bearing causes vibration and noise 
due to rotation. In the case of the ball bearing rotating while 
undergoing a radial load due to a tension of the belt, vibration 
and noise considerably occur. Particularly when other vibra- 
tion and noise levels are lowered during engine idling, the 
vibration and noise of the ball bearing transmitted to the 
vehicular compartment is not negligible. 

[0028] The inventor has conducted various experiments 
and discovered that the one factor of high vibration and noise 
level is an even number of balls of the ball bearing. In the ball 
bearing having an even number of balls per one row, the balls 
are in a facing relation to have linear-symmetry arrangement 
between the inner race and the outer race. The deformation 
and vibration at a regular particular frequency is caused in the 
inner and outer races. It is to be considered that the vibration 
as a source also increases noise. 

[0029] The present invention relates generally and in vari- 
ous embodiments to piezoelectric mechanical systems. More 
specifically, the present invention relates generally and in 
various embodiments to atmospheric oscillation transducer 
apparatuses, systems, and methods. 

[0030] Although various implementations of the present 
invention, among many, may be described herein with refer- 
ence to the specific illustratrve embodiments related to par- 
ticular applications, those skilled in the art will understand 
that the invention is not in any way intended to be limited to 


US 2014/0152016 Al 


such embodiments and/or applications. Those having ordi- 
nary skill in the art and reference to the description of the 
embodiments herein will recognize additional modifications, 
applications, and other embodiments falling within the scope 
of the claimed invention and additional fields in which the 
present invention may be practiced. 

[0031] Digital Radio (also known as Satellite Radio or Sat- 
ellite Digital Audio Radio Service (SDARS)) is a subscriber- 
based digital radio service that is broadcast via satellites. 
Digital radio service provides compact-disc (CD) quality pro- 
gramming that may be digitally transmitted via one or more 
satellites and/or space stations to one or more Earth-based 
(terrestrial) digital radio stations, receivers, and/or repeaters. 
In satellite-based direct-broadcast radio services, digitally- 
encoded audio program material may be broadcast to terres- 
trial fixed or mobile digital radio receivers. Fixed receivers 
may include, for example, stand alone digital radio receivers 
or digital radio receivers connected via computer networks, 
including for example, the Internet. Mobile receivers may 
include, for example, digital radio receivers located in auto- 
mobiles, aircrafts, watercrafts, and the like. 

[0032] Satellite-based digital audio radio services such as 
SDARS, for example, may be broadcast to one or more digital 
radio receivers either directly from an orbiting satellite, or 
indirectly from one or more repeater stations. Such repeater 
stations may be useful where the digital radio receiver is 
located in a shielded location or where there is no direct line 
of sight between the radio and the satellite. In other digital 
audio radio services systems, the audio programs also may be 
transmitted in digital form by one or more space stations 
directly to fixed, mobile, and/or portable radio stations. Such 
systems may comprise, for example, orbiting satellites, 
complementary repeating terrestrial transmitters, telemetry, 
tracking, and control facilities. 

[0033] Combinations of mechanical devices U.S. Pat. Nos. 
4,019,073, 6,615,968 and atmospheric system interaction are 
disclosed in U.S. Pat. Nos. 1,119,732, 787,412, 6,902,513 to 
Nikola Tesla; 28,793 to Charles Vion; and U.S. Pat. No. 
1,540,998 to Herman Plauson. Lastly, U.S. Pat. No. 8,102, 
078 and US2008/0009240. Agnoff discloses an Oscillating 
watch winder in U.S. Pat. No. 6,543,929, Jennings further 
discloses an oscillating smart device in application No. 
13,572,679. 

[0034] As illustrated by a large body of prior art, including 
the above-noted patents, and a large number of commercial 
devices, efforts are continuously being made in an attempt to 
improve helmets, headsets and their methods of fabrication. 
Nothing in the prior art, however, suggests the present inven- 
tive combination of materials and method steps as herein 
described and claimed. The present invention achieves its 
purposes, objects and advantages over the prior art through a 
new, useful and unobvious combination of components and 
method steps which improve safety, comfort and noise abate- 
ment performance. 

[0035] Therefore, itis an object of this invention to provide 
Effectively, the provision of energy such that it meets the 
needs of the present without compromising the ability of 
future generations to meet their own needs .. . . Sustainable 
Energy has two key components: renewable energy and 
energy efficiency. 

[0036] It is still a further objection of this invention to 
promote Dynamic harmony between equitable availability of 
energy-intensive goods and services to all people and the 
preservation of the earth for future generations.” And, “the 
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solution will lie in finding sustainable energy sources and 
more efficient means of converting and utilizing energy. 
[0037] It is a further object of the present invention to 
produce Green Power Energy: is energy that can be extracted, 
generated, and/or consumed without any significant negative 
impact to the environment, green power; as electricity pro- 
duced from solar, wind, geothermal, biogas, biomass, and 
low-impact small hydroelectric sources. 

[0038] Thus, there is a need for a clean energy system that 
uses atmospheric electricity. 


Prior Art 


[0039] Quartz crystals have been in regular use for many 
years to give an accurate frequency for all radio transmitters, 
radio receivers and computers. Their accuracy comes from an 
amazing set of coincidences: Quartz—which is silicon diox- 
ide like most sand—is unaffected by most solvents and 
remains crystalline to hundreds of degrees Fahrenheit. The 
property that makes it an electronic miracle is the fact that, 
when compressed or bent, 1t generates a charge or voltage on 
its surface. This is a fairly common phenomenon called the 
Piezoelectric effect. In the same way, if a voltage is applied, 
quartz will bend or change its shape very slightly. 

[0040] Ifa bell were shaped by grinding a single crystal of 
quartz, it would ring for minutes after being tapped. Almost 
no energy is lost in the material. A quartz bell—if shaped in 
the right direction to the crystalline axis—will have an oscil- 
lating voltage on its surface, and the rate of oscillation is 
unaffected by temperature. If the surface voltage on the crys- 
tal is picked off with plated electrodes and amplified by a 
transistor or integrated circuit, it can be re-applied to the bell 
to keep it ringing. 

[0041] Theelectronics of the watch initially amplifies noise 
at the crystal frequency. This builds or regenerates into oscil- 
lation—tt starts the crystal ringing. The output of the watch 
crystal oscillator is then converted to pulses suitable for the 
digital circuits. 


Polymers 


[0042] Polyvinylidene fluoride (PVDF): PVDF exhibits 
piezoelectricity several times greater than quartz. Unlike 
ceramics, where the crystal structure of the material creates 
the piezoelectric effect, in polymers the intertwined long- 
chain molecules attract and repel each other when an electric 
field is applied. 


Near Space 


[0043] Solar particles become trapped within the Earth’s 
magnetic field and form radiation belts. The Van Allen radia- 
tion belt is a torus of energetic charged particles (i.e. a plasma) 
around Earth, trapped by Earth’s magnetic field. 

[0044] At elevations above the clouds, atmospheric elec- 
tricity forms a continuous and distinct element (called the 
electrosphere) in which the Earth is surrounded. The electro- 
sphere layer (from tens of kilometers above the surface of the 
earth to the ionosphere) has a high electrical conductivity and 
is essentially at a constant electric potential. The ionosphere 
is the inner edge of the magnetosphere and is the part of the 
atmosphere that is ionized by solar radiation. (Photoionisa- 
tion is a physical process in which a photon is incident on an 
atom, ion or molecule, resulting in the ejection of one or more 
electrons.) 
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Advantages/Disadvantages 


[0045] Energy in electronic elements: Electric potential 
energy, or electrostatic potential energy, is a potential energy 
(measured in joules) that results from conservative Coulomb 
forces and is associated with the configuration of a particular 
set of point charges within a defined system. The term “elec- 
tric potential energy” is used to describe the potential energy 
in systems with time-variant electric fields, while the term 
“electrostatic potential energy” is used to describe the poten- 
tial energy in systems with time-invariant electric fields. 


[0046] Capacitance is the ability of a body to store an elec- 
trical charge. Any body or structure that is capable of being 
charged, either with static electricity or by an electric current, 
exhibits capacitance. A common form of energy storage 
device 1s a parallel-plate capacitor. In a parallel plate capaci- 
tor, capacitance is directly proportional to the surface area of 
the conductor plates and inversely proportional to the sepa- 
ration distance between the plates. If the charges on the plates 
are +q and -q, and V gives the voltage between the plates, then 
the capacitance C is given by 


C=g/V. 


[0047] The capacitance is a function only of the physical 
dimensions (geometry) of the conductors and the permittivity 
of the dielectric. It is independent of the potential difference 
between the conductors and the total charge on them. 


[0048] Piezoelectricity is the combined effect of the elec- 
trical behavior of the material: 


D=EE 


where D is the electric charge density displacement (electric 
displacement), © is permittivity and E 1s electric field 
strength, and 


Hooke’s Law: S=sT 


where S is strain, s is compliance and T is stress. 


[0049] Polyvinylidene fluoride, or polyvinylidene difluo- 
ride (PVDF) is a highly non-reactive and pure thermoplastic 
fluoropolymer produced by the polymerization of vinylidene 
difluoride. PVDF is a specialty plastic material in the fluo- 
ropolymer family; it is used generally in applications requir- 
ing the highest purity, strength, and resistance to solvents, 
acids, bases and heat and low smoke generation during a fire 
event. Compared to other fluoropolymers, it has an easier 
melt process because of its relatively low melting point of 
around 177° C. 


[0050] Ithas alow density (1.78) and low cost compared to 
the other fluoropolymers. It is available as piping products, 
sheet, tubing, films, plate and an insulator for premium wire. 
It can be injected, molded or welded and is commonly used in 
the chemical, semiconductor, medical and defense industries, 
as well as in lithium ion batteries. It is also available as a 
crosslinked closed cell foam, used increasingly in aviation 
and aerospace. PVDF has a glass transition temperature (Tg) 
of about -35° C. and is typically 50-60% crystalline. To give 
the material its piezoelectric properties, it is mechanically 
stretched to orient the molecular chains and then poled under 
tension. PVDF exists in several forms: alpha (TGTG'), beta 
(TITT), and gamma (TTTGTTTG’') phases, depending on 
the chain conformations as trans (T) or gauche (G) linkages. 
When poled, PVDF is a ferroelectric polymer, exhibiting 
efficient piezoelectric and pyroelectric properties. These 
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characteristics make it useful in sensor and battery applica- 
tions. Thin films of PVDF are used in some newer thermal 
camera sensors. 

[0051] Copolymers: Copolymers of PVDF are also used in 
piezoelectric and electrostrictive applications. One of the 
most commonly-used copolymers is P(VDF-trifluoroethyl- 
ene), usually available in ratios of about 50:50 wt % and 65:35 
wt % (equivalent to about 56:44 mol % and 70:30 mol %). 
Another one is P(VDF-tetrafluoroethylene). They improve 
the piezoelectric response by improving the crystallinity of 
the material. 

[0052] While the copolymers’ unit structures are less polar 
than that of pure PVDF, the copolymers typically have a much 
higher crystallinity. This results in a larger piezoelectric 
response: d33 values for PCVDF-TrFE) have been recorded to 
be as high as -38 pC/N versus -33 pC/N in pure PVDF. 
[0053] Applications: 

[0054] The piezoelectric properties of PVDF are used to 
advantage to manufacture tactile sensor arrays, inexpensive 
strain gauges and lightweight audio transducers. Piezoelec- 
tric panels made of PVDF are used on the Venetia Burney 
Student Dust Counter, a scientific instrument of the New 
Horizons space probe that measures dust density in the outer 
solar system. PV DF is the standard binder material used in the 
production of composite electrodes for lithium ion batteries. 
1-2% weight solution of PVDF dissolved in N-Methyl-2- 
pyrrolidone (NMP) is mixed with an active lithium storage 
material such as graphite, silicon, tin, LiCoO2, LiMn204, or 
LiFePO4 and a conductive additive such as carbon black or 
carbon nanofibers. This slurry is cast onto a metallic current 
collector and the NMP is evaporated to form a composite or 
paste electrode. PVDF is used because it is chemically inert 
over the potential range used and does not react with the 
electrolyte or lithium. Piezoelectric elements can be used in 
laser mirror alignment, where their ability to move a large 
mass (the mirror mount) over microscopic distances is 
exploited to electronically align some laser mirrors. By pre- 
cisely controlling the distance between mirrors, the laser elec- 
tronics can accurately maintain optical conditions inside the 
laser cavity to optimize the beam output. Piezoelectric sen- 
sors especially are used with high frequency sound in ultra- 
sonic transducers for medical imaging and also industrial 
nondestructive testing (NDT). 

[0055] For many sensing techniques, the sensor can act as 
both a sensor and an actuator—often the term transducer is 
preferred when the device acts in this dual capacity, but most 
piezo devices have this property of reversibility whether it is 
used or not. Ultrasonic transducers, for example, can inject 
ultrasound waves into the body, receive the returned wave, 
and convert it to an electrical signal (a voltage). Most medical 
ultrasound transducers are piezoelectric. 

[0056] Advantageously, 

[0057] Sustainable energy is the sustainable provision of 
energy that meets the needs of the present without compro- 
mising the ability of future generations to meet their needs. 
Technologies that promote sustainable energy include renew- 
able energy sources, such as hydroelectricity, solar energy, 
wind energy, wave power, geothermal energy, and tidal 
power, and also technologies designed to improve energy 
efficiency. 

[0058] This sequence of oscillations causes the rotor within 
the watch to spin rapidly thereby winding the watch in a 
manner closely simulating the spinning of the rotor that 
occurs during normal winding of the watch when the watch is 


US 2014/0152016 Al 


worn by a user. Due to the forces that are exerted, the rotor 
spins around the watch shaft during the oscillations, as 
opposed to the partial rotation observed in prior art mecha- 
nisms. Therefore, the time required to wind the watch, and the 
energy required, is substantially reduced. Moreover, since the 
rotor 1s spinning about the shaft, as opposed to merely being 
held in a downward position while the watch is rotated, wind- 
ing more closely approximating the design mechanism is 
achieved, thereby putting less wear on the watch. 

[0059] This invention relates to satellite communications 
systems using multiple spot beams from a geosynchronous 
earth orbit satellite to provide selective coverage of the con- 
tinental United States and, more particularly, relates to a 
system having a satellite receiving hub in every spot beam 
that allows for asynchronous communications between each 
hub and the satellite for maximizing frequency re-use. 
[0060] These purposes, objects and advantages should be 
construed as merely illustrative of some of the more promi- 
nent features and applications of the present invention. Many 
other beneficial results can be obtained by applying the dis- 
closed invention in a different manner or by modifying the 
invention within the scope of the disclosure. Accordingly, 
other purposes, objects and advantages as well as a fuller 
understanding of the invention may be had by referring to the 
summary herein mentioned and detailed description describ- 
ing the preferred embodiments of the invention, in addition to 
the scope of the invention, as defined by the claims, taken in 
conjunction with the accompanying drawings. 


SUMMARY OF THE INVENTION 


[0061] In one general respect, an embodiment of the 
present invention is directed to a system. The system includes 
a Power Frequency broadcast station, a receiver, and a net- 
work. The Power Frequency broadcast station includes a 
transmitter and a server. The receiver is in communication 
with the Power Frequency broadcast transmitter and also 
includes a user interface for receiving user input commands 
comprising a request for information from the Power Fre- 
quency broadcast station. 

[0062] The receiver is configured to establish a two-way 
communication path between the receiver and the Power 
Frequency broadcast transmitter. The network is in commu- 
nication with the server and the receiver for exchanging infor- 
mation therebetween. The request for information is provided 
to the server via the network and the server is configured to 
receive the request and transmit a response message to the 
receiver in accordance with the request. 
Continuously Outboard Recharged Electric Vehicle 
(COREY) 


[0063] Given suitable infrastructure, permissions and 
vehicles, BEVs (battery electric vehicles) can be recharged 
while the user drives. The BEV establishes contact with an 
electrified rail, plate or overhead wires on the highway via an 
attached conducting wheel or other similar mechanism (see 
Conduit current collection). The BEV’s batteries are 
recharged by this process—on the highway—and can then be 
used normally on other roads until the battery is discharged. 
Some of battery-electric locomotives used for maintenance 
trains on the London Underground are capable of this mode of 
operation. Power is picked up from the electrified rails where 
possible, switching to battery power where the electricity 
supply is disconnected. 
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[0064] The present invention is directed to overcome the 
disadvantages of the prior art. The invention is a mechanism 
which taps into the naturally occurring static electricity in the 
atmosphere. Whereas heretofore, the attempt to garner elec- 
tricity from the atmosphere has focused exclusively on cap- 
turing lightning, the present invention syphons off the static 
electricity which is generated from any agitated air and voids 
lightning. 

[0065] Lightning is only the final discharge of the static 
electricity, whether that lightning is intra-cloud lightning, 
cloud-to-ground lightning, or inter-cloud lightning. Other 
types of final discharges are known as heat lightning, summer 
lightning, sheet lightning, ribbon lightning, silent lightning, 
ball lightning, bead lightning, elves, jets, and sprites. Well 
before these discharges are observed, as the atmosphere 
becomes agitated by wind or thermal, static electricity is 
being generated. The present invention recognizes that this 
static electricity is being formed and creates a mechanism to 
capture it. 

[0066] Inthe preferred embodiment, a sensor array is used 
to monitor the activities both at the base unit (such as electri- 
cal flow within the conductor) and in the surrounding locale. 
A sensor monitoring the electrical flow (1.e. voltage and/or 
current) within the conductor is used to monitor the electrical 
activity within the conductor. 

[0067] In the preferred embodiment, a lightning sensor 
monitors for lightning activity within the locale. As noted 
earlier, the electrical characteristic of lightning is so extreme 
that ideally this discharge is avoided as it might damage the 
mechanism of this invention. The sensor array is utilized by a 
controller, such as microprocessor, programmed to operate 
the mechanism as outlined herein. 

[0068] The controller operates the winch motor to extend or 
withdraw the conductive line and by extension the altitude of 
the balloon. The controller is programmed to operate the 
winch by monitoring the electrical characteristics of the con- 
ductor and adjusting the balloon’s altitude to maintain these 
characteristics within the conductor within a preset range. 
[0069] This preset range is established either in the base 
programming ofthe controller or is established by an operator 
of the system. As example, by controlling the amount of 
current being withdrawn from the atmosphere, the mecha- 
nism operates within a safe range and also provides a rela- 
tively stable current flow from which a variety of activities 
can take place (such as DC-AC conversion). 

[0070] The controller also utilizes the lightning sensor to 
protect the mechanism from a lightning strike. Should light- 
ning be detected within a pre-determined range (as estab- 
lished by the software or defined by an operator), then the 
balloon is pulled down to minimize the risk of damage from 
a lightning strike. 

[0071] Another aspect of the invention relates to the elec- 
trical system which accepts the fluctuating atmospheric 
charge and changes it into an acceptable configuration for 
either the desired load or for the existing power grid. 

[0072] Power grids in the United States operate with a 
frequency of 60 hertz in an alternating current arrangement. 
While this basic configuration seems to be universally 
accepted, the voltage within the grid varies dramatically, such 
as 15 kv, 34 kv, 69 kv, and even 112 kv. 

[0073] Each atmospheric generator is placed proximate to 
or within easy access to a specific grid; this establishes the 
required electrical output configuration (1.e. that which is 
accepted by the power grid). As example, one of the atmo- 
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spheric electrical collector units as described above collects 
the atmospheric electrical power as direct current and then 
supplies the appropriate power grid a specific flow (as 
example, AC, 60 hertz, at 69 kv). 

[0074] The difficulty lies the fact that the DC current being 
garnered from the atmosphere varies depending on the actual 
agitation being generated in the atmosphere. This means that 
the source of DC current is fluctuating. 

[0075] The present invention uses a monitoring system 
which checks the input DC voltage. Depending on the actual 
voltage being received, the appropriate converter is con- 
nected to the input DC voltage so that the desired output 1s 
obtained. 


[0076] As example, suppose the DC input voltage is 1500 
volts, the monitoring system, sensing this input, closes the 
switch connecting the DC voltage to a converter which 
accepts DC voltage in the range of 1000-2000 volts which 
then delivers an AC, 60 hertz 69 kv signal to the power grid. 
If the DC input voltage increases to 2100 volts, then the 
monitoring system opens the switch to the first converter 
(1000-2000 volts) and closes the switch to a second converter 
(such as 2000-4000 volts) to deliver the desired output of AC 
(60 hertz, 69 kv) for the power grid. 


[0077] In this manner, regardless of the fluctuating input 
DC voltage, the electrical grid is supplied with a fully con- 
figured electrical input conforming to the needs of that spe- 
cific electrical grid. 


[0078] Another aspect of the present invention is the use of 
a tower or permanent structure instead of an aircraft. In this 
embodiment, the building or tower is electrically isolated 
from the ground and a rod (similar to a lightning rod) is 
extended into the atmosphere. The rod collects the atmo- 
spheric charge which is conveyed via an electrical conduit 
(ideally insulated) where the collected DC charge is recon- 
figured to meets the need of the locale. 


[0079] Inthis context, for one embodiment of the invention, 
a tower is placed onto the top of a building. The tower is 
electrically isolated from the building using such mecha- 
nisms well known to those of ordinary skill in the art such as 
rubber mats. A rod ideally extends from the top of the tower 
to facilitate the collection of the DC electrical energy. 


[0080] Piezoelectricity is a material property that is mani- 
fested when voltage is produced by applying mechanical 
forces, and vice versa, the effect has been described as direct 
and converse. Piezoelectricity has been described as coupling 
between a quasi-static electric field and dynamic mechanical 
motion. 


[0081] A piezoelectricity converter mechanism such as 
described above, is connected to the tower to flow the DC 
electricity to a converter which modifies the DC current for 
the specific application. In one application, the DC current is 
converted to the electrical needs of the building, thereby 
providing at least some of the electrical requirements of the 
building itself. 


[0082] As noted earlier, the dynamic converter system of 
the present invention allows a power generator to address a 
variable voltage in an efficient manner. This makes the 
dynamic converter system ideal for a variety of alternative 
energy sources such as the above described atmospheric elec- 
trical generator and other alternative energy sources such as 
wind and wave powered systems. In these systems, the energy 
being generated must be converted to a proper electrical con- 
figuration for a identified load. This may be a particular motor 
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or connection to the power grid which act as a load to the 
power generating mechanism. 

[0083] For these energy generating systems, the converter 
assembly of this invention utilizes multiple converters. Each 
converter is configured to accept a unique range of voltages 
and from these voltages, create the desired electrical configu- 
ration. By using multiple converters, a full range is available, 
from a minimum voltage input to a maximum voltage input. 
[0084] The present invention can include systems and 
methods for integrating sensors for tracking atmospheric 
transducer system performance metrics into media devices 
and accessories therefor, thereby reducing or eliminating the 
need for additional independent monitoring devices. In one 
embodiment of the present invention. 

[0085] It also is known to provide such transducers with 
connectors to allow their rechargeable batteries to be charged. 
In some cases, the connector is a Universal Serial Bus (USB) 
connector, allowing the transducer to be charged by plugging 
it into the USB port of a computer, grid circuit or other device. 
[0086] These and other objects and advantages of the inven- 
tion will appear more clearly from the following description 
in which the preferred embodiment of the invention has been 
set forth in conjunction with the drawings. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0087] FIG. 1 Prior Art depicts perspective view of Electric 
currents created in sunward ionosphere; 

[0088] FIG. 2 is a box flow chart of the propulsion cycle 
systems present invention; 

[0089] FIG. 3 is an top view of the piezoelectric disk cyl- 
inder orb of the present invention; 

[0090] FIG. 4 is a longitudinal sectional view showing an 
embodiment of this invention; 

[0091] FIG. 5 is a top view of the (ATS) slip rotor piezo- 
electric chamber of the present invention; 

[0092] FIG. 6 is an alternate top view of the piezoelectric 
cylinder orb of the present invention; 

[0093] FIG. 7-10 elevation views of spine piezo stacks 
embodiments of the present invention; 

[0094] FIG. 11 illustrates one embodiment of a power ser- 
vice (ATS) system architecture; 

[0095] FIG. 12 is a block diagram of the ATS charge sche- 
matics systems of the present invention; 

[0096] FIG. 13 is a block diagram of an ATS charge and 
recycle schematics of the present invention; 

[0097] FIG. 14 is a view of the piezoelectric ball race cyl- 
inder of the present invention; 

[0098] FIG. 15 is a view of the piezoelectric housing and 
gear of the present invention; 

[0099] FIG. 16 is a view ofa multiple piezoelectric ball race 
cylinder of the present invention; 

[0100] FIG. 17 is another embodiment of the piezoelectric 
stack ball of the present invention; 

[0101] FIGS. 18 & 19 are antenna rod transmit device 
embodiments of the (ATS) present invention; 

[0102] FIG. 20 illustrates substation embodiment of the 
power service (ATS) system architecture; 

[0103] FIG. 21 illustrates a home embodiment of the power 
service (ATS) system architecture; 

[0104] FIG. 22 illustrates a window embodiment of the 
power service (ATS) system architecture; 

[0105] FIG. 23 is (ATS) shock device in accordance with an 
embodiment of the present invention; 
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[0106] FIG. 24is (ATS) shock device in accordance with an 
embodiment of the present invention; 

[0107] FIG. 25 is (ATS) motorcycle device embodiment of 
the present invention; 

[0108] FIG. 26 is (ATS) axle device in accordance with an 
embodiment of the present invention; 

[0109] FIG. 27 is (ATS) train device in accordance with an 
embodiment of the present invention; 

[0110] FIG. 28 is (ATS) plane device in accordance with an 
embodiment of the present invention; 

[0111] FIG. 29 is (ATS) boat device in accordance with an 
embodiment of the present invention; 

[0112] FIG. 30 is (ATS) solar device in accordance with an 
embodiment of the present invention; 

[0113] FIG. 31 a (ATS) turbine device in accordance with 
an embodiment of the present invention; 

[0114] FIG. 32 is (ATS) auto body panel device embodi- 
ment of the present invention; 

[0115] FIG. 33 is (ATS) motorcycle body fairing panel 
device in of the present invention; and 

[0116] FIG. 34 is (ATS) cross section view of body embed 
panel device of the present invention. 


DETAILED DESCRIPTION 


[0117] This sequence of oscillations causes the conductive 
rotor within piezoelectric molded housing device to spin rap- 
idly thereby winding the mechanism in a manner closely 
simulating the spinning of the conductive rotor that occurs 
during normal electric activity when the device is activated. 
Due to the forces that are exerted, the conductive rotor spins 
around the piezoelectric cylinder device shaft during the 
oscillations, as opposed to the partial rotation observed in 
prior art mechanisms. Therefore, the time required to charge 
the Atmospheric Transduction System (ATS) device, and the 
energy required, is substantially reduced. Moreover, since the 
rotor is spinning about the shaft, as opposed to merely being 
held in a downward position while the ATS device is rotated, 
recharging more closely approximating the design mecha- 
nism is achieved, thereby putting less wear on the ATS cham- 
ber device Innovative Piezoelectric housing and ball bearing, 
coupler and book spine stacks. There relies the notion of 
negative ground electricity and positive aerial electricity 
which is in abundance. This invention substantiates land 
vehicles recycle recharge by reverse oscillation. Aerial 
vehicles recycle recharge by forward oscillation in accumu- 
lation of environmental positive and negative electricity. 
These aforementioned activities are integral or synchronous 
with frequency. 

[0118] Prior Art FIG. 1 

[0119] Electric currents created in sunward ionosphere. 
FIG. 2 1s a recycle box flow chart 49 of a self propulsion unit 
consisting of a battery 27, engine 29 and piezoelectric trans- 
ducer 33 unit. FIG. 3 is a multiple disk 31 load part 51 about 
a 360 degree cylinder 45 and shaft 44. FIG. 41s a piezoelectric 
molded device 100 housing 110 containing a ball bearing race 
104, disk stacks capacitor 102 and conductive rotor 46. FIG. 
5 is a piezoelectric chamber 120 configuration including a 
counterweights 50, shaft 44, conductive slip rotor 106. FIG. 6 
is an alternate part 200 chamber cylinder 201 embodiment 
containing piezoelectric spine disk stack capacitors 102. FIG. 
7-10 are variations of spine 107,108,109,110 case piezoelec- 
tric stack capacitor 102 with plate and ball heads. FIG. 11 
Various embodiments of the present invention, among others, 
will now be described with reference to the accompanying 
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drawings. Accordingly, FIG. 11 illustrates an embodiment of 
a Atmospheric Transduction (ATS) System 300 architecture. 
The system 300 may include, for example, a satellite broad- 
cast station 318 that transmits signals 333 containing fre- 
quency content from a geostationary satellite 312 by way of 
airplane antenna 326. In turn, the satellite 312 transmits line- 
of-sight (LOS) signals 333 to one or more ATS terrestrial 
frequency power receiver farms 314. The system 300 also 
may include one or more terrestrial repeaters 316 which 
receive and retransmit the satellite signals 333 as repeater 
signals 323 to facilitate reliable reception in geographic areas 
where LOS reception from the satellite 312 is obstructed by 
tall buildings, hills, tunnels, and other similar impediments to 
the signals 333. The ATS receivers 314 maybe designed to 
receive one or more signals 333 from the satellite 312 and/or 
from the terrestrial repeater transceiver 316. In operation, 
such ATS receivers 314 may receive both the satellite signals 
333 and the repeater signals 323. The receivers 314 also may 
be located in mobile environments 320, 321, 322 which 
include, but are not limited to, land vehicles 321, 322, aircraft 
320, watercraft 900, and handheld devices, among others. 
The receivers 314 also may be fixed in stationary units for 
residential use (e.g., home 325,750 entertainment, etc.) or 
commercial 314, 328,360 use (e.g., business 314, office 700, 
security 328, etc.). The power frequency broadcast station 
318 also may be in communication with a grid network 342. 
Two-way communication between the ATS receivers 314 and 
the power frequency broadcast station 318 may occur via the 
network 342. Furthermore, information feedback from the 
power frequency broadcast station 318 may be transmitted to 
the ATS receiver 314 both by way of the network 342 as well 
as via the satellite 312. Information also may be transmitted to 
the power broadcast station 318 wirelessly via a wireless 
network 342,707 by way of transducer tower 360. 


[0120] Further disclosed in FIG. 12 and FIG. 13 (in block 
diagrams 400, 500) are electrical schematics for handling the 
static charge from the atmosphere. By maintaining the volt- 
age being collected in a prescribed range, an electrical con- 
version system is easily designed. While FIGS. 12, and 13 
illustrate some electrical configurations, those of ordinary 
skill in the art readily recognize a variety of other configura- 
tions which will serve the same function. 


[0121] Referencing FIG. 12, Direct Current In (DC IN) 401 
is buffered by a gang of capacitors 410 before being commu- 
nicated to a DC/AC converter 420. The DC/AC converter 420 
converts the direct current into a an alternating current suit- 
able for placement over an existing electrical grid 430 such as 
normally found from a power-plant. FIG. 12 Also illustrates 
an electrical arrangement suitable for use in charging a bat- 
tery 440. DC IN 401 is buffered by capacitor 410 bank before 
entering into a step down transformer 435. Step down trans- 
former 435 reduces the voltage so that the voltage can safely 
be introduced into battery 440 which is connected to ground 
450 at the battery’s other pole. In FIG. 12, DC IN 401 is fed 
into an adjustable rheostat 460 which is controlled by the 
controller 465 so that the DC OUT 470 falls within a com- 
puter 475 monitored and sensor 480 specified range. FIG. 13 
Hypothetically, unused energy may be recycled current 501 
and/or recaptured by reversing the oscillated spin rotation of 
devices 51, 100, 120 with the use ofa rectifier 502 and Step up 
transformer 503, returned to grid 430 capacitor 410. This 
theory lends itself to the concept of positive and negative 
frequency. FIG. 14-17 Self charging propulsion embodiment 
of the invention where Da Vinci’s ball race 510,512 is com- 
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bined with a disk cylinder 45 and 513 stack balls 525, con- 
ductive rotor 46, 511 tooth gear 515 and piezoelectric molded 
housing 555. FIGS. 18 £ 19 Improvement structures Frank- 
lin’s lightening rod 600,603 and a molded vibration trans- 
ducer 601 quasi replicating Vion’s tubes and piezoelectric 
spine stacks capacitor 602 improving Tesla’s Atmospheric 
transmit device. FIG. 20 is an atmospheric receiving building 
sub station 700 where energy is consumed and excess ren- 
dered to the grid 707 by conductive rotor 702 transducer 710, 
tower transducer 703, antenna rod 701 and transducer win- 
dows 704. 

[0122] FIG. 12 and FIG. 2 flowchart illustration also 
includes battery 440. Battery 440 may provide electrical 
power to components of ATS devices within FIG. 11. Charg- 
ing circuitry may also be provided to charge battery 440 when 
an external power supply is connected to an ATS device 100. 
FIG. 14-17 eliminates one or more steps by presenting a self 
charge retaining transducer 510-513 may be configured with 
an accelerator sensor 480 controller 465 and gears 515, pro- 
vide reciprocal power incorporated within piezoelectric 
molded and ceramic housing 555 along with stack balls 525 
and cylinder 545. This assembly more resembles a motor by 
characteristics given power with application. 

[0123] In operation, as illustrated in FIGS. 2-20 and FIGS. 
21-34, is periodically energized by movement to rotate Orb in 
either a clockwise or counterclockwise direction. The length 
of time or activity is energized, and the length of time between 
the period when the capacitor 31, 102 battery is energized, 
will depend on the particular ATS device design. As the Orb 
rotates, the outer end of the disk moves along a 360° circular 
pathway to push against with forward and rearwardly spin- 
ning. Upon engagement of the Orb, ATS device disk is rotated 
until carried to the apex or top of the circular pathway. Upon 
reaching the apex, the gravitational and vibrational force or 
counterweight 50 promotes additional oscillation. ATS 
device movement rapidly rotate on Orb at a rotational speed 
greater than the speed of rotation of Orb. Counterweight 50 is 
then carried beyond the bottom or lowest point of the pathway 
by its momentum to a point near the apex on the opposite side 
of the pathway. The cycle is repeated through multiple 
increasing oscillations of the ATS device until counterweight 
50 stops at the bottom position, or until once again engages to 
again move counterweight to the top of its circular pathway. 
[0124] FIG. 2 is a flow chart showing generation of energy 
using a rotor according to one or more of the above-described 
embodiments. First, battery 27 starts the engine 29 and/or 
mobile transducer 33 is oscillated. In response to this accel- 
eration, forces are imposed on one or more rotation piezo- 
electric devices. In response to those forces, the piezoelectric 
devices output electrical energy, which energy is extracted at 
a power controller 465. The power controller 465 sensor 480 
then makes this energy available to recharge a capacitor 410 
battery 440 and/or to electronic components of the mobile 
terminal. Although FIG. 2 shows a serial flow of events, it is 
to be appreciated that the events of blocks 33, 27 and 29 occur 
substantially instantaneously upon acceleration of the mobile 
terminal. 


Preferred Alternate Embodiments 


[0125] The present invention (ATS) device in accordance 
with an embodiment of the present invention overcomes the 
foregoing problem in the conventional art and provides an 
electro energy vibration and alternative to gas, oil or fossil 
fuel consumption in FIG. 21 homes 750 transducer 755, FIG. 
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28 airplane 880 transducer 801, FIG. 27 train 860 transducer 
801, FIG. 32 auto 950 transducer 910, FIG. 25 and FIG. 33 
motorcycles 960,850 transducers 799, 802, 810,910 and FIG. 
29 boat 900 transducers 901,910. 

[0126] In order to solve the foregoing problems in the con- 
ventional art, the present invention provides an electro trans- 
ducer having a ball bearing assembly which is compatible 
with FIG. 26 axle shaft 44 transducer 810 wheel 870 assem- 
bly. In order to solve the foregoing problems in the conven- 
tional art, the present invention provides an electro transducer 
having an FIG. 34 housing panel 980 transducer 910 assem- 
bly which is compatible with an exterior body assembly. 
Thereby, an Atmospheric transducer device may be shock 
800 integrated as within the FIG. 23 coupler 802, and FIG. 24 
ladder 799, (vertical friction) piezoelectric absorbers assem- 
blies. In order to solve the foregoing problems in the conven- 
tional art, the present invention provides an electro transducer 
having a capable flat assembly which is compatible with FIG. 
22 window 704 disk 31 plate transducer 714, FIG. 30 solar 
panel 920 transducer 910, FIG. 31 wind turbine 930 trans- 
ducer 910 assembly. This invention provided FIG. 3 piezo- 
electric plate disks 31, FIG. 7-10 spine piezoelectric disks 
stacks 107-110 capacitor 102, FIG. 17 piezoelectric stack 
balls 525 capacitor, the arrangement of balls 525 will not be in 
a facing relation. The deformation in the inner and outer races 
during rotation of the ball bearing while undergoing a radial 
load is made irregular and complicated. The spine eliminates 
the deformation and vibration level increased by a combina- 
tion of ceramic and molded piezoelectric materials at a regu- 
lar predetermined frequency thereby multiplying the level of 
vibration and noise reduction. 

[0127] Certain modifications and improvements will occur 
to those skilled in the art upon a reading of the foregoing 
description. It should be understood that all such modifica- 
tions and improvements have been deleted herein for the sake 
of conciseness and readability but are properly within the 
scope of the following claims. 

[0128] Thus it is seen that an atmospheric transducer device 
may be integrated and/or provided. It will be understood that 
the foregoing is only illustrative of the principles of the inven- 
tion, and that various modifications can be made by those 
skilled in the art without departing from the scope and spirit of 
the invention, and the present invention 1s limited only by the 
claims that follow. 

1-3. (canceled) 

4. An atmospheric transduction system comprising: 

means for recycle recharge by oscillation and frequency in 

accumulation of environmental positive and negative 
electricity, maintaining the voltage being collected in a 
prescribed range, providing an electrical conversion 
broadcast network; and 

means for collecting the atmospheric electrical power as 

direct current and then supplies the appropriate power 
grid, transceiver and capacitates a charge; and 

means for self charging propulsion provides motor charac- 

teristics, and frequency engine. 

5. The atmospheric transduction system in accordance with 
claim 1, wherein said means for recycle recharge by oscilla- 
tion and frequency in accumulation of environmental positive 
and negative electricity, maintaining the voltage being col- 
lected in a prescribed range, an electrical conversion broad- 
cast network comprises piezoelectric transducer molded 
device(s), rotor, stack ball bearing, coupler, book spine stacks 
and antenna rod stacks; 
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wherein said means for collecting the atmospheric electri- 
cal power as direct current and then supplies the appro- 
priate power grid and capacitates a charge comprises a 
piezoelectric network, piezoelectric grid, piezoelectric 
spine stack antenna, piezoelectric transmitters, piezo- 
electric receivers, piezoelectric devices, piezoelectric 
cylinders and orbs, power frequency broadcast; 

wherein said means for charging providing motor charac- 
teristics, said power frequency engine comprises a sen- 
sor accelerator, rotor/gear, battery/capacitor, antenna, 
controller, for propulsion. 

6. An atmospheric transduction system comprising: 

a piezoelectric transducer molded device(s), rotor, spine 
ball bearing, coupler and book spine stack transducers, 
for recycle recharge by oscillation and frequency in 
accumulation of environmental positive and negative 
electricity, maintaining the voltage being collected in a 
prescribed range, providing an electrical conversion 
broadcast server network; and 

a piezoelectric network, piezoelectric grid, piezoelectric 
spine stack antenna, piezoelectric transmitters, piezo- 
electric receivers, piezoelectric devices, piezoelectric 
cylinders and disc orbs, stack rods, power frequency 
broadcast, for collecting the atmospheric electrical 
power as direct current and then supplies the appropriate 
power grid, transceiver and capacitates a charge; and 

a sensor accelerator, rotor/gear, battery/capacitor, control- 
ler, antenna, means for self charge propulsion providing 
motor characteristics, thereby an engine of power fre- 
quency. 
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GRATE ASSEMBLY 


“Application filed February a1, 1929. “Serial No. 341, 683, 


“This ce per o to grates, and more. 


p : darticulaniy to the: multiple g grate. assemblies 


used on: locomotives: © = ‘ 
~“ Locomotive. grates are usually òf the: a os 
ing type and it is. common practice to shake aC 
- them at frequent intervals while the locomo- pt 
tive is running.. This 18 required for the - 


reason that the coal commonly used leaves 


10; 
| Ws 


ie round. 


a heavy: ash and clinkers between the burn- . 
E ng coal. and the grates, and if this is not - 
ae removed, it will. retard the. flow to the. fire 


But S 


Tha can. aire bo used "only 


j o the locomotive is. standing. 


8 
Qs * 


“the bere of the: prado 


Another object. of this invention. 8 lo: pro- 


- . ” vide. a grate. assembly which is Inexpensive 


a E 


to build ‘and maintain and one which ful- ~ 
© fills all requirements : for economic operation ; 


pd maintenance. - 


Pi Still another object: ls 46 a provide’ a ‘erate | 
a a assembly which permits rapid cleaning ` 


ob the fire and changes of the grate bars. 


Yet another. object is to provide a grate 


bar: assembly which resists | ‘distortion, is 


0 readily removable and is pon of ‘Tapid 


conversion to provide different t dnf afts to na: 


commodate differ ent fuels. 


securely iene in via 


Still a further jei i is 5 to! ded a or te 
assembly which offers substantially no re- 60... 
sistance to’ expansion. and contraction yet at =~ 00 0 ou 
the same time is fixedly. supported . and ee. te ea 
à fectively. resists- warping and: twisting. es 
i Yet a. further object is to provide a State: = 
h: assembly" wherein the. securing. members be- E 
, tween parts are reduced to a minimum, and: > 
-© wherein the clearances are. predetermined Ro ano 
be and. arranged. to. pert ease. of ‘operation, ee 
, and. assemblage. e D 
- With these. and various “Other objects: in oe 
a view, the invention may consist of certain = 
` novel features of construction and. operation, 
as will be more. fully described and particu. 
le larly ‘pointed out in the: specification, draw- 
-Ings and claims appended hereto. 


65. 


‘In the drawings, which illustrate an em- | 


frame assembly. ‘illustrated in Figure 22. 


~ showing the relation of the: shaker arm to 
the remainder of the assembly ; ee 
=< Figure 5 is a side. élevation, - partly. i Mn 
i section, of.a modified: form of grate'assem- > 

bly, the position occupied by. the grate mem- 00 
ber: completing the Pn being indicated: ae ee, 


in dotted. lines; e 


os of the device and wherein like 
ron characters are used. to designate T 
-i like parts— - E és 
ae Figure 1 isa top la view, a the: ee y. 
ls supporting. relation of the grate rame fo: MATA ees 
-one of, the erate plate members: wy eS 
: Figure b 1s a. side elevation, partly it in sec 
4 tion of the assemblage illustrated in. Figure | 
T the position: occupied by the grate mem- 85 
is ber completing the assembly being indicated er 

iS in dotted lines; = pr 
Figure 3 is an cod) elevation: ót the Brats E % 
. ES the:same being taken from the end. = 
of the grate frame e provided. with the trun; 
onion}. , 
“Figure 4 is a. Cross: ‘aéetion. of! the. grate | 
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the modified 


2 


Figure 6 is a side elevation, partly in 
section, of still another modified form of 
grate assembly; 


Figure 7 is a cross sectional view of the 
29 with inwardly extending hooks 32 adapt- 


grate assembly illustrated in Figure 6; and 


Figure 8 is a fragmentary side elevation, 


partly in section, of a modified form of se- 
curing means provided on the plate grate of 
| assembly illustrated in Fig- 
ure 5. ra i rn ee 

Referring first of all to the modification 


shown in Figures 1 to 4 inclusive, the sup-- 


porting frame 15 of the grate assembly con- 


sists essentially of a single longitudinal rib. 
16 provided at one end thereof with a trun- 


nion socket 17 and at the other end thereof 
with a horseshoe or U-shaped trunnion 


socket 18, each of said sockets being pro- 


vided with outstanding lug members 19 
provided for locking purposes in a manner 
to be later described. It will of course be 
understood that-the frame may be of any 
length to accommodate any size or any num- 
ber of plate grates; the embodiment illus- 
trated being for an assembly including two 
of such plate grates 20. The supporting 
frame is provided with an enlarged portion 
21 adjacent the center thereof, said portion 


having downwardly extending bosses 22, the 
sald bosses being provided with apertures — eg | 7 
clearance for the parts to permit their ready 


23. The grate plates 20 may be either of 
the arcuate or flat type provided with suit- 
ably disposed apertures 24, said apertures 


being of a size and spacing for proper draft 


purposes, Zo PG 

The plates 20 adjacent their inner or in- 
board end are provided with downwardly 
extending lugs 25 adapted to straddle the 
rib 16 and the bosses 22, said lugs being pro- 


vided with aligned apertures adapted to 
register with the aperture 23 for the recep- 
tion of a locking pin 26 for securing said. 


plate grate to the support. The lugs 25 


merge into and are integral with the plate 


and also with a reinforcing rib 27 formed 
on the inner end of the plate, said‘ri ) merg- 
ing into and being integral with? Tóngitu- 
dinal ribs 28 which in turn merge #f6! and 


are integral with a rib 29 formed! bf) (He: 
outer end of said plate. Ribs 28 aié Pref- 


erably made deeper adjacent their centers 
than at their ends for the purpose of pre- 
venting the plate from sagging as a result 
of service, and to prevent said ribs from 
bowing outwardly, a series of local cross- 


ribs 80 is provided which ribs are integral 


with said ribs and merge into the plate. 


‘In service, it has been found that under 


heat the ends of the plate will go up or 


the center will go down, so in order to pre- 


vent either one or both of these movements, 
local’ ribs 31 are provided suitably spaced 
and preferably in between or in staggered 
position with respect to the ribs 30, said 
ribs contacting with the longitudinal rib 16 


the longitudinal 


1,913,010 


of the frame. The inner end of the plate 
of course is restrained from going up by the 
pin 26, and the outer end is restrained from 
going up by providing the depending flange 


ed to have locking engagement with the lugs 
a : 

19. The frame may be suitably apertured 

at any place along its length, shown adja- 

cent the center thereof, and may be pro- 


vided with a guiding boss 88 adapted to co- 


L 


operaie with a portion of the jaws 33 of 
the shaker arm 34 secured by means of a 
rivet or lock connection 35 to said frame. 
The structure is assembled with sufficient 
lost motion between the parts to allow them 
to go together easily and of course the first 
effect of warping will be to take up this lost 
motion and bring all the parts firmly in 
contact. After this has occurred, any fur- 
ther movement will be resisted by the verti- 
cal strength of the frame. In assembling 


the parts of the device, it is only necessary 


to shp the hooks 32 into engagement with 
the lugs 19, dropping the plate into place 


whereby the lugs 25 straddle the frame and 


the apertures in lugs 25 register with the 
aperture 23 provided in the bosses 22 where- 
upon the locking member 26 may be put in 
place. The adjacent grate plate may like- 
wise be put in place, there being sufficient 


assemblage. o 
Referring now more particularly to the 


form of the device illustrated in Figure 5, 


the longitudinal frame 116 is provided with 
trunnions 117 at each end thereof and out- 
wardly extending lugs 119 are formed on 
said frame adjacent said trunnions. 
plate grates 120 may be of the same’ con- 
struction as has been already described with 


respect to grate plate 20, the transverse hook 
members 132 being provided for cooperation’ 


with the lugs 119 for locking one end of the 
plate grate in operative position. As before, 
member is provided with an 
enlarged portion 121 provided with bosses 
12% having apertures 123 therein for the re- 
ception of locking members cooperating 


with the depending lugs 125 provided on: 


the grate plates. The longitudinal frame 


member may’ be. provided at convenient: 


places along its length with apertures 135 
and 186 having bosses:137 and 188 disposed 
adjacent thereto for cooperation with. parts 
of the shaker arm 134 to-maintain the same 


in substantially fixed position with respect 
to said frame members, said shaker arm be- 


ing provided with jaws 133 havi ng apertures 
therein adapted to receive the locking mem- 
ber 189. o | y n 

In the modification illustrated in Figure 
8, the frame member.116 is provided with 


The : 


70 


15 


80 


85 


90 


95 


100 


110 


115 


120 


a trunnion 117 and outwardly extending 


lugs 119. The grate plate 120 is suitably 
supported on ssid frame but is provided 


130 


with longitudinally extending hooks. 140. 
- adapted to cooperate with the lugs 119 to. 
maintain the outer end of the grate plate 


oe š in its operative position with respect to said . 
< Referring now more particularly to the 
- modification illustrated in Figures 6 and 7, 
the longitudinal frame member 216 is pro- 
< vided at one end with a trunnion socket 217 - 
10 and atthe other end with the U-shaped 
trunnion 218, The frame member 216 is 
deeper adjacent the center thereof as is the 


case in the modifications already described, 


amd this member may also be of súbstanti- 
“15 ally truss formation, as illustrated in Fig- 
~~ ure 7, that is, it is provided with an enlarged 
<O Tib or bulbous portion 316 provided along 
the lower edge thereof. Outwardly extend- _ 

- ing lugs 219 are provided adjacent the trun-. 
nions and are adapted to provide cooperat- _ 
ing locking relation with the longitudinal 
` hook members 240 provided on the plate 
grate 220.. The grate plate is provided with - 
- reinforcing flanges, as before described, the | 
“inner flange thereof being provided with de- 
‘pending Jugs 225 provided. with aligned 
apertures adapted to cooperate with aper- 

~ tures 223 provided in the lugs 222 formed on 
the longitudinal supporting member 216. 
Bosses 241 may also be provided on the.sup- 
- porting member adjacent suitably spaced 
- “apertures 236, said apertures being for the 


20 
25 


30 


- reception of securing means passing through 


85 


“the upstanding jaws 233 of the shaker arm 
5 234, the longitudinal frame member being 
further provided with bosses 238 cooperat- . 


ing with the shaker-arms to maintain the 


same in fixed position with respect to said 
40. 


“The operation and assemblage of the 
. modified forms are substantially the same 
as has already been described with respect 


to the first modification, and it is to be un- 


derstood that I do not wish to be limited by 
‘the exact embodiment of the device shown, 

- which is merely by way of illustration and. 
not limitation, as various and other forms 
of the device will of course be apparent to 


pl : E 45 


those skilled in the art without departing 
: 5% from the spirit of the invention or the scope 


LL Ina grate assembly, the combination 
gp of a support, a grate member secured there- 
"to, said member having staggered reinforce- 
- + ments thereon, certain of said reinforce- 
ments having contacting relation to said - 


60 


9. In a grate assembly, the combination | 


- of a support, a grate member secured there- ` 
to, said member having reinforcements dis- 
posed at the sides and center thereof, the 
reinforcements at the center being in stag- 


65 gered relation to the reinforcements at the 


6. In a pr 


sides, said center reinforcements having con- 0 
of a support having securing means there- > — >C" 
cn, a grate member carried by said support T0 
and having securing «means' at each end. 
‘thereof adapted to cooperate with said first > 
named securing means for fastening said - 
grate member to said support, and reinfore- | 
ng ribs disposed on said grate member and 7 > = 
contacting with said support to prevent.dis- — 
= : - 4.: In a e grate ; assembly, : | 
-of a support having securing means thereon, 
a grate member carried by said support and 0 
“having a marginal reinforcement thereon, = 
adapted to cooperate with said first named == 
securing means for fastening said grate | — 
member to said ‘support, reinforcing ribs * | 
“disposed on said grate member and integral = 
with ‘said: marginal reinforcement to pre = 
vent distortion. of the latter, and center ree 0 005) 
‘inforcing ribs disposed on said grate mem- = ioo 


distortion of said grate member. . 
5. In a grate. assembly, 


the combination 


| a 1 the combination = = osou 
-of a support having securing means thereon, 
a grate member carried by said support and — 
having a marginal reinforcement thereon, 
“securing means at each end of said member, = 
«certain of said means being integral with = 
said marginal reinforcement, «said last. 
named securing means being adapted to co- |. 
operate with securing means on the support." -> 
` for fastening said grate member to said sup- > = o 
port, and- reinforcing ribs disposed on said ... | 
grate member and integral with. said mar-. 7 
- ginal reinforcement to prevent distortion of |. 

the latter. de ee Tahoe E gi A A 


of a support having securing means thereon, 


= T. In-a grate assembly, the combination — 


bly. 


a grate member carried by said support and i 
having securing means at each end thereof ooo 4 
adapted to cooperate with the securing P% =< — = 
means on the support for fastening said > = > 
grate member to said support, one of said 
securing means including members disposed. :- 
transversely of said grate member, and re- o3 0o o0 7 
inforcing ribs disposed on said grate mem- D ee 
“ber and contacting said. support to prevent ` 

- distortion of said grate member. = = 0 


of a support having securing means thereon, 20 
a grate member carried by said support and “" o 0 > 
having securing means at each end thereof =. oo. 
adapted to ‘cooperate with the securing = 


“means on the support for fastening said - ey 
-grate member to said support, reinforcing ... 
ribs disposed on said grate member and con- “" ot =u 
tacting said support to prevent distortion of. >: 
said grate member, and bosses and fasten- 00 000 
ing means on said support for cooperation == 7o 
with shaking means for moving said assem- FA e 


10 


15 


20 | 


4 | 1,913,010 


-8. As an article of manufacture, a plate 
grate having marginal flanges, reinforcing 
means on said grate and integral with cer- 
tain of said flanges to prevent distortion of 
said flanges, and fastening means on said 


grate integral with other of said flanges, 


certain of said fastening means including 
facing hook members. 

9. Asan article of manufacture, a plate 
grate having marginal flanges, reinforcing 
means on said grate and integral with cer- 


tain of said flanges to prevent distortion of ra 


said flanges, reinforcing means adjacent, the 
longitudinal center line of said grate and 
in staggered relation to said first named re- 
inforcing means, and fastening means on 
said grate integral with other of said 
flanges, certain of said fastening means in- 
cluding facing hook members. 

Signed at Chicago, Illinois, this 14th day 


= of February, 1929. — 
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Device for obtaining energy from the electric field of the atmosphere 


Abstract 


The invention relates to electrical engineering and is intended for uninterrupted power supply of 
autonomous electrical equipment, for example, automatic weather stations or space probes. The 
technical result of the invention is the uninterrupted generation of energy from the electric field of 
the atmosphere in the required quantity. The device is easy, lack of moving parts, the simplicity of 
structural elements and the convenience of their transportation. The device contains electrodes, a 


RU2245606C2 


RU Grant 


A Find Prior Art > Similar 


supporting structure and ionizers of atmospheric gas. The electrodes are spaced along the lines of Other languages: English 


force of the electric field. Surrounded by the atmosphere, the electrodes are located on a supporting 


structure. The outer surface of these electrodes is structurally combined with ionizers of 


Inventor: PA. The coachman (RU), PA. Coachman, IN AND. 
Kolomiets (RU), IN AND. Kolomiets 


atmospheric gas. The lower electrode is a grounding electrode. Between the electrodes, Distances 


along the lines of force of the atmospheric electric field include the load. In the absence of contact Original Assignee: Kucher Pavel Alekseevich, Kolomiyets 
of the device with the planet, the outer surface of all atmosphere-surrounded electrodes is Valentin Ivanovich 
structurally combined with ionizers of atmospheric gas. Current-carrying parts of the device, which Priority date : 2003-03-11 


are under voltage, are electrically isolated from the supporting structure. 2 yl. 
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Claims (1) 


A device for obtaining energy from the electric field of the atmosphere, including electrodes spaced along field lines, the lower of which is an earth electrode, a supporting 
structure with atmosphere-surrounded electrodes, ionizers of atmospheric gas structurally aligned with the outer surface of these electrodes, characterized in that 
between spaced apart field lines with electrodes, the load is switched on, in the absence of contact of the device with the planet, the outer surface of all atmosphere- 
surrounded electrodes about aligned with the ionization of atmospheric gas, the conductive portion of the device under voltage, electrically insulated from the supporting 
structure. 


Description 


The invention relates to electrical engineering and is intended for uninterrupted power supply of autonomous electrical equipment, for example automatic weather station 


or space probes on the Earth and other planets having an atmospheric electric field. 


Known difficulties associated with the uninterrupted power supply of autonomous electrical equipment. Internal sources of energy (batteries, batteries, fuel cells) require 


periodic replacement, refueling or recharging, that is, manual, manual maintenance. External sources of energy (running water, wind, sunlight) require massive large 


structures, converters with moving parts and are not always available. 


To solve the problem, we need a low-power, but reliable uninterrupted source of energy at any time and in any place. Taking into account the operating conditions of the 


autonomous electrical equipment, it must be lightweight, structurally simple and convenient for transportation to any distances. 


There are known devices for the indirect generation of energy from the atmosphere by means of water wheels, turbines and other hydropower plants, as well as for direct 
energy production from the atmosphere by means of windmills, turbines and other windmills. In these devices, the energy of the atmosphere is converted into heat, work 
or electricity. 


The continuity of the supply of energy generated with their help can not be ensured. It depends on the state of the atmosphere, climatic conditions and season. (Chaly G. 
Energy yesterday, today, tomorrow - Chisinau: Kartia Moldovenna, 1977. - 202 pp., IIl., Pp. 44-64,). 


For the prototype a lightning rod is adopted, which is designed to neutralize the energy of the atmospheric electric field. The lightning rod contains a vertically oriented 
bearing structure that rises above the terrain, and electrodes spaced along field lines, connected by a current collector. At the top of the structure, there is an electrode 
surrounded by an atmosphere - a lightning receiver in the form of a massive metal rod. It can be combined with an ionizer of atmospheric gas. The lower electrode is a 
grounding electrode and provides electrical contact of the device with the planet's surface (VVBazutkin et al., High Voltage Engineering .- Moscow: Energoatomizdat, 
textbook for high schools, 1986. - 464 p., IIl., Pp. 219-220 ). The construction of the lightning rod does not include the payload. 


The features of the prototype, which coincide with the essential features of the claimed invention, are as follows. The lightning conductor contains electrodes, a 
supporting structure and ionizers of atmospheric gas. The electrodes are spaced along the lines of force of the electric field. Surrounded by the atmosphere, the 


https://patents.google.com/patent/RU2245606C2/ru 
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electrodes are located on a supporting structure. The outer surface of these electrodes is structurally combined with ionizers of atmospheric gas. The lower electrode is 
a grounding electrode. 


The reasons for preventing the required technical result from the prototype are as follows. Lightning conductor ensures the flow through the atmosphere of electric 
current only in the form of a periodic spark discharge. The transit time of this current is unpredictable, and the magnitude is random and can not be adjusted. The 
lightning rod does not contain a payload. It is designed to work in an abnormally strong electric field and for the most part of time is uselessly idle. Lightning conductor 
does not work in places where there are no thunderclouds. The lightning rod does not work in the absence of contact with the planet. The live parts of the lightning rod do 
not have electrical insulation from the supporting structure. 


The technical result is the uninterrupted reception of energy from the electric field of the atmosphere in the required quantity and the creation for this purpose of the 
claimed device. 


The device is advantageous for its lightness, lack of moving parts, simplicity of necessary structural elements and convenience of their transportation. It is more reliable 
than all devices of autonomous power supply, including wind generators and solar panels, since the electric field of the atmosphere depends little on the time of the year, 
exists around the clock and is accessible anywhere in the world. 


The technical result is achieved as follows. Between the electrodes spaced along the lines of force of the atmospheric electric field, a load is applied. In the absence of 
contact of the device with the planet, the outer surface of all atmosphere-surrounded electrodes is structurally combined with ionizers of atmospheric gas. Current- 
carrying parts of the device, which are under voltage, are electrically isolated from the supporting structure. 


The essential features of the claimed invention are as follows. An apparatus for recovering energy from the atmospheric electric field comprises electrodes spaced along 
the electric field lines, the lower electrode is an earth electrode. The electrodes surrounded by the atmosphere are placed on a supporting structure. lonizers of 
atmospheric gas are structurally combined with the outer surface of the atmosphere surrounded by an electrode. 


Unlike the prototype between spaced along the electric field lines included electrodes load. In the absence of the device in contact with the outer surface of the planet 
electrodes structurally combined with the atmospheric gas ionizers. The current-carrying live parts of the device are electrically isolated from the supporting structure. 


The farther apart the electrodes are separated, the higher the electric field strength near their surface and the greater the spreading rate of free charge carriers in the 
surrounding gas. Surrounded by the atmosphere, the electrodes are advantageously placed in the vertically spaced points of the supporting structure. Spreading of 
charge carriers in the atmosphere is facilitated by free movement of gas at the electrodes and the absence of other voltage concentrators around the device. 


If there is a contact between the device and the planet, the lower electrode is an earth electrode. This provides a low electrical resistance to the passage of atmospheric 
electric current through the ground. If there is no contact of the device with the planet, the atmospheric electric current created by it can pass only through the gas 
discharge channel. In this case, all electrodes surrounded by atmosphere (both upper and lower) are structurally combined with ionizers of atmospheric gas. Thus, the 
uninterrupted conversion of the energy of the atmospheric electric field into the energy of the electric current flowing through the load is ensured. Further useful 
conversion of this energy into heat, work or electricity is accomplished by choosing the type of load (heater, electric motor or other electrical equipment). 


The effect of the essential features of the claimed invention on the resulting technical effect is as follows. The supporting structure ensures the correct orientation of the 
device in the atmospheric electric field, which coincides with the direction of its lines of force. It keeps the electrodes spaced along the field lines at the required distance, 
provides mechanical strength of the device and integrates its individual parts into a single whole. Electrodes should be moved apart from each other for the maximum 
technically possible distance. Proportional to the distance increases the strength of the electric field on their outer surface, which increases the mobility of charge 
carriers in the surrounding atmosphere and facilitates the flow of electric current through it. 


If there is a contact between the device and the planet, the lower electrode is an earth electrode. This is the simplest, cheapest and reliable way to provide low resistance 
to the current flowing through it into the ground. Surrounded by the atmosphere, the electrodes are mounted on a supporting structure. This ensures the stability of their 
spatial position in an external electric field. lonizers of atmospheric gas are structurally combined with the outer surface of the atmosphere surrounded by an electrode. 
This ensures a constant presence of a sufficient number of free charge carriers in the space adjacent to the electrodes and the free movement of these charges along the 
lines of force of the electric field. Thus, an electrical contact is provided with a low resistance between the solid electrodes and the atmospheric gas. The strength of a 
current passing through such a contact within a wide range does not depend on the strength of the external electric field and is determined only by the capacity of the 
ionizers. This guarantees the uninterrupted availability of energy, regardless of external factors, minimizes the power consumption for maintaining the channel of a non- 
self-sustaining electrical discharge through a neutral atmosphere and prevents the occurrence of inrush currents through the device in conditions of thunderstorm 
activity. 


If there is no contact of the device with the planet, the ionizers of the atmospheric gas are structurally combined with the outer surface of all the electrodes surrounded 
by the atmosphere, both upper and lower. This is the only available way to ensure the flow of electric current through the atmosphere on both sides of the device 
deployed along field lines of force. 


The load is included between the electrodes spaced along the lines of force of the electric field. This ensures its serial connection (together with the electrodes) to the 
circuit of the current passing through the atmosphere of a non-self-sustaining electric discharge. The product of the voltage drop across the load and the amount of 
current passing through it determines the useful power received by the device from the atmospheric electric field. The coefficient of efficiency of the device is determined 
by the balance between the load resistance and the transient resistance of the electrodes with the surrounding space (ionizer capacity). The lower the transient 
resistance of the electrodes, the greater the proportion of energy released in the load. 


The insulation of the current-carrying parts of the device from the supporting structure ensures an optimal arrangement of the electric field lines in the surrounding space 
and helps prevent the flow of electric current through the conductive parts of the device that are not related to its electrical circuit. 


The uninterrupted supply of energy is provided by the fact that the electric field of the atmosphere does not depend on the time of the year, exists around the clock in all 
weathers, is accessible anywhere in the troposphere. This energy resource of the atmosphere is constantly fueled by the full power of the planetary mechanism for 
separating electric charges. 


Reliability of energy supply is ensured by the simplicity of the device, the lack of moving parts in its most important elements. Obtaining energy from the electric field of 
the atmosphere does not require large structures (dams, towers of great height) and complex technological methods. The maintenance of such a device is much simpler 
than in analogues. 


The simplicity of the design of the elements of the device for obtaining energy from the electric field of the atmosphere follows from the fact that it contains only 
standard electrotechnical units without movable parts that do not require adjustment, adjustment and regular maintenance. Parts of the device and parts of the 
supporting structure do not require careful manufacturing. 
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The ease of transporting the device is achieved by the fact that it is manufactured with a minimum margin of safety, since it does not experience dynamic loads and, 
therefore, it does not require massive, large-sized units and parts. The device is made foldable or collapsible. 


1 shows a general view of an apparatus for generating energy from the electric field of the atmosphere in the absence of contact with the planet. 


The device comprises a vertically oriented support structure, for example a balloon, 1, electrodes 2, 3, air ionizers 4 and 5, insulators 6 and 7, cables 8 and 9, voltage 
converter 10 and a load, for example a radiosonde 11. In the surrounding balloon space, lines of the atmospheric electric field E. Electrodes, structurally combined with 
air ionizers, are attached to insulators. The balloon keeps the electrodes at a sufficient distance from each other, and the cables connect them to the voltage converter. 
The voltage converter is connected to the payload electrically and is connected by a common housing. 


The device works as follows. After switching on the device, the ionizers 4, 5 saturate the air surrounding the electrodes 2, 3 with free charge carriers. They start drifting 
through neutral air, moving along the lines of force of the atmospheric electric field E, additionally amplified by the spaced position of the electrodes on the balloon 1. The 
leakage of charge carriers from the electrodes is compensated by the constant work of the ¡onizers. A constant electric current flows through the channels of the non- 
self-sustained gas discharge 12 and 13 from the electrodes through the atmosphere. A difference of potentials appears between the spaced electrodes. They keep it due 
to insulators 6 and 7. After the appearance of the working difference of potentials (~5 kV) on the electrodes, the voltage converter 10 switches on. Atmospheric electric 
current is closed through it via cables 8 and 9. 


Determine the electrical power required for autonomous uninterruptible power supply of the payload. For example, to operate the equipment of a modern radiosonde, 
suspended to an aerostat, a constant electric power of 10 W is sufficient. Determine the limiting electrical power necessary to supply auxiliary devices and air ionizers. 
For example, in an amount not exceeding 150% of the useful value, that is, 15 watts. Taking into account operating conditions of current collectors, the limiting potential 
difference between open live parts of the installation is determined. For example, no more than 10 kV is recommended, but actually 5 kV is chosen. The maximum current 
in the discharge channel is calculated. In this case, no more than (10 W + 15 W) / 5 kV = 5 mA. This value sets the productivity of ionizers, structurally combined with the 
electrodes. The density of the vertical conduction current and the field strength in the troposphere at the calculated flight altitude are determined. For example, the 


2 
conduction current is not more than 1.5 yA / m ,the electric field strength is 2.2-3.5 V / m. Calculate the distance between the electrodes, their shape and design, 
ensuring efficient spreading of the charge carriers created by ¡onizers in the atmosphere. For example, the distance is 50 m, the shape of the receiving electrodes is a ball, 


2 
the area of each is not less than 0.5 m . They fix the electrodes with insulators on the balloon and the suspension system, lay cables, mount a power converter in the 
container with the equipment. 


In Fig. 2, a general view of the device for obtaining energy from the electric field of the atmosphere when the device is in contact with the planet is presented. 


The device comprises an electrode 1, an air ionizer 2, an insulator 3, a supporting structure 4, a cable 5, a voltage converter 6, a ground connection 7, a connecting cable 
8 and a payload (weather station) 9. In the surrounding space, electric field E. The electrode, structurally combined with the ionizer of air, is attached to the insulator. The 
stand keeps the electrode at a sufficient height, and the cable connects it to the voltage converter. The voltage converter is electrically connected to the ground through 
the ground and with the payload through the connecting cable. 


The device works as follows: 


After switching on the device, the ionizer 2 saturates the air surrounding the electrode 1 with free charge carriers. They begin to drift through neutral air, moving along the 
lines of the atmospheric electric field E, additionally amplified by the elevated position of the electrode on the column 4. The leakage of the charge carriers from the 
receiving electrode is compensated by the constant work of the ionizer. A constant electric current flows through the channel of the non-self-sustained gas discharge 10 
from the electrode through the atmosphere. The electrode acquires an electrical potential with respect to the ground surface and retains it due to the insulator 3. After 
the working potential (+25 kV) appears on the electrode, a voltage converter 6 switches on. The atmospheric electric current closes through it via cable 5 to ground 7. 


Determine the electrical power required for autonomous uninterruptible power supply of the payload. For example, for the operation of a modern automatic 
meteorological station, a constant electric power of 100 W at a nominal voltage of 27 V is sufficient. The limiting electrical power necessary for supplying auxiliary 
devices and ionizers of air is determined. For example, in an amount not more than 50% of the useful, that is 50 watts. From the climatic conditions and design features 
of the current collector determine the limiting potential difference between the open live parts of the installation. For example, no more than 30 kV is recommended, but 
actually 25 kV are chosen. The maximum current in the discharge channel is calculated. In this case, no more than (100 W + 50 W) / 25 kV = 6 mA. This value specifies 
the productivity of the ¡onizer, which is structurally combined with the electrode. The electrical activity of the atmosphere (the density of the vertical conduction current 


2 
and the field strength) in the given area is measured or found from tables. For example, the conduction current is not more than 0.1 yA / m , the electric field strength is 
110-250 V / m. Calculate the height of the rise of the electrode over the terrain, its shape and working surface, sufficient for efficient spreading of charge carriers created 


2 
by the ionizer in the near-earth atmosphere. For example, the height is not less than 10 m, the shape is a ball, the area is not less than 1m . The calculations take into 
account the wind speed, the presence of other voltage concentrators, the geological structure of the ground and other significant factors. Establish the required height of 
the rack with an electrode on the insulator, arrange grounding, mount auxiliary electrical equipment and power converter. 


Thus, uninterrupted energy supply of autonomous electrical equipment is ensured due to the free force of the atmospheric electric field. The device is advantageously 
distinguished by the lack of moving parts, the simplicity of the necessary structural elements and the ease of their transportation. It is more reliable than all the devices 
of autonomous power supply, including wind generators and solar panels, since the electric field of the atmosphere depends little on the time of the year, exists around 
the clock and is accessible anywhere in the world. 
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[57] ABSTRACT 


A method and apparatus for making available an electri- 
cal current, which comprises placing a conductive air- 
foil in a moving air mass, sinking a conductive element 
subsurface, and insulating the airfoil from the conduc- 
tive element and producing an electrical potential be- 
tween the airfoil and the element in a moving air mass. 
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METHOD AND APPARATUS FOR CAPTURING 
AN ELECTRICAL POTENTIAL GENERATED BY A 
MOVING AIR MASS 


BACKGROUND AND SUMMARY OF THE 
INVENTION 


The instant invention relates to a method and appara- 
tus for capturing an electrical potential generated by a 
moving air mass. Specifically, the instant invention 
describes a method and apparatus for capturing an 
earth-air static electrical potential which is produced by 
an air mass moving over a stationary airfoil. | 

Known apparatus and methods of producing electric- 
ity from a moving air mass utilize windmills and wind- 
mill-driven turbines. Such devices are generally 
mounted on fairly high towers and require complex 
propeller systems to effectively drive electrical tur- 
bines. The systems also tend to have a rather large affect 
on the air mass as it passes over the blades of a particular 
windmill. As with the placement of any artificial barri- 
ers in an air mass, the air mass is disturbed, and turbu- 
lence is induced into the air mass. As a particular parti- 
cle of the air mass reaches the next windmill, the in- 
duced turbulence results in less driving force on the 
blades of the secondarily driven windmill. 

The present invention does not have a propeller sys- 
tem, nor does it induce significant turbulence into a 
moving air mass. It is well documented that an object, 
particularly an airfoil, which is moving relative to an air 
mass, develops a substantial static electrical charge on 
its surface relative to the air mass as the result of friction 
between the airfoil and the air mass. This naturally 
occurring static charge is particularly strong when the 
airfoil is a conductive surface, such as a metal-covered 


aircraft wing. For this reason, virtually all metal-cov-. 


ered aircraft employ static discharge strips along the 
trailing edges of airfoil surfaces in order to dispel any 
accumulated static electrical charge. 

An object of the instant invention is to collect electri- 
cal energy from movement of an air mass over an air- 
foil. 

Another object of the instant invention is to collect 
electrical energy with a non-complex collecting ele- 
ment. 

A further object of the instant invention is to collect 
electrical energy from movement of an air mass over an 
airfoil with a substantially non-turbulence producing 
system. , 

A further object of the instant invention is to describe 
a method of collecting electrical energy from the fric- 
tional effects of an air mass moving over a conductive 
airfoil. 

The electrical system of the instant invention includes 
a conductive airfoil, which is rotatably mounted on an 
insulated bearing, the airfoil being free to align itself 
with a moving air mass. A second component of the 
system is a ground rod which extends down to a water 
table level. Electrical leads are connected to a conduc- 
tive portion of the airfoil and to the ground rod, and are 
then connected to a storage battery. 

The method of collecting electrical energy from the 
system involves connecting the negative side of the 
storage battery to the airfoil and connecting the positive 
side of the battery to the ground rod. As an air mass 
moves over the surface of the airfoil, an electrical 
charge is produced and transmitted to the storage bat- 
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tery. Electrical energy may be drawn from the storage 
battery as needed. l 

These and other objects and advantages of the instant 
invention will become more fully apparent as the de- 
tailed description of the invention which now follows is 
read in conjunction with the drawings. 


DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a front elevation of an earth-air electrical 
current friction generator constructed according to the 
instant invention, with portions broken away to show 
interior detail. 

FIG. 2 is a top plan view of the generator of FIG. 1. 

FIG. 3 is a schematic plan view of a generator field 
constructed according to the instant invention. 

FIG. 4 is a view of the generator field of FIG. 3, 
taken generally along line 4—4 in that figure. 

FIG. 5 is a graph depicting the relationship between 
current production and wind speed associated with the 
generator of FIG. 1. 


DETAILED DESCRIPTION OF A PREFERRED 
EMBODIMENT 


Turning now to the drawings, and in particular FIG. 
1, an earth-air electrical current friction generator made 
according to my invention is depicted generally at 10. 
The generator includes a metal airfoil, or conductive 
airfoil means, shown generally at 12, which is supported 
by a rotatable airfoil mount 14 and an electrically con- 
ductive electrode 16. A battery 18 provides storage 
capability for the collecting apparatus. 

Airfoil 12 is vertically mounted above ground level. 
The airfoil is a zero-lift structure in the preferred em- 
bodiment, since both active surfaces are symmetrical. 
Airfoil 12 is formed of a conductive metal skin 20, 
formed of lightweight aluminum sheeting in the pre- 
ferred embodiment, over a frame 22 which is shown 
behind the cut-away portion of skin 20. Frame 22 may 
be formed of any suitable material, such as wood, plastic 
or metal. In the preferred embodiment, frame 22 is a 
substantially square structure. 

A wind vane 24 is mounted on the top and at one side 
of airfoil 12. Wind vane 24 is also referred to as an air 
mass alignment means, and provides that airfoil 12 will 
be windfollowing. 

An airfoil support bracket 26 is attached to the base of 
airfoil 12. One end of a support post 28 is received 
within bracket 26. The other end of post 28 terminates 
in a non-conductive airfoil bearing race 30 and is re- 
ceived within mount 14. Bracket 26 and post 28 are 
electrically conductive and are electrically connected 
to skin 20. 

Rotatable airfoil mount 14, or rotatable airfoil mount- 
ing means, electrically insulates airfoil 12 from elec- 
trode 16, and is referred to herein as isolation means or 
isolator means. 

Airfoil mount 14 is, itself, supported by an above- 
ground portion 16a of electrode 16. Portion 16a termi- 
nates in a non-conductive electrode bearing race 32. A 
bearing 34 is interposed race 30 and race 32. The respec- 
tive airfoil and electrode components are retained to- 
gether by means of a fastener 36, which is a nut and bolt 
combination in the preferred embodiment. Fastener 36 
aligns with an airfoil axis of rotation 38. 

Mount 14 is enclosed by a cylindrical enclosure 40 
which is secured to portion 16a and which allows post 
28 to rotate within a weathertight seal 42. Enclosure 40 
and seal 42 are, of course, electrically non-conductive. 
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Electrode 16 extends through whatever ground lay- 
ers exist beneath the surface, which are depicted gener- 
ally at 44, and then extends into a permanent water table 
_ layer 46. Extending electrode 16 into a water table 
provides an electrical surface which is as large as the 
water table. Although the generator would function if 
electrode 16 did not extend into a water table, the oper- 
ation of the generator is greatly enhanced by extending 
electrode 16 to a water table, for reasons which will be 
explained later herein. 

An electrical commutator 48, and a grounding screw 
50, make electrical contact with post 28 and portion 
16a, respectively. Commutator 48 is insulated from and 
fastened to enclosure 40 by bracket 48a. Commutator 48 
is connected to a lead line 52 which is attached to bat- 
tery negative terminal 18a, and screw 50 is attached to 
lead line 54 which is attached to battery positive termi- 
nal 18b. The commutator, screw and lead line comprise 
what is referred to herein as means for connecting, or 
connecting means. 

Battery 18, although represented in FIG. 1 as a soli- 
tary unit, may obviously include a plurality of units, 
connected in series or parallel, depending on the output 
of generator 10. A pair of leads 56, 58, are shown com- 
ing off of battery 18, and would presumably be attached 
to an electrical distribution system, possibly through an 
A.C. inverter. The battery and leads 56, 58 compise an 
electrical system. 

As an air mass moves over skin 20 of airfoil 12, there 
occurs an exchange of ions between the air mass and the 
surface of the airfoil. This exchange takes place as an air 
mass moves over any stationary object. In most in- 
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stances, however, the object is sitting on the surface of 


the earth, in electrical communication therewith, and a 
charge does not accumulate on the surface of the object. 
Since the airfoil of the instant invention is insulated 
from the earth, a static charge builds up on the surface 
of the airfoil as an air mass flows over the airfoil. 

As the air mass moves over airfoil 12, a collection of 
negatively charged ions builds up on the airfoil surface. 
Were there no electrical connection whatsoever be- 
tween airfoil 12 and ground surface 44, and were it not 
for the fact that eventually a charge built up on airfoil 
12 would dissipate into the air mass, a charge would 
eventually build up on airfoil 12 of sufficient strength to 
arc, such as thc arc produced between a thunderstorm 
and the ground in the case of lightning, resulting in the 
complete discharge of the negative ions accumulated on 
airfoil 12. | 

The electrical charge which accumulates on airfoil 12 
is drawn off of the airfoil by means of commutator 48, 
which is attached to battery 18. A corresponding posi- 
tive charge is drawn off of electrode 16 by means of 
screw 50. 

The surface area of airfoil 12 is defined by what is 
referred to herein as a cross-section square inch. This 
unit is depicted at 60 in FIGS. 1 and 2. The unit is mea- 
sured on both sides of the airfoil. The distance between 
the sides of the airfoil is not a factor. So long as the 
surface area in electrical contact with electrode 16 
equals or exceeds the surface area of airfoil 12, the gen- 
erator will produce a current flow of 1-milliamp-per- 
square-inch of airfoil surface cross section with a wind 
speed of 7-miles-per-hour. | 

Because the airfoil collects negative ions, it is some- 
times referred to as a negative collector element. Like- 
wise, since electrode 16 acts as a source of a positive 
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charge, it is sometimes referred to as a positive collector 
element, or conductive earth means. 

Turning now to FIGS. 3 and 4, a friction generator 
farm 62 is depicted schematically in FIG. 3, and in a 
pictorial cross section side view in FIG. 4. A generator 
farm, according to the instant invention, would include 
at least one conductive electrode 64, placed in the 
ground down to the level of a permanent water table, 
which would act as a positive collector element. A 
plurality of airfoils is depicted by even numbers 66 
through 80. Electrode 64 is connected to a positive side 
of an electrical system by a conductive line 82. Airfoils 
66 through 80 are connected to a common negative lead 
84 which connects to the negative side of an electrical 
system. 

Turning now to FIG. 4, a side sectional view of gen- 
erator farm 62 is shown. Electrode 64 is placed in. 
ground, represented by 44 as are the support posts for 
the airfoils. It should be noted that in this type of ar- 
rangement, a single commutator would be required 
within airfoil mounts 70a, 68a, 66a, 80a and 78a. An 
airfoil structure support post, represented at 70b, 68b, 
66b, 806 and 78b may be formed from an electrically 
insulative material when a single electrode, like that 
shown at 64, is utilized, thereby further simplifying the 
internal portions of the airfoil mount. 

In addition to earth-air friction generators, a pair of 
lightning rod devices 90, 92, are shown in FIG. 4. Rods 
90 and 92 also are extended subsurface to provide pro- 
tection from lightning strikes in the vicinity of genera- 
tor farm 62. A generator farm of the type described 
would be particularly susceptible to damaging lightning 
strikes were such lightning rods not provided. 

Returning for a moment to FIG. 3, a wind arrow 94 
is depicted to show a prevailing wind and direction of 
air mass movement. It will be noted that airfoils 66 
through 80 have aligned themselves with the wind indi- 
cated by arrow 94. It should also be noted that with a 
generator farm in the layout proposed in FIG. 3, there 
would be very little disturbance of wind flow by the 
airfoils of the generator farm. This is in extreme contrast 
to the turbulence and generally delaminating effect of 
conventional windmill generating farms. 

It should also be obvious to those skilled in the art 
that the construction of the generator of the instant 
invention is many orders of magnitude less complex 
than the construction required for a conventional wind- 
mill-type turbine generator. 

Turning now to FIG. 5, a graph of current output per 
crosssection square inch mA/in? versus wind speed V 
(mph) is depicted. The above-described generator will 
produce 1-milliamp of electrical current per cross-sec- 
tion square inch with a 7-mile-per-hour wind. Genera- 
tor output increases linearly, such that the generator 
will produce 10-milliamps per cross-section square inch 
in a 70-mile-per-hour wind. It should also be noted that 
very few known windmill turbine generators function | 
in a 7- or 70-mile-per-hour wind. The generator of the 
instant application does not have such a limitation. The 
generator will produce current in any amount of wind, 
light or strong. As long as the structure is sufficiently 
durable to withstand a high wind, the system will con- 
tinue functioning and producing an electrical current. 
Most systems are restricted to operations over a set 
wind speed range, generally in the 10- to 45-mile-per- 
hour range. Systems which produce electricity in ex- 
tremely light wind conditions are very costly. 
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Assume for a moment, that an individual airfoil is 
constructed with sides which are 10-feet in length, 
thereby producing a cross section dimension on the 
order of 100-square feet, and further assume that ten 
airfoils are arranged similar to generator farm 62, 
thereby resulting in a total cross section area of 1,000- 
square feet. The generator farm so described, when 
connected to a 12-volt D.C. system, and when excited 
by a wind of 7-miles-per-hour, will produce 1,728-watts 
of electrical energy. 

Thus, a new method of capturing a usable electric 
current, and an apparatus for practicing the method 
described have been disclosed. While a preferred em- 
bodiment of the invention has been described, it is ap- 
preciated that variations and modifications may be 
made without departing from the spirit of the invention. 

It is claimed and desired to secure by Letters Patent: 

1. An earth-air electrical current friction generator 
which comprises 

conductive earth means extending subsurface into a 

water table, 

conductive airfoil means operatively associated with 

said earth means extending above surface into an 
air mass responsive to airflow to produce an elec- 
trical potential relative to said earth means, 
isolation means electrically insulating said airfoil 
- means from said earth means, said isolation means 
including a rotatable airfoil mounting means which 
allows said airfoil means to rotate in such an air 
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mass and which supports said airfoil means above 
surface, 

an electrical system, and 

means for connecting said airfoil means and said earth 
means to said electrical system for conduction 
thereto of an electrical current. 

2. An electrical charge collector which comprises 

a positive collector element extending to a water 
table, 

a negative collector element operatively associated 
with said positive collector element, said negative 
collector element being wind-following and in- 
cluding wind alignment means for aligning said 
negative collector element with a prevailing wind, 

isolator means for insulating said negative collector 
element electrically from said positive collector 
element, said isolator means including a rotatable 
mounting which rotatably supports said negative 
collector element, and f 

connecting means for providing an electrical connec- 
tion from each of said elements to an electrical 
system. 

3. The collector of claim 2, wherein said positive 
collector element includes at least one conductive elec- 
trode. 

4. The collector of claim 2, wherein said negative 
collector element includes at least one conductive air- 
foil. 


* * * * * 
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[57] ABSTRACT 


The present invention comprises an electrodynamic tether 
structure and a method of use. The structure of the tether 
taught by the present invention is a short, wide, intercon- 
nected multiwire (compared to the long, narrow single wires 
of the prior art) conductive tether whose area maximizes 
electrodynamic drag while simultaneously minimizing the 
Area-Time-Product swept by the tether during its operating 
life. The preferred tether length is two kilometers to five 
kilometers. The preferred tether mass is one percent to five 
percent of the spacecraft mass. The method of operation 
comprises orienting the tether structure at an angle to the 
local vertical to maximize electrodynamic drag on the host 
spacecraft and minimize tether instability. The angle of 
35.26 degrees is preferred. 


26 Claims, 12 Drawing Sheets 
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FORCES AND TORQUES ON AN UPWARD DEPLOYED CONDUCTING TETHER DUE TO THE MOTION OF 
THE HOST SPACECRAFT THROUGH THE MAGNETIC FIELD OF THE EARTH. 
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ELECTRODYNAMIC TETHER AND 
METHOD OF USE 


TECHNICAL FIELD 


This invention relates generally to apparatus and methods 
useful for changing the state vector of a space object when 
the space object is moving relative to a magnetic field. More 
specifically, the present invention relates to an apparatus and 
method of using a conducting tether to produce an electro- 
dynamic force to deorbit a satellite from its orbit around a 
celestial body, such as the Earth, which has an associated 
magnetic field. 


RESERVATION OF RIGHTS 


This application is subject to certain rights of the U.S. 
government as a result of contracts between the U.S. gov- 
ernment and the inventors. 


BACKGROUND ART 


The present invention has its principal utility in outer 
space, primarily for deorbiting satellites at the end of their 
useful life to mitigate the harm and reduce the liability 
created by the proliferation of space debris. In order to 
obtain a better understanding of the present invention it is 
helpful to understand the prior art of space tethers, especially 
tether dynamics and tether electrodynamics. The present 
invention may be more readily understood through a review 
of the experimental prior art and a mathematical analysis of 
electrodynamic space tethers. 

Prior Art Tethers: 

A tether was originally a rope or chain used to fasten an 
animal so that it grazed only within certain limits. Tethers 
have been used for decades in space to attach astronauts to 
their spacecraft. 

In 1974 Professor Guiseppe Colombo, holder of the 
Galileo chair of astronomy at the University of Padua in 
Italy, proposed using a long tether to support a satellite from 
an orbiting platform. U.S. Pat. No. 4,097,010, which issued 
to Professor Colombo and Mario Grossi on Jun. 27, 1978, 
teaches a satellite connected by means of a long tether to a 
powered spacecraft. Colombo actively pursued the design of 
a tethered satellite system. 

Several NASA experiments, such as the two Small 
Expendable Deployer System (SEDS 1 & 2) experiments 
and the Plasma Motor Generator (PMG) experiment used 
tethers in space. SEDS used a nonconducting tether. The 
PMG used a 500-meter conducting tether. The Tethered 
Satellite System flights in 1992 and 1996 (TSS-1 & 1R) used 
a 20,000-meter conducting tether. 

On the TSS-1 mission the tether deployed only 260 meters 
(853 feet) before the deployer failed. On the TSS-1R the 
tether was deployed 19,500 meters. In the SEDS-2 flight, a 
0.8-mm diameter, 20,000-meter long braided single-line 
tether was deployed to study tether dynamics and lifetime. 
Orbital debris or a meteoroid severed this tether in less than 
four days. 

In the TSS-1R flight, the conducting single-line tether was 
severed after five hours of deployment. This failure was 
caused by an electric arc produced by the 3,500 volts of 
electric potential generated by the conductive tether’s move- 
ment through the Earth’s magnetic field. 

The Tether Physics and Survivability (TiPS) satellite 
consists of two end masses connected by a 4,000-meter long 
non-conducting tether. This satellite was deployed on Jun. 
20, 1996 at an altitude of 1,022 kilometers (552 nautical 
miles). Its tether is an outer layer of Spectra™ 1000 braid 
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over a core of acrylic yarn. The yarn will “puff” its outer 
braid to two millimeters to “give it a larger cross section to 
improve its resistance to debris and small micrometeoroids”, 
according to the National Reconnaissance Office (NRO), 
which is a sponsor of the TiPS mission. As of Jun. 21, 1997 
the TiPS tether had survived one year. 

References: 

1. Joseph A. Carroll, “SEDS Deployer Design and Flight 
Performance”, paper WSEDSA-1 at the 4” Interna- 
tional Conference on Tethers in Space, Washington, 
D.C., April 1995. 

2. James E. McCoy, et. al. “Plasma Motor-Generator 
(PMG) Flight Experiment Results”, pp.57-84, Pro- 
ceedings of the 4” International conference on Tethers 
in Space, Washington, D.C., April 1995. 

3. W. John Raitt, et. al. “The NASA.ASI-TSS-1 Mission, 
Summary of Results and Reflight Plans, pp. 107-118, 
Proceedings of the 4” International conference on 
Tethers in Space, Washington, D.C., April 1995. 

4. Joseph C. Anselmo, “NRO Orbiting Spacecraft Studies 
Tether Survivability”, Aviation Week, page 24, Jul. 1, 
1996. 

These experiments all used single line tethers. 

The following reference is illustrative of the current state 
of the art in space tethers: Paul A. Penzo and Paul W. 
Ammann. Tethers in Space Handbook—Second Edition. 
NASA Office of Space Flight, NASA Headquarters, 
Washington, D.C. 20546. See also the hundreds of refer- 
ences in the 33 page bibliography at the end of the hand- 
book. 

The “Hoytether’™, an Improved, High-Reliability 
‘Tether: 

In 1991, one of the present inventors, Robert Hoyt, 
invented a lightweight net-like structure that provides many 
redundant load-bearing paths. A number of primary load 
bearing lines running the length of the structure are con- 
nected periodically by diagonal secondary lines. The dis- 
closed embodiment of this invention has the secondary lines 
firmly connected by knots to the primary lines. The second- 
ary lines are connected only to the primary lines. At either 
end of the disclosed structure, a support ring enforces the 
cylindrical spacing between the primary lines. The second- 
ary lines are designed with a small amount of slack. These 
secondary lines are only put under load if a primary line 
fails. This specific tether structure was disclosed to the 
public in 1992 (Forward, R. L., “Failsafe Multistrand Tether 
Structures for Space Propulsion”, AIAA paper 92-3214, 28” 
Joint Propulsion Conference, Nashville, Tenn., 1992 
(hereinafter “1992 Hoytether structure”). This structure was 
named a “Hoytether”. The term “Hoytether” is used 
throughout the remainder of this specification for this type of 
tether structure. 

The present invention uses an improved Hoytether, which 
was invented by the same inventors as the present invention. 
This improved Hoytether is the subject of a copending PCT 
application. The Hoytether is discussed briefly in this speci- 
fication to aid understanding of the present invention. 

The 1992 Hoytether design teaches that the normally 
slack secondary lines have half the cross-section (0.707 the 
diameter) of the primary lines. There are twice as many 
secondary lines as primary lines, thus the mass of the 
secondary lines is equal to the mass of the primary lines. In 
an undamaged Hoytether, the primary lines carry the entire 
load, while none of the secondary lines are under load. 

While the survival probability of a single-line tether 
decreases exponentially with time, the Hoytether can main- 
tain a high, 1.e. greater than 99 percent, survival probability 
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for periods of months or years (forward and Hoyt, “Failsafe 
Multiline Hoythther Lifetimes”, Paper AIAA 95-2890, 31° 
Joint Propulsion Conference, July 1995). 

References: 

1. Robert L. Forward, Failsafe Multistrand Tethers for 
Space Propulsion, Forward Unlimited, P.O. Box 2783, 
Malibu, Calif. 90265, July 1992, Final Report on 
NASA Contract NAS8-39318 SBIR 91-1 Phase I. 

2. Robert L. Forward and Robert P. Hoyt, Failsafe Mul- 
tistrand Tether SEDS Technology Demonstration, Final 
Report on NAS8-40545 with NASA/MSFC (Jun. 14, 
1995). 

3. Robert L. Forward and Robert P. Hoyt, “High Strength- 
to-Weight Tapered Hoytether for LEO to GEO Payload 
Transfer” Final Report on contract number NASS- 
40690 with NASA/MSFC (Jul. 10, 1996). 

The Hoytether is essentially a tri-axial net structure, with 
‘primary’ lines running along the length of the tether and two 
sets of ‘secondary’ lines connecting these primaries diago- 
nally. They can be made by hand and connected with knots 
as is taught by the 1992 Hoytether structure. Because 
knotted connections severely limit the strength of a 
structure, it is desirable to use a knotless fabrication tech- 
nique to achieve interconnections that have strengths 
approaching the limits of the constituent material. As these 
tethers may be many kilometers long; fast and inexpensive 
mechanical methods are required for their practical fabrica- 
tion. 

Hoytethers may be made by mechanical braiding, 1.e. 
three-dimensional braiding, such as 3-D rotation braiding 
using braiding machines such as those developed by the 
Herzog Company in Germany (August Herzog Maschinen- 
fabrik GmbH & Co., Postfach 2260.26012, Oldenburg, 
Germany. The specialized loom developed by the Nichimo 
Company of Japan (Nichimo Company Ltd., 2-6-2 
Ohtemachi, Chiyoda-Ku, Tokyo, Japan) is used to produce 
“Ultracross” knotless fishing nets in which the individual 
strands are braided as a 4-braid line, and the strands are 
interbraided where they cross. This produces netting that has 
slipless interconnections that are very strong, approaching 
the maximum capability of the fiber. Such a loom could, 
with some modifications, produce the present invention’s 
structure. Only two such machines exist, one in Japan, the 
other in Washington State. Unfortunately neither can work 
with the small line diameters needed to practice the pre- 
ferred embodiment of the present invention. See generally, 
Ko, F. K., “Braiding”, in Engineered Materials Handbook, 
Vol. 1., Composites. ASM International, Metals Park, Ohio, 
1957. Pp. 519-528. 

The most common 3-dimensional braiding machines are 
4-step braiders based upon the designs of Maistre (German 
Patent P230-16986, issued 1973) and Forentine (U.S. Pat. 
No. 4,312,261, issued 1982). Braiding is accomplished by 
using pneumatics or solenoids to push the parts of the 
braiding machine to the proper positions. This is a slow 
process and making a Hoytether kilometers long with these 
machines would be very time consuming and expensive. The 
composites division of Albany International (Albany Inter- 
national Research Company, 777 West Street, Mansfield, 
Mass.) also produces a 3-D braiding machine. This machine 
uses modular braiding components that arc assembled 
breadboard fashion on a large wall. 

Although braiding is the preferred technique, alternate 
fabrication methods such as Raschel knitting and crocheting 
can be used successfully. Multikilometer long Hoyththers 
are presently being produced for the inventors by the ven- 
dors Culzean Fabrics and Flemings Textiles using an elec- 
tronically controlled crochet machine produced by Comez in 
Italy. 
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Space Tether Systems: 

The prior art teaches the use of tethers in space applica- 
tions. U.S. Pat. No. 5,163,641, issued on Apr. 9, 1990 to 
Yasaka, teaches the use of a powered spacecraft connected 
by a tether to a satellite. This tether is disconnected to 
change the state vector of the satellite. The state of the art of 
energy and momentum transfer using space tethers is dis- 
cussed in Ivan Beckey’s article “Tethering, a new Technique 
for Payload Deployment”, Aerospace America, March 1997, 
at pages 36-40. Beckey concludes, “Tethers can perform the 
same functions as propulsive upper stages of direct payload 
injection, but at lower weight and cost per pound.” U.S. Pat. 
No. 4,923,151, issued Mar. 1, 1988 to Roberts, Wilknson 
and Webster, teaches a tether power generator for earth 
orbiting satellites. U.S. Pat. No. 4,580,747, issued Mar. 15, 
1983 to Pearson, teaches use of a long tether extending 
downward into the atmosphere from a satellite. The state 
vector of the satellite is changed by forces acting on a lifting 
body connected to the end of the tether. U.S. Pat. No. 
4,824,051, issued Jan. 12, 1987 to Engelking, teaches pass- 
ing an electric current through a conductive tether attached 
to a satellite to provide propulsive force to alter the orbit of 
the satellite. U.S. Pat. No. 5,082,211, issued Jan. 21, 1992 to 
Werka, teaches use of a tether to deorbit space debris. U.S. 
Pat. No. 4,727,373, issued Mar. 31, 1986 to Hoover, teaches 
an orbiting stereo imaging radar system having two space- 
craft in synchronous parallel orbits connected by a tether. 
Tether Dynamics: 

In order to understand the forces that cause a tethered 
satellite to move upward and away from an orbiting satellite, 
for example, it is first necessary to explain briefly how a 
satellite remains in orbit. An orbiting satellite is acted on by 
the force of gravity which pulls it toward Earth, and by a 
centrifugal force, which pushes it away from Earth. The 
centrifugal force” (actually inertia) results from the motion 
of the satellite around its circular orbit. This is the same 
force that one can experience by swinging a ball around on 
the end of a string. A satellite is maintained in its orbit when 
it travels at the natural speed for its altitude and, as a result, 
the centrifugal force is equal to the gravitational force. 

At the typical orbital altitude of 250 kilometers for a 
low-Earth orbit satellite, for example, a speed of approxi- 
mately 7.6-km per second is required to create sufficient 
centrifugal force to balance gravitational attraction on the 
satellite. If the altitude is changed, the two opposing forces 
will no longer be in balance unless the satellite also changes 
its speed. A higher orbital altitude requires a slightly lower 
speed so the satellite will take longer to complete an orbit. 
Because of this, if two free-flying satellites are in orbits at 
different altitudes, the lower satellite will circle the Earth in 
less time than the satellite in the higher orbit. 

If two satellites, at different altitudes, are connected to 
each other by a tether, they are forced to travel around their 
orbits together—in the same period of time, which is longer 
than the natural period of the lower satellite but shorter than 
that of the upper satellite. The lower satellite will, therefore, 
slow down below the natural speed for its orbit and will tend 
to fall to a lower orbit because the centrifugal force will now 
be less than the gravitational attraction of the Earth. An 
upward force in the tether that makes up the difference 
between centrifugal and gravitational forces holds it in 
place, however. 

Correspondingly, the upper satellite will be accelerated 
above its natural orbiting speed (increasing its centrifugal 
force above the gravitational attraction) and will tend to 
move to a higher orbit. It, too, is held in place by an 
additional force (downward) in the tether. In other words, 
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the net force downward on the lower satellite is balanced, 
through the tether, by the net force upward on the upper 
satellite. The effect of unbalanced forces on the two satellites 
is, therefore, to create tension in the tether. During the TSS-1 
& 1R experiments, the inertia of the tethered satellite causes 
the satellite to rise above the orbiter as the tether is reeled 
out. Very close to the orbiter, there is little difference in the 
two orbits, and the tension force is insufficient to overcome 
friction in the deployer mechanism; therefore, until the 
satellite reaches a separation of approximately 1000-meters, 
the tension is augmented by small tether-aligned thrusters on 
the satellite. Beyond this point, the tension in the tether is the 
only force required. 

By experimenting with a ball hung on a piece of elastic 
cord (a paddleball, for example) it is possible to simulate all 
the different types of oscillations that are possible on a 
space-based tether system. The elastic cord, representing the 
tether, may compress and stretch, causing the ball to bounce 
up and down (longitudinal oscillation). It also may move in 
a circular (skip-rope) motion or may develop wave-like 
motions (transverse oscillations). Even if the string itself 
remains straight, it is possible to get the ball swinging back 
and forth about its attachment point on the paddle like a 
child on a swing rope (pendulous motion). 

Each type of motion occurs with a particular frequency, 
which depends on the length and tension of the tether. When 
the frequencies are different, the motions do not interact; 
however, at some tether lengths, the frequencies of two or 
more types of oscillation can become very close. At this 
point, energy can be transferred from one type of motion to 
another, a phenomenon known as resonance. For instance, 
the transverse oscillations in the tether may cause the 
satellite to swing back and forth in pendulous motion. 

Many different factors may cause oscillations; the move- 
ments of the satellite or Shuttle are but two of these. For an 
electrodynamic tether, the skip-rope and pendulous oscilla- 
tions are of particular interest. If a current is passed through 
a tether, the current will interact with Earth’s magnetic field, 
resulting in a force that may produce skip-rope and pendu- 
lous oscillations. Because it is necessary to maintain control 
of the satellite, much study has gone into identifying the 
different types of possible motions and the methods used to 
control them. 

One way to control the magnitude of those motions that 
cause a change in tension or transverse motion at the end of 
the tether is to have an end mass connected to the Hoytether 
that maintains a controlled tension on the tether, working 
much like a spring-loaded ‘dog leash’. This may be as 
simple as a coiled spring, or as complex as an active control 
system that measures the tension and transverse forces on 
the tether and adjusts the applied tension according to a local 
or remotely operating algorithm. 

Electrodynamic Effects of Conductive Tethers: 

Electric potential is generated across a conductive tether 
by its motion through the Earth’s magnetic field. Electro- 
magnetic forces acting on a conductive tether in orbit can 
make the tether system behave like an electric motor or 
generator, thereby exerting a useful force to alter the state 
vector of the tether and any mass attached to it. 

Electrodynamic tether propulsion is unlike most other 
types of space propulsion in use or being developed for 
space application today—there is no hot gas expelled to 
provide thrust. Instead, the environment of near-Earth space 
is being utilized to propel a spacecraft or upper stage via 
electrodynamic interactions. 

Acharged particle moving in a magnetic field experiences 
a force that is perpendicular to its direction of motion and the 
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direction of the field. When a current flows through a long, 
conducting tether the electrons flowing through the tether 
experience this force due to the fact that they are moving 
along the wire in the presence of Earth’s magnetic field. This 
force is transferred to the tether and to whatever the tether 
is attached (like a spacecraft, satellite, space station or upper 
stage). It can be an orbit-raising thrust force or orbit- 
lowering drag force, depending upon the direction of current 
flow. Operation in one mode allows boost from LEO to 
higher orbit while reversing the current flow provides nega- 
tive thrust for deboost. The principle is much the same for 
an electric motor; reverse its operation and it acts as a 
generator. The current passing through the tether is returned 
through the ionosphere to complete the current loop with 
collection and emission occurring on opposite ends of the 
tether. 

The PMG experiment demonstrated that a conducting 
tether can be used as both a motor and a generator. The TSS 
experiments, especially TSS-1R showed that very large 
voltages (about 3500 volts) can be generated by a suffi- 
ciently long tether. 

Uses of an electrodynamic tether as an orbit raising and 
lower propulsion system has many advantages over com- 
peting systems: 

a. It is nearly propellantless. Most other systems expel hot 
gases and require extensive resupply. To emit current, 
the electrodynamic tether propulsion system may use 
plasma contactors developed as a part of the Interna- 
tional Space Station Program. These contactors con- 
sume less than 20 kg of xenon gas per year with a 50% 
duty cycle. The electrodynamic tether propulsion sys- 
tem can also use field emitter arrays, which emit 
electrons without the use of any gas. 

b. It can change both altitude and inclination. The Earth’s 
magnetic field is non-uniform and can therefore pro- 
vide both in- and out-of-plane forces for inclination 
changes as well as altitude changes. This is of particular 
interest to payloads requiring polar orbits in that they 
can be launched on a small launch vehicle into a lower 
inclination orbit and have it raised in space by the 
proper phasing of current through the tether. 

A demonstration of the propulsive capabilities of electro- 
dynamic tethers was recently approved for a flight test in 
1999. The Propulsive SEDS or ProSEDS mission, will fly as 
a secondary payload on a Delta II launch vehicle and deploy 
a 5-km conducting tether using the existing SEDS deployer 
concept. The ProSEDS experiment will be followed by the 
Electrodynamic Tether Upper Stage (EDTUS) experiment 
that will demonstrated the use of electrodynamic forces to 
change both the altitude and inclination of the experimental 
spacecraft. FIGS. 1B and 1C show the calculated electro- 
dynamic thrust at several inclinations and the reentry time 
sensitivity of the ProSEDS tether, respectively. 

One application for long-life conducting electrodynamic 
tethers is as a “Terminator Tether™” for removing from 
orbit unwanted Earth orbiting spacecraft at the end of their 
useful lives. When the mission of the satellite is completed, 
the Terminator Tether™, weighing a small fraction of the 
mass of the satellite, would be deployed. The electrody- 
namic interaction of the conducting tether with the Earth’s 
magnetic field will induce current flow in the tether con- 
ductor. The resulting energy loss from the heat generated by 
the current flowing through the ohmic resistance in the 
conducting tether will remove energy from the spacecraft, 
eventually causing it to deorbit, thus reducing the amount of 
orbital space debris that must be coped with in the future. 

In the following analysis, it is shown that the amount of 
energy loss generated by an electrodynamic tether is essen- 
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tially independent of its length or area, and instead is 
primarily proportional to the tether mass and the physical 
properties of the conductor metal chosen. In the typical 
example calculated, a 1000-kg spacecraft can be deorbited 
from a 1000-km high Earth orbit by a 10-kg mass tether in 
a month, while a 1-kg tether can deorbit a 1000-kg space- 
craft in less than a year. 

To the knowledge of the inventors, Joseph P. Loftus of 
NASA/JSC first proposed the general concept of using an 
electrodynamic tether to deorbit spent satellites. (Joseph P. 
Loftus <JLoftus@ems.jsc.nasa.gov>, personal communica- 
tion via email to Robert Forward, Monday Jun. 10, 1996 
15:50:10.) In order to show that the Loftus deorbit concept 
was not obvious to those skilled in the art of electrodynamic 
tethers, Forward contacted the leading expert, Joseph 
Carroll, of Chula Vista, Calif., who built and participated in 
the flight test of the PMG. After being told of the Loftus 
concept in a telephone conversation, his reply in an Email 
message dated Aug. 5, 1996, was “such a system would be 
feasible .. . by it is still not obvious to me that it would be 
useful...” 

Loftus was considering the use of electrodynamic drag 
from a conducting tether to achieve this goal of bringing the 
unwanted spacecraft down from its high orbit (where atmo- 
spheric drag is negligible) to a 200-km orbit, where atmo- 
spheric drag would rapidly finish off the task of removing 
the unwanted spacecraft from orbit. The tether Loftus was 
considering was a single-line, conducting tether, typically 
1-mm in diameter, 1-km long, and, if made of aluminum, 
2-kg in mass. He would include means at the ends of the 
tether to contact the ambient space plasma around the Earth 
to complete the current loop. 

Unfortunately it is probable that space impactors would 
sever the 1-mm diameter, 1-km long single-line tether 
proposed by loftus within a 1/e lifetime of four months. This 
would produce orbital debris rather than removing it. The 
motivation for this work is the NASA Safety Standard NSS 
1740.14 “(Guidelines and Assessment Procedures for Lim- 
iting Orbital Debris.” The relevant portion of the Standard 
starts on page 6-3: General Policy Objective-Postmission 
Disposal of Space Structures. Item 6-1: “Disposal for final 
mission orbits passing through LEO: A spacecraft or upper 
stage with perigee altitude below 2000 km in its final orbit 
will be disposed of by one of three methods.” The method 
of interest is the atmospheric reentry option, Option a: 
“Leave the structure in an orbit in which, using conservative 
projections for solar activity, atmospheric drag will limit the 
lifetime to no longer than 25 years after completion of 
mission. If drag enhancement devices are to be used to 
reduce the orbit lifetime, it should be demonstrated that such 
devices will significantly reduce the area-time product of the 
system or will not cause the spacecraft or large debris to 
fragment if a collision occurs while the system is decaying 
from orbit.” 

The NASA standard applies only to NASA spacecraft and 
even then only to completely new spacecraft designs. New 
versions of existing designs are to make a “best effort” to 
meet the standard, but will not be required to change their 
design to do so. The Department of Defense has adopted the 
NASA standard with the same provisos. An Interagency 
Group report has recommended that the NASA standard be 
taken as a starting point for a national standard. It is NASA”s 
recommendation to the Interagency Group that the safety 
requirement be phased in only as spacefaring nations reach 
consensus internationally, which is being done through the 
International Debris Coordination Working Group whose 
members are Russia, China, Japan, ESA, UK, India, France, 
Italy, and the US. 
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Thus, although the NASA Safety Standard in its present 
form is not the “Law”, the existence of the standard means 
that some time in the future a similar requirement may be 
imposed on all spacecraft. This could result in major growth 
in future space tether business, with a sale to every non- 
geostationary spacecraft being “mandated” by government 
safety regulations, somewhat as the sale of seat belts and 
airbags for every car are mandated. 

In fact, three of the companies planning to set up “con- 
stellations” of low to medium orbit communications: 
Teledesic, Iridium and Odessey have committed their com- 
panies to abide by the spirit of NASA Safety Standard 
1740.14 by using one means or another to deorbit their 
spacecraft before they reach end of life. 

Problems with Prior Art Tethers: 

All electrodynamic tether designs proposed by the prior 
art teach that the tether should be operated at a right angle 
to the magnetic field through which the tether is moving. 
This is a problem because the electrodynamic force acting 
on the tether causes the tether to align itself with the 
magnetic field force lines. To overcome this problem the 
prior art teaches the use of a large ballast mass attached to 
the end of the tether and/or use of a very long (tens to 
hundreds of kilometers) tether. The large ballast mass is 
expensive to take to orbit because it replaces useful payload. 
The long tether sweeps a larger Area-Time-Product during 
its useful life and thus is more likely to impact other space 
objects, either debris or another spacecraft. 

Another problem common to all proposed prior art tethers 
is tether instability. If the tether produces a large electrody- 
namic drag force, which is desirable because a large drag 
force will cause the satellite to deorbit quickly, then the 
tether will be dynamically unstable. This instability can 
cause the tether to lose its effectiveness, act uncontrollably 
and even wrap around the satellite or otherwise malfunction. 
Experts skilled in the art of tether design have opined that 
this dynamic instability is inherently unavoidable in any 
electrodynamic tether system. The prior art solution, such as 
that presently being used in the ProSEDS experiment, has 
been to use a large ballast mass to increase the stabilizing 
eravity-gradient force and/or to limit the electrodynamic 
drag of the tether to less that the maximum that could be 
produced. In the ProSEDS experiment, the conducting elec- 
trodynamic tether is five kilometers long. To insure stability, 
it will be augmented by a 20-35 kilometer long non- 
conducting tether, which to further have stability will have 
a 40 kilogram ballast end mass. 

Yet another problem of all proposed prior art electrody- 
namic tether systems is how to radiate away the energy 
produced by the tether’s operation. A satellite moving at an 
orbital velocity of 18,000 miles per hour has a kinetic energy 
of over 10,000 calories per gram. To put this amount of 
energy in an understandable perspective, it may be noted 
that when nitroglycerine explodes it produces about 1,500 
calories per gram. Prior art designs of electrodynamic drag 
tethers teach the use of the electrical energy generated by the 
tether to charge batteries or operate electronics, with the 
excess energy being converted into heat by a resistive load. 
This excess heat must be radiated to the space environment 
or it will melt the resistive load. Thus the resistive load, 
and/or its associated radiator structures, must be massive 
and replace useful payload. 


DISCLOSURE OF THE INVENTION 


The present invention comprises an electrodynamic tether 
structure and a method of use. The principal industrial utility 
of the present invention is to deorbit satellites in Earth orbit 
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at the end of their useful life. This embodiment of the present 
invention is sometimes referred to in this specification as a 
“Terminator Tether™” because it terminates the orbital 
lifetime of the host spacecraft. The structure of the tether 
taught by the present invention is a short, wide, 
interconnected-multiwire (compared to the long single wires 
of the prior art) conductive Hoytether whose area maximizes 
electrodynamic drag while simultaneously minimizing the 
Area-Time-Product swept by the tether during its operating 
life. The preferred tether length is two to five kilometers. 
The preferred tether mass is one to five percent (1%-—5%) of 
the spacecraft mass. The method of operation comprises 
orienting the tether structure at a 35.26-degree trailing angle 
to the local vertical to maximize electrodynamic force on the 
tether while avoiding tether instability and allowing use of 
a small tether end mass. 


The present invention also teaches that the satellite-tether 
system may be rotated around its common center of mass to 
centrifugally produce tension force in the tether structure to 
oppose forces causing tether instability. The angle of the 
conductive tether structure of the present invention with 
respect to the velocity vector of the host spacecraft may be 
controlled by the method of the present invention so it 
interacts with the encountered magnetic field to induce a 
maximum current flow in the tether. This produces maxi- 
mum electrodynamic drag. All or a portion of this electric 
power may be stored and then controllably applied to the 
conductive tether to produce an induced electrodynamic 
force. This induced electrodynamic force may by used to 
enhance the drag force, to rotate the tether-satellite system 
and/or to provide satellite propulsion, 1.e. to change the state 
vector of the satellite for any useful purpose, e.g. to avoid 
collision or to change the host spacecraft’s orbit to an orbit 
more favorable for more rapid deorbiting. 


The present invention also teaches a tether structure that 
also functions as a thermal radiator and/or plasma contactor. 
An embodiment of the present invention using conducting 
elements of the satellite, e.g. the solar arrays, as electrody- 
namic tether structures is also disclosed. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The present invention may be better understood with 
reference to the following drawings: 


FIG. la is a graph comparing the survival probability of 
a single line tether as taught by the prior art to the Hoytether 
used by the present invention. 


FIG. 1b is a graph showing the level of electrodynamic 
thrust for a 10 kilometer, 10 kilowatt tether at various 
altitudes and inclinations. 

FIG. 1c is a graph showing reentry time sensitivity of a 
five kilometer ProSEDS tether for several conditions of 
current flow in the electrodynamic tether. 

FIGS. 2a, 2b and 2c show the Hoytether structure used by 
the preferred embodiment of the present invention. 

FIG. 2d shows the Hoytape structure used by the preferred 
embodiment of the present invention. 

FIG. 3 is a block electrical diagram of an electrodynamic 
tether system. 

FIG. 4 is a graph showing a graph of the Area-Time 
product for three separate levels of exospheric temperature 
(for neutral drag calculations) and for two separate assump- 
tions regarding tether mass and power drawn from the 
ambient plasma (for the Terminator Tether™ calculations). 

FIG. 5 is the percent additional mass required in orbit to 
drop the perigee of a circular orbit at altitude, at, to a value 
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of 200 kilometers using standard chemical rocket as taught 
by the prior art for deorbiting unwanted spacecraft. 


FIG. 6 is a deorbit tether system shown operating with its 
electrodynamic tether at a trailing 35.26-degree angle to the 
encountered magnetic field, as is taught by the preferred 
embodiment of the present invention. 


FIG. 7 shows an embodiment of the present invention in 
which the electrodynamic tether—satellite system is rotated 
about its center of mass to avoid tether instability. 


FIG. 8 shows an embodiment of the present invention 
wherein the tether is powered to provide induced electro- 
dynamic force. 


FIG. 9 shows an embodiment of the present invention 
wherein the solar power system structure of the satellite is 
used as an electrodynamic tether. 


FIG. 10 shows the use of a portion of the tether structure 
as a thermal radiator and plasma contactor. 


FIG. 11 shows the braiding of an ohmic resistive load into 
the tether structure. 


FIG. 12 is a force diagram showing the forces and torques 
on an upward deployed conducting tether due to the motion 
of the host spacecraft through the magnetic field of the 
Earth. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


The principal industrial utility of the present invention 1s 
the deorbiting of satellites in Earth orbit, which necessarily 
can happen only in outer space. Until the present invention 
is reduced to actual practice by use with satellites in outer 
space and a body of practical experience is thereby obtained, 
the present invention can only be constructively reduced to 
practice, such as by this written specification and its asso- 
ciated drawings, diagrams and graphs and by reference to 
electric measurements made on conducting tethers in space 
by the PMG and TSS experiments. The inventors provide 
herein a detailed discussion of the theory of the present 
invention to help those skilled in the art of aerospace and 
tether engineering to understand the present invention and to 
make and use the best embodiment of the present invention 
known to the inventors at the time this specification was 
prepared, without undue experimentation. 


Although the present invention is discussed in this speci- 
fication in its preferred embodiment as a means of deorbiting 
satellites, it must be emphasized that discussion of this 
specific use in no way limits the broad scope of the present 
invention. The present invention can be used to change the 
direction and speed, i.e. the state vector, of any space object 
providing that object is in motion relative to any magnetic 
field. This magnetic field may be that of the Earth or of any 
other celestial body, for example Jupiter or the sun. 


In this specification the material forming the structure of 
the electrodynamic tether is specified as being a conductor. 
For example, a metal, such as copper or aluminum wire 
could be used. Likewise, nonmetallic conductor, such as 
carbon nanotubes, or a conductive polymer could form the 
conductive structure of the tether. 

FIG. la shows the survival curve for a Hoytether as used 
by the present invention vs. the survival curve of a prior art 
single line tether. The survival probability curve of the 
Hoytether as a function of time does not conform to the well 
known “1/e decay” shape of a single-line tether. The 
Hoytether can maintain a high level of survival probability, 
about 99 percent, until it nears its ‘lifetime’. Its survival 
probability then drops rapidly to zero. A detailed mathemati- 
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cal analysis of the difference between Hoytether and single 
tether survival probabilities is given in Appendix E “Small 
Impactor Survival Probabilities of Hoytethers” and Appen- 
dix F “Large Orbital Debris Survival Probabilities of 
Hoytethers”, both contained in the Final Report of NASA 
Contract NAS8-40545. The resulting cut probability with 
time for the Hoytether has a “bingo curve” shapes. In a bingo 
game, at least five numbers must be called before anyone 
can win, and usually many numbers have to be called before 
one of the bingo cards gets five in a row. In the Hoytether 
at least four cuts must happen at the same level before any 
failure occurs, and many cuts have to be made before any 
one of the levels has all four lines cut. The bingo curve has 
the property that the probability of survival stays very high 
for periods short compared to the lifetime. The probability of 
survival is greater than 99% for periods shorter than 10% of 
the lifetime. This is much better performance than the 1/e 
curve of a single line tether, where the probability of survival 
is only 90% at 10% of the 1/e lifetime. 

FIG. 1b shows the calculated level of electrodynamic 
thrust, in Newtons, produced by a ten kilowatt, ten kilometer 
single conductor tether at altitudes between 200 and 1400 
kilometers and at orbital inclinations between zero degrees 
and eighty degrees. 

FIG. Ic is a graph showing the reentry time sensitivity 
calculated for a five kilometer ProSEDS single conductor 
tether at altitudes between 200 and 500 kilometers with 
current flow in the tether between on flow and one ampere. 

FIGS. 1b and 1c are the work of Enrico Lorenzini of the 
Smithsonian Astrophysical Observatory from his study 
“Performance Evaluation of the Electrodynamic Tether 
Tug”, NASA/MSFC Grant NAG8-1303 (Nov. 12, 1966). 
They show that experts in the field believe that the present 
invention will have industrial utility, as the current flow of 
one ampere in FIG. Ic decreases the deorbit time for the 
calculated case from more than 180 days to less than 20 
days. 

FIG. 2a is an isometric drawing showing the generally 
cylindrical structure of the Hoytether. In FIG. 2a, primary 
lines 201 and 203 are shown connected via secondary lines 
211. In FIG. 2b, which is a schematic illustration of the 
structure shown in FIG. 2a, primary lines 201, 203, 205, 207 
and 209 are connected, each to their respective adjacent 
primary lines, by a plurality of secondary lines 221. These 
connections, for example as shown at interconnection 213, 
are made by knotless, slipless interconnections, such as 
Soutache braiding of twisted connections. 

FIG. 2c shows the Hoytether structure of FIG. 2b but with 
a severed primary line 205 at breakpoint 215. The second 
level of secondary lines 217, shown as bold lines in FIG. 2c, 
redistribute the load from the severed primary line 215 at 
point 217 back to line 215 at points 219 and 221, above and 
below the break, respectively. 

For the electrodynamic tether, a preferred embodiment 
would be to unroll the tubular Hoytetherr™ into a flat 
Hoytape™ as shown in FIG. 2d. 

FIG. 3 generally shows the arrangement of functional 
elements of an electrodynamic tether system. Of course such 
a system must have a means of attachment to the spacecraft, 
a deployer, the tether itself, some form of space plasma 
cathode contactor, some form of space plasma anode 
contactor, a power dissipation system, and a communication 
and control system. Each of these individual elements are 
known in some form to those skilled in the art of aerospace 
engineering. Thus the present inventors do not feel it is 
necessary to describe them in detail in this specification. 
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In FIG. 3, a space object 301, i.e. a satellite in Earth orbit, 
or any other space object either natural or man made, is 
physically connected to the tether system. The tether system 
comprises a deployer 303 from which a conductive 
Hoytether 305 having a bare segment 307 extends upward 
from space object 301. The positively biased anode end 309 
of tether 305 collects electrons from the ionosphere as space 
object 301 moves in direction 310 across the Earth’s mag- 
netic field. These electrons flow through the conductive 
structure of the Hoytether to the power system interface 311, 
where it supplies power to an associated load, not shown. 
The electrons then flow to the negatively biased cathode 313 
where electrons are ejected into the space plasma 315, thus 
completing the electric circuit. 

In order to allow those skilled in the art to better appre- 
ciate the broad scope of the present invention, the inventors 
will now provide an example using specific tether and 
system values to compare the Terminator Tether™ to prior 
art means, ie a rocket, for deorbiting a satellite. 
Terminator Tethers ™: 

When an Earth orbiting conducting space tether moves 
through the magnetic field of the Earth, an electric field is 
generated in the tether that is proportional to the velocity of 
the conductor, the magnetic field strength of the Earth, and 
the angle between the conducting tether and the magnetic 
field lines. From data obtained during the various electro- 
dynamic experiments that have been conducted in space to 
date, such as the PMG, TSS-1, and TSS-1R experiments, a 
typical value of the generated emf per unit length of tether 
of E=100-200 Volts/kilometer can be assumed. The electric 
potential V developed at the ends of a tether of length L is 
then V=EL. For a tether of length L=10 km, the electric 
potential developed is V=1000 V. For calibration, the 20-km 
long TSS-1R tether, at the moment of failure, was develop- 
ing a potential of 3500 volts, which is 175 volts/km. 

The mass of a conducting tether of length L, cross- 
sectional area A, and densin, d is given by m=dLA. Typical 
values for the density are d=2700 kg per cubic meter for 
aluminum and 8900-kg per cubic meter for copper. For a 
typical aluminum tether of mass m=10 kg and length L=10 
km, the cross-sectional area will be A=0.37 mm squared. If 
this were a solid-wire single-line tether, the diameter of the 
wire would be D=0.69 mm (21.5 gauge). If this were an 18 
line tubular Hoytether, the diameter of the lines in the 
Hoytether would be D=0.16 mm (34 gauge). 

The resistance of a conducting tether of length L and 
cross-sectional area A is given by R=rL/A, where r is the 
resistivity of the conductor in nano-ohm-meters (n£2-m). 
Typical values for the resistivity are r=27.4n@2-m for alu- 
minum and 17.0 -n62-m for copper. For the m=10 kg 
aluminum tether of length L=10 km and cross-sectional area 
A=0.37 mm squared at 20 degrees C, the end-to-end resis- 
tance is 750 £2. This value of resistance is the essentially the 
same whether the conductor area is concentrated into a 
single-line tether or divided up into many lines as in a 
multiline Hoytether. 

The current I generated in the conducting tether by the 
electric potential V between the ends of the tether applied 
across the tether resistance R is I=V/R. For the 10 kg mass 
aluminum tether of length L=10 km, electric potential 
V=EL=1000 volts, and resistance R=750 © the current is 
I=V/R=1.33 Amps. Currents near these values were mea- 
sured in the TSS-1R experiment at the time of failure. At the 
time of failure of the TSS-1R tether, none of the plasma 
contactors on the Space Shuttle or the Italian Satellite were 
operating. Thus the current was being collected by the 
conductive surface area of the Space Shuttle and the Italian 
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Satellite at the two ends of the tether. The Space Shuttle area 
is quite large, so it was not the limiting factor in current 
collection. The diameter of the Italian Satellite was 1.6 m, 
which would give it an effective plasma contact area of 
about 8 square meters. This shows that, if the plasma contact 
area of the ends of a conductive space tether can be make 
large enough, then ampere level currents can be extracted 
from the ambient space plasma without the use of space 
plasma contactors. 

The power dissipated as ohmic heating in the tether is 
given by P=IE. For an aluminum tether of mass m=10 kg, 
resistivity r=27 n£-m, and density d=2700 kg/cubic meter, 
subjected to an electric field of E=100 V/m, the power 
dissipated in the ohmic losses of the conductor is P=IV= 
1330 Watts. For a 1 kg mass tether, it would be still a 
considerable 133 Watts of dissipation. 

There will no doubt be additional dissipation of energy in 
plasma ohmic losses, plasma wave generation, and plasma 
ion acceleration, but the ohmic losses in the conducting 
tether alone are sufficient for the task of deorbiting an 
unwanted spacecraft massing 100 to 1000 times more than 
the tether. 

The decay time of a metric ton spacecraft moving from a 
1000 km altitude orbit to a 200 km altitude orbit with an 
energy difference of dU=3.3GJ, when its energy is being 
dissipated at a power of P=1330 W by an aluminum tether 
massing just 10 kg, or 1% the mass of the spacecraft, is about 
one month. This is a remarkably short time, and indicates 
that the concept of using a conductive tether to deorbit a 
spacecraft is indeed feasible. If the aluminum tether massed 
only 1 kg, or 1/1000th the mass of the spacecraft it was 
deorbiting, then the decay time would rise to 10 months, still 
a reasonable value. 

In reality, of course, the actual decay time will be longer 
than this. If the electrodynamic drag force is very large, and 
becomes larger than the gravity gradient forces pulling on 
the ends of the tether (which force is proportional to the 
mass of the tether), then the tether will tend to align itself 
along the magnetic field lines instead of across them, and the 
drag force will decrease because of the small angle between 
the conductor length and the magnetic field lines. The tether 
will then settle into an angle determined by the balance 
between these two forces. 

Is the Terminator Tether™ theoretically a better means 
than atmospheric drag or a rocket engine for deorbiting 
satellites at the end of their useful life? 

In the formula for da/dt (change in altitude per change in 
time), using the assumptions of near-circular spiral 
trajectories, the Area-Time-Product (Z), the criteria by 
which NASA judges compliance with Safety Standard 
1740.14, is given by: 


m da 
2=4 |41=-= —, 
CDJ playv pa 


where p(a) is simply the density as a function of semi-major 
axis. Thus, for a static atmosphere, the problem of area-time 
product is reduced to quadrature. Note that the area-time 
product depends only on the density profile and the ratio of 
spacecraft mass to drag-coefficient and is linearly related to 
that ratio. 

The basic altitude-dependence of the atmospheric density, 
represented here by p(a) can be expressed in a low-order 
power series of In(density)=f(In(altitude)), so that it will be 
possible to develop a representation of the log—log rela- 
tionship between altitude and density. The three static levels 
of atmospheric density are modeled as 5th order polynomi- 
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als in the natural log of the altitude and are representative of 
well known atmosphere models, for example, Jacchia, L. G., 
“Thermospheric Temperature, Density, and Composition: 
New Model,” SAO Special Report 375, March 1977. 2. 
Anon., Marshall Space Flight Center, “Long-Range Statis- 
tical Solar Activity Estimation,” Atmospheric Sciences 
Division, 1989.) The values of exospheric temperature are 
reasonable (about 2-sigma) high and low solar activity 
values of 1400 and 800 kelvins respectively. The mean value 
is taken to be 1100 kevins. 

FIG. 4 shows a graph of the Area-Time product for three 
separate levels of exospheric temperature (for neutral drag 
calculations) and for two separate assumptions regarding 
tether mass and power drawn from the ambient plasma (for 
the Terminator Tether™ calculations). The density profiles 
for the three values of exospheric temperature represent the 
extremes and mean values to be expected during the next 
several decades. The exospheric temperature goes through a 
cycle of about an 11 year period with maximum about 1400 
kelvins and minimum about 800 kelvins. 

The tether calculations include an inherent assumption 
that the Terminator Tether™ transfers all the energy 
extracted from the ambient space plasma into drag that 
decreases the orbital energy of the spacecraft at a rate given 
by the power drawn by the tether. Thus, the change in energy 
for a spacecraft of mass m at an initial altitude h is given by 
the expression: 

AE = -mf de noe $ 
AR, +h) AR, + 250) 


and the time required to effect this change in energy of the 
mass, m, is just 


At=AE/P, 


where P is the power drawn by the tether from the ambient 
plasma charge. 

The curves for 1% and 5% tethers do not include the 
effects of atmospheric drag because the electrodynamic drag 
is orders of magnitude greater than the neutral atmospheric 
drag. At altitudes greater than about 700 km, the electrody- 
namic drag is 200 to 3000 times greater than the neutral drag 
forces. 

It is clear, from FIG. 4 that the Terminator Tether™ 
concept is far superior to neutral drag in removing spacecraft 
from orbit, no matter how much additional area is added to 
the passive spacecraft to increase the atmospheric drag. The 
analyst should note that FIG. 4 is proportional to mass; that 
is, the Area-Time-Product values should be multiplied by the 
mass of the spacecraft and divided by 1000 kg. This is true 
for the neutral drag and Terminator Tether™ curves alike. 
The power levels assumed for the 1% and 5% tethers are 
only 80% of their theoretical values. This is done to provide 
a 20% margin on the power available from the ambient 
plasma and electrodynamic gradient. 

Conventional rocket mechanisms can remove spacecraft 
from orbit, but this mechanism is apparently not viable from 
mass considerations when these factors are compared with 
the capabilities of the Terminator Tether™. A satellite owner 
may decide to satisfy the NASA safety requirements by 
adding a small solid motor and the associated hardware, 
software, sensors and structure to make the package 
independent, to be used to deorbit the spacecraft in case the 
main spacecraft power, attitude, or propulsion system fails. 

The requirements of such a rocket motor system are more 
stringent than those attributed to ordinary spacecraft. The 
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rocket motor deorbit system must operate when some or all 
other systems of the spacecraft have failed. These more 
stringent requirements are balanced by lesser requirements 
of performance. The backup system must simply deorbit the 
spacecraft; 1t does not have to perform all the other duties of 
the spacecraft. But the backup system must know when to 
fire under all kinds of anomalous situations, including 
tumbling, offset of center of mass (because of loss of parts 
due to collisions), and lack of knowledge of the orbital 
position. 

FIG. 5 shows the percent additional mass required by the 
rocket motor system to drop the perigee of a circular orbit at 
some initial perigee altitude to a value of 200 km. The 
atmospheric drag at this 200 km perigee altitude will remove 
any spacecraft (in the range considered) from orbit in a few 
revolutions. The contours of constant stage propellant mass 
fraction, A, range from low values of 0.5 through reasonable 
values of 0.65 to 0.7, up to the values associated with the 
best solid motors (AV0.93) without adding any extra hard- 
ware to the emergency stage. An effective, independent stage 
to provide a retro deltaV of from 50 to 325 m/s will almost 
certainly have a A of the order of 0.6 to 0.75. If the 
emergency stage is required to perform its own attitude 
determination, the stage propellant mass fraction may be as 
low as 0.55 or 0.50. Note that the additional mass, shown in 
FIG. 5, must also be lofted to orbit in the first place, to 
provide the mass on orbit for the originally intended service. 
The stage propellant mass fraction, A, is a key stage perfor- 
mance parameter that describes the ratio of the mass of 
propellant to the mass of the stage. That is A=m,/(m,,+m,), 
where m, is the mass of the propellant and m; is the mass of 
everything else in the stage (not including the payload or any 
stages above or below the stage being considered). Typical 
independent small rocket stages have values of A from 0.60 
to 0.75. The curves of stage propellant mass fraction are 
shown as straight lines (a minor approximation) and are 
included only from 0.5 to 0.95, the extremes of reasonable 
design practice. 

These calculations that show, beyond any reasonable 
doubt, that the Terminator Tether™ concept is far superior to 
conventional mechanisms such as drag enhancement 
devices or small rocket deorbit propulsion systems. The 
superiority is measured in terms of Area-Time-Product, 
NASA’s measure of the likelihood of collision with other 
spacecraft in the path of the descending spent member of a 
constellation. Tether calculations were made using conser- 
vative assumptions that the power extractable from the 
ambient plasma and electrodynamic gradient is only 80% of 
the theoretical power available to a perfect tether crossing 
the magnetic field lines at a right angle, i.e. normally. 

The following analysis is presented by the inventors to 
help those skilled in the art to better understand the present 
invention when it is used as a Terminator Tether™ for 
removing from orbit unwanted non-geostationary Earth- 
orbiting spacecraft at the end their useful lives. The primary 
result of that analysis is that the electrical power P in the 
tether that is converted into heat by the resistance of the 
tether and radiated away into space will remove energy from 
the spacecraft, causing it to rapidly deorbit, thus reducing 
the amount of orbital space debris that must be coped with 
in outer space. Tether electric power P is given by: 


P=(vB)*m/2rd 


where m is the mass of the conducting tether, r and d are the 
resistivity and density of the conducting material, and v is 
the velocity of the spacecraft’s motion through the Earth’s 
magnetic field B. For a m=10 kg tether of aluminum with 
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resistivity of r=27.4 nQ-m and density d=2700 kg/m, 
moving at a velocity v=7037 m/s relative to the Earth’s 
horizontal magnetic field B=26.5 uT, the power dissipated is 
P=2350 W! This energy loss in the form of heat must 
necessarily come out of the kinetic energy of the host 
spacecraft. For a typical example, a 1000 kg spacecraft in a 
1000 km high orbit subjected to an energy loss of 2350 J/s 
from a 10 kg tether (1% the mass of the host spacecraft) will 
be deorbited in a few weeks. 

Power levels of the magnitude estimated in the previous 
paragraph have been measured in a real orbital space 
experiment, the TSS-1R mission carried out on the Shuttle 
Orbiter in 1995. In that experiment, a large Italian 
spacecraft, 1.6 m in diameter, was deployed upward from the 
Shuttle Orbiter at the end of a conducting copper wire tether 
covered with electrical insulation. As the tether was slowly 
deployed upwards, a series of measurements were made of 
the open circuit voltage induced in the tether by its motion 
through the Earth’s magnetic field. The voltage between the 
end of the tether and the Orbiter ground varied from zero 
volts at the start to 3500 V when the amount of tether 
deployed approached its maximum length of 20 km. 
Periodically, the end of the tether was connected either to 
one of two different electron guns, which supplied contact to 
the surrounding space plasma, or to the Orbiter ground. The 
bare surfaces of the Shuttle Orbiter proved to be a surpris- 
ingly good plasma contactor via a combination of ton 
collection and secondary electron emission. The current 
flow through the tether was deliberately limited by control 
circuits and the current capacity of the electron guns to about 
0.5 amperes, but power levels of 1800 Watts were reached. 

The tether was intended to have a fully deployed length of 
20 km, but at a deployed length of 19.5 km, when about 
3500 V was being induced at the end of the tether inside the 
Orbiter reel mechanism, a flaw in the insulation allowed an 
electrical spark to jump in an uncontrolled manner from the 
tether to the Orbiter ground. With no control circuits to keep 
the current level down to 0.5 amperes, the current flow 
jumped to 1.1 amperes, and the total power generated was 
P=3850 Watts Most of this energy went into the electrical 
arc, which burned through the tether, causing it to break and 
halting the experiment. This experiment showed that large 
areas of bare conducting material, such as that provided by 
the 8 square meter area of the Italian spacecraft at one end 
of the tether and the very large surface area of the Shuttle 
Orbiter spacecraft at the other end of the tether, can collect 
and emit amperes of current, while thousands of volts of 
potential can be generated by sufficiently long tethers mov- 
ing at orbital speeds. 

Thus, both theory and experimental data collected in the 
space environment indicate that significant amounts of elec- 
trodynamic drag force can be obtained from a low mass 
conducting tether attached to a host spacecraft, provided the 
ends of the conductor can exchange sufficient numbers of 
electrons with the surrounding space plasma. 

Experimental data from the TSS-1R data also produced 
the amazing result that the efficiency of a bare metal surface 
in “contacting” the space plasma is many times better than 
the standard theory would predict. The 8 square meters of 
bare surface area of the Italian spacecraft were sufficient to 
collect the 1.1 A of electron current. This amount of area is 
easily replicated by a few hundred meters of bare wire, 
considering that the effective collection diameter around the 
wire is the Debye length, which is a few centimeters at the 
typical values for space plasma density and temperature. 

Because of this result, that a bare wire can easily collect 
electrons, Les Johnson, Nobie Stone, Chris Rupp, and others 
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at NASA Marshall Space Flight Center have formed a team, 
which includes the present inventors, which is embarked on 
a new flight experiment. The experiment is scheduled for a 
piggy-back flight on a Delta II launch of an AF Global 
Positioning Satellite in early 2000. The goal of the experi- 
ment is to demonstrate that electrodynamic drag from a wire 
moving at orbital speeds through the Earth’s magnetic field 
will create a large enough electrodynamic drag force to 
deorbit the Delta II second stage, whose mass is greater than 
1000 kilograms, in a few weeks. This is essentially a 
demonstration of the Loftus electrodynamic drag deorbit 
concept and the first step in the development of a Terminator 
Tether*M, 

The ProSEDS (Propulsion Small Expendable-tether 
Deployer System) mission will use a 5 km long copper wire 
conductive tether massing 18 kg connected to a 20-35 km 
long nonconducting tether, which is in turn connected to a 
2540 kg ballast mass. The total of 25-40 km of tether 
length and the 25—40 kg ballast mass on the end will provide 
enough gravity gradient force to keep the tether aligned near 
the zenith, so that the direction of the current in the tether is 
at right angles to both the direction of the spacecraft motion 
in the nominal EW direction and the Earth’s near-equatorial 
magnetic field in the nominal NS direction. 

An important feature of the ProSEDS experiment is that 
it is designed to be completely self-powered. It uses a battery 
to initiate deployment and to power up the plasma contactor, 
but once current is flowing through the tether, some of the 
power is tapped off and used to recharge the battery. The 
battery, in turn, powers the current control electronics, the 
telemetry, system, and the plasma contactor. The ProSEDS 
mission will not be designed to allow ground control 
changes in operation, primarily because of the increase in 
complexity and cost associated with that option. 

The present invention is the use of a small, low-mass 
deployer/controller package containing a large collecting 
area, short length, multiline space tether, such as a Hoytape 
mesh made of aluminum wire, as a “Terminator Tether™” 
for a constellation spacecraft. The Terminator Tether™ 
would be deployed when the host spacecraft is no longer 
working or no longer wanted. The electrodynamic drag from 
the Terminator Tether™ would rapidly remove the unwanted 
spacecraft from the constellation and a few weeks later 
complete the deorbit of the host spacecraft from space by 
burnup in the upper atmosphere of the Earth. For a Termi- 
nator Tether™ to be of maximum usefulness for constella- 
tion spacecraft, it would be desirable to minmize the mass 
and the length of the tether. A lower added mass means more 
mass for revenue producing transponders, while a shorter 
tether length means a lower collision cross-section Area- 
Time Product during deorbit. 

FIG. 6 shows a spacecraft 600 having a state vector 602 
that causes the spacecraft to move across magnetic field 
lines 601. Spacecraft 600 has a conductive tether 603 
attached to it by tether deployer and control system 605. The 
outer end of tether 603 is attached to tether end mass 607. 
Spacecraft 600 also has an attached electron emitter means 
613. 

In FIG. 6, spacecraft 600 has a velocity and direction 
defined by state vector 602. As spacecraft 600 moves it 
causes conductive tether 603 to cut magnetic field lines 601. 
As this happens the distal end of the conductive tether 
collects electrons, shown as arrows 611, from the space 
plasma. Electrons 611 move through the conductive tether 
603, are passed through a resistive load, not shown, in 
control system 605, and are emitted back into the space 
plasma as electrons 615 from electron emitter 613. This 
produces an electrodynamic drag in the direction shown by 
arrow 609. 
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As is discussed in detail in the electrodynamic drag 
analysis below, especially in that sections of the analysis 
titled “Optimization of Tether Angle”, the maximum elec- 
trodynamic drag of the tether is achieved when the angle, 
shown as the Greek letter t in FIG. 6, is 35.26 degrees, 
trailing, to the direction of the magnetic field lines. This 
angle may be maintained by a feedback control circuit that 
maximizes the electrodynamic drag of the tether system, as 
is discussed in detail below. The tether structure 603 is a 
Hoytether having a length of about 2 to 5 kilometers. The 
use of the 35.26 degree angle to the magnetic field reduces 
the tether instability, allowing the use of a short tether which 
will have a small Area-Time-Product. This will minmize the 
possibility that the tether will impact another space object 
during its use. 

In FIG. 7, spacecraft 700 has a state vector 702 across 
magnetic field lines 704. Conductive tether 706 is attached 
to spacecraft 700 by tether deployer and control system 708. 
The distal end of tether 706 is attached to a tether end mass 
710. Spacecraft 700 has an electron emitter means 714. 

Functionally, electrons 712 flow from the space plasma 
into conductive tether 706, are passed through a resistive 
load in control unit 708 and are emitted into the space 
plasma by electron emitter 714 as free electrons 716. As is 
discussed in detail in the analysis below, this produces an 
electrodynamic drag on satellite 700, which causes it to 
deorbit. 

In FIG. 7, spacecraft 700 is rotating with an angular 
velocity indicated by arrow 718. This rotation causes a 
centrifugal force 720 to place tension on conductive tether 
706. This force 720 places tension on the tether 706 in a 
direction that counters tether instability. The Tether 706 may 
be at any angle to the magnetic field while the rotation of the 
tether-satellite system is producing this useful tension. FIG. 
7 shows the angle to be 35.26 degrees, which is optimum, 
but any angle will work. 

FIGS. 8a and 8b show a powered Terminator Tether™. In 
FIG. 8a the spacecraft 800 has a state vector 802 that causes 
it and its associated conductive tether 806 to move across 
magnetic field 804. Tether 806 has an end mass 808 that is 
proximate a plasma contactor 810. Just as was discussed in 
the embodiment of the present invention shown in FIG. 6 
and FIG. 7, an electric current moves through the circuit 
formed by the space plasma, the plasma contactor 810, the 
conductive tether 806, and the electron emitter 815, thence 
back into the space plasma as electrons 816. This creates an 
electrodynamic drag on the tether in the direction shown by 
arrow 818. 

In FIG. 8b, similar numbers indicate similar structures. In 
FIG. 8b, however, an electric power source, not shown, in 
spacecraft 800 provides electrons to conductive tether 806. 
The electrons are emitted from the end 812 of the tether 806. 
Electrons are collected to from the space plasma 814 by 
contactor 815, thus completing the electric circuit. The result 
is an electrodynamic force on tether 806, and therefore on 
spacecraft 800, in the direction show by arrow 820. 

Spacecraft 800 in FIG. 8b may be rotated as is taught in 
the embodiment of the invention shown in FIG. 7, above, to 
allow the control system to time the application of electric 
current to the tether 806 to cause force 820 to be exert force 
in any desired direction along the circle made by the rotating 
tether. This allows the state vector of the spacecraft to be 
modified to raise or lower the spacecraft’s orbital altitude, or 
to otherwise usefully change its orbital elements. 

FIG. 9 show an embodiment of the present invention 
wherein the conductive structure of a satellite is used as the 
tether. In FIG. 9, a spacecraft 900 which has a state vector 
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901 and is moving across magnetic field 903, has two 
attached solar panels, 902 and 904. Solar panels 902 and 904 
have conductive aluminum frames 908 and 906, respec- 
tively. Frame 906 is electrically and mechanically connected 
to plasma contactor 912. Frame 908 is electrically and 
mechanically connected to electron emitter 910. As space- 
craft 900 moves across magnetic field 903, electrons from 
the space plasma 914 flow through contactor 912 and frame 
906 to the body of spacecraft 900, where the current flows 
through a resistive load, not shown, and then into frame 908 
and electron emitter 910 to the space plasma 916, thus 
completing the circuit. This creates an electrodynamic drag 
on spacecraft 900. If the power output from solar panels 902 
and 904 was directed to flow into the frames, 906 and 908, 
then the electrodynamic interaction with the space plasma 
would cause a useful force to be impressed on spacecraft 
900, as was discussed in connection with FIG. 8 above. The 
spacecraft may be rotated and/or oriented to a desired angle 
with the magnetic field lines, as was also discussed above. 

FIG. 10 shows an embodiment of the present invention 
wherein the plasma contactor and the resistive load are 
structurally part of the conductive tether. In FIG. 10 space- 
craft 1000 has a state vector 1001 that causes it to pass 
through magnetic field 1003. Spacecraft 1000 has a tether 
control and deployment system 1005 that is connected to a 
conductive tether 1007 having an end mass 1013. A con- 
tactor portion 1015 of the conductive tether 1007 near end 
mass 1013 is adapted to contact the space plasma so as to 
receive or emit electrons. This may be the bare wire strands 
of a wide Hoytether, or it may be any other plasma contactor 
means that can be conveniently made electrically part of the 
Hoytether structure, such as points or metal fuzz. A second 
resistive portion 1009 of tether structure 1007 is adapted to 
be a resistive load. This may be done by making a portion 
of the tether structure from a material, such as nichrome 
steel wire, that has suitable electrical resistance The large 
surface area of the Hoytether provides an excellent radiator 
structure into the three degree Kelvin radiation sink of outer 
space. 

FIG. 11 shows an alternative embodiment of the load 
resistance/radiator structure of the present invention. In FIG. 
11, a biline Hoytether 1002 is attached to its control and 
deployer system 1100 on a spacecraft, not shown, and to a 
tether end mass 1004. A resistive load, 1006 is woven into 
the Hoytether structure, whereby this load 1006 and the 
section of the Hoytether 1002 into which it is woven act 
together as a thermal radiator allowing photons 1008 to 
radiate into the thermal sink of outer space. 

The following detailed analysis of the present invention 
will help those skilled in the art to better understand and use 
the present invention. 

Electrodynamic Drag Analysis: 

The following is an optimization analysis of the electro- 
dynamic drag produced by a conducting tether deployed 
from a host spacecraft that it is to deorbit. The force and 
torque diagram used in the analysis is shown in FIG. 12, 
which shows the forces and torques on an upward deployed 
conducting tether due to the motion of the host spacecraft 
through the magnetic field of the Earth. 

Physical Constants and Assumptions: 

The analysis that follows will use the following physical 
constants and assumptions: 

Newton’s gravitational constant G=6.67x10"** m”/kg-s?. 

Mass of Earth M_=5.976x10” kg. 

Radius of Earth near equator R,=6378 km. 

Assumed host spacecraft altitude h=622 km. 

Assumed host spacecraft orbital radius a=7000 km. 
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Host spacecraft orbital velocity w=wa=[GM,/a ]7=7546 
m/s. 
Vertical gravity gradient at spacecraft 2r=2GM,/a°= 
2.32x10°° s7?. 
Centrifugal gradient at spacecraft w°=GM,/a°=1.16x10~° 
-2 
S 


Combined gradient at spacecraft 31=3GM,/a°=3w7= 
3.49x10°° s””. 
Magnetic field of Earth (tilted dipole approximation): 
Magnitude B,=35 uT=0.35 gauss. 
Angle between magnetic pole and spin pole 11.5°. 
Field components at spacecraft with altitude a and 
angle P between radius vector of spacecraft and 
magnetic equatorial plane. 
Horizontal B,,=B,(R./a)’ cos B=26.5 uT cos f. 
Vertical B,=2B_(R./a) sin B=52.9 uT sin B. 
Electrodynamic Tether Constants and Assumptions: 

The electrodynamic tether is assumed to be made of a 
conducting metal, and have a length L, density d, resistivity 
r, and cross-sectional area A that is constant along the length 
of the tether. If the tether is a single round wire of diameter 
D, then the cross-sectional area is A=1D“/4. Because of the 
micrometeorite and space debris hazard, however, it is likely 
the tether will be made up of redundantly interconnected 
multiple lines whose individual cross-sectional areas add up 
to A. Given these assumptions, the tether mass is then 
my=dLA, while the end-to-end tether resistance is R;=rL/ 
A=rdL*/m,. 

Specific Conductivity Parameter: 

The choice of the metal conductor to be used in a space 
tether is determined by a combination of low resistivity 
(high conductivity) and low density, with cost, strength, and 
melting point as secondary considerations for certain appli- 
cations. Copper has a resistivity r=17.0 nQ2-m, a density 
d=8933 kg/m, and a “specific conductivity” of 1/rd=6,585 
m”/Q-kg. Aluminum has a resistivity r=27.4 nQ-m, which is 
significantly greater than that of copper, but it has a much 
lower density of d=2700 kg/m”. As a result, aluminum’s 
“Specific conductivity” of 1/rd=13,500 m“/Q-kg is twice the 
conductivity per unit mass of copper. Silver, because of its 
higher density and higher cost, is not competitive as an 
electrodynamic space tether even though its resistivity of 
16.1 n62-m is slightly better than that of copper. An alternate 
candidate material would be beryllium, with a resistivity 
r=32.5 nQ-m, density d=1850 kg/m?, and a “specific con- 
ductivity” of 1/rd=16,630 m°/Q-kg, slightly better than that 
of the much cheaper aluminum. Beryllium also has a higher 
melting point at 1551 K than aluminum at 933 K, so some 
of its alloys may be a preferred material for some electro- 
dynamic applications despite its higher materials cost. 
Unfortunately, despite decades of metallurgical research by 
the nuclear power industry, highly ductile alloys of beryl- 
lium have not been found, so it is difficult to pull beryllium 
into wire. As a result, because of its high specific 
conductivity, low cost, and ready availability in ductile wire 
form, it will be assumed for this analysis that the electro- 
dynamic tether will be made of aluminum wire. 

Typical Resistance Values: 

To be economically competitive, the mass of the tether 
needs to be a small fraction of the mass of the host spacecraft 
it is required to deorbit. Since a typical constellation space- 
craft has a mass of about 1000 kg, a typical Terminator 
Tether™ with a mass that is 2% of the host spacecraft mass 
would consist of a deployer/controller package with a mass 
mp=10 kg, containing an aluminum tether with a mass 
m,=10 kg with a volume of LA=m,/d=3.70x10"? m°. If this 
10 kg of aluminum were formed into a tether with a length 
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of L=2 km and a cross-sectional area of A=1.85 mm”, then 
the end-to-end resistance of the tether would be R=rL/A= 
rdL*/m,=29.6 Q A longer tether would have a proportion- 
ately smaller cross-sectional area and a higher resistance; for 
example, a 5 km long tether with the same mass would have 
a resistance of 185 Q. 

Orbit Inclination Assumption: 

In order to make the remainder of the analysis mathemati- 
cally tractable, it will be assumed that the orbit of the host 
spacecraft is circular and above the magnetic equator, so that 
the angle between the radius vector to the spacecraft and the 
magnetic equatorial plane is B=0 degrees. In this orbit, the 
velocity v of the spacecraft with respect to the magnetic field 
is the orbital velocity w less the rotational velocity of the 
magnetic field at the orbital radius a due to the once per day 
rotation of the Earth, or: 


v=W-2114/1day=(7546-509)m/s=7037m/s 


This equation also shows why electrodynamic drag will not 
be useful for removing geostationary spacecraft from orbit. 
At the geostationary orbital radius of a=42,200 km, the 
relative velocity of the spacecraft and the rotating magnetic 
field of the Earth is zero. 

With this assumption of an orbit above the magnetic 
equator, the vertical component of the Earth’s magnetic field 
is zero and the horizontal component of the Earth’s magnetic 
field is at right angles to both the local vertical and the 
direction of motion of the spacecraft. The total magnetic 
field seen by the host spacecraft and its Terminator Tether™ 
is then orthogonally horizontal and has the magnitude: 


B=B,,=B,[R./al’ cos B=26.5uT. 


Where for simplicity the subscript H will be dropped for the 
remainder of this analysis. 

This orbit, with its inclination of 11.5° with respect to the 
spin equator, will not stay in the plane of the magnetic 
equator, but will vary +11.5° above and below it as the Earth 
rotates, causing a variation in magnetic field strength of +0.5 
uT, as well as a slight variation in angle. This 2% variation 
is negligible in terms of the other uncertainties in this 
analysis. It is not until the orbital inclination of the host 
spacecraft orbit reaches 60°, where cos 60°=0.5, that there is 
a significant drop in the expected magnitude of the electro- 
dynamic drag forces calculated in this analysis. 
Electromagnetic Drag Effects in Polar Orbit: 

In many medium Earth orbit communication satellite 
constellations, there are a significant number of spacecraft at 
high inclinations and in nearly polar orbits. The high incli- 
nation spacecraft, with inclinations between 60° and 78.5°, 
will all have orbits that stay between the magnetic poles. 
Although the amount of electrodynamic drag will be sig- 
nificantly less than that experienced by spacecraft with 
orbits at lower inclinations, the direction of the induced 
electric fields in the tether will always be in the proper 
direction. If the tether is vertically upward, the outer tip of 
the tether will be positively charged and the bare wire in the 
tether will pull electrons out of the surrounding space 
plasma, while the electron emitter at the host spacecraft end 
will eject the electrons back into the space plasma to 
complete the circuit. 

For spacecraft in near polar orbits with inclinations 
between 78.5° and 90°, however, there will be much more 
drastic variations. First of all, for a spacecraft in a 90° orbit 
that happens to pass directly over the magnetic poles, there 
is no horizontal component of the magnetic field when it is 
passing over one of the magnetic poles, so no voltage is 
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generated in the tether during that part of the orbit, while the 
horizontal component of the magnetic field near the mag- 
netic equator, while strong in magnitude, is along the 
spacecraft velocity vector, so no voltage is generated in the 
tether in that part of the orbit either. As a result, there will 
be negligible electrodynamic drag experienced by the host 
spacecraft during that particular orbit. The Earth is rotating, 
however, and the magnetic pole is rotating with it. A few 
orbits later, the host spacecraft will be passing over the 
Earth’s spin pole at a point where the horizontal component 
of the magnetic field is exactly at right angles to the direction 
of motion of the spacecraft, so the full voltage is generated 
in the tether. When passing over the spin pole, the spacecraft 
radius vector is at an angle of 11.5° from the magnetic pole 
and at an angle B=78.5° away from the magnetic equatorial 
plane. With these assumptions, the magnitude of the hori- 
zontal component of the magnetic field at the Earth’s spin 
pole is a respectable: 


B=B,[R./a]? cos 78.5°=5.28uT 


or 20% of the maximum value experiences by spacecraft 
orbiting above the magnetic equator. This value will drop 
slightly as the orbit continues, then build back up as the 
spacecraft passes over the opposite pole. As the Earth 
continues to rotate, bringing the magnetic pole again under 
the orbit, and the interaction of the tether with the horizontal 
component of the magnetic field again drops to zero. The 
average coupling of a tether to the Earth’s magnetic field 
over all polar trajectories has been calculated to be 12.3 
percent. 

A problem experienced only by spacecraft with orbit 
inclinations greater than 78.5°: 

The spacecraft will no longer be traveling from west to 
east with respect to the magnetic field axis, but will have a 
retrograde motion as it moves through the magnetic field. As 
a result, the voltage generated by the motion of the tether 
through the Earth’s magnetic field will switch direction. The 
outer tip will be negatively charged and will attempt to 
collect ions, which is a much less efficient process than 
collecting electrons. 

There are a number of solutions to this problem. The first 
is to increase the mass and length of the tether supplied to 
a spacecraft assigned to a polar orbit, so that higher voltages, 
currents, and drag are generated during the limited times the 
spacecraft is passing over the poles in the right direction. 
The second is to supply a tether with plasma contactors at 
both ends that can emit electrons from either end, allowing 
the current to flow either way, depending upon which 
direction the spacecraft is passing around the magnetic pole. 
The third is to utilize the first number of passes to torque the 
orbit of the spacecraft until the orbit inclination has been 
shifted below 60°, then turn on the electrodynamic drag full 
time to deorbit the spacecraft from this more favorable orbit 
inclination. This orbit torqueing maneuver is accomplished 
by activating the electrodynamic drag mechanism only when 
the magnetic field orientation is such that a strong out-of- 
plane component of force is created. This orbit torqueing 
maneuver can be augmented by switching to a propulsion 
mode, where power saved in the batteries during the drag 
force mode is pumped back into the tether when the mag- 
netic field is in the opposite direction, applying electrody- 
namic propulsion to torque the orbit even further. With the 
tether at a large and stable trailing orientation, the coupling 
to the magnetic field can be significant to a vertical tether. 

In summary, spacecraft in near-polar orbits might take 
longer to bring down, and might have to utilize specially 
designed Terminator Tethers™ that might cost and mass 
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more than the simpler Terminator Tethers™ usable in lower 
inclination orbits, but a Terminator Tether™ can still remove 
a spacecraft from a polar orbit when desired. 

The inventors now present a detailed analysis and opti- 
mization of a typical Terminator Tether™ attached to a 
typical host spacecraft in a typical low inclination orbit. 
Electromotive Generation of Voltage and Current in the 
Tether: 

When an object is moved at a velocity v through a 
magnetic field B, an electric field is generated in the frame 
of reference of the moving object given by: 


E=vx B=vB 


where the magnetic field B of the Earth, being mostly 
tangent to the Earth’s surface in the north-south direction, is 
at right angles to the velocity vector v of the spacecraft, 
assumed to be orbiting in a generally west-east direction. 
The direction of the electric field E will be at right angles to 
both v and B, or along the local vertical. It should be noted 
that this electric field exists in the moving frame of reference 
because a moving magnetic field creates an electric field. No 
object actually has to be there, but if it is, then the relative 
motion of the magnetic field of the Earth will not only apply 
magnetic forces to whatever material the object is made out 
of, but electric forces too. 

Note also that the velocity used in this equation is the 
relative velocity between the object and the magnetic field. 
Because the Earth’s magnetic field rotates with the Earth, the 
motion of the magnetic field must be subtracted from the 
orbital velocity of the object to obtain the relative velocity. 
Voltage generation in a Conducting Tether: 

If the moving object is a long conducting wire of length 
L, the electric field E, generated in the wire produces a 
voltage V between the opposite ends of the wire given by: 


V=E*L=EL cos t=vBL cos t 


where T is the angle between the length vector L of the tether 
and the electric field vector E, assumed to be in the vertical 
direction at right angles to the velocity vector v in the plane 
of FIG. 12 and the magnetic field vector B out of the plane 
of FIG. 12. A typical value for the voltage level built up in 
a vertically oriented tether with length L=5 km and t=0, 
moving at a velocity of v=7037 m/s through the Earth’s 
horizontal magnetic field of strength 26.5 uT, is 932 V, or 
0.186 V/m. Spacecraft in higher inclination orbits would 
experience somewhat smaller electric fields. For calibration, 
the voltage measured between the ends of the 19.5 km long 
TSS-1R tether was 3500 V, or 0.175 V/m. 

Contacting the Space Plasma: 

Although a voltage will build up between the ends of the 
conducting tether, no current will flow unless the circuit is 
completed. The circuit cannot be completed with another 
wire, for it too will have a similar voltage generated in it by 
the moving magnetic field. Fortunately, empty space is not 
empty, and in near-Earth regions not too distant from the 
Earth’s atmosphere there exists highly electrically conduc- 
tive space plasma, kept partially ionized by radiation from 
the Sun. The electron and ion density varies from the dark 
to light side, with altitude, with season, with sunspot cycle, 
with contamination level, etc. but it typically varies from 
10% to 10*° electrons/ce. 

Fortunately, it has been found that if a bare conductive 
surface such as the spherical Italian spacecraft in the TSS-1R 
experiment, or the long bare wire to be used in the ProSEDS 
experiment, or a multiline conducting wire Hoytape mesh, is 
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charged to a few hundred volts, the bare conductor will 
readily pull electrons out of the space plasma. So all that is 
needed to complete a connection to the space plasma at the 
positively charged (upper) end of the tether is a sufficient 
large area of uninsulated conductor. 

It is more difficult to eject electrons from a wire or to 
collect positive ions from the space plasma. Although it is 
conceivable that a very large area at the other end of the 
tether could collect enough ions to complete the circuit as 
was demonstrated during the TSS-1R mission when the 
Shuttle orbiter was found to be an adequate plasma contactor 
for over an amp of current, the present method chosen is to 
use an electron emitter of some sort, either a hot cathode, a 
plasma cathode or contactor, a field-emission device, or 
something similar. Once provisions have been made at both 
ends of the tether to allow the flow of electrons out of one 
end of the tether and into the other end, and the altitude of 
the host spacecraft is not too high, then there will be 
sufficient conductivity in the space plasma surrounding the 
host spacecraft to allow current to flow through the tether. 
Current Flow In The Tether: 

The amount of current I flowing through the tether 
depends upon the total resistance R in the circuit. This 
resistance will consist of three components, the effective 
resistance of the plasma, the resistance of the tether, calcu- 
lated earlier as R;=rL/A=rdL7/m,, and a control resistor Re, 
which will be varied as needed to optimize the Terminator 
Tether™ performance. There will also need to be a parasitic 
load on the current in the form of a charging device to charge 
some batteries. The batteries in turn will be used to power 
the control and communication circuits, and drive the elec- 
tron emitting devices at the negative end of the tether. A 
well-designed Terminator Tether™ will thus be completely 
self-powered, except for an initial charge in the batteries to 
provide electrical power for the deployment and startup 
procedure. For simplicity of analysis it will be assumed that 
this battery charging load, which absorbs power like a 
resistor, but which stores it and uses it later instead of 
dissipating it immediately as heat, is included in the control 
resistor R.. Normally, this load would act as a “base resis- 
tance” below which the control resistor could not be 
lowered, but since the charging circuit can be turned off 
when desired, and operations continued without interruption 
using the power stored in the batteries, it will be assumed 
that the control resistor can be taken to near zero value in 
those circumstances where the space plasma conductivity is 
low, or the magnetic field is in the wrong orientation and the 
voltage being generated in the tether is not large. Under 
these circumstances, lowering the control resistor to near 
zero allows a much higher current to flow for a given 
generated voltage, thus increasing the power being dissi- 
pated in the tether and maintaining a high level of electro- 
dynamic drag on the host spacecraft. 

A properly designed Terminator Tether™ will have plenty 
of bare metal area for electron collection at the positive end, 
while the electron emitters at the other end are efficient in 
terms of emitting large electron currents at low voltages and 
therefore low powers, while at the same time the mass, 
length, and area of the conducting tether have been made 
such that the resistance of the tether is moderately high. 
Under these conditions, the effective resistance of the space 
plasma will be much less than the design resistance of the 
tether. To make the mathematics more tractable it will be 
assumed that the plasma resistance is can be neglected and 
that the voltage available to drive the tether is the full 
voltage generated by the moving magnetic field. Although 
voltage will be needed to power the electron emitter, what- 


6,116,544 


25 


ever its form, it will be assumed that the required voltage and 
power will be supplied by the batteries. The batteries in turn 
will be powered by the battery charging circuit, whose 
effective resistance is included in the control resistor (except 
for those short periods when the plasma or magnetic field 
interactions are weak). 

Given all these assumptions concerning the total resis- 
tance in the circuit, the current I flowing through the tether 
is then given by: 


I=V/R=vBL cos t/(R-+rdL*/m;) 


Atypical current level can be estimated by assuming that the 
control resistance Ro should be about the same size as the 
tether resistance R}, which for an aluminum tether with 
resistivity r=27.4 nQ-m, density d=2700 kg/m”, length L=5 
km, and mass m,=10 kg, is R,=185 Q, giving a total 
resistance, including the control resistance Re, of R=370 Q. 
Thus the current flowing though a tether of length L=5 km, 
generating a voltage of V=932 V, would be I=V/R=2.52 A. 
Power Dissipation Analysis: 

The induced current I flowing through the tether resis- 
tance Ry will generate heat in the wire, which will be 
radiated into space and lost. That radiated energy must come 
from somewhere. There is also power taken out of the 
current flow by the battery charging circuit and ultimately 
dissipated. In order to conform to energy conservation laws, 
this power and energy must come from a decrease in the total 
kinetic and potential energy of the host spacecraft, causing 
it to deorbit. Set forth below is a detailed, optimized force 
analysis which will calculate the drag force on the host 
spacecraft. In this section, by using some simplifying 
assumptions, it is possible to produce a general argument 
based on energy conservation laws, which will illustrate the 
broad scope of the present invention. 

For this energy conservation analysis it will be assumed 
that the plasma resistance is small compared with the tether 
resistance, and that the control resistance is equal to the 
tether resistance: 


R-=R,=1L/A=rdL7/m; 


Assume that the ballast mass at the end of the tether is a 
large piece of the defunct host spacecraft, such as a solar 
panel, antenna, or battery pack, so that the gradient force is 
large and the tether is always oriented along the vertical so 
that the angle t=0°. Also assume the spacecraft is in an orbit 
above the magnetic equator and thus is moving at right 
angles to the Earth’s magnetic field, so that the angle 
between the orbital velocity vector and the magnetic field 
vector is 90°, and the electric field vector is in the vertical 
direction, aligned perfectly with the tether length vector. 
Under these ideal conditions, the voltage between the ends 
of the tether is given by: 


V=E*L=(vxB)*L=vBL 
The current in the tether is then just: 
I=V/(R-+R,)=vBm,/21rdL 


The power dissipated as ohmic heating in the tether is then 
given by: 


P=IV=(vB)*m,/2rd 


This equation shows the interesting result that the power 
dissipated does not depend upon the length or the area of the 
tether (within reason), but only the mass of the tether m,, the 
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resistivity r and density d of the tether material, and the 
velocity v of the conducting tether through the Earth’s 
magnetic field B. 

For a typical aluminum tether of mass m,=10 kg, the 
power dissipated is an impressive P=2350 W. Even if only 
a small fraction of this power is dissipated in a real system, 
the kinetic energy of the host spacecraft would suffer a 
significant energy loss with time. 

Orbital Energy Extraction Analysis: 

The total energy U of a spacecraft of mass M in orbit 
around the Earth consists of two components, its positive 
orbital kinetic energy and its negative gravitational potential 
energy. If a circular orbit of altitude h and radius a=R,+h is 
assumed, then the total energy of the spacecraft moving at a 
velocity w=(GM,/a)'” is: 


U=+Mw7/2-GMM,/a=-GMM,/2a 


The system will be dissipating energy in the tether to 
decrease the energy U of the unwanted spacecraft from its 
relatively low negative value in a high Earth orbit to a 
greater negative value in a lower Earth orbit. To give a 
specific example, an unwanted spacecraft with a mass of 
M=1000 kg (a metric ton) in an orbit with an altitude of 
h=1000 km and a high orbital radius of a(H)=R,+h=7371 
km, then its (negative) total energy is: 


U(H)=-GMM,,/2a(H)=-27.1 GJ or -27.1 MJ/kg 


It is desired to lower the spacecraft to an orbit with an 
altitude just outside the atmosphere of h=200 km or a lower 
orbital radius of a(L)=R,+h=6571 km, where atmospheric 
drag will finish the job. The total (negative) energy of a 
metric ton spacecraft at 200 km altitude is: 


U(L)=-GMM,/2a(L)=-30.4 GJ 


Thus, the amount of energy needed to be dissipated in 
order to move the 1000 kg spacecraft from a 1000 km orbit 
with a total energy U(H)=-27.1 GJ down to a 200 km orbit 
with energy U(L)=-30.4 CJ is: 


dU=U(H)-U(L)=3.3 GI. 


The decay time T of a metric ton spacecraft moving from 
a 1000 km altitude orbit to a 200 km altitude orbit with an 
energy difference of dU=3.3 GJ, when its energy is being 
dissipated at a power of P=2350 W by a typical aluminum 
tether massing just 10 kg or 1% the mass of the spacecraft, 
is found to be T=dU/P=16 days. 

The actual decay time will be longer than this. If the 
electrodynamic drag force is very large, and becomes larger 
than the gravity gradient forces pulling on the ends of the 
tether, then the tether will tend to align itself along the 
magnetic field lines instead of across them, and the drag 
force will decrease because of the small angle between the 
conductor length and the magnetic field lines. The tether 
current will need to be controlled until the angle of the tether 
settles into an angle determined by the balance between 
these two forces. These electrodynamic torque vs. gradient 
torque dynamic interaction effects are discussed in the next 
section. 

Force and Torque Balance Analysis: 

It is now possible to calculate the forces and torques on 
the tether. It is also possible to use the fact that the electro- 
dynamic and gravity forces and torques on the tether must 
balance each other out to calculate and teach some optimum 
values for some of the Terminator Tether™ parameters. 
Electrodynamic Force and Torque: 
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As discussed above, both theory and experiment show 
that: provided the conducting tether is moved rapidly 
through the Earth’s magnetic field in order to generate a 
voltage across it, and provided good contact is made with the 
space plasma, the conducting tether will have a current 
flowing through it. When a wire (moving or not) carrying a 
current I is embedded in a magnetic field B, there will be an 
electrodynatnic force F, generated on each element of the 
wire. The electrodynamic force will be at right angles to the 
magnetic field vector and the length vector of the wire 
element, with a magnitude given by: 


F,=JxB=ILB 


where B is the horizontal component of the magnetic field, 
which is perpendicular to the assumed magnetic equator 
orbit plane, while the tether length vector L is assumed to lie 
in the orbit plane. If, as will be the case most of the time, the 
electron current is leaving the space plasma and entering the 
tether along the length of the tether, then IL needs to be 
replaced with an integral of the current along the length of 
the tether. 

Note that the electrodynamic force amplitude or direction 
is not directly dependent on the motion of the tether through 
the Earth’s magnetic field. The electrodynamic force would 
be the same if the tether were not moving and the current 
was being supplied by a battery. Since the current I is a 
function of the orbital velocity, however, there is a second- 
ary dependence of the electrodynamic force magnitude on 
the orbital velocity, but not its direction. The electrodynamic 
force is always at right angles to the conductor, and stays at 
right angles to the conductor as the angle Tt varies, as shown 
in FIG. 12. 

Assuming that the electrodynamic drag force is applied 
uniformly along the length of the tether, it is possible to 
make the simplifying assumption that the integrated force is 
effectively applied at right angles to the center of mass of the 
tether at the point L/2 as shown in FIG. 12. The electrody- 
namic torque on the tether is then: 


T¿=F¿L/2=IBL7/2=vB?L? cos 1/2(R-+1dL%/m7)=vB*L? cos 1/2R 


Gravity Gradient Forces and Torques: 

When a tether and its ballast end mass are deployed from 
a host spacecraft, the gravity gradient force field of the 
Earth, combined with the orbital centrifugal gradient force 
field, will cause the tether to deploy either up or down from 
the host spacecraft. The direction desired depends on which 
end of the tether is connected to the electron emitter. 
Normally, the electron emitter will be on the end attached to 
the host spacecraft, in which case the desired direction of 
deployment will be upward so that the induced voltage in the 
tether will produce an excess of electrons at the electron 
emitter end of the tether. The desired upward direction is 
chosen by having the deployer eject the ballast mass in the 
upward direction. Once the ballast mass has been started in 
that direction, the centrifugal force due to the orbital motion 
of the ballast mass will cause the ballast mass to continue to 
accelerate in the upward direction until it is brought to a halt 
by the full deployment of the tether. 

If there were no electrodynamic or atmospheric drag, the 
equilibrium direction of the tether would be exactly along 
the vertical, since the combined gradient field is a maximum 
in that direction. Because a significant amount of electro- 
magnetic drag is expected, the actual angle of the tether with 
respect to the local vertical will be at some angle Tt, lagging 
behind the spacecraft motion in the plane of the orbit, as 
shown in FIG. 12. In the following analysis shows that there 
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is an optimum angle for t that produces the largest electro- 
dynamic drag force on the host spacecraft without producing 
tether instability. 

The combined vertical gravity gradient and centrifugal 
gradient field 31 acting on the ballast mass m, at the end of 
the tether of length L will produce a gradient force Fep given 
by: 


Fos=-3rmgL cos T 


The strength of the force depends not only on the ballast 
mass mz and the strength of the gradient field 31, but also 
the component along the radial direction of the distance of 
the ballast mass from the center of mass, which is L cos T. 
This force acts in the vertical direction along the radius 
vector leading from the ballast mass away from the center of 
the Earth. The amount of gradient force is not large. For a 
ballast mass of m,=10 kg and a tether length of L=5 km, the 
gradient force is about 0.175 N. 

As can be seen in FIG. 12, the component of this gradient 
force that is at right angles to the tether, given by Fog Sin T, 
will produce a torque Tgp on the tether that tends to restore 
the tether toward the vertical, lessening the angle T. 


Tog=LF ep, sin 1=-3pmsL* sin T cos T 


The tether mass m, also contributes to the gradient force 
and torque. If it is assumed that the tether has a uniform 
cross section, then it is possible to replace the distributed 
mass of the tether with an equivalent point mass m, placed 
at the center of mass of the tether, which is the point L/2 
along the tether, and a distance L/2 cos t in the radial 
direction. The gradient force due to the tether mass is then: 


Fo7=-3/2;my7L cos T 
While the gradient torque is: 
T¿/=-1/2F¿7 sin 1=-3/4,mgL*sin tcos T 


The total gradient torque attempting to restore the tether 
to its vertical orientation is then: 


To=Teatl 67-3 r(mgtm7/4)L? sin Tt cos T 


It is important to notice the variation of the total gravity 
gradient torque as the tether angle t is varied. Since the 
gradient force is always in the radial or vertical direction, 
there is no torque on the tether when the tether is vertical, as 
is the case when there are no aerodynamic or electromag- 
netic drag forces. Once the drag forces become important 
and start to apply torque to the tether, increasing the tether 
angle t, those drag torques causing an increase in tether 
angle t will be opposed by a rising gradient torque which 
will attempt to decrease the tether angle. For small tether 
angles, the gradient torque increases first linearly with 1, 
then as sin T, since cos T is near unity for small qt, then at 
t=45° the gradient torque reaches its maximum, where sin 
t=cos t=0.707 and sin t cos t=0.50. When this angle is 
reached, the tether is a point of catastrophic instability, for 
if there is a further increase in the electrodynamic drag force, 
causing the angle t to become greater than 45°, the gradient 
torque, instead of growing stronger to counteract the 
increased drag torque, will become weaker and the tether 
angle will go rapidly to 90°. 

To restore control to the tether angle if the instability 
occurs, it will be necessary to turn off the electrodynamic 
drag forces by shutting off the current flow through the 
tether. The t=90° position for the tether and ballast mass is 
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a gravitationally unstable orientation. After a time, slight 
fluctuations in the gravity field will allow the gradient force 
to slowly take over and restore the tether to the vertical 
orientation, which, unless it can be controlled in some way, 
is equally likely to be up or down. It would therefore be 
desirable to maintain control of the tether angle so as to 
avoid the tether angle getting into the region of instability. 
Torque Balance on the Tether: 

The angle t of the tether is determined by a balance 
between the electrodynamic torque T; attempting to 
increase the angle t and the gradient torque To attempting 
to decrease the angle t. Balance is achieved when the two 
torques are equal: 


Te=-Te=lestler 
or: 
vB”L? cos 1/2R=3p(m¿+m3/4)L? sin t cos T 


Simplifing and rearranging yields an equation giving us 
the angle t at which torque balance occurs: 


t=arcsin[ vB?L/6p(m¿+m3/4)R] 


The physical interpretation of this equation is that the 
maximum electrodynamic force that can be sustained on the 
tether is limited by the gradient force on the tether. It is 
possible to increase the electrodynamic force by decreasing 
the total resistance R of the tether (for example, by using a 
tether with a larger mass and a lower tether resistance), but 
if the tether resistance is too low, then the quantity in 
brackets becomes greater than unity and this equation has no 
solution, indicating that the tether has reached an angle 
where instability sets in. 

To maintain control of the tether angle, it will be neces- 
sary to vary the control resistance of the tether to compen- 
sate for variations in magnetic field strength and direction, 
plasma density (which affects the plasma resistance), and 
other factors, and thereby maintain the tether at an interme- 
diate angle where both the electrodynamic and gradient 
forces are at an appreciable level and balance each other. 
Optimization of Tether Angle: 

At first glance, it might seem that the optimum angle for 
the tether would be 45°, since at that angle the gradient 
torque is largest and therefore can counteract a larger 
electrodynamic drag force. However, since the 45° angle is 
the point where instability sets in, it is desirable to set the 
tether angle at some value below 45°. The optimum angle is 
that which maximizes the horizontal or drag component of 
the electrodynamic force. This optimum angle tT is derived 
from the equation for the horizontal component of the 
electrodynamic force, or the electrodynamic drag force, 
since it opposes the host spacecraft motion: 


F-p=F- cos t=6[m,+m7/4]CL sin t cos 


By setting the partial derivativeQF,.,/Ot=0 and solving, 
it is possible to calculate that the optimum angle for the 
tether that gives the maximum electrodynamic drag force 
Fp, While still keeping the tether torques balanced and 
under control, is t=arctan(0.707)=35.26°. With this angle 
selected and maintained by varying the control resistor Ro 
to compensate for variations in plasma contact resistance 
and variatins in the strength and direction of the Earth’s 
magnetic field B seen at the spacecraft, the tether experience 
the maximum stable value for the electromagnetic drag force 
of: 
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Fe p(max,t=35.26°)=2.31[m,t+m,/4]TL 


There are many ways to provide the sensing information 
needed to provide the feedback signals to the control 
resistor, but the simplest is to merely measure the drag 
acceleration on the host spacecraft with a set of 
accelerometers, and maximiize the force in the direction 
opposite to the host spacecraft motion. Another method 
would be to measure the current in the tether, and knowing 
the tether resistance and the amount of control resistance, 
calculate the power being extracted and maximize that 
value. Alternate methods would be to use an optical position 
sensor or GPS receivers at both ends of the tether to measure 
the angle of the tether or the position of the ballast mass with 
respect to the host spacecraft. 

To make an estimate of the magnitude of drag force 
attainable, assume that a typical aluminum tether with a 
length of L=5 km, a tether mass of m,=10 kg and a ballast 
mass of m,=10 kg is being used. Then the maximum 
gradient force limited electrodynamic drag force is F,,= 
0.167 N. The power being dissipated in the canoical tether 
at the angle t, with RL=R,=rdL7/m,=185 Q is given by: 


P=IR=[vBL cos T](R¿+rdLm7) 


which for an angle 1=35.26* results in a power dissipation 
of 1570 W. Thus, the thrust level per unit power obtained by 
the typical Terminator Tether™ would be about 0.106 N/kW. 
This number is comparable to the value of 0.148 N/kW 
estimated for the much heavier and longer TSS-1R tether. 
Reconciliation of Energy and Force Analysis: 

By a force and torque balance analysis an optimum angle 
for the tether has been discovered at which it is possible to 
obtain a maximum in the drag component of the electrody- 
namic force. There is also an additional component of the 
electrodynamic force, the component in the vertical 
direction, Fey_-, sin(t), which is downward for an 
upwardly deployed tether. This component of force com- 
bines with the gravity force of the Earth to effectively allow 
the host spacecraft to orbit a little faster than normal for that 
orbital altitude. It does not contribute to the deorbiting of the 
host spacecraft. But since this vertical component of force is 
created by current running through the tether, and that 
current is creating heat and dissipating energy as it passes 
through the tether, there might be some concern that the 
force and torque balance analysis above does not conform to 
the law of conservation of energy. 

The inventors will now show, in a very general manner, 
that no matter what the tether angle, the electrical power 
being dissipated in the tether is exactly equal to the power 
being lost by the slowing of the host spacecraft. 

The “deorbit power” P, that must be removed from a 
spacecraft moving at a velocity v when that motion is 
opposed by a drag force Fpp is: 


Pp =v*"F¿py=VF, cos t=vILB cos t=I[vBL cos t] 


But, since the voltage V induced across the tether of 
length L and tilt angle t moving at a velocity v through a 
horizontal magnetic field B is 


V=E*L=EL cos t=vBL cos T 
Therefore: 


And the deorbit power P,, extracted from the slowing of the 
spacecraft by the drag component of the electrodynamic 
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force is always exactly equal to the electrical power P, being 
dissipated as heat in the tether circuits, independent of the 
tether angle. 

Optimization of Tether Mass Distribution: 

If it is not possible to use a piece of the host spacecraft as 
ballast mass, then the mass of the ballast must be included 
in the "Terminator Tether™ mass. It would be desirable to 
minimize the total Terminator Tether™ mass, since every 
kilogram saved means that another kilogram’s worth of 
revenue-producing transponders can be added to the work- 
ing payload of the host spacecraft. Given a total mass for the 
Terminator Tether™ and the mass of the deployer/controller 
unit, it is possible to optimize the mass distribution between 
the ballast mass and the tether mass to obtain a minimum 
total Terminator Tether™ mass. A well-designed Terminator 
Tether™ will also have most, if not all, of the deployer mass 
incorporated into the ballast mass. 

Assume that the total Terminator Tether™ mass consists 
of the deployer/controller mass mp, the tether mass mz, and 
the ballast mass mz, with mz>m,>m>. Of the three mass 
components in the Terminator Tether™, two of them affect 
the electrodynamic drag performance. If it is assumed that 
the ballast mass is a factor X larger than the tether mass, or 
m,=Xm,, the maxinum drag force that can be obtained is 
now: 


Fep(max)=2.31m,(X+0.25)TL 


If it is assumed that the control resistor has been adjusted 
so that this maximum value for the electrodynamic drag 
force is maintained as the motion of the spacecraft along its 
orbit moves the spacecraft into regions with different mag- 
netic field strengths and plasma densities, then for the angle 
T=35.26°, cos(35.26°)=0.817, and the maximum electrody- 
namic drag force in terms of the electrodynamic parameters 
will be: 


0.817vB?L?((R +rdL?/m,)=F¿p(max)=2.31m,(X+0.25)TL 
or canceling out terms and rearranging: 
(X+0.25)=0.353vB°L/I'm,(R-+rdL7/m,) 


It is now possible to make the further simplifying assump- 
tion that to maintain control of the tether, the control resistor 
needs to be roughly the same size as the tether resistance or 
R¿=rdL”/m,. Using this assumption produces an equation 
for the optimum value for the ratio X of the ballast mass to 
the tether mass: 


vB? 


X = vB? [TraL- 0.25 = -0.25 + =———— 
12sinycosyP'rdL 


A 
= -0.25— 
L 


Where A is the “effective electrodynamic length”. 

If the tether is short, so that L is small, this equation 
indicates that the ballast mass must be increased to increase 
the gradient force, since it is the gradient force which 
determines the upper limit to the amount of electrodynamic 
drag force that can be generated without losing control of the 
tether. 

Assuming the usual values for the Earth’s magnetic and 
eradient fields, the velocity of the host spacecraft through 
the magnetic field, and the resistivity and density of 
aluminum, this equation becomes: 


X=10.9/L-0.25 


where L is in kilometers. 
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For a typical tether of length L=5 km, X=1.93. If the total 
mass for the Terminator Tether™ is 20 kg, or 2% of the host 
spacecraft mass, and the mass of the deployer is 10 kg, then 
the remaining 10 kg should be distributed so that 6.59 kg is 
in the ballast mass while 3.41 kg is in tether mass. 
Optimization of Tether Length: 

If the ballast mass consists of a piece of the host 
spacecraft, then the mass of the ballast does not have to be 
considered in the optimization of the Tether system. In this 
case, the optimum distribution of the Tether mass is to put 
as much mass as possible into the tether, with a minimum in 
the deployer/controller package. Under this assumption, the 
optimum length of the tether is determined by the desire to 
keep the Area-Time Product of the host spacecraft plus 
Tether to a minimum. 

In a long tether of length L, the effective “collision” 
cross-sectional area 1s not the area of the tether, but the larger 
area produced by multiplying the length of the tether by sum 
of the width of the tether plus the width of the “target” 
spacecraft that would be damaged by the tether hitting it. 
Thus, to decrease the “area” portion of the Area-Time 
Product, it would be desirable to shorten the tether, making 
it thicker, and perhaps slightly wider, at the same time, thus 
keeping the same tether mass and electron collection area, 
and thereby maintaining the drag force and keeping the 
decay time at the same level. The result will be a shortening 
of the Area-Time Product. 

If the tether is shortened too much, however, the smaller 
voltage generated across the shorter tether will leave less 
voltage margin for the operation of the plasma contactors 
and the battery recharge system. Since the maximum voltage 
that can be generated is about 200 V/km, and typical plasma 
contactors and battery, chargers take 25—100 V to operate, a 
minimum length for a Tether would be roughly 2 km. Host 
spacecraft operating in polar orbits, where the conditions for 
voltage generation are not as good, may require a tether 
length of 5 km or more. 

Since many watts of heat power will be dissipated in the 
control resistor, means must usually be provided to radiate 
the heat away into space. One low-mass method of accom- 
plishing this is to make the control resistor (or resistors) in 
the form of a long, electrically insulated, high resistivity 
wire similar to those used in electric blankets, but designed 
to operate at a higher temperature, and during the fabrication 
of the electrodynamic tether, incorporate the high resistivity 
wire (or wires) into the end of the tether closest to the control 
circuit by weaving or braiding the insulated high resistivity 
wire in with the uninsulated aluminum wire of the electro- 
dynamic tether. The surface area of a long wire is very large, 
so in this extended wire configuration, exposed to the space 
all around it, the hot control resistor wire can self-radiate its 
power into cold space without incurring the mass penalty of 
a separate radiating surface. 

Implementation: 

The basic optimum structure for a Terminator Tether™ 
would be one of the many types of Hoytethers. A multiline 
(6-12 primary line) Hoytape™ will provide the largest 
contact area with the plasma, since both sides of the tape 
would be able to pass current to the plasma. If the spacing 
between the primary lines is chosen to be larger than twice 
the Debye length of the plasma, then the effective current 
collection area per unit length of the Hoytape is proportional 
to the width of the Hoytape mesh, not the diameter of the 
wires in the mesh. Thus, a Hoytape not only provides an 
assured longer life for the Terminator Tether™, but very 
short lengths will also provide a very large current collection 
areas. 

The deployer for the tether can deploy the Terminator 
Tether™ either down or up or both. The deployer can stay 
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attached to the spacecraft as was done in the SEDS missions, 
or perhaps a better alternative would have the deployer 
ejected from the spacecraft, with one end of the tether still 
attached to the spacecraft, reeling out tether as it leaves. The 
empty deployer would then act as a ballast mass at the end 
of the Terminator Tether™, which would improve the per- 
formance. 

The “Remora Remover” 

In addition to attaching Terminator Tethers to spacecraft 
before launch, it is possible to consider a missile-like 
application. This “Remora Remover” missile would use a 
Terminator Tether™ carried by a seeker missile similar to 
the small “hit-to-kill” missiles developed by the Space 
Defense Initiative Office that deployed a net loaded with 
oriented metal rods. The Remora Remover missile would 
hunt down a spacecraft that needs to be removed from space, 
but instead of hitting the spacecraft, the missile would be 
programmed to rendezvous with the spacecraft and attach 
itself to the host spacecraft using a hooked net, harpoon, or 
adhesive “sucker”. The Remora Remover missile would 
then deploy the Terminator Tether™, which would bring 
down both the spacecraft and the missile. 

The inventors have presented two analyses, backed up 
with data obtained from space flight experiments. One 
analysis was based on generalized energy conservation laws 
while the other analysis use force and torque balance argu- 
ments. Both analyses show that optimized aluminum wire 
tethers 2 to 5 km in length and massing just 1% to 5% of the 
mass of the host spacecraft can deorbit the host spacecraft in 
the order of a few weeks, thus mitigating the long-lived 
orbital debris hazard created by a constellation spacecraft 
after their end-of-life. 

Power Augmented Operation of the Tether: 

It is well known in the aerospace literature that if a 
spacecraft has a power supply and a conducting tether 
hanging from it, and the spacecraft is in an orbit or trajectory 
that takes it near a body, such as the Earth or Jupiter, which 
has both a magnetic field and a region of moderate density 
electron-ion plasma, and electrical current is pumped from 
the power supply through the tether and back through the 
plasma, that the current flowing through the tether will 
interact with the magnetic field of the body, producing forces 
on the tether and thence on the spacecraft, changing its orbit 
or trajectory. These forces can be used to increase or 
decrease the spacecraft altitude and/or inclination. The 
amount of altitude or inclination change is proportional to 
the ratio of the power available from the power supply 
divided by the mass of the spacecraft and varies with 
altitude. The unpowered Terminator Tether™ is a simple 
example of such a system, in which only altitude decrease is 
possible, although small amounts of both inclination 
increase or decrease are possible at the same time. Some 
typical references to this prior art are: Les Johnson, “Pro- 
pulsive Small Expendable Deployer System Mission 
(ProSEDS)”, Proceedings of the OAST 8” Advanced Pro- 
pulsion Workshop, JPL, Pasadena, Calif., 20-22 May 1997; 
and Les Johnson, Joe Carroll, Robert D. Estes, Enrico 
Lorenzini, Brian Gilchrist, Manuel Martinez-Sanchez, Juan 
Sanmartin, and Irwin Vas, “Electrodynamic Tethers for 
Reboost of the International Space Station and Spacecraft 
Propulsion, AIAA Paper 1996. 

Since the Terminator Tether™ of the invention is nor- 
mally associated with a satellite that has a power supply in 
the form of a solar panel combined with a storage battery, the 
Terminator Tether™ can be operated in the “powered pro- 
pulsion” mode if desired. Such a mode would be useful 
when attempting to avoid a collision between the Terminator 
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Tether™ and another spacecraft. In such cases, the power 
from the solar panel, augmented by the power stored in the 
battery, can be used to temporarily operate the Terminator 
Tether™ in the propulsion mode instead of the normal drag 
mode. This would enable to Terminator Tether™ to raise its 
altitude and/or increase or decrease its inclination to avoid a 
collision. 

In addition, the Terminator Tether™ could be operated in 
the “power-augmented drag” mode. In this mode, there will 
be a current induced in the tether by the motion of the 
spacecraft through the magnetic field, which will cause a 
drag force on the spacecraft. This induced current would 
then be augmented by additional current in the same direc- 
tion generated by the solar panel and the storage batteries in 
the power supply. The increased current will cause an 
increased drag force. If there is a significant vertical com- 
ponent of the magnetic field there will also be an increased 
force normal to the orbital plane, which will cause an 
increased rate of change of inclination. 

When the Terminator Tether™ is operated in the “pow- 
ered propulsion” or “power-augmented drag” mode, the 
conditions for stable optimum operation will be essentially 
the same as in the “unpowered drag” mode. The reason the 
conditions stay the same is that the maximum tether force 
than can be effectively utilized is limited by the strength of 
the gradient force, which has not changed, since the length 
and mass of the tether and the ballast mass has not changed 
for these different modes of operation. As a result the 
optimum operational angle for the tether is still 35.26 
degrees, and the optimum ratio of ballast mass to tether mass 
for different tether lengths and tether material is still deter- 
mined by the analysis of the invention as is set forth above. 

In the analysis given above, where the optimum tether 
angle was found, the tether was assumed to be in the plane 
of the orbit and lagging behind the spacecraft motion, since 
in the “unpowered drag” mode, that would be its normal 
position, although if the component of the magnetic field 
along the orbit were high, there would be some tilt of the 
tether out of the plane of the orbit, producing a force tending 
to change the inclination of the orbit. In either of the 
“powered” modes of operation of the Terminator Tether™, 
however, the tilt of the tether could be forward toward the 
motion of the spacecraft or strongly tilted to one side or the 
other of the orbital plane. In all these cases, if the electro- 
dynamic force is allowed to become too large, and the tether 
angle exceeds 45 degrees, the restoring force of the gradient 
field will drop off and the tether angle will go unstable. As 
a result, the optimum angle for the tether that will give the 
maximum stable force, whether it is a maximum drag force, 
and maximum propulsion force, or a maximum inclination 
change force, will be 35.26 degrees, and the optimum ratio 
for the mass of the tether versus the mass of the ballast will 
be the same as for the unpowered drag case. 

The analysis that gave the optimum angle as 35.26 
degrees assumed that the tether would be oriented like a 
rigid rotor. In reality, variations in forces along the tether 
will probably cause the tether to hang in a slightly curved 
shape, where the optimum angle may not be exactly 35.26 
degrees from the local vertical. The optimum angle of the 
tether as it leaves the host spacecraft in such a case is where 
the drag force is largest. 

The present invention is discussed in this disclosure in 
terms of its space applications as a Terminator Tether™ 
useful for the removal of unwanted satellites. It should be 
understood, however, that the present invention is useful in 
any application where a space object can use a conductive 
tether to produce electrodynamic force through interaction 
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with a magnetic field. The invention, therefore, should be 
limited not by this description, but only by the appended 
claims and their equivalents. 

What is claimed is: 

1. A method of operating a conductive tether attached to 
a space object, said conductive tether being oriented at an 
angle to magnetic field lines of an external magnetic field 
and said conductive tether moving across the magnetic field 
lines of said external magnetic field at said angle to produc- 
ing an electric current in said conducting tether and a 
resulting electrodynamic force acting on said tether and said 
attached space object comprising, 


Controlling the amount of electric current flowing in said 
conducting tether to vary the angle between the con- 
ductive tether the field lines of the external magnetic 
field and the electrodynamic force acting on said tether 
and attached space object. 

2. A method as in claim 1 wherein said angle is less than 

45 degrees. 

3. A method as in claim 1 wherein said angle is 35.26 
degrees. 

4. Amethod as in claim 1 wherein said angle is controlled 
to average 35.26 degrees over time. 

5. A method as in claim 1 wherein said angle is controlled 
to average 35.26 degrees over the length of the tether. 

6. Amethod as in claim 1 wherein the space object and the 
tether connected to it are rotated about their center of mass 
while the conductive tether interacts with the external mag- 
netic field. 

7. A method as in claim 1 wherein the angle of the 
conductive tether to the external magnetic field is controlled 
by sensing a measurable parameter of the space object/ 
conductive tether system. 

8. Amethod as in claim 7 wherein the parameter is current 
flow in the conductive tether. 

9. A method as in claim 7 wherein the parameter is the 
electrical power dissipated in the conductive tether and the 
current control system. 

10. A method as in claim 7 wherein the parameter is the 
relative position of the space object and the position of the 
far end tip of the tether. 

11. A method as in claim 7 wherein the parameter is the 
acceleration of the space object. 

12. A method as in claim 6 wherein the parameter is the 
state vector of the space object as measured by the Global 
Positioning System. 

13. A method as in claim 1 including the step of applying 
electric power to the conductive tether to change the state 
vector of the space object. 
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14. A method of operating a conductive tether attached to 
a space object, said conductive tether being oriented at an 
angle to the local vertical between said space object and a 
celestial body having a magnetic field having magnetic field 
lines external to said conductive tether, said conductive 
tether moving across said magnetic field lines of said 
external magnetic field at an angle to the local vertical to 
produce an electric current in said conducting tether and a 
resulting electrodynamic force acting on said tether and said 
attached space object comprising, 

Controlling the amount of electric current flowing in said 
conducting tether to vary the angle between the con- 
ductive tether the local vertical between said space 
object and said celestial body to vary the electrody- 
namic force acting on said tether and attached space 
object. 

15. A method as in claim 14 wherein said angle is less than 

45 degrees. 

16. A method as in claim 14 wherein said angle is 
controlled to average 35.26 degrees over time. 

17. A method as in claim 14 wherein the space object and 
the tether connected to it are rotated about their center of 
mass while the conductive tether interacts with the external 
magnetic field. 

18. A method as in claim 14 wherein the angle of the 
conductive tether to the external magnetic field is controlled 
by sensing a measurable parameter of the space object/ 
conductive tether system. 

19. A method as in claim 18 wherein the parameter is 
current flow in the conductive tether. 

20. A method as in claim 18 wherein the parameter is the 
acceleration of the space object caused by the electrody- 
namic force acting on the space object. 

21. A method as in claim 18 wherein the parameter is the 
change in the state vector of the space object as measured by 
the Global Positioning System. 

22. A method as in claim 14 including the step of applying 
electric power to the conductive tether to change the state 
vector of the space object. 

23. A method as in claim 14 wherein the celestial body is 
the Earth and the magnetic field is the Earth’s magnetic field. 

24. A method as in claim 14 wherein the celestial body is 
the sun and the magnetic field is the Sun’s magnetic field. 

25. A method as in claim 14 wherein the magnetic field is 
the vector sum of the magnetic fields from all celestial 
bodies in the solar system. 

26. A method as in claim 14 wherein the conductive tether 
is a Hoytether. 
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GENERAL PREFACE 


HIS series of small monographs is one which should 
commend itself to a wide field of readers. 

The reader will find in these volumes an up-to-date 
résumé of the developments in the subject considered. 
The references to the standard works and to recent 
papers will enable him to pursue further those subjects 
which he finds of especial interest. The monographs 
should therefore be of great service to physics students 
who have examinations to consider, to those who are 
engaged in research in other branches of physics and 
allied sciences, and to the large number of science 
masters and others interested in the development of 
physical science who are no longer m Close contact with 
recent work. 

From a consideration of the list of authors it is clear 
that the reader need have no doubt of the accuracy of 
the general accounts found in these volumes. 
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CHAPTER I 
THE IONISATION OF THE ATMOSPHERE 


HE electrical conductivity of the air, first established 

by Linss in the year 1887, plays an important part 
in all the phenomena included under the title Atmo- 
spheric Electricity. Since 1901, when Elster and Geitel 
and C. T. R. Wilson independently discovered that this 
conductivity is due to the presence of small carriers of 
positive and negative charge called ions, the nature and 
the origin of these ions have been the subject of many 
investigations. Two different paths have been followed, 
the one dealing with the number and the nature of the 
atmospheric ions, the other with the radiations producing 
them. The two paths converge on the problem of the 
ionisation-balance of the atmosphere, the manner in 
which an equilibrium is maintained between the rate of 
creation and the rate of disappearance of the ions. It 
is only of recent years that an answer to this problem 
has emerged. 

The investigation of the ionisation of the air has been 
rendered exceptionally difficult by the number of separate 
factors involved and by the variation of each with local 
geological and meteorological conditions. Much remains 
to be done before the conditions governing the con- 
ductivity of even ihe lowest layers of the atmosphere 
are completely understood; observations at greater 
heights in the regions accessible to balloons and airships 
are just emerging from the difficult pioneer stage, and 
the very important regions of the upper air which lic 
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beyond fifteen kilometres above the ground can at present 
be examined only indirectly by deductions based upon 
the mode of propagation of upwardly directed wireless 
waves and upon the variations of the earth’s magnetic 


field. 


$ 1. THE ATMOSPHERIC JONS, SMALL AND LARGE 


A gas molecule is ionised when some external agency 
supplies the energy necessary to remove an electron from 
it, whereupon the positively charged residue of the 
molecule and the ejected electron, hoth of which under 
ordinary pressures very soon attach themselves to one 
or more uncharged molecules, form what is called an 
ion-pair. Such ions are known as “ normal,” *“ small,” 
or “fast,” and when found in the atmosphere have 
mobilities of the same order as those determined for 
pure dry air in laboratory experiments, about 1:5 cm. /sec. 
in a field of gradient. 1 volt per cm. 

The presence in the air of minute particles of dust, 
of the products of combustion, and of extremely small 
drops of water even when the air is unsaturated, leads 
very often to the capture of a normal ion by one of these 
condensation or Aitken nuclei, as they are termed, and 
so to the formation of another type of ion of low mobility, 
ranging from -0005 to -0003 cm /sec., known as `“ large,” 

“slow,” or ©“ Langevin ” ions. Roughly speaking, onc- 
third of the condensation nuelei present in the air is 
clectrically neutral, the other two-thirds carry, nearly 
equally, positive and negative charges captured from 
small ions. The interplay between the large and the 
small ions and the uncharged nuclei is of considerable 
importance. 

Besides these two main types of atmospheric ion, 
a group of “intermediate ” ions whose mobilities lie 
hetween +1 anc -01 cm./sec. has been found to be present 
under special meteorological conditions such as low 
relative humidity. While the origin of this type of ion 
is at present uncertain, its existence emphasises the fact 
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that the customary division into the two main classes, 
large and small, requires refinement, and future work will 
no doubt proceed in the direction of dividing the ions 
according to their mobilities into a larger number of 
groups. J. Nolan and de Sachy have recently found 
evidence of such groups in the small and the large ion 
* families.” 1 

Tt has been found that the great majority of the ions, 
large and small, carry a single elementary charge, either 
positive or negative.” Over land areas the large ions 
considerably outnumber the small ones, often in the 
ratio of ten to one. Thus while the numbers, n, and n_, 
of small ions of cach sign per c.c. of the air over land 
usually range from 300 to 1000, those of the large ions, 
N, and. N_, amount to from 1,000 to 80,000 per c.c. 
Since practically all the large ions are formed from the 
capture of small ones by nuclei, an increase in the 
number of these nuclei, such as is due to the fires of an 
industrial area, will increase the proportion of the large 
ions in the air at the expense of the small ions. 

Over the oceans this state of affairs is reversed ; the 
air away from land areas is but poorly supplied with 
nuclei and the large ions are in the minority. The mean 
values of n, and n_ at sea lie between 500 and 700 per 
c.c., while N, and N. are about 200 per c.c. In view 
of their comparative freedom from capture by nuclei, 
it ix at first sight rather surprising that the number of 
small ions per c.c. in mid-ocean differs but little from 
the same quantity over the land, where the average 
values of n, and n_ are also about 600 per c.c. This 
is, however, to be explained ($ 12) by the fact that the 
decreased rate of disappearance of the small ions over 
the sea is balanced by a decrease in the rate at which 
they are produced. 


_§2. Tau DETERMINATION OF THE NUMBER Or Ions 
PER C.C. 


To determine the numbers of the small ions, positive 
and negative, per c.c. (n, and n) an arrangement known 


+ ATMOSPHERIC ELECTRICITY 


as an Ebert ion-counter is usually employed. This 
consists in essentials of a long earthed metal tube A 
(Fig. 1) on the axis of which is mounted a charged 
insulated rod B, connected to a quartz fibre electroscope. 
Air is sucked through the tube for about five minutes 
by means of a clock-work driven fan F and the speed 
j of the air-stream is 
arranged to be slow 
enough for all the 
small ions entering A 
with charges opposite 
in sign to that on the 
central rod to be drawn 
to B before reaching 
the bottom of the tube. 
The speed of flow must 
at the same time be 
great enough to make 
it impossible for any 
appreciable number of 
large ions to have time 
to reach the rod. Tfv 
is the volume of the 
air sucked through in 
the course of the mea- 
surement (indicated 
by an anemometer € 
registering its revolu- 
tions on a dial), the 
quantity of electricity 
gathered in by the 
central electroscope 
system is ven_, where e 
is the elementary charge on a single ion and the rod is 
supposed to have been positively charged. If then € 
is the capacity of the whole central system, rod and 
electroscope, and V and V’ are the potentials indicated 
by the electroscope before and after the experiment, 
C(V — V’) = ven_, an equation from which »_ can be 


Fic. 1.—Ebert ton-counter. 
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found. To determine x,, the measurement must be 
repeated with the rod B charged negatively. 

The same method, using a longer tube, a stronger 
field in its interior, and a slower draught of air, and 
thus giving time for the capture of all the slow ions as 
well, can be applied to the determination of N -- 2, 
A combination of the two determinations then yields 
N,. and N_, the numbers of the large ions per c.c. of 
each sign. 

The values found for n, and »_ are not usually the 
same; the ratio »n,/m_ over both land and sea has a 
mean value of 1-22, Although, as explained in $ 30, 
the carth’s electric field may sometimes affect the 
apparatus in such a way as to give a spuriously high 
ratio, Swann, who has made a special study of the point, 
concludes that when all precautions are taken a real 
excess of positive ions must be admitted. Probably 
the main factor causing this excess is the superior 
mobility of the small negative ion: Nolan has found 
that k_/k_ has the value 1-16. A lower mobility implies 
a lower velocity of thermal agitation for the positive 
than the negative ion, and consequently less likelihood 
of capture by condensation nuclei. Another contribut- 
ing cause may be the Ebert effect discussed in § 38. 
This general excess of positive small ions does not 
necessarily involve a nett positive charge in the air ; 
it is easily compensated for by a comparatively small 
excess in the much larger number of large negative ions. 

An instrument known as the Aitken dust-counter is 
used to find the total number of nuclei, charged and 
uncharged, per cc. It consists of a small expansion 
chamber filled with a sample of the air and saturated 
with water-vapour. The sudden movement of a piston 
gives an adiabatic expansion which causes drops of 
water to condense upon the nuclei; the resulting cloud 
falls upon a glass plate divided into squares and the 
number of droplets is counted under a microscope. 
Though called a dust-counter it does not record the 
coarser dust in the air. 
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§ 3. Tue POLAR CONDUCIIVITIES AND THE ONIG 
MOBILITIES 


A simple relation holds between the conductivity of 
the air and the numbers per c.c. and the mobilities of 
the ions responsible for conduction. Consider a point 
in the atmosphere at which the electric field intensity 1s 
Y and the specific conductivity, the reciprocal of the 
specific resistance, is A. The conduction current, ?, 
through unit area drawn perpendicular to the field is 
then equal to FA, for Y is numerically equal to the 
potential difference, and 1/1 is the resistance, between 
the ends of a unit cube of the air. In this equation we 
assume that conditions are such that Ohm’s law can 
be applied to the air. Since the current is carried by 
positive and negative streams of ions moving in opposite 
directions we may write 


i=FA. +A) . «© |. 0) 


where A, and A_ are called the polar conductivities. 

Actually the existence of the two main types of ion, 
large and small, leads to the flow of four different ion- 
streams, two up and two down if the ficld is vertical, 
in each of which the velocity is different, being given 
by F x $, where A is the corresponding mobility. The 
total current is thus 


t = Fe(n hy. nh N IK, + N_K_), . (2) 


where k, and k_, K, and K_, are the mobilities of the 
positive and the negative ions, Jarge and small respec- 
tively, and e is the elementary charge. From (1) and 
(2), separating out the oppositely moving streams, 


A, = (kun, + K,N,) and A = (kn -+ K-N). (3) 


In clear country air over land, n, and n- number 
about 600 per c.c., while N, and N_ are about 2000 per 
c.c.; k, and k_ are 1-5 approximately and K, and K., 
‘0004. Here, therefore, the ratio of the first to the 
second term in each bracket above is 1100: 1 and most 


THE TONISATION OF THE ATMOSPHERE 7 


of the conductivity of the air is due to the small ions. 
Near large towns, however, » is usually of the order 
of 100 per c.c. and N, on account of the heavy pollution 
of the atmosphere may be 50,000, Under these con- 
ditions the second term would be one-seventh of the 
first and the large ions would play a part in the transfer 
of electricity through the air.* 

It is not usual to find the polar conductivities from 
equations (3) above, but directly, from measurements of 
the rate which the charge on an insulated body exposed 
to the free air is dissipated by the flow of ions to it. 
Consider a negatively charged body exposed to moving 
air and let ø be the density of the electrification on any 
portion of area d8.1 Positive ions will move to the body. 
and since the field F just outside the surface is éro, 
the current per unit area tending to dissipate the charge 
will be FA, = 470A,. The total dissipation current, 
obtained by integr ating over the whole exposed surface, 


is drà, | fod8 or 47A,Q, where Q is the charge exposed 


to the air. Since this current represents the rate at 
which the body loses charge, we have — dQ/dt = 47A,Q, 
a relation which provides a means of determining A... 
A similar equation, with A_ substituted for A,, holds for 
the case of a positively charged body. 

An arrangement used for this purpose is due to Gerdien 
(Pig. 2); it resembles the Ebert apparatus already 
described, but the air-stream is now made so rapid and 
the field in the interior of the tube so weak, that only a 
very small fraction of the total number of ions passing 
through A has time to reach the central rod. In this 
case the numbers of ions per c.c. are not appreciably 
altered by the experiment aud Ohm’s Law applies. 

If the potential V of the negatively charged central 
electroscope system is observed to rise at a rate dV/dt 
and if C is the total capacity of the central system, rod 
and electroscope, we have — dQ/dt = — CdV/dt. Also, 


* The methods used to determine ionic mobilities are described 
in text-books on the conduction of electricity through gases 
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if C’ is the capacity of that portion of the central system 
exposed to the stream of air, the rod B and its support, 
Q == C’V, consequently 


— CAV jdt = An OY, o (8 


a relation from which A, can be determined. A similar 
experiment with the rod positively charged yields à.. 
The use made of the values found for the polar conduc- 
tivities and an adaptation of the Gerdien method due 
to Schering are described in Chapter 111, $ 30. 


Fie. 2.—Gerdien conductivity apparatus. 


$ 4. Tae IONISING AGENCIES 


Three principal agencies are responsible for the ionisa- 
tion of the lower atmosphere: radiations from radio- 
active substances in the surface of the earth, radiations 
from radioactive matter present in the air itself, and 
the penetrating radiation. For a discussion of their 
relative importance it is convenient to use the symbol 
q to represent the number of “ pairs of ions produced 
per c.c. per second in air at N.T.P.,” a quantity which 
will be referred to as the ionising power of the radiation. 
This phrase in inverted commas is usually represented 
by the symbol I. Thus the statement q =4 I means 
that, at the point in question, the radiations create 
four pairs of ions per c.c. per second, if the medium 
there is air at N.T.P. The contributions of the three 
different agencies just mentioned to the total ionising 
power, q, are distinguished by the symbols q., qa; and qh. 
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$5. Tan Errect or RADIOACTIVE MATTER 
IN THE EARTH 


Uranium, thorium, and their products are widely 
distributed through the earth’s crust, whose surface 
layers therefore emit y, 8, and y rays into the air. Since 
the œ rays can only emerge from a very thin layer and 
can only ionise the first few cms. of the air, their effect 
is inconsiderable. The f rays can come from greater 
depths and penetrate much further into the atmosphere. 
Calculations based upon average values for the measured 
concentration of radioactive matter in the carth indicate 
that an effect ranging from 1 I at the surface to 0-1 I 
at about 10 metres above it is due to these rays. The 
y rays are a more important factor, for they can come 
from still greater depths and consequently from a still 
larger quantity of radioactive material. It is estimated 
that they produce on the average 3 I at the surface, 
15 I at 150 metres above it, and 0:3 I at a height of 
l kilometre. The recent discovery of the y ray activity 
of potassium introduces another source of ionisation, for 
the potassium content of the earth’s crust is considerable. 
No very detailed survey of this question has yet been 
made, but measurements indicate that at a height of 
10 metres the contributions of radium, thorium, and 
potassium to the y ray ionisation of the air are in the 
ratio of 1: 1 : 0-7, in accord with sampling of the surface 
content of the earth.” The average value for the ionising 
power of the earth-radiations near the ground has been 
found directly to lie between 2 and 10 I, which is in accord 
with the measurements of the radioactive content of the 
earth’s crust, Local surface and geological conditions 
naturally have a marked effect upon the value of q, at 
any given spot. 

The radioactive content of sea-water is found to be 
negligible in comparison with that of soil and rocks, 
and over the oceans the earth-radiation effect is very 
small indeed. 
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$ 6. Tae Errecr or RADIOACTIVE MATTER IN 
THE AIR 


The atmosphere contains a considerable quantity of 
the radioactive emanations, radon and thoron, and their 
successive products. A wire charged negatively to a 
potential of a few hundred volts and exposed to the air 
collects an easily detectable quantity of radium Á and 
thorium A by recoil from the disintegration of these 
emanations. The gases themselves arise from the decay 
of radium and thorium within the earth, from which 
they escape by diffusion, by thermal convection, and as 
a result of decreases in the external atmospheric pressure. 
The greater portion of the ionisation thus produced is 
due to the « rays from the emanations themselves and 
from their A and C products, for here, unlike the case 
of the radiations from the earth, there is no absorbing 
layer between the disintegrating atom and the air. The 
radioactive gases and their products are fairly evenly 
distributed by atmospheric turbulence through the 
lower air. This “air-radiation ” effect can be cal. 
culated from radioactive data if the emanation content 
of the air is determined. The emanations may be re- 
moved from a measured volume of air by drawing it 
through tubes cooled with liquid air or filled with coco- 
nut charcoal. The quantity of emanation condensed 
or absorbed is then determined by the eflect produced 
in an ionisation clectroscope, corrected for the decay of 
the material during the time of the experiment. A more 
direct method is to fill a closed ionisation chamber first 
with ordinary air and then with air which has been 
freed by the above method from the emanations and 
from their products, and to determine the saturation 
currents in the two cases. If these are 7, and i, respec- 
tively, v the volume of the vessel and e the elementary 
charge, the value of the air-radiation ionising power, 
Ga, 18 given by 7, — tp = q,ve. 

The results of such measurements agree with estimates 
based upon observations of the average emanation 
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coutent of the air in placing the air-radiation effect at 
about 5 E in the neighbourhood of the carth’s surface. 
Of this about 60 per cent, is due to radon and its x ray 
products and the remainder to the thoron series, It 
varies somewhat with locality and with those meteoro- 
logical conditions which determine the rate of escape of 
the emanations Apart from the effect of strong upward 
winds in elevating the richer surface layers, the emana- 
tion content of the air should decrease fairly rapidly 
with height. Direct information on this point is difficult 
to obtain, but what exists indicates that the air-radiation 
effect falls to less than 2 per cent. of its surface value 
at a height of 5 kilometres. 

The effect, like that of the carth-radiation, is extremely 
small over the oceans, where the emanation content of 
the air is only about 1 per cent. of its value over land 
Areas. 


$7. THE EFFECT oF THE PENETRATING 
RADIATION 


The third factor in the ionisation of the atmosphere 
is a radiation of peculiar interest, whose origin and 
nature are still the subject of much investigation. It 
has a penetrating power which is considerably greater 
than that of ihe most penetrating y rays from radio- 
active bodies, and it travels to the carth's surface in 
a downward direction, undergoing a certain amount of 
absorption on the way. Jts ionising power at sea-level 
over both land and ocean areas lies between 1-5 and 2-5 I. 
Though these figures correctly suggest that the absolute 
value of the effect is not accurately known, relative 
observations can be made with great certainty and show 
that the ionising power of the radiation at a given height 
above sca-level is practically independent of geographical 
position aud alters only slightly with meteorological 
conditions such as pressure. The ionisation due to this 
radiation increases rapidly with height above sea-level, 
rising ten-fold in the first 5 kilometres. Jt is disenssed 
in greater detail in the next chapter. 
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$ 8. THE IONISATION INSIDE A CLOSED VESSEL 


It is a matter of considerable difficulty to determine 
separately the ionising powers of the earth-radiation 
and of the penetrating rays. Calculations of the former 
must be based upon measurements of the radioactive 
content of the earth's crust, and these are necessarily 
tedious and rough. To proceed further, one must ex- 
amine the ionisation produced in the air inside a sealed 
metal chamber under conditions which are modified 
from those existing in the free air by the presence of 
the metal walls. This involves correction to frec-air 
conditions. A further disadvantage is that a new ionis- 
ing agency is introduced, the radioactive matter in and 
on the inside walls. The ionising power of this ‘‘ wall- 
effect,’ or the “residual ionisation’ of the vessel as 
it is called, is a constant depending on the material of 
which the walls are made and the cleanliness of the 
inner surface. [tis usually represented by the symbol qy. 

The total ionising power of all the radiations operating 
upon the gas in a closed vessel may be called g’ and the 
modified effects of the three main ionising agencics 
Vo Yq, and q”, + we then have 


Q=GTer Gat Tiare - . (5) 
We may suppose the vessel to take the form of a sealed 
ionisation chamber filled with air at N.T.P. which has 
been freed from radioactive matter. The saturation 
current carried by the ions to the central collecting 
electrode is then given by i = g're, where v is the volume 
of the vessel and e the elementary charge on an ion. 
Various methods have been employed to separate out 
the four terms on the right-hand side of cquation (5) 
from one another. The most satistactory of these begins 
by determining q. The instrument, whose form is 
described in the following chapter, is taken to a large 
snow-fed lake whose radioactive content, like that of 
the sea, is negligible. When it is sunk to the depth of 
a few fect in such a lake, the effects of earth and air- 
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radiations are non-existent and equation (5) becomes 
ad = gan +o; on lowering the vessel still further, g’, 
diminishes as the penetrating radiation becomes absorbed 
in the increasing thickness of water, and it is possible to 
reach depths at which the saturation current is practi- 
cally constant and unaffected hy further sinking of the 
instrument. At this stage q” =p and the residual 
ionisation is determined. By combining this observa- 
tion with that made close to the surface of the lake, 
q'a may be found. 

Since the effects of the penctrating radiation and of 
the walls of the vessel are both independent of local 
conditions other than height above sea-level, they remain 
the same when the instrument is transported to a site 
on land at the same level. A measurement of the satura- 
tion current in the chamber under land conditions gives 
q” as stated by equation (5), and hence the sum of the 
earth and air effects, g’, and q, can be found Im actual 
practice the air-radiation effect within a closed vessel is 
extremely small: the walls exclude z and f rays coming 
from outside and reduce q”, to the ionising power of the 
y rays emitted by the B and C products of the radio- 
active emanations. This amounts to but 4 per cent. of 
the effect produced by the air-radiation in the free atmo- 
sphere, in the case of a vessel with steel walls a few milli- 
metres thick. It is therefore sufficient to determine 
the air-radiation effect, q”,, by caleulation based upon 
a knowledge of the emanation content of the air and of 
the nature of the walls of the vessel. The fourth factor, 
the effect of the carth-radiation, q'e, is then obtained by 
substitution in equation (53). 

To pass from these closed vessel determinations of 
the effect of the raclioactive matter in the earth to the 
effect to be expected in the free air, experiments may be 
made with screens of different thicknesses placed around 
the ionisation chamber and the values thus obtained for 
the earth-radiation effect extrapolated to zero thick- 
ness. In doing so account has to he taken of the effect 
of the screens npon yp 
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Until more is known of the properties of the pene- 
trating radiation, the relation of its ionising powers 
inside and outside a closed vessel cannot be stated with 
any certainty, but it is probable that unless the walls 
are very thick they will differ little from one another. 

The greater part of the residual ionisation arises from 
o rays and takes place close to the walls ; q, is therefore 
the effect of the residual ionisation near the walls divided 
by the volume of the vessel. 


$ 9. Summary or lonisinG Powers or VARIOUS 
AGENCIES 


The table on opposite page gives a rough idea of the 
effects of the three main factors in the ionisation of the 
air at sea-level, both in closed vessels of steel, a few 
millimetres thick, and in the free atmosphere. The 
values given refer to measurements at about a metre 
from the surface of the earth; they are averages and, 
except in the case of the penetrating radiation, are 
subject to considerable fluctuations with local conditions. 

It is noteworthy that the rate of production of ions 
over land areas is about six times as great as over the 
oceans, where the ionisation is practically all duc to the 
action of the penetrating rays. Over land close to the 
surface of the earth, these rays are much less important, 
but at greater heights the effects of the earth and the 
air-radiations fall off rapidly as we have seen, so that 
here also, from a height of one of two kilometres up- 
wards, the penetrating radiation is the chief agent in 
making the air a conductor. 


$ 10. Tae RATE or DISAPPEARANCE OF THE 
SMALL JONS 


The number of ions produced by the agencies we have 
discussed will not increase indefinitely as time goes on. 
Even in pure filtered air, free from nuclei, the small 
lons disappear by diffusion to the walls and by recom- 
bination with one another, Experments have shown 
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TABLE 1 


loNisinG POWERS AT THE EARTH’S SURFACE, SEA-LEVEL 


Tonising Power in Ion-pairs per c.c. per sec. 


Tonising Agent. in Air at N.T.P. 


Unscreened Closed 
Vessél, Free Air. 


Over Land.! Over Sea, ¡Over Land.| Over Sea. 


_—_—— rs | rr fees 
-.). 


Radioactive matter in 


the earth E : 4-0 0 4:0 0 
Radioactive matter in 

the air . i , 0-2 0 50 0 
Penetrating Radiation 2-0 2-0 2-0 2:0 


Total ionising 
power for the 
free air ; 11-0 2:0 


that when the diffusion loss can be neglected, the 
equation da/dt = q — an? applies to such filtered air, 
n being as before the number of positive or negative 
small ions per c.c., q the number of pairs of ions produced 
per c.c. per second, and a the so-called recombination 
constant of small ions. In the course of time a state of 
equilibrium will be reached, in which the processes of 
creation and disappearance of ions balance one another ; 
then dn/dt = 0 and the equilibrium equation q == an? 
holds. Applying this equation to the free air, taking 
q = 11 I from the preceding section and « = 1-6 x 1078 
cm.*/sec. from laboratory experiments, we find 2 = 2622, 
This is very much larger than the number of small ions 
actually observed, which is round about 600 per c.c. 
The discrepancy is due to neglect of the important part 
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played by the Aitken or condensation nuclei in capturing 
the small ions. 

An equation applicable to air containing nuclei was 
first given by von Schweidler ê in the form 


dn dt = q — an? — yn£, 


where y is a constant and Z the total number of nuclei, 
charged and uncharged, per c.c. of the air. For 
equilibrium, when dn/dt is zero, it becomes 


q = an? -+ ynZ = n(an + yZ) = nun + B) (6) 
an q = Bn . (7) 


The quantity 8’ is known as the disappearance constant 
of the small ions. Experiment shows that in ordinary 
air, where nuclei are plentiful, the term an is small com- 
pared with 8; even over the oceans it is probably only 
one-seventh of 8. Thus f’, while not a true constant, 
for it depends upon the concentration Z of the nuclei in 
the air, is to a large extent independent of the numher of 
small ions per e.e. Equation (7) thus states a linear 
law of recombination as opposed to the quadratic law 
which holds for filtered air. 

Tf the action of the ionising agents were removed, 
the small ions would disappear at a rate dn/dt = f'n, 
giving n = nP, for the number present at any sub- 
sequent time. It is assumed in the integration that 
there are sufficient nuclei present to make £’ independent 
ofn. Von Schweidler has pointed out that the quantity 

= 1/8’ can, by analogy with the equation for radio- 
active decay, be termed the average life of a small ion. 
Equation (7) then becomes 


gliw : y . (8) 
in which @ should vary inversely as the number of nuclei 
per c.c. of the air. 

In a development of this theory put forward by J. J. 
Nolan and his co-workers, 2? 1! separate consideration is 
given to the capture of small ions by charged nuclei 
of opposite sign, leading to neutralisation, and by un- 
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charged nuclei, leading to the formation of large ions. 
For the small positive ions, they write 


da, [dt = q — an,n_ — nyn,No — non, N- = 0, for 
equilibrium . (9) 


Here N, and N_ are the numbers of uncharged and 
negatively charged nuclei per c.c. respectively, while 
y, and y, are the recombination coefficients for the two 
types of capture. By a theoretical discussion, too long 
to be reproduced, this equation is converted into the 
simpler form q=[9,2/2-1]n, which corresponds to 
Schweidler’s equation (6) and again indicates that the 
average life of an ion should vary as 1/Z. 

This average life @ is found over land areas to lie 
between 10 and 60 seconds according to the purity of 
the air, the higher values being associated with observa- 
tions made in the country. Over the oceans it may be 
as much as 230 seconds, according to the measurements 
of Hess” and of Mathias 8 on the island of Heligoland. 
The table below, taken from Hess, illustrates the great 
difference in the equilibrium between small and large 
ions brought about when the wind direction changes ; 
the first set of observations was made when the wind 
blew from the nuclei-laden European mainland, the 
second when it blew from the polar regions :— 


TABLE II 
OBSERVATIONS OF THE STATE OF ATMOSPHERIC IONISATION 
(Hress, HELIGOLAND) 


Wind No of Small | No. of Large Total No. of Average Life of 


Tons per c.c (7).\Ions per c.c.(N). Nuclel. Small Ion, seca. 
n n_ No. N_ Z=NotN, t NL 0, 8 
S.W. 
(Land) | 220 | 267 | 1480| 1510 6300 22 22 
N.N.W. 


(Arctic) | 794 | 843 | 200| 200 1100 115 | 204 


9 
ád 
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These authors find that for values of 0 lying between 
36 and 100 seconds, Schweidler’s linear equation (8) is 
valid ; in purer air, where 0 is greater than 100 seconds, 
the simple equation no longer holds, for the quadratic 
recombination term gn? then becomes significant. 

Experiments by P. and J. Nolan? and their co-workers 
have, however, suggested that the form of the accepted 
equilibrium equation is incorrect and should be replaced 
by a new empirical relation y = n(an + tV Z), where 
č is a constant. For air with a sufficient concentration 
of nuclei this reduces to q = [{V Z]n, which would imply 
that the mean life of an ion varies as 1/V Z. It is there- 
fore possible that the processes governing the disappear- 
ance of the small ions in the atmosphere are more complex 
than has hitherto been supposed. Account may have 
to be taken of variations in the actual nature of the 
nuclei, of complexities in the small and the large ion 
families, such as are indicated by the existence of 
“intermediate ” ions, of the possible occurrence of 
multiply-charged large ions when the number of nuclei 
is small,* and of the effect of actual dust-nuclei. 


$ 11. METHODS or DETERMINING THE AVERAGE 
LirE OF A SMALL ION 


The average life, 0, of the small ions can be deter- 
mined for a sample of air enclosed in an ionisation 
chamber by two methods suggested by Schweidler.® 
The first involves the separate measurement of the 
lonising power, g, of the ionising radiations, and of the 
number of small ions per c.c., n, and substitution in 
the equation q? = n. qis obtained from the saturation 
current, 7, using the relation i = gev, where v is the 
volume of the vessel. The corrections to be applied 
have already been discussed ($ 8). The quantity n is 
found by allowing the air to stand undisturbed for a 
sufficient time for equilibrium between small ions and 
nuclei to be attained and then applying a strong field for 
a few seconds to sweep the small ions on to the collec- 
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ing electrode. The second method involves the measure- 
ment of the currents flowing in an ionisation vessel for 
various values of the applied potential difference.“ 


$ 12. THE JONISATION-BALANCE IN THE LOWER 
ATMOSPHERE 


It is of considerable importance to decide to what 
extent the various factors in the creation and destruction 
of ions account for the state of ionisation actually ob- 
served in the air over land and sea. Any failure in this 
respect would suggest that new processes must be sought. 

The evidence available indicates, however, that the 
chief factors in the ionisation-balance have been dis- 
covered. Over land areas where nuclei are usually plen- 
tiful, the Schweidler equilibrium equation, q0 = n, 
applies. An average value of 60 seconds for 0, the 
mean life of a small ion, and of 650 per c.c. for the small 
ion concentration, requires that the rate of creation, q, 
should be 650/60 or 10-8 ions/c.c./sec. in satisfactory 
agreement with direct measurements of q, shown in 
Table I. No direct measurements of O have yet been 
made over the occans. The concentration of nuclei in 
mid-ocean has been estimated by Hess, from measure- 
ments on air from the Arctic, to be such as to give an 
average life of 230 seconds to a small ion. Since n was 
found on the Carnegie to amount to about 550 small 
ions/c.c., the ionising power at sea should amount to 
550/230 or 2-4 I. The agreement of this figure with the 
value 2-0 I shown in Table I. is reasonable, in view of 
the roughness of the estimate of @ used, and of the 
present uncertainty in the value of q itself. 

Hess’s estimate of the concentration of Aitken nuclei 
over the oceans, about 800 per c.c., is borne out by 
direct measurements on the Carnegie, which give means 
of 870 and 774 per c.c. in the Atlantic and Psy” measure- 
respectively, and by a recent count»eaks, or in balloons, 
the Atlantic. pust and portable, as 

The problem of the ionisation 
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cannot be said to be completely solved until agreement. 
is reached on the form of the interaction-relation between 
small ions and nuclei. The general nature of the factors 
in the ionisation-balance has, however, been established, 
and an explanation can be given of the paradox that the 
conductivity of the air undergoes no large change as one 
passes from mid-ocean to land, despite a six-fold increase 
in the rate at which ions are formed. The increased birth. 
rate of the small ions is counterbalanced by an increased 
death-rate, owing to the greater concentration of preda, 
tory condensation-nuclei over the land areas. 
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CHAPTER II 
THE PENETRATING RADIATION 


NTIL the year 1911 it was generally supposed that 
the ionisation inside a closed vessel was entirely 
due to radiations from the walls, and from radioactive 
matter in the earth and the outside air. It was therefore 
to be expected that this ionisation would decrease when 
the vessel was raised above the surface of the earth. 
This was tested in balloon ascents by Hess in 1911, and 
Kolhorster in 1913, who found that the diminution with 
height was only appreciable during the first kilometre, 
after which an increase occurred. These observations 
led Hess to postulate an ionising radiation coming from 
above and suficring partial absorption in the atmosphere. 
Something has already been said of this radiation in 
§ 7; the accurate determination of its properties has 
proved a difficult mattcr. Its great penctrating power 
implies that the ionisation it creates within a closed 
vessel is so small as to require specially refined technique 
to measure accurately in the presence of the other ionis- 
ing agencies discussed in Chapter 1. Further, the fact 
that it comes from above and suffers some absorption 
necessitates investigations at high altitudes so that any 
softer and more casily absorbed components which do 
not reach sea-level may be examined. Such measure- 
ments must be made on mountain peaks, or in balloons, 
under conditions which require robust aud portable, as 
well as sensitive, instruments. 
21 
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$ 13. EXPERIMENTAL METHODS oF MEASURING 
THE INTENSITY OF THE RADIATION 


The most extensive measurements of the intensity of 
the radiation have been made by the ionisation method. 
The first point to be attended to is to eliminate as far 
as possible the disturbing eflects of the earth and air- 
radiations. This can best be done by sinking the ioni- 
sation chamber beneath the waters of a lake, or by 
surrounding it with a thick shield of non-radioactive 
iron or lead and correcting for the small fraction of the 
y rays which are still able to enter the chamber. 

The ionising power of the penetrating rays at sea- 
level is about 2-0 I (ions per c.c. per sec.), so that their 
contribution to the saturation current in a vessel of 
volume 1 litre, filled with air at N.T.P., would be 
3:2 x 10716 amperes. In order to increase this effect, 
it has become the general practice to fill the vessel with 
carbon dioxide at a pressure of 30 atmospheres or more.* 
This carries with it an important advantage, in that it 
considerably reduces the effect of the residual ionisation, 
which, we have already seen, is caused by « rays from 
the walls. The range of these rays in CO, at high pressure 
is small, and they produce all their effect within a few 
millimetres of the walls themselves. Here the electric 
ficld driving ions to the central collecting electrode is 
weakest and cannot separate out more than a small 
fraction of those produced before they recombine. 
A further decrease in the residual effect can be obtained 
by using a wire cage as an electrostatic screen to form 
the walls of an inner ionisation chamber. This cuts 
down the amount of wall material productive of un- 
desirable æ rays (Hoffmann, Fig. 4). 

The quantity actually measured in these experiments 
is the sum of the penetrating ray and the residual 


_ * Increasing the pressure docs not give a proportional increase 
in ionisation, For 30 atmospheres the effect is only 14 times 
that at N.T.P. and the actual fartor 15 somewhat nnrertam. 
Hence the difficulty of finding the absolute value of gy. 
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ionisations, q, and qọẹ and fluctuations in the latter 
limit the accuracy with which q, can be found. These 
arise from the fact that in a given time-interval the 
number of « particles emitted from the wails undergoes 
variations about a mean value which are subject to 
well-known statistical laws. To smooth them out it is 
generally necessary to make observations over a period 
of several hours. For accurate measurements in a 
shorter time instruments have been devised by Hoffmann? 
and by the author * which are sensitive enough to show 
the sudden increases in the ionisation due to single 


Fic. 3.—Kolhórster ionisation chamber and electroscope. 


g particles and so to determine the residual ionisation 
directly. 

The portable instrument developed by Kolhórster 
is shown diagrammatically in Fig. 3. The ionisation 
chamber is of steel, coated inside with zinc, and is filled 
with purified air at atmospheric pressure. Two small 
loops L of platinised quartz fibre, mounted upon a rod 
held in a quartz insulator, form the central electrode 
and can be charged by a device operated from outside 
by an electromagnet (shown dotted). Their potential 
is determined from their distance apart as read in the 
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eye-piece of a microscope M. In Millikan's instrument 
quartz fibres are also used as the central electrode, but 
the gas-filling is CO, at a pressure of 30 atmospheres. 
ln both cases the quartz and invar-stcel framework 
supporting the fibres is designed to reduce the effects 
of temperature variations. The chief disadvantage of 
this type of chamber is the small volume permissible in 


view of the pressure and the use of a high-power micro- 
scope. The penetrating radiation ionises the gas through 
the agency of fast-moving particles (§ 17) which fluctuate 
in number like the a particles from the walls. To smooth 
them out in the case of small ionisation vessels necessi- 
tates observations extending over many hours. 

Another type of apparatus, due to Hoffmann,? em ploys 
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an clectrometer which is outside the ionisation vessel 
(Fig. 4). The chamber is filled with CO, at a pressure 
of about 30 atmospheres, the residual radiation is reduced 
by the use of a wire cage for the walls of the ionisation 
vessel proper, and saturation conditions are obtained 
by adopting the branched form of central electrode A 
and cage D. The electrometer E is of a specially 
sensitive type developed from the quadrant electro- 
meter. It serves as a null instrument, for arrangements 
are provided to maintain the whole central system at 
zero potential. The cage is kept permanently charged 
by means of the battery B, and the charge carried to the 
central electrode by the ions is compensated for by an 
equal and opposite charge induced upon the inner plates 
of the small condenser C by means of the potentiometer 
P. The amount of charge collected during a given time 
can be found from the capacity of C and the potential 
applied to the outer plates. Both C and the electro- 
meter are kept evacuated. Though more complicated 
and less portable than the first type, this instrument 
has the advantages of freedom from all insulation losses 
on the collecting system and of greater volume. 

The more recent portable instruments show a reduc- 
tion in the ionising power of the residual wall radia- 
tion ; in Millikan’s 1926 form the ratio of this quantity 
to the ionising power of the penetrating radiation at 
sea-level was 4-5/1; in the form used by him in 1930 
this had been reduced to 1/30. The ratio for Hoffmann’s 
instrument is less than 1/5. 


S 14. Tre loNISATION-DEPTH CURVE IN AIR 
AND WATER 


In studying the variation of the ionisation intensity 
of the radiation above and below sea-level, it has been 
found convenient to measure distance downwards from 
the top of the atmosphere. This distance is usually 
expressed in equivalent metres of water, i.e. in terms of 
that column of water which would possess the same 
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mass per unit area of cross-section as the column of air 
above the point of observation. Thus sea-level is 10-33 
equivalent metres of water below the top of the atmo- 
sphere. 

Observations of the ionisation at various depths below 
the top of the atmosphere are most conveniently made 
by sinking an ionisation vessel in a lake situated at a 
very great altitude. The results when nlotted against 
the total depth, equivalent and real, of water below the 
top of the atmosphere constitute an ionisation-depth 
curve. An extensive series of investigations has been 
carried out by Millikan and Cameron to determine the 
shape of this curve, using Jakes on mountain peaks in 
both North and South America.* Thus they were 
able to examine the absorption of the rays from near 
the surface of Gem Lake, California, where the depth 
below the top of the atmosphere was 7-4 equivalent 
metres of water (altitude 3000 metres), down to 8l 
actual metres below the surface of the lake, 86 equivalent 
metres from the top of the atmosphere. Owing to the 
need for some water-screening to cut down the air-radia- 
tion effect, q'a trustwrrthy observations began at a total 
depth of some 8 metres, 

They have repeated these observations in other lakes 
at lower altitudes and have been able to show that at 
the same total depth below the top of the atmosphere 
the ionisation is always the same. This indicates that 
within the reasonably high accuracy of their measure- 
ments, the absorbing power of the additional thickness 
of air involved in the observations at lower altitudes is 
in fact that of the equivalent layer of water. As a 
consequence of this result measurements made at still 
greater altitudes on mountain peaks and in balloons 
can be plotted on the ionisation-depth curve for water 
with some degree of confidence that the absorption in 
the air can be reduced to that in water in this way. 
Observations made in air alone, however, require the 
instrument to be shielded with lead from the external 
earth and air-radiations and have not only to be cor- 
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rected for the small fraction of these which can still 
penetrate the shields but also for the absorption of the 
penetrating radiation in the lead. For these reasons 
they are not so reliable for plotting on the curve as the 
measurements made in water. 

The ionisation-depth curves obtained by Millikan and 
Cameron are shown in Fig. 5, the portion below 30 
metres being inset on a larger scale. The observations 
made in Lake Arrowhead (altitude 1700 metres) and 
Gem Lake (altitude 3000 metres) constitute the main 
“ water ” curve, The curve marked “land” shows the 
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Fig. 5.—Ionisation-depth curve in air and water (Millikan and 
Cameron). 


land observations made at various heights from sea- 
level to the top of Pike’s Peak, California (altitude 
4700 metres, 6-2 equivalent metres of water below the 
top of the atmosphere), inside a thick lead shield. By 
comparing the abscisse of the land and water curves 
for the same ordinate, the water-equivalent of the shield 
at the higher altitudes was found to be 1:22 metres. 
The dotted portion of the water curve is obtained by 
adding this amount to the equivalent depth of the land 
observations. 

Even at a total depth of 80 metres the water curve 


28 ATMOSPHERIC ELECTRICITY 


is not parallel to the horizontal axis and the value of 
the residual ionisation (1-2 ions/c.c./sec. in CO, at 30 
atmospheres) has to be obtained by extrapolation. 
These measurements show clearly the very great 
penetrating power of the radiation, for the most pene- 
trating known gamma rays (from thorium C’’) would be 
reduced to one-fiftieth of their original mtensity in their 


lonisation in Volts/ Hr. 


50 100 150 200 250 
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Fra. 6.—Jonisation-depth curve (Regener), 


passage through a single metre of water. The lower 
part of the ionisation-depth curve has becn extended still 
further by Regener $ in experiments on Lake Constance. 
His ionisation vessel had a volume of 34 litres and was 
filled with CO, at a pressure of 30 atmospheres. This 
was surrounded by a protecting tank filled with water 
from the surface of the lake which formed a sercen 
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i metre in thickness and prevented possible variations 
with depth in the small radioactive content of the 
surrounding water from affecting the measurements. 
With this arrangement Regener has followed the radia- 
tion down to a depth of 230 metres of water below 
sea-level, the large volume of the chamber enabling 
accurate measurements to be made even at great depths. 
At 230 metres the curve was found to be still falling and 
could still be determined with an error of the order of 
2 per cent. The movement of the fibres of the electro- 
meter was recorded automatically by photographing 
their position at intervals of one hour. Regener's curve 
is shown in Fig. 6, with the ordinates of the portion 
below 30 metres repeated on a tenfold scale. 


$ 15. ANALYSIS OF THE IONISATION-DEPTH CURVE 


The form of the ionisation-depth curve suggests that 
it may be made up of three or four separate curves 
corresponding to component radiations of different 
penetrating powers. On this view the initial steep 
portion would correspond in the main to an easily 
absorbed component which does not reach sea-level in 
dny quantity compared to the others, while only the 
most penetrating component can reach to the great 
depths examined by Millikan and Regener. Jn en- 
deavouring to analyse the curve in this way it has been 
assumed that the process of absorption of a parallel beam 
of the s-th component is represented by the well-known 
equation — di = p,IdH, where — dl is the decrease in 
the ionisation I due to passage through a thickness 
dH of the absorbing medium and gp, is a constant, 
characteristic of the radiation and of the medium, 
which is called the absorption coefficient of the 
s-th component. Integration of this equation gives 
[=I ,e “4. The significance to be attached to p, 
will be discussed later. 

There is, however, no reason to believe that the 
radiation strikes the top of the atmosphere as a parallel 
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beam, and we must assume incidence with equal intensity 
in all directions and take account of the increased 
thickness of air or water to be traversed as the angle 
of incidence is increased. When this is done, it is found 
that the relation between the ionisation I at a depth H 


and that which would be found at the top of the atmo- 
a 


sphere, T,, takes the form L = Tof [e7 .dælx?].* Tables 


1 
of this integral have been given by Gold. 

The analysis of the ionisation-depth curve must be 
carricd out by a trial and error method, for not only 
the number of components but the absorption coefficient 
u, and the initial intensity I, of each has to be chosen 
to fit the curve. Analyses of this kind have been made 
by Millikan and Cameron, and by Regener, whose results 
are shown in the following table :— 


TABLE III 
ANALYSES OF THE loNISATION-DEPTH CURVE INTO 
COMPONENTS 
Millikan. Regener. 
Compt. A Intensity at . Intensity at 
Absorption Absorption 
op O te fT i Top of 
Coefficlent, Atmosphere, Coeflicient, deca ca phere: 
Bg To. By o: 
1 0-80 metros”? 141,000 ? ? 
2 0-20 Y 130 0-21 130 
3 0:10 pS 80 0:073 51 
4 0:03 »> 33 0:02 6:5 


The values of y have been expressed in reciprocal 
metres of water ; in the same units the mean absorption 
coefficient of the gamma rays from radium B + C 


* See Rutherford, Radioactive Substances and their Radiations, 
p. 262, where x = sec 6. 
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after filtration through 10 mm. of lead would be 5-4. 
Since Regener’s experiments did not extend above sea- 
level he has not been able to determine the constants 
of the most easily absorbed component. 

The agreement obtained by these independent ob- 
servers for the other three components is striking ; 
slight discrepancies in y may be explained by the un- 
certainty in the exact value of the residual ionisation, 
for the curves are still falling at the lowest depths 
reached. The difference in relative intensities may be 
due to some selective action arising from the difference 
in the size of the chambers used. 


S 16. JoNISATION-DEPTH CURVES IN HEAVY 
METALS: THE TRANSITION ZONE 


The absorption of the radiation in heavy metals has 
been studied by placing metal screens round the ionisa- 
tion vessel. Since this corresponds to sinking it in a 
lake of the metal, the results obtained should agree with 
the ionisation-depth curve taken in water when the 
thickness of each sercen is expressed in equivalent metres 
of water. Itis, however, found that the absorbing power 
of a metal such as lead is initially very high. The 
curve falls abnormally rapidly at first (for 10 cm. in the 
case of Pb); afterwards it runs parallel to, but lower 
than, the water curve, additional screens producing the 
same reduction as their water-equivalents.* It has been 
shown that this effect is due to the transition from air 
to lead, and something similar is exhibited in all tran- 
sitions from one medium to another. Fig. 7, after 
Steinke,® shows the ionisation-depth curves of aluminium 
and lead as thick lines. The effects of adding an inside 
layer of Pb after 28 cm. of Al have been used, and of 
adding inside layers of Al after 4 and 10 cm. of Pb, are 


* In this work the water-equivalent is that thickness of water 
with the same number of extra-nuclear electrons in a column one 
Sq. cm. in cross-section. Mullikan’s water-equivalents ($ 14) are 
mass-equivalents. 
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shown by the dotted lincs. The increase in the ionisa- 
tion in two of these cases is very remarkable. It is 
suggested that the transition zone effect is due to an 
alteration in the equilibrium between the primary rays 
and their secondary electrons (§ 20), but no quantitative 
explanation can yet be given. The phenomenon is 
of great importance in connection with the problem of 
the nature of the radiation. 


0-4 


0-2 


0 40 80 100 cm Al 

anf | 

0 10 20 30cm Pb 
Absorber 


Fie. 7.—Transition-zone effects in Pb and Al (Steinke). 


A striking instance of the initial drop in the absorption 
curve in lead is afforded by a screen used by Millikan in 
mountain observations. Its calculated water-equivalent 
was 85 cm., but a comparison with the ionisation- 
depth curve in water showed that it was effectively 
170 cm. at sea-level and 122 cm. at a height of 5000 
metres, 
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$ 17. PHOTOGRAPHIC REGISTRATION AND COUNTING 
OF THE loNISING PARTICLES 


The ions produced by the rays can be studied by means 
of the Wilson cloud chamber, in which a water-drop is 
condensed on each. Skobelzyn 7 has shown in this way 
that much of the ionisation is due to the action of fast- 
moving particles which travel in a downward direction 
at the rate of about one particle per square centimetre 
per minute at sea-level. The photographs of their 
tracks show that they create some 40 ion-pairs per 
centimetre of their path in ordinary air. 

It is not yet certain whether all the ionisation arises 


es ¡li 


<— 1500 Volts 


Fig. 8.—Geiger-Múller tube-counter. 


from particles of this kind. A number of the tracks 
show a paired relation which may be significant, two 
or more particles entering the chamber during one ex- 
pansion in directions making a small angle with one 
another. 

The passage of these ionising particles can be con- 
tinuously recorded with the tube-counter of Geiger and 
Miiller. In this (Fig. 8) the ionisation vessel is a tube 
of zinc and the collecting electrode a thin wire along 
the axis, coated with a semi-insulating layer of oxide 
or varnish. Conditions of pressure and potential dif- 
ference are adjusted below the sparking value so that 
the entry of cach ionising particle gives mse to a sudden 


3 


34 ATMOSPHERIC ELECTRICITY 


pulse of current of very short duration. ‘The advantage 
of this device is that the effect of an « particle is equal 
to that of a f particle, instead of 200 times greater as 
in the ordinary ionisation chamber. The same clean- 
ing and screening precautions as have been described 
for the latter must be taken. This counter has been 


: j j 
Absorbing Block 
| 


Fie. 9.—The Bothe-Kolhórster experiment, 


used by Regener * to confirm the readings on his ionisa- 
tion-depth curve; the submerged counter was joined 
to an arrangement which recorded cach pulse auto- 
matically. 

An apparatus which counts the penetrating ray 
particles only has been developed by Kolhorster and 
Bothe (Fig. 9). Two counters are mounted vertically 
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above one another, and account is taken only of those 
pulses which coincide in time with one another and are 
considered to be due to the passage of particles which 
are able to penetrate both counters. The coincidences 
were originally determined by recording the sudden 
deflections of both electroscopes on the same moving 
photographic film. In a development due to Bothe,® 
the two counters are joined to the two grids of a screened- 
grid valve which is so arranged that a pulse of plate 
current occurs only when both grids are practically 
simultancously changed in potential. 


$ 18. Tar BorHe-KoLHORSTER EXPERIMENT 


Bothe and Kolhérster® have used this arrangement 
to determine the absorption cocfficient of the ionising 
particles themselves. A block of gold 4-1 cm. thick 
was placed between the counters, and the reduction in 
the number of coincidences was observed. The value 
found for the absorption coefficient was so close to that 
given by the usual ionisation chamber method as to 
lead them to conclude provisionally that the ionising 
particles are the primary radiation and not of secondary 
origin. In an extension of this experiment carried out 
by Rossi, however, evidence was found of the actual 
production of fresh ionising particles when the radiation 
was absorbed. These presumably arise from a primary 
radiation of y ray type. 


$ 19. THe ENERGY or THE Ionisinc PARTICLES 


If the ionising particles are electrically charged, the 
deformation of their paths in a transverse magnctic 
field should give information as to their nature and 
energy. Several unsuccessful experiments of this kind 
have been interpreted as indicating that their momen- 
tum is too great for them to be bent in the fields 
used. Mott-Smith 1! in this way has placed a lower 
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limit of 2 x 10% e-volts * to their energy if they are 
electrons, and 10° e-volts if they are protons. 

The Bothe-Kolhorster-Rossi experiment suggests that 
the effective range of the particles is about 10 equivalent 
metres of water or 7-7 x 10° cm. of air at N.T.P. They 
produce some 40 ion-pairs per centimetre of air and 
cach ion-pair costs the particle about 30 e-volts. Hence 
the total initial energy of a particle must be of the 
order of 40 x 30 x 7-7 x 10° or 9-2 x 108 e-volts. 

In experiments carried out under thunderstorms,’ the 
author has found that the strong electric fields within 
and outside the cloud are able to stop a large proportion 
of these particles. He concludes that their energy must 
be less than 5 x 10° e-volts, if they are electrons or 
protons. 

Such energies are more than a hundred times greater 
than those of the fastest particles emitted by radioactive 
bodies. If the particles are electrons they must be 
moving with a velocity only about 40 metres per second 
less than that of light and their inertial mass is 2000 
times their rest-mass, slightly greater than the mass of 
a slow proton. At such energics electrons and protons 
may be expected to give approximately the same ¡onisa- 
tion per unit path and the same absorption coefficient. 

It has recently proved possible to obtain magnetic 
bending of the tracks in a Wilson cloud-chamber.8 The 
paired particles are found to be of two types, positively 
and negatively charged, presumably protons and elec- 
trons. Their energies range from 10? to 10° e-volts. 


$ 20. THe NATURE or THE PENETRATING 
RADIATION 


In view of the difficulties in the way of determining 
the nature of the fast ionising particles and of some 


* Electron-volts, the energy expressed in terms of the 
difference of potential in volts through which an electron must 
travel to attain this energy. 
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uncertainty as to whether there are not other ionising 
rays of much shorter range, any discussion of the nature 
of the penetrating radiation itself is purely tentative. 
In this section two of the many important points which 
have been raised in this connection will be outlined. 

The first concerns the effects to be expected if the 
primary radiation is itself constituted of fast-moving 
charged particles. In such a case the earth's magnetic 
field should produce a cleflection of their paths leading 
to a concentration of the particles in the higher magnetic 
latitudes. Brucke has shown that for a fast clectron to 
reach the earth’s surface below magnetic latitude 50° 
its energy must exceed 5 « 10° volts, and for it to attain 
the equator it must have twice this cnergy, even if loss 
of energy in passage through the air be neglected. This 
question is being investigated at the present time; 
Millikan 12 has shown that the sca-level intensities in 
latitudes 59° and 34° are the same within the limits of 
accuracy of his measurements (1 per cent.). These 
and other observations speak against a corpuscular 
nature for the primary rays. 

The second point concerns the view that the ionising 
particles are secondary electrons arising from the passage 
of primary ultra-gamma ray quanta through the atmo- 
sphere, and the utilisation of absorption cocfficients 
derived from the ionisation-depth curve to find the 
frequencics of these quanta.1* On this view an ionising 
particle is produced when a quantum of energy hv 
makes a Compton collision with an electron in an atom. 
The electron moves forward with energy h(v — v,) and 
the quantum recoils with a lower ** degraded ” frequency 
v,; Consideration of the equations governing the 
Compton scattering process shows that for high- 
frequency quanta the collision in most cases leaves 
quantum and electron moving forward along paths 
only slightly inclined to one another, so that the radia- 
tion at any point within the atmosphere should consist 
of a mixture of primary and degraded quanta of various 
orders (the results of one, two, and more suecessive 
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collisions) together with the fast clectrons arising from 
collisions of primary and degraded quanta. 

Absorption measurements are made upon this mixed 
beam and yield an absorption coefficient p; what 
relation this bears to the absorption coefficient of the 
pure primary radiation, p, can be determined only by 
involved calculation. Since the degraded quanta have 
frequencies v,, vz, cte., which are less than the primary 
frequency v, they are more easily absorbed than the 
primary quanta. Thus, as the radiation travels through 
the air, there will come a stage when as many degraded 
quanta of each kind disappear in each centimetre of 
path as are produced by Compton processes in the same 
centimetre. The parent beam is then in equilibrium 
with its quantum products in the same way as a long- 
lived parent radioactive body such as radium reaches 
equilibrium with its descendants. From this stage 
onwards, say after a thickness equivalent to D cm. of 
water, the constitution of the quantum part of the beam 
will remain unaltered, and this part will disappear at 
a rate set by the rate of disappearance of the primary 
quanta, Until this stage is reached y cannot equal p. 

Actual absorption measurements, however, are con- 
cerned with the ionising electrons and not with the 
quanta which give rise to them. Consider the first 
scattering process only, which we may assume for sim- 
plicity to give rise to electrons all of the same range, 
R cm. of water. Then the ionisation at a depth H em. 
of water below the top of the atmosphere will be due 
to electrons from points lying between H and H — R 
cm. from the top. Thus the actual measurements 
reflect the state of the beam some distance above the 
point of observation and can give only an apparent 
absorption coefficient y which equals u, provided that 
H. — R > D. If this condition is not fulfilled, the 
number of electrons brought to rest in 1 cm. is less than 
the number generated in the same distance and p will 
be less than p. 

The ionisation-depth curve has been analysed into 
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four component curves, distinguished by different 
values of u. The significance of these apparent absorp- 
tion coefficients obviously depends upon how far the 
criteria for equilibrium are satisfied in each case. 
Since according to Millikan, onty the least penetrating 
component reaches equilibrium with its electrons and 
degraded quanta, the values of p found for the others 
will be less than p. The deduction of their true ab- 
sorption coefficients is at present impossible, for it 
involves a wide extrapolation of the laws governing the 
passage of y and f rays through matter. Recent 
experiments have shown that these processes are not 
completely accounted for by existing theories. In 
particular, high-frequency quanta interact with atomic 
nuclei in a manner which is likely to be very important 
in the case of the penetrating radiation. The paired 
proton and electron tracks referred to in $$ 17 and 20 
show that the rays frequently disintegrate atomic nuclei. 
This process is not taken into account in the y ray 
absorption formule. If the radiation does consist of a 
mixed beam of ultra-gamma quanta and fast electrons, 
the observed absorption coefficients do not in general 
approximate to the true coefficients, and it is not possible 
to deduce the quantum frequencics except perhaps in the 
case of the softest component. 


$21. THE ORIGIN OF THE RADIATION 


The intensity of the radiation is remarkably constant, 
and no certain variation with solar or sidercal time has 
been established. Corlin** and others have put forward 
evidence of a sidereal time effect which decreases with 
depth below the top of the atmosphere and amounts at 
sea-level to about 2 per cent. of the mean intensity. 
The effect only shows in averages of a long serics 
of hourly observations, for altcrations in the effective 
thickness of the atmosphere (not always faithfully 
represented by changes in the barometer) and other 
causes give rise to larger and irregular fluctuations. 
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Hofímann, with the sensitive instrument described in 
$13, can find no evidence for a sidereal time variation. 
A suggested solar effect also awaits confirmation; if 
it exists at all it is very small (} per cent ).* 

It is most natural to look for the source of quanta of 
such high energy in the interiors of the hot stars, where 
high temperatures may lead to the conversion of matter 
into radiation. This possibility has, however, been 
rejected owing to the absence of appreciable solar and 
sidereal time effects. 

Another argument against it is provided by the 
estimated total energy reaching the outer atmosphere in 
the form of penetrating radiation. This is more than 
one-tenth, probably one-fifth, of the total energy arriv- 
ing from all the stars as light and heat. Ifthe radiation 
originated in stellar interiors, very little of it could escape 
unaltered and most of it would be turned into heat. 
Unless, therefore, the radiation is generated only in the 
outermost layers of the stars, it is not possible for it to 
convey anything like such a large fraction of the total 
stellar radiation as one-fifth. 

Millikan * has considered the possibility of the radia- 
tion arising from the formation of more complex ele- 
ments out of hydrogen in interstellar space. The mass 
of a heavy atom being less, by Am, than the separate 
masses of its constituent protons and electrons, energy of 
amount Am  c® ergs would be radiated out as a quantum 
whose frequency is given by hy = Am x c?, where c is 
the velocity of light. He considers that the four main 
components of the radiation (§ 15) represent the forma- 
tion of the four most abundant groups of elements, 
apart from hydrogen, viz. helium, “oxygen” (C, N, 
and Q), “silicon ” (Mg, Al, and Si), and “iron ” (Fe, 
Ni, and Co). These elements make up 99 per cent. 
of all known matter, excluding hydrogen. The atomic 
weight determinations of Aston with the positive ray 
mass spectrograph give Ám in each case, and thus the 
quantum frequencies, v, can be calculated. The corre- 
sponding absorption coefficients, u, are calculated by 
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extrapolating the relation which holds approximately 
in the gamma-ray region. The theoretical coefficients 
for the four groups are -796, -241, -142, and -075 m7 H,O, 
respectively, and are to be compared with the four 
values of the apparent absorption coefficients, p, from 
the ionisation-depth curve (Table JIJ), -80, -20, -10, 
and -03. Millikan attiibutes the disagreement in the 
last three cases to a failure on the part of the more 
penetrating components to reach equilibrium with their 
secondary electrons. This, as we have seen ($ 20), would 
cause y to be less than p, but the difficulty of making 
a quantitative check on this point and the impractica- 
bility of any extrapolation of the v — pu relation have 
delaved acceptance of the theory. 

C. T. R. Wilson * has suggested that part at least 
of the radiation may be of terrestrial origin and come 
from thunderclouds. A f particle of radioactive origin 
emitted upwards in the strong field within the electrified 
cloud would, he has shown, rapidly increase in energy, 
for the gain of energy from the electric field would exceed 
the loss of energy by ionisation along its path. Since 
he and others consider the electric field within the cloud 
to be in general directed downwards, a thundercloud 
should spray upwards a stream of “‘ runaway ” electrons 
of energy up to 5 X 10° e-volts (see $ 42). These would 
either be bent down in the earth’s magnetic field to 
strike the earth at distant pomts or would be converted 
by direct hits with atomic nuclei into ultra-gamma 
quanta. «Attempts to find direct cvidence of this 
effect are at present being made. 

A suggestion thatthe dissolution of matter into 
radiation may be resffonsible for the more penetrating 
components of the rays has recently been supported by 
the argument that the smallest absorption coefficient 
found by Regener (:0205 m`! H,O) corresponds on 
certain reasonable assumptions (Jeans 1?) to the value 
calculated for the radiation arising from the complete 
dissolution of a particle within the nucleus of a heavy 
atom (:020 m7?) 
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Some workers consider that apparent contradictions « 
in the results of experiments on the radiation arise from ` 
the fact that it consists of fast-moving “ neutrons,” - 
proton-electron combinations endowed with no resultant 
charge but having a magnetic moment. 
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CHAPTER IH 


ELECTRIC FIELDS AND ELECTRIC CURRENTS IN 
THE ATMOSPHERE 


$ 22. THE FINE-WEATHER FIELD 


T was first found in the year 1752 by Lemonnier 

that the air above the earth is the seat of a persistent 
electric field during fine weather. The direction of this 
field shows that the earth carries a negative charge and 
the upper layers of the air a positive one. The state 
of affairs close to a flat portion of the surface of the 
earth can be expressed in three wavs: (a) the earth 
carries a charge of surface density o per unit area; (b) 
there is a vertical field of strength F = 470, just above 
the ground ; or (c) between two horizontal planes close 
to the ground there is a difference of potential 


dV = Vara, — V, =— Fdh =— drodh, 


where k + dh and h aro the heights of the planes. 

The quantity dV/dh is called the potential gradient 
and is positive, since o is found to be negative. For 
the same reason, the field F is directed downwards, 
and this downward direction is by convention adopted 
as the positive direction for electric fields in the atmo- 
sphere. In these definitions it is assumed that the 
portion of the ground considered is flat and far removed 
from projections, such as trees and buildings, which 
would disturb the distribution of charge and concentrate 
the lines of force at certain points. 

43 
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The average value of the finc-weather potential gradi- 
ent is about 100 volts per metre; the corresponding 
value for the average charge density is 2-7 x 1071 
electrostatic units per square centimetre or -0009 
coulomb per square kilometre. The total fine-weather 
charge on the earth is of the order of 000,000 coulombs. 
Measurements of the fine-weather field are made by de- 
termining either o or dV/dh; they are always expressed 
in terms of the latter, in volts per metre. 


§ 23. DIRECT MEASUREMENT OF THE SURFACE 
DENSITY OF THE EARTH’S CHARGE 


The charge on such a limited portion of the ground 
as can be isolated for the determination of ø is so small 
that a sensitive electrometer must be used to measure 
it. Fig. 10 illustrates the “ Universal portable electro- 
meter ” devised by C. T. R. Wilson for this purpose. 
A flat circular plate P, called the test-plate, is sur- 
rounded by a guard-ring and mounted flush with the 
surface of the carth but insulated from it. This plate 
is joined to a gold-leaf clectroscope G, whose leaf moves 
inside a positively charged case and is observed through 
a telemicroscope. C is a variable cylindrical condenser, 
called a compensator, with its inner plate joined to the 
gold-leaf system, and its outer plate maintained at a 
constant potential, — V. 

To make a measurement, the instrument is initially 
shielded from the earth’s field by placing over it the 
earthed metal cover Q, indicated by the dotted lines. 
The reading of the leaf corresponding to earth or zero 
potential is found by momentarily earthing the plate P 
and the gold-leaf system with the key K. This earthing 
key is then withdrawn, the cover removed and the plate 
exposed to the field, with the compensator capacity 
zero. A negative charge thus appears by induction 
upon P, an equal positive charge is set free upon the 
central system, and the leaf moves inwards. It can 
be restored to its zero position if a negative charge is 
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induced on the central system by increasing the capacity 
of the compensator to a value C’. The charge on the 
test-plate is then — C’V and the surface density, ø, 
is — C’V/A, where A is the area of the test-plate. 

In its original form the apparatus is small and portable, 


Fic. 10.—Universal portable electrometer (Wilson). 


and the two battcries shown in the figure are replaced 
by small Leyden jars of silvered quartz, which keep 
their charge for a considerable time. For absolute 
measurements, with the plate mounted at ground level, 
a pit must be provided to house the observer ; very often 
relative measurements are made with the mstrument 
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mounted on a tripod, and the factor necessary to reduce 
the observations to standard conditions determined 
from simultaneous observations in a pit or with a poten- 
tial gradient method. Since the lines of force are con- 
centrated upon any projection above the earth, the factor 
is greater than unity ; in the case of a tripod 1 metre 
high it amounts to 3 or 4. A uscful method of cali- 
brating the instrument is to place it in artificial electric 
fields of known strength. Two large flat metal sheets, 
one flush with, and the other above, the test-plate, are 
charged to a measured difference of potential by means 
of a battery of small cells,* 


$ 24. MEASUREMENT OF THE POTENTIAL GRADIENT 


The potential gradient dV/dh may be found by 
measuring the difference of potential between two 


--2Metres — === SS SSeS e 


—] Metre- - 


(a) (b) 
Fıc. 11.—Measurement of the potential gradient. 


(a) Absolute determination in open field, 
(0) Continuous recording with the Kelvin water-dropper. 


insulated conductors at different heights above the 
ground, Various forms of electrometer are employed, 
and one conductor may be the earth itself, while the 
other is a stretched horizontal wire about a metre above 
ground-level. Sometimes two wires at different heights 
are used. It is of course essential that the supports of 
the wires and the presence of the observer and his 
instruments should not materially alter the field to be 
measured. In the arrangement in Fig. 11 (a), the wire 
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is hung between amber or sulphur insulators at the ends 
of two vertical rods; its length should exceed twice 
its height above ground. 

The wire when first set up is at a different potential 
to that of the air in its neighbourhood, and a current 
will flow between them which tends to remove this 
potential difference. The ordinary conductivity of the 
air is, however, too small for this process of equalisation 
to take place very rapidly and the electrometer reading 
will always lag behind a fluctuating field. It is necessary 
for this reason to place at the centre of the wire some 
active ionising agent which speeds up the process by 
increasing the local conductivity of the air. This may 
take the form of a glowing fuse of filter-paper, impreg- 
nated with a 5 per cent. solution of lead nitrate, or of a 
dise or spiral of metal coated with a deposit of ionium 
or radio-thorium. Such “collectors,” as they are 
called, have the advantage of causing the wire and the 
electrometer to acquire the potential of the air at the 
centre of the stretched length, where the electric field 
is least disturbed by supports and observer. The time 
taken for equalisation of potential depends upon the 
type and activity of the collector and varies from 1 to 
60 seconds, There is always some uncertainty as to 
the exact position at which the ionising agent exerts its 
effect, especially if a wind is blowing, but this can be 
avoided by making observations at different heights. 


§ 25. CONTINUOUS RECORDING OF THE POTENTIAL 
GRADIENT 


An adaptation of the arrangement just described is 
employed to obtain continuous records of the potential 
gracient, the electrometer being housed in a building and 
the collector carried on an insulated rod projecting from 
the wall. The earth’s field is very much distorted by the 
presence of the building, and a reduction factor for the 
installation must occasionally be determined by making 
simultaneous measurements in an open field. Fig. 11 (6) 
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shows the nature of the distortion of the equipotential 
surfaces due to a building. 

The Kelvin water-dropper is still largely used at re- 
cording stations as a potential equaliser. A jet of water 
from an insulated cistern within the building escapes 
from the end of a pipe passing through and insulated 
from the wall, and breaks up into fine drops at the point 
where the potential is required (Fig. 11). On starting 
the jet, the potential of the insulated system will in 
gencral be somewhat lower than that of the air at the 
end of the pipe; this end will carry an induced nega- 
tive charge and the cistern a positive one. Each drop 
carries a negative charge away and leaves the system 
slightly higher in potential than before. Ultimately the 
negative charge at the end of the pipe disappears and 
the system is at the potential of the air at the point at 
which the drops break away. In practice this takes a 
time of the order of 30 seconds. 

Radioactive collectors are also employed, but whatever 
the type of collector, the insulated system is usually 
joined to the needle of a quadrant electrometer of low 
sensitivity, and opposite pairs of quadrants connected 
to a battery whose centre is earthed. The record can 
be made intermittently, by means of a clockwork ar- 
rangement which depresses an inked pointer attached to 
the needle (Benndorf), or continuously, by receiving the 
spot of light from a small mirror on a moving strip of 
bromide paper. 


§ 26. VARIATION OF THE POTENTIAL GRADIENT WITH 
HEIGHT ABOVE THE GROUND: SPACE-CHARGE 


A good many observations of the potential gradient 
have been made with balloons fitted with collectors of 
the radioactive or the glowing fuse pattern; they all 
indicate a rapid decrease in the field with increasing 
height above the ground (Table V, § 33). Though no 
great accuracy can be claimed for these measurements 
—for they are subject to errors arising from the dis- 
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tortion of the field by free and induced charges on the 
balloon and are but momentary observations of a quan- 
titv subject to considerable variation—it is well estab- 
lished that at a height of 10 kilometres the field has 
fallen to less than 1/50 of its value at ground level and 
is diminishing stil] further. Some recent experiments 
of Idrac,? in which a thermionic valve was employed as 
a voltmeter, suggest that at very great heights the 
gradient may sometimes be reversed in direction, but 
the significance of these results is not yet clear. 

This rapid diminution in the potential gradient with 
height indicates that a free positive charge, practically 
equal to the negative charge on the surface of the earth, 
resides within the lower 10 or 15 kilometres of the 
atmosphere. Integration of the values of dV/dh ob- 
tained in balloon ascents gives a total potential difference 
between the earth and the air at a height of 15 kilometres 
of about 3 x 10° volts; at this height, and above it, 
the conductivity of the air is so great that this figure 
may be taken to represent the potential of the highly 
conducting “ Kennelly-Heaviside layer ” some 80 kilo- 
metres above the ground. 

The density, p, of the positive “ space-charge ” referred 
to can be determined from Poisson’s equation, which, 
if the lines of force are vertical, takes the form 


S (AV jah =— rp. Several investigators have en- 


deavoured to examine the nature of the space-charge 
quite close to the ground, using collectors at different 
heights. The results obtained are conflicting as to the 
magnitude, and even the sign, of p in this region ; 
evidently local conditions are of main importance. 


§ 27. VARIATIONS OF THE POTENTIAL GRADIENT 
WITH LOCALITY, TIME AND SEASON 


Before passing on to the morc important variations 
of the potential gradient, mention should be made of 
the fact that incessant fluctuations are observed over 

+ 
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short periods of time; these are due to local changes 
in the space-charge and the conductivity of the air in 
the vicinity of the collector. 

For many years continuous records of the potential 
eradient have been taken at certain stations in the 
Northern Hemisphere. Less extensive information is 
available for the Southern Hemisphere, but observations 
have been made over considerable periods in the Arctic 
and Antarctic regions. Some very important measure- 
ments over the oceans have been carried out by the 
survey ship Carnegie of the Carnegie Institute of 
Washington. It appears that the sign of the potential 
gradient in fine weather is positive all over the earth’s 
surface, but that over land areas its value varies consider- 
ably with local conditions. The mean of dV/dh at Kew 
is 317 volts/metre, while that at Davos in Switzerland 
is but 64 v./m. Over the oceans a value of 126 v./m., 
which varies little if at all with geographical position, 
has been found. The average value for the whole earth 
is not far from 120 v./m. 

It would seem that the potential gradient observed on 
land is not a quantity of much fundamental significance, 
its value depending primarily upon local conditions of 
atmospheric conductivity. This is evident from the 
fact that a simple periodic variation according to local 
time is the basis of all fine-weather land records. The 
minimum values are obtained in the early morning at 
about 4 a.m. and the maxima in the evening between 
6 and 8 pm. In many places a second maximum at 
8 a.m. and a second minimun at midday are found. 
The amplitude of these daily variations at land stations 
sometimes reaches 50 per eent. of the mean value for 
the day. 

The local time variation has been shown by Whipple * 
to be closely correlated with the amount and distribution 
of the smoke pollution of the atmosphere near large 
cities, where these continuous records have generally 
been made. Fig. 12 shows the variation at Kew of 
the potential gradient during the summer months for 
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the two periods 1898-1915 and 1916-28, together with 
the variation in the amount of pollution (determined by 
aspirating the air through filter-paper) for the period 
1921-28. The figure shows not only the close relation 
which exists between potential gradient and pollution 
but also the striking effect of the introduction of * summer 
time ” into Great Britain in the year 1916, after which 
the morning minimum and maximum moved back by 
approximately one real hour. The atmospheric pollution 
curve has maxima and minima which have been ex- 


” aes... 1916-1928 


Fic. 12.—Relation between potential gradient and atmospheric 
pollution (Whipple). 


plained by Simpson as due to the combined effect of 
variations in the amount of smoke produced in the 
city and variations in the stability of the atmosphere, 
that is in the mixing action of surface winds and general 
turbulence of the lower air. 

Asregards the annual variation of the potential gradi- 
ent, land stations in both hemispheres show a maximum 
in the local winter and a minimum in the local summer. 
The only significant exception is the Antarctic region, 
where a reversal of phase occurs, giving rise to a maximum 
in the local summer and a minimum in the winter. 
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In view of the local origin of the variations of the 
gradient found at land stations near towns, observations 
over the oceans, where no pronounced local effects are 
to be expected, are of very great importance. Mauchly 4 
has analysed the measurements of the Carnegie cruises 
and found that there is a well-marked diurnal variation 
at sea, with maxima and minima occurring at the same 
moment in all parts of the globe. Thus the potential 
gradient in all oceans is found to be about 154 per cent. 
below the mean at 5 hours, Greenwich Mean Time, and 


(b) 


Fra. 13. 


(a) Variation of potential gradient with universa) time. 
(b) Variation of thunderstorm activity over the carth's surface 
(Whipple). 


about 20 per cent. above it at 19 hours, G.M.T. It is 
remarkable that the same 24-hour wave, progressing 
according to universal solar time, has been observed 
by expeditions to the Arctic and Antarctic regions and 
to Lapland. Fig. 13 (a) (after Whipple) illustrates 
these results, which have been confirmed by the last 
cruise of the Carnegie. In each case shown in the 
figure, the mean potential gradient has been reduced to 
100 v./m. No appreciable annual variation has so far 
been observed over the sea, 
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Mauchly’s discovery of a variation of potential 
yradient according to universal time is gencrally ac- 
cepted as being of fundamental significance. The 
variation must clearly be ascribed to an alteration in 
the difference of potential between the upper conducting 
layers of the atmosphere and the earth ; it affords an 
important means of testing any theory of the origin and 
maintenance of this potential difference. 


$ 28. Tar FINE-WEATHER CURRENT: CONDUCTION 
AND CONVECTION CURRENTS 


In the ordinary fine-weather field positive ions are 
driven towards the earth and negative ions away from 
it; the motion of these ions constitutes a downwardly 
directed conduction current. We have seen (§ 3) that 
the conduction current passing through 1 sq. em. of a 
horizontal plane is given by I, = F(A, + A_), where 
F is the strength of the electric field and A, and A_ are 
the polar conductivities of the air at the point in question. 

There is, however, a fine-weather current of a different 
nature which plays a part in the transfer of electricity 
by the atmosphere. If the air should contain at any 
point an excess of lons of one sign (a space-charge), 
movement due to wind or ordinary turbulence will give 
rise to a mechanical transference of electric charge. 
Thus if vis the upward vertical component of the velocity 
of the air and p the space-charge per c.c., the upward 
convection current due to this cause will be vp per 
square centimetre. The real current-density in fine 
weather is thus the resultant of the downward con- 
duction and the upward convection currents, and is 
given by I = I, — vp. 

The mean value of the total fine-weather current 1s 
not far from 2 x 10716 amperes per square centimetre or 
2 microamperes per square kilometre, so that the total 
current flowing in this way between the upper at mosphere 
and the whole earth is about 1000 amperes. It would 
seem, front measurements which have been made in 
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various parts of the world, that this current varies much 
less with changes in geographical position, in time of 
day and season of the year, than does the potential 
gradient. Although in the past it has not received a 
great deal of attention, it would appear to be a more 
fundamental quantity than the potential gradient and 
less affected by purely local conditions. 


$ 29. DIRECT DETERMINATION OF THE CONDUCTION 
CURRENT AT THE SURFACE OF THE EARTH 


Direct measurements of the magnitude of the con- 
duction current which flows into the earth’s surface 
have been made with the Wilson universal electrometer, 
with the test-plate mounted flush with the surface of the 
ground, as described in § 23. The curve of Fig. 14 
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Fic. 14.—Measurement of conduction current with the Wilson 
universal electrometer. 


illustrates the procedure followed in the measurements. 
At time ¿, the test-plate is exposcd to the earth’s field 
by removing the cover, and the capacity of the com- 
pensating condenser is adjusted to the value C necessary 
to bring the gold leaf hack to the zero position. The 
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charge on the plate is then — CV and the field strength 
Pa ine, where, as before, A is the area of the plate 
and — V the potential of the outside of the compensator. 
The test-plate is now left exposed until time ¢, and kept 
continuously at carth potential by increasing the com- 
pensator capacity to balance the charge received from 
the positive ions driven from the air on to the plate. 
Owing to variations in the strength of the field, and so 
in the induced charge on the plate, this increase is not 
a regular one. At time t, the plate is again shielded 
with the cover and the compensator capacity is reduced 
from €, to C, to maintain the shielded system at earth 
potential. At this moment the field strength is 
4da(C, — C) V/A. Since at the beginning of the measure- 
ment the compensator capacity was zero, it is evident 
that during the interval, ta — t, the plate received a 
positive charge ©,V and the average value of the con- 
duction current per square centimetre was CV ¡A(t, — £,). 
For routine observations the instrument is mounted on 
a tripod above the ground, and the readings are reduced 
to standard conditions by occasional determinations of 
the reduction factor, from observations in a pit. 


§ 30. INDIRECT DETERMINATION OF THE CONDUCTION 
CURRENT AT A POINT IN THE AIR 


The conduction current at a point in the air can also 
be determined by separate measurements of the ficld 
strength, F, and the polar conductivities, A, and A_. 
The methods used to determine F, or the potential 
gradient, have already been described in this chapter ; 
the conductivities are usually found by the Gerdien 
method sketched in $ 2. In another form of the Gerdien 
method, due to Schering, the cylindrical condenser is 
replaced by a large earthed wire cage, along the axis 
of which is a charged insulated wire connected to an 
electrometer. The rate at which the charge is dis- 
sipated by ions of opposite sign is determined in exactly 
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the same manner as in the Gerdien method, and the 
same equations apply if certain conditions are fulfilled. 
The cage must be large enough, and the charge on the 
wire small enough, to ensure that no considerable 
alteration in the number of ions is caused by the flow of 
current. The arrangement must be set up in the open 
air to ensure that ordinary atmospheric circulation 
prevents the development of the electrode space-charges 
to be described in the next section. And finally the 
whole cage must be shiclded from the earth’s ficld by 
a rough roof or by trees, otherwise it will carry an in- 
duced negative charge on the outside and rob the air 
entering it of negative ions. 


$ 31. THE COMPARISON OF THE DIRECT AND INDIRECT 
METHODS : ELECTRODE SPACE-CHARGE 


The direct method due to Wilson measures the con- 
duction current entering the earth ; the indirect method 
measures the current at a certain height above the 
carth. In the latter case the current is carried by two 
oppositely moving streams of ions of opposite sign; in 
the former it consists of a single stream, for while 
positive ions enter the carth, negative ions do not pass 
from it into the atmosphere. The two methods, there- 
fore, do not measure the same thing. One determines 
the true conduction current at a height, and the other 
its positive component at ground-level. 

Consider a vertical cylinder of perfectly still air whose 
height is A and cross-section 1 sq. cm., with its base 
on the ground (Fig. 15). Let F’ and F be the electric 
field strengths at top and bottom of this cylinder, and 
Ay, A andà, A_ the polar conductivities. The conduc- 
tion current through the top is F'(X’, + A'_); a positive 
charge F’A’, enters, and a negative charge F’)’_ leaves, 
in each second. Through the bottom there is only a 
downward flow of positive ions, carrying away a positive 
charge FA, per second. The cylinder as a whole thus 
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loses a positive charge FA, — F'A”, per second, and a 
negative charge F’A’_ per second. This may be ex- 
pressed as a development of a positive space-charge 
a date Moses A JA e) dl: 
per second. The growth of this “electrode ” space- 
charge will automatically decrease the field F’ and will 
cease only when F’ has such are 

a value that as many nega- FS Àp A- 
tive as positive ions leave the 
cylinder in cach second, Lc: 
when 


FU, fAL)= FA, (10) 


The two sides of this last 
equation are respectively the 
conduction currents at height 
h and at ground level. Thus, 
for perfectly still air, the two 
methods we have described 
should give the same numerl- 
cal values, though they 
measure different quantities. 
It appears probable that this 
conclusion is not realised in 
practice and that the Wilson 
method yields much smaller 
values than the other. Some 
average figures from the more 
extensive series of measure- 
ments are shown in Table IV. 


Still another consequence Fic. 15.—Electrode 
of the argument we have space-charge. 


considered fails to appear in 
practice. Watson * has shown that during fine weather 
at Kew there is no sign of any electrode space-charge 
within the first metre above the ground, and that F” 
and F are the same. 

As there can be no doubt that a space-charge would 
develop if the air were perfectly still, it has been 
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TABLE IV 


MEASUREMENTS OF THE AIR-EARTH CONDUCTION CURRENT 


Indirect Method. Direct Method. 


Current 


Current 
(amps./sq. cm.). 


Station. Station. (amps /oq. cm.). 


Potsdam 2:2 10-15 Kew . ; 1-1 10-15 
Davos . 20 ,, Munich (Lutz) LO" 34 
Gottingen 2T p 


suggested that ordinary atmosphcric turbulence, by con- 
tinually mixing the lower layers of the air, carries the 
excess positive charge upwards as rapidly as it is formed. 
If F* = F and X, =A,, the positive charge developed 
in the cylinder per second is F"»'_. This must be re- 
moved by the air at such a rate that an upward con- 
nection current vp = F'A_ per sq. cm. crosses the top of 
the cylinder, and the total resultant air-earth current at 
the height A is 


De NS NA 


If this view is correct, the quantity FA,, which is the 
portion of the conduction current measured by the 
Wilson method, is actually equal to the total current, 
conductive and convective, passing between the atmo- 
sphere and the earth. While this result may not hold 
in practice with great exactitude, the arguments out- 
lined above indicate that the test-plate method gives a 
closer approximation to the total fine-weather current 
than the indirect method which determines the con- 
duction current only. The test-plate result is the more 
valuable because it appears that any direct estimate of 
the convection current by itself is very difficult, 
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$ 32. VARIATIONS IN THE FINE-WEATHER CURRENT 


Both direct and indirect methods of studying the 
air-earth current indicate that in fairly fine weather it 
is less subject to variations than is the potential gradient. 
Simultaneous measurements of the field and of the total 
conductivity of the air, A = A, -+-A_, show that these 
quantities vary to some extent in inverse ratio, with 
the result that their product, the conduction current, is 
less variable than either. Factors such as an increase 
in the number of condensation nuclei or the presence of 
fog particles, which decrease A by raising the proportion 
of the slow ions present, cause a corresponding increase 
in the potential gradient. The simple form of the 
daily variation in the earth’s field has its counterpart 
in an inverse variation of the conductivity, with a maxi- 
mum in the early morning between 3 and 4 a.m. The 
extreme effect of atmospheric pollution near large cities, 
which increases the potential gradient and diminishes 
the conductivity, has already been discussed (8 27). 
In general the reciprocal relation between A and F is 
not exact enough to keep the conduction current in- 
variable. At land stations in Europe it is found to 
have an annual variation which coincides in phase with 
that of the potential gradient but has a smaller amplitude. 
At most stations its daily variation follows the changes 
in the conductivity. 

As shown by Table IV the mean values obtained at 
European stations for the conduction current, using the 
indirect method, all lie close to 2-0 x 10718 amps. /sq. cm. 
The observations over the sea and near the poles give 
about double this value. Since, as we have seen, to 
make allowance for the upward convection current 
near the ground these figures must probably be reduced 
by half, the total air-earth current in fine weather may 
be taken to have an average value of 2 x 10716 amps./ 
sq. em. over the whole globe. 
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$ 33. THE CONDUCTION CURRENT AT GREAT 
HEIGHTS 


It has been found from simultaneous determinations 
of potential gradient and atmospheric conductivity 
during balloon ascents that the rapid decrease in F with 
height above the ground is accompanied by an increase 
in A, of such magnitude as to keep the conduction current 
approximately constant. Table V shows the results of 
an ascent by Wigand, in which it will be seen that 
when the field had fallen to 1/14 of its value at the ground. 
the conductivity had risen eleven-fold. 


TABLE V 


CoNDUCTION CURRENT DURING BALLOON ASCENT (WIGAND) 


Height (metres). |F (volts/metre). A (0.511). I (amps/sq. em ). 
0 136 1-1 10-3 }7 107° 
2500 27 48 ., 14 ., 
4400 18 82 y | l-6 
6500 8:8 2-6. ae LE oy 


$ 34. THE SIGNIFICANCE OF THE AIR-EARTH CURRENT 


The general constancy of the air-earth current with 
height above the ground and in different parts of the 
world suggests that, at any rate to a first approximation, 
it has its origin in a constant potential difference between 
the conducting layers of the upper atmosphere and the 
carth, and that its actual value depends upon the resist- 
ance of the air between the two regions. Now the con- 
ductivity of the upper portion of this air-path is entirely 
due to the penctrating radiation * and is unlikely to alter 
at all with time of day, locality or season (§§ 20, 21). 
But below a height of about 2 kilometres over land 


r This refers bo the regions from 15 to 30 kilometres above the 
ground. The Heaviside layer 80 kilometres up has a solar origin. 
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areas, an additional ionising influence is exercised by 
radioactive matter in the air and the earth, which, as 
we have seen (§ 5), varies very much. Moreover, the 
conductivity of the air in this region is dependent upon 
the relative concentrations of the large and the small 
ions, and these alter with the number of nuclei present. 
The current-bearing column of air above the point of 
observation thus consists of an upper constant resistance 
and a lower variable one in series with each other. 
The extent to which the current carried by the air- 
column alters with local conditions will depend on the 
ratio which the lower variable resistance bears to the 
total resistance. 

The conductivity above 14 kilometres is so high that 
we may, for the sake of illustration, suppose that this 
ls the actual height of the upper positively charged 
layer and take the mean specific resistance of the air 
between it and the earth to be 7-1 x 10% ohms-cm., 
the value found by Wigand at a height of 6:5 kilometres. 
Then the total resistance of an air-column of cross-section 
1 sq. cm. would be 10% ohms. If the variable part of 
the column be the first 100 metres above the earth, 
where the specific resistance is usually 8 X 10% ohm-em., 
this portion will contribute 8 x 10% ohms to the total. 
We sce that even if the conductivity of the first 100 
metres were halved, the effect upon the air-earth current 
would amount to but 4 per cent, The potential gradient 
near the ground, on the other hand, would be doubled, 
for from this point of view it represents the fall of 
potential per unit length of the lowest part of the current- 
bearing column. It is evident that potential gradient 
measurements over land, and in particular near cities, 
cannot be expected to yield information which bears 
directly upon the question of the total potential differ- 
ence between upper atmosphere and earth. In the case 
of observations at sea and in polar regions the position 
is different ; practically all the ionisation throughout the 
whole column is then due to the penetrating radiation, 
and the only local effect which can influence the 
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fine-weather gradient is a change in the number of 
nuclei available for the capture of small ions. 


$ 35. Toe ELECTRIC FIELD DURING DISTURBED 
WEATHER 


The normal downwardly directed field, due to a 
positively charged upper atmosphere and a negatively 
charged earth, is frequently disturbed when the weather 
ceases to be fine. During fog, as explained in $ 32, 
it is very much increased, and may reach ten times its 
normal value ; during dust-storms, of the type common 
in semi-arid regions and deserts, powerful reversed or 
negative ficlds are usual and reach 10,000 volts per 
metre. The effects found during cloudy weather and 
rain are variable, and range from gradients of the order 
of a few hundred volts per metre in a fine drizzle to as 
much as 50,000 volts per metre under thunderclouds. 

Generally speaking, negative fields predominate when 
light or steady rain is falling, though occasional positive 
excursions are observed. Inthe case of heavy rainstorms 
and thunderclouds, the sign of the field depends upon 
the portion of the cloud passing over the point of obser- 
vation, but here, too, there is evidence that negative 
gradients are the more frequent. 

The field during thunderstorms fluctuates a great deal 
if the cloud is active in producing lightning. Its value 
at the ground does not as a rule exceed 10,000 to 20,000 
volts per metre except for very brief intervals occupying 
fractions of a second. Equally high fields are observed 
during heavy rainstorms unaccompanied by lightning. 
During a snowstorm the field is usually positive and in 
a heavy storm may attain 10,000 v./m. The methods 
employed for the study of the large and rapidly varying 
fields of thunderclouds are described in Chapter IV. 


§ 36. THE CHARGE ON RAIN AND SNOW; THE 
PRECIPITATION CURRENT 


The apparatus required to examine the charge carried 
to the earth by precipitation—rain, hail, snow, and 
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sleet-—is comparatively simple, and consists essentially 
of an insulated metal vessel to catch the rain, etc., and 
an electrometer to measure the charge received. Great 
precautions must, however, be taken to eliminate the 
disturbing effect of the negative charge given to the 
air as the drops splash on the container (Lenard effect, 
$ 43). If some of this is lost a spurious positive charge 
will be indicated. For a similar reason, the entry of 
spray due to the splashing of rain falling outside the 
receiving vessel must be prevented. The receiver must 
be screened clectrostatically from the electric field 
outside. The rate of rainfall, and sometimes the average 
size of the drops, is also observed ; with sensitive forms 
of the apparatus the charges carried by individual drops 

may be measured. As the charges brought down vary 
considerably, it ix necessary in all such work to carry 
out a long series of observations. 

Since the year 1908, when the modern series of observa- 
tions began. all observers agree in finding a preponder- 
ance of positive charge on rain in general. The average 
ratio of the quantities of positive and negative electricity 
brought down by all kinds of precipitation varies ac- 
cording to the situation of the observer. Some of the 
values found for this ratio are: Potsdam (Schindelhauer), 
]-4:1; Puy-en-Velay (Baldit). 2-4: 1; Dublin (McClelland 
and Nolan), +8: 1; Simla (Simpson), 2-4: 1; Otago, New 
Zealand (Marwick). 32:1. ås exceptions to the general 
rule, it may be noted that snow usually carries a con- 
siderable negative charge, and that the fine drops of a 
drizzle are also negative. Simpson showed in 1908 that 
thunderstorm rain—the most heavily charged of all 
forms—is positively charged when it falls from the front 
of the cloud and negatively charged elsewhere. Ordinary 
steady rain, unaccompanied by sudden changes in the 
barometcr, shows the most regular as well as the highest 
excess of positive charge. If such rainfall alone is 
considered, Baldit’s average ratio of 2-4: 1 for all types 
of precipitation rises to 43 : 1. 

The charge per c.c. in the case of heavy thunder- 
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storm rains reaches average values of 30 to 40 c.s.u., 
while single drops may carry 100 to 200 c.s.u. (Gschwend) 
and attain potentials as great as 300 volts. The mean 
values reported by different observers for the nett charge 
per c.c. on all forms of precipitation during a long serics 
of observations range from -+ -029 e.s.u. at Potsdam 
(Schindelhauer) to + :176 e.s.u. at Simla (Simpson). 

The transfer of electricity from atmosphere to carth 
in this manner constitutes a “ precipitation ” current 
which appears on the whole to be in the same direction 
as the fine-weather conduction current, since 1t carries 
more positive than negative charge to the carth. In 
the case of thunderstorms this current sometimes reaches 
values as high as 2 x 107% amps./sq cm.. and the total 
convection current carried by the rain in such a storm 
may amount to more than 0-1 amp. Before it is 
possible to frame a trustworthy estimate of the amount 
of the excess of positive over negative electricity con- 
veyed to the whole earth in this way, much more in- 
formation is required from tropical and equatorial 
regions. 


§ 37. CURRENTS DUE TO POINT-DISCHARGE 


It is well known that an electric glow or brush dis- 
charge takes place from a pointed conductor when 
placed in a sufficiently strong field. It consists of a 
stream of ions of the same sign as the charge upon the 
point. Discharges of this kind must, therefore, be 
expected from the ends of exposed conductors on the 
surface of the earth whenever the potential gradient 
and the height and sharpness of the ends are sufficiently 
great. Indeed the earliest investigators, Franklin with 
his kite, Dalibard and Lemonnier with their high metal 
rods, detected electric fields, the first two in thundery, 
and the last in fine weather, by means of this current. 
Under favourable conditions, afforded by mountain 
peaks or the masts of ships exposed to the intense 
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fields of a thundercloud, the glow discharge may become 
very conspicuous (St. Elmo’s fire). 

It was first pointed out by C. T. R. Wilson è that 
point-discharge currents of much smaller intensity must 
play an important part in the interchange of electricity 
between the earth and the atmosphere. The fields 
prevailing under rainstorms and thunderclouds very 
frequently reach values sufficiently great for consider- 
able currents to be discharged from exposed conductors, 
such as trees, bushes, housctops and even fields of grass, 
A conductor necd not end in a sharp point or project 
to a great beight in order that it should begin to act as 
a discharger. For cxample, an carth-connected sphere 
of radius 1 em. need only be raised to a height of 3 metres 
in the not unusual field of 10,000 volts per metre for 
the electric intensity at its surface to reach the critical 
value of 30,000 volts per cm. at which brush discharge 
begins. A practical instance of the correctness of this 
suggestion is afforded by some experiments made by 
the author, in which a small tree, 4 metres high, was cut 
off at its base, mounted on insulators and connected to 
earth through a galvanometer. Exposure to the fields 
due to nearby thunderstorms yielded the average 
point-discharge currents shown below :-—? 


TABLE VI 
POINT-DISCHARGE CURRENTS FROM A SMALL TREE 
(SCHONLAND) 
Field Current 
(Volts/metre). (Microamperes). 
— 3,500 0:07 
— 5,500 0-20 
— 11,000 1-00 
— 16,000 4:00 
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The contribution of a single tree such as this must be 
multiplied by a very large factor to obtain the total 
current flowing between the earth and a thundercloud ; 
in the case quoted, the tree was typical of the exposed 
natural conductors for many miles around, and a rough 
surface integration over the area affected by the cloud 
indicated that the total point-discharge effect was of 
the order of 2 amperes in an upward direction. 

Since the direction and magnitude of the large fields 
associated with disturbed weather vary considerably, it 
is extremely important to know the relative amounts 
of positive and negative clectricity discharged from an 
exposed point over a long period of time. In a series 


H,S0, dul. 
AA 


li Mercury Pt Wire Gas 
hi Y | 
Laza == 


IG. 16.—Water micro-voltameter (Wormell). 


of observations by Wormell,® a sharp point carried on 
insulators at the top of a pole was connected by cable 
to one electrode of a voltameter filled with dilute 
sulphuric acid, the other electrode being earthed. The 
voltameter (Fig. 16) was constructed of fine capillary 
tubing (diameter 0-8 mm.) and the gases evolved were 
separately collected, their volumes being determined from 
the lengths of the bubbles formed. If v, and v, are the 
volumes of the mixed gases collected at the earthed and 
the point-connected electrodes respectively, the quan- 
tities of positive and negative clectricity, q, and qo, 
which have been discharged from the point can be 
separately determined in the following way : If one unit 
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of quantity liberates in electrolysis c c.c. of oxygen and 
2c c.c. of hydrogen, we have 


qc + 2q.¢c =v, and 2g,c + qat = 0», 


from which we may determine q, and q». 

The quantities discharged in this way have been 
examined by Wormell at Cambridge over a period of 
three years. Some of his results are shown in the 
table below :— 


TABLE VI! 


INTEGRATED Errectrs or POINT-DISCHARGE {WORMELL) 


Year. ; : f 1927 1928. 1929. 


Positive quantity dıs- 


charged, q, (coulombs). -28 -24 — 
Negative quantity dis- 
charged, q, (coulombs). “14 11 — 


Nett positive discharge, 
4 —4, (coulombs) : «14 «13 "Il 


Each year shows a considerable nett loss of positive 
electricity by the discharger. 

In a more detailed discussion 1t is noted that of 147 
separate periods of disturbed weather accompanied by 
precipitation, 103 showed an excess of upward current 
(+ ve discharge), 34 an excess of downward current 
(— ve discharge), and in 10 the nett discharge was 
zero. This is what would be expected from the pre- 
dominance of negative potential gradients in disturbed 
weather. It is to be hoped that similar measurements 
will be made in other parts of the world. 
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$ 38. THE INTERCHANGE OF ELECTRICITY BETWEEN 
THE EARTH AND THE ATMOSPHERE; THE MAIN- 
TENANCE OF THE EARTH'S CHARGE 


The negatively charged earth and the positively 
charged upper laycrs of the atmosphere form two plates 
of a spherical condenser with the lower air as the di- 
electric. Although the conductivity of the air between 
the plates is small, the applied potential difference is 
great enough to make the leakage of charge through 
it very considerable. The average valuc of the charge 
per unit area of the earth’s surface is 9 x 10714 
coulombs/sq. cm., and that of the fine-weather conduc- 
tion current is 2 x 107 amps. persq.cm. Left to itself, 
a condenser of this kind would be discharged by internal 
leakage in a time of the order of ten minutes. But 
this is not all: to the dissipation of the earth’s charge 
by the fine-weather current we must add the effect of 
the charge conveyed by rain and snow, for it has been 
shown that on the whole the nett charge conveyed to 
the earth by precipitation is positive in sign. Thus to 
the conduction current of 1000 amperes over the whole 
surface of the earth must be added a precipitation 
current in the same direction, estimated by Wigand *—- 
though any such estimate can only be provisional—at 
300 amperes, making a total of 1400 amperes tending to 
dissipate the 500,000 coulombs with which the carth is 
charged. 

In spite of the continuous operation of these two 
factors, the carth's charge remains practically constant, 
so it is clear that there must exist some reverse or 
compensatory process which neutralises their effect. 
Some agency must be continuously at work replenishing 
the charges on the carth and in the upper air. The 
discovery of the mechanism responsible for this replenish- 
ment has been one of the chief problems of atmospheric 
electricity, and many suggestions have been made to 
this end. Two of these, though they have not proved 
acceptable, will be briefly mentioned. 
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The suggestion of Ebert is based upon the experi- 
mentally verified view that ionised air escapmg through 
the narrow capillaries of the earth's crust is richer in 
positive than in negative ions, for the higher mobility 
of the negative ion causes it to diffuse more rapidly to 
the walls of a narrow passage. The air escaping from 
the earth and tonised by radioactive emanations, ete.. 
thus gives a positive charge to the lower atmosphere, 
which Ebert suggested was conveyed to considerable 
altitudes by convection currents. It appears, however, 
that the Ebert efiect in the lower atmosphere is actually 
extremely small and that the upward air-currents are 
quite insufficient to produce the necessary convection. 

Another suggestion, made by Simpson and developed 
by Swann, is that negative charge is conveyed to the 
carth by fast-moving negatively charged corpuscles or 
f particles. This view mects with the difficulty that 
the ionisation produced in the air by the number of 
f particles needed to maintain the earth's charge would 
be very large, many times greater than that observed 
and known to be due to other causes. The objection 
can be avoided only by ascribing a very small ionising 
power to an extremely fast B ray (Swann). This is not 
in accord with what is known of the fastest 6 rays from 
radioactive substances, whose ionising powers vary very 
slowly with their energies. | 

It was first suggested by C. Y. R. Wilson that it is 
to regions of disturbed wcather that we must look for 
the mechanism of replenishment, that under rain and 
thunderclouds, where the potential gradient is more 
often reversed than in the normal direction, there are 
two processes at work which convey considerable 
quantitics of negative charge to the earth. The first 
of these is the action of point-discharge from conductors 
projecting from the ground. This has already been 
discussed, and it has been shown that experimental 
tests indicate that it is of great importance. The second 
process is the charge conveyed to the ground by lightning 
flashes from thunderclouds. Every second, as will be 


70 ATMOSPHERIC ELECTRICITY 


seen in Chapter IV, some 100 lightning discharges occur 
over the whole surface of the earth, each involving the 
passage of a charge of the order of 20 coulombs. Only 
a fraction of these, perhaps one in four on the average, 
strike the ground. The effectiveness of this process of 
transference of charge will depend upon whether more 
charges of one sign than another are conveyed to the 
earth. If, for example, practically all the charges trans- 
ferred were negative, the process would be equivalent to 
a continuous compensation current of about 500 amperes. 
Though there is evidence that this is actually the case, 
the question is still under investigation. 

An estimate of the annual electrical * balance-sheet ” 
of a square kilometre of ground at Cambridge has been 
made by Wormell,® on the basis of his point-discharge 
measurements and observations on lightning discharges. 
The air-earth conduction current loss and the effect of 
rain and snow were estimated from average values of 
these quantities. The results were : 


Coulombs/sq. km /annum. 


By natural pomt-discharge, gained . —100 
By lightning, gained : ; . — 20 
By atmospheric conduction, lost ; . — 60 
By precipitation, lost . l . — 20 
Nett gain of negative charge . ; . — 40 


Though such an estimate is only a very rough one, it 
appears to be quite possible that in this locality the 
four processes approximately balance one another, or 
even that the carth gains a negative charge. 

This suggestion of Wilson involves more than the 
interchange of electricity between the bases of cumulo- 
nimbus clouds, showers and thunderstorms, and the 
ground; he regards them as equally active in supplying 
positive electricity to the upper air. On this view the 
cloud acts as an electrical generator which removes posi- 
tive electricity from the earth and supplies it to the con- 
ducting layers of the atmosphere above, by which it is 
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rapidly distributed in such a way as to maintain them at 
a constant potential of about 3 x 10° volts, in spite of 
losses. 

If this view is correct, we should expect the potential 
difference, and so the potential gradient, to show a 
maximum when the thundery regions of the earth are 
at their maximum activity. The diurnal variation of 
the gradient discovered by Mauchly ($ 27) should agree 
in phase with the diurnal variation of thunderstorm 
activity over the earth. Jt has recently been shown by 
Whipple + that this appears to be the case. Whipple’s 
examination of the diurnal variation of the world’s 
thunderstorms is represented by the bottom curve of 
Fig. 13 (b), where it will be seen that the parallelism 
with the variation of the potential gradient over the 
oceans and the polar caps is indeed very close. 
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CHAPTER IV 
THE ELECTRIFICATION OF THUNDERSTORMS 


$ 39. Tas NUMBER or THUNDERSTORMS OVER THE 
GLOBE 


HILE a thunderstorm is a comparatively rare 

event at any one station in temperate latitudes, 
the number of thunderstorms per day experienced by 
the earth as a whole is very large. Even in such a 
limited arca as France there are comparatively few days 
in the year where thunder is nowhere reported. The 
total amount of thunderstorm activity which takes 
place at various seasons of the year has been determined 
by Brookes! from information taken from all parts of 
the world. According to his estimate, the earth ex- 
periences 16,000,000 thunderstorms per annum, or 44,000 
per day. Taking one hour as the average duration of 
each—-a modest estimate—there will on the average be 
1800 thunderstorms in progress in different parts of 
the world at any one moment. In terms of lightning 
flashes this would mean that something like 100 flashes 
occur over the earth in every second, or 360,000 per 
hour. 

It appears from recent measurements ($ 42) that the 
average thunderstorm develops and expends two or 
three million kilowatts of electrical energy continuously 
during its hour or two of activity. Over the whole 
earth, therefore, thunderstorms are continuously ex- 
pending electrical energy at a rate of some + x 10° 
kilowatts. This figure is so large that by the employment 


of even a small fraction of its power in an apparently 
rx} 
iu 
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insignificant `“ side-line,” the thunderstorm could be of © 
importance in a number of geophysical problems. 
Amongst these may be mentioned the generation of 
Hertzian waves (atmospherics), the maintenance of the 
earth’s negative charge and of the positive charge on 
the upper air ($8 37 and 38), the production of high-speed 
electrons (§ 21), and of ionisation in the upper atmo- 
sphere. | 


$40. THE MEASUREMENT OF THE ELECTRIC FIELDS 
AND FIELD-CHANGES DUE TO THUNDERSTORMS 


Practically all the quantitative information on the 
electrification of thunderstorms which has so far been 
obtained has been derived from measurements of the 
electric fields and field-changes produced by them at 
the surface of the earth. The development of these 
measurements and the interpretation of the results 
obtained is mainly due to Professor C. T. R. Wilson.? 

The general principle is similar to that of his test-plate 
or induced charge method of studying the fine-weather 
field (§ 23), in which an exposed conductor is kept at 
zero potential by alteration in the capacity of a compen- 
sating condenser, when the charge induced upon the 
conductor by the field is equal to that given by the 
compensator to the system. Jn the measurement of 
rapidly changing thunderstorm fields, however, com- 
pensation Is produced automatically and practically 
instantaneously by means of an ingenious form of 
capillary clectrometer. As shown in Fig 17, this con- 
sists of a small bubble of dilute sulphuric acid enclosed 
between mercury threads in a narrow capillary tube. 
The threads lead to end-cups of mercury, and one of 
these, A, is connected to a test-plate T insulated from, 
but flush with, the surrounding ground, while the other 
is connected to the earth. Between the mereury and 
the glass there is everywhere a thin film of dilute acid, 
so that an electrical “double layer” surrounds the 
mercury and makes each half of the electrometer a con- 
denser charged to the potential difference of the double 
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layer, about -90 volt, the meremy being positively 
charged with respect to the acid. If a positive charge 
is given to the left-hand side, it will increase the charge 
on the left-hand condenser and the left-hand thread 
will move forward a certain distance so as to absorb 
this charge, by increasing the area of the acid-mercury 
surface and the capacity of the left-hand condenser. 
A corresponding movement of the right-hand thread 
causes a reduction in area on this side and the passage 
to earth of a quantity of electricity exactly equal to 
that originally supplied to the electrometer. The 
distance moved, y, is easily seen to be related to the 
charge passed through, g, by the equation 


q = 2arCV'(1 — r/R)y, 


Microscope 


ita. 17.—Measurement of the electric fields and field-changes 
due to thunderstorms (C. T. R. Wilson). 


where r is the radius of the capillary and R that of the 
end-tube, V’ the potential difference, and C the capacity 
per unit area, of the double layer. Thus q = ky, where 
k is an instrumental constant which can be determined 
by discharging a known quantity of electricity through 
the instrument. The arrangement thus gives a linear 
relation between the movement of the acid bubble and 
the quantity discharged. In spite of the large valuc of 
C, about 30 microfarads per square centimetre, it is 
extremely sensitive. By using a microscope focussed 
upon one end of the bubble quantities of the order of 
107% coulombs may be measured. A permanent record 
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is best obtained by placing a slit and a moving photo- 
graphic plate in the local plane of the objective. 

When connected to a test-plate the electrometer auto- 
matically maintains it at earth potential and records 
by its movements the quantities of electricity passing 
to and from the earth as a result of changes in the ex- 
ternal field and of the induced charges on the plate. . 
The type of record obtained from this arrangement 
during a thunderstorm is illustrated by the thick line 
of Fig. 18. An earthed cover is swung over the test- 


Position of Mercury Thread 


3 4 


2 
Time ( mins) 


Fic. 18.—Capillary electrometer record during a thunderstorm. 


plate for a few seconds at the beginning of each minute, 
causing the movements A'AA”, B'BB”, etc., as the 
induced charge flows away to earth and then returns. 
The points A, B, C, E would lie on a horizontal line if 
there were no actual transfer of charge between the 
plate and the atmosphere taking place, that is to say, 
no conduction current, point-discharge, or transport of 
charge by rain. The first two minutes in the figure 
show the slight slope due to the conduction current 
only, the last two show the effect of a fall of positively 
charged rain. The charge, for example. conveyed to the 
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plate by rain and conduction during the third minute 
is h(Yy — yc) and the mean value of the current per 
square centimetre (yp — yc)/60ÁA, where A is the area 
of the plate and / the constant of the electrometer. 
The dotted line joining the points Á, B, €, D, E gives the 
reading of the instrument when the test-plate is shielded 
at any time during the record, and this line serves as the 
zero from which the field and field-changes are measured. 
The field at the end of the first minute, for instance, is 
viven by F = tah(yp — Yu J/A. 

Two sudden interruptions in the record, such as are 
caused by lightning flashes, are shown at P and Q. 
At P the record suddenly touches the dotted linc, in- 
dicating that for a moment the field was completely 
destroyed and the original induced charge ran to earth 
through the electrometer. At Q the movement extends 
beyond the dotted line, showing that the ficld was 
actually reversed in sign by the discharge and reached 
a reverse value equal to half its original strength. The 
shape of the record immediately after the passage of 
these lightning flashes, the recovery curve as 1t is called, 
is of considerable interest; it will be seen in these two 
examples that the thundercloud fields and charges 
recovered their original values after the lapse of some- 
thing like twenty seconds. The rate of recovery was 
approximately exponential, being most rapid im- 
mediately after the flash and becoming very slow as 
the cloud approached its original electrified condition. 
We may find the magnitude of these sudden field-changes 
by the same method used for the field itself; if Ay be 
the movement PP’, or QQ’, the sudden field-change 
which caused it is given by: AF = 47k. Ay/A. 

The test-plate arrangement, using a plate 50 cm. in 
diameter, is suitable for the measurement of fields of 
strength exceeding 1000 volts/metre, such as are caused 
by thunderstorms when they come within a distance of 
about 8 kilometres. For more distant storms Wilson 
employs a different form of exposed conductor, a copper 
ball 1 toot in diameter mounted on insulators at the end 
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of an iron pipe 5 metres in length (Fig. 19). When 
the arrangement 1s in use the pipe is held vertical; by 
turning it about a horizontal axis through its base, the 
pipe is lowered and the ball enters an carthed metal 
ease which shields it from the field. Connection to the 
capillary electrometer is 
made by an insulated 
wire passing down the 
centre of the pipe. 

The field producing a 
given movement of the 
electrometer is calculated 
as follows: The charge q 
induced upon the ball 
when raised to a height h 
above the ground must be 
such as to maintain it 
at earth potential, for the 
ball is carth - connected 
through the electrometer. 
Thus if V is the undis- 
turbed potential of the air 
at the point occupied by 
the centre of the sphere 


Earthed pipe 


Quartz-sulphur 


of radius r, we have Insulation 
1 4 » a to 
Pe ee ee Electrometer 


third term allowing for 
the effect of the electrical 
image of the charged pig, 19.— Elevated sphere for 
sphere in the earth. If measuring fields of distant 
the movement of the elec- thunderstorms. 

trometer caused by raising 

the hall from its case to the height k is y, we have 
q = — ky and V =/(1/r — 1/2h)y. This observation 
therefore gives for the mean potential gradient between 
the ground and the height A, 


F = V/h = (k/h) (1 /r — 1/2h)y. 
The same equation relates the sudden changes of field 
AF to the corresponding sudden movements Ay of the 
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electrometer. Since these relations, like those derived 
for the test-plate, are derived on the assumption of a 
perfectly plane earth, small corrections must be applied 
to allow for the effect of the concentration of the lines 
of force upon the hut used to house the recording 
instrument. 

The effects obtained from the clevated sphere become 
too small for accurate measurement when the storm is 
more than 20 kilometres away ; for still greater distances 
a wireless aerial has been used by some workers. 
Thunderstorm fields are of the same order as the fine- 
weather field, about 100 v./m., when the cloud is 20 
kilometres off. At distances of 6 to 8 kilometres they 
often reach 5000 v.jm., and when the storm passes 
overhead values of 10,000 to 20,000 v./m. are commonly 
observed, while the sudden changes may exceed these 
figures very considerably for a small fraction of a secoud. 
In an active thunderstorm the fields are constantly 
altering as a resnlt of the neutralisation of part or all 
of the charge by lightning discharges, of the subsequent 
rebuilding of the destroyed charges, and of movements 
of the cloud as a whole. 


§ 41. THE CHANGES or FIELD ACCOMPANYING 
LIGHTNING DISCHARGES 


The methods described have been used for the measure- 
ment of the field-changes due to lightning in England 
and in South Africa? 3 and have led to valuable in- 
formation as to the magnitude of the electrical quan- 
tities involved in the thunderstorm and the distribution 
of the charges in the cloud. The principles to be followed 
in the interpretation of the observations have been 
very completely discussed by Wilson.2 Their application 
is not always an easy matter, for though the structure 
of most thunderclouds may be the same in principle, 
meteorological conditions lead to frequent departures 
from any simple model which can be framed. Anything 
like a full discussion of this question would occupy too 
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much space, and so we will limit ourselves to the detailed 
consideration of a type of lightning discharge which 
takes place within the thundercloud without reaching 
the ground and which is the most frequent kind of 
flash in a tropical storm. In the Cape Province of 
South Africa nine-tenths of the discharges are of this 
nature, and simply involve the downward movement of 
a positive charge from a height of 4 or 5 kilometres to 
one of 2 or 3 kilometres. 

Consider a simple cloud-model in which a positive 
charge Q is distributed through a spherical region with 
its centre at a height H, above the ground. To calculate 


Fic. 20.—Thundercloud charge above the earth. 


the resulting downwardly directed field at the earth’s 
surface we may regard the charge induced on the con- 
ducting earth as replaced by the image-charge — Q at a 
depth H, below the ground and we may disregard the 
curvature of the earth. The field at any point such as 
P (Fig. 20), at a horizontal distance L, is then that due 
to an electric doublet of moment 2QH,, and its strength 
is given by F, = 2QH.(H,° + L2)-"", vertically down- 
wards. If a lightning discharge causes the positive 
cloud-charge to pass to a lower level H,, the new field 
FP, = 2QH,/(H,? + L?) and the sudden field-change 
due to the discharge is 


AF=F, —F,=2Q(H, (4,2413 — HA (H+L). (11) 
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It may be noted that this equation applies equally 
well if the act of lowering the charge Q involves the 
neutralisation of an equal and opposite charge — Q 
at the height H,, for the effect of adding the field due to 
this charge to both F, and F, disappears in computing 
the field-change AF. 

Equation (11) shows that the change of ficld should 
be zero at a distance Ly such that 


H (H? + Lg?) = Hy /(H? + Lo?) 


that it is negative for L > Lọ and positive for L «< Ly. 
This reversal distance Ly is found to be 6-7 kilometres, 
if H, and H, are 6 and 3 kilometres respectively. 

South African thunderstorms show this reversal in 
the sign of the majority of the ficld-changes very clearly. 
The following Table? gives the results of observations 
upon some fifty storms, giving 2800 observed field- 
changes which were grouped as “ distant ” when more 
than 15 kilometres from the station and as “ near ’’ when 
within 7 kilometres ; in many cases the same storm was 
observed in both groups. 


TABLE VII 


SUDDEN VIELD-CHANGES DUE TO THUNDERSTORMS 


(SCHONLAND) 
Distant Storms. Near Storms. 
Positive AF. Negative AF. Positive AF. Negative AF 
250 2375 188 9 


The phenomenon of zero values for the field-changes, 
due to discharges at the reversal distance, can only be 
observed in isolated instances. In practice, owing to 
the discharge not taking a vertical but an inclined path, 
and for other reasons, the simple concept of a reversal 
point must be replaced by that of a reversal zone, in 
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which small field-changes of either sign are equally 
probable, and which, in the storms of Table VIII, may 
extend from 7 to 15 kilometres from the point of 
observation. 

When the distance L is great compared with the 
heights H, and H, of the cloud-charges, equation (11) 
takes an important form ; it becomes 
AF =— 2Q(H, — H,)/L° or 2Q(H, — H,) =— AF x L*. 
The quantity on the left is now the ditference between 
the electric moments of the thundercloud charges 
hefore and after the discharge ; it is referred to as the 
electric moment of the discharge. All that is needed to 
determine it is a measurement of the field-change due to 
a distant lightning flash and of the distance L, which 
can be found from the interval between the flash and 
the thunder it causes. 

Measurements of the electric moments of discharges 
have been made both in England and South Africa, 
with similar results. The average value found is about 
2 x 10% e.s.u. x centimetres, or 60 coulomb-kilometres, 
in Europe, and 90 coulomb-kilometres in the more eleva- 
ted tropical storms. Direct observation in the latter case 
gives for the vertical lengths of cloud-flashes, H, — H,, 
values lving between 1:5 and 3 kilometres, so that the 
average quantity of electiicity conveyed by a lightning 
discharge is about 20 coulombs. The usual range of 
variation for individual discharges is not large, from 
2 to 100 coulombs it the length of the discharge is sup- 
posed constant, and probably much less if this quantity 
were actually observed in every case. 


$ 42. MAGNITUDES OF THE ELECTRICAL QUANTITIES 
INVOLVED IN THUNDERSTORMS 


The determination of the average quantity of electricity 
destroyed by a flash of lightning provides the starting- 
point for the evaluation of a number of important 
electrical quantities involved. A single flash, of the 
kind we have discussed, generally completely discharges 

6 
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the whole cloud and momentarily reduces the field from 
it to zero. A fairly active cloud produces one flash 
every twenty seconds ; to feed the flashes such a storm 
would have to generate electricity at an average rate of 
1 coulomb per second, i.e. the mechanism would have to 
provide an average current of 1 ampere. Reference has 
already been made to the rapid rate at which the initial 
regencration of the cloud-charges takes place. It is 
usually such as to be able to restore the whole electri- 
fication in about five seconds if it continued for that 
time. The exponential form of the recovery curves 
suggests that this initial rate may remain constant, 
but that, as the cloud charges grow, effects occur which 
tend to dissipate them and which are proportional to 
the quantity of charge present at any time. On this 
view the rate of regeneration involves a current of 
20/5 coulombs/scc. or + amperes. The electrical energy 
generated by the storm is thus only partially employed 
in. the feeding of lightning flashes; at the moment 
just before a discharge most of the power of the machine 
is being expended in overcoming various leakage effects. 
It may happen in this way that the field in the cloud never 
reaches the sparking value: this appears to be the case 
in many heavy rainstorms. 

Before proceeding further it is necessary to know the 
eritical value of the electric field strength at which the 
spark which we call lightning takes place. In air at 
ordinary pressure this is 30,000 volts per centimetre, 
but in a thundercloud the pressure is lower and the 
presence of small drops of water introduces a new and 
important factor. Macky* has recently investigated the 
behaviour of water-drops in strong electric fields, and 
finds that when exposed to increasing fields a drop of 
radius + cm. becomes clongated, until at a definite 
field strength, given in volts per cm. by F4/r == 3875, it 
becomes unstable and filaments are drawn out from 
the ends. When instability occurs, a discharge passes 
through the drop in exactly the same manner as it would 
through a conductor pointed at both ends, with char- 
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acteristic luminous glows. The fields producing dis- 
charge through the drops are unaltered by reduction of 
the air-pressure over a wide range; for example, the 
field required to cause discharge through a drop 0-227 cm, 
in radius remains at 8400 volts/em. as the pressure drops 
from 76 to 25 cm. of mercury. At still lower pressures 
the discharge is unaffected by the drop and the sparking 
potential falls in the usual way. The removal of water 
by the formation of filaments sets a limit to the size of 
the drops which can exist inside a thundercloud. Macky 
concludes from his experiments that no drops larger 
than 0:15 cm. in radius can be present in the fully 
charged cloud, and that the critical value of the field 
at which breakdown occurs is of the order of 10,000 
volis/em. or 33 e.s.u. 

With this information the potential and the volume 
of the charged portion of the cloud can be estimated. 
Although the results might be expected to depend very 
much upon the manner in which the charge is distributed, 
it appears that whatever assumptions are made on this 
point the values obtained are of the same order of magni- 
tude, Consider a simple spherical distribution of a charge 
gon a sphere of radius R. the electric field at the surface 
of the sphere is given by F = q/R*, and at the moment 
at which a discharge takes place q is 20 coulombs or 
6 x 10” es.u. while F has the value 33 es.u. Hence 
R = 427 metres and the dimensions of the charged 
region are of the order of 1 kilometre. The potential at 
the surface is given by V = g/R = FR = 33 x 4:3 x 10? 
es.u. or 4:3 x 10% volts. If the radial electric force 
within the sphere everywhere reaches the sparking limit, 
the potential at the centre is 2FR or 9 x 10% volts. 
Two such spheres carrying opposite charges would 
therefore be at a difference of potential of the order 
of a thousand million volts. 

A similar result follows if we make the very different 
assumption that the two poles of the cloud are distributed 
in horizontal layers with a vertical thickness L of neutral 
water-drops between them. The order of magnitude of 
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L is known from the lengths of lightning discharges to 
be 2 kilometres, and the critical value of the field, as we 
have seen, is 10,000 volts’em. Thus the difference of 
potential between the poles is 10.000 x 2 x 10° or 
2 x 10° volts. 

When a cloud-charge is conveyed to earth, or neutral- 
ised by another charge of opposite sign, by a lightning 
discharge, the energy dissipated is of the order of 
2 x 1017 ergs or 5 x 10° calories; most of this is con- 
verted into heat along the path of the lightning flash. 
A cloud giving one flash every twenty seconds is dis- 
sipating electrical energy in the form of lightning at 
an average rate of 10% kilowatts, We have seen that 
other effects may account for an expenditure of energy at 
a rate considerably excceding this. 


$ 43. THE DISTRIBUTION AND ORIGIN OF THE 
ELECTRIC CHARGES 


It is generally agreed that the seat of the generation 
of the electricity of a thundercloud lies within the cloud 
itself. Equal quantitics of positive and negative 
electricity are produced and then separated by some 
agency into different regions, where they constitute 
the “ poles” of the electrical machine. During the 
period in which the charges are built up the dissipation 
losses in these two regions may well be quite different 
and the quantities ultimately collected upon the two 
poles are not necessarily the same. The distribution 
of the charges has been the subject of a great deal of 
investigation, both practical and theoretical. At the 
present time two quite diffcrent views as to the dis- 
tribution and the mechanism which gives rise to it, 
suggested by G. C. Simpson and by C. T. R. Wilson, 
are being examined. 

According to Wilson the polarity of a thundercloud 
is what is called positive, the positive pole being higher 
up in the cloud than the negative one. The cloud is to 
be considered as made up of large negatively charged . 
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drops and small positively charged droplets.? When 
a flash of lightning has just removed the free charges at 
the poles, the situation is momentarily that illustrated 
by Fig. 21 (a), in which the cloud as a whole is electricallv 
neutral. Immediately afterwards, however, the faster 
rate of fall under gravity of the large negative drops 
leads to the development of free positive and negative 
charges at the top and bottom of the cloud, separated 
by a neutral region, as represented in Fig. 21 (b). Since 


(b) 
Fig. 21.—Distribution of thundercloud charges (C. T. R. Wilson). 


(a) Just after a lightning flash. 
(b) Just before a lightning flash. 


the free poles attract each other, the rate of separation 
will become slower as the charges grow and will lead to 
a rate of fall of the larger drops which is just sufficient 
to maintain the charges at their existing values, in the 
face of the dissipating action of point discharge currents 
within and outside the cloud. Ultimately the field 
between the poles may become strong enough for a 
discharge to pass. If the charges are equal, this leaves 
the cloud in its initial state and the large drops in the 
neutral region once more separate under the action of 
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gravity. The relative rate of separation may be taken 
from Macky’s results, already discussed, to be the 
terminal velocity of a drop 0-15 cm. in radius, which 
is about 6 metres per second. Relative to such a drop 
the much slower small droplets may be considered as 
stationary. The average rate at which the initial 
regeneration of the moment of the cloud takes place 
is 60/5 coulomb-kilometres per second, using the data 
given in $ 42. From these figures Wilson * finds that 
the average total charge on the positive or negative 
carriers in the neutral part of the cloud is about 500 
coulombs, occupying a volume of some + cubic kilo- 
metres. The charge per cubic centimetre of water on 
the larger negatively charged drops he finds to be less 
than 30 e.s.u., a result which we have seen ($ 36) to be 
in accord with direct measurements of the charge on 
rain from thunderstorms. 

The mechanism suggested by Wilson as the cause of 
the opposite charges on large and small drops depends 
upon the presence in the cloud of numbers of slow ions, 
attached to Aitken nuclei and small water-drops. Since 
their mobility ($ 1) is about -0003 cm./sec., the velocity 
with which these ions will move, even when the field 
attains its maximum value of 10,000 volts per metre, 
is only 3 cm./sec., which is less than that of a drop of 
water a few thousandths of a centimetre in radius falling 
under gravity. In the carliest stages of the develop- 
ment of the charged cloud, these may arise from natural 
sources, but later on they will be supplied in enormous 
numbers by brush-discharge from water-drops drawn 
out by the field into pointed forms. 

Consider a large drop, say 1 mm. in radius, inside 
a cloud in which a strong downwardly directed field 
already exists. Owing to this field, the drop carries a 
negative polarisation charge upon its upper surface and 
a positive charge below (Fig. 22). As it falls downwards, 
it will interact with positive ions moving more slowly 
down and with negative ions moving up; encounters 
with other charged drops will be relatively rare. The 
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polarisation charge on the drop and the fact that its 
velocity, 590 cm./sec., is large compared with that of 
the slowly moving ions, will cause it to behave differ- 
ently in its encounters with the two streams. At its 
under-surface a selective capture of negative ions will 
occur, for the negative ions which it meets will be 
attracted and the positive 
ions repelled by the positive ae eft pty 
polarisation charge there. 
A reverse process, a selec- 
tive capture of positive 
ions, does not, however, 
take place at the upper 
surface, for here the drop 
is receding from the ions 
and the positive ions have 
been repelled away from 
the drop at the earlier \ 
encounter. Innumerable A 
episodes of this kind will , 
lead to the acquisition of 
a considerable resultant A 
negative charge by the st Negative lon 
drop from the ion-streams, ; 
without seriously affecting 
the possibility of further 
captures. for example, a 
drop 1 mm. in radius fall- 
ing in a field of 10,000 
volts/cm. carries at each pig. 22.—Capture of negative 
end a polarisation charge ions by Jarge falling drops. 
of -25 e.s.u. and if it had 
collected a nett charge equivalent to the very reasonable 
value of 12 ¢.s.u. per cubic centimetre of water ($ 36), 
the negative ions captured would only increase the 
upper negative and decrease the lower positive charges 
by 10 per cent. 

The tiny droplets in the cloud, which are falling with 
a velocity of the same order as that of the ion-streams, 
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would be unable to exercise the selective action de- 
scribed; they will therefore acquire a nett positive 
charge, the complement of the negative charge collected 
by the larger drops. 

A complete account of this theory has not yet been 
given: it would involve consideration of the early stages 
in the building up of a charged cloud, the action of the 
normal potential gradient of fine weather in determining 
the direction of the field to be generated, and the initial 
building up with the aid of natural ions. 

A very different view of the origin and distribution 
of thundercloud charges has been developed by Simpson,® 
who considers the generation of the electricity to be a 
consequence of the disruption of rain-drops. Lenard 
showed in 1892 that when pure water splashes against 
a solid obstacle the water becomes positively charged, 
while a complementary negative charge is given to the 
air. Simpson in 1908 extended these expcriments to 
the breaking of drops in an ascending current of air 
and obtained the same result, and quantitative valucs 
for the charge developed in the process. In extending 
this observation to conditions within a thundercloud, 
account has to be taken of the fact that a water-drop 
of radius greater than -25 cm. becomes flattened out 
and unstable when it falls through the air, with the result 
that it breaks up into a number of smaller drops. Since 
the terminal velocity of fall for a drop -25 cm. in radius 
is 8 metres per second, it follows that no drops of water 
can ever fall downwards through an ascending current 
of air whose vertical velocity component cxceeds 
8 metres/sec. All drops of water under such circum- 
stances will be carried upwards. 

The meteorological conditions inside a thunderstorm 
of the heat-type are represented by Simpson as in 
Fig. 23; the continuous lines represent stream-lines of 
the air, and their distance apart is made inverselv 
proportional to the wind-velocity at cach point. The 
air enters the cloud from the right and passes upwards 
into the front of the cloud. The vertical component 
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of the velocity of the wind is taken to reach a value 
exceeding 8 metres per second within the oval unshaded 
region. No water, as we have seen, can pass vertically 
downwards through this region. The paths of the 
larger drops, as they fall through the cloud, are repre- 
sented by the dotted lines. On the right-hand half of 
the figure these drops are deflected to the left by the 
air-stream. Above the oval region, therefore, there 
will be a considerable accumulation of water, and it is 
here that the larger drops will form and break up on 
account of instability, giving rise to electric charge. 
The largest drops, :25 cm. in radius,* will be falling fast 


= 


nn oo 
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Frc. 23.—Thundercloud electrification (Simpson). 


enough to penetrate to just above the forbidden oval, 
where they will be broken into picces by the upward- 
moving air. The fragments, now positively charged, 
re-form drops and fall back again, and the negative charge 
given to the rising air will be absorbed by small droplets 
and carried to the main body of the cloud. The region 
in which the process of generation of electricity occurs 
is indicated by the heavily shaded area above the oval. 
Simpson shows that a reasonable estimate for the 
average mass of water in the shaded region is 3 x 105 
grams, the dimensions of the region being of the order 


* The theory in this form was put forward before Macky’s 
results (§ £2) were published. 
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of a kilometre. If at any one time half this water is in 
the form of drops large enough to be broken up, the total 
number of drops available for breaking is 22 x 10%, 
Since the laboratory experiments showed that a drop 
of radius -25 cm , when broken, gives rise to 5-107? c.s.u. 
of charge, the quantity developed if every available drop 
broke once would be 3-6 coulombs. The drops would 
have to break six times to produce the 20 coulombs on 
the poles of the cloud. 

To decide between these two views on the charge 
distribution, various experimental tests have been 
applied to thunderclouds, the description of which is 
beyond the scope of this book. For the discussions on 
this question, the reader may be referred to the refer- 
ences at the end of the chapter” 3, & 7,39, It is not 
impossible that both the Simpson and the Wilson 
mechanism may be at work in a thundercloud at one 
and the same time. 


§ 44. LIGHTNING 


Studies of the lightning discharge are of considerable 
interest in relation to the problems just discussed ; 
they also furnish valuable matcrial for the study of the 
spark discharge in air at ordinary pressures, over the 
mechanism of which general agreement has not yet been 
reached. 

When photographs of the lightning channel taken on 
a moving camera are cxamined, they show that many 
apparently continuous discharges are made up of a 
number of separate strokes, separated by short periods 
in which faintly luminous channels sometimes continue. 
These discontinuities are often apparent to the eye as 
flicker of the flash of lightning. Though the whole 
flash often occupies more than a second, the component 
strokes are generally over in a few thousandths of a 
second. After each such stroke, the ionisation in places 
along its track persists sufficiently long to provide the 
succeeding stroke with a ready-made conducting path. 
Fig. 24 (after Walter) illustrates how the apparent 
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branching of a flash observed by the eye (24 (a)) is often 
the result of the superposition of a number of separate 
strokes, whose tracks coincide in part. Fig. 24 (b) is 
from a photograph of the same flash as (a), taken on a 
rotating camera. 

These discontinuous strokes must arise from dis- 
continuities in the rate at which the thundercloud can 
supply electric charge to the end of the channel. Since 
the cloud itself, though charged, is only a conductor 
by virtue of the ions produced by point-discharge from 
drawn-out water-drops, the conditions within the 


a) Stationary Camera 


Fra. 24.—Component lightning strokes (Walter). 


cloud, during the passage of a discharge, must be very 
complex.!! 

The field-change apparatus of Wilson, in the form 
described, does not usually yield information as to the 
quantities of electricity conveyed by these component 
strokes, the recording arrangement being too slow to 
record them separately. The results given in $ 41 refer 
to the total integrated ficld-change and so to the total 
charge transferred by the flash. 


§ 45. OSCILLATIONS IN THE LIGHTNING STROKE 


Much attention has been paid to the question as to 
whether a lightning discharge is oscillatory or aperiodic, 
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and several writers have examined the applicability of 
the well-known theoretical condition for aperiodicity, 
R? > 4L/C, where R is the total resistance of the circuit, 
C the capacity and L the inductance. The thunder- 
cloud itself is considered by some as a condenser plate 
whose capacity to earth can be estimated from its 
dimensions, by others as a non-conductor. Simpson,!! 
who takes the latter view, has pointed out that the con- 
ducting channel of the flash, with its ramifications and 
tributaries within the cloud, is a conducting system 
possessing distributed capacity and self-inductanee. He 
has shown that a straight lightning channel 2 km. high 
and 5 cm. in diameter will be capable of oscillation if its 
total resistance is less than 2000 ohms, or 1 ohm/metre. 
A potential difference of 10% volts applied to a channel 
of this resistance would give rise to a current of 500,000 
amperes; there is evidence that momentary currents 
as large as this do actually flow. 

On this view the oscillations may be expected to take 
the form of ripples superimposed upon the main current, 
without reversing its direction of flow. Such ripples 
have been observed by several workers (Appleton, 
Watt and Herd’; Norinder™; Mathias °°) who have 
used the cathode-ray oscillograph to record the field- 
changes due to distant lightning flashes. The main 
effect is a unidirectional pulse which rises to a maximum 
and then falls to zero. On this are superimposed ripples 
which have a frequency corresponding to a wave-length 
in air of about 30 km. Tf the lightning channel be re- 
garded as a gigantic wireless aerial 3 km. high, connected 
to earth at its base, its natural wave-length would be 
12 km. Since the actual channel has extensive branches 
within the cloud, the agreement with the observed wave- 
length as regards order of magnitude can be considered 
satisfactory. 


§ 46. Tur ELECTRICAL EFFECTS OF DIRECT STROKES 


We have seen ($ 42) that the potential of a thunder- 
cloud pole is about 10% volts. An elevated and insulated 
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conducting system when struck by lightning may be 
expected to attain a considerable traction of this 
potential. Experiments of this nature have been made 
by Brasch and Lange,” who used a wire stretched 
across an Alpine valley and insulated at each end. 
They have reported potentials of about 10,000,000 volts, 
giving sparks to carth 18 metres long. Pittman and 
Torok,’ using a cathode-ray oscillograph connected 
to an overhead power line, have recorded a potential 
of 5,000,000 volts caused by a travelling wave from a 
lightning stroke which hit the line four miles away. 

The time occupied by a lightning stroke is an important 
quantity in connection with the current in the discharge. 
Measurements by Norinder,* Mathias*% and Watson- 
Watt ? agree in giving values of the order of 001 second 
for the duration of single strokes. Since we know 
from the work of Wilson that the average quantity of 
electricity carricd by the stroke is about 20 coulombs, 
the average value of the current must be of the order of 
20,000 amps. One would, however, expect that for 
very short periods of time the discharge current is much 
greater than this average. Lightning strokes to the 
supporting towers of power transmission lines have been 
found to carry currents as high as 250,000 amps. 

The question of the diameter of the discharge channel 
has been the subject of laboratory experiments by 
Petersen, who has found that powerful spark discharges 
carrying currents of the order of 60,000 amps. have a 
constant current-density of 10 amps. per square milli- 
metre. If this result may be extrapolated to currents 
of 200,000 amps. it would yield 16 cm. for the diameter 
of the channel of a powerful lightning flash. The 
fulgurites formed by the fusion of sand struck by 
lightning have a diameter of some 5 cm., and Petersen 
reports that in his heavy current discharges the dia- 
meter of the channel at the electrodes contracted to 
one-third of its value elsewhere. 

A simple and valuable instrument for the study of 
direct lightning strokes has been developed in America 
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under the name of the Klydonograph. This is an 
adaptation of the well-known Lichtenberg figure ex- 
periment and operates as a recording voltmeter for 
high potential differences. The positive electrode 
(Fig. 25) takes the form of a rod A, touching the emulsion 
of a photographic plate or film. Below this is a thin 
layer of varnished paper insulation resting upon a flat 
metal plate con- 
nected to earth. 
When A is raised 
to a high positive 
potential a dis- 
charge passes along 
the photographic 
emulsion, which on 
development shows 
as a circular patch 
or figure. It has 
been found that 
the relation þe- 
tween the diameter 
of this figure and 
the applied voltage 
is a linear one up to 
potentials of 25,000 
volts. Above this 
the instrument 
must be used with 


a potential divider, 

Fie. 25. — Klydonograph arrangement tapped ofi for 
for recording potentials ın hghtning h 1 : 

Bole: example, from a 


string of insulators 
connected between the elevated conductor and the earth. 
To measure negative potentials the connections must be 
reversed, the rod A earthed and the plate connected tő 
the high potential side. For lightning recording, two 
oppositely connected klydonographs have been joined to 
the transmission lines under examination. 
Lewis and Foust 1% have recently published the results 
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of some years’ investigations with 1500 klydonographs 
connected to the supporting towers of transmission 
lines. One hundred direct strokes were recorded and 
all these conveyed negative charge from cloud to ground. 
This result is of interest in connection with the problems 
of the maintenance of the earth’s charge (§ 38), and of 
the distribution of clectricity in the thundercloud. 


$ 47. Tot MECHANISM OF THE DISCHARGE 


Two discussions of the actual mechanism of the light- 
ning discharge have been given. Dorsey!’ considers 
that the principal factor is the movement of a stream of 
fast electrons from the negative pole, the ions necessary 
for the subsequent passage of the main discharge arising 
from the Townsend collision process. According to 
Simpson,!8 however, the discharge proceeds away from 
the positive pole; the slower-moving positive ions, on 
this view, constitute the tip or spear-head of the dis- 
charge as it develops, and the negative ions produced 
at the tip flow into the positive pole along the channel. 

Light may be thrown on this important question, 
which is directly connected with the vexed problem of 
the mechanism of the electric spark between metal 
electrodes, by photographs taken with a camera moving 
sufficiently rapidly to show the manner in which the first 
stroke in a lightning flash proceeds. C. V. Boys 1% has 
developed a camera of this type and has published one 
such photograph. It shows a Hash beginning at a point 
some 500 metres above the earth and developing its 
track simultaneously above and below. 
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(57) ABSTRACT 


G. Walsh; 


This invention is a back EMF permanent electromagnetic 
motor generator and method using a regauging process for 
capturing available electromagnetic energy in the system. 
The device is comprised of a rotor with magnets of the same 
polarity; a timing wheel in apposition to a magnetic Hall 
Effect pickup switch semiconductor; and a stator comprised 
of two bars connected by a permanent magnet with magne- 
tized pole pieces at one end of each bar. There are input and 
output coils created by wrapping each bar with a conducting 
material such as copper wire. Energy from the output coils 
is transferred to a recovery rectifier or diode. The magnets of 
the rotor, which is located on a shaft along with the timing 
wheel, are in apposition to the magnetized pole pieces of the 
two bars. The invention works through a process of 
regauging, that is, the flux fields created by the coils is 
collapsed because of a reversal of the magnetic field in the 
magnetized pole pieces thus allowing the capture of avail- 
able back EMP energy. Additional available energy may be 
captured and used to re-energize the battery, and/or sent in 
another direction to be used as work. As an alternative, the 
available back EMF energy may be dissipated into the 
system. 


10 Claims, 3 Drawing Sheets 
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Introduction 


This book of electronic projects represents some of the very best 
projects to appear in73 Magazine. Here is one volume you will find 
projects for electronics experimenters, amateur radio operators, 
and just anyone who has an interest in the exciting world of 
electronics. These projects cover the whole gamut of electronics. 
From power supplies to test equipment and from receivers to 
transmitters you'll find it all in these pages. You can build your own 
antenna or your own amplifier, and there are even some simple 
‘one-evening projects to help you get started the easy way! We've 
tried our best to give you a real smorgasbord of tried and tested 
electronics projects that everyone from the beginner to the old pro 
will find interesting and useful. So dig out your junk boxes, heat up 
your soldering iron, and enjoy! 
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DEVICE AND METHOD OF A BACK EMF 
PERMANENT ELECTROMAGNETIC 
MOTOR GENERATOR 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 


The invention relates generally to the capturing of elec- 
tromagnetic energy using a method and device to create back 
EMF (electromagnetic force) and re-phasing of the back 
EMF to recycle and capture the available back EMF energy. 
Back EMF is also referred to as regauging and may be 
defined as energy created by the magnetic field from coils, 
and only by coils, and not by magnets. 

2. Background Information and Related Art 

Operation of a normal magnetic motor has the rotor pole 
attracting the stator pole, resulting in the generation of 
power from the magnets to the rotor and flywheel. During 
this phase, energy flows from the magnetics to the rotor/ 
flywheel and is stored in the increased rotation. A rotor pole 
leaving a stator pole and creating a condition of drag-back 
results in power having to be put back into the magnetic 
section by the rotor and flywheel to forcibly overcome the 
drag-back. In a perfect, friction-free motor, the net force 
field is therefore referred to as most conservative. In other 
words, a most conservative EMF motor has maximum 
efficiency. Without extra energy continually fed to the motor, 
no net work can be done by the magnetic field, since half the 
time the magnetic field adds energy to the load (the rotor and 
flywheel) and the other half of the time it subtracts energy 
back from the load (the rotor and flywheel). Therefore the 
total net energy output is zero in any such rotary process 
without additional energy input. To use a present day mag- 
netic motor, continuous energy must be input into the motor 
to overcome drag-back and to power the motor and its load. 

Present EMF motors and generators all use such conser- 
vative fields and therefore, have internal losses. Hence, it is 
necessary to continually input all of the energy that the 
motor outputs to the load, plus more energy to cover losses 
inside the motor itself. EMF motors are rated for efficiency 
and performance by how much energy input into the motor 
actually results in output energy to the load. Normally, the 
Coefficient of Performance (COP) rating is used as a mea- 
sure of efficiency. The COP is the actual output energy going 
into the load and powering it, divided by the energy that 
must be input into the device with its load. COP is the power 
out into the load, divided by the power input into the 
motor/load combination. If there were zero internal losses in 
a motor, that “perfect” motor would have a coefficient of 
performance (COP) equal to 1.0. That is, all energy input 
into the motor would be output by the motor directly into the 
load, and none of the input energy would be lost or dissi- 
pated in the motor itself. 

In magnetic motor generators presently in use, however, 
due to friction and design flaws, there are always internal 
losses and inefficiencies. Some of the energy input into the 
motor is dissipated in these internal losses. As a 
consequence, the energy that gets to the load is always less 
than the input energy. So a standard motor operates with a 
COP of less than 1.0 which is expressed as COP<1.0. An 
inefficient motor may have a COP=0.4 or 0.45, while a 
specially designed, highly efficient motor may have a COP= 
0.85. 

The conservative field inside of a motor itself can be 
divided into two phases. Producing a conservative field 
involves net symmetry between the “power out” phase from 
the magnetics to the rotor/flywheel and the “power back in” 
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phase from the rotor/flywheel back to the magnetics. That is, 
the two flows of energy (one from the magnetics into the 
rotor and flywheel, and one from the rotor and flywheel back 
to the magnetics) are identical in magnitude but opposite in 
direction. Each phase alone is said to be “asymmetrical”; 
that is, it either has: 1) a net energy flow out to the 
rotor/flywheel; or 2) a net energy flow back into the mag- 
netics from the rotor/flywheel. In simplified terms, it is 
referred to as “power out” and “power back in” phases with 
respect to the motor magnetics. Hence, the two asymmetri- 
cal phases are: 1) the power-out phase; and 2) the “power 
back in” phase, with reference to the magnetics. 


For the power-out phase, energy is derived from the EMF 
existing between the stator pole and incoming rotor pole in 
an attraction mode. In this phase, the rotary motion (angular 
momentum and kinetic energy) of the rotor and flywheel is 
increased. In short, power is added to the rotor/flywheel (and 
thus to the load) from the fields between stator pole and rotor 
pole (the electromagnetic aspects of the system). 


For the “power back in” phase, energy must be fed back 
into the magnetics from the rotor and flywheel (and the load) 
to overcome the drag-back forces existing between stator 
pole and outgoing rotor pole. In this phase, energy is 
returned back to the internal magnetic system from the 
rotary motion of the rotor and flywheel (the angular 
momentum, which is the rotational energyxtime). As is well 
known in physics, a rotor/flywheel’s angular momentum 
provides a convenient way to store energy with the spinning 
rotor/flywheel mass acting as an energy reservolr. 

All present day conventional magnetic motors use various 
methods for overcoming and partially reversing back EMF. 
Back EMF is the return pulse from the coil out of phase and 
is also referred to as regauging. The back EMF is shorted out 
and the rotor is attracted back in, therefore eliminating back 
drag. This can be accomplished by pouring in more energy, 
which overpowers the back EMF, thereby producing a 
forward EMP in that region. The energy required for this 
method must be furnished by the operator. 

The motor of the present invention uses only a small 
amount of energy to “trigger” a much larger input of 
available energy by supplying back EMF, thus increasing the 
potential energy of the system. It then utilizes this excess 
potential energy to reduce or reverse back EMF, thereby 
increasing the efficiency of the motor and, therefore, the 
COP. 

If the energy in phase 1 (the power-out phase) is increased 
by additional available energy in the electromagnetics 
themselves, then the energy in phase 1 can be made greater 
than the energy in phase 2 (the power-back-in phase) with- 
out the operator furnishing the energy utilized. This pro- 
duces a non-conservative net field. Net power can then be 
taken from the rotating stator and flywheel, because the 
available energy added into the stator and flywheel by the 
additional effects, is transformed by the rotor/flywheel into 
excess angular momentum and stored as such. Angular 
momentum is conserved at all times; but now some of the 
angular momentum added to the flywheel is evoked by 
additional effects in the electromagnetics rather than being 
furnished by the operator. 

Electrodynamicists assume that the potential available 
energy of any system can be changed at will and without 
cost. This is back EMF and is well-known in physics. It is 
also routinely employed by electrodynamicists in the theo- 
retical aspects. But to simplify the mathematics, electrody- 
namicists will create a back EMF twice simultaneously, each 
back EMF carefully selected just so that the two available 
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forces that are produced are equal and opposite and cancel 
each other “symmetrically”. This is referred to as “sym- 
metrical back EMF”. A symmetrical back EMF system 
cannot produce a COP>1.0. 


On the other hand, the motor of the present invention 
deliberately creates a back EMF itself and its potential 
energy only once at a time, thereby retaining each extra force 
for a period of time and applying it to increase the angular 
momentum and kinetic energy of the rotor and flywheel. 
Specifically, this back EMF energy with its net force is 
deliberately applied in the motor of the present invention to 
overcome and even reverse the conventional drag-back (the 
back EMF). Hence less energy must be taken from the rotor 
and flywheel to overcome the reduced back EMF, and in the 
ideal case none is required since the back EMF has been 
overpowered and converted to forward EMF by the back 
EMF energy and force. In the motor of the present invention, 
the conventional back-drag section of the magnetics 
becomes a forward-EMF section and now adds energy to the 
rotor/flywheel instead of subtracting it. The important fea- 
ture is that the operator only pays for the small amount of 
energy necessary to trigger the back EMF, and does not have 
to furnish the much larger back EMF energy itself. 


When the desired energy in phase 1 (the power out phase) 
is thus made greater than the undesired “drag-back” energy 
in phase 2, then part of the output power normally dragged 
back from the rotor and flywheel by the fields in phase 2 is 
not required. Hence, additional power compared to the 
system (without the special back EMF mechanisms) is 
available from the rotor/flywheel. The rotor maintains addi- 
tional angular momentum and kinetic energy, compared to a 
system which does not produce back EMF itself. 
Consequently, the excess angular momentum retained by the 
rotor and flywheel can be utilized as additional shaft power 
to power an external load connected to the shaft. 


A standard magnetic motor operates as the result of the 
motor being furnished with external energy input into the 
system by the operator to reduce phase 2 (power back into 
the magnetics from the rotor/flywheel) by any of several 
methods and mechanisms. The primary purpose of this 
external energy input into the system is to overcome the 
back EMF and also provide for the inevitable energy losses 
in the system. There is no input of energy separate from the 
operator input. Therefore, the COP of any standard magnetic 
motor is COP less than 1.0. The efficiency of a standard 
magnetic motor varies from less than 50% to a maximum of 
about 85%, and so has a COP<1.0. When nothing is done in 
the motor that will produce a reduction of the back EMF 
without the operator inputing all the energy for it, then for 
even a frictionless, ideal permanent magnet motor, the COP 
can never exceed 1.0. 


Until the introduction of the motor of the present 
invention, it has been standard universal practice that the 
operator must furnish all energy used to reduce the back 
EME, provide for the internal losses, and power the load. It 
is therefore a common belief by the scientific community 
that an ideal (loss-less) permanent magnet motor cannot 
exceed COP=1.0. And that is true, so long as the operator 
himself must furnish all the energy. Further, since real 
permanent magnetic motors have real internal losses, some 
of the input energy is always lost in the motor itself, and that 
lost energy is not available for powering the rotor/flywheel 
and load. Hence a real permanent magnetic motor of the 
conventional kind will always have a COP<1.0. 


The common assumption that the COP of a motor is 
limited to less than 1.0 is not necessarily true, and that 
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COP>1.0 is permitted without violating the laws of nature, 
laws of physics, or laws of thermodynamics. However, it can 
immediately be seen that any permanent magnet motor 
exhibiting a COP>1.0 must have some available energy 
input returning in the form of back EMF. 

A problem relates to how back EMF energy can be 
obtained from a circuit’s external environment for the spe- 
cific task of reducing the back-drag EMF without the 
operator having to supply any input of that excess energy. In 
short, the ultimate challenge is to find a way to cause the 
system to: 1) become an open dissipative system, that is, a 
system receiving available excess energy from its 
environment, in other words, from an external source; and 2) 
use that available excess energy to reduce the drag-back 
EMF between stator and rotor poles as the rotor pole is 
leaving the stator pole. If this objective can be 
accomplished, the system will be removed from thermody- 
namic equilibrium. Instead, it will be converted to a system 
out-of-thermodynamic equilibrium. Such a system is not 
required to obey classical equilibrium thermodynamics. 

Instead, an out-of-equilibrium thermodynamic system 
must obey the thermodynamics of open systems far from the 
established and well-known parameters of thermodynamic 
equilibrium. As is well known in the physics of 
thermodynamics, such open systems can permissibly: 1) 
self-order; 2) self-oscillate; 3) output more back EMF 
energy than energy input by the operator (the available 
excess back EMF energy is received from an external source 
and some energy is input by the operator as well); 4) power 
itself as well as its loads and losses simultaneously (in that 
case, all the energy is received from the available external 
source and there is no input energy from the operator); and 
5) exhibit negentropy, that is, produce an increase of energy 
that is available in the system, and that is independent of the 
energy put into the system by the operator. As a definition, 
entropy roughly corresponds to the energy of a system that 
has become unavailable for use. Negentropy corresponds to 
additional energy of a system that has become available for 
use. 

In the back EMF permanent magnet electromagnetic 
motor generator of the present invention, several known 
processes and methods are utilized which allow the inven- 
tion to operate periodically as an open dissipative system 
(receiving available excess energy from back EMF) far from 
thermodynamic equilibrium, whereby it produces and 
receives its excess energy from a known external source. 

A method is utilized to temporarily produce a much larger 
source of available external energy around an energized coil. 
Then the unique design features of this new motor provides 
a method and mechanism that can immediately produce a 
second increase in that energy, concurrently as the energy 
flow is reversed. Therefore, the motor is capable of produc- 
ing two asymmetrical back EMFs, one after the other, of the 
energy within a single coil, which dramatically increases the 
energy available and causes that available excess energy to 
then enter the circuit impulsively, being collected and uti- 
lized. 

The present motor utilizes this available excess back EMF 
energy to overcome and even reverse the back-drag EMF 
between stator pole and rotor pole, while furnishing only a 
small trigger pulse of energy necessary to control and 
activate the direction of the back EMF energy flow. 

By using a number of such dual asymmetrical self back 
EMEs for every revolution of the rotor, the rotor and 
flywheel collectively focus all the excess impulsive inputs 
into increased angular momentum (expressed as energyx 
time), shaft torque, and shaft power. 
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Further, some of the excess energy deliberately generated 
in the coil by the utilization of the dual process manifests in 
the form of excess electrical energy in the circuit and is 
utilized to power electrical loads, e.g., a lamp, fan, motor, or 
other electrical devices. The remainder of the excess energy 
generated in the coil can be used to power the rotor and 
flywheel, with the rotor/flywheel also furnishing shaft horse- 
power for powering mechanical loads. 


This new and unique motor utilizes a means to furnish the 
relatively small amount of energy to initiate the impulsive 
asymmetrical self back EMF actions. Then part of the 
available excess electrical power drawn off from the back 
EMEs is utilized to recharge the battery with dramatically 
increased over voltage pulses. 


The unique design features of this motor utilize both north 
and south magnetic poles of each rotor and stator magnet. 
Therefore, the number of impulsive self back EMFs in a 
single rotation of the rotor is doubled. Advanced designs 
increase the number of self back EMFs in a single rotor 
rotation with the result that there is an increase in the number 
of impulses per rotation which increase the power output of 
this new motor. 


The sharp voltage pulse produced in the coil of this new 
motor by the rapidly collapsing field in the back EMF coil 
is connected to a battery in charge mode and to an external 
electrical load. The net result is that the coil asymmetrically 
creates back EMF itself in a manner adding available energy 
and impulse to the circuit. The excess available energy 
collected in the coil is used to reverse the back-EMF phase 
of the stator-rotor fields to a forward EMF condition, impul- 
sively adding acceleration and angular momentum to the 
rotor and flywheel. At the same time, a part of the excess 
energy collected in the coil is used to power electrical loads 
such as charging a battery and operating a lamp or such other 
device. 


It is well known in the art that changing the voltage alone 
creates a back EMF and requires no work. This is because 
to change the potential energy does not require changing the 
form of that potential energy, but only its magnitude. Work 
is rigorously the changing of the form of energy. Therefore, 
as long as the form of the potential energy is not changed, 
the magnitude can be changed without having to perform 
work in the process. The motor of the present invention takes 
advantage of this permissible operation to create back EMF 
asymmetrically, and thereby change its own usable available 
potential energy. 


In an electric power system, the potential (voltage) is 
changed by inputing energy to do work on the internal 
charges of the generator or battery. This potential energy is 
expended within the generator (or battery) to force the 
internal charges apart, forming a source dipole. Then the 
external closed circuit system connected to that source 
dipole ineptly pumps the spent electrons in the ground line 
back through the back EMP of the source dipole, thereby 
scattering the charges and killing the dipole. This shuts off 
the energy flow from the source dipole to the external circuit. 
As a consequence of that conventional method, it is a 
requirement to input and replace additional energy to again 
restore the dipole. The circuits currently utilized in most 
electrical generators have been designed to keep on destroy- 
ing the energy flow by continually scattering all of the dipole 
charges and terminating the dipole. Therefore, it is necessary 
to keep on inputing energy to the generator to keep restoring 
its source dipole. 


An investigation of particle physics is required to see 
what furnishes the energy to the external circuit. Since 
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neither a battery nor a generator furnishes energy to the 
external circuit, but only furnishes energy to form the source 
dipole, a better understanding of the electric power principle 
is required to fully understand how this new motor func- 
tions. A typical battery uses its stored chemical energy to 
form the source dipole. A generator utilizes its input shaft 
energy to rotate, forming an internal magnetic field in which 
the positive charges are forced to move in one direction and 
the negative charges in the reverse direction, thereby form- 
ing the source dipole. In other words, the energy input into 
the generator does nothing except form the source dipole. 
None of the input energy goes to the external circuit. If 
increased current is drawn into the external load, there also 
is increased spent electron flow being rammed back through 
the source dipole, destroying it faster. Therefore, dipole- 
restoring-energy has to be inputed faster. The chemical 
energy of the battery also is expended only to separate its 
internal charges and form its source dipole. Again, if 
increased current and power is drawn into the external load, 
there is increased spent electron flow being rammed back 
through the source dipole, destroying it faster. This results in 
a depletion of the battery’s stored energy faster, by forcing 
it to have to keep restoring the dipole faster. 

Once the generator or battery source dipole is formed (the 
dipole is attached also to the external circuit), it is well 
known in particle physics that the dipole (as is any charge) 
is a broken symmetry in the vacuum energy flux. By 
definition, this means that the source dipole extracts and 
orders part of that energy received from its vacuum 
interaction, and pours that energy out as the energy flowing 
through all space surrounding the external conductors in the 
attached circuit. Most of this enormous energy flow surging 
through space surrounding the external circuit does not 
strike the circuit at all, and does not get intercepted or 
utilized. Neither is it diverged into the circuit to power the 
electrons, but passes on out into space and is just “wasted”. 
Only a small “sheath” of the energy flow along the surface 
of the conductors strikes the surface charges in those con- 
ductors and is thereby diverged into the circuit to power the 
electrons. Standard texts show the huge available but wasted 
energy flow component, but only calculate the small portion 
of the energy flow that strikes the circuit, is caught by it, and 
is utilized to power it. 

In a typical circuit, the huge available but “wasted” 
component of the energy flow is about 10” times as large as 
is the small component intercepted by the surface charges 
and diverged into the circuit to power it. Hence, around 
every circuit and circuit element such as a coil, there exists 
a huge non-intercepted, non-diverged energy flow that is far 
greater than the small energy flow being diverted and used 
by the circuit or element. 

Thus there exists an enormous untapped energy flow 
immediately surrounding every EMF power circuit, from 
which available excess energy can be intercepted and col- 
lected by the circuit, if respective non-linear actions are 
initiated that sharply affect and increase the reaction cross 
section of the circuit (i.e., its ability to intercept this avail- 
able but usually wasted energy flow). 

The method in which the motor of the present invention 
alters the reaction cross section of the coils in the circuit, is 
by a novel use, which momentarily changes the reaction 
cross section of the coil in which it is invoked. Thus, by this 
new motor using only a small amount of current in the form 
of a triggering pulse, it is able to evoke and control the 
immediate change of the coil’s reaction cross section to this 
normally wasted energy flow component. As a result, the 
motor captures and directs some of this usually wasted 
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environmental energy, collecting the available excess energy 
in the coil and then releasing it for use in the motor. By 
timing and switching, the innovative gate design in this new 
motor directs the available excess energy so that it over- 
comes and reverses the return EMF of the rotor-stator pole 
combination during what would normally be the back EMF 
and demonstrates the creation of the second back EMF of the 
system. Now instead of an “equal retardation” force being 
produced in the back EMF region, a forward EMF is 
produced that is additive to the rotor/flywheel energy and not 
subtractive. In short, it further accelerates the rotor/flywheel. 

This results in a non-conservative magnetic field along the 
rotor’s path. The line integral of the field around that path 
(i.e., the net work on the rotor/flywheel to increase its energy 
and angular momentum) is not zero but a significant amount. 
Hence, the creation of an asymmetrical back EMF impulse 
magnetic motor: 1) takes its available excess energy from a 
known external source, the huge usually non-intercepted 
portion of the energy flow around the coil; 2) further 
increases the source dipolarity by this back EMF energy; and 
3) produces available excess energy flow directly from the 
source dipole’s increased broken symmetry in its fierce 
energy exchange with the local vacuum. 

No laws of physics or thermodynamics are violated in the 
method and device of the present invention, and conserva- 
tion of energy rigorously applies at all times. Nonetheless, 
by operating as an open dissipative system not in thermo- 
dynamic equilibrium with the active vacuum, the system can 
permissibly receive available excess energy from a known 
environmental source and output more energy to a load than 
must be input by the operator alone. As an open system not 
in thermodynamic equilibrium, this new and unique motor 
can tap in on back EMF to energize itself, loads and losses 
simultaneously, fully complying with known laws of physics 
and thermodynamics. 

A search of prior art failed to reveal any devices that 
recycle available energy from back EMF of a permanent 
electromagnetic motor generator as described in the present 
invention. However, the following prior art patents were 
reviewed: 

1. U.S. Pat. No. 5,532,532 to De Vault, et al., Hermetically 

Sealed Super-conducting Magnet Motor. 

2. U.S. Pat. No. 5,508,575 to Elrod, Jr., Direct Drive 
Servovalve Having Magnetically Loaded Bearing. 

3. U.S. Pat. No. 5,451,825 to Strohm, Voltage Homopolar 
Machine. 

4. U.S. Pat. No. 5,371,426 to Nagate et al., Rotor For 
Brushless Motor. 

5. U.S. Pat. No. 5,369,325 to Nagate et al., Rotor For 
Brushless Electromotor And Method For Making 
Same. 

6. U.S. Pat. No. 5,356,534 to Zimmermann, deceased et 
al., Magnetic-Field Amplifier. 

7. U.S. Pat. No. 5,350,958 to Ohnishi, Super-conducting 
Rotating Machine, A Super-conducting Coil, And A 
Super-conducting Generator For Use In A Lighting 
Equipment Using Solar Energy. 

8. U.S. Pat. No. 5,334,894 to Nakagawa, Rotary Pulse 
Motor. 

9. U.S. Pat. No. 5,177,054 to Lloyd, et al., Flux Trapped 
Superconductor Motor and Method. 

10. U.S. Pat. No. 5,130,595 to Arora, Multiple Magnetic 
Paths Pulse Machine. 

11. U.S. Pat. No. 4,980,595 to Arora, Multiple Magnetics 
Paths Machine. 
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12. U.S. Pat. No. 4,972,112 to Kim, Brushless D.C. 
Motor. 

13. U.S. Pat. No. 4,916,346 to Kliman, Composite Rotor 
Lamination For Use In Reluctance Homopolar, And 
Permanent Magnet Machines. 

14. U.S. Pat. No. 4,761,590 to Kaszman, Electric Motor. 

15. U.S. Pat. No. 4,536,230 to Landa, et al., Anisotropic 
Permanent Magnets. 

16. U.S. Pat. No. Re. 31,950 to Binns, Alternating Current 
Generators And Motors. 

17. U.S. Pat. No. 4,488,075 to DeCesare, Alternator With 
Rotor Axial Flux Excitation. 

18. U.S. Pat. No. 4,433,260 to Weisbord et al., Hysteresis 
Synchronous Motor Utilizing Polarized Rotor. 

19. U.S. Pat. No. 4,429,263 to Muller, Low Magnetic 
Leakage Flux Brushless Pulse Controlled D-C Motor. 

20. U.S. Pat. No. 4,423,343 to Field, II, Synchronous 
Motor System. 

21. U.S. Pat. No. 4,417,167 to Ishii et al., DC Brushless 
Motor. 

22. U.S. Pat. No. 4,265,754 to Menold, Water Treating 
Apparatus and Methods. 

23. U.S. Pat. No. 4,265,746 to Zimmermann, Sr. et al. 
Water Treating Apparatus and Methods. 

24. U.S. Pat. No. 4,222,021 to Bunker, Jr., Magnetic 
Apparatus Appearing To Possess a Single Pole. 

25. U.S. Pat. No. 2,974,981 to Vervest et al., Arrester For 
Iron Particles. 


26. U.S. Pat. No. 2,613,246 to Spodig, Magnetic System. 


27. U.S. Pat. No. 2,560,260 to Sturtevant et al., Tempera- 
ture Compensated Magnetic Suspension. 


SUMMARY OF THE INVENTION 


The device and method of the present invention is a new 
permanent electromagnetic motor generator that recycles 
back EMF energy (regauging) thus allowing the motor to 
produce an energy level of COP=0.98, more or less, depend- 
ing upon configuration, circuitry, switching elements and the 
number and size of stators, rotors and coils that comprise the 
motor. The rotor is fixed between two pole pieces of the 
stator. The motor generator is initially energized from a 
small starter battery means, analogous to a spark plug, that 
sends a small amount of energy to the motor, thus stimu- 
lating a rotating motion from the rotor. As the rotor rotates, 
energy is captured from the surrounding electromagnetic 
field containing an asymmetrical pulse wave of back EMF. 
The energy produced and captured can be directed in one of 
several directions, including returning energy to the initial 
starter battery, rotating a shaft for work and/or sending a 
current to energize a fan, light bulb or other such device. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a top perspective view of a back EMF permanent 
electromagnetic motor generator with a single stator and a 
single rotor. 

FIG. la is a side perspective view of a timing wheel and 
magnetic Hall Effect uptake switch of the back EMF motor 
generator. 

FIG. 1b is a side perspective view of the rotor of the back 
EMF motor generator. 

FIG. 2 is a schematic drawing incorporating circuitry for 
the back EMF motor generator. 

FIG. 3 is a box diagram showing the relationships of the 
back EMF motor generator circuitry. 
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DETAILED DESCRIPTION OF THE 
INVENTION 


The present invention is a device and method for creating 
a back EMF permanent electromagnetic motor generator. As 
described in the Background Information, this new motor 
generator conforms to all applicable electrodynamic laws of 
physics and is in harmony with the law of the conservation 
of energy, the laws of electromagnetism and other related 
natural laws. 


The back EMF permanent electromagnetic motor genera- 
tor is comprised of combination of electrical, material and 
magnetic elements to capture available electromagnetic 
energy (back EMF) in a recovery rectifier or single diode 
from output coils. The capturing of back EMF energy is also 
known as regauging in the art. As an arbitrary starting point 
in describing this invention, an input battery, as a means of 
energy, sends power through a power on-off switch and then 
to a means for timing such as a magnetic timing switch (Hall 
Effect magnetic pickup switch, a semiconductor) which 
interfaces with or is in apposition to a magnet on a timing 
wheel. The timing wheel may contain any number of mag- 
nets of one or more, with the South polarity facing outward 
and in apposition with the Hall Effect pickup switch. The 
timing wheel is mounted at the end of a shaft that also runs 
through the center midline of a rotor containing any number 
of magnets of two or more. The rotor magnets are arranged 
in a manner wherein they have the same polarity and are 
equidistant from each other. The shaft has the timing wheel 
mounted at one end, the rotor, and then a means for work, 
such as a power take off at the opposite end. However, there 
are other embodiments in which the position of the rotor, 
timing wheel and power take-off have other arrangements. 
The rotor is stabilized to a platform or housing means and is 
fixed in a stationary position within a stator. 


The stator is comprised of a permanent magnet connected 
to a means for conducting electromagnetic energy such as 
two parallel bars, each bar having a magnetized pole piece 
at one end of each bar. The conduction material of the bar 
may be ferrous, powdered iron, silicon steel, stainless mag- 
netic steel, laminations of conductive material or any other 
magnetic conductive material. Each bar is wrapped in a 
conducting means to form an input coil. The means for 
conducting may be copper, aluminum or any other conduc- 
tive material suitable for making a coil. The primary or input 
coil is connected to the switching circuit. A second conduc- 
tive wrapping on top of the input coil becomes a secondary 
or output coil. The secondary or output coil is connected to 
the recovery circuit. The rotor is symmetrically located 
between the pole pieces of the bars of the stator and contains 
a series of magnets all having the same polarity, North or 
South, with each magnet in the rotor being in apposition to 
the pole piece as the rotor is in rotation around the shaft. 


When the rotor is energized from the battery of the 
switching circuit, there is an initial magnetic field that is 
instantly overcome as the magnetized pole pieces are in 
apposition with the rotor magnets. As the rotor begins to 
move, increasing electromagnetic energy is produced as a 
result of flux gaiting from the apposed magnets of the rotor 
and pole pieces. The coils surrounding the bars “buck” the 
permanent magnet connecting the bars. This is known in the 
art as the “buck boosting” principle. When the permanent 
magnet is bucked by the coils, it reverses the polarity of the 
pole pieces which are apposed to the rotor magnets causing 
the rotor to increase its rotation or spin. The energy available 
from the fields that are collapsing in the primary and 
secondary coils, which creates the back EMF within the 
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system, is now in non-equilibrium. Through circuitry and a 
switching means, energy can be put back into the system. 
Available energy captured from the back EMF, may be 
applied in different directions, including re-energizing the 
input battery, storage in a capacitor, conversion by a recov- 
ery rectifier to be stored in the input battery, a capacitor or 
a secondary or recovery battery. Recovery rectifiers convert 
AC to DC. Available energy may be used to energize an 
electric bulb, fan or any other uses. 


The shaft in the midline of the rotor can transfer energy 
in the form of work through a power take-off. The power 
take-off may be connected to any number of secondary 
shafts, wheels, gears and belts to increase or reduce torque. 


This is a description of the basic invention, however, there 
are an innumerable number of combinations and embodi- 
ments of stators, rotors, Hall Effect magnetic pickup 
switches, coils, recovery rectifiers and electronic connecting 
modes that may be combined on a single shaft or several 
shafts connected in various combinations and sequences, 
and of various sizes. There may be any number of stators to 
one rotor, however, there can be only one rotor if there is a 
single stator. The number of Hall Effect pickup switches 
may vary, for example, in the case of multiple stators of high 
resistant coils, the coils may be parallel to form a low 
resistant coil so that one Hall Effect pickup with one circuit 
may fire all of the stators at the same time. The number of 
magnets in both the timing wheel and the rotor may also 
vary in number as well as the size and strength of the 
magnets in gauss units. All types of magnets may be used. 
The number of winds on both the input and output coils on 
each conducting bar may also vary in number and in 
conductive material. 


The motor generator, as shown in FIG. 1, a top perspec- 
tive view of a single stator, single rotor back EMF motor and 
is comprised of a means of providing energy, such as input 
battery 10 connected to power switch 11 (shown in FIG. 2) 
and Hall Effect magnetic pickup switch 13. Magnetic pickup 
13 interfaces with timing wheel 12 to form a timing switch. 
Timing wheel 12 is comprised of four magnets 14 with the 
South pole of each said magnet facing outward to magnetic 
pickup 13. Timing wheel 12 is fixed at one end of shaft 15. 
Located on shaft 15 is rotor 16. Rotor 16 can be of any size, 
said rotor containing four rotor magnets 17. Said rotor 
magnets 17 are arranged in a manner so all have the same 
polarity. Opposite timing wheel 12 on shaft 15 is a means for 
work, such as a power take-off 18. Rotor 16 is mounted in 
a fixed position with rotor magnets 17 in apposition with 
magnetized pole pieces 194 and 19b. Each pole piece 19a 
and 195 is connected to iron bars 20a and 20b. Iron bars 20a 
and 20b are connected by a permanent magnet 21. A means 
for conduction is wrapped around iron bars 20a and 20b to 
form input coils 22a and 22b. Superimposed upon input 
coils 22a and 226 are output coils 23a and 23b. Output coils 
23a and 23b are connected to full wave bridge first recovery 
rectifier 24a. First rectifier 24a is connected to battery 10. 

FIG. 1a is a perspective side view of the back EMF Motor 
Generator timing wheel 12 with Hall Effect magnetic pickup 
switch 13 in apposition individually to each of four magnets 
14 as said timing wheel 12 rotates. Said magnets 14 have the 
South polarity facing outward with an equidistant separation 
of 90°. 

FIG. 1b is a perspective side view of rotor 16 with four 
rotor magnets 17 with 900 equidistant separation and having 
the same polarity. 

FIG. 2 is a schematic diagram of the motor generator 
circuitry showing input coil connections from input battery 
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10 through power switch 11, transistors 30a,b, resistors 
31a-d, through power supply lead 32 (VCC+) and to mag- 
netic pickup 13. Magnetic pickup 13 is in apposition with 
timing wheel magnets 14 located on timing wheel 12. Off of 
magnetic pickup 13 is collector lead 33 and ground lead 34. 
When current is reversed, it flows through resistor 3le and 
transistor 30c to input battery 10. Input coils 22a,b send 
power to full wave bridge first recovery rectifier 24a which 
then sends power through switch recovery 27 back into the 
system, and/or to input battery 10. Output coils 23a and 23b 
send power through single diode second recovery rectifier 
24b to recovery battery 25. In this particular embodiment, 
the value and type number of the components are as follows: 
Hall Effect magnetic pickup switch 13 is a No. 3020; 
transistor 30a is a No. 2N-2955; transistor 30b is a No. 
MPS-8599; and transistor 30c is a No. 2N-3055; resistors 
31a and b are 470 ohms resistors; resistor 31b is a 2.2 K 
ohms resistor; resistor 31c is a 220 ohms resistor; resistor 
31d isa 1 K ohms resistor; and recovery rectifier 24a is a 10 
Amp, 400 volts bridge rectifier. 

FIG. 3 is a box diagram showing the flow of voltage from 
input battery A, through recovery circuit B, switching circuit 
C and motor coils D. Motor coils D send available back 
EMF energy through recovery circuit B, and from B to 
recovery battery E and input battery A. Available back EMF 
energy can also flow from switching circuit C to recovery 
circuit B. 

In multiple stator/rotor systems, each individual stator 
may be energized one at a time or all of the stators may be 
energized simultaneously. Any number of stators and rotors 
may be incorporated into the design of such multiple stator/ 
rotor motor generator combinations. However, while there 
may be several stators per rotor, there can only be one rotor 
for a single stator. The number of stators and rotors that 
would comprise a particular motor generator is dependent 
upon the amount of power required in the form of watts. The 
desired size and horse power of the motor determines 
whether the stators will be in parallel or fired sequentially by 
the magnetic Hall Effect pickup switch or switches. The 
number of magnets incorporated into a particular rotor is 
dependent upon the size of the rotor and power required of 
the motor generator. In a multiple stator/rotor motor 
generator, the timing wheel may have one or more magnets, 
but must have one magnet Hall Effect pickup switch for each 
stator if the stators are not arranged in parallel. The back 
EMF energy is made available through the reversing of the 
polarity of the magnetized pole pieces thus collapsing the 
field around the coils and reversing the flow of energy to the 
recovery diodes, which is capturing the back EMF. 

Individual motors may be connected in sequence with 
each motor having various combinations of stators and 
rotors or in parallel. Each rotor may have any number of 
rotor magnets ranging from a minimum of 2 to maximum of 
60. The number of stators for an individual motor may range 
from 1 to 60 with the number of conducting bars ranging 
from 2 to 120. 

What distinguishes this motor generator from all others in 
the art is the presence of a permanent magnet connecting the 
two conducting bars which transfer magnetic energy through 
the pole pieces to the rotor, thereby attracting the rotor 
between the pole pieces. With the rotor attracted in between 
the two pole pieces, the coils switch the polarity of the 
magnetic field of the pole pieces so that the rotor is repelled 
out. Therefore there is no current and voltage being used to 
attract the rotor. The only current being used is the repulsion 
of the rotor between the two conductive bar pole pieces 
thereby requiring only a small amount of current to repel the 
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rotor. This is known as a regauging system and allows the 
capturing of available back EMF energy for use. 

Finally, although the invention has been described with 
reference of particular means, materials and embodiments, it 
is to be understood that the invention is not limited to the 
particulars disclosed and extends to all equivalents within 
the scope of the claims. 

What is claimed is: 

1. A back EMF permanent electromagnetic motor gen- 
erator using a regauging process for capturing available 
electromagnetic energy in the system comprising: 

a. a means for producing a source of input energy to said 
motor generator, said energy conducted through a 
power switch and a magnetic timing switch; 

b. a means for timing said motor generator, having a 
timing wheel connected to a shaft, said timing wheel 
comprised of one or more magnets, said magnets 
arranged so that the South polarity faces outward and is 
in apposition with said timing switch; 

c. a rotor and a means for transferring a force on said 
shaft, said rotor containing magnets having the same 
polarity; 

d. a stator comprised of two bars made of a magnetic 
conductive means, said bars connected by a permanent 
magnet and having a pole piece at one end of each said 
bar, said pole pieces thereby magnetized and in appo- 
sition with magnets of said rotor, said rotor positioned 
between said pole pieces; 

e. an input coil comprised of a conductive material 
wrapped around each of said bars of said stator, said 
input coil connected to a circuit; 

f. an output coil comprised of a conductive material 
wrapped around each of said input coil of said bars, 
said output coils connected to a recovery rectifier or 
diode; 

g. said circuit for transferring electrical power, said circuit 
connecting said means for producing input energy to 
said power switch, said circuit comprising a pickup 
timing switch thereby providing an electronic voltage 
pulse to said circuit and then to said coils resulting in 
rotation of said rotor, said rotor turning said timing 
wheel to provide additional electronic voltage pulses to 
said circuit and then to said coils again, thereby pro- 
viding a means for collecting available back EMF 
energy for storage, use or dissipation into the system. 

2. The motor generator of claim 1, wherein said input 
producing means is a battery. 

3. The motor generator of claim 1, wherein said magnetic 
timing switch is a Hall Effect magnetic pickup semiconduc- 
tor. 

4. The motor generator of claim 1, wherein the number of 
rotors may range from 1 to 60. 

5. The motor generator of claim 1, wherein the number of 
magnets in said rotor has a range of 2 to 60. 

6. The motor generator of claim 1, wherein said magnetic 
conductive means may be ferrous, powdered iron, silicon 
steel, stainless magnetic steel, laminations of a conductive 
material or any other magnetic conductive material. 

7. The motor generator of claim 1, wherein the number of 
magnetic conductive bars has a range of 2 to 120. 

$. The motor generator of claim 1, wherein said means for 
transferring a force on said shaft may be a power take-off 
mechanism, gears, flywheels, belts or other methods of 
transferring force for the purpose of doing work. 

9. A back EMF permanent electromagnetic motor gen- 
erator using a regauging process for capturing available 
electromagnetic energy in the system comprising: 


US 6,392,370 B1 


13 


a. a battery connected to a power switch and a Hall Effect 


magnetic pickup switch, said magnetic pickup switch 
in apposition with a timing wheel, said timing wheel on 
a shaft; 


. a rotor and a power take-off means on said shaft, said 
rotor having four magnets of the same polarity, said 
magnets equidistant from each other; 


. a Stator, said stator comprised of two iron bars con- 
nected by a permanent magnet and wrapped in a first 
copper conducting material to form an input coil that is 
connected to a circuit, on top of said input coil, there is 
wrapped a second copper conducting material to form 
an output coil with said output coil connected to a 
recovery rectifier or single diode, said iron bars further 
having a pole piece at one of each end of said bars, said 
pole pieces in apposition to said magnets on said rotor; 


. a circuit for transferring electrical power, said circuit 
connecting said battery to said power switch, said 
circuit comprising-said Hall Effect pickup switch 
thereby providing an electronic voltage pulse through 
said circuit and then to said coils resulting in rotation of 
said rotor, said rotor turning said timing wheel to 
provide additional electronic voltage pulses to said 
coils again, thereby providing a means for collecting 
available back EMF energy for storage, use or dissi- 
pation into the system. 


10 


15 


20 


25 


14 


10. A method of producing a back EMF permanent 
electromagnetic motor generator using a regauging process 
comprising the steps of: 


a. placing a rotor containing magnets of the same polarity 


b 


on a shaft with a timing wheel on said shaft; 


. placing in apposition to said timing wheel a Hall Effect 


magnetic pickup switch; 


. placing in apposition to said magnets of said rotor 


magnetized pole pieces of a stator, said stator com- 
prised of two conducting bars connected by a perma- 
nent magnet; input coil connected a circuit; 


. on top of said input coil, wrapping a second conducting 


material to form an output coil, said output coil con- 
nected to a recovery rectifier or a single diode; 


. connecting a circuit for transferring electrical power, 


said circuit connected to a battery and a power switch, 
said circuit comprising said Hall Effect magnetic 
pickup switch thereby providing an electronic voltage 
pulse to said circuit and then to said coils resulting in 
increase rotation of said rotor, said rotor turning said 
timing wheel to provide additional electronic pulses to 
said circuit and then to said coils again, thereby pro- 
viding a means for collecting available back EMF 
energy for storage, use or dissipation into the system. 


UNITED STATES PATENT AND TRADEMARK OFFICE 
CERTIFICATE OF CORRECTION 


PATENT NO. : 6,392,370 B1 Page 1 of 1 
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hereby corrected as shown below: 


Column 13 
Line 19, please delete the hyphen in between “comprising” and “said” and insert a 
space. 


Column 14 

Line 11, after the semicolon, please delete “input coil connected a circuit;”. 
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-- d. wrapping said bars with a first conducting material to form an input 
coil, said input coil connected to a circuit --. 


Signed and Sealed this 


Tenth Day of December, 2002 


JAMES E. ROGAN 
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Introduction 


Have you “caught the electronics bug,” only to grow sick with 
apprehension as you encountered diagrams with arcane symbols the 
moment you decided to build, troubleshoot, or repair something? If 
so, you're holding the cure in your hands right now. 

A little knowledge of electronics symbology can eliminate a lot 
of fear and confusion. Don’t give up electronics just because you've 
come across some spooky graphics. That would be like giving up a 
sport because you fear the pain of training. That's where the coach 
comes in! A good coach streamlines your training in any sport and 
helps you get past the pain. Schematic diagrams, well drawn and 
clearly portrayed, can help you to design, build, maintain, trouble- 
shoot, and repair electronic equipment. 

Schematic diagrams are like road maps of electronic highway net- 
works. These drawings can help you find your way through the 
elements of simple circuits, complex devices, and massive systems. 
Once you've learned what the symbols and notations stand for, read- 
ing a schematic will come as easily to you as planning a trip with the 
aid of a road atlas. 

This book contains all the information that you'll need in order 
to begin exploring electronic circuits. It can help you build a solid 
background for a career in electronics, whether you decide to go 
into design, maintenance, or repair. This book explains the rationale 
behind schematic diagrams, how to use or interpret each symbol, and 
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how the symbols interconnect to reflect real-world circuits. You'll 
even get a chance to diagram and perform some experiments! 

Once you’ve completed this book, you'll have plenty of informa- 
tion and confidence, so that you can continue your quest to enter 
whatever field of electronics suits your fancy, whether it’s something 
as humble as shortwave or amateur radio, or something as cutting- 
edge and exotic as bioelectronics, space communications, or mecha- 
tronics. 

I welcome your suggestions for future editions. Please visit my 
website at www.sciencewriter.net. You can e-mail me from there. 

Above all, have fun! 


Stan Gibilisco 
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What's the scheme? 


You'll encounter three types of diagrams in electricity and electronics: 
block, schematic, and pictorial. Each type of diagram serves its own 
special purpose. 


L. 


A block diagram gives you an overview of how the discrete cir- 
cuits within a device or system interact. Each circuit is represented 
with a “block” (a rectangle or other shape, depending on the 
application). Interconnecting lines, sometimes with arrows on 
one or both ends, reveal the relationships between the circuits. 


A schematic diagram (often simply called a schematic) includes 
every component that a circuit contains, with each component 
having its own special symbol. This book is devoted mostly to 
schematics. 


A pictorial diagram, sometimes called a layout diagram, shows 
the actual physical arrangement of the circuit elements on the 
circuit board or chassis, so that you can quickly find and identify 
components to test or replace. 


When you troubleshoot an unfamiliar electronic circuit, you'll usu- 
ally start with the block diagram to find where the trouble originates. 
Then you'll refer to the schematic diagram (or part of it) to find the 
faulty component in relation to other components in the circuit. A 
pictorial diagram can then tell you where the faulty component phys- 
ically resides, so that you can test it and, if necessary, replace it. 


Chapter 1 
Power Supplies and Regulators 


If you're going to build electronic projects you'll need some way to 
power them. Of course, batteries can be used for some projects, 
and others can be powered directly from the ac line, but for many 
projects you'll need a permanent power supply that provides just 
the right voltage. In this chapter you'll find a variety of power 
supplies and regulators that can be constructed exactly as designed 
or modified to fit your exact needs. 
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Block diagrams 


Block diagrams work well in conjunction with schematics to aid cir- 
cuit comprehension and to streamline troubleshooting procedures. 
Each block represents all of the schematic symbols related to that part 
of the circuit. In addition, each block has a label that describes or 
names the circuit it represents. However, the block does nothing to 
explain the actual makeup of the circuit it represents. The blocks play 
a functional role only; they describe the circuit's purpose without 
depicting its actual components. Once you’ve gained a basic under- 
standing of the circuit functions by looking at the block diagram, you 
can consult the schematic for more details. 

To understand how you might use block diagrams, consider the 
following two examples. 

First, suppose that you want to design an electronic device to per- 
form a specific task. You can simplify matters by beginning with a 
block diagram that shows all of the circuits needed to complete the 
project. From that point, you can transform each block into a sche- 
matic diagram. Eventually, you'll end up with a complete schematic 
that replaces all of the blocks. 

Alternatively, you can go at the task the other way around. Imagine 
that you have a complicated schematic, and you want to use it to trouble- 
shoot a device. Because the schematic shows every single component, 
you might find it difficult to determine which part of the device has 
the problem. A block diagram can provide a clear understanding of 
how each part operates in conjunction with the others. Once you’ve 
found the troublesome area with the help of the block diagram, you 
can return to the schematic for more details. 


Schematic diagrams 


A schematic diagram acts, in effect, as a map of an electronic circuit, 
showing all of the individual components and how they interconnect 
with one another. According to one popular dictionary, the term sche- 
matic means “of or relating to a scheme; diagrammatic.” Therefore, 
you can call any drawing that depicts a scheme—electronic, electrical, 
physiological, or whatever—a schematic diagram. 

One of the most common schematic diagrams finds a place in almost 
every car or truck in the United States. It’s a road map, of course, 
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and it portrays a specific sort of scheme. The scheme might involve 
the paths of travel within a small town, within a state or province, or 
across multiple states or provinces. Like a schematic diagram of an 
electronic circuit, the road map shows all the components relevant to 
the scheme it addresses. Motorists make up their own schemes, which 
often comprise small portions of the total scheme included in the 
road map. Likewise, an electronic schematic shows all of the relevant 
components, and it allows a technician to extrapolate the components 
and interconnections when testing, troubleshooting, and repairing a 
small circuit, a large device, or a gigantic system. 

Imagine that you want to travel in your automobile from point 
A to point B. Your road map lists all of the towns and cities that lie 
between these two points. By comparison, a schematic diagram lists 
all the components between a similar point A and point B in an elec- 
tronic circuit. Nevertheless, both of these schematics indicate much 
more than mere points. You need to know more than which towns 
or cities lie between two fixed points to get an idea of the overall 
scheme of things. Indeed, you could easily write down the names of 
various towns or landmarks, in which case you would not have to 
resort to a road map at all. From an electronics standpoint, you could 
do the same thing by compiling a list of the components in a certain 
circuit, such as: 


e 120-ohm resistor 

e 1000-ohm resistor 

e PNP transistor 

e 0.47-microfarad capacitor 
e 2 feet of hookup wire 

e 1.5-volt battery 

e Switch 


This list tells us nothing about the circuit in a practical, put-together 
sense. We know all of the components that we would need if we 
wanted to build the thing, but we don’t know what it would be if 
we did! In fact, these components might go together in two or three 
different ways to make two or three different circuits with different 
characteristics. 

A schematic drawing must indicate not only all components nec- 
essary to make a specific scheme, but also how these components 
interrelate to one another. The road map connects various towns, 
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cities, and other trip components with lines that represent streets and 
highways. A line that indicates a secondary road differs from a line 
that represents a four-lane highway. With practice, you can learn to 
tell immediately which types of lines indicate which types of roads. 
Likewise, an electronic schematic drawing uses a plain, straight line 
to indicate a standard conductor; other types of lines represent cables, 
logical pathways, shielding components, and wireless links. In all cases, 
when you draw the interconnecting lines, you draw them in order to 
indicate relationships between the connected components. 


Schematic symbology 


A schematic diagram reveals the scheme of a system by means of 
symbology. On a map, the lines that indicate roadways constitute 
symbols. But of course, a single black line that portrays Route 522 in 
no way resembles the actual appearance of this highway as we drive 
on it! We need know only the fact that the line symbolizes Route 522. 
We can make up the other details in our minds. If people always 
had to see pictorial drawings of highways on paper road maps, those 
maps would have to be thousands of times larger than those folded- 
up things we keep in our vehicle glove compartments, and they 
would be impossible for anybody to read. 


Tip 

Since the previous edition of this book was published in 1991, 
portable computers and the Internet have evolved so that, today, 
you actually can find and access road maps that show pictorial 
drawings of some roads and highways! You can look at photo- 
graphs taken from satellites, aircraft, and sometimes even vehi- 
cles that have driven along specific routes. Check out “Google 
Maps,” for example. These maps aren't on paper; instead, they 
reside in cyberspace. You need a computer or tablet device to 
use such “supermaps,” but they do exist, and they're getting bet- 
ter every day. 


On a decent road map, you'll find a key to the symbols used. The 
key shows each symbol and explains in plain language what each 
one means. If a small airplane drawn on the map indicates an airport 
and you know this fact, then each time you see the airplane symbol, 
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you'll know that an airport exists at that particular site, as shown on 
the map. Symbology depicts a physical object (such as an airport 
outside a large city) in the form of another physical object (such as 
an airplane image on a piece of paper). 

A good road map contains many different symbols. Each sym- 
bol is human engineered to appear logical to the human mind. For 
instance, when you see a miniature airplane on a road map, you'll 
reasonably suppose that this area has something to do with airplanes, 
so a detailed explanation should not be necessary. If, on the other 
hand, the map maker used a beer bottle to represent an airport, 
anyone who failed to read the key would probably think of a saloon 
or liquor store, not an airport! Because a map needs many different 
symbols, a good map maker will always take pains to make sure that 
the symbols make logical sense. 

Pure logic will take us only up to a certain point in devising schemes 
to represent complicated things, especially when we get into the realm 
of electronic circuits and systems. For example, a circle forms the basis 
for a transistor symbol, a light-emitting-diode (LED) symbol, a vacuum 
tube symbol, and an electrical outlet symbol. Additional symbols inside 
the circle tell us which type of component it actually represents. A 
transistor is an active device, capable of producing an output signal 
of higher amplitude than the input signal. We can say the same thing 
about a vacuum tube, but not about an LED or an electrical outlet. 

A circle with electrode symbols inside has been used for many years 
to represent a vacuum tube. Transistors were developed as active 
devices to take the places of vacuum tubes, so the schematic symbol 
for the transistor also started with a circle. Electrode symbols were 
inserted into this circle as before, but a transistor’s elements differ 
from a tube’s elements, so the transistor symbol has different markings 
inside the circle than the tube symbol does. The logic revolves around 
the circle symbol. Transistors accomplish many of the same functions 
in electronic circuits as vacuum tubes do (or did), so symbolically 
they are somewhat similar. 

Inconsistencies arise in schematic symbology, and that’s a buga- 
boo that makes electronics-related diagrams more sophisticated than 
road maps. A circle can make up a part of an electrical symbol for a 
device that doesn’t resemble a tube or transistor at all. An LED, for 
example, can be portrayed as a circle with a diode symbol inside and 
a couple of arrows outside. An LED is not a transistor or tube, and 
the electrode symbol at the center clearly reveals this difference. An 


6 What's the scheme? 


electrical outlet can serve as another example. It's absolutely nothing 
like a tube, transistor, or LED! Yet the basis for the symbol is a circle, 
just like the circle for a tube or transistor or LED. You'll learn more 
about specific schematic symbols in Chap. 3. 


Schematic interconnections 


To further explore how schematic diagrams are used, let’s consider a 
single component, a PNP transistor. This device has three electrode 
elements, and although many different varieties of PNP transistors 
exist, we draw all their symbols in exactly the same way. We might 
find a PNP transistor in any one of thousands of different circuits! 
A good schematic will tell us how the transistor fits into the circuit, 
what other components work in conjunction with it, and which other 
circuit elements depend on it for proper operation. A transistor can 
act as a switch, an amplifier, an oscillator, or an impedance-matching 
device. A single, specific transistor can serve any one of these pur- 
poses. Therefore, if a transistor functions in one circuit as an ampli- 
fier, you can't say that the component will work as an amplifier only, 
and nothing else. You could pull this particular transistor out of the 
amplifier circuit and put it into another device to serve as the “heart” 
of an oscillator. 


Tip 

By knowing the type of component alone, you can’t tell what role 
it plays in a circuit until you have a good schematic diagram show- 
ing all the components in the circuit, and how they all intercon- 
nect. Rarely can you get all this information in easy-to-read form 
by examining the physical hardware. You need a road map—a 
schematic diagram—to show you all the connections that the 
engineers and technicians made when they designed and built 
the circuit. 


Suppose that you plan to drive your car from Baltimore, Maryland 
to Los Angeles, California. Even if you’ve made the trip several times 
in the past, you probably don’t recall all of the routes that you'll need 
to take and all of the towns and cities that you'll pass along the way. 
A road map will give you an overall picture of the entire trip. Because 
all of the trip data exists in a form that you can scan at a glance, the 
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road map plays a critical role in allowing you to see the entire trip 
rather than each and every segment, one at a time. A schematic dia- 
gram does the same thing for a “trip” through an electronic circuit. 

Continuing with the road map and the coast-to-coast trip as an 
example, imagine that you have memorized the entire route from 
Baltimore to Los Angeles. Assume also that one of the prime high- 
ways on the way is under construction, forcing you to take an alter- 
nate route. Without a road map, you'll have no idea as to what 
detours exist, which alternate route is the best one to take, and which 
detour constitutes a path that will keep you on course as much as 
possible and eventually return you to the original travel route with a 
minimum of delay and inconvenience. 

An electronic circuit has many electrical highways and byways. Oc- 
casionally, some of these routes break down, making it necessary 
to seek out the problem and correct it. Even if you can visualize the 
circuit in your head as it appears in physical existence, you'll find it 
impossible to keep in your “mind’s eye” all the different routes that 
exist, one or more of which could prove defective. When I speak 
here of visualizing the circuit, I don’t mean the schematic equiva- 
lent of the circuit, but the actual components and interconnections, 
known as the hard wiring. 

A schematic diagram gives you an overall picture of a circuit and 
shows you how the various routes and components interact with other 
routes and components. When you can see how the overall circuit 
depends on each individual circuit leg and component, you can diag- 
nose and repair the problem. Without such a view, you'll have to 
“shoot in the dark” if you want to get the circuit working again, and 
youll just as likely introduce new trouble as get rid of the original 
problem! 


Fear not! 


Look at the schematic of Fig. 1-1. If you’ve had little or no experi- 
ence with these types of diagrams, you might wonder how you'll 
ever manage to interpret it and follow the flow of electrical cur- 
rents through the circuit that it represents. Fear not! By the time 
you finish this book, assuming that you already know some basic 
electricity and electronics principles, you'll wonder how you 
ever could have let a diagram like this intimidate you. By the way, 
you'll see this diagram again in Chap. 5. 
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FIG. 1-1. An example of a fairly complicated schematic diagram. By the time you 
finish this book, you'll find it simple! 


Visual language 


It can prove difficult to explain schematic diagramming in detail to 
people who have just begun their study of electronics. It helps 
to think of this form of symbology as a language, that is to say, a 
system of symbols that helps us to communicate ideas. The English 
language (or whatever your native language happens to be) is a 
scheme with a system of symbology with which you’re familiar, of 
course, because you're reading this book! 
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Every word spoken in English or any other verbal language is 
a complex symbol made from simpler elements called characters. 
Let's take the word “stop,” for example. Without a reference key, this 
sound means nothing. A newborn infant hears noise coming out of 
your mouth, that's all! However, through learning the symbology from 
shortly after birth, this word begins to mean something because the 
child, who has begun learning to speak and understand, can compare 
“stop” to other words, and also to actions. We can even say that the 
word “stop” is a sort of symbology within symbology. The commu- 
nicator's intent, when using the word “stop,” can also be expressed 
by the phrase “Do not proceed further.” This phrase also constitutes 
symbology, expressing a mental image of a desired action. 

If we could all communicate by mental telepathy, then we wouldn't 
need language or the symbols that it comprises. Thinking happens 
a lot faster than speaking or writing or reading can go; and brain 
processes are the same from human to human, regardless of what 
language any particular individual employs when speaking, writing, 
or reading. A newborn baby speaks and understands no language 
whatsoever. However, whether that baby was born in the United 
States, South Africa, Asia, or wherever, thought processes take place. 

The baby knows when it is hungry, in pain, frightened, or happy. 
It needs no language to comprehend these states. But the baby does 
have to communicate right from the start. For this reason, all newborns 
communicate in the same language (crying and laughing, mostly). As 
newborns comprehend more and more of their environment through 
improved sensory equipment (eyes, ears, nose, fingers), they collect 
more and more data. At this point the various languages come into 
play, with different societies using different verbal symbols to express 
mental processes. The human brain still carries on the same nonlin- 
guistic thought processes as before, however, because thinking in 
terms of symbols would take far too much time and “brain storage.” 

The brain helps a human to transpose complex thoughts into a lan- 
guage, and vice versa, just as a computer translates programming lan- 
guages into electronic impulses and vice versa. Imagine that a child 
is about to step in front of a speeding automobile. If the brain had 
to handle millions of data elements symbolically, we humans would 
spend all of our lives waiting for our brains to deliver the correct pro- 
cessed information, and that child would probably get killed before 
we could even begin to react. Rather, the brain scans all the data 
received by the sensory organs in real time and then sums it up into 
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a single symbol for communication. A good audible (and hopefully 
loud) symbol in the above-mentioned case is “Stop!” You, seeing a 
child about to go out into heavy traffic, might shout that word and 
produce in the child’s brain the appropriate sequence of processes. 

Not all languages involve the spoken word. Have you heard of 
sign language, whereby the arms and hands are used to communicate 
ideas? If you've done any amateur (or “ham”) radio communication, 
especially if you got your “ham” license back in the time when I got 
mine (the 1960s), you know about the Morse code as a set of com- 
munications symbols. In most instances, an entire communicating 
language of visual symbols is not as efficient for us humans as one 
composed of words and visual symbols combined. Using the symbol 
“stop” again, we can utter this word in many different ways. The 
word in itself means something, but the way we say it (our “tone of 
voice”) augments the meaning. We can’t do all that with the printed 
or displayed characters S, T, O, and P all by themselves in plain text. 

We humans have arrived at some universal methods of modifying 
visual symbols. To many of us, the color red denotes something that 
demands immediate attention. Often, however, this color is used in 
conjunction with the visual symbol for a spoken word. Think of a 
“stop” sign, for example. It's red, right? Or think of a “yield” sign. It's 
yellow, representing something that demands attention, but in a less 
forceful way than the color red does. 


Tip 

Schematic diagrams rarely include color. Look in the back of a 
technical manual for an amateur radio transceiver, for example. 
Does the schematic have color? Pll bet you that it doesn’t. (A few 
good magazines, however, do put color into their schematics.) 
A technical manual's schematic might not even have grayscale 
shading. Schematics resemble printed text or Morse code in this 
respect; we must convey a lot of information with a limited set of 
symbols, and we're constrained even as to the way in which we 
can portray and read those symbols. 


Schematics don’t lend themselves to any form of oral (audible) 
symbology either. When you see the symbol for, say, a field-effect 
transistor (FET) in a schematic diagram, you don’t hear the paper or 
computer say, “Field-effect transistor, for heaven’s sake, not bipolar 
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transistor!” You have to make sure that you read the symbol correctly. 
If you want to build the circuit and you mistakenly put a bipolar 
transistor where an FET should go—maybe because you didn’t look 
carefully enough at the schematic—you have no right to expect that 
the final device or system will work. Something might even burn out, 
so that when you recognize your error and replace the FET with a 
bipolar transistor, you'll have to troubleshoot the whole circuit before 
you can use it! 

Our senses along with our central processor, the brain, render 
us less than proficient at mentally conceiving all of the workings 
of electronic circuits by dealing with them directly. Therefore, we 
have to accept data a small step at a time, compiling it in hardcopy 
form (through symbology) and providing hardcopy readout. We can 
liken this method to the “connect-the-dots” drawings in children’s 
workbooks. Individually, the dots mean nothing, but once they are 
arranged in logical form and connected by lines, we get an overall 
picture. The dots’ relationships to each other and the order in which 
they are connected tell us everything that we need to know. 

The remaining chapters in this book start with the symbols for indi- 
vidual electronic components, then move on to simple circuits, and 
finally show you a few rather complicated circuits. Schematic symbols 
and diagrams are designed for human beings, so human logic consti- 
tutes a prime factor in determining which symbols mean what. In that 
respect, the creation and reading of schematic diagrams resembles 
mathematics, and in particular, good old-fashioned plane geometry! 


Tip 

Schematic diagrams are encoded representations of circuits, 
while pictorials show us the physical objects, often proportioned 
according to their relative size, and sometimes rendered so as 
to look three-dimensional by means of shading and perspective. 
Schematic diagrams depict circuit components as symbols only, 
without regard to their real-world size or shape, and in two dimen- 
sions (a flat piece of paper or computer screen), completely lack- 
ing depth or perspective. 


A BASIC 13.8-V, 25-A POWER SUPPLY 


The 13.8-volt ham radio transceiver has really come of age. 
Many of these units are great for mobile operation, but when it 
comes to fixed-station use, the transceivers can really come up 
short —primarily because of the comparatively high current values 
they draw on peaks. 

The two-meter FM and police-scanner industries have given 
us a variety of 13.8-volt, low-current power supplies which in many 
cases can be bought more cheaply than built. However, the seem- 
ingly rarified 13.8-volt, fifteen-amp (or higher) power supply is not 
that easy to come by, which really limits the possibilities with 
transceivers drawing anywhere from sixteen to 20 amperes. 


The Circuit 


The power-supply circuit uses 2N3055 transistors. You can 
tailor your current capability by the number of pass transistors you 
use. I wanted a 25-Amp supply, so I used five 2N3055s. You can 
figure roughly one transistor for every 5 Amps you'll be drawing. In 
a 10-Amp supply, only two transistors would be used, and so on. 
See Fig. 1-1 and Table 1-1. 

The 2N3055 is an NPN power device built into a TO-3 case. 
The 3055 is one of the more easily come by transistors and is very 
cheap. Because of the power these little devils are going to be 
dissipating, heat sinks should be employed. I used a heat sink with 
approximately 27 square inches of surface area with four half-inch 
fins, which cools nicely. Extreme heat can quickly mess up the 
transistor junction (not to mention a nice paint job). Before secur- 
ing the transistors to the heat sink, apply some silicone thermal 
compound between the 3055s and the surface of the heat sink to 
provide a good positive heat transfer. 

I have always used the rule of thumb that if you can't touch it, 
you can blow it. If you don't care to go heat-sink shopping, use a 
cooling fan. If you use a fan in addition to the heat sink, be sure the 
air circulates in line with the fins. Blowing air perpendicularly to 
the fins sets up standing waves—the aerodynamic kind—and tur- 
bulence and the cooling effect is minimal. 

Transistor-mounting hardware is nice, but I didn't feel that it 
was necessary. I attached the transistors directly to the heat sink 
and then mounted the whole heat-sink assembly on a sheet of 
Plexiglas™ attached to four standoffs. Since the transistor case is 
common to the collector, I tapped a screw into one of the heat-sink 
fins and this became my common collector tiepoint. It is important 
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Block diagrams 


A block diagram portrays the general construction of an electronic 
device or system. A block diagram can also provide a simplified ver- 
sion of a circuit by separating the main parts and showing you how 
they are interconnected. 


A simple example 


Figure 2-1 is a block diagram of a device that converts alternating cur- 
rent (AC) to direct current (DC). The terminal at the left accepts the 
AC input. In sequence going from left to right, the electricity passes 
through the transformer, the rectifier, and the filter before arriving at 
the output as DC. In this case, the lines that connect the blocks do 
not have arrows because readers will naturally assume that the flow 
goes from left to right. The input terminal resides at the left-hand end 
of the diagram, and the output lies on the extreme right. In more 
complicated block diagrams, the interconnecting lines may include 
arrows to show which block affects which, or to indicate the general 
direction of signal flow when it might not otherwise be clear. 


Functional drawings 


Engineers and technicians employ block diagrams in various ways. 
Commonly, block diagrams indicate the interconnections between 
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Transformer Rectifier Filter 
AC in DC out 


Stage 1 Stage 2 Stage 3 


FIG. 2-1. Block diagram of an AC-to-DC converter. The electricity flows from left 
to right. 


small circuits in a larger device, or between diverse devices in a 
large system. When drawn as shown in Fig. 2-1, block diagrams can 
also be called functional diagrams because they reveal the basic 
functioning of the electronic circuit. The functional diagram offers a 
simplistic explanation of how the device operates; it can lead to more 
detailed information provided by a schematic diagram. 

Someone who wants to draw a schematic diagram for a com- 
plex electronic circuit designed from scratch can start with a block 
diagram. This diagram will show all of the circuit sections (stages) 
needed to arrive at a functioning device, but none of the internal 
details of those stages. Then the designer will develop schematic 
diagrams of circuits that can fill each block and serve the appropri- 
ate function in the overall system. The first block in the diagram will 
then be replaced by the schematic diagram of the circuit it represents. 
The engineer or technician will move through the blocks according 
to functional order, creating schematic diagrams that can be used to 
build each stage in the system. As soon as the final block has been 
filled in with a schematic for the applicable stage, the comprehensive 
schematic is complete, and a total (but so far only theoretical) system 
design is portrayed in detail. 

Another way of using block diagrams starts with a finished sche- 
matic diagram. Imagine that the schematic is complicated, and that 
the equipment whose circuit it represents does not work properly. 
Although schematic diagrams can describe the functioning of an elec- 
tronic circuit, they are not as clear and basic as a functional block dia- 
gram for that purpose. In the absence of a preexisting block diagram, 
a technician would have to start with the schematic, laboriously iden- 
tify each stage in the system, and then draw the entire system dia- 
gram in block form. When finished, the block diagram would reveal 
how each stage interacts with the others. Using this method, one or 
more stages could be identified as a possible trouble area. Then the 
technician would refer to the original schematic and conduct tests 
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in specific areas, based on his or her knowledge of how each stage 
works at the component level. 


Tip 

In practice, you'll often encounter block diagrams. If presented 
without accompanying schematics, a block diagram describes 
the basic functional operation of an electronic device or sys- 
tem. The block diagram can prove most useful when you don’t 
need to know the functions of individual components. 


We can describe the operation of a specific type of wireless trans- 
mitter, say an amplitude-modulated (AM) voice transmitter, such as 
the type found in Citizens Band (CB) radios, by means of a block 
diagram. This diagram will apply to most other AM voice radio trans- 
mitters. Of course, no two transmitters built by different manufactur- 
ers are exactly alike, but all of them contain the same basic circuit 
sections as far as functionality goes. One type of oscillator might 
work differently from another type, but they all do the same thing: 
generate a radio-frequency (RF) signal! When we need to know, or 
portray, individual differences between circuits that do essentially the 
same things, then we need schematic diagrams. 

The block diagram in Fig. 2-2 illustrates the various parts of a strobe 
light circuit. Let’s go through the diagram block by block to under- 
stand how it works. The input signal enters at the left; it’s utility AC, 


p A Strobe 
Fuse Rectifier O light 
terminals 
Adjustable timer 
AC in 
Timing components 


FIG. 2-2. Block diagram of a circuit designed to provide power to a strobe light. 
Arrows show the direction of elecricity flow. 
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such as we get from a standard wall outlet. In the United States and 
some other countries, this AC has a nominal voltage of 117 volts (V) 
and a frequency of 60 hertz (Hz), where “hertz” means “cycles per 
second.” (In some countries, the voltage is about 234 V, and in some 
countries, you'll find a frequency of 50 Hz rather than 60 Hz.) The input 
AC goes to a fuse, and also to a combination of components that pro- 
vide timing. The top path, where the fuse is located, leads to a diode- 
type rectifier, and the rectifier output passes directly to one terminal 
of the three-terminal strobe lamp. The rectifier also outputs to an 
adjuster that provides a variable flash rate for the lamp. The output 
from that adjuster goes to a transformer, which provides the remain- 
ing two outputs required to operate the lamp. 


Current and signal paths 


Figure 2-3 shows a power supply that produces several different volt- 
age outputs. As you go through this diagram from left (the input) to 
the bottom and the right (the outputs), note that the circuit is pow- 
ered with 120 volts AC (120 VAC), quite close to the nominal 117 
VAC commonly found at utility outlets in the United States. The input 


+12 VDC 
unregulated 


Transformer Power "off" 
detector 
+18 VDC 


Voltage +12 VDC 
Regulator regulated 


unregulated 


16 VAC 


3 VAC Ground 


FIG. 2-3. Block diagram of a power supply with several different outputs. 


Current and signal paths 17 


AC goes through a filter and then splits into two paths. Part of the 
AC goes to the “lower” transformer that provides 16 VAC and 3 VAC 
output, along with a ground connection. 

From the filter, the input voltage gets fed to another transformer that 
derives the voltages to be converted to DC electricity. One output of 
the transformer goes to a rectifier that provides 12 volts DC (12 VDC) 
without any voltage regulation. The other transformer output goes to 
a separate rectifier that provides 18 VDC, also unregulated. This trans- 
former output also serves as a diagnostic detector for a power “off” 
condition. That line is further tapped to join with the output of the 
voltage regulator to provide 12 VDC with voltage regulation. 


Tip 

Block diagrams are comparatively easy to draw, comprising squares 
or rectangles along with interconnecting lines (Sometimes with 
arrows). More sophisticated block diagrams also include triangles 
to represent circuit blocks built around specialized amplifiers con- 
structed within integrated circuits (Cs), also known as chips. 


Figure 2-4 is a block diagram of an AM radio transmitter. The micro- 
phone preamplifier stage goes to the input of the audio amplifier stage 
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FIG. 2-4. Block diagram of an amplitude-modulated (AM) radio transmitter. 
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(note the direction of the arrow). The output of the audio amplifier goes 
to the matching network, which in turn goes to the RF amplifier sec- 
tion. The crystal oscillator is also connected to the RF amplifier section, 
whose output leads into the RF tuning network. Only one connection 
exists between the audio section of the circuit and the RF section: the 
one between the matching network and the RF amplifier. This block 
diagram, with its arrows, tells us not only how the components of 
the system connect to one another, but also the sequence of events 
or direction of signal flow. 


Flowcharts 


Block diagrams can describe the functioning of electronic circuits, 
but in the world of computers, another form of diagramming is some- 
times used to portray the functioning of a program. This system is 
called flowcharting. A flowchart resembles a block diagram, except 
that the symbology applies to the sections of a computer program, an 
intangible thing (as opposed to an electronic circuit, a tangible thing). 
A flowchart provides a graphic representation of the logical paths that 
a computer will take as it executes a particular program. Flowcharts 
are often prepared in conjunction with specifications, and are modi- 
fied as the requirements change to fit within the constraints of the 
computer system. 

For complex problems, a formal written specification might be nec- 
essary to ensure that everyone involved understands and agrees on 
what the problem is, and on what the results of the program should 
be. To illustrate this concept, let's suppose that a teacher wants to 
write a computer program that will determine a student's final grade 
for a course by calculating an average from grades the student has 
received over a certain period of time. The teacher will supply the 
erades to the program as input. Only the average grade is needed as 
an output. Now, we can make an orderly list of what the program 
has to do: 


e Input the individual grades. 

e Add the grade values together to find their sum. 

e Divide the sum by the number of grades to find the average 
erade. 

e Print out the average grade. 
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We can prepare a flowchart of the program, as shown in Fig. 2-5. 
As we can see, the flowchart graphically presents the structure of the 
program, revealing the relationship between the steps and paths. 
When the flow of control is complicated by many different paths that 
result from many decisions, a good flowchart can help the program- 
mer sort things out. The flowchart can serve as a thinking-out tool to 
understand the problem and to aid in program design. The flowchart 
symbols have English narrative descriptions rather than programming 
language statements because we want to describe what happens, not 


Get grades from gradebook 
and input them 
Add grades together 


Have all grades 
been added? 


Divide sum of grades 
by number of grades 
to obtain average 


Print average grade 


FIG. 2-5. Example of a program flowchart. 
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how it happens. At a later stage, if formal flowcharts are required 
for documentation, the flowchart can contain statements in a pro- 
gramming language. These flowcharts might prove helpful to another 
person who at some future time wants to understand the program. 

It takes a lot of time to conceive and draw up a formal flowchart, 
and modifying a flowchart to incorporate changes, once a program has 
been written and its flowchart composed, can prove difficult. Because 
of these limitations, some programmers will shy away from the use 
of a flowchart, but for others, it can provide valuable assistance in 
understanding a program. In order to promote uniformity in flow- 
charts, standard symbols have been adopted, the most common of 
which are shown and defined in Fig. 2-6. 
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FIG. 2-6. Common symbols for flowcharts intended to represent computer programs. 
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Follow the flow 


The normal direction of processes in a flowchart runs from top to 
bottom and from left to right, the same way as people read books 
in most of the world. Arrowheads on flow lines indicate direction. 
The arrows can be omitted if, but only if, the direction of flow is 
obvious without them. 


Figure 2-7 is a flowchart for a program that duplicates punched 
cards, and at the same time prints the data on each card. Keep in mind 
that this particular “beast” is of historical interest only! (Were you born 
long enough ago to remember punch cards for inputting programs to 
computers? I recall using them, all the way back in the 1970s, when I 
attended the University of Minnesota. I guess that little factoid dates 
me, doesn’t it?) 


Print contents 


FIG. 2-7. Flowchart for a program for duplicating punched cards. The circles 
labeled A represent the inflow and outflow points in the feedback loop shown 
by the dashed line. 


to keep all lead lengths constant. After drilling matching holes for 
the base and emitter pins in the heat sink, heavy-gauge wire was 
soldered (carefully) to each emitter pin through a 0.25-ohm resis- 
tor, and then a second piece of wire was attached to each base pin. I 
then had only to connect the rest of the circuit to either the heat 
sink or one of the two bus wires. 

You may or may not have difficulty locating a suitable trans- 
former capable of taking 120 V ac and squeezing it down to 17 to 24 
V ac. I was lucky enough to locate an old, beat-up, ex-battery- 
charger transformer at a hamfest which gave me 120/17 V ac. I 
think you will find old battery chargers to be a good source for the 
transformer you will need. Remember, the transformer must be 
capable of carrying the current you are going to draw from your 
power supply. I paid $3.00 for my transformer and felt robbed; I 
have seen them for a dollar. Yes, you do take a risk, but remember, 
even if the transformer is no good, it is an excellent source of #14 
AWG antenna wire (or larger)! 

In the rectifier circuit there are two avenues to follow. You can 
buy four diodes and make your bridge or you can do as 1 did and use 
one of the nifty one-inch-square epoxy bridge rectifiers. The little 
one-inch jobs are convenient because you don't have to mess 
around figuring which end is the anode and which is the cathode. 
Ordinarily, the expoxied bridges are simply marked ac, ac, +, and 


As always, no matter what you do for rectification, be sure 
your rectifier is rated for the current you will be needing. Most of 


Fig. 1-1. Power supply schematic diagram. 
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Let's trace the flow of the program through Fig. 2-7. The program 
begins at the “Start” oval at the top and proceeds in the direction of 
the arrows. In the first box below “Start,” the program reads a card. 
Then the program punches the card's contents (data) as holes in a 
blank piece of heavy paper and sends the data to a printer. The pro- 
gram then goes back along the dashed line to the top and reads the 
next card. The circles marked A represent inflow and outflow points. 
In this case, they're superfluous, but in complicated flowcharts, they 
can be useful when it would create a mess to include all the appli- 
cable dashed lines. The program repeats itself as long as it has cards 
to read and punch. 

In a sophisticated flowchart, we might see several different sym- 
bols of the sort shown in Fig. 2-6, and maybe even all of them. Oval 
boxes show start or stop points. Arithmetic operations go in rectan- 
gular boxes. Input and output instructions go in upside-down trap- 
ezoids. If we want to show a program that someone wrote earlier 
within the context of a larger flowchart, we don't necessarily have to 
draw the flowchart for the inside program. Rather, we might repre- 
sent the entire program as a flattened hexagon. If a box indicates a 
decision, we use a diamond shape. A five-sided box portrays a part of 
the program that changes itself. A small circle identifies a processing 
junction point. Such a point in the program can go to several places. 
A small five-sided box, which has the shape of the home plate on 
a baseball field, shows where one page of a flowchart connects to 
the next, if the entire flowchart has more than one page. The inter- 
mediate junction and off-page connection points are labeled with 
numbers and letters to let readers know that all like symbols with the 
same character inside are meant to be connected together. Arrows 
indicate the direction of the flow. 


Process paths 


Returning to the flowchart for duplicating punched cards (Fig. 2-7), 
suppose that you want to change the card-punching program so that 
the computer skips blank cards and duplicates only those cards with 
some holes in them. Because the computer must make a decision 
about each card, you'll need to include a decision block in the flow- 
chart. Figure 2-8 shows the result. 
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FIG. 2-8. Example of a flowchart that includes a decision block (the diamond). 
The circles labeled A all represent a single junction point through which data flows 
in the directions shown by the arrous. 


Follow the flow 


Except for the decision block, Fig. 2-8 shows the same process 
as Fig. 2-7 does. The program begins in the “Start” oval at the top 
and then goes to the block marked “Read a card.” From there, the 
program moves on to the decision block labeled “Card blank?” 
If the answer is “Yes,” the program proceeds to the connection 
circle marked “A” and back to the top to read the next card. If the 
answer is “No” (the card has holes in it), the program instructs the 
hardware (the physical components of the computer) to punch 
a duplicate card and print its contents. Then the program goes to 
another circle marked “A” and back to the starting point. 
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Tip 

Figure 2-8 is a simple flowchart, showing a process that uses only 
input and output devices and that does no calculations. Most pro- 
grams and flowcharts involve more complicated processes. 


The field of microcomputers uses many different types of diagrams 
that deal mostly with software (the operating systems and programs) 
rather than hardware (the physical components). From a purely elec- 
tronic standpoint, functional diagrams abound and are usually more 
numerous than the schematic diagrams in the computer world. From 
an understanding standpoint, block diagrams can serve to display 
machine functions in general, but hardware maintenance and repair 
procedures require well-defined schematic drawings. Computers take 
advantage of the latest state-of-the-art developments in electronic 
components and are relatively simple from this standpoint, especially 
when you consider all they can do. However, from a pure electronics 
standpoint and as far as schematic diagrams are concerned, comput- 
ers are highly complex; it would take many pages of schematics to 
represent even the most rudimentary computer. 


Summary 


Block diagramming can help you understand the general functioning 
of electronic circuits. Block diagrams are easy to draw, usually requir- 
ing only a marking instrument, some paper, and a straightedge (or a 
vector graphics computer program and a little bit of training on it). 
Schematic diagrams, in contrast, need more tools and can, in some 
cases, take many hours to render in a form that people can easily 
read and interpret. 
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Component symbols 


On a road map, symbols illustrate towns, cities, secondary roads, pri- 
mary roads, airports, railroad tracks, and geographical landmarks. The 
same rule applies to schematic drawings; symbols indicate conduc- 
tors, resistors, capacitors, solid-state components, and other electronic 
parts. Every time a new component comes out, a new schematic sym- 
bol is derived for it. Often, a new type of component is a modification 
of one that already exists, so the new schematic symbol ends up as a 
modification of the symbol for the preexisting component. 


Tip 

In this chapter, you'll find most of the schematic component 
symbols commonly used in electricity and electronics. Appendix 
A contains a more complete listing in alphabetic, tabular form. 
You'll find it in the back of this book. 


Resistors 


Resistors are among the most simple electronic components. As the 
term implies, they resist the flow of electrical current. The value or 
“size” of a resistor is measured in units called ohms, typical real-world 
resistors are rated from about one ohm up to millions of ohms. Less 
commonly, you'll encounter resistors with values of less than an 
ohm, or hundreds of millions (or even billions) of ohms. 
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FIG. 3-1. Standard schematic symbol for a fixed-value resistor. 


Regardless of the ohmic value, all fixed-value resistors are sche- 
matically indicated by the symbol shown in Fig. 3-1. This is the most 
universally accepted symbol for a resistor. The two horizontal lines 
indicate the leads or conductors that exit from both ends of the physi- 
cal component. (Sometimes the resistor contacts are not wire leads 
but more substantial metal terminals.) Figure 3-2 shows a “transpar- 
ent” functional drawing of a carbon-composition fixed resistor with 
leads on both ends. Figure 3-3 shows pictorial drawings of two other 
types of resistors. Any resistor of the sort shown pictorially in Fig. 3-2 
or Fig. 3-3 is indicated schematically by the symbol in Fig. 3-1. 

A variable resistor has the ability to change ohmic value by means 
of a slide or rotary tap that can be moved along the resistive element. 
The variable resistor is usually set to one value, and it remains at this 
point until manually changed. The electronic circuit, therefore, “sees” 
the component as a fixed resistor. However, when a variable resistor 
is required for the proper functioning of a specific circuit, it is neces- 
sary to indicate to any person who might build it from a schematic 
drawing that the resistor is actually a variable type. Figure 3-4 shows 
the schematic symbol for a variable resistor with two leads. Other 
types of variable resistors exist, and they have three leads (two end 
leads and a tap). Figure 3-5 shows two examples of schematic sym- 
bols for a three-terminal variable resistor, known as a potentiometer 
or a rheostat depending on the method of construction. Notice that 
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FIG. 3-2. Pictorial illustration showing the anatomy of a carbon-composition 
resistor. 
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FIG. 3-3. Pictorial illustrations showing the anatomy of a wirewound resistor (at A) 
and a film type resistor (at B). 


both examples use the standard resistor configuration, and indicate 
that it's a variable type by means of an arrow symbol pointing to the 
Zig-Zag part. 


Did you know? 

Rheostats are in effect the same as potentiometers, but mechani- 
cally they differ. A rheostat contains a wirewound resistance ele- 
ment, while a potentiometer is normally of the carbon-composi- 
tion type. Therefore, a rheostat’s value varies in small increments 
or steps, while a potentiometer’s value can be adjusted over a 
continuous range. 
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FIG. 3-4. Schematic symbol for a two-terminal variable resistor. 


Tip 

In schematic drawings, an arrow often indicates variable proper- 
ties of acomponent, but not always! Transistors, diodes, and some 
other solid-state devices have arrows in their schematic symbols. 
These arrows don’t have anything to do with variable or adjust- 
able properties. Arrows can also sometimes indicate the direction 
of current or signal flow in complex circuits. 


Figure 3-6 is a pictorial drawing of a variable resistor of the wire- 
wound type, manufactured so that the resistance wire is exposed. A 
sliding metallic collar, which goes around the body of the resistor, 
can be adjusted to intercept different points along the coil of resis- 
tance wire. The collar is attached by a flexible conductor to one of 
the two end leads. The collar, therefore, shorts out more or less of 
the coil turns, depending on where it rests along the length of the 
coil. As the collar moves toward the opposite resistor lead, the ohmic 
value of the component decreases. 

Figure 3-7 shows a functional drawing of a rotary potentiometer 
(at A), along with the schematic symbol (at B). The symbol looks like 


A 


FIG. 3-5. Alternate symbols for variable resistors, also known as potentiometers or 
rheostats (depending on the physical construction method). The device at A con- 
nects one end to the tap; and the device at B uses a three-terminal arrangement. 
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FIG. 3-6. Pictorial drawing of a wirewound variable resistor. 


the variable resistor equivalent, but has three discrete contact points. 
Using the potentiometer control, the portion of the circuit that comes 
off the arrow lead can be varied in resistance to two circuit points, 
each connected to the two remaining control leads. Figure 3-8 shows 
a pictorial drawing of a typical potentiometer. 

The variable resistor shown pictorially in Fig. 3-6 can be changed 
into a rheostat by severing the connection between the collar and 
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FIG. 3-7. Simplified functional drawing of a rotary potentiometer (A) and its 
schematic symbol with corresponding connections (B). 
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FIG. 3-8. Pictorial drawing of a full-size potentiometer, suitable for mounting 
on the front panel of an electronic device such as a radio receiver. 


the end. Now, the collar can be used as the third or variable contact. 
Likewise, a rheostat or potentiometer can be turned into a two-lead 
variable resistor by shorting out the variable contact point with the 
lead on either end. 

The schematic symbol for a resistor, all by itself, tells us nothing 
about the ohmic value, or anything else about the component such 
as its power rating or physical construction, either. Various specifica- 
tions for the component can be written alongside the resistor symbol, 
but these details might also appear in a separate components table 
and referenced by an alphabetic/numeric designation printed next to 
the schematic symbol (such as R1, R2, R3, and so on). 


Tip 

You can usually determine the ohmic value of a fixed resistor by 
looking at the colored bands or zones on it. Appendix B lists the 
resistor color codes that specify the ohmic values of fixed resistors. 


Capacitors 


Capacitors are electronic components that have the ability to block 
direct current (DC), while passing alternating current (AC). They also 
store electrical energy. The basic unit of capacitance is the farad 
(symbolized F). The farad is a huge electrical quantity, and most 
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FIG. 3-9. Standard symbol for a fixed capacitor. The curved line represents the 
plate (or set of plates) electrically closer to ground. 


real-world components are, therefore, rated in tiny fractions of a 
farad—microfarads or picofarads. A microfarad (symbolized uE) 
equals a millionth of a farad (0.000001 F), and a picofarad (symbol- 
ized pF) equals a millionth of a microfarad (0.000001 UF) or a tril- 
lionth of a farad (0.000000000001 F). 

Figure 3-9 shows the common schematic symbol for a fixed capac- 
itor. On occasion, you might see alternative symbols, such as those in 
Fig. 3-10. Many different types of capacitors exist. Some are nonpo- 
larized devices, meaning that you can connect them in either direc- 
tion and it doesn't make any difference. Others are polarized, having 
a positive and a negative terminal, and you must take care to connect 
them so that any DC voltage that happens to appear across them has 
the correct polarity. Most types of capacitors contain only two leads, 
although every now and then, you'll come across one with three or 
more leads. 

The basic capacitor symbol consists of a vertical line followed by a 
space and then a parenthesis-like symbol. Horizontal lines connect to 
the centers of the vertical line and the parenthesis to indicate the com- 
ponent leads. The parenthesis side of a capacitor indicates the lead 
that should go to electrical ground, or to the circuit point more nearly 
connected to electrical ground. Unless the symbol includes a polar- 
ity sign, it indicates a nonpolarized capacitor, which might be made 
from metal plates surrounding ceramic, mica, glass, paper, or other 
solid nonconducting material (and, in some cases, air or a vacuum). 
The material designation indicates the insulation, technically known 
as a dielectric, that separates the two major parts of the component. 


lo Se 


FIG. 3-10. Alternate symbols for fixed capacitors. At A, air dielectric; at B, solid 
dielectric. 


Table 1-1. Parts List For 25 Amp Supply. 


C1—13,000-uF, 25-V electrolytic capacitor 

C2—10-uF, 25-V electrolytic capacitor 

C3—0.22-uF, 100-V tubular capacitor 

C4, C5—0.01-uF, 500 V ceramic capacitor 

D1-D4—25-A diodes or epoxy bridge rectifier (see text) 
D1-D5—1N4004 diodes 

Fi—Fuse, 5 Amp 

F2—Fuse, 30 Amp 

Q1, Q2, Q3, Q4, O5—2N3055 transistors 

R1—120-Ohm 4-W resistor 

R2—3000-Ohm, '/2-W resistor 

R3—500-Ohm, 1-W potentiometer 

R4, R5, R6, R7, RB—0.25-Ohm, 1-W resistor 

IC1—7812 voltage regulator 

51—SPST switch 

S2—6-position wafer switch 

T11—120/17-24-V ac power transformer (see text) 

Miscellaneous: NE1 neon bulb, binding posts, line cord, 0-25-V dc 
voltmeter, 0-30-A ammeter, heat sinks, chassis, blower, fuseholders; 
and bulb socket. | 


the little square bridges are rated between 20 and 35 amps. I am 
using a Semtech-Alpac 7905 only because I happened to have one 
on hand. Motorola, International Rectifier, VARO, and EDI make 
excellent equivalents. 

Voltage regulation depends on adequate filtering and an IC 
known as a 7812. After much experimentation. I found that my 
voltage regulation (as well as hum attenuation) improved as I 
increased the value of filter capacitor C2. Starting out with 2000 
uF, I worked my way upward to 13,000 uF. Though I now have a 
37,000-uF filter capacitor in the circuit, 13,000 uF seemed to be 
enough. The amount of filtering achieved by going from 13,000 to 
37,000 uF is very, very slight and detectable only with a scope. 
Obviously one can't ignore the thought that if 13,000 uF is good, a 
higher value would be better, but let me caution you enthusiastic 
high-capacity freaks against installing 150,000-uF capacitors 
without limiting inrush current. I haven’t experimented beyond 
37,000 uF. 

The 7812 voltage regulator is an IC device capable of main- 
taining excellent regulation as long as the input voltage falls be- 
tween 14.6 and 19 volts nominally. A number of companies are 
producing the 7812 and it generally has some sort of prefix or 
suffix, but the digits remain the same. 
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FIG. 3-11. Schematic symbol for a polarized capacitor. The side with the plus sign 
(+) should carry a positive voltage relative to the other side. 


Physically, a typical fixed-value capacitor comprises two tiny sheets of 
conductive material close to each other but kept electrically separated 
by the dielectric layer. 

Figure 3-11 shows the schematic symbol for a polarized or electro- 
lytic capacitor. Notice that this symbol is the same as the one for the 
nonpolarized component, but a plus (+) sign has been added to one 
side. This sign indicates that the positive terminal of the component 
goes to the external circuitry. Occasionally, a negative (—) symbol will 
also appear on the opposite side. When you see the plus sign, you 
know that the component is polarized, and therefore, that you must 
connect it to the remainder of the circuit in observance of the proper 
polarity. That means the positive capacitor electrode must go to the 
more positive DC voltage point in the circuit, and the other electrode 
must go to the more negative DC voltage point in the circuit. 


Tip 

Polarized capacitors have external markings that tell you the 
polarity. Some have a plus sign, and some have a minus sign, and 
a few have both. Often, you'1l need a magnifying glass to resolve 
the symbols, so beware: You should never connect a polarized 
capacitor the wrong way around! 


All the capacitors that we've seen so far have a fixed design. In 
other words, the components specified have no provision for chang- 
ing the capacitance value, which is determined at the time of manu- 
facture. Some capacitors, however, do have the ability to change 
value. These components are generally called variable capacitors, 
although some specialized types are known as trimmer capacitors or 
padder capacitors. 

Figure 3-12 shows the most common symbol for a variable capaci- 
tor. An arrowed line reveals the variable property; it runs diagonally 
through a fixed capacitor symbol. Figure 3-13 shows two alternative 
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FIG. 3-12. Standard symbol for a variable capacitor. The curved line represents the 
rotor, and the straight line represents the stator. 


ways of indicating this same component. Most of the time, the sym- 
bol shown in Fig. 3-12 will indicate a variable capacitance, regardless 
of the physical construction details. 

An air variable capacitor (one with an air dielectric) can tune 
many types of radio-frequency (RF) equipment including antenna 
matching networks, transmitter output circuits, and old-fashioned 
radios. A typical air variable has many interlaced plates, with the 
plates connected together alternately to form two distinct contact 
points. The set of plates that you can rotate is called the rotor, the 
set of plates that remains stationary is called the stator. All variable 
capacitors are nonpolarized components, meaning that the external 
DC voltage you connect to them can go either way and it doesn’t 
make any difference. 


Tip 

In most air variables, the rotor should go to electrical ground. The 
rotor connects physically to the shaft that you turn. By grounding 
that shaft along with the rotor, you minimize external capacitance 
effects so that if you touch the shaft, the addition of your body 
into the system doesn’t upset the performance of the circuit. In 
addition, you’re protected against the risk of electric shock when 
the shaft that you touch goes directly to ground! 
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FIG. 3-13. Alternate symbols for variable capacitors. At A, the stator is not distin- 
guished from the rotor; at B, the rotor appears as a curved line with an arrow. 
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FIG. 3-14. Schematic symbol for two variable capacitors ganged together. 


Sometimes, two separate variable capacitors are connected together 
or ganged in a circuit. In a ganged arrangement, two or more units 
are used to control two or more electronic circuits, but both compo- 
nents are varied simultaneously by tying the rotors of the two units 
together. Figure 3-14 shows the schematic symbol for two variable 
capacitors ganged together. The minimum and maximum capaci- 
tance values of the two components might be the same, but they 
don’t have to be the same. They will, however, always track together. 
In a ganged system, when one of the capacitors increases in value, 
the others all increase as well. 

As is the case with most electronic components, the schematic sym- 
bol for the capacitor serves only to identify it and to show whether 
it is fixed or variable, and if fixed, whether or not it is polarized. The 
component value might be written alongside the schematic symbol, 
or the component might be given a letter and number designation 
(for example, C1, C2, C3, and so on) for reference to a components 
list or table that goes along with the diagram. 


Inductors and transformers 


A basic inductor comprises a length of wire that is coiled up in order 
to introduce inductance into a circuit. Inductance is the property that 
opposes change in existing current; it acts in practice only while cur- 
rent increases or decreases. Coils or inductors can range in physical 
size from microscopic to gigantic, depending upon the inductance 
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FIG. 3-15. Standard symbol for an air-wound (or air-core) inductor. 


value of the component, and on the amount of current that it can 
handle. 

The basic unit of inductance is the henry (symbolized H), a large 
electrical quantity. Most practical inductors are rated in millibenrys 
(symbolized mH), where 1 mH = 0.001 H, or in microhenrys (H), 
where 1 pH=0.001 mH =0.000001 H. Occasionally, you'll see an induc- 
tor whose value is specified in nanohenrys (nH), where 1 nH = 0.001 
uH = 0.000000001 H. 

Figure 3-15 shows the basic schematic symbol for an dir-core 
inductor. The two leads are designated by straight lines that merge 
into the coiled part. An air-core coil has nothing inside the windings 
that can affect the inductance. Some air-core coils are wound from 
stiff wire and support themselves mechanically, and their cores do, 
in fact, comprise nothing but air. In most cases, however, a noncon- 
ductive and noninductive form made out of plastic, mica, or ceramic 
material serves as a support for the coil turns, keeping them in place 
and enhancing the physical ruggedness of the component. 


Did you know? 

In some old radio receivers, you'll find air-core inductors wound 
around small waxed cardboard cylinders resembling short lengths 
of drinking straw. Some hobbyists even use waxed wooden dow- 
els to support “air-core” coils! 


Figure 3-16 shows the schematic symbol for a tapped air-core 
inductor; in this case, the coil has two tap points along its length. 


FIG. 3-16. Schematic symbol for an air-core inductor with two taps. 
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FIG. 3-17. Schematic symbols for a variable air-core inductor. At A, arrow above 
coil symbol; at B, arrow passing through coil symbol. 


Whereas the fixed coil had only two leads, a tapped coil has three 
or more. When a coil is tapped, separate conductors are attached 
to one or more of the turns for intermediate connection. Maximum 
inductance is obtained from connecting the end leads to the external 
circuitry. A tapped arrangement allows for the selection of an input 
or output point that offers lower inductance than the full coil does. 

As an alternative to taps, a coil might have a sliding contact that 
can be advanced along the entire length of the windings. This sliding 
contact allows adjustment of the inductance value, rather than hav- 
ing a select fixed point with the tapping arrangement. A variable coil 
can be indicated by either of the symbols shown in Fig. 3-17. The 
arrow indicates that the component can be adjusted from a maximum 
inductance value to a minimum inductance value. 

Figure 3-18 shows symbols for a fixed air-core coil (at A), a tapped 
air-core coil (at B), and an adjustable air-core coil (at C). 

An inductor meant for low-frequency applications can consist 
of a coiled wire wound around a solid or laminated Cayered) iron 
core. Here, the iron, which constitutes a ferromagnetic material, 
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FIG. 3-18. Schematic symbols for fixed (A), tapped (B), and adjustable (C) air- 
core inductors. 
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FIG. 3-19. Schematic symbol for an inductor with a solid or laminated iron core. 


replaces the previous empty or air core. For example, a 60-Hz choke, 
intended for use in power-supply filters, will usually contain a single 
coil wound around a circular iron form. The ferromagnetic material 
ereatly increases the magnetic flux density inside the coil windings, 
thereby increasing the inductance by a factor of many hundreds, or 
even thousands, of times compared with the inductance of an air- 
core coil having the same physical dimensions. 

Figure 3-19 shows the schematic symbol for an iron-core inductor. 
Notice that it is the basic fixed coil discussed earlier, along with two 
close-spaced straight lines that run for its entire length. Sometimes the 
iron-core inductor is drawn as shown in Fig. 3-20, with the straight 
lines inside the coil turns in the symbol. (This is not the approved 
method of indicating an iron-core inductor, but you'll still see it now 
and then.) Some iron-core inductors contain taps for sampling dif- 
ferent inductance values, and some might even be adjustable. The 
equivalent schematic symbols for these types of components appear 
in Fig. 3-21. 

At higher frequencies, solid-iron and laminated-iron cores aren't 
efficient enough to function in inductors. Engineers would say that 
they have too much /oss. At frequencies above a few kilohertz (kHz), 
a special core is needed if you want to increase the inductance over 
what you can get with nonferromagnetic core materials, such as 
air, plastic, ceramic, or wood. The most common substance for this 
purpose consists of iron material that has been shattered into myriad 
tiny fragments, each of which has a layer of insulation applied to it. 
After the fragmentation and insulation process has been completed, 
the particles are compressed to form a physically solid sample called 
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FIG. 3-20. Alternate symbol for an inductor with a solid or laminated iron core. 
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FIG. 3-21. Symbols for a tapped coil (4) and an adjustable coil (B) with solid- or 
laminated-iron cores. 


a powdered-iron core. Figure 3-22 shows schematic symbols for pow- 
dered-iron-core inductors. 


Tip 

The symbols for powdered-iron-core inductors are nearly iden- 
tical to those for solid- or laminated-iron-core inductors, except 
that the straight lines are broken up instead of solid. These types 
of components, like all other types of inductors, can be tapped or 
continuously variable. 


A transformer is made up of multiple inductors with the coil turns 
interspersed or wound around different parts of a single core. Figure 
3-23 shows the symbol for a basic air-core transformer. It looks like 
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FIG. 3-22. Schematic symbols for fixed (4), tapped (B), and adjustable (C) induc- 
tors with powdered-iron cores. 
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FIG. 3-23. Schematic symbol for a transformer with an air core. 


two air-core coils drawn back-to-back. A transformer has the ability 
to transfer AC energy from one circuit to another at the same fre- 
quency. Because transformers are made by combining inductors, the 
schematic symbols are similar. Figure 3-24 shows some transformers 
that contain iron cores. The ones at A and B have solid or laminated 
cores; the ones at C and D have powdered cores. 


Switches 


A switch is a device, mechanical or electrical, that completes or 
breaks the path of current. Additionally, a switch can be used to allow 
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FIG. 3-24. At A, a transformer with a solid- or laminated-iron core. At B, 
a transformer with a solid- or laminated-iron core and tapped windings. 
At C, a transformer with a powdered-iron core. At D, an adjustable 
transformer with a powdered-iron core. 
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FIG. 3-25. Schematic symbol for an SPST switch. 


current to pass through different circuit elements. Figure 3-25 shows 
the schematic symbol for a single-pole/single-throw (SPST) switch. 
This component can make or break a contact at only one point in a 
circuit; it’s a two-position device (on-off or make-break). 

Figure 3-26 shows a different type of switch, designated as a single- 
pole/double-throw (SPDT) component. Symbolically, the pole coin- 
cides with the point of contact at the base of the arrowed line. A 
throw is the contact point to which the arrow can point. The SPDT 
switch contains one pole contact and two throw positions; the input 
to the pole can be switched to either the upper or lower circuit point. 

Some switches contain two or more poles. Figure 3-27A shows 
the symbol for a double-pole/single-throw (DPST) switch, while Fig. 
3-27B shows the symbol for a double-pole/double-throw (DPDT) 
switch. Some switches have even more elements. The one shown in 
Fig. 3-28 has five poles, each of which can be switched to two sepa- 
rate positions. Engineers and technicians might call it a five-pole/ 
double-throw (5PDT) arrangement. 

This last designation can actually be covered under the heading of 
multicontact switches. This category takes in most switches that have 
more than two poles or two throw positions. For example, a rotary 
switch has a single pole and several throw positions; Fig. 3-29 shows 
an example. The arrow still indicates the pole contact. In this case the 
switch has 10 throw positions. Technically, then, it’s a single-pole/10- 
throw (SP10T) device! 


a 


FIG. 3-26. Schematic symbol for an SPDT switch. 
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FIG. 3-27. At A, symbol for a DPST switch. At B, symbol for a DPDT switch. 


Occasionally, you'll encounter sets of rotary switches ganged 
together, much like two or more variable capacitors can be made 
to rotate in sync with one another. Figure 3-30 shows the schematic 
symbol for an arrangement that uses two rotary switches. The dashed 
line tells us that the two switches are ganged. The two arrowed lines, 
which indicate the throw positions, go around “in sync” with each 
other. So, for example, when the left-hand switch (or pole number 1) 
rests at throw number 3 (as is the case here), the right-hand switch 
(or pole number 2) also rests at throw number 3. 
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FIG. 3-28. Schematic symbol for a five-pole double-throw (5PDT) switch. 
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In this circuit, the 7812 is above ground through a 200- to 
500-ohm resistor. I don't put an exact value on this because it is not 
that critical. 

As was the case with the pass transistors, I mounted the 7812 
on a heat sink affixed to a small piece of Plexiglas on standoffs (to 
simplify its isolation from the chassis). The heat sink (see Fig. 1-2) 
is made of four strips of one-inch-wide aluminum cut at varying 
lengths and bent up a half-inch at each end. I then placed each one 
“inside” a larger one. To keep the strips aligned, a hole was drilled 
which also served to attach the 7812. 

While it isn’t necessary, you can build in a selectable voltage 
feature by connecting any number of 1N4004 diodes on a wafer- 
type switch. This switch goes between pin 3 of the 7812 and 
ground. (If this seems like a lot of hooey to you, you may disregard 
the above and connect pin 3 of the 7812 to ground through R3. You 
will see a voltage change of approximately 0.7 V with each position 
on the switch. With my supply, I have the capability of as much as 
15 V or so, and the switch permits me to “switch down to” the 
proper voltage I desire (13.8 V dc). 

The value of bleeder resistor R1 across the output is not 
critical either but have something there for your protection. 

By varying the resistance of R3, your output voltage will vary 
considerably. I believe a potentiometer instead of a fixed-value 


Fig. 1-2. Heat sink construction details. 
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FIG. 3-29. Schematic symbol for a rotary (or wafer) switch. This one has a single 
pole and 10 throws (SP10T). 


In each case, every switch contact point (pole or throw) is repre- 
sented by a tiny circle. The variable element or pole is indicated by 
an arrow. The symbols shown here are all standard. You'll seldom 
see any significant variations. 


Did you know? 

Some amateur radio operators use a special switch called a Morse 
code key. This old-fashioned device, also called a hand key ora 
straight Rey, makes or breaks a circuit for the purpose of send- 
ing Morse code manually. It’s an SPST switch with a lever and 
a spring, causing the device to return to the off position when 
the operator lets go of the lever. Figure 3-31 shows its schematic 
symbol. 
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FIG. 3-30. Schematic symbol for two rotary switches ganged together. This one has 
two poles and 10 throws (2P10T). 
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FIG. 3-31. Schematic symbol for a Morse code key (hand key or straight key). 


Conductors and cables 


Throughout this discussion, a straight line has always indicated a 
conductor, but most circuits contain a large number of conductors. 
When you draw a diagram of a complicated circuit or system, you'll 
often find it necessary to have lines cross over each other, whether 
the represented wires actually make contact in the physical system 
or not. 

Figure 3-32 shows two conductors that must cross each other in a 
diagram, but that are not connected to each other in the physical cir- 
cuit (at least not at the point where they cross in the schematic). This 
diagram geometry does not imply that when you build the circuit, the 
conductors must physically cross over each other at that exact place. 
It simply means that in order to make the schematic drawing, you 
have to draw one conductor across another to reach various circuit 
points without introducing a whole lot of confusion and clutter, or 
resorting to three dimensions to make your drawing. 


Aha! 

A real-world circuit exists in three-dimensional GD) space, but 
when you want to diagram it, you must do it on a two-dimensional 
(2D) surface. To carry off that feat, you must learn a few tricks to 
make sure that your readers see things right! 


FIG. 3-32. Schematic symbol for conductors that cross paths but are not electrically 
connected. 
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FIG. 3-33. At A, preferred symbol for conductors that intersect and are electrically 
connected to each other. At B, alternate symbol for the same situation. 


Figure 3-33 shows two ways of portraying a point where two wires 
cross and they are electrically connected at that point. In the drawing 
at A, one of the conductors is “broken in two” so that it appears to 
contact the other one at two different points. This geometry makes 
it clear that the two conductors (the “divided” vertical one and the 
“solid” horizontal one) connect to each other electrically. Black dots 
indicate electrical connection. In the drawing at B, the two conduc- 
tors cross (at right angles in this example), and a single black dot is 
drawn at the junction. This dot tells us that the conductors connect at 
this point. The method shown at B might look better at first glance, 
but the neatness comes along with a problem: Some readers might 
overlook the black dot and think that the two conductors are not 
meant to connect. The method at A makes that potential misinterpre- 
tation impossible. 

Just as a reader might miss a black dot at a crossing point, as in 
Fig. 3-33B, another reader might see Fig. 3-32 and imagine a black 
dot when it isn’t there! Then the reader will think the two wires con- 
nect when in fact they do not. This problem rarely occurs in well- 
engineered schematics where the draftsperson makes sure to use 
big black dots and good quality printing presses. However, in some 
older schematics you will see nonconnecting, crossed wires shown 
as in Fig. 3-34. One of the wires has a half loop that makes it look 
like it jumps over the other wire to avoid contact. That trick (which 
should never have gone out of style, in my opinion) gets rid of any 
doubt as to whether the wires electrically connect at the crossover 
point or not. 

A cable consists of two or more conductors inside a single insu- 
lating jacket. In many cases, unshielded cables are not specifically 
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FIG. 3-34. Archaic (but clear) representation of conductors that cross paths but are 
not electrically connected to each other. 


indicated in a schematic drawing, but appear as two or more lines that 
run parallel to indicate multiple conductors. Shielded cables require 
additional symbology along with the conductors. Figure 3-35 shows 
examples of shielded wire, often used to indicate the use of coaxial 
cable in an electronic circuit. Coaxial cable contains a single wire 
called the center conductor surrounded by a cylindrical, conduit-like 
conductive shield. An insulating layer, called the dielectric, keeps the 
two conductive elements isolated from each other. In most coaxial 
cables, the dielectric material consists of solid or foamed polyethylene. 


Tip 

Figure 3-36 shows a symbol for coaxial cable when the shield con- 
nects to a chassis ground, such as the metal plate on which an 
electronic circuit is constructed. The chassis ground might lead 
to an earth ground, but that’s not always the case. In a truck, for 
example, no earth ground exists, so the chassis of the trucker’s 
CB radio would go to the vehicle frame. 
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FIG. 3-35. 41 A, symbol for a coaxial cable with an ungrounded shield. At B, 
symbol for a coaxial cable with an earth-grounded shield. 
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FIG. 3-36. Symbol for a coaxial cable with a chassis-2rounded shield. 


In some cables, a single shield surrounds two or more conduc- 
tors. Figure 3-37 shows the schematic symbol for a two-conductor 
shielded cable. This symbol is identical to the one for coaxial cable, 
except that an extra inner conductor exists. If more than two inner 
conductors exist, then the number of straight, parallel lines going 
through the elliptical part of the symbol should equal the number 
of conductors. For example, if the cable in Fig. 3-37 contained five 
conductors, then five horizontal lines would run through the elliptical 
part of the symbol. 


Diodes and transistors 


Figure 3-38 shows the basic symbol for a semiconductor diode. In 
this symbol, an arrow and a vertical line indicate parts of the diode, 
and the horizontal lines to the left and right indicate the leads. The 
symbol in Fig. 3-38 portrays a rectifier diode. The arrowed part of the 
symbol corresponds to the diode’s anode, and the short, straight line 
at the arrow’s tip corresponds to the cathode. Under normal operat- 
ing conditions, a rectifier diode conducts when the electrons move 


FIG. 3-37. Symbol for a shielded two-conductor cable, in this case with a chassis 
ground for the shield. 
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FIG. 3-38. Symbol for a general-purpose semiconductor diode or rectifier. 


against the arrow, i.e., when the anode has a positive voltage with 
respect to the cathode. 

Figure 3-39 shows the symbols for some specialized diode types. 
At A, we see a varactor diode, which can act as a variable capacitor 
when we apply an adjustable DC voltage to it. At B, we see a Zener 
diode, which can serve as a voltage regulator in a power supply. At 
C, we see a Gunn diode, which can act as an oscillator or amplifier 
at microwave radio frequencies. 

A silicon-controlled rectifier (SCR) is, in effect, a semiconductor 
diode with an extra element and corresponding terminal. Its sche- 
matic symbol appears in Fig. 3-40. In the SCR representation, a circle 
often (but not always) surrounds the diode symbol, and the control 
element, called the gate, shows up as a diagonal line that runs out- 
ward from the tip of the arrow. In all cases, the lead that goes to the 
base of the arrow is the anode of the device, and the one connected 
to the short straight line at the arrow’s tip is the cathode. 

Figure 3-41 shows the schematic symbols for bipolar transistors. 
The PNP type is shown at A, followed by the NPN variety at B. The 
only distinction between the two is the direction of the arrow. In 
the PNP device, the arrow points into the straight line for the base 
electrode. In the NPN device, the arrow points outward from the 
base. Occasionally, the circle that surrounds the base, emitter, and 
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FIG. 3-39. Symbols for a varactor diode (A), a Zener diode (B), and a 
Gunn diode (C). 
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FIG. 3-40. Symbol for a silicon-controlled rectifier (SCR). 


collector leads is omitted from the bipolar transistor symbol. Besides 
the bipolar variety, many other types of transistors exist. Figure 3-42 
shows the symbols for four of these devices, as follows: 


e At A, we see an N-channel junction field-effect transistor (JFET). 

e At B, we see a P-channel JFET. 

e At C, we see an N-channel metal-oxide-semiconductor field- 
effect transistor (MOSFET). 

e At D, we see a P-channel MOSFET. 


Tip 

Transistors can be made from various types of semiconductor 
materials and metal-oxide compounds, but the schematic symbol, 
all by itself, tells us nothing about the elemental semiconductor 
material used in manufacture. The symbol merely indicates com- 
ponent functionality. 
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FIG. 3-41. Symbols for a PNP bipolar transistor (A) and an NPN bipolar 
transistor (B). 
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FIG. 3-42. At A, symbol for an N-channel JFET. At B, symbol for a P-channel JFET. 
At C, symbol for an N-channel MOSFET. At D, symbol for a P-channel MOSFET. 


Electron tubes 


Although vacuum tubes aren’t used in electronics nearly as often as 
they were a few decades ago, many designs still exist that do employ 
them. When you want to create the symbol for a vacuum tube, you 
should start by drawing a fairly large circle, and then you should add 
the necessary symbols inside the circle to symbolize the type of tube 
involved. Figure 3-43 shows the schematic symbols for the various 
types of tube elements commonly used in schematic drawings. 

Figure 3-44 shows the schematic symbol for a diode vacuum tube. 
This two-element device contains an anode (also called a plate) and 
a cathode. Just as with the semiconductor diode, the anode is nor- 
mally positive with respect to the cathode when the device conducts 
current. The cathode emits electrons that travel through the vacuum 
to the anode. A hot-wire filament, something like a miniature low- 
wattage light bulb, heats the cathode to help drive electrons from it. 
In Fig. 3-44, the filament has been omitted for simplicity, a common 
practice in all vacuum tube symbology when the filament and cath- 
ode are physically separate, an arrangement known as an indirectly 
heated cathode. 
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FIG. 3-43. Symbols for tube elements and characteristics. A: Filament or directly 
heated cathode. B: Indirectly heated cathode. C: Cold cathode. D: Photocathode. 
E: Grid. F: Anode (plate). G: Deflection plate. H: Beam-forming plates. I: Envelope 
for vacuum tube. J: Envelope for gas-filled tube. 


Tip 

All tube elements are surrounded by a circle, which represents 
the tube envelope. Occasionally, the circle is omitted from some 
tube symbols in schematic drawings, but that’s not standard 
practice. 


Figure 3-45 shows two versions of a triode vacuum tube, which 
consists of the same elements as the diode previously discussed, 
with the addition of a dashed line to indicate the grid. But there’s 
another difference, too, in drawing A. Can you see it? Look closely 


FIG. 3-44. Schematic symbol for a diode vacuum tube with an indirectly heated 
cathode. Although a filament exists, it is often omitted to reduce clutter in symbols 
for tubes with indirectly heated cathodes. 


Electron tubes 51 


A B 


FIG. 3-45. Symbols for a triode tube with a directly heated cathode (A) and an 
indirectly heated cathode (B). 


at the cathode. The tube at A has a directly heated cathode, in which 
the filament and the cathode are the very same physical object! We 
apply the negative cathode voltage directly to the filament wire; no 
separate cathode exists at all. In Fig. 3-45B, we see the symbol for a 
triode tube with an indirectly heated cathode. In this symbol, the fila- 
ment is inside the cathode, which comprises a metal cylinder running 
along the central vertical axis of the tube. 

Tetrode vacuum tubes have two grids. To represent one of them, 
we need an additional dashed line, as shown in the drawings of 
Fig. 3-46. In the tetrode, the upper grid, closer to the anode, is called 
the screen. Figure 3-47 shows symbols for the so-called pentode tube, 
which has three grids and a total of five elements. In the pentode, the 
second grid (going from the bottom up) is the screen, and the third 
grid Gust underneath the plate) is called the suppressor. In both Figs. 
3-46 and 3-47, the left-hand symbol (at A) portrays a device with a 
directly heated cathode, while the right-hand drawing (at B) shows a 
device with an indirectly heated cathode. 
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FIG. 3-46. Symbols for a tetrode tube with a directly heated cathode (A) and an 
indirectly heated cathode (B). 


Fig. 1-3. Power supply metering 
arrangement. 


resistor is a better route so that more flexibility is available for 
future voltage needs which now might not be considered. As in my 
case, if you are receiving 16.8 V from your transformer, 250 ohms 
is sufficient to yield the 13.8 V dc you want. 

Should you be supplying your rectifier with 16 to 18 volts and 
not be getting a stable 13 volts or so, check to be sure that you are 
not losing (dropping) all of your voltage in your rectifier diodes or 
epoxy bridge. Some of the epoxy bridge rectifiers are poor in the 
area of voltage consistency. Try a different one, even of the same 
manufacturer. Another place to watch for voltage losses is in your 
wiring. The more current you draw, the higher your voltage drops 
may become in your transformer, rectifier, filter capacitor, or 
wiring. Wire which is too small may cause substantial voltage 
drops. I would suggest using #14 AWG wire at least. 


Hum Problems 

My first test of the power supply was disastrous. Not only was 
the regulation terrible, but the audio was 80% hum, 20% ham. Two 
things lead to the elimination of hum: First (and already covered), I 
placed my voltage regulator above ground on the Plexiglas sup- 
port; second, I connected all of my chassis ground connections to 
one point. 

As with my other home-brew endeavors, I first mounted the 
power supply on an open chassis. Bread-boarding can save you 
much agony when it comes time to actually fitting the power supply 
in a permanent box. I was able to come up with a perfect cabinet 
(which formerly was a microvolt meter) for $1.00. When shopping 
for an enclosure, don’t overlook old, non-working test equipment 
etc. Metering can be added easily as shown in Fig. 1-3. 


A 12 VOLT POWER SUPPLY 

This design will allow you to adjust it to fit your needs. Most of 
the parts used are available from your junk box or local parts store. 
The hardest item to locate at a reasonable cost is a transformer. 
The voltage requirements for a good 13.5-V dc supply are a 
minimum of 36 V ac, center-tapped, or a single 18-V ac winding 
(see Fig. 1-4). For a 13.5-V dc regulator to perform, we have an 
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FIG. 3-47. Symbols for a pentode tube with a directly heated cathode (A) and an 
indirectly heated cathode (B). 


Follow the flow 


In all the vacuum tube symbols shown here, electrons normally 
flow from the bottom up. They come off the cathode, travel 
through the grid or grids (if any), and end up at the plate. Once in 
awhile you'll see a vacuum tube symbol lying on its side. In that 
sort of situation, you can simply remember that the electrons go 
from the cathode to the plate under normal operating conditions. 


Some vacuum tubes consist of two separate, independent sets of 
electrodes housed in a single envelope. These components are called 
dual tubes. If the two sets of electrodes are identical, the entire compo- 
nent is called a dual diode, dual triode, dual tetrode, or dual pentode. 
Figure 3-48 shows the schematic symbol for a dual triode vacuum tube 
with indirectly heated cathodes. 

In some older radio and television receivers, tubes with four or five 
grids were sometimes used. These tubes had six and seven elements, 
respectively, and were called hexodes and heptodes. These esoteric 
devices were used mainly for mixing, a process in which two RF 
signals having different frequencies are combined to get new signals 
at the sum and difference frequencies. The schematic symbol for a 
hexode is shown in Fig. 3-49A; the symbol for a heptode is shown 


FIG. 3-48. Schematic symbol for a dual triode tube. 
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A B 


FIG. 3-49. 41 A, symbol for a hexode tube. At B, symbol for a heptode tube, also 
known as a pentagrid converter. 


in Fig. 3-49B. Some engineers called the heptode tube a pentagrid 
converter. Both of these symbols show devices with indirectly heated 
cathodes. 


Tip 

You won't encounter hexodes and heptodes in modern electron- 
ics, but if you like to work with antique radios, you should get 
familiar with them. But take this warning: You'll probably have 
a difficult time finding a replacement component, should one of 
these relics go “soft” on you! 


Cells and batteries 


A cell or battery is often used as a power source for electronic circuits. 
Figure 3-50 shows the schematic symbol for a single electrochemical 
cell, such as the sort that you'll find in a flashlight. A single-cell com- 
ponent such as this usually has an output of approximately 1.5 V DC. 
Electrochemical batteries with higher voltage outputs comprise multi- 
ple cells connected in series (negative-to-positive in a chain or string); 


ye 


FIG. 3-50. Schematic symbol for a single electrochemical cell. 
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FIG. 3-51. Schematic symbol for a self-contained multicell electrochemical battery. 


the schematic representation for a multicell battery takes this design 
into account, as shown in Fig. 3-51. 

The multicell battery symbol is simply a number of single-cell 
symbols placed end-to-end without any intervening lines. If a circuit 
calls for the use of three individual, discrete single-cell batteries in a 
series connection, you might draw three cell symbols in series with 
wire conductor symbols between them (Fig. 3-52). Alternatively, if 
multiple individual cells are set in a “battery holder” designed for 
direct series connection, you can use a battery symbol to portray the 
whole bunch. 

Standard practice calls for polarity signs to go with the symbols 
for cells or batteries. Unfortunately, some draftspeople neglect this 
detail. Then when you see the schematic, you'll have to infer the 
polarity by scrutinizing the rest of the circuit. 


Logic gates 


All digital electronic devices employ switches that perform specific 
logical operations. These switches, called logic gates, can have any- 
where from one to several inputs and (usually) a single output. Logic 
devices have two states, represented by the digits O and 1. The 0 digit 
is normally called “low” and the 1 digit is called “high.” 


e A logical inverter, also called a NOT gate, has one input and one 
output. It reverses, or inverts, the state of the input. If the input 
equals 1, then the output equals 0. If the input equals 0, then 
the output equals 1. 

e An OR gate can have two or more inputs (although it usually 
has only two). If both, or all, of the inputs equal 0, then the 


+ | — + | — + | ~ 
FIG. 3-52. Symbol for three single electrochemical cells connected in series to form 
a battery. 
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output equals 0. If any of the inputs equals 1, then the output 
equals 1. Mathematical logicians would tell us that such a gate 
performs an inclusive-OR operation because it “includes” the 
case where both variables are high. 

e An AND gate can have two or more inputs (although it usually 
has only two). If both, or all, of the inputs equal 1, then the 
output equals 1. If any of the inputs equals 0, then the output 
equals 0. 

e An OR gate can be followed by a NOT gate. This combination 
gives us a NOT-OR gate, more often called a NOR gate. If both, 
or all, of the inputs equal 0, then the output equals 1. If any of 
the inputs equals 1, then the output equals 0. 

e An AND gate can be followed by a NOT gate. This combina- 
tion gives us a NOT-AND gate, more often called a NAND gate. 
If both, or all, of the inputs equal 1, then the output equals 0. If 
any of the inputs equals 0, then the output equals 1. 

e An exclusive OR gate, also called an XOR gate, has two inputs 
and one output. If the two inputs have the same state (either 
both 1 or both 0), then the output equals 0. If the two inputs 
have different states, then the output equals 1. Mathematicians 
use the term exclusive-OR operation because it doesn’t “include” 
the case where both variables are high. 


Figure 3-53 illustrates the schematic symbols that engineers and tech- 
nicians use to represent these gates in circuit diagrams. 


A 
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FIG. 3-53. Symbols for a logical inverter or NOT gate (A), an OR gate (B), an AND 
gate (C), a NOR gate (D), a NAND gate (E), and an XOR gate (F). 


56 Component symbols 


Summary 


You'll encounter lots of symbols in electronics other than the com- 
mon ones shown in this chapter. Appendix A is a comprehensive 
table of schematic symbols. In addition to the ones already discussed, 
you will see symbols for jacks and plugs, piezoelectric crystals, lamps, 
microphones, meters, antennas, and many other electronic compo- 
nents. 

It might, at first thought, seem like a massive chore to memorize all 
of these symbols, but their usage and correct identification will come 
to you with practice and with time. The best way to begin the learn- 
ing process is to read simple schematics and refer to Appendix A in 
this book whenever a symbol crops up that you can’t identify. Within 
a few hours you'll be able to move on to more complex schemat- 
ics, again looking up the unknown symbols. After a few weekends 
of practice, you should be thoroughly familiar with most electronic 
symbols used in schematic representations, so that when you see 
one in a diagram, you'll recognize it without having to think about it. 

Schematic symbols are the fundamental elements of a commu- 
nication scheme, like the symbols in mathematical expressions or 
architectural blueprints. Most schematic symbols in electronics are 
based on the structure of the components or devices they represent. 
Schematic symbols often appear in groups, each of which bears some 
relationship to the others. For example, you’ll encounter many differ- 
ent types of transistors, but they’re all represented in a similar fash- 
ion. Minor symbol changes portray variations in internal structure, 
but all can be easily identified as some type of transistor. The same 
rule applies to the symbols for diodes, resistors, capacitors, inductors, 
transformers, meters, lamps, and most other electronic components. 


+ 
Simple circuits 


When it comes to teaching people how to read and draw schematic 
diagrams, two schools of thought prevail. One school feels that you 
should learn to read diagrams before you learn to draw anything. 
The other school feels that you should learn to read diagrams as part 
of the process of drawing them. Both sides of this issue have their 
merits, so let’s take advantage of them both! Certainly, you must start 
out by learning the basic component symbols. Then you should try to 
read as many schematic drawings as you can find. When this business 
starts to grow boring, you can draw your own simple diagrams. If you 
alternately read and draw schematics as the moods strike, you'll get 
comfortable with them before long! I recommend that you devote half 
of your study time to reading and the other half to drawing. 


Getting started 


This chapter deals with reading and drawing diagrams of some simple 
electronic circuits shown in pictorial and schematic form. Using this 
method, you can actually see the physical layout for a device, and 
then see how the schematic representation derives from it. Some com- 
mercial schematics are produced in this manner. However, in most 
instances, a circuit is designed schematically first, and then built and 
tested from the schematic. If a circuit is experimental, some bugs 
will exist in the prototype, necessitating various component deletions, 
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substitutions, or modifications. When these changes are made to the 
test circuit, the results are noted, and the schematic is changed accord- 
ingly. In the end, the finished and corrected schematic is a product of 
design theory, actual testing, and modification. 

Figure 4-1 shows a simple circuit that everyone has used at one 
time or another. Basically, it's a flashlight with the external case and 
the on/off switch removed. The device consists of a single electro- 
chemical cell and an electric light bulb. This pictorial representation 
also shows the conductors, which attach to the light bulb and the 
battery. The conductors provide a current path between the battery 
and the light bulb. 


Follow the flow 


In the circuit of Fig. 4-1, electrons travel from the negative terminal 
of the cell through the bulb element and back to the positive termi- 
nal of the cell, “leapfrogging” from atom to atom in the metal wire 
and the bulb filament. That's how most electricians and engineers 
look at this situation. But some physicists will tell you that the cur- 
rent actually goes from the positive cell pole to the negative cell 
pole. That's called theoretical current or conventional current. 


In order to draw a schematic diagram of the flashlight drawn in 
Fig. 4-1, you need to know three schematic symbols. These represent 
the electrochemical cell, the conductors, and the bulb, as shown in 
Fig. 4-2. Once you know the symbols, you can assemble them in a 


Incandescent 
bulb 


, Wire 
Wire 


Single cell 


FIG. 4-1. Pictorial drawing of a flashlight circuit using a single electrochemical cell 
(or single-cell battery), some wire, and an incandescent bulb. 
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C 


FIG. 4-2. Schematic symbols for an electrochemical cell (4), an electrical 
conductor such as wire (B), and an incandescent bulb (C). 


logical manner based on the appearance of the circuit in the pictorial 
drawing. 

Start by drawing the cell symbol. You can think of the cell as the 
heart of the circuit because it supplies all of the power for the device; 
it “pumps the electrons” through everything! Next comes the symbol 
for the light bulb, which you can draw at any point near the cell. 
Using this example, you should try to make the schematic symbols 
fall in line with the way the pictorial diagram appears. This layout 
places the light bulb above the cell. 

Now that you've drawn the two major symbols, you can use the 
conductor symbols (plain, straight, solid, black lines) to hook them 
together. Notice that the pictorial drawing shows two conductors. 
Therefore, the schematic diagram also has two conductors. Figure 
4-3 shows the completed schematic drawing, which is the symbolic 
equivalent of Fig. 4-1. 


FIG. 4-3. Schematic diagram of the single-cell flashlight. 
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A 


FIG. 4-4. Alternative arrangements for the flashlight schematic. At A, cell and bulb 
“vertical; ” at B, cell and bulb both on top. 


Figure 4-3 is by no means the only way that you can represent this 
simple circuit in schematic form. But any schematic representation 
will require the use of the same three basic symbols: cell, bulb, and 
conductors. The only changes that can occur involve the positioning 
of the component symbols on the page. Figure 4-4 shows two dif- 
ferent alternatives for portraying the same circuit. All three of these 
diagrams (the one in Fig. 4-3 and the two in Fig. 4-4) are electrically 
equivalent, but they look somewhat different as a result of the rela- 
tive positions of the components on the page. 

Let’s change this circuit a little bit, in order to gain proficiency in 
reading and writing schematics. Figure 4-5 shows the same basic flash- 
light circuit, but an additional cell and a switch have been added. This 


Incandescent 
bulb 


Switch 


ae Electron flow (only when —————} | Wire 
Wire | ; ————— switch is closed) 


Two single cells in series 


FIG. 4-5. Pictorial drawing of a flashlight circuit using two single cells in series, 
some wire, a switch, and an incandescent bulb. 
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FIG. 4-6. Symbols for components in the two-cell switched flashlight: Cell (A), wire 
(B), bulb (C), and switch (D). 


configuration is quite common for flashlights sold in the United States. 
By examining this pictorial drawing, you can see that any schematic rep- 
resentation will need symbols forthe cells, the conductors, the light bulb, 
and the switch. Figure 4-6 shows the symbols that you'll need to produce 
an accurate and complete schematic drawing of this circuit. Again, 
you should draw the symbols in the same basic order as the com- 
ponents are wired in the circuit. Figure 4-7 shows the resulting sche- 
matic. Note that the two cell symbols are drawn separately, connected 
in series, with polarity markings provided for each one. In the series 
connection, the positive terminal of one cell goes to the negative 


FIG. 4-7. Schematic diagram of the two-cell switched flashlight. 


upper voltage-sag limitation of 18 to 18.5 V de under a maximum 
load. What we are asking the regulator to do is to maintain regula- 
tion at 13.5 V dc with a difference voltage of 4 to 5 V de (13.5 V de 
regulated + 5 V dc = 18.5 V de unregulated). Keep in mind that this 
is the minimum voltage needed to maintain regulation. If you 
choose a transformer that yields a higher voltage difference regu- 
lated to unregulated), the product of this difference voltage and 
load current, in power (heat), must be dissipated in the regulator, 
which we will discuss later. 

If you have a solid-state rig you wish to power check the 
manufacturer’s specifications for current consumption. Choose a 
transformer which will handle that load current with a voltage level 
sufficient enough to maintain the unregulated supply require- 
ments. 

Select a diode assembly which will handle the I, output. My 
requirement was a maximum of 20 amps to power a repeater and 
amplifier. My diode assembly will therefore have to handle 20 
amps. Each diode used will have a voltage drop of approximately 1 
volt across it, and, at 20 amps, P = 1 x E, or 20 amps x 1 volt = 20 
watts. Heat-sink these devices well to dissipate this energy. 

The filter capacitor may be gauged by a simple rule of thumb. 
For every amp |, delivered, a minimum of 3000 uF of capacitance 
is required. You can have ripple in your supply and never notice it 
at the output of the regulator as long as the maximum ripple 
component never drops below the minimum unregulated voltage of 
18 to 18.5 V dc. This capacitor value is arrived at mathematically, 
but, for simplicity, let’s stick to the rule of thumb. 


¡BVAC X 14 =252vwDC OUT 


Lor 


FULL WAVE BRIDGE FILTERED 


Fig. 1-4. Power supply schematics. ee ne 


FULL WAVE CENTERTAP FILTERED 
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terminal of the other. The same two conductors are used from the cell 
terminals, but you need a third one to connect the switch to the light 
bulb, and you might also need a fourth one to connect the two cells 
together to form a battery (unless the cells rest directly against each 
other, a common state of affairs inside commercially manufactured 
flashlights). Figure 4-7 shows the switch in the off position. 


Eureka! 


Now you know what a common two-cell flashlight looks like 
when represented with schematic symbology. The next time that 
you switch one of those things on, you can imagine the switch 
symbol in Fig. 4-7 moving from the off (or open) position to the 
on (or closed) position. 


Figure 4-8 isa pictorial representation ofa device calleda field-strength 
meter. Wireless communications engineers sometimes use this type of 
meter to see whether or not an RF electromagnetic (EM) field exists at 
a given location. You'll find this little circuit quite handy if you enjoy 
amateur radio, or if you need to locate the source of something 
that’s causing RF interference. The circuit consists of an antenna, 
an RF diode, a microammeter (a sensitive current meter graduated 
in millionths of an ampere), and a coil. In order to draw this circuit 
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FIG. 4-8. Pictorial representation of a field-strength meter circuit. 
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FIG. 4-9. Schematic symbols for the components in the field-strength meter: 
Antenna (A), coil (B), microammeter (C), and diode (D). 


schematically, you need to know the symbols for an antenna, a coil, 
a microammeter, and a diode, all of which appear in Fig. 4-9. Using 
the same method as before, you can draw the schematic by connect- 
ing the symbols in the same geometric sequence as the components 
they represent appear in the circuit. 

Figure 4-10 is a schematic of the field-strength meter shown pictori- 
ally in Fig. 4-8. This drawing involves nothing more than substitution 
of the schematic symbols for the pictorial symbols. As before, the 
parts need not be physically placed in the same positions as the sche- 
matic diagram suggests, but they must be interconnected precisely as 
indicated in the schematic. When you build a circuit from a schematic 
diagram that you trust, you should double-check and triple-check 
your actual component interconnections to make sure that they agree 
with the schematic. If you try to build the circuit shown in Fig. 4-10 


UA 


FIG. 4-10. Schematic diagram of the field-strength meter. 


64 Simple circuits 


and make a mistake in the wiring connections, you cannot expect it 
to work. In more sophisticated devices and systems, wiring mistakes 
can cause component damage and, once in awhile, give rise to dan- 
gerous situations! 


Follow the flow 


In the circuit of Figs. 4-8 and 4-10, an EM field induces an RF cur- 
rent in the antenna and coil. That current is high-frequency AC. 
The diode rectifies the AC wave by “chopping off” either the posi- 
tive half or the negative half of every cycle (depending on the 
diode’s polarity) to produce pulsating DC like the output of a 
simple rectifier. The microammeter registers this current. As the 
strength of the EM field increases, the current increases, and 
the meter reading goes up. 


Previously, we compared schematic drawings to road maps. A road 
map is supposed to indicate exactly what a motorist will experience 
in practice. The schematic drawing does the same thing. The high- 
way lines that interconnect towns on a map correspond to the con- 
ductor lines that interconnect components in a schematic. A road 
map shows the route that a motorist takes while driving from town 
to town on the earth’s surface, whereas a schematic diagram shows 
the route that a current or signal takes through the components in 
an electronic circuit. 

Now let’s look at something that’s a little more complicated. Figure 
4-11 is a schematic diagram of a power supply that produces pure, 
battery-like DC from utility AC. As you read this diagram from left to 
right, you'll see that a power plug goes to the transformer primary 
winding (the one to the left of the pair of vertical lines) through a 
fuse. At the top of the transformer secondary winding (the one on the 
right), a rectifier diode is connected in series. Following the diode, an 
electrolytic capacitor (note the polarity sign) is connected between 
the output of the rectifier and the bottom of the transformer second- 
ary. A fixed resistor is connected in parallel with the capacitor. The 
DC output appears at the extreme right. 

The physical size and weight of a real-world power supply, which 
you can build on the basis of Fig. 4-11, will depend on the volt- 
age and current that you need to get from it. Because DC power 
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FIG. 4-11. Schematic diagram of a simple DC power supply. 


supplies have polarized outputs, positive and negative signs indicate 
the output voltage polarity. Any power supply that uses a single 
diode, capacitor, and resistor will have this same basic configuration. 
Whether the output is 5 V at 1 A or 5000 V at 50 A, the schematic 
drawing will look the same. Figure 4-11 says nothing about how 
many volts or amperes the transformer, diode, capacitor, and resistor 
are meant to handle. You could add special features, such as a volt- 
age regulator, overcurrent protector, voltmeter, or ammeter to your 
circuit and insert the symbols at the proper points in the schematic; 
but all half-wave DC power supplies are built around “cores” whose 
diagrams look like Fig. 4-11. 


Follow the flow 


In the circuit of Fig. 4-11, utility AC appears at the plug on the left. 
The AC travels through the fuse and flows in the transformer pri- 
mary. In the secondary, AC also flows, but the voltage across the 
transformer secondary might be higher or lower than the voltage 
across the primary (depending on the transformer specifications). 
The diode allows current to flow only one way; in this case the 
electrons can go only from right to left (against the arrow). As a 
result, pulsating DC comes out of the diode. The capacitor gets rid 
of the pulsations, called ripple, on the DC output from the diode. 
The resistor discharges, or bleeds, the capacitor when you unplug 
the whole device from the utility outlet. 
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Component labeling 


Figure 4-12 is a schematic of the same circuit as the one shown in Fig. 
4-11, but in this case, each component has an alphabetic/numeric 
designation. These designators all refer to a components list at the 
bottom. Now you can see that this power supply uses a transformer 
with a primary winding rated at 125 V and a secondary winding that 
yields 12 V. The circuit has a diode rated at 50 peak inverse volts 
(PIV) and a forward current of 1 A; a 100-microfarad, 50-V capacitor; 
and a 10,000-ohm, 1-W carbon resistor. The fuse is rated at 0.5 A 
and 125 V. 

The letters that identify each component are more or less standard. 
Notice that each letter is followed by the number 1. The designation 
T1, for instance, indicates that the component is a transformer (T) 
and that it’s the first such component referenced. If this circuit had 
two transformers, then one of them would bear the label T1 and the 
other one would bear the label T2. The numbers reference the posi- 
tion or order on the components list; they serve no other purpose. 
The diode carries the reference designator D1, with D serving as the 
standard abbreviation for most diodes. Standardization is not univer- 
sal, though! In some instances, the diode might bear the label SR1, 
where the letters SR stand for silicon rectifier. Some Zener diodes are 
labeled as ZD1, ZD2, and so on. This labeling makes little difference 
as long as you write the component designations next to the corre- 


R1 DC 


C1 - 100 microfarad electrolytic 50 V DC 

D1 - 50 peak inverse volts at 1 ampere 

F1 - 0.5 ampere at 125 volts 

P1 - Male line plug 

R1 - 10,000 ohm 1 watt carbon 

T1 - 125 volt primary, 12 volt secondary, 1 ampere 


FIG. 4-12. Schematic diagram of the power supply with component designators and 
specifications. 
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sponding symbols. If you replaced the designation D1 with SR1, your 
readers would still know that the abbreviation went with the symbol 
for the diode, as long as you made sure to put the abbreviation close 
enough to the symbol. 

In the situation of Fig. 4-12, you don’t have to include a number 
next to each component designation because only one of each com- 
ponent is used to make up the entire schematic! You could simply 
write P for the plug, F for the fuse, T for the transformer, D for the 
diode, C for the capacitor, and R for the resistor. Or, if you had con- 
fidence that your readers knew all the symbols, you could leave out 
designators altogether! Nevertheless, standard diagramming practice 
requires that you always include a letter and a number, even if only 
one of a certain component type exists in the whole circuit. 


In complicated electronic systems, several hundred components 
of the same type (resistors, for example) might exist, many of which 
come from the same family. For instance, if you see the designation 
R101, then you know that the system contains at least 101 resistors. 
If you want to know the type and value of resistor R101, you will 
have to look up R101 in the components list to find its specifications. 


Tip 

You can use the schematic of Fig. 4-12 to build a power supply 
with a peak output of about 18 V DC. But before each component 
was referenced, the schematic had no practical use. Figure 4-11 
illustrates a generic half-wave power supply, but that schematic 
doesn’t give you any practical information other than the relative 
arrangement of the components. 


Table 4-1 shows the standard letter designations for most types of 
electronic components that you'll encounter in schematic diagrams. 
Some of these designations can vary in real-world documentation, 
depending upon the idiosyncrasies of the person making the draw- 
ing or designing the circuit. You should find it easy to memorize (yes, 
that’s right, memorize!) the information in Table 4-1 because most 
of the designations merely comprise the first letters of the compo- 
nent names. If the component has a complex name, such as silicon- 
controlled rectifier, the first letters from each of the three words is 
used, so you get SCR1. A resistor is designated by R, a capacitor by 
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Table 4-1 
Letter designations for components that commonly appear 
in schematic diagrams 


Abbreviation Full component name 
ANT Antenna 

B Battery 

C Capacitor 

CB Circuit board 

D Diode 

EP Earphone 

F Fuse 

GND Ground 

I Incandescent lamp 

IC Integrated circuit 

J Receptacle, jack, or terminal strip 
K Relay 

L Inductor 

LED Light-emitting diode 
M Meter 

NE Neon lamp 

P Plug 

PC Photocell 

PH Earphone 

Q Transistor 

R Resistor 

RFC Radio-frequency choke 
RY Relay 

S Switch or telegraph key 
SCR Silicon-controlled rectifier 
SPK, SPKR Speaker 

SR Silicon rectifier 

T Transformer 

TP Terminal or test point 
U Integrated circuit 

V Vacuum tube 

Y Quartz crystal 

Z Circuit assembly 


C, a fuse by F, and so on. Conflicts do arise, of course. If you want to 
designate a relay, you need to use some letter other than R because 
R indicates a resistor! The same thing happens if you want to label a 
crystal; you can’t use C because that letter refers to a capacitor. Look 
through Table 4-1 from time to time as you read and draw schematic 
diagrams, and eventually you'll absorb all the information in there. 
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Current-limiting resistor 


120 VAC 3 


Zener diode 


FIG. 4-13. A power supply that uses full-wave bridge rectification (four rectifier 
diodes) and Zener-diode voltage regulation. 


The circuit of Fig. 4-13 has a full-wave bridge rectifier along with 
a better ripple filter than the simple capacitor used in the previous 
power supply. The inductor, L1, is a filter choke, which, along with 
capacitor C1, does an excellent job of “smoothing” out the DC so it 
resembles what comes from a 12-V battery (pure DC with no ripple). 

Figure 4-14 shows a voltage-doubler power supply. The two capaci- 
tors, C1 and C2, charge up from the full transformer secondary out- 
put after the current goes through diodes D1 and D2. Because the 
two capacitors are connected in series, they act like two batteries in 
series, giving you twice the voltage. But there’s a catch! A voltage 
doubler power supply works well only at low current levels. If you 
try to draw too much current from one of these power supplies, 
you'll “draw down” the capacitors and the voltage will decrease. 

In Figs. 4-13 and 4-14, the letter designations are the same for each 
component type, but the numbers advance, one by one, up to the 
total number of units. So, for example, in Fig. 4-13 you see diodes 
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FIG. 4-14. A voltage-doubler power supply. 
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D1 through D5 because the circuit contains five diodes. (The Zener 
diode to the right of R1 has the letter D just like the rectifier diodes 
have, but you can tell it's a Zener diode because of the bent line in 
the symbol.) All the other components have only one of each type. 
In Fig. 4-14, you see two diodes, two capacitors, and two resistors, so 
the numbers for D, C, and R go up to 2. The transformer is all alone, 
so you see only the number 1 following the letter T. 


Tip 

Even though multiple components might all have the same value 
(820 ohms, for example, or 50 microfarads), they must neverthe- 
less get separate numerical designations when two or more of 
them exist in a single circuit. 


Schematics don’t reveal every physical detail of a device, the 
way a photograph or detailed pictorial would do. Schematics depict 
schemes, that's all! The schematic diagram for a device allows engi- 
neers and technicians to make the correct electrical connections 
when putting it together, and to locate the various components when 
testing, adjusting, debugging, or troubleshooting it. If you find all 
this talk overly philosophical, maybe a real-world example will clear 
things up. Remember that solid lines in schematic drawings repre- 
sent conductors. However, a conductor doesn’t have to be a length 
of wire. It might be part of a component lead, or perhaps a foil run 
on a printed circuit board (the latter-day equivalent of a connecting 
wire). Whether or not a separate length of wire is needed to inter- 
connect two components will depend on how close together those 
components are in the physical layout. 

Examine the simple schematic of Fig. 4-15. The circuit contains 
three resistors, all of which go together in a parallel arrangement. 


R1 


FIG. 4-15. A simple circuit comprising three resistors in parallel. 
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FIG. 4-16. Pictorial diagram of three resistors in parallel with leads intertwined. 


Taking the schematic literally, a conductor connects the left-hand 
side of R1 to the left-hand side of R2. Another conductor goes 
between the left-hand side of R2 and the left-hand side of R3. Two 
other conductors connect the right-hand sides of the components. In 
practice, the connections might be made with wires attached to the 
resistor leads, but if the components are close enough together, the 
leads themselves can form the interconnections. Then Fig. 4-15 will 
represent the physical arrangement shown in Fig. 4-16. 

Naturally, if you want to follow good engineering principles, you'll 
want to make all of your electronic circuits as compact (and depend- 
able) as possible by using a minimum amount of point-to-point wir- 
ing and trying to make the component leads serve for interconnection 
purposes whenever you can. Of course, in the above example, if the 
three resistors had to go in different parts of the circuit separated by 
some physical distance, then you would need to use interconnect- 
ing conductors between them. However, as you design the physical 
layout of a circuit, you should try to minimize the overall length 
(that is, the total length) of all the interconnecting wires or foil runs 
combined. 


Troubleshooting 
with schematics 


Engineers and technicians use schematic diagrams to create elec- 
tronic devices, but these diagrams can also prove invaluable for 
troubleshooting equipment when problems develop. Knowing how 
to read schematic diagrams, however, is not enough. You also need to 
know what tasks the various components actually perform, as well 
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Fig. 1-5. MC7812 regulator circuit. 


Now let’s get to work on the heart of the supply. The key part 
of our regulated supply is a simple 3-lead positive regulator, an 
MC7812 that you can get at Radio Shack. This device will handle a 
maximum of 1 Amp alone, and has designed-in current limiting and 
short-circuit protection. See Fig. 1-5. 

There are many manufacturers of this device who use prefixes 
other than MC, but 7812 is the device number. 78 is the design 
series and 12 is the regulated output voltage. You are about toaska 
question! If I want 13.5 V dc, what am I doing with a 12-V dc fixed 
regulator? It is very simple. To increase the voltage of the reg- 
ulator, we add one diode in series with the ground lead for every 
.6-V dc increase desired. See Fig. 1-6. These regulators vary 
slightly in regard to their actual regulated output voltage, but the 
additional diodes will allow us to select the actual voltage needed. 

In Figs. 1-5 and 1-6, I have used a .1-uF capacitor. This 
capacitor is needed to stabilize the regulator from ground loops. 
Attach this capacitor as close to the regulator chip as possible. 

As I mentioned earlier, this 3-lead regulator is capable of 
1-Amp maximum output current. To achieve a higher current 
capability, we add a pass transistor. This device will give the 
current gain needed in the design. The pass transistor, or transis- 
tors, must handle the total output current of the supply. For this 
20-amp supply, I selected two 15-amp PNP power transistors to do 
the job. One 20-amp device would do it, but for a heat dissipation 
safety factor, | used two. 

Let's stop for a moment now and talk about the difference 
voltage I mentioned earlier. If we have an unregulated dc supply 
voltage of 25 V dc and a regulated output of 13.5 V dc, the 
difference voltage will be 11.5 volts. The product of the difference 
voltage and the load current will be the power dissipated, in watts, 
by the pass transistor. For example, 11.5 volts x 2 amps (load 
current) = 23 watts of heat in the transistor. See Fig. 1-7. 

My supply circuit requirement was 20 amps. Now, 20 amps x 
11.5 volts is 230 watts! That is a lot of power! The transformer is 
going to help in this dissipation, though. Fortunately, the unregu- 
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as how the diverse circuits work together in a complete system. No 
matter how proficient you might get at electronics troubleshooting, 
seemingly simple repair jobs can explode into major headaches with- 
out complete, accurate, and clear schematic representations of the 
hardware. 


Remember! 


Schematic diagrams clarify circuits. They present the circuit ele- 
ments in a logical and easy-to-understand manner. They tell you 
very little, if anything, about the component layouts in actual 
devices. 


When you build a circuit from a schematic drawing, the physical 
object rarely bears much physical resemblance to the schematic. It’s 
impractical to build a complex electronic circuit by placing the com- 
ponents in the exact same geometrical relationship as they appear in 
the schematic. The diagrams purposely spread out the components on 
the page for easy reading. Schematic diagrams are two-dimensional, 
whereas real-world electronic components are three-dimensional. 
You need only to look inside of a major electronic device, such as a 
television set or computer, to realize the complexities that you’d face 
in troubleshooting a complex system without the help of a schematic 
diagram. 

If you know a fair amount about electronic components and how 
they operate in various circuits, then you can use a schematic diagram 
to get a good idea (without any equipment testing) where a particu- 
lar problem might occur. Then, by testing various circuit parameters 
at these critical points and comparing your findings with what the 
schematic diagram indicates should be present, you can make a quick 
assessment of the trouble. For example, if a schematic diagram shows 
a direct connection between two components in a circuit, and a check 
with an ohmmeter reveals a high resistance between the two, then 
you can assume that a conductor is broken or a contact has been 
shaken loose. If a schematic diagram shows only a capacitor between 
two components (with no other circuit routes around it) and a read- 
ing with your ohmmeter shows zero ohms or only a couple of ohms, 
you can assume that the capacitor has shorted out and you'll have to 
replace it. 
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Beginners to electronics troubleshooting and diagram reading 
sometimes assume that a professional can instantly isolate a problem 
to the component level by looking at the schematic. This idealized 
state of affairs might prevail for a few simple circuits, but in complex 
designs the situation grows a lot more involved. Often, the schematic 
diagram allows a technician to make educated guesses as to where 
or what the trouble might be, but an exhaustive diagnosis will nearly 
always require testing. A particular malfunction in an electronic device 
will not necessarily have a single, easy-to-identify cause. Often there 
are many possible causes, and the technician must whittle the situ- 
ation down to a single cause by following a process of elimination. 

Suppose that a circuit will not activate, and no voltage can be 
detected through testing at any contact point indicated by the sche- 
matic. Chances are good that no current is passing through the circuit 
at all. However, you don’t know from this observation exactly what 
has caused the failure. Has one of the components in the power supply 
become defective? Has the line cord been accidentally pulled from the 
wall outlet? Has a conductor broken between the output of the power 
supply and the input to the electronic device? Has the fuse blown? 

In a scenario of this sort, you will almost certainly want to consult 
the schematic diagram as you go through all of the standard test pro- 
cedures. You might wish to find the contact point that serves as the 
power supply output, indicated on the schematic. If you test the volt- 
age at this point and it appears normal, then you can assume that the 
problem lies somewhere further along in the circuit. The schematic 
diagram and the test instrument readings allow you to methodically 
search out and isolate the problem by starting at a point in the circuit 
where operation is normal and proceeding forward until you get to 
the point where the circuit shows some abnormality. 

Continuing with the same example, if no output comes from the 
power supply, you know that you must search backward toward 
the trouble point. You will continue testing until you reach a point 
of normal operation and then proceed from there. Using a schematic 
diagram, you'll follow your progress and thereby narrow the problem 
area down to something between two points (the point farthest back 
from the output at which the problem exists, and the point furthest 
forward from the input where things test normal). Chances are good 
that this narrowing process will isolate the trouble to a single com- 
ponent or circuit connection. 
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Tip 

You could follow all of the foregoing steps without a schematic 
diagram, although it would take you a lot longer to do it, and it 
would increase the risk of your making a mistake. As you become 
more experienced in the art of electronics troubleshooting, the 
information contained in schematic drawings becomes increas- 
ingly valuable. 


Go back and look again at the flashlight circuit of Fig. 4-7. Although 
the schematic diagram does not say so, the two batteries in series should 
yield a DC potential of 3 V because a typical flashlight cell provides 
1.5 V, and DC voltages add up in series connections. Some schematic 
diagrams provide voltage test points and maximum/minimum read- 
ings that you should expect, but this simple example doesn’t. 

Suppose that the flashlight has stopped working, and you decide 
to test the circuit with a volt-ohm-milliammeter (VOM), also called 
a multimeter, with the help of Fig. 4-7. First of all, you can measure 
the individual voltages across the cells. With the meter’s positive 
probe placed at the positive cell terminal and the negative probe at 
the negative terminal, you should get a reading of 1.5 volts across 
each cell. If both read zero, then you know that both cells have lost 
all their electrical charge. If one cell reads normal and the other one 
reads zero, then in theory you should only have to replace the 
one that reads zero. (In practice, it's a good idea to replace entire 
sets of cells all at once, even if some of them still test okay). If both 
cells read normal, then you can test the voltage across the bulb. Here, 
you should expect a reading of 3 V under normal operation with the 
switch closed. If you do indeed observe 3 V here, then you can diag- 
nose the problem by looking at the schematic. The bulb must have 
burned out! The schematic shows you that current must go through 
the light bulb if the bulb can conduct, so it must light up. If voltage is 
available at the base of the light bulb, then current will flow through 
the element unless it has opened up. But of course, if the bulb fila- 
ment has broken apart, no current can flow through the bulb, so it 
won't light up. In fact, with a burned-out bulb, no current will flow 
anywhere at all in the circuit. 

On the other hand, let's say that you get a normal reading at the 
batteries, but no reading whatsoever at the light bulb. Obviously, a 
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break must exist in the circuit between these two circuit points. Three 
conductors are involved here: one between the negative terminal of 
the battery and one side of the bulb, another between the positive 
battery terminal and the switch, and another between the switch 
and the other side of the bulb. Obviously, one of the conductors has 
broken (or a contact has been lost where the conductor attaches to 
the battery), or maybe the switch is defective. While you keep an 
eye on the schematic, you can test for a defective switch by placing 
the negative meter probe on the negative battery terminal and the 
positive probe on the input to the switch. If you see a normal voltage 
reading, then the switch must be defective. If you still get no voltage 
reading, then one of the conductors has come loose or broken. 

Admittedly, the scenario just described presents only a basic exam- 
ple of troubleshooting using a schematic diagram—almost as simple 
as things can get! But imagine that the flashlight circuit is highly 
complex, one you know nothing about. Then the schematic diagram 
becomes an invaluable aid and a necessary adjunct to the standard 
test procedures with the VOM. This same basic test procedure will 
be used over and over again when testing highly complex electronic 
circuits of a similar nature. In most instances, no matter how com- 
plicated the circuit design looks, it's actually a combination of many 
simple circuits. But if you have to do a comprehensive troubleshoot- 
ing operation, you might have to test each and every one of those 
circuits individually. 


A more complex circuit 


Figure 4-17 shows a diagram for a somewhat more complicated, 
real-world electronic circuit presented in a form intended to assist 
a troubleshooting technician. The circuit has a single NPN bipolar 
transistor along with some resistors and capacitors. Note that test 
points (abbreviated TP) exist at three different locations: TP1 at the 
emitter of the transistor, TP2 at the base of the transistor, and TP3 at 
the collector of the transistor. If you need to troubleshoot this circuit 
(which happens to be a low-power amplifier of the sort you might 
find in a vintage radio receiver or hi-fi set), you'll connect your VOM 
between chassis ground and each one of these three points, in turn. 
You'll carefully note the meter readings and compare them with 
known normal values. 
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FIG. 4-17. Schematic diagram of an amplifier circuit that includes component des- 
ignators and three test point (TP) locations. 


Follow the flow 


The circuit of Fig. 4-17 receives a weak input AC signal (such as the 
output of an ultrasonic pickup) and boosts it so that it can drive a 
device that consumes significant power (such as a switching cir- 
cuit). The general signal flow goes from left to right. The original 
AC signal enters at the input terminals, passes through capacitor 
C2, and reaches the base (left-hand electrode) of transistor Q1. 
The base acts as an adjustable “current valve” that causes large 
current fluctuations through Q1 as the electrons flow from ground 
through R1 to the emitter (the bottom electrode), then onward to 
the collector (top electrode), and out through R4 to the positive 
power supply terminal. Capacitors C2 and C3 allow the AC signals 
to pass while blocking DC from the power supply so that the DC 
won't upset the operation of external circuits. Capacitor C1 keeps 
the transistor’s emitter at a constant DC voltage while allowing the 
input signal to enter unimpeded. The resistors R2 and R3 have val- 
ues carefully chosen to place precisely the right DC voltage, called 
bias, on the base of Q1, ensuring that the transistor will work as 
well as it possibly can in this application. 


In many electronic circuits, actual voltages can deviate from design 
values by up to 20 percent; if this information is important, you'll 
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usually find the error range at the bottom of the schematic drawing 
or in the accompanying literature. If the readings obtained are within 
this known error range (called the component tolerance), then you 
can tentatively assume that this part of the circuit is working prop- 
erly. However, if the readings obtained are zero or well outside of 
the tolerance range, then you have pretty good reason to suspect a 
problem with the associated circuit portion, or possibly with other 
circuits that feed it. 

Many schematic drawings that accompany electronic equipment, 
especially “projects” that you build from a kit containing individual 
components, include information that aids not only in troubleshooting, 
but also in the initial testing and alignment procedures that you must 
follow as soon as you've completed the physical assembly process. 
As a further aid, the literature might include pictorial diagrams that 
show you where each part belongs on the circuit board or chassis. 
That way, you can follow the circuit not only according to its electrical 
details, but along the physical pathways as they actually look. 

According to standard schematic drawing practice, every compo- 
nent should bear a unique alphabetic/numeric label to designate it, 
as you see in Fig. 4-17. However, a few alternative labeling forms 
are also acceptable. Figure 4-18 shows the same circuit as the one 
in Fig. 4-17, but the parts list has been eliminated and the diagram 
contains no alphabetic/numeric designations. Instead, the compo- 
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FIG. 4-18. Schematic diagram of the amplifier circuit from Fig. 4-17, but with com- 
ponent values instead of sequential designators. All capacitances are in microfar- 
dds (uE). All resistances are in ohms (Q); k = 1000. 
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nents are identified only by their schematic symbols along with value 
designations or industry standard part designations. Using the exam- 
ple shown, we know that the transistor is a 2N2222 type, and that 
the resistors have values of 470, 33k (33,000), 330k (330,000), and 
680 ohms. The input capacitor has a value of 0.01 microfarad (uF) 
and the output capacitor has a value of 0.1 pF. The emitter capacitor, 
which goes across the 470-ohm resistor, has a value of 4.7 pF. 


Tip 

In situations like the one in Fig. 4-18, you'll usually see a statement 
at the bottom of a schematic diagram that includes information 
about the units for the value designations. Such a statement might 
read “All capacitors are rated in microfarads (uF). All resistances 
are given in ohms (Q), where k = 1000 and M = 1,000,000.” 


Schematic/block 
combinations 


Once in awhile, you'll encounter a “hybrid” drawing that consists 
of a block diagram and a schematic diagram combined. Figure 4-19 
shows an example of this approach, which works well when you 
want to highlight and explain a particular circuit, and to clarify its 
relationship to other circuits in a system. The detailed schematic por- 
tion of Fig. 4-19 shows a buffer amplifier of the sort you'll find in a 
radio transmitter. An oscillator (which precedes the buffer) and an 
amplifier (which follows the buffer) are represented as blocks with 
labels inside. 

This diagram serves two purposes. First, as you read the sche- 
matic portion, you can study the actual component makeup of the 
buffer circuit. Second, you get a good idea as to the buffer’s place 
in the overall system relative to the other circuits. The block/sche- 
matic representation in Fig. 4-19 clearly shows you that the buffer 
receives its input from a crystal-controlled oscillator, and also that 
the buffer sends its output to an amplifier. Another schematic dia- 
gram and block diagram combination might describe another portion 
of this same device, which you might recognize as a simple radio 
transmitter. 
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FIG. 4-19. A combination block/schematic diagram of an oscillator, buffer, and 
amplifier system, showing the schematic details of the buffer portion. 


Figure 4-20 is a schematic/block “hybrid” diagram in which the 
oscillator is portrayed in schematic detail, but the buffer and the ampli- 
fier are represented only as blocks. This figure tells you that the oscil- 
lator output goes to the buffer, which then sends the signal along to 
the amplifier. The only new information obtained here is contained in 


FIG. 4-20. A block/schematic diagram of the system from Fig. 4-19, showing the 
schematic details of the oscillator portion. 
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the schematic representation of the oscillator. If you look at Figs. 4-19 
and 4-20 together, however, you can picture in your mind a diagram 
in which all of the system’s detail is included up to the point where 
the signal enters the amplifier. The oscillator portion of Fig. 4-20 also 
tells you that the oscillator is designed to generate Morse code signals 
because it contains a telegraph key! 

Now let’s “shift gears” and recall the block diagram of the AC-to-DC 
converter that you saw all the way back in Fig. 2-1. Figure 4-21 shows 
the schematic representation of that device, along with a duplicate 
of Fig. 2-1 to save you the trouble of having to flip pages. As you 
compare the two diagrams, note that in the schematic (at A), all of 
the actual components are shown, rather than merely portraying the 
stages as labeled blocks (at B). Figure 4-22 is a more comprehen- 
sive diagram that shows how the block diagram of this same device 
relates to the schematic diagram, while revealing all of the details 
originally present in both diagrams. 
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FIG. 4-21. Schematic diagram of an AC-to-DC converter (at A), such as the one 
portrayed in the block diagram all the way back in Fig. 2-1 (reproduced here at B). 
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FIG. 4-22. Here's how the block diagram of Fig. 2-1 relates to the schematic 
diagram of Fig. 4-21. (Component designators have been omitted to avoid clutter) 


Follow the flow 


To briefly explain the AC-to-DC converter circuit, more commonly 
called a power supply, the input electricity enters at the extreme 
left-hand end of all versions of the diagram (Figs. 4-21 and 4-22). 
The AC goes to the transformer to set up the proper ratio for con- 
version to DC. The four diodes in the diamond configuration con- 
stitute the rectifier, which converts the AC to pulsating DC, making 
use of both halves of the cycle. The final stage, the ripple filter, 
acts to smooth out the pulsations in the DC after the conversion. 
The “smoothed-out” or “pure” DC then goes along to the output 
terminals at the right-hand end, where it appears as a voltage just 
like the electricity that you’d find at the terminals of a 12-V battery. 


Summary 


This chapter has provided a brief sampling of simple electronic cir- 
cuits, showing how you can read diagrams to learn how circuits are 
put together, or draw diagrams on the basis of known circuit details. 
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Fig. 1-6. Diodes added to the regulator circuit. 


lated voltage will sag, and we have selected a transformer that will 
only deliver 18.5 volts unregulated at 20 amps. The difference 
between 13.5 volts regulated and the unregulated 18.5 volts is 5 
volts. So, a 5-volt difference x 20 amps = 100 watts, which is a big 
difference! Using two pass transistors, we can dissipate 50 watts in 
each device. With 50 watts of heat to get rid of, you must use a good 
heat sink to pass this power into the air effectively. We must keep 
the junction temperature of the transistor below its maximum 
rating to keep from destroying the device. In this 20-amp design, I 
useda 120-CFM muffin fan and two heat sinks that would handle 80 
watts using natural convection. By using forced air instead of 
natural convection, I could mount the heat sinks in any position. 
For natural convection, position the heat sink fins in a vertical 
direction. 

Heat-sink considerations should be given to the 7812 reg- 
ulator, also. At 20 amps, and a maximum beta per transistor of 
approximately 50, we will have to handle a combined base current 
of 400 mA. The difference voltage of 5 volts will require a power 
dissipation of .4 amps X 5 volts = 2 watts. 

Fig. 1-8 illustrates the complete regulator, including the 6.8- 
ohm, Y-watt resistor which is used to establish the bias of the 
regulator and pass transistors. Using collector feedback with this 
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Fig. 1-7. Pass transistor added to circuit. 
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After a bit more training, you should be able to view a simple sche- 
matic and easily visualize what the finished circuit will look like, 
maybe even getting an idea of how you might go about arranging 
the components on a circuit board (even though the schematics or 
block diagrams don't explicitly tell you what to do in that respect). 

You know that a roadway, as you drive along it in your car, does 
not look like the line that represents it on a map. You can visualize a 
secondary road or even a superhighway and do so whenever you see 
their symbols (although there's nothing like traveling along a road in 
both directions to learn all about it). The same principle holds true 
when reading schematic diagrams. When you see a bunch of sche- 
matic symbols in a diagram, you can visualize the component inter- 
connections and perhaps make a few mental notes on the physical 
aspects of the circuit construction (although there's nothing like look- 
ing at, and using, a finished electronic device). Schematic symbology 
will become a new language for you—one in which you will eventu- 
ally learn to think, just as you can think in terms of words, mathemati- 
cal equations, musical scores, architectural blueprints, Morse code, 
or any other language. 


5 


Complex circuits 


As you learn to read and draw schematic diagrams, you might get 
discouraged by the complexities that arise. You might think, “Oh sure, 
anyone can learn to read schematics of simple circuits, like those that 
have a transistor or two, a few capacitors, and a few resistors. But it 
must be impossible to decipher more complicated schematics without 
decades of experience.” That's not true! You'll have to put some effort 
into the learning process, but you can always break a large, compli- 
cated system down into smaller, simpler circuits. 


Identifying the 
building blocks 


Even a circuit whose diagram looks overwhelming at first glance com- 
prises multiple building blocks interconnected in an orderly, logical 
way. This principle never fails! Each building block represents a sim- 
ple circuit. A device that contains six diodes, 10 inductors, 15 transis- 
tors, and dozens of resistors and capacitors might break down into 15 
simple circuits, each containing a single transistor, a few resistors and 
capacitors, and a diode and inductor or two. If you look at the entire 
system schematic all at once, it's like trying to eat a jumbo hamburger 
in a single swallow. With the burger, and with the diagram as well, 
you face a far easier job if you assimilate the thing in little bites or 
pieces, 
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Tip 

Nowadays, circuits of great complexity are etched onto semi- 
conductor wafers and housed in integrated circuits (ICs), also 
called chips, that come in packages that actually look like building 
blocks! As you examine a modern circuit board, you might imag- 
ine that the whole system was designed and put together from 
a block diagram, not a schematic! When you see the complete 
schematic, it will contain rectangles representing the chips, along 
with a great many lines connecting them. In most real-world cit- 
cuits, those lines represent foil runs on a printed circuit board. 


Figure 5-1 shows a “crystal radio” receiver built with an antenna, 
a tapped air-core inductor, a variable capacitor, an RF diode, and a 
fixed capacitor. The term “crystal” comes from the original construc- 
tion of RF diodes as they emerged in the early 1900s. In order to get 
a one-way current gate to act as a signal detector (or demodulator), 
radio experimenters placed a piece of fine wire called a cat’s whisker 
into contact with a piece of crystalline lead sulfide called galena. 
Today, semiconductor diodes do the same thing as those old “crystals” 
did, even though modern RF diodes don’t look anything like crystals. 

You can’t call the circuit of Fig. 5-1 “complicated” by any stretch 
of your imagination, but it performs some sophisticated tricks nev- 
ertheless! Aside from the antenna (an external component such as a 
wire running out your window to a tree) and a sensitive earphone or 
headphone that you can connect at the output terminals in order to 
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FIG. 5-1. Schematic diagram of a “crystal radio” tuned circuit and detector stages. 
It produces an extremely weak audio signal. 
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hear radio stations (however faintly), this circuit contains only four 
components: the coil, the diode, and two capacitors. 

You can connect an amplifier to the output of the “crystal radio” 
in order to boost the audio volume to the point where it can drive a 
headset to a comfortable listening level. (That’s the reason why Fig. 
5-1 doesn’t include a headset at the output.) To accomplish that feat, 
you'll need another circuit, along with a battery or other source of 
DC power to make the output signal strong enough. 


Follow the flow 


In the “crystal radio,” RF energy from the antenna resonates 
(reverberates) in L1 and C1. The resonant frequency depends on 
the size of the coil and also on the setting of C1. That frequency 
determines which station you hear, if any. Diode D1 converts the 
signal to pulsating DC that contains both the RF and the audio 
from the original transmitter. Capacitor C2 shorts the RF part of 
the signal to ground, leaving only audio-frequency (AF) energy at 
the output. The position of the coil tap must be adjusted experi- 
mentally for maximum output. 


Figure 5-2 shows another fairly simple schematic diagram: an audio 
amplifier that makes use of a single NPN bipolar transistor. In addi- 
tion, this circuit has four resistors and three capacitors for a total of 
eight components. It also needs a source of DC power, such as a 
battery, which provides 12 V. This circuit can accept low-level audio 
signals (the output of a “crystal radio,” for example) at the input 
terminals and boost the power to a level strong enough to make a 
nice loud sound come out of a headset. It might take an experienced 
engineer two or three minutes to draw the diagram, and a couple of 
hours to build and test the complete circuit, “tweaking” component 
values to get the best possible performance. 

Because the circuit of Fig. 5-2 takes an extremely weak signal 
and boosts it to a reasonable (but not particularly powerful) level, 
it's sometimes called a preamplifier. If you want to drive a set of 
speakers so that the students in a classroom, or the audience in an 
auditorium, can hear the output from the “crystal radio,” you'll need 
more amplification. That extra audio boost can be provided by one 
or more additional circuits called power amplifiers connected to the 
output of the preamplifier. 
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FIG. 5-2. An audio preamplifier circuit that can be used with the “crystal radio” to 
produce a signal strong enough to drive a headset (but not a loudspeaker). 


Follow the flow 


In the circuit of Fig. 5-2, audio AC passes from the input through 
C2 to the base of Q1. The capacitor C2 keeps the power supply’s 
DC from affecting the behavior of the previous circuit (the “crys- 
tal radio” set itself). The tiny current variations at the base of Q1 
cause larger current variations through the transistor. The ampli- 
fied audio signal passes through C3 to the output. The resistors 
govern the current flowing through Q1, and must be chosen by 
experiment for optimum amplification. Capacitor C1 keeps the 
emitter at audio signal ground while allowing some DC voltage 
to exist there. 


Figure 5-3 is a diagram of a circuit that looks, at first glance, more 
complicated than Fig. 5-1 or Fig. 5-2. But is it really? If you look at 
Fig. 5-3 for a minute or two, you'll notice that it’s nothing more than 
the composite of the “crystal radio” and the audio preamplifier that 
we've just seen. The components are renumbered generally going 
from left to right, the direction of signal flow through the system. 
(You never want to duplicate a component designator in any sche- 
matic.) In Fig. 5-3, the connection between the original “crystal radio” 


Identifying the building blocks 87 


and the preamplifier corresponds to the short, horizontal connecting 
line that goes from the dot above C2 to the left-hand side of C3. 

Now that you can envision the two building blocks that make up 
the circuit of Fig. 5-3, the whole diagram looks less complicated, 
doesn’t it? You can follow the signal flow through the system by think- 
ing of the signal going through the “crystal radio” and then through 
the audio preamplifier. Of course, the process goes so fast that it 
would seem instantaneous if you could actually see the RF and audio 
impulses. The whole process, from the signal arriving at the antenna 
to the audio appearing at the output, takes place in a minuscule frac- 
tion of a second. Currents in electrical conductors, in general, travel 
at roughly 10 percent of the speed of light in free space. That's 30,000 
kilometers, or 18,600 miles, per second! 

The circuit of Fig. 5-3 has a low audio output power level, although 
it's a lot louder than the feeble audio signal that comes from the 
“crystal radio” all by itself, which gets its power only from the signal 
current in the antenna! Nevertheless, even the amplified audio at the 
output of the circuit of Fig. 5-3 isn't enough to provide a comfortable 
listening volume in a loudspeaker. In order to boost the audio power 
level some more, you'll need an audio power amplifier. Figure 5-4 
shows a two-transistor circuit that will perform this task. It's called a 
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FIG. 5-3. Combination of “crystal radio” and audio preamplifier circuits. Some of 
the component designators in the preamplifier stage are updated from Fig. 5-2. 
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push-pull circuit. One of the transistors amplifies the “positive” half 
of the AC audio wave, and the other transistor amplifies the “nega- 
tive” half. You might say that Q1 does the “pushing” and Q2 does 
the “pulling,” so that when you combine their outputs, you get an 
amplified version of the complete audio input wave. 

The circuit of Fig. 5-4 will accept the output of a low-level audio 
amplifier and boost it. However, the output from the original “crystal 
radio” would not be enough to drive the power amplifier. When you 
hear the term power amplifier, you should remember that the circuit 
does exactly what its name implies. It takes an input signal with a 
certain amount of powerand produces an output signal that has more 
power. If the original input signal contains little or no power, then the 
circuit of Fig. 5-4 won't get enough drive (input power) to produce 
any output signal. In order to work properly, a power amplifier needs 
a signal that has a modest amount of power to begin with; otherwise 
it will simply “suck up” the feeble input signal and produce noth- 
ing from it other than a tiny amount of heat in the components. The 
circuit of Fig. 5-3 (the audio preamplifier) provides enough output 
power to adequately drive a push-pull audio amplifier. The circuit of 
Fig. 5-1 (the “crystal radio” alone) doesn’t. 
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FIG. 5-4. Audio power amplifier circuit, suitable for driving a speaker or set of 
speakers. 
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Follow the flow 


In the circuit of Fig. 5-4, the input signal goes through T1 and 
appears across its secondary. The details of the ensuing process 
get rather complicated, involving wave phase and transistor char- 
acteristics—technical matters that go beyond the scope of this 
book. Basically, Q1 handles half of the signal cycle and Q2 han- 
dles the other half, as the audio input AC flows alternately up 
and down through the secondary winding of T1. Transformer T2 
combines the two amplified cycle halves back into a complete AC 
audio wave that’s stronger than the wave that came in through 
T1, thanks to the transistors. 


Now if you combine the circuits from Figs. 5-1, 5-2, and 5-4 
in cascade (one after the other), you get a complete amplitude- 
modulation (AM) radio receiver that will produce decent sound from 
a loudspeaker! Figure 5-5 shows the entire three-transistor AM radio 
receiver in a single schematic diagram. Again, some of the compo- 
nent designators are changed from previous diagrams, so that they 
increase generally as you go from the original input at the antenna 
to the final output at the speaker. 


So there! 


If you were to have seen Fig. 5-5 at the start of this chapter, you 
might have experienced some major frustration. But now that 
you can see how the building blocks go together, you know 
that you don’t have to “choke down the whole burger in one 
gulp.” So it’s pretty simple after all, isn’t it? 


The basic process used to make all electronic circuits breaks down 
into a sequence of combinations. First, the individual components 
(resistors, capacitors, diodes, and so on) combine to form simple cir- 
cuits. Then, simple circuits combine to make more complex circuits. 
After that, complex circuits combine to form complete devices. Several 
different devices can combine to create a large system. An amateur 
radio station is a good example of such a system. It might consist of a 
transceiver (transmitter/receiver in a single box), an antenna tuner, a 
computer, an interface unit that goes between the computer and the 
transceiver, and a speech processor that goes between the microphone 
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FIG. 5-5. Complete radio receiver circuit. Some of the component designators in the 
audio power amplifier stage are updated from Fig. 5-4. The speaker is also shown. 
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and the transceiver. Each of these individual devices contains numer- 
ous complex circuits, which in turn, comprise multiple simple circuits, 
which ultimately break down to the individual resistors, capacitors, 
diodes, transistors, and other components. 
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Figure 5-5 is a “respectably complicated” diagram. It requires us to draw 
the system in a “two-story” format with the detector and preamplifier 
on top, and the audio power amplifier on the bottom. A long, tortuous 
line, broken in the middle by C5, represents the connection between 
the preamplifier output and the power amplifier input. There’s noth- 
ing technically wrong with this diagram, but some people might rather 
see it all on one level. In order to put Fig. 5-5 all on one level, we’d 
either have to make it horribly small, or else draw it sideways on the 
page. But there’s another option. We can produce it on a foldout page 
(the sort of thing that they do in those upscale print magazines when 
they want to show you something spectacular). 

We have yet another alternative, though! We can split the diagram 
up among multiple pages. That approach isn’t necessary here, but 
when we get to truly complicated systems, such as amateur radio 
transceivers, television sets, or complete computers, it’s an option that 
engineers often use. Figure 5-6 shows how we can take advantage of 
this technique with the diagram of our radio receiver. Figure 5-6A puts 
the detector and the audio preamplifier right-side-up on a single page 
along with an output designator that appears as an X inside a wedge- 
like arrow that points off the page toward the right. Figure 5-6B shows 
the audio power amplifier with an input designator comprising an X 
inside a wedge-like arrow that points off the page toward the left. 


Tip 

In Figs. 5-6A and 5-6B, the wedge-like arrows represent points 
meant to connect directly to each other. They take the place of 
the long, tortuous line in Fig. 5-5. In this case, we need only one 
set of arrows of this type. Some circuits need two or more, so 
we might label them as X, Y, and Z, for example. Then the two 
X’s would connect, the two Y’s would connect, and the two Z’s 
would connect. 


154002 (2) 


Fig. 1-8. Complete regulator circuit. 


regulator chip proves to be very effective and stable. The supply 
will even be free of rf instability unless the regulator chip is 
involved in a concentrated rf field. 

In the area of wiring, the only point of note is to use the proper 
size wire to handle the current in the high-current areas. Also, 
keep the two wire leads to the emitters of the pass transistors 
equal in length to allow balanced emitter current. 

We have discussed the regulator; now let's examine a current 
limiter. See Fig. 1-9. This current limiter operates instantane- 
ously and it will only reset after the power is turned off and the 
supply bleeds down, or a reset push-button, normally closed, is 
added at point X. C2 should be sized to allow a delayed dropout, so 
relay CR1 does not buzz when it reaches the current limit. Resistor 
“IR” is selected so that the current-limit relay will trip at 20 amps 
and higher, depending on the setting of the 100-ohm pot. To 
operate, a 6-V dc drop is needed between the base and emitter of 
Q3. This voltage provides bias current which permits collector 
current to flow which, in turn, energizes CR1. CR1 must handle the 
total current of the supply even if it means paralleling contacts. To 
select resistor IR, use .6 V/20 A = .03 ohms. This “resistor” 
turned out to be a coil of 14-gauge nichrome wire. By adjusting the 
100-ohm pot, we may now select a slightly higher current limit. If 
your supply is smaller, use .6 V/your current = IR. For example, 
.6 V/5 A = .12 ohms. This resistor will drop some voltage, so rate 
the power carefully: P = .6 x 5 = 3 watts, and remember the 
voltage drop. This .6 volts may not seem like much, but the 
minimum unregulated voltage is 18 V dc. 

The last control circuit to design is called a “crowbar” circuit. 
Its intent is to protect your gear from overvoltage due to a reg- 
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Let's follow the signal through Fig. 5-6A. A radio wave causes 
current to flow in the antenna, and also through the inductor L1. 
Capacitor C1 causes the inductor/capacitor combination (called an 
LC circuit, where L stands for inductance and C stands for capaci- 
tance) to resonate at the frequency of the radio signal that we want 
to hear. Diode D1 detects the RF signal, splitting the AF and the RF 
portions apart. Capacitor C3 passes the AF part of that signal along 
to the base of transistor Q1. Capacitor C2 shunts the RF portion of 
the diode’s output to ground because the circuit doesn’t need the 
RF energy anymore, and its presence would only cause trouble. 
Transistor Q1 acts as an amplifier for the extremely weak AF signal 
at its base. Resistors R1, R2, R3, and R4 ensure that Q1 gets optimum 
DC voltage (called bias), so that it will produce the greatest pos- 
sible amount of amplification. Capacitor C4 keeps the emitter at AF 
signal ground, while allowing some DC voltage to exist there. The 
AF output signal, along with some DC from the power supply 
(+12 V), goes off the page through the rightward-pointing arrow 
marked X. 
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FIG. 5-6A. Tuner, detector, and audio preamplifier stages in the radio receiver. 
The wedge X represents an extension to illustration B on the next page. 
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Now let's look at Fig. 5-6B and follow the signal after it comes 
in from the previous diagram. The AF energy, along with some DC, 
appears at the leftward-pointing arrow marked X. Capacitor C5 blocks 
the DC so only the AF wave gets to potentiometer R8, which serves 
as a volume control. The full AF voltage appears across the entire 
resistance of R8, represented by its left-hand and right-hand termi- 
nals. The slider “picks off” various AF voltages that can range from 
zero (all the way to the right-hand end of the zig-zag, at ground) to 
the full audio voltage (all the way to the left-hand end of the zig- 
zag, at C5). This AF voltage goes to the primary of transformer T1. 
From there, the signal flows in precisely the same way as described 
in “Follow the flow” for Fig. 5-4. The only difference between this 
situation and that one lies in the numbering of the component desig- 
nators. We continue going on upward in numbers from the previous 
part of the system. We also add a speaker to the output of T2, rather 
than simply labeling it “Output.” 
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FIG. 5-6B. Audio power amplifier and speaker in the radio receiver. The wedge X 
represents an extension from illustration A on the previous page. 
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Tip 

While looking at Figs. 5-6A and 5-6B, have you noticed that we've 
added labels to each stage to describe its function? You should 
do that whenever you draw diagrams of multistage systems such 
as this one, as long as you have enough room on the page. In Fig. 
5-6A we see the labels “Detector” and “Audio preamplifier;” in 
Fig. 5-6B we see the label “Audio power amplifier.” 


Some more circuits 


Figure 5-7 shows an antenna matching circuit known as an £ network. 
Here, the letter L refers to the general layout of the components in the 
diagram, not the property of inductance. (Actually, to make the coil 
and capacitor in Fig. 5-7 actually take the shape of an L in the layout, 
you'll have to rotate the page 90 degrees clockwise and then hold it 
up to a mirror! But you get the general idea, right?) 

Figure 5-8 shows another type of antenna matching network, which 
consists of the circuit from Fig. 5-7 with an extra capacitor added at 
the input end. Engineers sometimes call this type of circuit a pi net- 
work because its components, in the schematic layout, resemble the 
shape of the upper case Greek letter pi (ID. Both the L network and 
the pi network are commonly used in antenna tuning and matching 
circuits for radio transmitters at frequencies ranging up to around 
150 MHz. 

Figure 5-9 shows a circuit that's a little more complicated than the 
ones in Figs. 5-7 and 5-8, but in a certain sense, contains both of them 
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FIG. 5-7. An L network comprising an inductor and a variable capacitor. 
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FIG. 5-8. A pi network comprising an inductor and two variable capacitors. 


put together. When we follow a pi network with an L network, we 
get a so-called pi-L network. The advantage of a circuit like the one 
in Fig. 5-9, compared to those in the previous two diagrams, lies in 
its ability to make radio transmitters work with antennas that would 
otherwise not accept power very well. Those two extra components 
can go a long way! 


Tip 

The circuits of Figs. 5-7, 5-8, and 5-9 can all be made more versa- 
tile by using variable inductors rather than fixed inductors. One 
type of variable inductor has become popular among radio ama- 
teurs. Its called a roller inductor. Just for fun, try an Internet 
search on “roller inductor” by entering the term in the phrase 
box of your favorite search engine. You should find some images 
of these components. They allow for precise adjustment of induc- 
tance, and some of them have calibrated crankshafts so that you 
can easily reset them to any previous position. 


FIG. 5-9. A pi-L network comprising two inductors and three variable capacitors. 
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If you're old enough, you'll remember the days when you had to 
learn the International Morse code (often simply called “the code”) 
to get an amateur radio operator's license. Those days have passed 
into history, but some radio amateurs still enjoy conversing in this 
mode. In order to do that, of course, you need to learn the code. To 
that end, you can build a code practice oscillator, such as the one 
diagrammed in Fig. 5-10. Basically, this circuit is an audio oscillator 
that you can switch on and off with a Morse code straight Rey or 
telegraph Rey, labeled “Key” in the figure. (Because a telegraph key 
technically constitutes an SPST switch, you could label it S1.) 

When you first examine Fig. 5-10, you might wonder why an audio 
oscillator circuit has to be so complicated. Can't you just build a sim- 
ple audio amplifier, like the preamplifier or power amplifier dis- 
cussed earlier, and feed some of the output back to the input? Well, 
yes, you can in fact do that; but if you want a decent audio tone to 
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FIG. 5-10. An audio code-practice oscillator using two PNP bipolar transistors. The 
values of Rx and Cx determine the frequency. 
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come out of your code practice oscillator, you'll get a lot better results 
with a circuit like the one in Fig. 5-10. This particular circuit is called 
a twin-T oscillator because of the T-shaped configurations including 
the resistors marked Rx and the capacitors marked Cx. The twin-T 
oscillator produces an AF tone that's pleasing to the ears, and that 
also occurs at a predictable and stable pitch (frequency). 


Follow the flow 


The AF signal in the circuit of Fig. 5-10 goes around and around; 
that's how oscillation happens. We can start pretty much any- 
where and follow the signal back to the same point. If we begin 
at the key, the signal goes into the base of Q1, where it's ampli- 
fied and undergoes phase inversion (the wave is turned upside 
down). The output of Q1 comes from the emitter of Q1, rather 
than from the collector; that's a matter of engineering choice 
because it provides a stable and reliable circuit. The signal then 
goes into the base of Q2, where it's amplified and inverted again, 
so it comes out of Q2 in phase coincidence (reinforcing rather 
than opposing) with respect to the signal at the key. The signal 
emerges from the collector of Q2 and gets routed down to the 
twin-T network comprising resistors Rx and capacitors Cx, whose 
values determine the frequency of oscillation. From there, the sig- 
nal goes back to the key, and gets ready for another round trip 
through the whole circuit! We take the output through C4, from 
the point between the two resistors Rx. 


The circuit of Fig. 5-10 uses a 9-V battery as its power source. 
Note that the transistors are of the PNP type, so the collectors get a 
negative voltage, while the positive battery terminal goes straight to 
ground. This circuit, therefore, constitutes a positive-ground system. 
We might build a power supply designed to produce -9 V DC from 
the AC utility mains (about 120 V AC at 60 Hz in the United States), 
rather than relying on a battery. If we decide to do that, we'll need 
to make sure that we design the power supply so that it produces a 
negative voltage, not a positive voltage, with respect to ground. 

Figure 5-11 shows a power supply that will do a good job of pro- 
viding a constant, pure —9V DC. It’s just about the same circuit as 
the one you saw back in Chap. 4 at Fig. 4-13. The basic component 
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120 VAC 


FIG. 5-11. A regulated —9 V DC power supply that can be used with the code- 
practice oscillator. Note the positive ground in this supply, designed for use with 
PNP transistor circuits. 


layout is the same, except that all the diodes go in the opposite direc- 
tion in Fig. 5-11 as compared to Fig. 4-13 Gincluding the Zener diode), 
and the electrolytic capacitor polarity is reversed. And of course, the 
voltage of the power supply shown in Fig. 5-11 is lower than the 
voltage of the supply shown in Fig. 4-13. 

Figure 5-12 shows a complete code practice oscillator system that 
will operate from the AC utility mains. It includes the power supply 
from Fig. 5-11 along with the oscillator from Fig. 5-10, all in one big 
schematic. As we did with the radio receiver circuit diagram of Fig. 
5-5, we have connected the power supply output to the oscillator in 
Fig. 5-12 with a single line, although not as long as the one in Fig. 5-5. 
We've also included a volume control and a pair of headphones at 
the output of the twin-T oscillator circuit. 

We can apply the same general layout tactics to Fig. 5-12 as we 
used with Fig. 5-5. We might draw the diagram with the page tilted 
sideways (landscape orientation instead of portrait orientation), put- 
ting the power supply on the left and the oscillator on the right. Or 
we might use a foldout page. However, an even better alternative (in 
my Opinion) is to split the diagram up into multiple pages so we can 
draw everything in an uncluttered, right-side-up fashion. 

Let’s take this business a step further. We can boost the output 
of the twin-T oscillator so that it will drive a loudspeaker, letting us 
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FIG. 5-12. Combination of the regulated power supply and code-practice oscillator. 
Note the addition of the volume control and headphones. 


send code to a classroom full of eager Morse-code students! (Finding 
enough people interested in learning the code to fill up a whole class- 
room would constitute an entirely different challenge.) A push-pull 
audio amplifier, just like the one we used for the radio receiver (Fig. 
5-4) except with PNP rather than NPN transistors, will work here. 
Now we have a system with three essential circuits: a power supply, 
an oscillator, and an amplifier. Figures 5-13A, 5-13B, and 5-13C show 
how we can draw the complete schematic diagram of this system, let- 
ting it spread across three different pages. 
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FIG. 5-13A. Regulated power supply for a classroom code-practice system. 
The wedge X represents an extension to illustrations B and C on the next two 
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FIG. 5-13B. Twin-T audio oscillator for a classroom code-practice system. 
The wedge X represents an extension from illustration A on the previous 
page. The wedge Y represents an extension to illustration C on the next page. 
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ulator failure. See Fig. 1-10. In this circuit, we will select an 
overvoltage of approximately 15 volts. This is done by adjusting 
control R1 until the lamp just lights, and then backing the control off 
slightly until the lamp does not light. Remember, to turn off the 
lamp you must reset the SCR by momentarily disconnecting the 
lamp or turning off the supply. After this calibration, remove the 
lamp and connect the anode of the SCR directly to the output of the 
supply. If, during use, an overvoltage condition occurs, the SCR 
will conduct, the output will be short-circuited, and the current 
limit circuit will turn off the supply. 

Figure 1-11 shows the complete power supply schematic. 
Figures 1-12 and 1-13 show what the completed power supply 
should look like. 


A 20-AMP, ADJUSTABLE, REGULATED DC SUPPLY 


This supply is versatile in that one has a reasonable amount of 
control over the heat dissipation of the pass transistors despite the 
amplitude of voltage to be controlled. 

Two paralleled power transistors are used as pass transistors; 
the 2N3772 and 2N3773 might be described as extra-heavy-duty 
2N3055s. I use this as a comparison because the 2N3055 is the 
well-known workhorse. The 3772 and 3773 can dissipate 150 
watts, as compared to the 3055's 115-watt capacity. These transis- 
tors can effectively control voltage amplitudes as low as 1.4 volts. 
Each 3772 can very safely handle currents to 15 amperes. The 3773 
handles 10 amperes, again as compared to the 3055’s 5-ampere safe 
capacity. These currents must, of course, be kept within the power 
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Fig. 1-9. Current limiter. 
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FIG. 5-13C. Audio power amplifier for a classroom code-practice system. Note the 
PNP transistors, consistent with the negative power-supply voltage (positive-ground 
system). The wedge X represents an extension from illustration A on the page before 
last. The wedge Y represents an extension from illustration B on the previous page. 
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Heads up! 


As you examine Figs. 5-13A, B, and C, take careful note of the des- 
ignators inside the arrows. The right-pointing arrow X in Fig. 5-13A 
goes to two places on subsequent pages: the left-pointing arrow X 
in Fig. 5-13B and also the left-pointing arrow X in Fig. 5-13C. The 
arrows marked Y apply only to Figs. 5-13B and C. 


Figure 5-14 shows a simple inductance-capacitance (LC) circuit. 
Note its resemblance to the L network of Fig. 5-7. In this case, the 
inductor and capacitor have been reversed from their relative posi- 
tions in the earlier case. In addition, this circuit has a different pur- 
pose than the other one does. The circuit in Fig. 5-7 works mainly for 
the purpose of tuning an antenna system, or matching the output of 
a transmitter to the characteristics of a particular antenna. The circuit 
in Fig. 5-14 is designed to let signals pass through (or not) depend- 
ing on their frequency. In this case, we have a so-called highpass 
filter because it lets signals go through more easily as the frequency 
increases. The exact frequency at which the transition from high 
attenuation (or lots of signal loss) starts to change over to low attenu- 
ation (little or no signal loss) depends on the values of the capacitor 
and inductor. 

Figure 5-15 shows a more complicated LC circuit that consists of 
two filters, one after the other. The first filter, made up of capacitor 
C1 and inductor L1, is the same highpass filter design as the one in 
Fig. 5-14. The second LC combination, made up of inductor L2 and 
capacitor C2, forms a lowpass filter. It works in the opposite manner 
from a highpass filter, letting signals through more easily as the fre- 
quency goes down. When we follow a highpass filter with a lowpass 
filter, and if we choose the cutoff frequencies (or transition points) 
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FIG. 5-14. A simple frequency-sensitive filter circuit. 
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FIG. 5-15. A complex frequency-sensitive filter comprising two simple, but different, 
filters connected in cascade. 


so that the highpass filter’s cutoff frequency lies below the lowpass 
filter’s cutoff frequency, we can get a bandpass filter in which a sig- 
nal can get through easily only when its frequency lies between the 
two cutoffs. 


Tip 

Youll often find repetition of circuit configurations, one after 
another, in electronic system design. Sometimes you'll see several 
identical or similar circuits connected together. Sometimes their 
components will all have the same values, and sometimes they 
won't. Sometimes the circuits will be connected in series (end to 
end, like the links in a chain); sometimes they’Il be connected in 
parallel (across each other, like the rungs in a ladder). 


If you know how one circuit in a repetitive system operates, then 
you know, by extension, how all of the circuits work. A problem 
that occurs in one circuit might also occur in any of the others, and 
you can use the schematic diagram to track down the problem. For 
example, if, through testing, you know that an oscillator has changed 
frequency because of a defective resistor in the base circuit, then 
if another oscillator of the same configuration develops the same 
malfunction, you can consult the schematic, locate the base resistor, 
and conduct some tests to see if it, too, has gone bad. Without the 
schematic, you’d have a hard time locating the proper resistor. This 
single miscreant component that costs a few pennies, could, all by 
itself, bring down a sophisticated system! 

Breaking a massive system down into complex circuits makes it 
easier to determine which circuit might be creating the problem for 
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the entire system. This complex circuit is then broken down into 
simple circuits, and a determination is made as to which simple circuit 
might be at fault. The simple circuit is further divided into separate 
components, which are examined individually for a possible fault. 
Through this systematic method of elimination (all done with the help 
of schematics), the equipment can be repaired with a lot less trouble 
than you'd experience if you didn’t have the schematics. The process 
of narrowing-down a problem zone from the system to a complex cir- 
cuit, then to a simple circuit, and finally to an individual component, 
is called troubleshooting to the component level. 


You're hired! 


If you can troubleshoot large electronic systems to the compo- 
nent level, you'll find yourself in high demand. All you'll have to 
do is show up on time when someone calls you for service, do the 
job, and leave. When word gets around about your competence 
and reliability, you’ ll have a job for the rest of your life. 


Many failures in complex electronic systems arise from a problem 
with a single component. Sometimes this failure will cause other 
components to go bad as well, but the repair must start with the first 
failure. Occasionally, two simultaneously defective components will 
be discovered, but this sort of coincidence is a rarity. Certainly, you 
must become familiar with the equipment you intend to repair, but 
after you have studied and understood the system's normal state of 
operation, you can use a schematic drawing to identify the general 
area of any future faults. By following this procedure, you can iden- 
tify the most suspect individual component(s). Then all you have to 
do is find the suspect component(s) in the physical system, get into 
the equipment with the appropriate test instrument, and check the 
suspect component(s) one by one. 


Tip 

Even if you have good test equipment, you'll find it difficult to 
quickly identify defective sections (and especially individual com- 
ponents) without a schematic diagram because you probably 
won't know where on the circuit board or chassis to look! 
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Getting comfortable with large 
schematics 


No matter how much you love electronics, you can’t expect to sit 
down as a rank beginner and read complicated schematics straight 
away. You've got to climb a learning curve. First of all, you must make 
certain that you know all of the schematic symbols that you expect 
to deal with. Complex schematics can serve as a great learning tool 
because they contain lots of symbols, some of which you probably 
won't know. Although you can’t sit down with a complex schematic at 
the start and understand everything that happens in the circuit that it 
represents, you can use such diagrams to help you learn the symbols. 

Once you feel comfortable with the individual symbols, put away 
the complex schematics and start looking over diagrams of basic, 
simple, widely used circuits. You'll find lots of them in magazines 
geared to electronics enthusiasts. (You'll find some simple projects 
and related diagrams in Electricity Experiments You Can Do at Home, 
published by McGraw-Hill, as well!) Don't study only one type of 
schematic, such as those that portray only amplifiers. Check into 
oscillators, power supplies, solid-state switches, RF circuits, audio 
circuits, and anything else you can find. You'll discover similarities 
between different types of circuits, sometimes with no major differ- 
ences other than a few changes in the component values. When you 
can identify an amplifier or oscillator or detector circuit by looking at 
its schematic, then you'll know you're making progress. 

Once you can comfortably identify simple electronic circuits from 
schematic diagrams, you should move on to more complex draw- 
ings—but don’t go overboard here! If you try to move too quickly, 
you might grow frustrated and give up altogether. Your next step will 
include devices that combine a few of the simple circuits you have 
previously studied. Sometimes additional components are added to 
match the output of one circuit to the input of another. Select books 
and publications that offer both theoretical and practical discussions 
of the circuit that the schematic depicts. Even better, you can build 
some simple circuits in a workshop at home. 

You'll likely get a surprise when you see how your first “homebrewed” 
electronic circuit looks when compared with the schematic drawing. 
Your study will continue from this point by examining the functional 
circuit and noting the relationship of the physical components to those 
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in the schematic drawing. You can further your electronics knowledge 
by experimenting with these circuits (substituting different components, 
for example). You might find a way to improve the circuit operation. 
All improvements should be duly noted, and a new schematic can be 
drawn up indicating your changes. You might want to simply pencil in 
the changes on the schematic diagram you were building from. 

When you feel comfortable building electronic circuits from simple 
schematic diagrams, you might want to combine two or more circuits 
to make a single, more sophisticated device. Take two schematic dia- 
grams from a projects book and combine them on paper. You will 
have to draw your own schematic to serve as your plan for the build- 
ing procedure. You might know enough by this time to design and 
build some additional circuits that can interface the two (connect the 
output of the first circuit to the input of the second one so they both 
work at their best). When you combine electronics circuit-building 
with the task of learning to read and create schematics, you can 
improve your electronics knowledge faster than you can by simply 
looking at and drawing theoretical diagrams. 


Tip 

Admittedly, you might start to grow bored as you pore over sche- 
matic diagrams for hours on end. But when you can refer to a 
portion of a schematic drawing and then wire the components 
in place, much of the boredom will go away. If you're lucky, or if 
you happen to be a budding fechnophile (technology lover), the 
stuff will get downright fascinating! 


Before you know it, you'll have obtained a solid basic knowledge 
of schematic diagrams and circuit-building. The circuits that you once 
imagined as complicated will soon seem familiar and elementary. 
Nevertheless, you should exercise some caution here. You might feel 
the temptation to stay with the sorts of circuits that you know best, 
and not venture into new territory. Don’t let that little bit of laziness 
get the better of you! As soon as you reach one stage of comfort, 
move on to diagrams that are more difficult and make you feel a 
little bit uncomfortable again. If you don’t “push yourself” this way, 
you'll find yourself stuck at one stage of development for a long time. 
Try building more and more complicated devices. Admittedly, this 
practice can grow expensive if you overdo it; so if you can’t build 
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everything in sight, keep on reading schematics and deciphering the 
various and diverse circuit components anyway. 

Youll never cease to be amazed at what you know and what you 
don’t know. For instance, many people new to electronics feel that 
a commercial AM radio transmitter must constitute a highly complex 
system. Most electronics novices are astonished to learn that the AM 
transmitter is technically less complex than an old-fashioned transis- 
torized pocket receiver that you might use to intercept the broad- 
casts. A commercial radio transmitter is a rather simple system, even 
though it might have the size and mass of a full-sized refrigerator. 
The transmitter size is directly related to the component size, which 
in turn is directly related to the amount of power that the system con- 
sumes. The power-supply transformer for a commercial transmitter, 
all by itself, might weigh as much as the aforementioned refrigerator! 
This and other components make the commercial broadcast trans- 
mitter necessarily large. However, the power-supply transformer for 
a small amateur radio transmitter will likely weigh less than a kilo- 
gram. Schematically, both transformers look the same in schematic 
diagrams. Circuit complexity bears no relation to the physical size of 
a component. Complexity depends on the number of components as 
well as on the number of circuits that the system has. 

The massive pieces of equipment are rarely the most complicated 
ones, both electronically and schematically. The tiny units that can be 
held in the palm of your hand often take the prize for schematic com- 
plexity when you break them down to the component level. A tablet 
computer is an excellent example. The integrated circuits (Cs or 
chips) inside a device like that contain millions of individual diodes, 
transistors, capacitors, and resistors. For this reason, the beginner to 
electronics and schematics should not shy away from any particular 
circuit, device, or equipment just because its size suggests complex- 
ity. You might be wrong, but even if you’re right, every schematic 
diagram will contain portions that you can comprehend. 

After you have passed the intermediate stage of learning schematics, 
then you can tackle complex circuits, devices, and systems. You can 
break them down into multiple-circuit stages or devices, and ultimately 
into simple circuits. Try to obtain schematics of a complex nature that 
also include a thorough explanation of how the circuits work. 

Recall the block diagram of Fig. 2-2, the strobe light circuit that we 
saw in Chap. 2. Compare it to Fig. 5-16, a schematic that shows all of 
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FIG. 5-16. Complete strobe light circuit originally shown in the block diagram of Fig. 2-2 (Chap. 2). In order to fit 
it on the page, the whole diagram is rotated 90 degrees. 
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120 VAC 


FIG. 5-17A. Plug, fuse, and rectifier portions of the strobe light circuit. Wedges X, Y, 
and Z represent extensions to illustration B on the next page. 


the individual components in the circuit. The whole diagram is tilted 
on its side, allowing it to fit on the page neatly. The circuit is powered 
with 120 V AC, which comes in at the left side of the schematic (after 
you've rotated the page). The three terminals of the 120 V AC line take 
three separate paths along color-coded wires. One wire goes to the 
fuse, another wire goes to the timing components, and the third wire, 
coming from the ground prong of the plug, goes to electrical ground. 

Following the top signal path, current passes through the fuse F1, 
assuming that the switch S1 is closed. Current then passes through 
the rectifier diodes D1 and D2 in one direction only. Conventional 
current travels with the arrows, and electron current goes against the 
arrows. From the diodes, one path goes all the way across the top 
wire to the A terminal of the strobe light, and the other path goes to 
the adjustable timing components comprising resistors R1 through 
R4, capacitors C1 and C2, and the neon lamp NE1. The adjustable 
timing components determine the frequency at which the light oper- 
ates (how long it stays off between extremely brief flashes). The 
silicon-controlled rectifier SCR1 performs the switching operation for 
the strobe lamp. Resistors R2 and R3, besides assisting with the tim- 
ing operation, provide a junction where the bottom portion of the 
circuit interacts with the top portion, sending the proper signal to 
the transformer T1 and finally to the strobe lamp terminals T and K. 

Figures 5-17A and B show the same circuit as Fig. 5-16 does, 
except that the diagram is split between two pages so that it can all 
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FIG. 5-17B. Timing and transformer portions of the strobe light circuit. Wedges X, 
Y, and Z represent extensions from illustration A on the previous page. 


be presented right-side-up instead of sideways. The first part (Fig. 
5-17A) shows the power supply and part of the timing circuitry. The 
second part (Fig. 5-17B) shows the frequency-adjusting potentiome- 
ter R4 along with the rest of the timing circuitry, the switching device, 
and the transformer that provides the strobe light with the voltage it 
needs to operate properly. 


Summary 


Reading and drawing schematic diagrams involves breaking down 
complex circuits into simple ones. The secret is to look at the system’s 
parts and how they relate to each other, rather than to regard the 
whole thing as a huge monolithic entity. As you systematically study 
a complex schematic drawing, the relationships between the circuits 
will get more and more apparent. Once in awhile, you'll suddenly see 
all of a system’s “secrets” revealed at once: An “Aha” moment! 


Tip 

When you use schematics for electronics troubleshooting, you 
won't always have to understand the function of every single sys- 
tem element. In many cases, you'll only have to worry about the 
circuits or components that represent potential trouble spots. 
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Fig. 1-10. Crowbar circuit. 


dissipation capability of the unit. One would not, for example, 
attempt to drop 30 volts across a 3772 while pulling 15 amperes, as 
this is a 450-watt dissipation and the transistor has a rating of 150 
watts. Using two of these in parallel, the dissipation capability is 
increased to 300 watts. (Even 300 watts takes a lot of heat sinking 
to dissipate the heat.) 

Refer to the schematic in Fig. 1-14. Let’s examine some 
practical extremes. Say we wish to regulate 13.0 volts at 20 
amperes, and the input voltage (at the choke output) into the 
regulators, using the full secondary, is 35 volts; this would result in 
a drop of 22 volts across the regulators. 22 volts x 20 amperes = 
440 watts. Obviously, things would start to melt after a very short 
operating period. Therefore, switches S1 and S2 have been incor- 
porated so that one can obtain the required voltage and current and 
hold the dissipation within reasonable levels. Thus, setting S2 in 
the low position, we are only using % of the secondary, or 22.5 V 
ac, possibly delivering 25 volts (loaded) to the pass transistors. 25 
less 13 = 12 volts across the pass transistors, or a total of 240 
watts. 

Following this same reasoning, it is apparent that the higher 
the regulated output voltage, the smaller the voltage drop across 
the pass transistors and the smaller the power dissipation. 
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Learning to read and write schematic diagrams is a lot like learning 
to receive and send the old Morse Code. Morse Code is a language of 
audible symbols, just like schematic drawing is a language of printed 
symbols. Once you learn either language, you can use it to commu- 
nicate; Morse code communicates words and sentences, while sche- 
matics communicate principles and concepts. 

Using Morse Code as a further example, a long sequence of dots 
and dashes will mean nothing unless you can break the data down 
into words. As your proficiency increases, you'll stop hearing mere 
dots and dashes (or, as some people say, dits and dahs) and hear 
letters of the alphabet instead. As you keep practicing with the code, 
you'll start to hear entire words. Eventually, if you keep at it long 
enough (and especially if you get fond of the code for its own sake, 
communicating with it for hours on end, as I have done over the 
years as an amateur radio operator), you'll hear whole phrases and 
sentences. It will have become a complete language for you. 

Reading and writing schematic diagrams follows a similar pattern 
of development. At first you'll see individual component symbols. 
Later, you'll begin to see simple circuits hidden within complex cir- 
cuits. Then you'll be able to identify and decipher complex circuits. 
Finally, you'll begin to envision entire systems. This knowledge will 
not come quickly, but your proficiency will improve every time you 
practice, if you keep pushing yourself (gently, of course) into new 
knowledge zones. 


6 
Let's learn by doing 


Earlier in this book, I mentioned a volume called Electricity Experiments 
You Can Do at Home. In this chapter, I’ve adapted a few of the experi- 
ments from that book along with layouts and schematics. You should 
find these activities entertaining and informative in their own right. 
As you go, you'll “automatically” bolster your proficiency in read- 
ing and interpreting schematics. Let’s start with some setup details, 
including a parts list and the construction of a simple circuit-testing 
board. Then, if you want, you can do the experiments here. If you 
enjoy them, then you can buy Electricity Experiments You Can Do at 
Home and do a whole lot more! 


Tip 

You don’t have to buy all the parts, build the breadboard, and 
do the experiments described here, if you aren’t in the mood. I 
think you'll have more fun and learn things better that way, but 
if you don’t want to spend money and time on “nuts and bolts 
stuff,” you can learn a fair amount by simply following along and 
conducting the experiments in your imagination. 


Your breadboard 


Every experimenter needs a good workbench. Mine consists of a piece 
of plywood, weighted down over the keyboard of an old upright 
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piano, and hung from the cellar ceiling by brass-plated chains. Yours 
doesn't have to be that exotic, and you can put it anywhere as long 
as it won't shake or collapse. The surface should be made of a non- 
conducting material such as wood, protected by a plastic mat or a 
small piece of close-cropped carpet (a doormat works great). A desk 
lamp, preferably the “high-intensity” type with an adjustable arm, 
completes the arrangement. 

Before you begin any of the tasks described in this chapter, buy a 
good pair of safety glasses at your local hardware store. Wear the glasses 
at all times as you play around with the hardware. Get into the habit of 
wearing safety glasses whenever you work on electrical or electronic 
circuits, whether you think you need them or not. You never know 
when a little piece of wire will go flying when you snip it off with 
diagonal cutters, or a spark will fly right at one of your eyeballs! 


Tip 

Table 6-1 lists the items you'll need for the experiments in this 
chapter. You can find many of these components at Radio Shack 
retail stores, or you can order them through the Radio Shack web- 
site. A few of them are available at hardware stores and depart- 
ment stores. 


For the experiments described in this chapter, you'll need a 
prototype-testing circuit board called a breadboard. 1 patronized a 
local lumber yard to get the wood for my breadboard. I found a length 
of “12-inch by 3/4-inch” pine in their scrap heap. The actual width of a 
“12-inch” board is about 10.8 inches or 27.4 centimeters, and the 
actual thickness is about 0.6 inch or 15 millimeters. They didn’t 
charge me anything for the wood itself, but they demanded a couple 
of dollars to make a clean cut so I could have a fine rectangular piece 
of pine measuring 12.5 inches (31.8 centimeters) long. 

Using a ruler, divide the breadboard lengthwise at 1-inch (25.4- 
millimeter) intervals, centered so as to get 11 evenly spaced marks. 
Do the same going sideways to obtain nine marks at 1-inch (25.4- 
millimeter) intervals. Using a ball-point or roller-point pen, draw 
lines parallel to the edges of the board to obtain a grid pattern. Label 
the grid lines from A to K and 1 to 9, as shown in Fig. 6-1. That’ll give 
you 99 intersection points, each of which you can designate with a 
letter-number pair, such as D-3 or G-8. 
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Table 6-1 


Components list for simple electricity experiments. You can find these items at retail 
stores throughout the United States. Abbreviations: AWG = American Wire Gauge, 
A = amperes, V = volts, W = watts, and PIV = peak inverse volts. 


Store type or Radio 
Quantity Shack part number 
1 Lumber yard 
1 Hardware store 
1 Hardware store 
12 Hardware store 
100 Hardware store 
1 Department store 
1 Hardware store 
1 Hardware store or 
Radio Shack 
1 Hardware store 
1 Hardware store 
1 Hardware store 
1 278-1156 
4 Hardware store 
1 270-391A 
1 271-1111 
1 271-1113 
1 271-1115 
1 211-1117 
1 271-1118 
1 271-1120 
1 271-1122 
1 276-1104 
2 272-357 
1 272-1130 
1 272-1133 


Description 


Pine board, approx. 10.8 x 12.5 x 0.6 inches 

Pair of safety glasses 

Small hammer 

Flat-head wood screws, 6 X 3/4 

Polished steel finishing nails, 1-1/4 inches long 
12-inch plastic or wooden ruler 

Small tube of contact cement 

Digital multimeter, GB Instruments GDT-11 or 
equivalent 

Diagonal wire cutter/stripper 

Small needle-nose pliers 

Roll of AWG No. 24 solid uninsulated (bare) copper 
wire 

Package of insulated test/jumper leads 

Alkaline AA cells rated at 1.5 V 

Holder for four size AA cells in series 

Package of five resistors rated at 220 ohms and 1/2 W 
Package of five resistors rated at 330 ohms and 1/2 W 
Package of five resistors rated at 470 ohms and 1/2 W 
Package of five resistors rated at 680 ohms and 1/2 W 
Package of five resistors rated at 1000 (1 k) ohms and 
1/2 W 

Package of five resistors rated at 1500 (1.5 k) ohms and 
1/2 W 

Package of five resistors rated at 3300 (3.3 k) ohms and 
1/2 W 

Package of two rectifier diodes rated at 1 A and 600 PIV 
Miniature screw-base lamp holder 

Package of two screw-base miniature lamps rated at 
6.3 V 

Package of two screw-base miniature lamps rated at 


7.5 V 


Once you've marked the grid lines, gather together a bunch of 
1.25-inch (31.8-millimeter) polished-steel finishing nails. Place the 
board on a solid surface that can’t suffer any damage from scratching 
or scraping. A concrete or asphalt driveway will serve this purpose. 
Pound a nail into each of the grid intersection points shown by the 
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black dots in Fig. 6-1 (53 nails in all). Make certain that the nails are 
made of polished steel, preferably with “tiny heads.” The nails must 
not have any coating of paint, plastic, or other electrically insulating 
material. Each nail should go into the board just far enough so that 
you can’t wiggle it around. I pounded every nail down to a depth 
of approximately 0.3 inch (8 millimeters), a distance amounting to 
halfway down through the board. 

Using 6 x 32 flat-head wood screws, secure the two miniature lamp 
holders to the board at the locations shown in Fig. 6-1. Using short 
lengths of thin, solid, bare copper wire, connect the terminals of one 
lamp holder to breadboard nails A-2 and D-1. Connect the terminals 
of the other lamp holder to nails D-2 and G-1. Wrap the wire tightly 
at least twice, but preferably four times, around each nail. Snip off any 
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FIG. 6-1. Layout of the breadboard for simple electricity experiments. I used a 
“12-inch” pine board (actually 10.8 inches wide) with a thickness of “3/4 inch” 
(actually about 0.6 inch), cut to a length of 12.5 inches. Solid dots show the 
positions of the nails. Grid squares measure 1 inch by 1 inch. 
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excess wire that remains. Glue the four-cell AA battery holder to the 
breadboard with contact cement. Allow the cement to harden. That 
process will need a few hours, so you can take a break for awhile! 

When the contact cement has solidified, strip 1 inch of the insula- 
tion from the ends of the cell-holder leads and connect the leads to 
the nails, as shown in Fig. 6-1. Remember that the red lead goes to the 
positive battery terminal, and the black lead goes to the negative 
terminal. Use the same wire-wrapping technique that you used for 
the lamp-holder wires. Place four brand new AA alkaline cells in the 
holders with the negative terminals against the springs. Now you 
have a 6-V battery, and the breadboard awaits your exploits. 


Wire wrapping 


The following breadboard-based experiments employ a construction 
method called wire wrapping. Each nail forms a terminal to which 
you can attach several component leads or wires. To make a connec- 
tion, wrap an uninsulated wire or lead around a nail in a tight coil. 
Make at least two, but preferably four or five, complete wire turns, 
as shown in Fig. 6-2. 

When you wrap the end of a length of wire, cut off the excess wire 
after wrapping. For small components, such as resistors and diodes, 
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FIG. 6-2. Wire-wrapping technique. Wind the wire or component lead at least 
twice, but preferably four or five times, around the nail. Extra wire should be 
snipped off, if necessary, using a diagonal cutter. 
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wrap the leads around the nails as many times as is necessary to use 
up the entire lead length. That way, you won't have to cut down 
the component leads. You'll be able to easily unwrap and reuse the 
components for later experiments. Needle-nose pliers can help you 
to wrap wires or leads that you cant wrap with your fingers alone. 

When you want to make multiple connections to a single nail, you 
can wrap one wire or lead over the other, but you shouldn't have 
to do that unless you've run out of nail space. Each nail should pro- 
trude approximately 1 inch above the board surface, so you won't be 
cramped for wrapping space. 


Tip 

Again, you must make absolutely sure that the nails are made of 
polished steel without any coating. They should be new and 
clean, so they’ll function as efficient electrical terminals. 


When you perform the experiments that follow, the exact arrange- 
ment of parts on the breadboard is up to you. Pve provided schematic 
and pictorial layout diagrams to show you how the components are 
interconnected. I recommend that you follow my layout suggestions, 
only because that way, you can focus on how the actual appear- 
ance of the circuit compares with the schematic diagram, even if 
you haven’t bothered to build the breadboard and work with the 
hardware directly. 

Small components such as resistors should always go between 
adjacent nails, so that you can wrap each lead securely around each 
nail. Jumper wires (also known as clip leads) should be secured to 
the nails so that the “jaws” can’t easily work their way loose. It’s best 
to clamp jumpers to nails sideways, so that the wires come off hori- 
zontally. If you try to put one of these so-called alligator clips down 
on a nail vertically, there’s a good chance that it will pop off in the 
middle of a mission-critical operation! 


Caution! 


Please let me repeat: Wear safety glasses at all times as you per- 
form these experiments, whether you think you need to or not. 
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Kirchhoffs current law 


In this experiment, you'll construct a network that demonstrates one 
of the most important principles in DC electricity. You'll need five 
resistors: two rated at 330 ohms, one rated at 1000 ohms (1 k), and 
two rated at 1500 ohms (1.5 k). You'll also need four AA cells. 


Mount the resistors on the breadboard by wire-wrapping the leads 
around the terminal nails, as shown in the layout diagram, Fig. 6-3. 
Test each resistor with your multimeter (set to work as an ohmmeter) 
to verify their ohmic values before you install them. Use a 5-inch 

length of bare copper wire to interconnect the three terminals 1-1, 
J-1, and K-1. Do the same thing with 1-3, J-3, and K-3, and also with 


I-5, J-5, and K-5. 
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FIG. 6-3. Arrangement of resistors on breadboard for demonstration of Kirchhoff's 


current law. All resistance values are in ohms. Solid dots indicate breadboard 
terminals. Solid lines show interconnections with bare copper wire. Dashed lines 


indicate jumpers. 
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Tip 

Engineers symbolize current as a variable by writing an upper- 
case italic letter I. Amperes as units are abbreviated as an uppercase 
nonitalic A. Voltage as a variable can be symbolized by an upper- 
case italic E or an uppercase italic V. Volts as units are abbrevi- 
ated as an uppercase nonitalic V. Resistance as a variable is sym- 
bolized with the uppercase italic R. Ohms as units can be written 
out in full, although some texts use the uppercase nonitalic Greek 
letter omega (Q). 


Gustav Robert Kirchhoff (1824-1887) did research and formulated 
theories in a time when no one knew much about electrical current. 
He used common sense to deduce fundamental properties of DC 
circuits. Kirchhoff reasoned that the current going into any branch 
point in a circuit must always equal the current going out of that 
point. Figure 6-4 shows a generic example of this principle, known 
as Kirchhoff’s first law. We can also call it Kirchhoff's current law or 
the principle of conservation of current. 

Mathematically, the sum of the currents entering a branch point 
always equals the sum of the currents leaving that same branch point. 
In the example of Fig. 6-4, two branches enter the point and three 
branches leave it, so 


1 +L= +14 


FIG. 6-4. According to Kirchhoff's current law, the sum of the currents flowing into 
any branch point is equal to the sum of the currents flowing out of that branch 
point. In this example, 1, +1, =1, +1, +1,. 
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Kirchhoff's current law holds true no matter how many branches 
come into or go out of a particular point. 

Connect your four-cell battery to the resistive network and mea- 
sure the currents in each branch. Every test point should be metered 
individually, while all the other test points are shorted with jumpers. 
Figure 6-5 is a schematic diagram that shows the actual values of the 
resistors in my network (yours will be slightly different, of course), 
along with the value I got when I measured J, the current through 
the smaller of the two input resistors. 

As you measure each of the four other current values in turn, make 
certain that the meter polarity always agrees with the battery polarity. 
The black meter probe should go to the more negative point, and 
the red meter probe should go to the more positive point. That way, 
you'll avoid getting negative current readings that might throw off 
your calculations. When I tested my four-cell battery to determine its 


|, = 10.59 mA 


FIG. 6-5. Network for verifying Kirchhoff’s current law. All resistance values are 
in ohms. The battery voltage, the current 1,, and the resistances are the values 
I measured. Dashed lines show interconnections with jumpers. 


Fig. 1-12. Top view of completed supply. 


Note that, when using multiple secondary transformers, one 
has the capability of choosing the appropriate voltages. The switch- 


ing arrangement shown is the one I use. It may be convenient for 
some applications to tap the secondaries at other points, i.e., 
tapping at the 15-volt ac position will result in approximately a 
60-watt dissipation for the above stated example. 

The transformers I used were purchased from army surplus 
(WW ID. They are hermetically sealed units and have an operating 


Fig. 1-13. Bottom view of completed supply. 
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voltage, I got 6.32 V. When I measured 7 through Z, I got the follow- 
ing results, accurate to the nearest hundredth of a milliampere (mA): 


I, = 10.59 mA 
I, = 2.40 mA 
L = 8.35 mA 
I, = 2.79 mA 
L = 1.88 mA 


5 


It’s “mission critical” that all test points not undergoing current 
measurement be shorted out with jumpers. Otherwise, your network 
will be incomplete and your current measurements will come out 
wrong. After you've finished making measurements, remove all the 
jumpers to conserve battery energy. 

Now you can input your numbers to the Kirchhoff formulas and 
see how close the sum of the input currents comes to the sum of the 
output currents. Here are my results for the sum of the currents enter- 
ing the branch point: 


1, FL=10574+240 
= 12.99 mA 


When I added the currents leaving the branch point, I got 


E ed =O) 2s) 2 00 
= 13.02 mA 


Tip 

When you do experiments of this sort, you should expect a slight 
discrepancy. That principle explains the 0.03 mA current differ- 
ence in the branch points in my test. An error of three hundredths 
of a milliampere at 13 mA amounts to well under 1 percent, which 
is acceptable. 


Now compare! 


Compare the layout diagram (Fig. 6-3) with the schematic diagram 
(Fig. 6-5) without the meter or jumpers. 
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Kirchhoff’s voltage law 


In this experiment, you'll construct a network that demonstrates 
another important DC circuit rule. You'll need four resistors: one rated 
at 220 ohms, one rated at 330 ohms, one rated at 470 ohms, and one 
rated at 680 ohms. You'll also need four AA cells. 

According to Kirchhoff’s second law, the sum of the voltages across 
the individual components in a series DC circuit, taking polarity into 
account, always equals zero. We can also call this rule Kirchhoff’s 
voltage law or the principle of conservation of voltage. 

Consider the generic series DC circuit shown in Fig. 6-6. According 
to Kirchhoff's voltage law, the battery voltage E must equal the sum 
of the potential differences (voltages) across the resistors, although 
the polarity will be reversed. Mathematically, we can state this fact as 


E+E+E+E+E=0 


If we measure the voltages across the individual resistors and the bat- 
tery, one at a time, with a DC voltmeter and disregard the polarity, 
we should find that 


E=E +E, +E, + E, 


Check each of the four resistors with your ohmmeter to verify their 
actual values. Mount the resistors in the upper right-hand corner of 
your breadboard by wire-wrapping the leads around nails, as shown 
in Fig. 6-7. Connect the battery to the network as shown, and mea- 
sure the voltage across each resistor. Figure 6-8 illustrates the actual 
values of the resistors in my network (yours will be slightly different), 


Wi 
E 


FIG. 6-6. According to Kirchhoff’s voltage law, the sum of the voltages across the 
resistances in a series DC circuit is equal and opposite to the battery voltage. If we 
disregard polarity, then in this example, we'll observe thatE =E,+E,+E,+E,. 
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G-1 i rs 
i G2 H-2 |-2 J-2 ` 
y p 
Jumper to Jumper to 
positive 
battery 
terminal 


negative 
battery 
terminal 
FIG. 6-7. Suggested arrangement of resistors on breadboard for demonstration 
of Kirchhoffs voltage law. All resistance values are in ohms. Solid dots indicate 


terminals. Dashed lines indicate jumpers. 
along with the voltage I got for E,. I measured E= 6.30 V across the 
battery when it was connected to the resistors. 
As you measure each voltage E through £, the black meter probe 
should go to the more negative voltage point, and the red probe should 
go to the more positive point. That way, you'll avoid getting negative 


E, =1.22 V 


ihilli 
E, 


E = 6.30 V 


FIG. 6-8. Network for verifying Kirchhoff’s voltage law. All resistance values are in 
ohms. The battery voltage E, the voltage across the second resistor, and the resist- 


ances are the values I measured. 
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readings that might throw off your calculations. When I measured the 
voltages across the individual resistors, I got 


E = 0.82 V 
E,=1.22V 
ESTOY 
E,=2.52 V 


When you've finished making your measurements, remove one of 
the jumpers to take the load off the battery. 

After you've double-checked and written down your voltage mea- 
surements, input the numbers to the modified Kirchhoff formula 


E= E +E, +E, + E, 

and see how closely it works out. For the left-hand side of this equa- 
tion, I measured 

E= 6.30 V 
In the right-hand side of the foregoing equation, I added my numbers 
to get 

E FE FE+E=062+1,2241,.75+ 252 
= 6.31 V 


That’s an error of only 0.01 V out of a net potential difference of 6.30 V, 
amounting to less than two-tenths of one percent error. 


Now compare! 


Compare the layout diagram (Fig. 6-7) with the schematic diagram 
(Fig. 6-8), and “follow the flow” through both versions. 


A resistive voltage divider 


You can use the components from the previous experiment to obtain 
several different voltages from a single battery. Keep the resistors 
on the breadboard in the same arrangement as you had them in the 
experiment for Kirchhoff’s voltage law. 
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E 
Mi 


FIG. 6-9. A voltage divider takes advantage of the potential differences across 
individual resistors connected in series with a DC power source. Note the use 
of italics and subscripts for the resistor designators! 


When you connect two or more resistors in series with a DC power 
source, those resistors produce specific voltage ratios. You can tailor 
these ratios using specific resistances that “fix” the intermediate volt- 
ages. This type of circuit works best when the resistance values are 
fairly small. Figure 6-9 illustrates the principle of a resistive voltage 
divider. The individual resistances are R, R, R, ..., and R, The total 
resistance R is the sum 


R=R+R+R+...4+R, 


If we call the power supply voltage E, then Ohm's law tells us that 
the current Jat any point in the circuit must be 


I= E/R 


as long as we express Jin amperes, E in volts, and R in ohms. At 
the points P,, P,, P,, ..., and P,, the voltages relative to the negative 
battery terminal are E, E,, E, ..., and E, respectively. The last (and 
highest) voltage E is the same as the battery voltage E. The voltages 
at the various points increase according to the sum total of the resis- 
tances up to each point, in proportion to the total resistance, multi- 
plied by the supply voltage. In theory, then, we should find that the 
following equations hold true: 
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E,= ER/R 
E, = E(R + R)/R 
E, = E(R,+R,+R)/R 


4 
BED eR Bd Fo RNR 
= ER/R 
= E 


Tip 

Note the use of italics and subscripts for the resistor designators 
here! Instead of R1, R2, R3, and so on, we now write R, R, R., 
and so on. This alternative notation hasn’t appeared previously 
in this book, but lots of engineers use it in schematics. Don’t get 
surprised when you encounter it. This notation is commonly used 
for capacitors, inductors, diodes, and other components as well. 


During this experiment, I measured E= 6.30 V across the battery 
as it worked under load, as shown in Fig. 6-10A. This diagram shows 
the rated values of the resistors. Your actual values will differ slightly 
from the rated values. In my case, the actual values were 


R = 220 ohms 
R, = 328 ohms 
R, = 465 ohms 
R, = 672 ohms 


Set your meter to measure current in milliamperes (mA). Connect 
the battery to the resistive network through the meter, as shown in 
Fig. 6-10B, and measure the current. In theory, I expected the milliam- 
meter to indicate a value equal to the battery voltage divided by the 
sum of the actual resistances, or 


I= E/R 
= 6.30/(220 + 328 + 465 + 672) 
= 6.30/1685 
= 0.00374 A 
= 3.74 mA 
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FIG. 6-10. At A, arrangement for measuring voltages in a resistive divider. Here, 
the voltmeter is connected to measure the voltage E, across the first and second 
resistors. All resistance values are in ohms. Solid dots indicate terminals. Dashed 


lines indicate jumpers. At B, arrangement for measurement of current through 


the network. 
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When I measured the current, I got 3.73 mA, a value comfortably 
within the limits of acceptable error. 

Now measure the intermediate voltages E, through £, with your 
meter set for a moderate DC voltage range. The black meter probe 
should go directly to the negative battery terminal and stay there. The 
red meter probe should go to each positive voltage point in turn. First 
measure the voltage E, that appears across R, only. Then measure, in 
order, the following voltages, as illustrated in the schematic of Fig. 
6-11: 


e The potential difference E, across R + R, 
e The potential difference E, across R + R, + R, 
e The potential difference E, across R + k,+ Rk, + R, 


Figure 6-11 illustrates the arrangement for measuring E, to provide a 
specific example. When I measured each voltage in turn, my meter 
displayed these results: 


E, = 0.82 V 
E, = 2.04 V 
E, = 3.79 V 
E, = 6.30 V 


After you've finished measuring all the voltages, remove one of the 
jumpers to conserve battery energy. 


l= 3.73 mA 


E = 6.30 V 
Hi 


FIG. 6-11. Network for testing the operation of a resistive voltage divider. All resist- 
ance values are in ohms. The battery voltage E, the voltage E, across the first and 
second resistors, and the resistance values represent my measurements. 
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Now connect the meter across the combination R + K. Run a cou- 
ple of jumper wires to a load resistor located elsewhere on the bread- 
board, as shown in the layout diagram of Fig. 6-12. This arrangement 
will make the voltage source E, force current through the load resis- 
tor, which we'll call R. Try every resistor in your repertoire in the 
place of R. If you obtained all the resistors in the parts list, you'll 
have seven tests to do, using resistors rated at values ranging from 


220 to 3300 ohms. 
Alternately connect and disconnect one of the jumper wires between 


the voltage divider and R, so that you can observe the effect of the 
load on E,. As you can see, the external load affects the behavior of 


the voltage divider. As R, decreases, so does E,. The effect becomes 


Load resistance 
(can be wrapped 

to any two free 
adjacent terminals) 
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FIG. 6-12. Circuit for testing a resistive voltage divider under load. Dashed lines 
indicate jumpers. This diagram shows the arrangement for measuring variations 
in E, as the load resistance R, is alternately connected and disconnected from 


the series combination of R, and R.. 
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Table 6-2 
Here are the voltages that I measured across various loads in a resistive voltage 
divider constructed according to Fig. 6-12. My network resistor values were 
R, = 220 ohms, R, = 328 ohms, R, = 465 ohms, and R, = 672 ohms. The load 
resistance values (left column) are the actual measured values for components rated 
at 3300, 1500, 1000, 680, 470, 330, and 220 ohms, respectively as you read down. 


Load resistance (ohms) Output voltage (volts) 
3250 1.83 
1470 1.63 

983 1.49 

671 1.32 

466 1.14 

326 0.96 

220 0.76 


dramatic when R becomes small, representing a “heavy load.” Table 
6-2 shows the results I got. Plot your results as points on a coordinate 
grid with R on the horizontal axis and Æ, on the vertical axis, and then 
“connect the dots” to get a characteristic curve showing the voltage 
as a function of the load resistance. Figure 6-13 is the graph I made. 


2.5 
No-load voltage = 2.04 V 
20 = TTT TSS SS SSS SS SS TSS SS 


1.5 


1.0 


Output voltage in volts 


0.5 


10k 6k 3 k 1k 600 #300 100 


Load resistance in ohms 
(Reverse logarithmic scale) 


FIG. 6-13. My results for output voltage versus load resistance in the voltage divider. 
The dashed line shows the open-circuit (no-load) voltage across the combination 
of R, and R, in series. Open circles show the measured voltages under various loads. 
The solid curve reveals how the circuit behaves as the load resistance goes down. 


Fig. 1-14. 17 Ampere super-regulated low-voltage universal power 
supply—3.5-30.0 volts. S1 and S2—10 Amp contacts 8120 V; D1-D4—50V, 
30 Amp or equivalent; Q2 and Q3—2N3772 or 2N3773; Qi—2N3055 or 
2N3773; U1—pA7BGUIC; R1 and R2—paralleled .44 Q, 4 watt or equivalent; 
RI—2.0 wtt, 20k to 25k wire-wound pot; R4—5k, 2 W. 


ceiling of 60,000 ft. The continuous operating current is called out 
as 10 amperes. I have used the supply for over an hour of continu- 
ous service at 17 amperes and the cases stayed at room tempera- 
ture. The transformers each have two 7.5-volt secondaries. As can 
be seen in Fig. 1-15, I use the windings in series and parallel 
configurations. The choke possibly can be eliminated with some- 
what higher peak voltages being present. Any possible increase in 
ripple voltage will be smoothed out by the gain in the regulator 
chip. The choke was used in a previous unregulated power supply 
built on this same chassis; therefore, it was retained rather than 
removed. This choke was built from a Triad filament transformer I 
had on hand. Originally, the transformer had four 6.3 V ac 4-amp 
windings. The transformer was disassembled, the secondary wind- 
ing removed and about 3 or 4 layers of no. 10 or 12 wire wound onto 
the core. The laminations were reinserted with all of the “E” s in 
one direction and the “I”s placed at the end. 

The regulator chip, a Fairchild uA78GUIC, is the whole key to 
the success of regulation. It drives a 2N3772; a 2N3773 or evena 
2N3055 will work equally well. The rectifiers are 1N3209s, 100- 
volt, 15-amp units. They happened to be something I had in my junk 
box—suitable substitutions can be used, incidentally, they ran cool 
at 17 amps; the heat sinks were cut from heavy aluminum heat sink 
rails. Two heat sinks were used side by side and isolated from each 
other, one section for the rectifiers, the other for the pass transis- 
tors. For better dissipation, the radiator fins should be vertical. 
However I have had no problems mounting them horizontally. 


14 
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I used a reverse logarithmic scale to portray R, so that the values 
would be reasonably spread out. This graph scale allows for a graph 
that provides a clear picture of what happens as the conductance of 
the load increases. 


Here’s a thought! 


What do you think will happen to the voltage across the load if you 
use two, three, four, or five 220-ohm resistors in parallel, getting 
R, values of about 110, 73, 55, and 44 ohms respectively? Try the 
arrangements one by one, and see what happens! Your original 
package from Radio Shack has five 220-ohm resistors in it, right? 


Tip 

The results of this experiment suggest that when engineers build 
voltage dividers, they had better know what sort of external load 
the circuit will have to deal with. If the load resistance fluctu- 
ates greatly, especially if it sometimes gets low, a resistive voltage 
divider won't work very well. 


A diode-based voltage 
reducer 


Rectifier diodes can reduce the output voltage of a low-voltage DC bat- 
tery or power supply, providing a better (or at least more predictable) 
way to obtain specific desired voltages than the resistive divider can 
do. For this experiment, you'll need two diodes. The ones I obtained 
were rated at 1 A and 600 peak inverse volts (PIV), available at Radio 
Shack stores as part number 276-1104. You'll also need at least one 
of each of the resistors listed in Table 6-1, along with some jumpers. 

Figure 6-14 shows the schematic symbol for a simple rectifier diode, 
which is manufactured by joining a piece of P-type semiconductor 
material to a piece of N-type material. The N-type semiconductor, 
represented by the short, straight line, forms the diode’s cathode. 
The P-type semiconductor, represented by the arrow, composes 
the anode. Under most conditions, electrons can travel easily from 
the cathode to the anode (in the direction opposite the arrow), but 
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FIG. 6-14. Schematic symbol for a semiconductor diode. The short line represents 
the cathode. The arrow represents the anode. 


not from the anode to the cathode (in the direction of the arrow). 
Conventional current, which always goes from positive to negative, 
moves in the same direction as the arrow points. 

If you connect a battery and a resistor in series with a diode, cur- 
rent will flow if the negative terminal of the battery faces the cathode 
and the positive terminal faces the anode, as shown in Fig. 6-15A. 
This condition is called forward bias. No current will flow if the bat- 
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FIG. 6-15. Series connection of a battery, a resistor, a current meter, and a diode. 
At A, forward bias causes current to flow if the voltage equals or exceeds the 
forward breakover threshold. At B, reverse bias results in no current through the 
diode, unless the voltage gets very high. 
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tery is reversed, as shown in Fig. 6-15B (except when the voltage is 
very high). This condition is called reverse bias. The resistor prevents 
destruction of the diode by excessive current under conditions of 
forward bias. 

It takes a certain minimum voltage to cause current to flow through 
a forward-biased semiconductor diode. Engineers call this “threshold” 
the forward breaker voltage. In most diodes, it's a fraction of a volt, 
but it varies somewhat depending on how much current the diode 
is forced to carry. If the forward-bias voltage across the diode’s P-N 
junction is not at least as great as the forward breaker voltage, then 
the diode will not conduct. When a diode is forward-biased and con- 
nected in series with a battery, the voltage goes down to an extent 
approximately equal to the forward breakover voltage. Unlike the 
voltage reduction that takes place with resistors, the diode’s voltage- 
dropping capability does not change much when the external load 
resistance goes up or down. 

Although current won't normally flow through a diode that's 
reverse-biased, exceptions do occur. If the reverse voltage gets high 
enough (usually far greater than the forward breakover value), a 
diode will conduct current because of the so-called avalanche effect. 
Zener diodes, which are used to regulate voltages in power supplies, 
work according to this principle. 


Did you know? 

When you connect two or more identical rectifier diodes in series 
with their polarities in agreement, the forward-breakover voltages 
add up (give or take a little), so you can get stable and predictable 
voltage drops that come quite close to whole-number multiples 
of the forward breakover voltage of a single diode. This technique 
works as long as you connect a load in the circuit, so that the 
diodes are forced to carry some current. 


You can set up a voltage reducer with two diodes in series and 
their polarities in agreement, as shown in Fig. 6-16, so that current 
flows through the load resistor R if the forward bias is large enough. 
Figure 6-17 is a pictorial layout diagram showing an arrangement for 
mounting the components on your breadboard. Set your meter to 
indicate DC voltage in a moderate range, such as 0 to 20 V. Connect 
the meter across the load resistance, paying attention to the polar- 
ity so you get positive voltage readings. As you did in the previous 
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FIG. 6-16. Schematic diagram showing the method of voltage measurement across 
a load resistance R, in a two-diode voltage reducer. 


experiment, try every resistor you have for R. Measure the voltage 
across R in each case. You'll have seven tests to do, with resistances 
ranging from 220 to 3300 ohms. 

The load resistance R, affects the behavior of a diode-based volt- 
age reducer, but in a different way than it affects the behavior of a 
resistive voltage divider. When you do these tests, you'll see that as 
the load resistance R, decreases, the potential difference across it 
goes down, but only a little bit. The voltage across the load tends to 
drop more and more slowly as R, decreases. Contrast this behavior 
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FIG. 6-17. Suggested breadboard layout for measurements of the voltages across 
the load resistance in a two-diode voltage reducer. Solid dots show breadboard 
terminals. Dashed lines indicate jumpers. Pay attention to the diode polarity! The 


cathodes should go toward the negative battery terminal. 
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with that of the resistive divider, in which the voltage drops off more 
and more rapidly as the load resistance goes down. Table 6-3 shows 
the results I got when I measured the voltages across various load 
resistances with this two-diode arrangement. 

Plot your results as points on a coordinate grid with the load resis- 
tance on the horizontal axis and the voltage across the load resistor on 
the vertical axis, and then approximate the curve as you did in the pre- 
vious experiment. When I did this little exercise, I got the graph shown 
in Fig. 6-18. As before, I used a reverse logarithmic scale to portray R. 
Compare this graph with Fig. 6-13 from the previous experiment. 


Here’s a thought! 


Repeat this experiment with only one diode. Then, if you’re will- 
ing to make another trip to Radio Shack, get another package of 
diodes and try the experiment with three or four of them in series. 
You might also obtain some more resistors, covering a range of 
values of, say, 100 ohms to 100,000 ohms, and test the circuit 
using those resistors in the place of R. 


Caution! 


Don’t use a resistor of less than about 75 ohms as the load here. 
In this arrangement, a 1/2-watt resistor of less than 75 ohms will 
let too much current flow, risking destruction of the resistor (and 
possibly the diodes as well, if you make the resistance really low). 


Table 6-3 
Here are the output voltages that I obtained with various loads connected to a diode- 
based voltage reducer. The circuit consisted of two diodes rated at 1 A and 600 PIV, 
forward-biased and placed in series with a 6.30-V battery. 


Load resistance (ohms) Output voltage (volts) 
3250 5.08 
1470 4.99 

983 4.96 

672 4.91 

466 4.88 

326 4.84 


220 4.79 
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FIG. 6-18. Output voltage versus load resistance for the diode-based voltage 
reducer. These are my results. The dashed line shows the open-circuit (no-load) 
voltage. Open circles show measured voltages under various loads. The solid curve 
approximates the circuit's characteristic function. 


Mismatched lamps in series 


When two dissimilar incandescent lamps operate in series, they 
receive different voltages and consume different amounts of volt- 
ampere (VA) power, as this experiment demonstrates. (Remember 
from your basic electricity courses that in a DC circuit, power in 
watts equals voltage in volts times current in amperes, hence the term 
volt-ampere for simple DC power.) You'll need a 6.3-V lamp, a 7.5-V 
lamp, four AA cells, and some jumpers. 

Your breadboard has two screw-base lamp holders. Position the 
board so that one holder lies on the left, and the other one lies to its 
right. Install a 6.3-V lamp in the left-hand socket, and a 7.5-V lamp in 
the right-hand socket. Connect a short length of bare wire securely 
between terminals D1 and D2, so that the top terminal of the left- 
hand lamp holder goes to the bottom terminal of the right-hand lamp 
holder. Then connect jumpers between the free lamp socket termi- 
nals and the battery terminals, so that the lamps are connected in 
series with each other. Both lamps should glow at partial brilliance. 
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Call the lamp that's closer to the negative battery terminal “lamp N.” 
That will be the one on the left. Call the lamp that's closer to the posi- 
tive battery terminal “lamp P.” That'll be the one on the right. Unscrew 
lamp N. At the instant the contact fails, lamp P will go dark. Screw lamp 
N back in, and then unscrew lamp P. Lamp N will go out. This phe- 
nomenon is typical of the behavior of a series circuit. If any compo- 
nent opens up, all the others lose power. A break at any point in a 
series circuit prevents current from flowing anywhere in that circuit. 

Now short out lamp N with a jumper. Lamp N will go dark because 
it no longer has any voltage across it; lamp P will attain nearly full 
brilliance. Then disconnect the jumper from lamp N, and move the 
jumper so that it shorts out lamp P instead. Lamp P will go dark while 
lamp N glows at full brilliance. Again, this behavior is typical of series 
circuits. If any component shorts out, all of the others receive more 
power than they did before. 

Set your meter to read DC volts. Connect the jumpers so that the 
lamps are in series and are both glowing at partial brilliance. Measure 
the voltage E, across lamp N, as shown in the schematic of Fig. 6-19 
and in the equivalent layout pictorial of Fig. 6-20. Then measure the 
voltage E, across lamp P, as shown in the schematic of Fig. 6-21 and 
the equivalent layout pictorial of Fig. 6-22. When I performed these 
tests, I got the following voltages: 


Ba 220¥ 

E, = 3.64 V 
Lamp rated Lamp rated 
at 6.3 V at 7.5 V 


Voltmeter 


Four AA cells in series 


FIG. 6-19. Measurement of voltage E, across the more negative of two dissimilar 
lamps in series (called N, rated at 6.3 V). 
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Lamp rated Lamp rated 
at 6.3 V at 7.5 V 
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oltmeter 
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Four AA cells in series 


FIG. 6-20. Breadboard layout rendition of the schematic shown in Fig. 6-19 


Lamp rated Lamp rated 
at 6.3 V at 7.5 V 
A >, 


Voltmeter 


Four AA cells in series 


FIG. 6-21. Measurement of voltage E , across the more positive lamp (called P, rated 


at 7.5 V). 


140 Let's learn by doing 


Lamp rated Lamp rated 
at 6.3 V at7.5V 


Four AA cells in series 


FIG. 6-22. Breadboard layout rendition of the schematic shown in Fig. 6-21. 


Tip 

If you can’t get the exact same Radio Shack lamps as specified 
in the parts list for these experiments (Table 6-1), you can use 
lamps from another source, such as a hardware store or hobby 
store. This experiment will work as long as the lamps are rated for 
slightly different voltages or slightly different power levels, and 
both are rated between 6 V and 12 V. 


Now determine the voltage EFacross the series combination of lamps, 
as shown in the schematic at Fig. 6-23 and the layout in Fig. 6-24. In 
theory, the reading should be 

E=E +E, 
When I put my numerical results into this formula, I predicted that I 


would see 
E= 2.20 + 3.64 


= 5.84 V 
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Lamp rated Lamp rated 
at7.5V 


at6.3V 


Voltmeter 


Four AA cells in series 


FIG. 6-23. Measurement of voltage E across the combination of two dissimilar 


lamps in series. 
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at 6.3 V at 7.5 V 
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Four AA cells in series 


FIG. 6-24. Breadboard layout rendition of the schematic shown in Fig. 6-23 


The divider composed of R3 and R4 only requires about 1.0 
mA of current as the control current to the regulator is only 5 to 8 
pA under worst-case conditions. The control voltage is 5.0 volts. 
The fixed values for a given voltage output at pin 3 can be calculated 
from the formula Vout = [(R3 + R4)/R4] V, where V control on the 
78GUIC = 5 V, 

Figures 1-16, 1-17 and 1-18 show different views of the 
finished power supply. 


DUAL VOLTAGE POWER SUPPLY 


The power supply uses two type 309K three terminal reg- 
ulator integrated circuits. These consist of an in, out and common 
pin connection and thus this IC is the simplest possible device to 
work with. The K suffix designates the type TO-3 package. This 
regulator is also available in the type TO-5 package, but we will use 
the higher power package to obtain output currents in excess of one 
ampere. This is a particularly fine power regulator specifically 
built for five volt output for TTL use but a simple connection allows 
the regulator to furnish higher output voltages with equally excel- 
lent regulation. 
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Fig. 1-15. ITC transformer, part #BP-6242, size 4.5"x5.0" x 7.0", hermetl- 
cally sealed, conservatively rated at 20.0 amperes continuous operation. A 
pair of these can be substituted for the transformers in the text and offer 
even more versatility. They are available for $19.50 each from Hiway Com- 
pany, 305 W. Wisconsin Ave., Oceanside, CA 92054. 
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My meter reading was E= 5.85 V, a value significantly lower than the 
6.30 V I started out with under no-load conditions. Evidently, these 
bulbs “tax” the four-AA-cell battery rather heavily. I also entertained 
the notion that because ld been using the battery for a lot of other 
experiments besides the ones described here, my AA cells might 
have grown a little weak. 

Set your meter for DC milliamperes, and connect it, as shown in 
the schematic diagram of Fig. 6-25 and in the equivalent layout picto- 
rial of Fig. 6-26. That connection will allow you to measure the cur- 
rent drawn by the series combination of lamps. I obtained a reading 
of 139 mA (or 0.139 A). 

Now that you know the voltage across each lamp and the current 
going through the whole circuit, you can determine the VA power 
figures for the lamps individually and together. Let P,.. represent the 


VA1 
VA power consumed by lamp N, and use the formula 


oe = El 
When I plugged in my results, I got 
P; = 2.20 x 0.139 


= 0.306 VA 
Lamp rated Lamp rated 
at 6.3 V at 7.5 V 


Milliammeter 


Four AA cells in series 


FIG. 6-25. Measurement of current! drawn by the combination of two dissimilar 
lamps in series. 
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Four AA cells in series 


FIG. 6-26. Breadboard layout rendition of the schematic shown in Fig. 6-25 


represent the VA power consumed by lamp P, the for- 


Letting For 
mula is 
o d 


My result turned out as 
P.., = 3.64 x 0.139 
= 0.506 VA 
Now let's say that P,, represents the VA power consumed by both 
lamps operating together. In that case, theory predicts that 
P.=EI 


Plugging in my experimental results gave me 
a = 5.85 X 0.139 


= 0.813 VA 


144 Let's learn by doing 


In theory, the VA power consumed by the lamp combination should 
also work out as the sum of the two VA power quantities taken 
individually: 

Fi > ae A oe 


Adding my results of P,,, = 0.306 and P,,,, = 0.506, I got 


P, = 0.306 + 0.506 
= 0.812 VA 


The error between my two results was a small fraction of one percent, 
a state of affairs that made me joyful indeed. 


Summary and conclusion 


When you want to design, build, debug, and troubleshoot electronic 
equipment, you'll do best if you have a good schematic (or set of 
schematics) to work with. Pictorial diagrams, including layouts, can 
help you find your way too. But when it comes down to doing the 
work, youll never find any substitute for playing around with real- 
world hardware. If you have both schematic and pictorial diagrams 
available, your job will be as easy as it can get. 

If you did all the experiments in this chapter, you probably came 
up with results that differ slightly from mine. If you had to make major 
parts substitutions, for example with the lamps in the last experi- 
ment, then some of your results doubtless came out a lot different 
than mine did. Whether you did the experiments or merely followed 
along as a spectator, you got a chance to see how schematics, layout 
diagrams, literal pictorials, graphs, and tables can work together! All 
of these tools belong in an engineer’s knowledge base. 

Again, Pd like to make a “plug” for Electricity Experiments You Can 
Do at Home. You'll get some good hands-on lab experience, com- 
bined with some theory and some rather strange phenomena, from 
that book. If you want a more theoretical and exhaustive presenta- 
tion of electricity and electronics, with plenty of schematics and just 
enough mathematics to keep a true geek from getting bored, I recom- 
mend the latest edition of Teach Yourself Electricity and Electronics. 
Both books are published by McGraw-Hill, and you can find them at 
all major book retailers. 


A 


Schematic symbols 


ammeter 
amplifier, general 


amplifier, inverting 


a 
q >— 
> 
> 
We 

Y 


AND gate 


antenna, balanced 


antenna, general 
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antenna, loop 


antenna, loop, multiturn 


battery, electrochemical 


capacitor, feedthrough 


capacitor, fixed 


capacitor, variable 


capacitor, variable, 
split-rotor 


capacitor, variable, 
split-stator 


cathode, electron-tube, 
cold 


cathode, electron-tube, 
directly heated 


cathode, electron-tube, 
indirectly heated 


cavity resonator 


cell, electrochemical 


circuit breaker 


coaxial cable 


crystal, piezoelectric 


delay line 


diac 


diode, field-effect 


diode, general 


diode, Gunn 


diode, light-emitting 


diode, photosensitive 


Schematic symbols 


——)— 
D— 
DD 
+ 
—o)— 
—o)— 
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diode, PIN 


diode, Schottky 


diode, tunnel 


diode, varactor 


diode, Zener 


directional coupler 


directional wattmeter 


exclusive-OR gate 


female contact, general 


Ferrite bead 


filament, electron-tube 


fuse 


galvanometer 


grid, electron-tube 
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ground, chassis 


eround, earth 


handset 


headset, single 


headset, stereo 


> 
1 
LS» 
headset, double £ A 
i \ 
Tax 
— 000001 


inductor, air core 


——S000001__ 
——S000001_ 


inductor, air core, bifilar 


inductor, air core, tapped 


inductor, air core, 
variable 


inductor, iron core (00000 
inductor, iron core, bifilar ——_S000001___ 
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inductor, iron core, 
tapped 


inductor, iron core, 
variable 


inductor, powdered-iron 
core 


inductor, powdered-iron 
core, bifilar 


inductor, powdered-iron 
core, tapped 


inductor, powdered-iron 
core, variable 


integrated circuit, general 


jack, coaxial or phono 


jack, phone, 2-conductor 


jack, phone, 3-conductor 


key, telegraph 


[Vv 
[MA 


Noa 


a 
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lamp, incandescent 


lamp, neon —q)— 


male contact, general —> 


meter, general 


UA 
microammeter 
microphone | 
mA 


microphone, directional 


milliammeter —D— 


NAND gate Ty > 
negative voltage 

connection AAA 
NOR gate J > 
NOT gate J>- 


optoisolator Ç 


Fig. 1-16. Front view of power supply. 


The 309K three terminal regulator is rated by the manufac- 
turer at output currents in excess of one ampere and employs 
internal current limiting, thermal shutdown and safe-area compen- 
sation. All of this means that it is essentially indestructible. It also 
does not require a lot of external components, unlike most other 
regulator circuits. It requires only two resistors to provide a higher 
output voltage. All told, this is one of the easiest to build fully 
regulated and self-protected power supplies around. See Fig. 1-19. 

There are no critical layout precautions. If the supply should 
exhibit a tendency to oscillate as evidenced by erratic operation, 
simply connect a 0.22 uF capacitor directly from input pin one to 
ground as close as possible to the regulator. 

If you can scrounge up some of the parts from your junk box, 
you are already ahead of the game, but later on you will see how all 
of the parts may be obtained from a source near you to make it as 
easy as possible for you to get started experimenting. When all 
parts are on hand, you can assemble and package them in any way 
you like. 

The power supply schematic may look a little strange to you, 
but do not be alarmed. This is a solid state version of the so-called 
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OR gate 


outlet, 2-wire, nonpolarized 


outlet, 2-wire, polarized 


outlet, 3-wire 


outlet, 234-volt 


plate, electron-tube 


plug, 2-wire, nonpolarized 


plug, 2-wire, polarized 


plug, 3-wire 


plug, 234-volt 


plug, coaxial or phono 


b FOROS IN 


plug, phone, 2-conductor 


plug, phone, 3-conductor 


positive voltage connection 


potentiometer 


probe, radio-frequency 


rectifier, gas-filled 


rectifier, high-vacuum 


rectifier, semiconductor 


rectifier, silicon-controlled 
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er 


T 
o 
g 
$ 


+ 
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relay, double-pole, 
double-throw 


relay, double-pole, 


single-throw y 


relay, single-pole, ——~ 


double-throw | 


relay, single-pole, 


single-throw | 


resistor, fixed -Mw — 


resistor, preset hh 


resistor, tapped 


resonator 


rheostat 


saturable reactor 


signal generator 


solar battery 


solar cell 


source, constant-current 


Source, constant-volta 8C 


speaker 
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PH 


/ 
fihi 
e 


nog 
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switch, double-pole, 
double-throw 


switch, double-pole, 
rotary 


switch, double-pole, 
single-throw 


switch, momentary-contact 


switch, silicon-controlled 


switch, single-pole, 
double-throw 


switch, single-pole, rotary 


switch, single-pole, single- 
throw 


—() 
‘ O ras a. ° ) 
Qm ==) 
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terminals, general, ————0 
balanced ——o 
——— 
terminals, general, 
unbalanced 
test point — TP 
thermocouple or 


transformer, air core S : 
transformer, air core, 

step-down S 
transformer, air core, 

step-up 
transformer, air core, 

tapped primary 
transformer, air core, 

tapped secondary 
transformer, iron core J 
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transformer, iron core, step- 
down 


transformer, iron core, 
step-up 


transformer, iron core, 
tapped primary 


transformer, iron core, 
tapped secondary 


transformer, powdered-iron 
core 


transformer, powdered-iron 
core, step-down 


transformer, powdered-iron 
core, step-up 


transformer, powdered-iron 
core, tapped primary 


transformer, powdered-iron 
core, tapped secondary 


transistor, bipolar, NPN 
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transistor, bipolar, PNP 


transistor, field-effect, 
N-channel 


transistor, field-effect, 
P-channel 


transistor, MOS field-effect, 
N-channel 


transistor, MOS field-effect, 
P-channel 


20660600 


transistor, photosensitive, 
NPN 


NN 


transistor, photosensitive, 
PNP 


transistor, photosensitive, 
field-effect, N-channel 


ao e 
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transistor, photosensitive, 
field-effect, P-channel 


transistor, unijunction 


triac 


tube, diode 


tube, heptode 


tube, hexode 


tube, pentode 


$ pos do 
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tube, photosensitive Ò / 
tube, tetrode ree 


tube, triode 


unspecified unit or S| Eh 
component 
voltmeter —(7)— 


V 
W 
wattmeter 


waveguide, circular —- 
waveguide, flexible — fS U 


waveguide, rectangular ——— 


waveguide, twisted 


PEE HH Aaa 


“economy” power supply, more popular several years ago thanitis 
today. It is a combination of the well known bridge and full wave 
rectifier circuit configurations. One regulator is connected to the 
transformer secondary winding center tap to yield five volts at the 
output for TTL circuits, and makes use of two of the diodes in the 
bridge rectifier to work as a standard full wave rectifier circuit. The 
other regulator is connected to the output of the bridge rectifier to 
yield about 14 volts at the output for CMOS and linear circuits. 
This regulator is biased up from ground by the two resistor divider 
network across the output. The regulated output voltage is adjust- 
able by virtue of the variable resistor. The regulator requires a 
minimum voltage differential of about two volts between the regu- 
lated output and the dc voltage at input pin 1 from the output of the 
rectifier diodes and filter capacitor. 

Most CMOS integrated circuits are rated by the manufacturer 
at 15 volts maximum, and it is wise to limit the output voltage of the 
power supply to not over, say, 14 volts. A voltage between 12 and 
14 is good in order to take full advantage of the exceptionally high 
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(preferred) 


or 
(alternative) 
(preferred) 
or 


(alternative) 


wires, crossing. connected 


wires, crossing, not connected 


B 
Resistor color codes 


Some resistors have color bands that indicate their values and toler- 
ances. You'll see three, four, or five bands around carbon-composition 
resistors and film resistors. Other resistors have enough physical bulk 
to allow for printed numbers that tell you the values and tolerances 
directly. 

On resistors with axial leads (wires that come straight out of both 
ends), the first, second, third, fourth, and fifth bands are arranged as 
shown in Fig. B-1. On resistors with radial leads (wires that come off 
the ends at right angles to the axis of the component body), the col- 
ored regions are arranged as shown in Fig. B-2. The first two regions 
represent single digits O through 9, and the third region represents a 
multiplier of 10 to some power. (For the moment, don’t worry about 


—e)) 1)... 
y N 


FIG. B-1. Locations of color-code bands on a resistor with axial leads. 
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#4 #3 


\ 


#1 


FIG. B-2. Locations of color code designators on a resistor with radial leads. 


the fourth and fifth regions.) Table B-1 indicates the numerals cor- 
responding to various colors. 

Suppose that you find a resistor with three bands: yellow, violet, 
and red, in that order. You can read as follows, from left to right, 
referring to the table: 


e Yellow = 4 
e Violet = 7 
e Red = x100 


You conclude that the rated resistance equals 4700 ohms, or 4.7 k. 


Table B-1 
The color code for the first three bands that appear on fixed resistors. 
See text for discussion of the fourth and fifth bands 


Numeral Multiplier 
Color of band (first and second bands) (third band) 
Black 0 1 
Brown 1 10 
Red 2 100 
Orange 3 1000 (1 k) 
Yellow 4 10% (10 k) 
Green 5 10? (100 k) 
Blue 6 10° (1 M) 
Violet 7 107 (10 M) 
Gray 8 108 (100 M) 
White 9 10° (1000 M or 1 G) 


Resistor color codes 165 


As another example, suppose you find a resistor with bands of 
blue, gray, and orange. You refer to Table B-1 and determine that: 


e Blue = 6 


e Gray =8 
e Orange = X1000 


This sequence tells you that the resistor is rated at 68,000 ohms, or 
68 k. 

If a resistor has a fourth colored band on its surface (#4 as shown 
in Fig. B-1 or B-2), then that mark tells you the tolerance. A silver 
band indicates +10%. A gold band indicates +5%. If no fourth band 
exists, then the tolerance is +20%. 

The fifth band, if any, indicates the maximum percentage by which 
you should expect the resistance to change after the first 1000 hours 
of use. A brown band indicates a maximum change of +1% of the 
rated value. A red band indicates +0.1%. An orange band indicates 
+0.01%. A yellow band indicates +0.001%. If the resistor lacks a fifth 
band, it tells you that the resistor might deviate by more than +1% of 
the rated value after the first 1000 hours of use. 

A competent engineer or technician always tests a resistor with an 
ohmmeter before installing it in a circuit. If the component turns out 
defective or mislabeled, you can prevent potential future headaches 
by following this simple precaution. It takes only a few seconds to 
check a resistor’s ohmic value. If you skip that simple step, build a 
circuit, and then discover that it won’t work because of some miscre- 
ant resistor, you might have to spend hours tracking it down! 
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A 

AC-to-DC converter, 13-14, 
80-81 

air-core inductor, 35-36 

air-core transformer, 39 

alligator clip, 118 

AM radio receiver, 89-94 

AM voice transmitter, 17-18 

amateur radio station, 89 

amplifier, 76-79, 85-94, 102 

amplifier drive, 89 

AND gate, 55 

antenna, 63 

antenna tuner, 89 

arrows in flowcharts, 21 

audio power amplifier, 85-89, 
93, 102 

avalanche effect, 134 


B 
battery, electrochemical, 54 
bipolar transistor, 47—48 
block diagram: 
definition of, 1-2 
examples and uses, 
13-24 
block- to schematic-diagram 
conversion, 14 


breadboard, 113-117 
buffer, 79 
bulb, incandescent, 59, 61 


C 

capacitor: 
fixed, 31-32 
padder, 32 


polarized, 32 
trimmer, 32 
variable, 32-34 
cat's whisker, 84 
cell, electrochemical, 53-54, 59, 
61 
characters, 9 
chassis ground, 35-36 
chip, 17, 84 
choke, 37 
clip lead, 118 
coaxial cable, 45-46 
code practice oscillator, 96-103 
coil, 63 
component labeling, 66-71 
component tolerance, 77 
components, letter designations 
for, 68 
components for experiments, 
115 
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conductors: 
crossing, connected, 44 
crossing, not connected, 
43, 45 
single, 59, 61 
conservation of current, 120 
conservation of voltage, 123 
conventional current, 58 
“crystal radio” receiver, 84-85 
current, conservation of, 120 
current, conventional or 
theoretical, 58 
current law, Kirchhoff's, 
119-122 
cutoff frequencies, 103-104 


D 
decision block, 22-23 
demodulator, 84 
detector, 84 
diode: 
semiconductor, 46-47, 63 
vacuum-tube, 49-50 
directly heated cathode, 50 
DPDT switch, 41 
DPST switch, 41 
drive, for amplifier, 88 
dual triode vacuum tube, 52 


E 

earth ground, 45 

electrochemical battery, 54 

electrochemical cell, 53-54, 59, 
61 

electron tube (see vacuum 
tube) 

exclusive-OR gate, 55 

experiments, components for, 
115 

external capacitance effects, 32 


F 
farad, 30—31 
ferromagnetic material, 37 
field-effect transistor, 48—49 
field-strength meter, 62—64 
filament in vacuum tube, 
49-50 
first law, Kirchhoffs, 120 
fixed capacitor, 31-32 
fixed inductor, 35-38 
flashlight: 
single-cell, 58-60 
two-cell, 60-62 
flowchart, 18-24 
flux density, magnetic, 37 
forward bias, 133-134 
forward breakover voltage, 
134 
full-wave bridge rectification, 
69 


functional diagram, 13-16 


G 

galena, 84 

ganged capacitors, 34 
Gunn diode, 46 


H 

hand key, 42—43 

hard wiring, 7 

hardware, 23 

henry, 35 

heptode vacuum tube, 52-53 
hexode vacuum tube, 52-53 
highpass filter, 103-104 


I 

incandescent bulb, 59, 61 

indirectly heated cathode, 
49-50 


inductance-capacitance circuit, 
92, 103-104 


inductor: 
air-core, 35-36 
fixed, 35-38 


laminated-iron-core, 37 
powdered-iron-core, 38 
solid-iron-core, 37 
tapped, 35-306, 38 
variable, 36, 38 
input and output programming 
symbol, 20 
integrated circuit, 17, 84 
interconnections, schematic, 
6-8 
intermediate junction program 
symbol, 20 
International Morse code, 96 
iron-core inductor, 37-37 
iron-core transformer, 39 


J-K 
jumper wire, 118 


key for sending Morse code, 
42-43 

Kirchhoff, Gustav Robert, 120 

Kirchhoff's current law, 119-122 

Kirchhoff’s first law, 120 

Kirchhoff's second law, 123 

Kirchhoffs voltage law, 123-125 


L 

L network, 94 

labeling of components, 66-71 

laminated-iron-core inductor, 
a7 

laminated-iron-core transformer, 
39 

lamps, mismatched, 137-144 
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language: 

sign, 10 

visual, 8-11 
LC circuit, 92, 103-104 
letter designations for 

components, 68 

load resistor, 130 
logic gates, 54-55 
logical inverter, 54-55 
lowpass filter, 103-104 


M 

magnetic flux density, 37 
microammeter, 63 
microfarad, 31 

microhenry, 35 

millihenry, 35 

mismatched lamps, 137-144 
Morse code key, 42-43 
multicontact switch, 40-42 
multimeter, 74 


N 

N-type semiconductor, 132 
NAND gate, 55 

nanohenry, 35 
nonferromagnetic material, 37 
nonpolarized device, 31 

NOR gate, 55 

NOT gate, 54-55 


O 

off-page connection flowchart 
symbol, 20 

ohm, unit of resistance, 25 

OR gate, 55 

oscillator, 79, 96-103 


P 
P-N junction, 134 


<P 
<b 


Fig. 1-18. Right side view of power supply. 


noise immunity of CMOS integrated circuits, and is also a good 
operating voltage for linear IC projects. The variable resistor may 
be replaced witha fixed resistor of equal in-circuit value, if it is not 
desired to vary the output voltage. Temporarily connect a variable 
resistor and adjust it to set the regulator output voltage as read bya 
voltmeter. Shut off the power supply, remove and measure the 
value of the resistor and solder in a fixed Y watt resistor of the 
nearest standard value. 

Notice that the common terminal of the 309K is also the case 
of the regulator, so it is necessary to insulate the higher voltage 
regulator from the heat sink. For this purpose use the insulator 
found in the power transistor mounting hardware kit. Spread avery 
thin coat of heat sink compound (silicone grease) on each side of the 
insulator before mounting the regulator to the heat sink. Use the 
power transistor sockets to save soldering directly onto the pins of 
the regulator. An important reason for using the sockets is that 
they have self-aligning insulated hubs that center the pins as they 
pass through the holes in the heat sink. The socket also insulates 
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P-type semiconductor, 132 

padder capacitor, 32 

page breaks, 91-94 

parallel resistors, 70—71 

peak inverse volts, 132 

pentagrid converter, 53 

pentode vacuum tube, 51-52 

phase coincidence, 97 

phase inversion, 97 

pi network, 94-95 

pi-L network, 95 

picofarad, 31 

pictorial diagram, definition of, 1 

pictorial versus schematic 
diagrams, 11 

polarized capacitor, 32 

polarized device, 31 

pole, switch, 40 

positive-ground system, 97 

potentiometer, 26-30 

powdered-iron-core inductor, 
38 

powdered-iron-core 
transformer, 39 

power amplifier, audio, 85-89 

power supply, 16-17, 64-65, 
80-81, 97-100 

preamplifier, 85-87, 91-94 

prewritten program symbol, 
20 

process paths, 22-24 

processing operation program- 
ming symbol, 20 

program decision symbol, 20 

program flowchart, 19-24 

program modification symbol, 
20 

punched-card program 
flowchart, 21-22 


push-pull circuit, 87-89 


R 
radio receiver, 89-94 
rectifier diode, 46-47 
resistor: 
carbon composition, 26 
film type, 27 
fixed-value, 26-27 
load, 130 
variable, 28-30 
wirewound, 27, 29 
resistors in parallel, 70—71 
resonant frequency, 85 
reverse bias, 133-134 
rheostat, 26-29 
ripple, 65 
roller inductor, 95 
rotary switch, 42 
rotor of variable capacitor, 33 


S 

schematic-and-block combina- 
tions, 78-81 

schematic diagram, definition 
of, 1—4 

schematic interconnections, 
6-8 

schematic symbology, purpose 
of, 4—6 

schematic- to block-diagram 
conversion, 14-15 

schematic versus pictorial 
diagrams, 11 

second law, Kirchhoff’s, 123 

sign language, 10 

silicon-controlled rectifier, 47 

single-cell flashlight, 58-60 

software, 24 


solid-iron-core inductor, 37 
SPDT switch, 40 
speech processor, 89-90 
SPST switch, 40 
start programming symbol, 20 
stator of variable capacitor, 33 
stop programming symbol, 20 
straight key, 42-43, 96 
strobe light circuit, 15-16, 
105-111 

switch: 

DPDT, 40-41 

DPST, 41 

multicontact, 40-42 

rotary, 42 

SPDT, 40 

SPST, 40, 61 


T 
tapped inductor, 35-36, 38 
telegraph key, 96 
test points, 75-76 
tetrode vacuum tube, 51 
theoretical current, 58 
throw, switch, 40 
tolerance, component, 77 
transformers, all types, 39 
transistor: 
bipolar, 47-48 
field-effect 48 
trimmer capacitor, 32 
triode vacuum tube, 50-51 
troubleshooting, 71-75, 103 
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tube (see vacuum tube) 

tuner, in radio receiver, 92-94 
twin-T oscillator, 96-103 
two-cell flashlight, 60-62 


U-Z 
vacuum tube: 
diode, 49-50 
dual triode, 52 
heptode, 52-53 
hexode, 52-53 
pentode, 51-52 
tetrode, 51 
triode, 50-51 
varactor diode, 46 
variable capacitor, 32-34 
variable inductor, 36, 38 
visual language, 8-11 
voice transmitter, 17-18 
volt-ohm-milliammeter, 74 
voltage, conservation of, 123 
voltage divider, 125-132 
voltage doubler, 69-70 
voltage law, Kirchhoff’s, 
123-125 
voltage reducer, 132-137 
voltage regulation, 69 


wire wrapping, 117-118 
XOR gate, 55 


Zener diode, 46, 134 
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3DQ Big Loop Crystal Radio for AM MW Radio 
3DQ AHARI AKA 
billydiy.blogspot.hk 


no. --- 


S1 2 x 2 FXswitch 


o 
ipi 
n o 

— 


eh E 3 HE: 300-600 WEHL 
fa) F: 5 FR-10FRESL 
1% x KARRE 3SK143-Q aka 3DQ Up for 300-600 ohm earbud 
Square Big Loop coil 1Mx 1M ___ Down for 5K-10K crystal earbud 


VC1 540pf 
L1 T1 600:600 #3 transformer 
8T Ground 
1T 


TA C2 4700pf 


J1 Hil headphione 


The circuit utilise the 3DQ radio module to connect to a loop coil for AM radio. 

There is no need to connect separate antenna and ground if the loop coil is big enough e.g. 1 meter diameter. 
3DQ output impedance is 1.5K to 2.5K depending on frequency 

To match with a 300-6000hm high impedance Headphone, create a 

4:1 auto transformer by daisy chaining the primary and secondary coils 

of a 1:1 permalloy 15H transformer 

The circuit utilise the 3DQ radio module to connect to a loop coil for AM radio. 


XE—ABBREMOS FET AMEN 

HET ABRAM —Kx—_KARABA 540pf TE EAN CAM, 
ARRIETA AMEN. 

3DQ HB 1.5KZ2.5K, AAAS MRSS 

300-600 SAMA, ENE: 1BRRRH 

WEE ORAAN—iARRAA1: kRABSISHERE 


[https://3.bp.blogspot.com/- 
Y2wGl9ZEtF4/XLImM6Sz1 ofl/AAAAAAAADGo/cCR4OLIB9kcYAUEIDEHZxWY FR3005zKxgCLcBGAs/s1600/3DQ%2Bbig%2Bloop%2B 
am%2Bradio.jpg] 


Posted 18th April by Billy 
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Universal 3DQ MOS FET Crystal Radio Tuner Module for AM SW and 
FM 


1X fe — KE FA FAM SW FMH MOS FETT GUC 
ERICA HS is PT is AY ee Se) e CL) E. 
3DQ HAS A1.5K22.5K, ARIS 

FAC 300-600K a8 APL AHL, NEAL 

4: E HIER IR eb IES E 

1: 1KRASIDHS ES 


18th April 


This is a general MOS FET crystal radio circuit that works for AM SW FM by 

connecting the appropriate coils and variable capacity required for that radio band. 
3DQ output impedance is 1.5K to 2.5K depending on frequency 

To match with a 300-6000hm high impedance Headphone, create a 

4:1 auto transformer by connecting one end of the primary with the secondary windings 
of a 1:1 permalloy 15H transformer 


HH ee RRIA Chinese Video Link 


https: //www.youtube.com/edit?o=Ué8video_¡id=DIG2ZJ0Q80DO [https://www. youtube.com/edit?0=U&video_id=DIG2ZJQ80D0] 
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You Tune Video link: 


https: //www.youtube.com/watch?v=Qbav84lXeMc [https://www.youtube.com/watch? v=Qbav84|XeMc] 


Circuit Diagram. 


3DQ Crystal Radio for AM MW Radio 
3DQ Wf AMENA 
billydiy.blogspot.hk 


=- =o 


| G2 c1 | 

3DQ : S1 2 x 2 FX switch 

D s ! HE : 300-600 WEHL 
Connect to resonant tank  -------- É fo) F : 5 FR-101 FRH 
for AM SW FM Radios Q1 3SK143-Q aka 3DQ Up for 300-600 ohm earbud 


IRRA, AR, FM Aisi AES 


Hot 


Down for 5K-10K crystal earbud 


T1 600:600 JEZ transformer 
L1 VC1 


Ground 


TAB C2 4700pf J1 H4l headphione 


XE— MIER FAM SW FMÉJNÉFMOS FETH AMEN EA 
E IES A NA 

3DQS HB 1.5K322.5K, AMENA FIE 

ZE 2300-6008 5 RNE, BLE 

4: 1B, BUERORAAN—imA RRA 

1: WRRAH1 SHER 

This is a general MOS FET crystal radio circuit that works for AM SW FM by 
connecting the appropriate coils and variable capacity required for that radio band. 
3DQ output impedance is 1.5K to 2.5K depending on frequency 

To match with a 300-6000hm high impedance Headphone, create a 


4:1 auto transformer by connecting one end of the primary with the secondary windings 
of a 1:1 permalloy 15H transformer 


[https://1.bp.blogspot.com/-YVszuEPEcXw/XLIgjC6Z85|l/AAAAAAAAD Gc/uyxvf_EfxOQAT Tcm2tOONcEOOhp6h- 
TugCLcBGAs/s1600/3DQ%2BFM%2BCrystal%2BRadio%2B Tuner%2BModule.jpg] 
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Great Deal At Oakland | TA r | _ Fixer Upper Deal At F i "Hot Deal At Oakland 
Cal! in Oakland in... : A @ Oakland Ca in Oak]... A a Ca!!! in Oakland in... 


 $499,000 nA = — = B $478,000 


Learn more A Learn more AA Learn more 


13th March 1 meter loop AM crystal radio step by step construction guide 


1 meter loop AM crystal radio step by step construction guide 


Steps to Design an AM crystal radio 


1. The band & frequency range 2. Choose the tuning method3. Choose the Variable Cap.4. Calculate the 
Inductance 5. Make the coil6. Connect the circuit and Test 


Checkout the above video for the instructions and testing. 
And comparison of different tuning method, Variable Inductors and Variable Capacitors. 


https://youtu.be/161vWissKLU 
Posted 13th March by Billy 


Lo) Add a comment 


3rd March What do you need to know to build a crystal radio 


Thanks for your interests in Crystal Radios. 
Many people asked me how to build one. Many people tried and failed to receive any signals. | hope the following will give you 
the tips to avoid many of the challenges and let you enjoy the charm of having a functioning crystal radio. A radio that 


functions without batteries. 


Here are the basic preparation work to build your first Crystal Radios or Power Free Diode Radio or Power Free MOS FET radio 


or Power Free LED Radio. 


A Crystal radio i same as a regular radio you can purchase from the electronic shops, minus any form of electrical implications. 


Some Crystal radio uses physical audio amplification by using a horn, but no high frequency nor audio frequency amplifications. 


A Crystal radio requires the following: 

Antenna 

Earth 

Coil 

Capacitor (s) 

Detector (Crystal, Diode, zero voltage MOS FET, LED). 


headphone or earbud 
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Transformer for impedance matching (optional) 


But No batteries 


1. Antenna and Earth. 
Unlike a conventional radio that has bultin amplifications powered by batteries, crystal radios just turn whatever radio wave it 
receives from the antenna and coil into electrical signals without signal amplification and without using any batteries or other 


forms of electricity supply. 


You need to be very close to the transmission station to be able to do this. Usually within 30KM. 
For my case, my apartment is within 10 KM from two different radio transmission stations. 
While some people can receive stations from 50KM or 100KM or 1000KM away, they have very long antennas (talking about 


miles) and earth system which is impossible to achieve in a city like HK. 


The living environment in most Asian cities populated with concrete jungles is not too suitable for receiving crystal radio 
directly from your home. 

Most city dwellers live in high rise apartments with not much open view between your apartment and the radio transmission 
stations. 

If your apartment is blocked by another high rise apartment in the direction of the transmission stations, you will not be able to 
receive any stations through your crystal radio. 


You can see this link for the AM and FM radio transmission stations in the world. This one is in particular about HK. 


Link: 


http: //worldradiomap.com/hk/hong-kong [http: / /worldradiomap.com/hk/hong-kong] 


http://www.asiawaves.net/hong-kong-radio.htm 


For AM crystal radios , you will need a very long antenna and a good earth connection. 

Depending on how close your apartment is from the target transmission stations, the antenna need to be at least 5M, or even 
10M or more). If your apartment is facing the same direction of the radio transmission stations, you can hang a cable down 
from your window as an antenna. However that will alienate your neighbours as they may think you are hanging IP cameras to 
spy on them. It may also get yourself into trouble with the building management staff, or even the law enforcement units in 


your country. 


If you are real close to the transmission station and even have a clear line of sight view of the transmitter (e.g. if you travel 
close to the transmission station), you can use any thread of 1 M or longer or a telescopic radio antenna to receive the AM 


radio. 


For FM radio reception, you must be very close to the FM transmission station, e.g. < 5KM. As FM signals reduces much faster in 
distance than AM. 

A good passive FM Yagi antenna with the main beam (called the radiator) measured 1.7M is required for good reception from 
home. 

Or an active FM radio antenna with HF signal amplification is required. However this defeat the purpose and the charm of 
having a crystal radio in the first place. The no. 1 charm of having a crystal radio to me is to listen to radio without batteries or 


any other form of electrical power. 


If you are very close to the FM transmission stations, e.g. for my case, around 3KM from the FM transmission station, you can 
get quite good a reception using a 1.2 meter to 1.8 meter telescopic radio antenna. FM radio signal reception is an art. 
Standing in different places just a few feet apart, or turning your antenna just a few degrees away, or holding your headphone 


cable horizontally versus vertically will effect the signal quality or even tune you to a different station. 


Earth ((a.k.a. Ground),) is not required by FM radio, However, some tests show that for FM radio, if you tie one end of your coil 


je ew bh Id eben ak Se lee ee ee A AA L LL e ow... -l pA AAA SAA PA AAA Jl 
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Earth will enhance reception for AM and SW radios. However, if the signal from your antenna is already strong enough, you may 
not need an earth. 


For weaker reception, earth will definitely help. 


If your apartment is still using metal water pipe, congratulations. You can simply connect your ground to that water pipe, just 
connect a few turns of bear wire (without the rubber skin) onto the water pipe. Unfortunately all your water pipes are made of 
plastic (e.g. many new buildings in mainland China as they build buildings with much cheaper materials), then you may be able 
to try some gas pipe, or electrical each (be careful of electric shock in case you incorrectly connect to the line that carry 
electricity instead of the earth/ground. In a worst case, you can try pulling a second antenna and use that as earth. Sometimes 


that may improve the reception. 


The other alternative is to build a Loop crystal radio (0.5M to 1M in diameter, e.g. the size of an umbrella) , where the coil 
itself can replace the function of the antenna if you are close enough to the transmission station (< 10KM) and have a direct 
view to the transmission station that is not blocked by another high rise building. However some people are able to pick up 
radio stations through the reflected radio waves bouncing off the walls of the buildings eventhough they are blocked. 

The draw back is you*ll need more money to buy the long wires in order to build one. E.g. for a diameter of 1M, you need to 


have at least 40M of wires to have 12 turns for the coil, roughly HKD 100, 


2. Head phone. 

You will need a very sensitive head phone. The earbuds and headphones we used to listen to music from your smart phone or 
your hifi at home, will produce a very faint sound. 

As these are designed for receiving a high power output, focus is on the quality not sensitivity. 

You will need special head phones for crystal radio reception. 

These can be purchased from taobao, or you can make your own using a ceramic piezo-electric buzzer (still available in the 
ShimshuiPo IpLiu Street shops ( # ¥#¥ ) , the plastic tip of a ball pen,a silicon earbud cushion, glue, some wires and the 
headphone jack. 


You can refer to my video on how to make one. 


Link: https: / /www.youtube.com/watch?v=k3HsVIxR2tA [https: / /www.youtube.com/watch?v=k3HsVIxR2tA] 


If impedance of your headphone does not match with the of the detector, you will need a step up or step down transformer for 
impedance matching. 

Impedance matching is very important for crystal radio. 

As Crystal radio has no signal amplification, we need to maximise the efficiency of the transfer from one stage to the next. and 
that require impedance matching to ensure we transfer all the energy down to the next stage of the circuit. Any impedance 


mismatch will mean energy loss, and lowered output, softer sound. 
3. Coil 


For AM, radio, 

You can build a small coil (0.01M to 0.1M) to go with a long antenna and earth, or a big loop coil (0.5M to 1M diameter, see 
above) 

You can use insulated magnetic wire (available from the DIY shops 

Due to skin effect (radio signals only travel at the surface of the wire instead of the core), Litz wires that have multiple 
insulated smaller wires wrapped within a cotton thread will perform much better, almost doubled in terms of loudness than the 
solid Magnet wire 

Each one has up to 660 tiny wires each measures 0.04mm in diameter. These are available in the taboo shops, around HKD 150 
per roll that is enough to make one big coil for umbrella loop radio. 

For small coils, the one with 60 tiny wires each 0.04mm can be used to wind on a dark ferrite rod (1cm diameter), the ones you 


see on most conventional radios. 
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measure Capacitance as well. 

For AM radio, inductance required is from 180uH to 510uH, depending on the size of capacitance you match with. 
180uH match with 512pf capacitor 

330uH match with a 365pf capacitor 

510uH match with a 220pf capacitor. 


4. Variable capacitor v.s. fixed capacitor 


Variable capacitors is also very important for a good radio. It is the knob that you turn to tune to the frequency for your crystal 


radio. 


Air insulated variable capacitor made of copper has the highest Q factor. It's available in taboo but hard to find and very 
expansive > HKD 150. 


Smaller versions of these < 20pf can be used for FM radio (HKD 20). 


Next is the air insulated variable capacitor made of aluminium. Around HKD 30-50 depending on the size. 

In general the bigger ones with the divider wider apart has a high Q. 

Q is a factor that measures how good is the efficiency (sensitivity) and accuracy (selectivity) in transferring radio wave signals 
to electric signals. 

The conventional plastic variable capacitor we see on the conversational radios will also work, but loudness will be diminished 


a bit (at least 30% less loud). 


Alternatively, you can use a fixed capacitor, but vary the inductance of your coil to tune to different frequencies. 

You tune the inductance by different methods: 

1. Move the coil in or out of the ferrite stick. Very easy to do, see my videos. 

2. Vary the length and separation of the turns within the coil (much harder to achieve practically). 

3. Wind two coils. Then overlap these two coils on top of one another and the total inductance of the these two coils in series = 
the addition or subtraction of the two coils. Addition if they are facing the same direction (e.g. clockwise), subtraction if they 
are different direction (e.g. anticlockwise on one coil which is laid on top of a clock wise coil). The amount.to add or subtract 


also depends on how much of the area of the two coils are overlapping. 


5. Detector. 


Detector is the component that translate high frequency radio signals to Audible signals. 

This conversion is called demodulation. 

The action taken by the detector is really simplify only allow electric current to flow in one direction and stop current flow in 
the opposing direction. 

This way, only the position half of the radio signal is allowed to pass through. 


The the audio signal will be able to be reproduced by the headphone. 


There are different types of detector. 
| list them here in term of the performance. Best performance first. 
With the exception of vacuum tube, all can function without battery or mains electric power. 


This the charm and magic of crystal radio, or battery free radio. 


Zero voltage MOS FET 

Diode 

LED (only works in very strong signals (> 200uA), lits up during radio reception and glow according to the strength of the signal. 
Vacuum Tube (that need to be battery powered to lit up the heating coil, but no power required for detection). 


Crystal 
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The name "Crystal Radio” v.s "FET radio" v.s. "Diode Radio” v.s "power free radio" 
There is constant debate over the name given to all kinds of radios that can operate without battery or other kinds of man 


made electrical power (solar cell, acid cell from fruit, hand-held push/pull power generator or mains power supply). 


With newer form of detectors that we discover in recent years, besides genuine crystals with cat whiskers, zero voltage MOS 
FET e.g. 3DQ (3SK-143-Q), Diode (e.g. 1N34A), or even LED are used as detectors. Should we or should we not keep calling 


them Crystal Radios ? 


My vote is to still call these Crystal Radios. 
Simply as it simplifies a mouthful of words such as power free zero voltage MOS FET radio. 


And Crystal radios reminds every one of the Charm of listening to radios without power. 


Posted 3rd March by Billy 


EN Add a comment 


25th April 2018 New Growthbed 


Posted 25th April 2018 by Billy 
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Great Deal At Oakland Cal! in Oakland... 
$499,000 


Fixer Upper Deal At Oakland Ca in... 
A3 $750,000 


I) Hot Deal At Oakland Ca!!! in Oal 
| li $478,000 


2nd March 2018 Self-cleaning CHOP aquaponics systems using IKEA 
transparent plastic storage boxes. 


Self-cleaning CHOP aquaponics systems using IKEA transparent plastic storage boxes. 


Here is the link to my youtube video. 


https://www.youtube.com/watch?v=Y CSRGUUXxJE&t=24s [https://www.youtube.com/watch?v=YC5RGUUXxJE8t=24s] 
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GrettingW a) Sigystal Radio 


EHH | 


[https://1.bp.blogspot.com/-wyQH-V_HCkE/VySGA- 
f3s4l/AAAAAAAACIo/bEIRnV_NMv4C6T3rj11/QY72w9CLX4HgfACLcB/s1600/Screen%2BShot%2B2016-04- 
30%2Bat%2B4.57.29%2BPM.png] 


Posted 29th April 2016 by Billy 


EN View comments 


11th April 2016 Dual pole sliding band switch 


| made a Dual pole sliding band switch using 1mm copper sheets. The switch is for soldering directly onto the taps of a 
ferrite stick coil wound using 660x0.04 Litz wire. 


LIC METER 


Zoro Hi.C HLE Lit Fune 
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the mounting screws from the heat sink and prevent shorts from 
this cause. 


ANOTHER DUAL-VOLTAGE SUPPLY 


There are two dc voltages that 1 generally need supplies to 
provide: +5 volts for TTL and +13.6 volts as a car battery 
eliminator. A 12.6 V ac filament transformer will not work well for 
these dc voltages. Those of you who have tried were frustrated, 
I'm sure, by the attempt. 

Take the +5-volt supply, for instance. Full-wave rectification 
with the c-t grounded will yield a peak dc on the filter capacitor of 
(6.3 x 1.414) —0.5 =8.4 volts. Now, an LM309K needs +7 volts 
to regulate (a 2-volt regulator margin). This means that the 
maximum ripple is 1.4 volts. Let's say you need 1 amp from this 
supply and you chose a 1- or 2-amp transformer. Now, to get the 
ripple to less than 1.4 volts, you start to pile on the capacitance and 
the full-load ripple comes down. Then as you add more capaci- 
tance, the ripple goes up! What is going on here? As you add more 
capacitance, the phase angle over which you draw current de- 
creases. This means that you are not continuously drawing 1 amp 
from the transformer, but, instead, you are drawing many amps 
over a short time to yield a continuous load current of 1 amp. 
Transformer core saturation and winding resistance drops are 
causing the problem. The truth is that this transformer will not 
work except for small currents. The +13.6-volt supply using a 
bridge rectifier will yield the same picture—not enough margin for 
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Zoro Hi. HiL LC Fune 


LIC METER 


Zoro Hi. HIL LIC Fune 
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L/C METER 


Zero Hi.C HiL LIC Func 
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Inductance measured using 5 regular MW radio ferrite sticks 
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Fig. 1-20. Switching regulator showing basic functional blocks. 


the regulator to operate. The next highest filament transformer is 
24 volts—too much voltage and too much power to be thrown away 
via the heat sink. 

A switching regulator, Fig. 1-20, has some advantages inas- 
much as the utilization of transformers is concerned. The pulse 
width is varied to the pass transistor to control the output voltage 
as the load current changes. The efficiency can be very high with 
this configuration. The disadvantages are formidable. Switching 
transients clutter up the spectrum so that much shielding and 
filtering is necessary. Transient load changes may generate output 
voltage variations amounting to +20 percent or more. As you 
might gather, I don't recommend this circuit for the ham shack. 

What we really need in a transformer is 18 V c-t. This voltage 
is perfect for both the +5-volt and +13.6-volt supplies. Few 
distributors stock them so you really have to look around. Figure 
1-21 shows a couple of ways to connect filament transformers to 
furnish the required voltage. 

Figure 1-22 shows a really great supply that uses easy-to-get 
parts. 1 have included the Radio Shack part numbers for your 
convenience. 

Now, a word about the filter capacitor. It is as important not to 
have too much capacitance as it is to have too little. You should 
select a capacitor so that at maximum current you have enough 
margin for the regulator to work. In the circuit of Fig. 1-22, Cl is 
selected so that the ripple voltage is 5 or 6 volts. This allows the 
transformer to furnish the 3 amperes of output current over a much 
wider phase angle. I have used the formula E = 1/120C with good 
results. E is the peak-to-peak ripple voltage, I, the dc current in 
amperes, and C, the filter capacitor in farads. This formula is not 
exact but should be quite close for most applications. 
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8th April 2016 RCA Sound Powered Headphone 
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Resistors R1 and R2 in the circuit of Fig. 1-22 cause the 
current to divide between the regulator and the pass transistor. 
For three amperes at the load, two will flow through the pass 
transistor and one through the LM309K. If you use a germanium 
pass transistor, you can omit D2, as D2 compensates for the 
base-to-emitter junction voltage drop of the pass transistor. Zener 
diodes D4 and D5 form an overvoltage protection that will blow the 
output fuse in case of a regulator failure. If you don’t put in this 
protection, you'll be sorry! An insulating washer is needed for U1 
as the case is above ground by the drop across D3. The case of U2 
can be bolted to ground. Use a common heat sink having a thermal 
resistance to ambient of less than one degree per watt. The addi- 
tion of panel meters to monitor the current would be a nice im- 
provement. The fuses would not be expected to blow as the power 
supply is protected against short-circuiting and overload. Of 
course, you can’t load both regulators to their full capacity at the 
same time, as this would overload the transformer. 


HEAVY-DUTY POWER SUPPLY 


This power supply disconnects itself from an over-current 
load or short circuit, protecting its components without blowing 
any fuses. It also disconnects it, for any reason, it should attempt to 
provide over-voltage output, protecting expensive equipment 


Ti 
iz 6VCT 


PRIMARY 3 | 


TO #S¥ 
REGULATOR 


Fig. 1-21. Filament transformers connected to yield the required input 
voltages to the regulator, 
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| tried to create a loop antenna coil using soft flat cable with 20 x 1mm flat copper strips with good effect before (the one in 
the middle of the picture). 


This time | found find a bigger soft flat cable with 6 x 3mm flat copper strips with a 2mm separation in between (the one on 
the left of the picture). 

You can make a loop solder the copper strips together to make a single coil with 6 turns. 

For use with FET (35K143-Q), 1 turn is reserved for the S-pole of the FET. 

Total inductance is 75uH when | mount the laps placed on a square frame made of PVC pipes measured 900 mm on each side. 
This matches with 2 x 500pf variable capacity connecting in parallel making a 1000 pf Variable capacitor. 

Result is quite good, though still not comparable with a coil made from 0.04x660 Litz wires of the same size. 

However, this one is easy to make and quite portable. You can just roll them up and carry them anywhere. 

Find some sticks to create a frame and mount it on top. Or hang it from a tree when picnicking. 


Posted 3rd April 2016 by Billy 


ES) Add a comment 


2nd April 2016 DIY Tiny portable crystal radio laboratory 135 x 70 x 30 mm 


Here are the pictures: 
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Inspired by 
skywave's traveling crystal set. | built this DIY Tiny ( 135 x 70 x 30 mm in size.) portable crystal radio laboratory. 
| found a tiny sorting box made of low loss material (pp) and start to put things in: 
- a couple of the DIY tiny multi-pole rotary switches (that | built) soldered in with the ferrite coils. | used 31mm ferrite core 
with100u permeability and Litz wire of 0.04 mm x 60 threads ( see the picture below for the no. of turns ).The shortest handle 
of the rotary switch selects the number of turns of the antenna coil. The longest handle selects the tapping point of the 
detector in the tank coil. The one in the middle selects the number of turns of the tank coil to match with the tuning 
capacitor 
- a couple of 2x270pf plastic variable capacitor. 
- a pair of 150 ohm hearing aid ear buds (total 300 ohm). 
- a tiny 200K to 300 ohm audio transformer that | purchased from taboo.com soldered in with switches for the different way to 
connect , e.g. 200k to 300 ohm for my hearing aid ear buds, or just connect 200K in parallel with my piezoelectric ear bud. 
The transform can be improved as its not ideal to have impedance fixed at 200k. | am trying to open it up to see if | can add 
additional taps without breaking the hair thin wires inside. 
- A breadboard with the following different types of detectors 
-- Crystal 
-- BAT85 
-- 1N60 
-- 1N34A 
-- 15586 x 2 
-- HSM 2820 x 2 
-- HSM 2850 x 2 
-- 3SK143-Q (*3DQ) x 2 
-- 33K resistor to work with 3DQ. 
- Connecting wires (hidden under the breadboard). 
- Tiny 50uA DC current meter (stilling trying to find one. So far | can only find a tiny 500uA meter that does not move much as 
the crystal radio current is so small). If | ever find one, it'll take the place currently used by the earbud. 


| tried this in the hotel room when traveling and got good results. 

- Tested using my 700mm umbrella loop antenna. 

- Tested by hanging 3 meters of horizontal wire at the top of the curtain inside the room. [https://4.bp.blogspot.com/- 
Uq_TZea4wT4/VwBnupV99NI/AAAAAAAACeQ/OMB8y1i7 TUSNOjOEox2Ag90-DGAV79HJw/s1600/IMG_6921.JPG] 
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Bitdefender: -56% Be aware without a care! BUY NOW 


22nd March 2016 DIY dual pole 18 position switch for KPB-02 Impedance 
matching transformer 


| DIY a dual pole 18 position switch for KPB-02 Impedance matching transformer and another dual pole 10 position 
switch for tapping a ferrite toroid coil. 
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| added another 3 pole 10 position switch for tapping the ferrite toroid coil. 
1st pole for the tap on the antenna coil. 
2nd pole for the tap on the tank coil for the variable capacitor for tuning. 
3rd pole for the tap on the tank coil for the detector (divide). 


Here are the pictures. 
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Fig. 1-22. Power supply using easy-to-find parts. 


which it may be powering. Again, no fuses blow; it just discon- 
nects. See Fig. 1-23. 

All the power transistors can be bolted directly to their heat 
sinks, which are bolted directly to the chassis, providing maximum 
thermal conductivity and best use of available cooling area. 

Equivalent source impedance is less than 5 milliohms, equiva- 
lent to a zero impedance source connected by about a foot of 
16-gauge wire. No integrated circuits are used. 

The power transformer was rebuilt from a large tube-type 
color TV set and had a core area of about 3 square inches. The 
primary was retained, all other windings being removed. Counting 
the burns of a previous 6.3 volt winding showed the voltage per 
turn to be 0.62, indicating that the desired 19.4 volts required 31 
turns on each side of center-tap. There was just room to snugly use 
#12 in the available window. A pair of 100-ampere, 100-volt piv 
diodes were used. An experimental dummy load showed the sec- 
ondary holding up to about 18.5 volts and the trough of the ripple at 
17 volts with the 43,000 uF filter capacitor. 

About 26 volts dc was present at no load, comfortably below 
the 30-volt rating of the capacitor. A surplus computer power 
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supply heat sink with three NPN TO-3 transistors having about 120 
square inches of cooling fins was used for the pass transistor output 
stage. Mounted on the sink were the three 0.18-ohm emitter- 
balancing resistors which assure an extremely good current shar- 
ing between the three NPN transistors. However, this accounts for 
a whole volt of drop at 20 amperes. Probably, 0.1-ohm, 5-watt 
resistors would be just fine and would conserve about half a volt of 
drop. It was determined by experiment that 10 milliamperes into 
the base of the Darlington-connected driver power transistor 
would maintain a 20-ampere load, indicating a beta product of about 
2000, which is somewhat higher at more moderate loads. 

About a volt of high-frequency oscillation was observed at 
output under moderate to heavy load. Adding the 24-ohm resistor 
and 0.1 uF capacitor to ground spoiled the high-frequency gain 
enough to clear this up. Output ripple is less than 5 millivolts rms. 

Experience had shown that a “crowbar” circuit was worth- 
while. This is merely an SCR connected across the output which is 
triggered into conduction by a voltage higher than normal. Most 


Fig. 1-23. Heavy-duty regulated power supply. T1-2—2N2906; T3—2N3715 
or equivalent; T6-8—RCA 40325, 2N5302, or an equivalent 15-Amp NPN. 
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17th March 2016 Vietnam Crystal Radio Test 
| traveled to Vietnam, Ho Chi Minh City on the week of Mar 14 2016. 
My hotel room is on 2/f, 3.5km from the broadcasting station for the voice of Vietnam ( local state owned MW radio station) . 


Since the window is sealed, | have to rely on my umbrella loop antenna (0.8 meter diameter ). | measured a dc current of 65uA 
from my Crystal set, so loud that | can plug in an 8 ohm headphone and still got reasonable loudness. 


| also ran a series of tests using my tiny mobile crystal radio laboratory. 


| brought my FM Crystal Set with the 1.2m extensible antenna too. 


| could receive one station but weak and barely understood the broadcast. 


Wearing my jacket crystal radio with a 400mm x 600mm loop antenna sewed into the back of the jacket, i could listen to the radios from within a bus traveling on the 


street using a 35K143-Q crystal radio. You can see that at the end of my video. 

l also visited the museum and saw some radio communication equipment used during the wars. 

Purchased some nice wooden boxes that can be used to build some nice crystal sets. only USD 3.5 each. 

| noticed that there are lots of antenna towers in Ho Chi Minh City. May be because the buildings are not tall enough, towers are needed to pull up the antenna to the 


right height. | guess most of these are for 3G mobile phone communication. | did see one super tall antenna that seems to match with my info about the location 


of the Radio transmission stations for the AM and FM radios. 


Here are some pictures. 


And the video of my crystal radio tests. 
https: / /youtu.be/LVl63edu83Y [https: / /youtu.be/LVl63edu83Y] 
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circuits of this type connect the SCR across the filter capacitor and 
blow a fuse. 1 had intended to do this, but the negative terminal of 
the capacitor is at a variable voltage depending upon load, so this 
was impractical. As it happens now, if the SCR fires in addition to 
shorting the output, it disables the differential amplifier and re- 
moves base current from the pass transistors, shutting down the 
supply so rapidly that no fuse blows. The SCR I had available was a 
real monster, but, under this condition of operation, the peak 
current rating need be no more than 10 or 15 amperes. 

Experiment a bit with this to make sure that the SCR conducts 
with the voltage output somewhere between 14 and 15 volts. I had 
to add one diode drop to the voltage of my nominal 14 V zener to 
achieve this. A 470-ohm, 1-watt resistor serves as a minimum load 
on the supply so that it doesn't accidentally turn on without having 
depressed the start button. A small filter capacitor across it keeps 
noise from the load from getting back into the supply. A little rf 
bypassing on the way into the differential amplifier would be a good 
idea so that rectified rf from that 2 meter amplifier doesn't bias the 
power supply silly. Bypassing is simple with the negative side of 
the output at chassis ground. 

Not to be forgotten is the cable drop between the power 
supply and its equipment load. A 3-foot cable using #16 wire would 
yield .024 Ohms for the pair, which seems small enough but it 
represents half a volt drop and 10 watts of power loss! It's better to 
use #12 or heavier. If the sense leads, A and B, which can be 22 
gauge, are extended and brought back separately from the equip- 
ment end of the cable, the regulator will increase its output at the 
power supply end to compensate for the voltage drop in the cable. 
But try to use heavy enough wire to hold the cable drop to a quarter 
of a volt or so. See Fig. 1-24, 


FM POWER SUPPLY 

I built my FM power supply inside a 4” x 8” x 2” aluminum 
chassis. Getting the transformer into the 2” dimension was a tight 
squeeze; 242" would have been better, and 5” x 10” x 3” would 
have been spacious. The cord, switch, LED pilot light, output 
socket, fuseholder and the TO-3 power transistor went on one 2” x 
4” end, leaving five faces blank. Inside, after finding room for two 
surplus electrolytic capacitors and the transformer, 1 wired the 
circuit on a couple of Cinch-Jones 2012 terminal strips. 

Using a bigger transformer or more (thousands of) mi- 
crofarads could only improve things. The power transistor was 


24 
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bolted directly to ground and the aluminum box provided adequate 
cooling. If you use a steel chassis, however, you may need some 
sort of heat sink, but remember that a silicon transistor will work 
all right even when its case is uncomfortably hot. 

Figure 1-25 shows the schematic of the 12 V supply. The 
transformer is nominally 35 V at 1.5 amps, center-tapped. It weighs 
about one kilogram. An 18 V, 2.5 amp unit of about the same weight 
and size, used with a bridge rectifier, would probably be satisfac- 
tory. I wouldn't try to use a 12 V transformer, as there isn't enough 
reserve for low line voltage. 

With the F-54X at a line voltage of only 100 V, the supply put 
out 3 amps before losing regulation; at 105 line volts, 4 amps; at 110 
V and up, 5amps. For continuous service, two amps is probably the 
limit, but since FM transceivers spend most of the time on receive, 
the low current works OK. The above figures are for 12.6 V out. 
For higher outputs, the transmit power will increase, but the 
current capability at any particular primary voltage will be less. 

Each diode specified is rated for 300 amps surge, 3 amps 
average and will stand a short circuit long enough for the primary 
fuse to blow. No heat sinking is needed. 

The filter capacitors may see more than 30 V, so you need 
capacitors rated at either 35 working volts or 25 working volts/40 
V surge rated. They should have at least 2000 uF per amp of rated 
load (more is better). 

The pass transistor I used was a 2N3715 (similar to a 
2N3055). The plastic MJE 3055 (or any one of the many T0-3 size 
silicon NPN power transistors) should be satisfactory. 


Fig. 1-24. Front view of heavy-duty power supply. | 


10/21/2019 Billy's DIY Dream Shop 


= L/ po 


ot.com/-eTzYixs 
JU Ot.COI n i“GiZtl J AO” 


NAVY 


n3UrJgMYV 


CNOINAFr 
ROO/INAG 
900/71! M J 


Dynamic Views theme. Powered by Blc 


https://billydiy.blogspot.com/?view=classic 88/387 


10/21/2019 Billy's DIY Dream Shop 


[https://1.bp.blogspot.com/- 
Pq7SvHqHZ18/VuubC8nywyl/AAAAAAAAC Xw/Hf8VxBbr_ZErlP9ImMTKjgVGMMBK9grRkQ/s1600/IMG_6339.JPG] 


OO 


[https://2.bp.blogspot.com/- 
EZCqtUsmSeQ/VuubDLU4UMI/AAAAAAAACXO/fwVILZkKSJY Y K4rJTtOskT Y3MZgMBiGTrw/s1600/IMG_6340.JPG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 


89/387 


10/21/2019 Billy's DIY Dream Shop 


AS 

A E EE 

= CE Sy 
a A ASN 
Tw WA WA? 


a | | 


[https://1.bp.blogspot.com/-VeNDO7kXWwA/VuubDCE-KXI/AAAAAAAACX4/1hf9kx-XbcwqKRwRiMSmn-Rdi- 
mJYRL1Q/s1600/IMG_6341.JPG] 


[https://1.bp.blogspot.com/-wCRylCnxcHE/VuubDRwDS8l/AAAAAAAACX8/Tu- 
VDFobBQcsI8mAPII1WHScwixlZ2r4A/s1600/IMG_6342.JPG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 90/387 


10/21/2019 Billy's DIY Dream Shop 


[https://4.bp.blogspot.com/-8JACs8CBuPM/VuubDI8Gk1 l/AAAAAAAACYA/wKDwluL6ApUkxQsMGy4L8m9irLG7bzZ_Q/s1600/IMG_6 
343.JPG] 


[https://3.bp.blogspot.com/-HGjSX1mp5qo/VuubDuvfQNI/AAAAAAAACYE/_eh-cuHa9fEAbpcPQ-XnpVY- 
hTHfErwSYw/s1600/IMG_6345.JPG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 91/387 


10/21/2019 Billy's DIY Dream Shop 


[https://1.bp.blogspot.com/-9dOx6IMX3V0/VuubD4S- 
Zml/AAAAAAAACY1/5ZwPe7PS_NlyH3ui6hhroPx4NCOkxVcYQ/s1600/IMG_6356.JPG] 


[https://4.bp.blogspot.com/-MID48pyy9_g/VuubD_iK1wl/AAAAAAAACY M/nv- 
dElgHhmIDxBVCq2tU5VmbGivreGnxQ/s1600/IMG_6357.JPG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 92/387 


10/21/2019 Billy's DIY Dream Shop 


#0000 VM Mobifone F LF605 i. #2 100% m 


(* Ed au 


SSeS tac eT ARS - 


=F ELE FE 


e 


„AE 


[https://3.bp.blogspot.com/- 
aOBNx1ETc5U/VuubELhBj3l/AAAAAAAACY Q/Qu7TUWnnH-8pFSd4Rq7KxXUCxvRBhtZNg/s1600/IMG_6370.PNG] 


ET 


EE i W 


“opa mM 


[https://4.bp.blogspot.com/- 
TrLRb4ZbGRw/VuubEdHIjTI/AAAAAAAACY U/6byyw-WfESQOtaxF-ss2douqaDMEudkYQ/s1600/IMG_6371.PNG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 93/387 


10/21/2019 Billy's DIY Dream Shop 


1 


pet 


[https://2.bp.blogspot.com/- 
HGUs7elehOs/VuubEt1UY1I/AAAAAAAACYY/5r0dIBpkY 1gp0O-kFAwLw_1CQFsUInzpw/s1600/IMG_6372.PNG] 


[https://1.bp.blogspot.com/- 
D36aGyl5sKg/VuubEso1RhI/AAAAAAAACY c/BiSSVHSkm9wH-7zdU0_s4h5Y5111XJS3w/s1600/IMG_6373.PNG] 


ne. Powered by Blogge: fo 


https://billydiy.blogspot.com/?view=classic 94/387 


l 


10/21/2019 Billy's DIY Dream Shop 


26600 YN Motion 17 ES 604 k TE 100% E + 


Bot kii tes 
100% 
kee eT 108 M Booking.com; WIA 


E ER o 

an 1% 
is a 
+84 8 38449222 “o 
mA 


hipa /www.eastinhotelsresidences.com,/easti... 
bet 

Dung Nguyén Van Troi 253 

Ho Chi Minh City 

Thanh Phá Hå Chi Minh 

Vietnam 


mil Fe, 


es Ae 


[https://4.bp.blogspot.com/-OdmOtzwHb5Q/VuubEza55Xl/AAAAAAAACY g/szTLzpi5IModiCC3uh9xWTaZxX1S_5aKuA/s1600/IMG_637 
4.PNG] 


Bens tHe Ree TARA + 


i} 


oe 


PHUC 11 


[https://3.bp.blogspot.com/-Dyz7pKZDwRo/VuubFJT-6SI/AAAAAAAACYk/Y MKM4- 
aRoFQz4obw1EFQvZsW140nWhohQ/s1600/IMG_6375.PNG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 95/387 


10/21/2019 Billy's DIY Dream Shop 


MACHADO ASA TARA + 


[https://1.bp.blogspot.com/-5XYMjzu8wQQ/VuubFMVilJI/AAAAAAAACYo/|jrfDvY OnQc-eFFWKxJ2NZgC_Y- 
qrRvnw/s1600/IMG_6376.PNG] 


[https://3.bp.blogspot.com/-tCl9YeO0Wya8/VuubFfimW4Al/AAAAAAAACYs/LL7KSIb8JvVEAHHbIK3SRJ- 
gBMJHpGsUCg/s1600/IMG_6377.PNG] 


[https://4.bp.blogspot.com/-6RoZ16cNrho/VuubFn2Gxhl/AAAAAAAACYw/AFfXcnelEFEZWfX875nuVJCwtUS- 
kg1xw/s1600/IMG_6378.PNG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 96/387 


10/21/2019 


[https://2.bp.blogspot.com/-5tkqWY ZiHg8/VuubFo9Tf4l/AAAAAAAACY 0/QVF 2120 1fdATUC3D0sIIkGomYa2WcS9BQ/s1600/IMG_637 


https://billydiy.blogspot.com/?view=classic 


Billy's DIY Dream Shop 


sueo VM Mobilona + a EFG 


€ El EN 


CAME 


a 125 + 


9.PNG] 


[https://4.bp.blogspot.com/- 
fDpZ7FauhmE/VuubFyjcxal/AAAAAAAACY4/m3BiGrwm5qoax3XjzF GxtuOGfUXmmDhBw/s1600/IMG_6533.JPG] 


Dynamic Views theme. Powered by Blogger. 


97/387 


iWa?2i, 19649959 ETC 


$4 pr J 


Fig. 1-25.3 A regulated supply (12.6 V). (a) Rectifier. (b) Regulator. The 
capacitor on the output is a tantalum slug type, of any value over 10 uF. 
The 3 A unit will carry a typical 10 or 15 watt 2m transceiver. The 82 Ohm 
resistor constitutes the short circuit protection. *Adjust to set output 
voltage. 


Although the regulator circuit is simple, it continues working 
down to less than a volt between input and output—this is unusual. 
To keep the voltage drop down, the pass transistor is driven from 
the regulated output voltage, but this means that a separate start- 
ing circuit (two resistors and a diode of no particular type) is 
needed to turn things on initially. Once the starting diode has 
disconnected (during operation, its cathode is more positive than 
its anode), the regulator is unaffected by the magnitude of the 
unregulated input voltage—which is why it wouldn't start without 
the extra circuit. 

Multistage regulators may oscillate. Stabilize this one by 
putting 10 uF or more (tantalum type preferred) on the output. I 
used a CSI3AE 101K (100 uF, 20 V), because I had a lot of them. 

The PNP driver could probably be a 2N2905, but the 1 amp 
plastic power transistor (2N4918) I used is harder to blow out and 
has good gain down to 1 mA. I mounted it inside the chassis with a 
4-40 metal screw using the mica washer provided. The 82 ohm, 2 
watt resistor protects both the transistor and the power supply in 
the event of a short on the output. If you use higher resistances, 
you'll get a lower maximum base drive to the pass transistor and 
less short circuit current. 
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Posted 17th March 2016 by Billy 
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17th February 2016 3D Building Blocks for Crystal Radio 


Create 3D building blocks for crystal radios so kids and adults can experiment with crystal radios. There is also a 
portable case for you to take what you have created out on the street to listen to radio using the big loop antenna on the 


case. 


Video link: 


[https://1.bp.blogspot.com/-D- 
Q1YX12uxc/VSRVN_XRCdI/AAAAAAAAC Tw/brRalZomEp4/s1600/IMG_5678.JPG] 


https: //youtu.be/dbaRQoExeOs [https://youtu.be/dbaRQoExeOs] 
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| have seen similar building blocks used to build lights, fans, and even robots, but not 
crystal radios. Though this is a low tech construction, I've spent weeks trying to figure out 
which building block is suitable (big enough to house the variable caps and ferrite sticks) 
and flexible with different length and height. Most importantly, how to make the 
connectors between the blocks so it's plug and play and yet the contacts are firm enough 
to be carried around. 

| thought of using springs, but the extra turns for each connection may interfere with 
wireless signals. Finally settled with copper screws and elastic copper sheets that do the 
same magic as springs. 
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Depending on the actual voltage of your reference (zener) 
diode, you may have to adjust the voltage divider in the base of the 
NPN amplifier. I prefer setting things up with a soldering iron and 
putting a high resistance across one or the other divider resistor. In 
this case, I used a 24K ohm across the 2.7k ohm, because the 
1N753 had only 5.9 V drop at 6 mA. If you put a 1000 ohm pot 
between the two resistors, with the 2N3904 base hooked to the 
arm of the pot, it will still work. The capacitor still goes from base 
to ground. 

Connect a capacitor across the reference diode. I’ve tried 
everything from 1 to 40 uF, so the size is not critical. 

Place ceramic disc bypasses across the diodes (right 
across—with very short leads) to reduce hash picked up on AM 
broadcast sets. A number of commercial supplies, as well as 
automotive alternator diodes, can cause this sort of interference. 

In wiring high current supplies, it is good practice to run wires 
from diodes and the power transformer directly to the big filter 
capacitors and then run additional wires from the capacitors to the 
regulator. Run the input leads together to keep the stray field 
down—those wires are carrying 10 amp pulses. In a ham station, it 
is also smart to filter all leads for rf; audio rectification in a 
transmitter power supply can give some strange feedback. 

A design-it-yourself program is as follows: 

O Measure the output voltage. In this case, given 12.6 V, I 
added 1 V for regulator variations and 15% for power line variation, 
for a total of 15.6 V minimum instantaneous (dc minus ripple) input 
to the regulator at 115 V. 

(J Measure the load current and calculate ripple. For 2 amps, 
given 4200 uF (that was what I had), peak-to-peak voltage = 2 x 
1/120 x 1,000,000/4299 = 3.97. On that basis, required dc is 17.6 
V and rectifier load R is 8.8 ohms. 

O Using a vom, check the power transformer for the follow- 
ing values: line voltage = 115 V; secondary, no-load voltage = 39 V 
(10% higher than nominal); ratio of primary to half secondary = 
5.9; dc resistance of primary = 9 ohms. Primary resistance re- 
flected into half secondary is then 9 divided by (5.9)* = 0.26 ohm. 
Measured secondary resistance = 1.1 ohm; half of that = 0.55 
ohm. Thus the series resistance of the transformer is effectively R, 
= 0.55 + 0.26 = 0.81 ohm. At 20 amps instantaneous, the diodes I 
picked have a 1.2 V drop with a slope equal to 0.01 ohm at that point 
for a total of 0.82 ohm. 

In applications where noise and ripple requirements are mod- 
erate, a grounded collector pass transistor is often convenient. 
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Great Deal At Oakland Ca!! in Oakland... Hot Off Market Way Below Market... Hot Deal At Oakland Ca!!! in Oal 


$499,000 © $140,000 O) $650,000 


11th February 2016 Portable 3DQ FM SW MW Crystal. Regen. Radio 


| created a portable FM SW MW Crystal Set with region functions using a combination of big loop and ferrite toroids. 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 115/387 


10/21/2019 Billy's DIY Dream Shop 


Circuit Diagram 
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Components 


S1 MW/SW Selection 

S2 MW/SW Hi Band/Low Band Selection 

S3 Switch attached to VR2, turn on for region adjustment or volume adjustment. 

S4 Selection for FM or MW/SW and Regen or Battery Free Radio. 

S5 Antenna adjustment switch 

VR1 Volume or Regen effect adjustment. with S3 attached. Connect S3 to VR1 such that when resistance to 3DQ-S is 
the lowest, S3 will stay open. 

L8 using a 1.5M 1/4 W resister as the frame, wind 30 turns of 0.07 or 0.1 mm magnet wire. 
L9,L10 using a 1.5M 1W resister as the frame, wind 100 turns of 0.07 or 0.1 mm magnet wire. 
C1 1pf-18pf butterfly high Q variable capacitor. 

C2, C3, C4 3x500pf VR. 

J1 connect to a reed headphone with impedance of 300 to 600 ohms. 

3V CR2032 Button Battery for Regen. 


L1 make a 120mm diameter C-shape loop (with a 50mm openning) using 12mm diameter soft copper pipe. 

L2 make a 25mm diameter C-shape loop using 1 mm diameter silver plated copper wire. Wound in same direction as 
L1. 

L3 make a 25mm diameter C-shape loop using 1 mm diameter silver plated copper wire. Wound in same direction as 
L1. 


This Crystal Set can hook up to big loop coils or toroid coils. 


For toroid coils: 

L4 use a ferrite toroid with permeability of 100u (NXO100) diameter 37mm, height 7 mm, wind 50 turns using 
175x0.04mm Litz wire. 

L5 On the same toroid, using same type of litz wire, wind 10 turns in the opposite direction as L4. 

L6 use a ferrite toroid with permeability of 100u (NXO100) diameter 31mm, height 7 mm, wind 12 turns using 1mm 
magnet wire. 

L7 On the same toroid, using same type of magnet wire, wind 4 turns in the opposite direction as L6. 


For big loops: 
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like winding on a toroid. 

L5 On the same frame, using same type of litz wire, wind 1 turn in the opposite direction as L4. 

L6 make a1 Meter diameter C-Shape loop (with a 100mm opening) using 12mm diameter soft copper pipe. 
L7 make a 0.5 Meter diameter C-Shape loop (with a 100mm opening) using 9 mm diameter soft copper pipe. 
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Fig. 1-26. Five-volt supply. 


Figure 1-26 shows the 5 V supply I built for a receiver frequency 
counter that used LED readouts. The display added a strobed 1 
amp load to the other drain, putting the requirements out of reach 
of the usual IC units. The circuit, as shown, fit the parts I had on 
hand and performed well enough down to below 90 V from the 
power line. I used a compensated reference diode, but a 1N753 will 
do as well. The FET current regulator (if you have one with I 
around 7.5 mA) is an improvement over a 1200 ohm resistor, and 
course a 741 is one of the best op amps you can buy. 


LOW VOLTAGE POWER SUPPLY 


Three power supplies were constructed as shown in Fig. 
1-27. The first is a dual tracking supply with variable output voltage 
0 to +20 volts and current to 100 mA on each output (200 mA total 
current capacity). Also available is a +12, —6 volt option. Current 
sensing is done in both the positive and negative legs, and when the 
current exceeds a preset level, a signal is developed to shut down 
the output from the voltage regulator. This signal latches so that 
output voltage can only be restored by pressing a reset switch. 

The second supply has variable output from 2.6 to 25 volts and 
current to 1 ampere. Up to 34 volts is available at reduced current. 
This supply also has adjustable current sensing and, like the first 
supply, the output voltage shuts down when the current exceeds a 
preset level. Voltage is restored by pressing the reset switch. 

The third supply provides a fixed 5 volt output at currents to 1 
ampere for operating TTL circuits. This supply has output voltage 
sensing and will shut down if the voltage moves outside a preset 
range from 4.75 to 5.25 volts. 

The first supply provides the power for the sensing circuits 
used in all three supplies. Also, if any one supply shuts down, the 
other two will shut down also. 
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All three supplies use voltage regulators that are short cir- 
cuitproof, an added safety bonus in the event that the current 
sensing circuits are manually disabled or in the event of the failure 
of some component in the current sensing networks. 


Current Sensing 

The current sensing network in Fig. 1-28 operates as follows: 
Assume that initially no current is drawn from the supply. With R2 
set to 5000, R2 + R3 = 21k and R4 + R5 = 21k. With the wiper of 
R4 set closest to R3, the voltage at pin 11 of voltage comparator 
IC1A will be 14 volts, exactly half the voltage across C1. Assuming 
for the moment that no current flows in R1, the voltage across R6 
and R7 will be 28 volts and the voltage at pin 10 of IC1A will be 14 
volts also. When current is drawn from the positive leg of the 
supply, a voltage drop develops across R1 and the voltage at pin 10 
of IC1A drops below 14 volts. This drives pin 13 of IC1A positive 
and the resulting current in R21 charges C3. Q1 fires, sending a 
pulse through C4 to SCR1. SCR1 turns on, operating relay K1 and 
forcing Q2 to switch on. Q2 shorts out R27, thus reducing the 
output of 1C3 to nearly zero volts. K1 interrupts the current to IC6 
in Fig. 1-29. Q1 also sends a pulse to C14 in Fig. 1-29. This pulse 
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14th January 2016 Copper Tube SW radio with a DIY Var Cap. 
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| have built a very simple portable short wave radio that can receive stations without an antenna using half inch or 


quarter inch copper tubes. 
First band the tube into a circle with a diameter close to 1 meter (I used 0.8 meter) but do not close the loop. Leave an 
openig of around 30 degree to 45 degree. 
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cover the lower SW frequencies) in parallel to both end of the tubes. 

Connect one end of the tube to a Crystal radio diode eg 1N34A or 1N60 or even better with 1s106 that | used. 

Connect the other end of the diode to a head phone with a impedance that matches that of the output from the diode. 
Otherwise a transformer will be required to match the impedance. Connect the other end of the tube to the Other end of 
the headphone. IN the picture below, | used a transformer that step up from 1.5K to 5K to match the impedance of the 
crystal earphone | am using. 

If you are using a magnetic headphone, add a 2000-4000pf capacitor in parallel to it to improve the audio quality. 

If you are using a Crystal headphone (aka piezo electric), use a transformer like what | did below for better audio quality, 
or add a 50k to 1M resistor in parallel to it to sound better. 


Placing this horizontally next to my window from my 56/F apartment facing the sea, | can receive SW stations 
broadcasted from mainland China, Taiwan and other South Asian countries next to Hong Kong. 


The loudness will rise and drop within a minute as the SW signal is reflected from afar. 


Here are some pictures: 
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Technically you can DIY your own Var cap also using the copper tube. Instead of banding it to a circle. Band it to form a 
letter C with a long horizontal tail at the bottom. Then you can place an insulated wider copper tube on top of the tube 
used for the coil. If the two tubes are close enough together i.e. The gap is less than 0.5 mm, By sliding the outter tube in 
and out , you can vary the capacitance between them. | guess depending on the surface area and how tightly the two 
tubes are placed together, the capacitance can vary between 20pf to 500pf. The Q factor will be effected by what is being 
used as the insulator, Air is best but hard to avoid short circuit. Plastic sheets may work , but will be low Q: 

| haven't tried this on SW yet, only on FM. 


Here is some diagrams that show you how this will look like. 


| mounted another hard straight copper tube covered with plastic sheet (diameter 3/4 Inch) to the original C-Shaped 
copper tube (diameter 1/2 inch) that forms the coil of the SW Crystal Radio. Because this will increase the surface area 
and the capacitance . Also the hard straight copper tube has less gap with the wider copper tube (diameter 1 inch), and 
can slide in and out smoothly. 


You can always increase the length of the two copper tubes forming the variable cap by extending the length of these two 


copper tubes. 


You can see from my Capacitance Meter that the DIY Var. Cap can go from 12pf (the outer tube all outside) to 318pf (the 
outer tube all inside). 


[http://3.bp.blogspot.com/-caLYoPy3lUk/VpeZPFAOWyl/AAAAAAAACNA/peDmNZNbK9Q/s1600//MG_5297.JPG] 


Will give it a go when | have some time. 
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Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 132/387 


10/21/2019 Billy's DIY Dream Shop 


[http://2.bp.blogspot.com/-249uKYGQ_mE/VpebhvexXS-l/AAAAAAAACNc/EqZ9dJ2Wk7w/s1600/IMG_5298.JPG] 
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[http://4.bp.blogspot.com/-330pG1MZqkU/VpeZOIMvOAI/AAAAAAAACMw/nU1GT--cspE/s1600/IMG_5295.JPG] 
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[http://3.bp.blogspot.com/-ZCW4jlaPsil/VpeZOzTKxVI/AAAAAAAACM4/A-w6q0Ae6Cl/s1600/IMG_5296.JPG] 


| hooked it up to the diode and the crystal earphone through a transformer 1.5K to 5K to match my crystal earphone. 
The loudness of this SW crystal set made using this DIY var. Cap is comparable to that when | used my high Q 500pf Var Cap above. However, tuning is not as 
stable was the regular Var Cap and you need to adapt to it to learn how to tune. As the copper tube sometime shifts and get loose which alter the Capacitance. With 


the already varying strength of the SW signal itself, it's even harder to tune and keep the SW station. However, this proof of concept works well. 


See how it's hooked up. 


[http://1.bp.blogspot.com/-hT6LR89TP6M/Vpe74JbPc2I/AAAAAAAACN8/alDbau_cOmM/s1600/IMG_5301.JPG] 
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[http://1.bp.blogspot.com/-U6KytVWEf7k/Vpe74lfnINI/AAAAAAAACOM/ih9XPqLy-Bg/s1600/I/MG_5302.JPG] 


[http://2.bp.blogspot.com/-Zj1qKbVw8WY/Vpe74wikrT /AAAAAAAACOQ/5QrFHrSV9ms/s1600/IMG_5304.JPG] 


Posted 14th January 2016 by Billy 


Ca) Add a comment 


8th January 2016 Simple Crystal Radio driving an 8 inch speaker 


| experimented with a very simple two stage circuits with a single diode that drive an 8 eight speaker. Though not loud, 
but it's clearly audible within my quiet room. 


Diode: 1ss106. 

Distance from the nearest broadcasting station : 15KM. 

Antenna 15 meters of 660x0.04 Litz wire drop down from my window 56/F floor, pushed out to 2 meters away from the 
wall of the building. 
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[http://2.bp.blogspot.com/-sQZgB03d_ac/Vo- 
YNdbejHIl/AAAAAAAACK8/l8v-PfmhS2Q/s1600/IMG_5234.JPG] 


[http://2.bp.blogspot.com/-sQZgB03d_ac/Vo-YNdbejHI/AAAAAAAACK8/I8v-PfmhS2Q/s1600/IMG_5234.JPG] 


| can achieve a DC current of 150uA when using this conventional single Diode circuit. 


[http://2.bp.blogspot.com/-sQZgB03d_ac/Vo-YNdbejHI/AAAAAAAACK8/I8v-PfmhS2Q/s1600/IMG_5234.JPG] 


Single Diodes Crystal Radio Circuit 


ANT‘ 


[http://4.bp.blogspot.com/-7vL-qro9wfs/Vo_SZrtVTI/AAAAAAAACL4/tSXuK3VUGWg/s1600/Screenv%2BShot%2B2016-01- 
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tors are 4 W, except as 

otherwise noted. All 
| capacitors are in uF 


“Fav TO CEP, SCM 


Fig. 1-28. Dual tracking regulated supply. 


turns on SCR2, forcing Q4 to switch on; this action reduces the 
output of IC5 to zero volts. 

When the load is removed from the output of IC3, the power 
can be restored by opening S2A and S2B (normally closed 
switches). By moving the wiper of R4 closer to R5, the voltage at 
pin 11 of IC1A is lowered. It then requires a greater voltage drop 
across R1 (more current in the load at output of IC3) to lower the 
voltage at pin 10 of IC1A so that pin 13 will go positive. Thus the 
setting of the wiper of R4 determines what current will drive pin 13 
of IC1A high. 

An identical network consisting of R8 to R14 and IC2 senses 
the current in the negative leg of the supply. The output of 1C2 
switches between 0 volts and — 26 volts approximately. Since 1C1B 
will not operate normally with any input below —0.3 volts, the 
voltage from pin 6 of 1C2 is divided down by R15 and R17 so that the 
voltage across R17 switches between 0 volts and —0.25 volts. R16 
and R18 form another voltage divider which provides — 0.15 volts 
to pin 8 of IC1B. Thus IC1B switches like IC1A in response to an 
overcurrent in R14. D5 and D6 form an OR gate, hence isolating 
the outputs of IC1A and IC1B from one another. 

In Fig. 1-29, current sensing is done in the same manner as 
described for the positive leg of Fig. 1-28. Since the maximum 
current for this supply is 10 times greater than for the first supply, 
resistance values have been adjusted accordingly. D9 forms 
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[http://3.bp.blogspot.com/-mx7IGYUxaOw/Vo-Y OMPvw3l/AAAAAAAACLU/09B7iPtbAok/s1600/IMG_5238.JPG] 


Then | tried this dual Diode circuit invented by a member of the Chinese Crystal Radio Forum. 
| can boost the DC current to 250uA. 


Dual Diodes Crystal Radio Circuit 


ANT1 
5mH Choke 


155106 D1 


L2 | 350pf 
155106 


[http://3.bp.blogspot.com/-U1KM5TT_tmY/Vo_SZtyKwil/AAAAAAAACLO/BhICasprNkA/s1600/Screen%2BShot%2B2016-01- 
08%2Bat%2B11.12.15%2BPM.png] 


[http://1.bp.blogspot.com/- 
a6Ced5T2NIVE/Vo_TowTTU_I/AAAAAAAACME/g4AB4TF8h04/s1600/Screen%2BShot%2B2016-01- 
08%2Bat%2B11.19.40%2BPM.png] 


Here is the video clip. 
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https: //youtu.be/5NWsHX0Okwe4 [https://youtu.be/5NWsHX0kwe4] 


Here are the pictures. 
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Posted 8th January 2016 by Billy 


EJ View comments 
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Bitdefender: -56% Be aware without a care! BUY NOW 


31st December 2015 SC2-300 foldable headphone 


Happy New Year to you. 

| decided to give myself a new headphone by converting a faulty monster head phones to crystal radio headphone with 
two SC2-300 Reed ear pieces. 

After fixing the sponge to the headphone, it can be worn comfortably, with good audio effect. The impedance is around 
600 ohm when two ear pieces are in series. 


[http://2.bp.blogspot.com/- 
ONbscrYC_Eg/VoU_rbE7LPI/AAAAAAAACKc/7ZyPRXGy_eo/s1600/IMG_5112.JPG] 


[http://1.bp.blogspot.com/-D2lwLDJ- 
C20/VoU_pjOotWI/AAAAAAAACJk/vPqich72BHo/s1600/IMG_5091.JPG] 


[http://2.bp.blogspot.com/- 
xGZCytknWpg/VoU_pjucwMlI/AAAAAAAACJs/cStczNucRYA/s1600/IMG_5092.JPG] 
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[http://1.bp.blogspot.com/- 
BFqomaYZf6g/VoU_pgOft9l/AAAAAAAACJo/niMeaNLLiBU/s1600/IMG_5093.JPG] 


[http://3.bp.blogspot.com/- 
LIZMrsR_NiQ/VoU_qEmNp3l/AAAAAAAACJw/UpPIGCBWVWE/s1600/IMG_5094.JPG] 


[http://2.bp.blogspot.com/- 
hNG7fMXGmHA/VoU_qfPWDPI/AAAAAAAACJ0/IsTUQqI5Qig/s1600/IMG_5095.JPG] 
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[http://2.bp.blogspot.com/- 
blgYDkRvxt8/VoU_q01xIXI/AAAAAAAACKI/EcNI2zV_i2Y/s1600/IMG_5097.JPG] 


[http://4.bp.blogspot.com/-08vmVzZn0Bs/VoU_qwrPlbl/AAAAAAAACKM/FNEj¡mbPRPHc/s1600//MG_5110.JPG] 


[http://4.bp.blogspot.com/-JKmdXC9- 
Qno/VoU_rd3ch1I/AAAAAAAACKU/0s61eydDBMM/s1600/IMG_5111.JPG] 


Posted 31st December 2015 by Billy 


ES Add a comment 


40th October 2015 How to clean install OSX to a Fusion drive and keep the 
recovery hard disk function 


A. Clean reinstall of OSX. 
1. Make sure you back up all your data on the hard disk, as the following step will erase all data. 


2. Create the OSX Install USB drive, insert it to the MAC workstation. 


2 Cinca wa will anarata nn tha intarnal hant iin driva af tha Mar wa naad ta hant ta OGY Inctall LICR driva (Con VA 
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4. Atthe menu at the top of the screen, select disk utilities. 


5. Highlight the Fusion Drive volume called “Macintosh HD”. Click Erase to clean it up. 


6. If its successful, then go ahead to install new OSX to this partition as usual. 


7. Otherwise if this failed, that means fusion drive has been damaged. 


8. Follow onto Be to fix it. 


B. Split the Fusion Drive into physical hard disks. 


Since we will operate on the internal boot up drive of the Mac, assumes that we’ve already boot up to OSX Install 
USB drive (See Y.). 


At the menu at the top of the screen , select Utilities and Terminal. 


On the terminal screen type: 


diskutil cs list. 


You will see something similar to the screen below. 


Copy the long string after Logical Volume and replace UUID with it in the following command to delete the fusion 
drive logical volume (aka coreStorage logical volume) : 


diskutil cs deletevolume UUID 


For example: 


diskutil cs deletevolume ES59B5A99-F8C1-461A-AE54-6EC11B095161 


Copy the long string after Logical Volume Group and replace UUID with it in the following command to delete the 
fusion drive (aka coreStorage) : 


diskutil cs delete UU/D 


e.g. diskutil cs delete E03B3F30-6A1B-4DCD-9E14-5E927BC3F5DC 


At this step, the fusion drive has been deleted, and the SSD hardsisk and the mechanical hard disk will be 
reappearing in diskutil as separate disks. 


C. Install a fresh copy of OSX to the SSD hard disk and test that recovery hard disk partition works. 


1. 


Go to diskutil to create a partition called Machintosh HD in the SSD hard disk using all the space there. 


Do the same with the mechanical hard disk. 


Follow the usual process to boot from the OSX install USB and install a fresh copy of OSX to the SSD hard disk. 


This will create the proper boot up partitions, recovery hard disk partitions and the PSX partitions on the SSD hard disk. 


Once the install is complete, test if OSX can start properly, but no need to go through the initial MAC OSX set up as 
we'll to scrap this and do the install once again later. 


We now need to test if the recovery hard disk partition works. 
Reboot to recovery hard disk (see X - by pressing and holding Command and R at the same time during boot up right 
after you heard the boot up sound, and only release it a few seconds after you see the apple logo and the progress bar 


for loading..) 


This is important to test and make sure the recovery hard disk partition . 


D. Recreate the fusion drive 


1. 


2. 


3. 


Since we will operate on the internal boot up drive of the Mac, we need to boot to OSX Install USB drive (See Y.). 


At the menu at the top of the screen , select Utilities and Terminal. 


On the terminal screen type: 
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You should found that we have a list of physical hard disks only, no logical volume group there yet. 


You will see something similar to the screen below. 


Look for the largest partition on the SSD hard disk that should be close to the full hard disk size of the SSD (e.g. 121G), 
and mark the device name, this will usually be something like /dev/disk0s2 


Look for the largest partition on the mechanical disk that will form the fusion drive with the SSD hard disk. This should 
be close to the full hard disk size of the mechanical hard disk (e.g. 3TB), and mark the device name, this will usually be 


something like /dev/disk1s2 


Now we will create the fusion drive group (a.k.a. logical volume group) by typing this command: diskutil cs create 
IlvgName device1 device2 


For example: 
diskutil cs create fusiondrive /dev/diskOs2 /dev/disk1s2 
You will see something like below showing up on the screen: 
Creating Core Storage Logical Volume Group 
Switching d iskOs2 to Core Storage 
Switching disk1s2 to Core Storage 
Waiting for Logical Volume Group to appear 
Discovered new Logical Volume Group "DBFEB690-107B-4EA6-905B-2971D10F5B53" 
Core Storage LVG UUID: DBFEB690-107B-4EA6-905B-2971D10F5B53 


Finished CoreStorage operation 


Copy down the string after “Discovered new Logical Volume Group” using command + C 

Next, create the fusion drive partition (a.k.a. logical volume) named “Macintosh HD” by typing this command: 
Diskutil cs createVolume /vgUUID type name size 

For example: 

Diskutil cs createVolume DBFEB690-107B-4EA6-905B-2971D10F5B53 jhfs+ “Macintosh HD” 100% 

Go to diskutil to verify that you can see this newly created partition on the list. 

Test by erasing all data from it. 

Then you can go ahead to boot to the OSX Install USB drive and install a fresh copy of OSX onto it. 


This will allow you to keep the recovery hard disk function. 


X. How to boot to recover partition 


Press and hold the command and R key together immediately after hearing the boot up bell sound. 


Only release it 2 seconds after you see the Apple logo on the screen and the progress bar for booting . This will boot to 
recovery harddisk partition. 


Y. How to boot to OSX Install USB 


Press and hold the command and Option key together immediately after hearing the boot up bell sound. 


Only release it 2 seconds after you see the Apple logo on the screen and This will provide you with a list of boot up disk to 
choose from, choose the OSX install USB to boot from. 
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4th October 2015 My first Vacuum Tube Radio - a 26V+1.2V three tubes region. 


| built My first Vacuum Tube Radio - a 26V+1.2V three tubes region. radio. 


- 


[http://1 .bp.blogspot.com/-3Ay3MzXEPZQ/VhEscqD3JMI/AAAAAAAACGU/KOJs38_4W6Y/s1600/IMG_3123.JPG] 


| spent 1 month collecting the components. The Chinese Vacuum tubes(1B2, 2P2) can be purchased from the Chinese Taobao 
shops @ half a USD each. The two transformers are 220V to 6V transformers. Capacitors and resistors are the standard ones. 
However, shipping them from China to HK is a bit of headache. There are more and more stringent restrictions for exporting of 
goods from China. | spent a while finding a courier service that can accept these goods and reship to Hong Kong. 

Shipping fees starts from USD 3 per KG. But special goods like these may take USD 6 per KG. 


Then | cared too much about how the finished product looks. Spent 2 weeks finding the nice plastic box that is transparent 
enough. 
Finally it all took place in the last few days. The initial circuit was designed by another Chinese hobbyist. The only modification 


| made is use a bigger coil (litz wire 0.04x220, instead of 0.04x60, and three ferrite rods instead of one), to make it more 
sensitive. 


The negative feed back is somewhat too strong, | had to remove a few turns from the regen coil. 
Here is how the finishing produce looks on the video. 


https: //www.youtube.com/watch?v=lQ4Kv42QWSU [https: / /www.youtube.com/watch?v=|Q4Kv42QWsU] 
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another part of the OR gate that feeds R21. 
Voltage Sensing 

For the 5 volt supply in Fig. 1-30, it is more desirable to have 
output voltage sensing than current sensing. This is because there 
are wide variations in the current demanded by TTL circuits when 
they are switching from state to state. The current limit point 
would always have to be set rather high, and consequently only 
gross over-currents could be sensed. On the other hand, a circuit 
that senses when the voltage falls below 4.75 volts, the lower 
operating limit for 7400 series TTL, is quite useful. Suppose, for 
example, that you are operating near the 1 ampere limit of IC6; a 
brief current pulse could exceed this limit and the internal circuit of 
IC6 would then allow the output voltage to drop. Without voltage 
sensing this could easily go unnoticed and your circuit would 
malfunction. 

In Fig. 1-30, D14 provides a reference voltage. R41 acts asa 
voltage divider and is set to 5.25 volts. R42 is another voltage 
divider and is set to 4.75 volts. IC1C and IC1D compare the output 
of IC6 to these voltages and, if the output moves outside the 
window from 4.75 to 5.25 volts, pin 1 or pin 2 will go high. This 
signal goes to R21 of Fig. 1-28 and eventually shuts down all the 
supplies. 


Response Time 
R21 and C3 determine the response time of the circuit. With 
R21 = 3k and C3 = 1 „F, the circuit responds to an overcurrent, 


Fig. 1-29. Variable voltage power supply. 
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[http://3.bp.blogspot.com/-9JWUNauyzSw/VhEsrkJIZpl/AAAAAAAACHA/mCR4roQI-es/s1600/IMG_3104.JPG] 
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[http://1 .bp.blogspot.com/-OL9IJP5s100/VhEstMBCRPI/AAAAAAAACHw/OtVArSqDD34/s1600/IMG_3122.JPG] 
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26th September 2015 Chinese Lantern Crystal Radio 


Tomorrow is the mid-Autumn Festival that the Chinese celebrate the festival of the moon. 
Children will light up their lanterns to shine through the parks. 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 


START YOUR FREE TRIAL 


156/387 


10/21/2019 Billy's DIY Dream Shop 


What if that lantern can become a crystal radio. 
Not only that, the candle light can energise the solar cells from the calculators to bring some small power to drive a 
regenerative radio to boost the speakers. 


| made a lanterns and wind a number of coils to feed to the MOS FET 3DQ. 
Next step is to find some solar cells. Those that will work with candle lights. 


Here is what | made so far. 
Now the crystal radio part is working well. | can listen to most of the local broadcast when | bring the lantern onto the 
street. 


This does attract some people to stop by and listen to my crystal radio. 


For the regenerative radio part, | need to find the solar cells to complete the project. 


Video : https://youtu.be/Fée2em1ZVes [https://youtu.be/F6e2em1ZVes] 
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Fig. 1-30. 5 volt power supply. 


overvoltage or undervoltage that lasts 3 milliseconds or more. K1 
adds an additional 7.5 ms to the time required for the 5 volt supply 
to shut down. By reducing C3 to 0.1 uF, response time can be 
made as low as 0.3 ms. R21 can be increased to as much as 10 
megohms if desired to lengthen the response time, but should not 
be reduced below 3k. 


The Voltage Regulators 

The 4194TK regulator is internally current limited at about 
350 mA when the positive output is shorted to ground. It also has 
internal thermal limiting that will reduce the output when it gets 
too hot. A small heat sink is required when the operating current is 
100 mA in each leg of the output. In Fig. 1-28, S3 is normally open. 
When 53 is closed, R27 can be adjusted to give +12, —6 volts 
output for the operation of certain types of voltage comparators. 

The 309K also has current limiting and thermal limiting. It 
will provide a little over 1 ampere when mounted on a heat sink 
with the circuit shown. 

The TVR2000 has been available for a number of years and is 
quite inexpensive. 

In Fig. 1-29, the foldback current limiting option is not used. 
Instead, simple short circuit sensing is used. R37 and R38 set the 
short circuit current to a value of about 1.2 amperes. The relation- 
ship here isR e I „=0.1 volt, where R37 and R38 in parallel make 
upR_ R39 sets the output voltage. Q3 acts as a current booster and 
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[http://3.bp.blogspot.com/-dmlYfrM-g6U/VehkjPTgnzl/AAAAAAAACDE/xTeA1_Ta93M/s1600/Screen%2BShot%2B2015-08- 
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Just made a match box radio using some short ferrite sticks. 


Here is the testing video. 


The radio is really easy to make. In the bear minimum, you just need the following: 
1. A match box measured 60x35x10mm, or make one using cardboards yourself. 

2.Magnet wires of AWG 27 or 0.3mm or similar thickness. 

3. Any Germanium Diode (e.g. 1N34A, or 1N60, | used 15586). 

. Some solder lugs or you can use the paper clip as the connectors for antenna, earth, and earphones. 

. A pair of high impedance earphone or a crystal earbud. 

. A good outdoor antenna of 10 meters or above. 


. A good earth connection, e.g. connect to the water pipe or tap. 


oN DBD Ww Ff 


. Fixed capacitor to match the coil for tuning: can be 100pf, 200pf or 300pf or omitted , value will be fixed during testing. Buy a few different fixed capacitor to 
test with. 


9. Fixed capacitor of 2000pf, or can be omitted if your headphone is a crystal earbud. 
How to make it: 


1. Find a match box of 60x35x10mm, 

2. Stick 3 solder lugs at the the left edge of the matchbox 

one at the top (A1), one at the middle (A2), one at the bottom (G). 

3. Stick 2 solder lugs at the right edge of the matchbox, one at the middle (01), 

one at the bottom (02). 

4. Put two or three small ferrite sticks (8 x 50 mm) inside the match box. 

5. Wind the coils: 
L1: tighty wind 38 turns of 0.3 Or 0.4mm Magnet wire starting from the top of the matchbox 
L2: same as L1. wind on the same match box with a 5mm gap between L1 and L2 

6. Solder L1, L2 and other components to the solder lugs as shown in the circuit diagram, except the variable capacitor C1. The 

value need to be tested before soldering that in. 

7. Value of fixed capacitor C1 need to be tested to confirm, or can be completely omitted. 

8. Fixed capacitor C2 can be omitted if you are using a crystal earbud. 


Testing: 
Connect the outdoor antenna to A1. 
Cannact tha aarth ta A 
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Connect the headphones to 01 and 02. 

Slide the box holding the ferrite sticks inside the matchbox in and out of the matchbox to tune to a station. Try to replace the C1 or remove it to tune to the lowest 
AM/MW station possible (i..e as close to 500khz as possible). 

Next, connect the outdoor antenna to A2. 


Try to replace the C1 or remove it to tune to the upper most AM/MW station possible (i..e as close to 1500khz as possible). 
Find a C1 value that will allow you to cover the best range, then solder it to the solder slug between A1 and G. 


| used a pair of 150 ohm hearing aid earbud, after testing, | found the the performance of the radio is just as fine by omitting 
C1 and C2. Hence | removed C1 and C2 from my final circuit. 
Reception for strong stations is good. 


For waker stations that is too close to the strong stations, you have to add a wave trap connected in series between the outdoor antenna and the antenna input of 
the matchbox ratio to block the strong stations before you can get to the weaker ones. 

The wave trap is just another tuning tank make from a coil and a variable capacitor. 

lts function is to tune to the strong station that is blocking the weak station, so that signal is blocked from entering your crystal radio so the weaker stations can be 


heard. 
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is mounted on a heat sink. C10 stabilizes the current limiting 
circuitry and C11 stabilizes the regulator section of IC5. Different 
values from those shown may be required to drive high capacitance 
loads. 


Selecting Resistors 

Resistors of 1% tolerance are best for R1, R3, R5 to R8, R10, 
and R12 to R14. This will make the final adjustments simpler and 
will keep tracking errors in R4 and R9 to a minimum. In Fig. 1-29, 
9% resistors will suffice for R32, R34, R35, and R36, providing you 
choose them such that R32 = R34 and R36 = R25. 

Regarding the tracking of R4 and R9: Since they form a tandem 
control, it is important that they both exhibit approximately the 
same resistance between their wipers and their ends for all rota- 
tions of the shaft. Failure to do so will mean that the positive and 
negative legs of the supply will trip at different currents. Several 
dual controls I bought did not track very well. If you want very good 
tracking, replace both R4 and R9 with a series of 5% resistors and 
use a two pole rotary switch to select the current limit you want as 
shown in Fig. 1-31. 


Construction 


All three supplies were constructed on a single 4” x 5” 
printed circuit board as shown in Figs. 1-32 and 1-33. Also, see 
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C1 100pf - 300pf 


D1 - 15586, 155106 


C2 2000pf 


300 KA Mak AIF H4L, 300 ohm headphone 
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Posted 3rd September 2015 by Billy 


E View comments 


3rd September 2015 230mm (9") Ferrite Sleeve Loop coil 

I came across a post for FSL (Ferrite Sleeve Loop) - FSL Antenna Design Optimization , All-out Experimentation to 
Determine Weak-Signal Performance Potential By Gary DeBock, Puyallup, WA, USA March 2012 
http://www.am-dx.com/antennas/FSL%20Antenna%20Design%20Optimization.htm [http://www.am- 


dx.com/antennas/FSL%20Antenna%20Design%200ptimization.htm] 


| was eager to find out if this is a way to create loops that can have the same sensitivity as a much better loop antenna 
without ferrite cores. If so, this will be a good way to shrink the loops to make smaller crystal radios with the same or 
even better sensitivity. 


| started following the instruction and twist it a bit to work with what | have at home. 

| purchased some cheap ferrite sticks with unknown permeability. Since | cannot find the 10x200mm ones, | purchased 
the 10x100mm ferrite sticks which is much cheaper (@ 51 RMB for a 100 pieces equivalent to US$8.03 ). | intend to 
connect two of these together to make a 10x200mm ferrite sticks. | end up purchasing 200 pieces. 

This will allow me to make a FSL with a perimeter of 10x100mm = 1 meter. Diameter of 310mm. 


| ended up making one with the diameter of 230mm or 9". 


| started with a round plastic container for noodles then wrap multiple layers of foam onto it. 
Finally use adhesive tapes to stick the 170 ferrite sticks into position as close enough to one another without any gaps. 


Then wrap another layer of thin foam, before winding 20 turns of 0.04x660 litz wires to form the coil for the tuning tank, 
another 2 turns for MOS FET output. 
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Fig. 1-32. Parts layout 
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| was amazed when | hook it up to the air variable capacity and the MOS FET. 
Without the ferrite stick, an air loop that size will only produce very tiny output that is just audible. 
With the ferrite stick sleeve, the FSLe produced doubled output volume. 


Next is to compare this with the other bigger air loops to find out what sized air loops will have the same sensitivity as the 
FSL. 


Testing is not easy as the sensitivity of the reception varies throughout the day. 

My place is close to the airport, and every 10 minutes, a plane will literally fly over the top my 60 storey building (may be 
1000 meter above), that did have some impact to the reception of crystal radio. 

| am also trying to find a measurable unit that can give a true comparison. 

For example, | tried measuring the voltage across the terminals of the audio output without the headphone. 

| also tried measuring the output current level. 

But | found that peak dc voltage, or peak dc current does not mean the loudest audio output. 

| do not have a high frequency AC Voltmeter or db meter, so cannot get much out of this. 


Next, | tried to use some iPhone software that can measure the audio level in decibels. 
This seems to work quite well. | have created a device that can connect the earbud of my 2x150 ohm hearing aid 


earnhnne inta the mic of the iPhane without mich aans 
Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 182/387 


10/21/2019 Billy's DIY Dream Shop 


Then the software will pickup the audio signal form the mic and workout the peak output level. 
By comparing the peak output level (db), | will be able to compare the sensitivity of different crystal radios objectively. 
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There are multiple free db meter software on App Store. | found the measured value of the same audio level from 
different software varies a bit. In the worst case the variance can be +/50 % when you try to measure the same audio 
output with different software. 
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| also made an extensible frame to allow me to adjust the size of the air loop that can be used to compare with the FSL. | 
hope to find out what size Air loop will have the same sensitivity as the FSL. 
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Once | prove that FSL is really worth the effort and money, | may upgrade my 9" 230mm diameter FSL to 12" diameter 
(330mm wide). 


Posted 3rd September 2015 by Billy 


EN View comments 
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FOR ENTREPRENEURS 


1st September 2015 Iwon an award at the 6th Crystal Radio DIY contest 


| am very happy to win the award at the 6th Crystal Radio DIY contest in China. 
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Video Link 


Here is the prize and award certificates. 
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My post can be found here: 


The Chinese version here. 
http://www.crystalradio.cn/thread-625705-1-1.html 


An english version here 
http://theradioboard.com/rb/viewtopic. php ?f=2&t=6088 
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,  sca]" ~~ 


51-1 with/without power 
C1 (ipf-18pf) 


asa aa = es A 


LS: 23uH Choke 


Lë: 33uH Choke 


41 for 300 to 1500 e 


51-2 with/without power 


L1 using 2mm silver plated copper wire to wind 3 turns with a diameter of 25mm 


L2a using 1mm silver plated copper wire to wind 1 turn in opposite direction as L1. with a diameter of 25mm 


L2b same as L2a but wind 1 turn in same direction as L1. 


L3 same as L2b. 


L4 2uH Choke, can be DIY using 1.5M 1/4W resistor as the core, wind 30 turns using 0.07 to 0.1mm insulated copper wire. 


L5, L6 33uH Choke, can be DIY using 1.5M 1W resistor as the core, wind 100 turns using 0.07mm insulated copper wire. 


C1 Silver plated butterfly air variable capacitor (1pf-18pf) or other similar variable capacitor 


J1 for 300 to 1500 ohm headphone 


29th July 2015 


| just visited Tokyo and brought my umbrella crystal radio for AM reception, and my FM crystal radio for FM reception. 


Posted 1st September 2015 by Billy 


E Add a comment 


Crystal Radio Tests in Tokyo 


Both the AM and FM crystal radios picked up a few local stations with strong signals. 


| also visited Akihabara and bought a crystal radio earbud and another 1000 ohm hearing aid like ear bud. 
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AM Radio test 


https: //www.youtube.com/watch?v=ESItUNSQBdE [https://www.youtube.com/watch?v=ESitUNSQBdE] 


FM Radio test 


https: //www.youtube.com/watch?v=-zFnImwYf1M [https://www.youtube.com/watch?v=-zFnImwYf1M] 


Here are some photos from Akihabara. 
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Table 1-2. Partial Parts List. 


339 

741 

4194TK 

TVR2000 (available at Poly Paks) 
309K 

2 A 100 piv bridge rectifier 


- half of 2 A 100 piv bridge rectifier 
D5,6,9,15,16 1N4148 

D14 1N957B 6.8 V, 0.4 W zener diode 
ai 2N2646 

a2 2N4249 

Q3 MJE3055 

Q4 2N5550 

K1 ITT type 24402C18A 

R4,R9 dual section control; see text 
SCR1,SCR2 C103B 


Table 1-2. [C3 does not plug directly into the board; the holes in the 
board have been spaced out to assure clean etching. Solder a short 
wire to the outside of each pin of 1C3; insert the wires into the PC 
board and solder. A piece of aluminum was bolted to 1C3 as a heat 
sink. There are so many connections to the PC board from the 
external switches, controls, transformers, etc., that it was not 
possible to arrange for an edge connector on a board of this size; 
instead there are about 35 wires soldered at various points around 
the edge of the board and all are routed to one end of the board so 
that the board can be hinged outward from the chassis if parts on it 
need to be replaced in the future. 

All components fit nicely on a chassis 10” x 6” x 2” as shown 
in Figs. 1-34 and 1-35. 


Final Adjustments 

Switch S2 to reset. Leave S3 open. This disables the shut- 
down mechanism. Connect a high impedance voltmeter between 
pin 7 of IC1D and ground. Adjust R42 for a reading of 4.75 volts. 
Connect the voltmeter between pin 4 of IC1C and ground. Adjust 
R41 for a reading of 5.25 volts. 

Set the wiper of R33 to the end closest to R32. Connect a 
voltmeter between pin 6 of [C4 and ground. Adjust R31 so that the 
reading just goes to zero. 

If you are using a dual potentiometer for R4 and R9, proceed as 
follows: Set the wiper of R4 to the end closest to R3; the wiper of 
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Posted 29th July 2015 by Billy 


ES] Add a comment 


8th August 2014 


My blog [http:/Awww.crystalradio.cn/forum.php?mod=viewthread&tid=579221 &highlight=]  [https://www.blogger.com/blogger.g? 
blogID=2311644141825422235] 
My other blog articles 


My blog 
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R9 should then be at the end closest to R10. Connect a voltmeter 
between pin 13 of IC1A and ground. Adjust R2 until the reading just 
drops to zero. If you run out of adjustment with R2, interchange R6 
and R7 and try again. 

Connect the voltmeter between pin 14 of IC1B and ground. 
Adjust R11 until the reading just drops to zero. 

If you elect to use the switched resistors in Fig. 1-30, proceed 
as follows: Set the switch in Fig. 1-30 to the 5 mA position. 
Connect a load between the positive and negative output terminals 
of the supply and adjust the output voltage so that the load draws 5 
mA. Witha voltmeter from pin 13 of IC1A to ground, adjust R2 until 
the voltage just drops to zero. If you run out of adjustment with R2, 
interchange R6 and R7 and try again. Connect the voltmeter be- 
tween pin 14 of IC1B and ground. Adjust R11 until the reading just 
drops to zero. 


ADJUSTABLE BENCH SUPPLY 


How about constructing an adjustable voltage power supply 
that can have up to 1.5 amperes output with good load voltage 
regulation and full overload protection at minimal cost? Admitted- 
ly, a $5.00 estimate depends a lot on what parts are available from 
one’s junk box, but for just a few dollars spent on a new IC, one can 
have the “heart” of a very versatile power supply. 

An LM317 is an adjustable, three-terminal positive voltage 
regulator. Its simple external connections rather belie the com- 
plexity and performance features of the unit. As shown in Fig. 1-36 
it has only simple in/out connections and a minimum of three 
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Posted 8th August 2014 by Billy 


Es Add a comment 


& Squarespace Website Builder 


Y, Make and manage your own professional website with Squarespace's all-in-one 
platform. 
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Do you know that you can listen to radio without battery ? I am holding such a radio in my hand now. It’s all powered by the radio energy. 


I am going to share with you how I enjoyed my hobby - making crystal radios. We’ll explore what is a crystal radio, how to make one, and how you can 
benefit from this hobby. 


When I was 10 years old, I was attracted to an article about a magical radio that worked without battery. I saved a few dollars, bought some electronic 
components and tried to make one. To my disappointment, I could failed. At that time, there is no one to ask or talk to. And I have to drop this hobby. 


Last year, a youtube video about a special powerless radio caught my attention. I decided to re-do what I failed to do when I was a kid. I found a forum on 
the internet hosted in China called crystalradio.cn. After a lot of research and consulting people on the forum, I started making my first Crystal radio. I was 
overjoyed and could not sleep that night when I heard the the radio broadcast. Today, I have made more than 20 Crystal radios. As small as a pencil, and 
as big as as a Hula Loop. I even took part in the annual crystal radio DIY contest. My creation got into the second round, and ranked #12 of all the 40 
submissions. 


Now, let’s see how a Crystal Radio works. 


In the old days, Radios were big and expansive. They consume a lot of power as the vacuum tubes inside are big and hot. Then someone replaced the 
vacuum tubes with much smaller crystals. Not only smaller, these radio can also work without battery. By just harvesting the radio energy, you can listen 
to a radio broadcast using a head phone. When the signal is exceptionally strong, it can even drive a loud speaker. One other benefit is that as there is no 
amplification, you can listen to the original sound without distortion. 
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As technology advanced, crystals were replaced by a electronic component called diodes. 
You might now want to know how can you make a crystal radio ? 


The simplest crystal radio is made up of 4 components: an antenna, a ground connection, a crystal or diode, and a headphone. This type of radio can only 
receive a single station as it cannot be tuned. 


To add the tuning capacity, you can add a coil, a tuner (or capacitor). The tuner and the coil together allow you to tune to the station that resonant with a 
certain frequency. 


There are two types of crystal radios: 
The fixed crystal radios, and the portable crystal radios. 


Fixed crystal radios need a long antenna (10 meters or above), and a connection to the ground (your water pipe), to compensate for the smaller coil. The 
signal will be much stronger than the portable one. 


For example, these ones on the table are fixed crystal radios. 

I have the tiny crystal radio, a super crystal radio that can receive medium wave and short wave, and the big crystal radio. 
Portable crystal radios do away with the long antenna and the ground so you can walk freely with the radio. 
To compensate for the lack of a long antenna, you need a bigger coil, at least half a meter in diameter. 
Look at these, they are portable crystal radios. I can bring them to the street and listen to the radio. 

I have the umbrella crystal radio, the hula loop crystal radio, the hat radio, the filing cabinet radio. 

This one is a wearable crystal radio. 

One thing I must tell you. 

If you try to get on a plane with this on you’ll be treated very specially, like a terrorist. 

Feel free to try one of these crystal radios. 

You can also refer to these links if you are interested to make one. 

www.crystalradio.cn 

billydiy.blogspot.hk 


I find that having a hobby made my life complete. In the past, I just spent my spare time watching TV or films. It’s a good thing to relax. However, I find 
that I enjoy creating things more. Making crystal radio satisfy my inner drive of creativity. It also gave me the stamina to focus on my job. 


Do you have a hobby ? If not, I hope you can find one and enjoy it like I do. 


Posted 30th April 2014 by Billy 
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Fig. 1-35. Bottom view of power supply. 


simple external components are required. The output voltage is 
set by the ratio of tworesistors, R1 and R2. By making R2 variable, 
one can adjust the output voltage to be any value from a few volts 
less than the dc input voltage to the regulator down to a minimum of 
about 1.2 volts output. Thus, if the input dc voltage were 40 volts, 
the output voltage can be continuously varied from about 37 volts 
down to 1.2 volts. 

Although the output voltage is determined only by a resistor 
setting, the output voltage is regulated at any given setting. The 
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Posted 4th January 2014 by Billy 


ES) Add a comment 


18th October 2013 Ball Point Pen Crystal Radio 


Ball Point Pen Crystal radio has been featured in 007 movies as a tool for spies. It's been manufactured in the 50's for 
hobbies. Now it has become a collector item and cost above HK$1000. 

Now you can DIY yourself to make one without costing a fortune. 

And use it like a Spy. Nobody will know that the crystal radio is hidden inside a ball pen. 

Check out this Youtube Video: http://www.youtube.com/watch?v=VsNDloLwYPs [http://www.youtube.com/watch? 
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regulation will be about 0.1% going from no load to full load (1.5 
amperes, assuming the transformer/rectifier used for the de input 
voltage handles this current). The LM317 is also overload and 
thermally protected. If the current limit is exceeded, such as by a 
short circuit, the LM317 will simply “shut down.” If the regulator 
gets too hot, either because of excessive load current and/or 
inadequate heat dissipation, it will also protect itself. Although one 
can destroy the LM317 like any other IC, it is pretty hard to do with 
any sort of reasonable care. 

The manufacturer suggests two additional capacitors (C2 and 
C3) be used, which may prove useful in some applications. C2 is 
used to bypass the adjustment terminal to ground to improve ripple 
rejection. This bypass prevents ripple from being amplified as the 
output voltage is increased. About 60 dB ripple rejection is 
achieved without this capacitor, but it can be improved to about 80 
dB by adding it. A 10 mF or greater unit can be used, but values 
over 10 mF do not offer any significant advantage in further ripple 
improvement. The manufacturer particularly recommends the use 
of a solid tantalum capacitor type since they have low impedance 
even at high frequencies. An alternative is the use of the more 
readily available and inexpensive aluminum electrolytic, but it 
takes about 25 mF of the latter type to equal 1 mF of the tantalum 
type for good high frequency bypassing! C3 is added to prevent 
instability when the output load presents a load capacitance of 
between 500 and 5000 pF. By using a 1 mF bypass at the output 
(solid tantalum again or aluminum electrolytic equivalent), any 
load capacitance in the 500 to 5000 pF range is swamped and 
stability is ensured. Both C2 and C3 will not be required for many 
applications where the LM317 is being used with a specific load 


vV DUT, REGULATED 


5 
CASE 15 
TERMINAL 3 


Fig. 1-36. Basic adjustable voltage regulator circuit using an LM317. Nor- 
mally only three external components are needed, but C2 and C3 may be 
useful in certain situations as explained in the text. 
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12th October 2013 Simple AM Transmitter. 


Create an AM transmitter to broadcast your own AM radio station to test Crystal Radio. 
Range is within a few meters. 


Optional Transistor Capacitors Inductor 
Microphone A 


Resistors A A 


Mi Battery 
(can be replaced 


| -a with extemal power) 
Ys 


[http://3.bp.blogspot.com/-k0b9RVoeD-o/UlliE_exm2|\/AAAAAAAABgM/9_cVc0QnPI8/s1600/Screen+Shot+2013-10- 
12+at+10.33.36+PM.png] 


copper wire 2 melers as Antenna 


250pf | 


Low power NPN (283904, 2022224) 


280pTt V.L, 


Li: Wound 66 turns on a Lomi 100mm powder core, Lap al 33 turns Using 0. 4mm magnel wire. 


[http://3.bp.blogspot.com/-_IdsAQVXeY4/UIliE7UQzZSI/AAAAAAAABgl/6VxeycMemao/s1600/Screent+Shot+2013-10- 
12+at+10.47.17+PM.png] 


Posted 12th October 2013 by Billy 


E Add a comment 


25th September 2013 Portable Antenna Free Powder Core Crystal Radio 
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[http://4.bp.blogspot.com/- 
izv3DGadbUw/UkMCaJssgCl/AAAAAAAABeQ/p39Y_viIN8Jo/s1600/Screen+Shot+201 3-09-24+at+11.28.38+PM.png] 
Because space is limited, only thin-film variable capacitor can be used. 
However, it does not effect the function of the original circuit. 


The radio can receive all local stations without an antenna. 


When tested in the streets, | attracted some passers-by. They saw a transparent enclosure, and try looking for batteries. 
When they can not find it, they asked me why. 

| explained to them that a Crystal Radio runs without battery. 

They were amazed. 


Everybody try to classify crystal radio enthusiasts into types: technical, artistic. | think | might be practical, as | tend to 
create portable crystal radios that | can listen to on the road. 

For example, | can bring this portable radio to the office, stand it up as a normal file, and listen to crystal radio when | 
have a coffee break. 


[http://4.bp.blogspot.com/- 
HqJDAJAzIPw/UkMCaKAWXPI/AAAAAAAABeU/4HFZ6v_ 6jBA/s1600/Antenna-Free-Powder-Core-Coil-Crystal-Radio.png] 


[http://1.bp.blogspot.com/-- 
jORnWCTpIA/UkMCaCaiN4l/AAAAAAAABeY/plvWp5UHWH8/s1600/Screen+Shot+2013-09-24+at+11.29.03+PM.png] 


[http://3.bp.blogspot.com/- 
d8s4ZsgRUI4/UkMCvSyunMI/AAAAAAAABfM/aHaGstR9vlk/s 1600/Screen+Shot+201 3-09-25+at+10.09.40+PM.png] 
Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 274/387 


10/21/2019 Billy's DIY Dream Shop 


[http://1.bp.blogspot.com/-UdMo7FoYpmY/UkMCvR3keal/AAAAAAAABfQ/- 
Q6t8f7pt7w/s1600/Screen+Shot+2013-09-25+at+10.10.19+PM.png] 


x 


[http://3.bp.blogspot.com/- 
W5Yy5u_XLys/UKMCv5nFCcl/AAAAAAAABfY/ED4JKVPKKTO/s1600/Screen+Shot+2013-09-25+at+10.10.28+PM.png] 


[http://2.bp.blogspot.com/-1A8IxN30DEM/UKMCwAp7zBl/AAAAAAAABfg/BIWOFC7GSwg/s1600/Screen+Shot+2013-09- 
25+at+10.10.38+PM.png] 


[http://3.bp.blogspot.com/-3DBToSIGbOM/UkMCwx11b0I/AAAAAAAABfo/XY ItAyzvY08/s1600/Screen+Shot+2013-09- 
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[http://3.bp.blogspot.com/- 
ptWV 1nQ2PnY/UKMCxO4PChI/AAAAAAAABfw/wQeReC9hTzw/s1600/Screen+Shot+2013-09-25+at+10.10.55+PM.png] 


Posted 25th September 2013 by Billy 


oe) Add a comment 


18th September 2013 Crystal Radio Testing in Mumbai 


| brought my umbrella crystal radio to India. In a hotel close to the sea in Mumbai, | was able to receive a few local AM 
stations. The volume was really high. 
See this video. http://youtu.be/ip3z3q34NOE [http://youtu.be/ip3z3q34N0E] 


[http://3.bp.blogspot.com/-It4GcDMtXjl/Ujm4kInK9 1 I/AAAAAAAABd0/fESNZtEbARQ/s1600/Screen+Shot+2013-09- 
12+at+12.05.30+PM.png] 


[http://1.bp.blogspot.com/-HsVOyO- 
wEWI/Ujm4jlqfEJI/AAAAAAAABdAQ/OCAGtdubgeE/s1600/Screen+Shot+2013-09-12+at+12.04.56+PM.png] 
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[http://1.bp.blogspot.com/- 
It4GcDMtXjl/Ujm4kInK9 1I/AAAAAAAABd4/YZGUTFP0/7Ik/s1600/Screent+Shot+2013-09-12+at+12.05.30+PM.png] 


[http://3.bp.blogspot.com/-W0_Yk26Ydes/Ujm4mN_XPRI/AAAAAAAABds/8p-g9JvZcwY/s1600/Screen+Shot+2013-09- 
12+at+12.28.25+PM.png] 


[http://4.bp.blogspot.com/- 
vQeQ4INqHZc/Ujm4kwfyF SI/AAAAAAAABdY/aqVxHhQ6mec/s1600/Screen+Shot+201 3-09-12+at+12.05.52+PM.png] 


[http://3.bp.blogspot.com/- 
VNpSwlwYeFo/Ujm4IBXV96l/AAAAAAAABdw/0_bo67TmaQs/s1600/Screen+Shot+2013-09-12+at+12.27.16+PM.png] 
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Billy's DIY Umbrella Crystal Radio 


Create a batten-free crystal radio using an umbrella (diameter ~1M) as the Loop Antenna 


Umbrella Crystal Radio Circuit Diagram - http:i/billydiy blogs pot.hk 


3DP or 300 MOS FET 


y Q 3.5mm earphone Jack 


15th Turn Use 2 x 150 ohm hearing aid haadphone 


AWG 22 Insulated wire / 15 Turns wound on the bones of the umbrella. Total Inductance ls 270 uH 


Refer to http://billydily logspot.hk for detall instructions of how to use drink straws to wound the coll. 


[http://4.bp.blogspot.com/-ifl5C9xQo10/Ujm4jtD Tcyl/AAAAAAAABdg/FY muaggicmU/s1600/Screen+Shot+2013-09- 
12+at+10.33.52+PM.png] 


Posted 18th September 2013 by Billy 
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1st September 2013 Why Radio Reception is better at night? 


Why Radio Reception is better at night? 


In short at night the medium wave, short wave signals can transmit further because the ionospheric layer that bounces 
these medium wave and short wave signals all over the world gets thicker at night. In the morning when the sun is up, 
this ionoshperic layer gets thinner and the reflection of radio wave will not be as effective. Due to this effect, radio 
broadcasting station will lower their transmission power a bit to avoid broadcasting to another country. 


According to international regulations, a portion of the radio frequency range of electromagnetic waves is reserved for 
radio broadcasts. 


This is further divided into : 


e LW or long wave ( frequency range of 150 to 405 kHz ) , 

e MW or medium-wave ( 525 ~ 1605 kHz ) , 

e SW or shortwave ( 2.3 to 26.1 MHz, including 12 m section , see "SW Shortwave Frequency) , 
FM ( band divided from country to country , varies by region ) . 


SW Shortwave Frequency 


UHF Frequency (MHz) UHF Frequency (MHz) 


11 25.600-26.100 41 7.100-7.300 
13 21.450-27.750 49 5.950-6.200 
16 17.700-17.900 60 4.750-5.060 
19 15.100-15.450 75  3.900-4.000 
25  11.700-11.975 90 3.200-3.400 
31 9.500 -9.775 120 2.300-2.495 


Longwave lowest frequency depends mainly on the ground wave transmission, propagation distance, receiver 
performance is very stable throughout the year . Used mainly in European countries for domestic broadcasting. China 
has no long-wave radio stations. 


Mediumwave is also propagated by terrestrial transmission , similar to that of longwave similar, but influenced by the 
geographical environment - better over a level surface is better, e.g. fields, plains, sea. worse over the forest, mountains. 
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transmission. This will also mean that more radio stations from all over the world (local at home, and from the overseas) 
can be received and jammed into your radio, interfering one another. 


SW - shortwave is transmitted mainly by ionospheric effects by multiple reflections spread to thousands of kilometers 
away , even halfway around the world. This is how the international shortwave radio stations are broadcasted. The 
ground wave transmission distance for short wave (SW) is limited. 

As the short wave gets to your radio through several reflections, the signal strength will be unstable and the volume will 
fluctuate from time to time. So the high-end shortwave radios have automatic gain control circuit (AGC) to improve the 
stability of radio reception. 

Shortwave reception performances changes with time , season and weather conditions. Average winter sunny day is 
best, while raindy days in summer nights are the worst. 

In addition, your location may be within the quiet zones , namely the area between two reflections. The quiet zone 
varies by time and frequency. So some radio stations will broadcast using multiple SW frequencies simultaneously and 
adjust with the change of season. 


FM Radio FM mode is generally used for high-fidelity stereo broadcast , the division of the frequency range is complex 
because it need to jam into the limited spectrum left over from the television broadcasting channels. 

FM frequency range is different per country: E.g. Russia from 65.8 to 73 MHz, Japan, from 76 to 90 MHz, China, US and 
Europe 88 ~ 108 ~ 104 MHz or 88 MHz. FM signal and the television broadcast signal is propagated only on a straight 
line , so the FM program can only be received in the region locally. The general maximum distance does not exceed 
100 km. The reception is very stable as the signal is broadcasted over a straight line to a limited geographical location all 
under good control. Because the propagation distance is small, each region may be from a broadcast network , the 
same band can be reused. 


In summary, at night the medium wave, short wave signals can transmit further because the ¡onospheric layer that 
bounces these medium wave and short wave signals all over the world gets thicker at night. In the morning when the sun 


is up, this ionoshperic layer gets thinner and the reflection of radio wave will not be as effective. Due to this effect, radio 
broadcasting station will lower their transmission power a bit to avoid broadcasting to another country. 


Posted 1st September 2013 by Billy 


Es] Add a comment 


1st September 2013 TA7642+LM386 regeneration radio 


TA7642 (aka MK484) is an IC for AM and SW radio. It has all the circuit you need to make a regeneration radio of Auto 
Gain Control. Only need to add the LM386 to amplify the sound to drive the speaker. 
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[http://2.bp.blogspot.com/-zGJ2RSo65fo/UINN5M-Ckzl/AAAAAAAABc4/H2uxz_ni0QQ/s1600//MG_3457.JPG] 


| have ordered the circuit board from the Taobao shop and changed the circuit a bit to double it up as an amplifier for my 
other crystal radios. 
| also added a socket to insert an external radio coil, so | can connect my 1 meter diameter SW radio loop coil (made of 
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9mm copper tube, see last photo below), and change it to an Short Wave Radio. 


[http://2.bp.blogspot.com/-t8UIUSu63tg/UINNLdlAvfil/AAAAAAAABaw/gnHYsE6PwsY/s1600/Circuit+Diagram.JPG] 
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[http://1 .bp.blogspot.com/-HiH16WPULZQ/UINNLEPVWnl/AAAAAAAABa0/3REJI_8L104/s1600/IMG_3438.JPG] 
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[http://4.bp.blogspot.com/-jGQ-cgeqOnE/UINNLBKGFAI/AAAAAAAABas/2GE4bPygBIl/s1600/IMG_3439.JPG] 


[http://2.bp.blogspot.com/-602mLmOjsBM/UINNLSgqtcml/AAAAAAAABbE/GAS8Y bpigPZc/s1600/IMG_3440.JPG] 
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REGULATED 
OUTPUT 
VOLTAGE 


Fig. 1-37. This is a PC board layout for the regulator suggested by the 
manufacturer. R2 is shown as a multi-turn pot for ease of adjustment. The 
figure also shows the pin connections for an LM317 if itis obtained in the 
TO-220 plastic case. 


circuit. But if the LM317 is used as the heart of a general purpose 
bench type power supply, they should be included. 

Figure 1-37 shows a PC board layout and component place- 
ment diagram. This layout has been suggested by the manufac- 
turer, but there is no need to follow it exactly as long as all of the 
external components are grouped around the regulator with solid 
short leads. Figure 1-37 shows the LM317 in a TO-220 plastic case 
which is designated the LM317T. Most amateurs will probably 
prefer to buy the LM317 in the familiar TO-3 metal case and, in this 
case, it is the LM317K. But, when using the unit, note an important 
difference as compared to the old LM309K. The case on the 
LM309K was ground so one could simply bolt the thing down on a 
chassis for heat sinking. The case on the LM317K is the output 
terminal, so it must be properly insulated from a chassis. 

Various power supply ideas and considerations can suggest 
themselves for the LM317. For instance, R2, instead of being a 
variable resistor, can be replaced by switchable fixed resistors to 
obtain some of the commonly used supply voltages such as 6, 9, 12, 
15 volts, etc. This idea, plus a continuously variable output voltage 
position, is featured in the practical realization of a power supply 
using the LM317 as shown in Fig. 1-38. This supply will deliver 
fixed output voltages of 6, 9, 12, and 15 volts (depending upon how 
the trim potentiometers are set), plus a continuously variable 
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[http://3.bp.blogspot.com/-RQe0vbPO0okc/VINNMNANmJI/AAAAAAAABbl/nx0774VRwRM/s1600//MG_3441.JPG] 
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[http://3.bp.blogspot.com/-JekFB1Po5mE/UINNMSCEKGI/AAAAAAAABbM/JXbFjFNIjBs/s1600/IMG_3442.JPG] 
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[http://1 .bp.blogspot.com/-PluEVX5ztBw/UINNM4Se9rl/AAAAAAAABbc/lk_KjXh4eu0/s1600/IMG_3444.JPG] 
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[http://3.bp.blogspot.com/-UvZhMOpAjbk/UINNOKHZrRI/AAAAAAAABb4/3DbBPSU22xg/s1600/IMG_3449.JPG] 
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[http://3.bp.blogspot.com/-eyEuQuVNBtc/UINNO1VDIFI/AAAAAAAABcM/CKz_22MfA_w/s1600/IMG_3451.JPG] 
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[http://1.bp.blogspot.com/-8njHZaQqhhU/UINNQHAJiyl/AAAAAAAABco/x8rW 1 VptH8Q/s1600/Short+Wave+Big+Loop.png] 


Posted 1st September 2013 by Billy 


E View comments 


29th August 2013 Antenna-Free Powder-Core-Coil Crystal Radio 


You can now listen to an antenna free crystal radio on the street without carrying a big loop radio around. 


[http://4.bp.blogspot.com/-Dw4S-jKjN3s/UiAdAxqeEQI/AAAAAAAABY g/Ao6hPtYDh9E/s1600/Screen+Shot+2013-08- 
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[http://2.bp.blogspot.com/-D_R-juaEpdQ/UIAdGIH42Nl/AAAAAAAABZE/pMNHKBBhy31/s1600/Screen+Shot+2013-08- 
30+at+9.58.34+AM.png] 


Checkout this youtube video for the testing of this radio [http://youtu.be/kRPyu5_Lh-8] : 


Without worrying about sharing the same antenna, this one doubles up the radio wave energy using two separate 
powder core coils . 

L1 to receive the original radio signal and turn that into audio thru the MOS FET (G1/G2 & D). 

L3 to get a second copy of the radio signal, pump that thru L2 to energize the MOS FET (S). 

All coils are wound on a 25mm diameter PVC tube (or a 30ml Syringe) using Liz wire (0.04mm x 270). 

L2 & L3 shared the same powder core ( Insert 3 powder rods into the PVC tube each of 8mm (D) and 180mm (L). 

L1 is on its own powder core same size as L2 & L3, but must be at least 300mm away from that of L2 & L3. 

L1, L2 8 L3 must be at least 300mm away from any other metallic components I(i.e. VC) to have the best effect. 

L1 8 L3 : 55 turns (60 turns if your variable capacitor is 270PF only), L2: 5 Turns. 

L1 8 L3 : 55 turns (60 turns if your variable capacitor is 270PF only), L2: 5 Turns. 


Position both coil L1 and L3 to the middle of the Powder rod, and L3 immediately follows L3.. Then perform the following 
adjustments: 


1. Tune to a radio station of the lowest frequency, e.g. 567khz, then adjust the position of L1,L2,L3 to get the best 
reception . 

2. Tune to a radio station of the highest frequency, e.g. 1400khz, then adjust C3 to get the best reception. 

3. Repeat 1 & 2 a few times until you get best reception for both the low end and high end stations 
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Billy's DIY Antenna-Free Powder-Core-Coil Crystal Radio 


You can now listen to an antenna free crystal radio on the street without carrying a big loop radio around 

Without worrying about sharing the same antenna, this one doubles up the radio wave energy using two separate powder core coils 
L1 to receive the original radio signal and turn that into audio thru the MOS FET (G1/G2 & D) 

L3 to get asecond copy of the radio signal, pump that thru L2 to energize the MOS FET (5) 


G2 G1 
http: //billydiy.blogspothk 3DQ (SK143 p EJ 


L3: 55 turns L1: 55 Turns 


3000PF 


. 3.5mm earphone Jack (Output Impedence 1.5K) 
C1 & C2: AIR VC 360pf x 2 (operated from same dial 


Use 2x 150 Ohm hearing-aid ear piece in Series 


L2: 5 Turns 


All coils are wound on a 25mm diameter PVC tube (or a 30ml Syringe) using Liz wire (0.04mm x 270) 


L2 & L3 shared the same powder core (Insert 3 powder rods into the PVC tube each of 8mm (D) and 180mm (D 
L1 is on its own powder core same size as L2 & L3, but must be at least 300mm away from that of L2 & L3. 

L1, L2 € L3 must be atleast 300mm away from any other metallic components I(Le. VO to have the best effect 
L1 & L3: 55 turns (60 turns if your variable capacitor is 270PF only), L2: 5 Turns 


Adjustments: 


1. Tune to a radio station of the lowest frequency, e.g. 567khz, then adjust the position of L1,L2,L3 to get the best reception 
2. Tune to a radio station of the highest frequency, e.g. 1400khz, then adjust C3 to get the best reception 
3. Repeat 1 & 2 a few times until you get best reception for both the low end and high end stations 


[http://4.bp.blogspot.com/-xEY Em8n8vts/UiAdF5FA4il/AAAAAAAABY 0/mhqgvabmlA4/s1600/Circuit+ Diagram.png] 


[http://1.bp.blogspot.com/- 
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output of 1.2 to about 24 volts. All outputs can deliver at least 1.5 
amperes with the components specified. The supply is simple to 
build in any size metal enclosure suitable for the components used. 
The only precautions to observe are to firmly heat sink the LM317 
to one side of the metal enclosure and to keep the 0. 1 mF capacitor 
going from pin 3 to ground, the 10 mF capacitor going from pin 1 to 
ground, and the 120 ohm resistor going between pins 2 and 1, all 
connected directly at the LM317 terminals. The other components 
may be mounted wherever it is convenient to do so. 

The zener diode/resistor/LED combination at the output of 
the supply serves as a crude but useful voltage output indicator 
without having to build a regular voltmeter in the supply. The LED 
just starts to glow when the output voltage is about 9-10 volts 
(depending on the tolerances of the components used). The 1k 
resistor is adjusted so the LED just glows fully when the maximum 
output voltage is reached. So by using the fixed output voltage 
positions (which are adjusted using a good vom) and watching the 
LED, one can obtain a fairly good estimate of what the variable 
output voltage is set for. 


VERSATILE POWER SUPPLY 


Whether you need a supply to charge batteries, run a portable 
tape recorder or radio, operate relays, run your mobile FM rig in 
the house, or power op amps or logic, this circuit definitely de- 


SECONDARY 
12 TO 40 VOLTS (194) 


2A 


REGULATOR 
CIRCUIT OF 
FIGURE | 
(EXCEPT FOR 
R2) 


Fig. 1-38. A complete power supply using the LM317. The switch simply 
selects different 5k ohm pots which are set for 6, 9, 12, 15 and a variable 
voltage output. The latter 5k pot is front panel mounted. The function of the 
LED is described in the text. 
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Posted 29th August 2013 by Billy 
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12th August 2013 Portable Document Tray Crystal Radio 


Portable Document Tray Crystal Radio 
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13+at+10.03.46+AM.png] 


Make a battery-free crystal radio using a filing box. 
Place it next to the window to listen to radio stations without battery. 
You can also put it inside your briefcase or backpack and listen to crystal radio while you are traveling. 


How to make it: 


Find a plastic filing box, the bigger the better. The one | got is B4 (380mmx280mm). It'll be even better if you can find an 
A3 filing box. 
Then wound a radio coil inside following the instructions below: 


Make a card board coil mod same size as the filing box. Cut 9 slots 40mm deep, 10 mm wide at the edge of the boards. 
The number of slots must odd, as we need the wires to go above and below to create a spider web effect. This will be 
better for the radio signal reception. 


Get some regular electric wires size around SWG22. Wound 26 turns above and below the slots as shown in the video. 
How to wind a spiderweb radio coil. [http://www.youtube.com/watch?v=GHq7fVLr90l] 


Then fix the wire in place, by either ting each slot up with fishing wire or super glue or rubber gun. 
Drill some holes into the back of the filing box so you can tie the radio coil up. 


Drill more holes to hold the crystal radio components. 

We will need a MOS FET called (25K143, or 3DQ), a plastic variable capacitor that goes from 20pf to 270pf as you 
adjust the dial. 

A 3.5mm headphone socket. 


Two hearing aid headphones (300 Ohm) connected in series to a mono 3.5mm headphone jack. 


This radio operates without antenna nor ground. 
You can receive several local radio stations, and the sound is loud. 


You can also turn it into a briefcase crystal radio by adding a handle. 


[http://2.bp.blogspot.com/-8pkwlc_Hc5A/UgmbeVa1 FOI/AAAAAAAABXA/kG 1 3iltOSQw/s1600/Screen+Shot+2013-08- 
12+at+11.29.10+PM.png] 
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Billy's DIY File Cabinet Loop Crystal Radio 


Create a battery-free crystal radio using a B4 plastic file cabinet with the tuning coll 280mmx380mm. 


File Cabinet Loop Crystal RadioCircult Diagram - http://billydly blogspot.hk [ue | Gi 


3DQ (28K143) p s 


4700PF 


3.5mm earphone Jack 
Use 2 x 150 ohm hearing ald ear piece. 


26th Turn 


Coll: AWG 22 wire / 24 Turns ona cartoon paper of 280mm x 380mm , around 350uH 


[http://4.bp.blogspot.com/-x_j¡zJPm6wsl/Ugmbf93Devl/AAAAAAAABXU/ 6x6q-MVsSE/s1600/Screen+Shot+2013-08- 
13+at+12.13.52+AM.png] 


Posted 12th August 2013 by Billy 


Ee) Add a comment 


10th August 2013 


You need a crystal earphone to listen to the battery free crystal radio. 

I've been making the crystal earphone myself as it's hard to buy in Asia. 

A friend of mine helped me buy a few crystal earphone from US (Ceramic Earphone US $ 3.5). 
I compared the factory made crystal earphone (leftO with the ones I made myself (right). 

The result: the homemade crystal earphone won! 


The factory made one is not as loud as the homemade one, it's about 30% softer. The homemade one has better audio 
quality, with a much richer base than the factory made one. 


If you also want to own a look at my other posts: 


http://billydiy. blogspot.hk/201 3/03/build-crystal-earphone-for-crystal.html [http://billydiy.blogspot.hk/2013/03/build-crystal- 
earphone-for-crystal.html] 


http://www.crystalradio.cn/thread-390154-1-1.html [http://www.crystalradio.cn/thread-390154-1-1.html] 


[http://1.bp.blogspot.com/-42a2qLr9T 9w/UgY MV 1mCtyl/AAAAAAAABVg/Hqvq0bRZluo/s1600/Screen+Shot+2013-08- 
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Posted 10th August 2013 by Billy 


m Add a comment 


29th July 2013 


How Crystal Radio Works & useful links 
How Crystal radio work? 


Text explanation 
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http://www.crystalradio.net/nowitworks/index.shtml [http://www.crystalradio.net/howitworks/index.shtml] 


Earpiece 


[http://1.bp.blogspot.com/-1S4kzIMb2b8/UfZuLakK2wY I/AAAAAAAABVE/gXJNMI5PVoU/s1600/Screen+Shot+2013-07- 
29+at+9.28.45+PM.png] 


Video explanation 
http://www.youtube.com/watch?v=0-PParSmwtE [http://www.youtube.com/watch?v=0-PParSmwtE] 


Some useful links 


1. How to make a Foxhole radio [http://www.youtube.com/watch?v=vU8zaszyT YA] - The simplest crystal radio 


[http://4.bp.blogspot.com/-¡Am9LD1caE8/UfZvTnvJbhl/AAAAAAAABVM/pzoHg- 
Ish1g/s1600/Screen+Shot+2013-07-29+at+9.33.31+PM.png] 
2. Crystal Radio Forum in China - www.crystalradio.cn [http://www.crystalradio.cn/forum-3-1.html] 
3. Crystal Radio Forum in US - www.crystalradio.net [http://www.crystalradio.net/] 


4. http://www.radio-world.com.cn/forum.php?mod=forumdisplay&fid=5 [http://www.radio-world.com.cn/forum.php? 
mod=forumdisplay&fid=5] 


5. PE DIY Zz ZK- WEFHLDIY [http://www.ndiy.cn/forum-107-1.html] 
6. http://www.haodiy.net [http://www.haodiy.net/a/jishuwenzhang/shouyinjiwuxiandianDIY/shouyinji/] 
7. Online circuit diagram drawing tool [http://www.digikey.com/schemeit] 


8. My Chinese Blog - /)\ 5k 3% [http://billydiydreamshop.lofter.com/] 
Posted 29th July 2013 by Billy 
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Fig. 1-39. Regulated +13 volts as 2 amps using NPN transistors. 


serves a try. It's simple, uses a minimum of easily obtainable parts 
and, best yet, it works. 

The basic circuit (Fig. 1-39) is a simple two transistor regu- 
lated supply. One transistor, Q1, acts as areference voltage source 
and the other, Q2, acts as a series pass regulating element. 

The circuit is the same no matter what the output voltage. 
Only the transformer, zener diode, resistor R2, and possibly Q1 
and Q2 have different values. 


Circuit Theory 


The circuit consists of three sections—the transformer, rec- 
tifier and filter being one, the voltage reference another and the 
series pass regulator transistor the third. 

Pick your transformer for a slightly higher voltage than you 
wish to regulate. For example: for 12 volts regulated output, use a 
16to 19 volt transformer (a 6 volt and a 12 volt filament transformer 
in series). For 5 volts regulated output, a 6 V filament transformer 
is used. And for 15 volts output, use a 24 volt transformer. 

If you use a transformer capable of high current output, you 
may need to put a resistor in series with the output of the rectifier. 
This prevents the surge current, generated when the supply is 
turned on, from destroying the rectifier diodes. 

Of all the different rectifier circuits in use today, 1 prefer to 
use the full wave bridge. The bridge circuit has a higher output 
voltage than the standard full wave rectifier and a higher frequency 
ripple than the half wave, making it easier to filter. However, any 
type rectifier, as well as the conventional voltage doublers and 
triplers, can be used with no circuit degradation. 

For output filtering, I have found that using a 1000 uF 
capacitor for Cl provides adequate filtering. The more capaci- 
tance, the more filtering, so you can increase this value if you wish. 
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| designed a small gift box AM FM solar powered regeneration crystal radio.All wiring done with 
silver-plated wire to allow a variety of functions and AM FM coils to be placed in a 
120mmx90mmx40mm small box.Appears to be an ordinary wooden box, yet opens into a crystal radio. 


This cute gift box crystal radio can be a gift for the children. Promote interest in crystal radio. The 
machine can operate with or without power. 


AM circuit includes 100mm ferrite rod with a coil wound using 0.05x120 Iz wire. 


http://www.youtube.com/watch?v=i72Ir_EHQ6Q [http://www.youtube.com/watch?v=i72lIr_EHQ6Q] 
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[http://4.bp.blogspot.com/-pffGIIEktIk/UefdeZCU- 
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Posted 17th July 2013 by Billy 


(e) Add a comment 


6th July 2013 What is AM and FM ? 


What is AM and FM ? Are AM and MW the same thing ? 


Audible Frequency 


standard range of audible frequencies [https://en.wikipedia.org/wiki/Hearing_range] for humans is 20 to 20,000 Hz, 

However, the audible frequency ,e.g. the music , is not efficient to be broadcasted over radio wave nor can travel very 
far. 

To solve the problem, we will need something to carrier the music. This something is called the Carrier wave. 

Then we need to use a method to put the music onto the carrier wave and produce the ultimate radio wave that can be 
broadcasted. This method is called modulation. 


Common layman terms that are mostly right , but not always right. 


AM and MW usually means the same thing in layman terms. It means the broadcast radio transmitted at the 
frequency within the medium wave (MW) frequency range (or Band) -(540Khz to 1650khz) and modulated using 
AM (Amplitude Modulation). 


MW is a subset of a standard term called MF - Medium Frequency) that describe frequency range of 300Khz to 
3000Khz. See table below). 


Amplitude modulation means the carrier frequency is fixed all the time, but the amplitude of the carrier wave will 
vary according to the the wave of the music being carried. i.e. The amplitude is modulated by the music. 


FM and ultra short wave usually means the same thing in layman terms. lt means the broadcast radio 
transmitted at the frequency within the ultra short wave frequency range - 88Mhz to 108Mhz) and modulated 
using FM (Frequency Modulation). 


Ultra short wave is a subset of a standard term called VHF - Very High Frequency) that describe frequency 
ranna nf 20 Mhz ta 3RNMNQMhz Gea tahla halnun 
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See table below. 


Frequency modulation means the amplitude of the carrier wave is fixed all the time, but the frequency of 
the carrier wave will vary back and forth by a factor from the central frequency of the radio station you tuned into 
. This variation of frequency is according to the the wave of the music being carried. l.e. The frequency is 
modulated by the music. 


Aviation communication uses AM but at the frequency range just above the FM radio ? 


Pilots communicates with the airports at the Vivil aviation band - VHF 108Mhz to 136 MHz. 
However, the voice of the pilots are put on the carrier wave using Amplitude Modulation (AM). 
This is a good example to show that FM radio band, will sometimes be broadcasted using AM. 


Types of modulation 
AM 


is the name given to the method to put an audio signal (voice/music) onto the radio wave, called 
Amplitude Modulation - fixed frequency with the amplitude of the wave shifting according to the volume of the 
music. 


1. A standard radio wave of a fixed frequency (of that of the radio station) is first broadcasted. If no one music is 
played, the standard radio wave will have same amplitude (volume) all along, and you will hear silence from the 
radio receiver. 

When the music starts playing and feed to the transmitter, then depending on the volume of the audio signal 
(voice/music), the radio wave will go up or down in amplitude (or volume). 


This ups and downs in amplitude (volume is then translated by your radio receiver into audible sound coming 
form your headphone. 


FM 


is the name given to the method to put an audio signal (voice/music) onto the radio wave, called 
Frequency Modulation - fixed amplitude with the frequency of the wave shifting according to the volume of the 
music. 


Like AM, 1. a standard radio wave of a base frequency (of that of the radio station) is first broadcasted. If no one 
music is played, the standard radio wave will have same frequency all along, and you will hear silence from the 
radio receiver. 

When the music starts playing and feed to the transmitter, then depending on the volume of the audio signal 
(voice/music), the radio wave will shifts left and right in frequency within the frequency spectrum allocated to that 
radio station. E.g. RTHK2 may be broadcasting at 94.8Mhz +/-0.05Mhz. So, if music volume is low, it'll shift to 
94.75Mhz, if music volume is high, it'll shift to 94.85Mhz. 


What is LW, MW, SW1, SW2, Ultra SW ? 


LW, MW, SW and FM are all descriptions of the frequency range used in radio broadcasting. 


LW is short for Long Wave with a frequency range from 100Khz to 500Khz. It is a subset of the standard 
wireless terms we called LF (low frequency). 

MW is short for Medium Wave with a frequency range from 0.5Mhz (500Khz) to 1.7 Mhz (1700Khz). i.e. MF 
(medium frequency) 


SW is for Short wave, i.e. HF (high frequency) 
SW 1 is short for Short Wave One with a frequency range from 5Mhz to 10 Mhz. 
SW2 is short for Short Wave Two with a frequency range from 11Mhz to 19 Mhz. 


Ultra Shortwave is the range where FM radios are broadcasted. 70Mhz to 120Mhz. 
¡.e. VHF (very high frequency). 


Band name A IF Example Uses 
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Very low 
frequency V 
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Navigation [https://en.wikipedia.org/wiki/Radio_navigation] , time signals 
[https://en.wikipedia.org/wiki/Radio_clock] , Submarine communication, wireless heart rate 
monitors [https://en.wikipedia.org/wiki/Heart_rate_monitor] , geophysics 
[https://en.wikipedia.org/wiki/Geophysics] 


oo SN DO 


_low_frequency] 


Low frequency 


tos en wikipe Navigation, time signals [https://en.wikipedia.org/wiki/Radio_clock] , AM longwave 


[https://en.wikipedia.org/wiki/Longwave] broadcasting (Europe and parts of Asia), RFID 


dia.org/wiki/Low ae? a aes Nn e E 
[https://en.wikipedia.org/wiki/RFID] , amateur radio [https://en.wikipedia.org/wiki/Amateur_radio] 
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Medium 
frequency 
[https://en.wikipe 
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um_frequency] 


AM [https://en.wikipedia.org/wiki/AM_broadcasting] (medium-wave) broadcasts, amateur 
radio, avalanche beacons [https://en.wikipedia.org/wiki/Avalanche_ transceiver] 


2NTITIXxOOO:> 


(Ss) (2) te) = 


High frequency 3 Shortwave [https://en.wikipedia.org/wiki/Shortwave] broadcasts, citizens band radio 


[https://en.wikipe — [https://en.wikipedia.org/wiki/Citizens_band_radio] , amateur radio and over-the-horizon 
dia.org/wiki/High 3 [https://en.wikipedia.org/wiki/Over-the-horizon] aviation communications, RFID 
_frequency] O | [https://en.wikipedia.org/wiki/RFID] , over-the-horizon radar [https://en.wikipedia.org/wiki/Over-the- 


horizon_radar] , automatic link establishment 
M [https://en.wikipedia.org/wiki/Automatic_link_establishment] (ALE) / near-vertical incidence 
H skywave [https://en.wikipedia.org/wiki/Near_Vertical_Incidence_Skywave] (NVIS) radio 
Z communications, marine and mobile radio telephony 
1 [https://en.wikipedia.org/wiki/Marine_and_mobile_radio_telephony] 
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Very high 

frequency FM [https://en.wikipedia.org/wiki/FM_broadcasting] , television 
[https://en.wikipe [https://en.wikipedia.org/wiki/Television] broadcasts, line-of-sight ground-to-aircraft and aircraft- 
dia.org/wiki/Very to-aircraft communications, land mobile and maritime mobile communications, amateur 
_high_frequency radio, weather radio [https://en.wikipedia.org/wiki/Weather_radio] 


] 


Television broadcasts, microwave oven [https://en.wikipedia.org/wiki/Microwave_oven] 
, Microwave [https://en.wikipedia.org/wiki/Microwave] devices/communications, radio 
Ultra high astronomy [https://en.wikipedia.org/wiki/Radio_astronomy] , mobile phones 
frequency [https://en.wikipedia.org/wiki/Mobile_phone] , wireless LAN 
[https://en.wikipe [https://en.wikipedia.org/wiki/Wireless_ LAN] , Bluetooth [https://en.wikipedia.org/wiki/Bluetooth] 
| dia.org/wiki/Ultra , ZigBee [https://en.wikipedia.org/wiki/ZigBee] , GPS [https://en.wikipedia.org/wiki/GPS] and two- 
_high_frequency way radios such as land mobile, FRS [https://en.wikipedia.org/wiki/Family_Radio_Service] 
| and GMRS [https://en.wikipedia.org/wiki/GMRS] radios, amateur radio, satellite radio 
[https://en.wikipedia.org/wiki/Satellite_radio] , Remote control Systems, ADSB 
[https://en.wikipedia.org/wiki/Automatic_dependent_surveillance_%E2%80%93_broadcast] 


Super high Radio astronomy, microwave devices/communications, wireless LAN, DSRC 

frequency [https://en.wikipedia.org/wiki/Dedicated_short-range_communications], most modern radars 
[https://en.wikipe [https://en.wikipedia.org/wiki/Radar] , Communications satellites 
dia.org/wiki/Supe [https://en.wikipedia.org/wiki/Communications_ satellite] , cable and satellite television 
r_high_frequenc broadcasting, DBS [https://en.wikipedia.org/wiki/Direct-broadcast_satellite] , amateur 
radio, satellite radio [https://en.wikipedia.org/wiki/Satellite_radio] 


Extremely high 
| frequency 
| [https://en.wikipe 1 


Radio astronomy, high-frequency microwave radio relay 
[https://en.wikipedia.org/wiki/Microwave_radio_relay] , microwave remote sensing 


G 
dia. orghwiki/Extre 4 H [https://en.wikipedia.org/wiki/Remote_sensing] , amateur radio, directed-energy weapon 

E Z 

1 

0 


| mely_high_frequ [https://en.wikipedia.org/wiki/Active_Denial_System] , millimeter wave scanner 


Sho [https://en.wikipedia.org/wiki/Millimeter_wave_scanner] , wireless LAN (802.11ad) 
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Terahertz T 1/3. Experimental medical imaging to replace X-rays, ultrafast molecular dynamics, condensed- 
[https://en.wikipe | H|2 | O | matter physics [https://en.wikipedia.org/wiki/Condensed-matter_physics] , terahertz time-domain 
dia.org/wiki/Tera | Z 0 spectroscopy [https://en.wikipedia.org/wiki/Terahertz_time-domain_spectroscopy] , terahertz 
hertz_radiation] | O — computing/communications, remote sensing [https://en.wikipedia.org/wiki/Remote_sensing] , 
or Tremendou | r 3 
sly high T , 
frequency H 0 
[https://en.wikipe | F 0 
dia.org/wiki/Trem 0 
endously_high_fr 
equency] G 
H 
Z 
1 
1 
m 
m 
Posted 6th July 2013 by Billy 
ES) Add a comment 
4th July 2013 Sun bath for my crystal radios 


Last Sunday I went to the gold coast beach in Hong Kong. 
It's quite close to the FM radio transmission station. 
You can listen to the FM radio from the battery free FM crystal radio just by raising the antenna. 


I've also took this chance to take a good photo of all the different types of crystal radios I made. 


[http://3.bp.blogspot.com/- 
vtr2eymKSoM/UdVspfyA98l/AAAAAAAABRe/ONGIXklaRy8/s442/Screen+Shot+2013-07-01+at+5.57.45+PM.png] 
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[http://2.bp.blogspot.com/-x9uRI5r7_zl/UdVspf56XFl/AAAAAAAABRQ/pUrJpD 1wQJY/s513/Screen+Shot+2013-07- 
01+at+5.58.54+PM.png] 


[http://1 .bp.blogspot.com/-LRaBXnct1pU/UAVspShIfol/AAAAAAAABRU/8z7b8Wn46DIk/s469/Screen+Shot+2013-07- 
01+at+5.59.50+PM.png] 


Links to my chinese blog 


EE HL - http://www.crystalradio.cn/thread-389699-1-1.html [http://www.crystalradio.cn/thread-389699-1-1.html] 

. BABA HL - http://www.crystalradio.cn/thread-414334-1-1.html [http://www.crystalradio.cn/thread-414334-1-1.html] 

. SON HL - http://www.crystalradio.cn/thread-397792-1-1.html [http://www.crystalradio.cn/thread-397792-1-1.html] 

4. IEFA $ - http://www.crystalradio.cn/thread-390223-1-1.html [http://www.crystalradio.cn/thread-390223-1-1.html] 

5. FM ® WL - £ BR bd1234567 # Em AY Bl (F  http://www.crystalradio.cn/forum ... read&tid=220240 
[http://www.crystalradio.cn/forum.php?mod=viewthread&tid=220240] 

6. MAHATI - BAB # S En A eF http://www.crystalradio.cn/forum.php?mod=viewthread&tid=73497 
[http://www.crystalradio.cn/forum.php?mod=viewthread&tid=73497 |] 

7. AM / FMZ MRT HL - http://www.crystalradio.cn/thread-420838-1-1.html [http://www.crystalradio.cn/thread-420838-1- 
1.html] 


UU N e 
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The regulator also acts as a capacitance multiplier so that the total 
capacitance is the capacitance of C1 plus the capacitance of C2 
multiplied by the gain, h, of Q2: 


C, = C, th) + C, 


Resistor R2, the zener diode and Q1 form a voltage reference 
circuit. Set the reference voltage to about 1.5 V above the desired 
output voltage. The reference voltage is higher because there are 
two diode voltage drops between this point and the output. To 
determine the value of the zener current limiting resistor, R2, you 
must first know the gain of transistors Q1 and Q2. 

The dc gain of Q1 and Q2 can be found ina transistor specifica- 
tion manual. Gain, sometimes called Beta or h,,, is the ratio of the 
collector current to the base current that caused it. For example: 

for a transistor witha gain of 20, 1 mA of base current causes 20 mA 
of collector current. 

Now, knowing the transistor gains and the desired output 
current, you pick a value for R2 by calculating how much current 
must flow from the base of Q1 to make a corresponding amount of 
current flow from the base of Q2, to cause the desired output 
current flow into Q2. 

For example, we wish to have a regulated output voltage of 13 
V at 2.0 amps. The gain of Q1 is 70 and the gain of Q2 is 20. The 
voltage at point Ais 20 V. To cause 2.0 amps of current to flow from 
the base of Q2 must be 100 mA. 

I = Iot _ 2.04. —100mA 
> gain 20 


And similarly, to cause 100 mA of current flow into Q1, the base 
current must be 


100 mA 
== AA Se — l. ! 
Ib 70 4 mA 


If you use a 15 V zener diode, the voltage drop across R2 is 5 V,so 
from Ohm’s Law: 


R= = = 5 V/1.4 mA = 3.7k 


Let R2 be 3.3k. The reason for this lower resistance is that most 
transistors have less gain than that listed in -he specification book, 
so by using a smaller resistor more current will be available, 
making up for possible low transistor gain. This also gives you a 
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Posted 4th July 2013 by Billy 


E) Add a comment 


P pee Let's Make Your 
D- Business Official! | 


3rd July 2013 The simplest FM Crystal Radio 
The simplest battery-free FM Crystal Radio. 
Make the world's simplest battery-free FM crystal radio 


Only consists of two high frequency diode: 1N34A or ISS86 or ISS106. 
A 100K Resistor. 

An 1.8M antenna. 

And a crystal or high impedance earphone 


[http://1 .bp.blogspot.com/- 
x9Ir6oLJ978/UdQ_IBNisml/AAAAAAAABQE/pfbpj7x0Azs/s1600//MG_2607.JPG] 


Refer to this circuit diagram 
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1N344,1N48,44112, 5586, 155106 


D2 
3.5mm Mono earphone Jack for Crystal earphone 


[http://2.bp.blogspot.com/-G9onfk5x8FA/UdRDYhFFyAl/AAAAAAAABRA/mtiP8wF X78E/s639/Screen+Shot+201 3-07- 
03+at+11.28.54+PM.png] 


[http://4.bp.blogspot.com/- 
UVDtJdx6leQ/UdQ_IE_swzl/AAAAAAAABQM/ToNTHsm8pdc/s1600/IMG_2608.JPG] 
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A 


[http://1.bp.blogspot.com/-¡vFTMICBpKQ/UdQ_kx4Q35//AAAAAAAABQA/W1wxPVOezZk/s1600/IMG_2609.JPG] 


Posted 3rd July 2013 by Billy 


EN View comments 


28th June 2013 Other Crystal Radio Circuits 


240 Ohm Crystal receiver for FM (slope receiver) 
87-100 MHz 
AA112 /1N48 
; i, MES ae Crystal phone 
or 
2000 Ohm - 
phones 


L1: 3 1/2 turns 1 mm wire diameter (winding over L2) 
L2:4 1/2 turns 1.5 mm wire diameter 
coil diameter: 19 mm 


(C) Wumpus s Old Radio World, 1999 
[http://1.bp.blogspot.com/-ulELBKMZo-l/Uc2DPHecvZl/AAAAAAAABK8/AgJ9Anli42s/s573/2_101224175651_1.JPG] 


Posted 28th June 2013 by Billy 


(E) Add a comment 


28th June 2013 Wearable Battery-Free Jacket Crystal Radio 


Build an always wearable Crystal Radio by winding a coil at the inner linings of your jacket. 
You can walk with it, run with it, ride bicycle with it and continue to listen to radio. 
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[http://2.bp.blogspot.com/- 
tdd3lUhW9JM/Uc2ZTDN5LfI/AAAAAAAABNw/¡mid0OPV_fmU/s1600/I/MG_2383.JPG] 


[http://4.bp.blogspot.com/- 
h6QY ObgCJhE/Uc2ZTJbbUnI/AAAAAAAABNO/I3EgotNHT8U/s1600/IMG_2384.JPG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 315/387 


10/21/2019 Billy's DIY Dream Shop 


[http://2.bp.blogspot.com/- 
j¡g0ONTqzWly8/Uc2ZTPsMk6l/AAAAAAAABNk/9NWtloBUrwE/s1600/IMG_2385.JPG] 


[http://1.bp.blogspot.com/-qYLeo4x6eHl/Uc2ZUcyhcfl/AAAAAAAABO!l/da617jh7K0Qs/s1600/IMG_2388.JPG] 
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[http://1.bp.blogspot.com/-qYLeo4x6eHl/Uc2ZUcyhcfl/AAAAAAAABOU/oqw3100Q5SSuk/s1600/IMG_2388.JPG] 


Billy's DIr Jacket Crystal Radio 


Create a baten-free crystal radio using a jacket with the tuning coll 300mme400mm hidden inside the back of pour jacket. 


Jacket Radio Circuit Diagram - http: /fbillydly blogs pot.hk e2f lgi 
| 3DQ 


3DQ0(25K143) p 


1st Turn 


CH 20th Turn as Ground | 


22nd Turn 


4TODPF 


3.5mm earphone Jack 
Use 2 x 300 ohm reed headphone in Series 


or Crystal Earphone (replace 4700pf with 100K Resistor) 
Coll: AWG 22 wire / 22 Turns on a piece of cloth 530mm x 340mm , around 300uH 


Wound the coll on a plece of fabric to be attached to the back of your jacket to create the jacket radia 


[http://1.bp.blogspot.com/-dTQhQcSn_5s/Uc2aUpsH7ml/AAAAAAAABPw/VPUaOywgJIY/s790/Screen+Shot+201 3-06- 
28+at+10.14.20+PM.png] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 


318/387 


10/21/2019 Billy's DIY Dream Shop 


[http://4.bp.blogspot.com/-zk7AhAegsXQ/Uc2ZVI2Z3kl/AAAAAAAABOY/KH8dma6pRZ0/s235/Screen+Shot+2013-06- 
04+at+9.00.25+PM.png] 


[http://1.bp.blogspot.com/-9pm2x80WsdA/Uc2ZVtDK6xl/AAAAAAAABOg/ReHQwkYY8RY/s294/Screen+Shot+2013-06- 
04+at+9.00.47+PM.png] 
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[http://2.bp.blogspot.com/-U_H5k2MTg-w/Uc2ZV50UAgI/AAAAAAAABOo/yTd7REXxNVng/s325/Screen+Shot+2013-06- 
04+at+9.01.03+PM.png] 


Mame IMG_2380,JPG 


[http://1 .bp.blogspot.com/- 
ITHIlJ1HQGc/Uc2ZWAILx8I/AAAAAAAABO0/24gT2gO_ZvQ/s404/Screen+Shot+2013-06-04+at+9.01.50+PM.png] 
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Alario  IKAFZ FAIR? IB 
[http://4.bp.blogspot.com/- 
RglOZLtkEJU/Uc2ZWkHVdbl/AAAAAAAABPA/fyeH5ppVWdM/s396/Screen+Shot+2013-06-04+at+9.02.12+PM.png] 


[http://2.bp.blogspot.com/- 
holyCfigwDk/Uc2ZXIFdhxl/AAAAAAAABPQ/juheK5d07x4/s475/Screen+Shot+2013-06-04+at+9.09.30+PM.png] 
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safety margin, in case you need just a bit more current than you 
thought. 

In picking transistors for Q1 and Q2, not only must you pick a 
transistor with suitable gain but you must also choose it for its type 
(NPN or PNP), emitter-collector breakdown voltage (BV); col- 
lector current (1), and power dissipation. 

All of these circuits use NPN transistors. If you wish to use 
PNPs, reverse the polarity of the rectifier output, the filter 
capacitors and the zener diode. Isolate everything from ground. If 
you require that the negative lead be grounded, ground the emitter 
of Q2 (see Fig. 1-40). 

BV is the voltage at which the collector to emitter junction 
breaks down. For Q1 this voltage rating must be high enough to 
stand the difference in voltage between the rectifier output and 
ground, and for Q2 the rectifier output and the regulated output. 

The collector current (1) rating of each transistor is the 
maximum continuous collector current that the collector to emitter 
junction can safely pass. For Q2, this is the total output current 
which you require from the supply. 

Power dissipation is the maximum amount of power that the 
transistor can dissipate before it is destroyed. The power dissipa- 
tion rating is usually given for an ambient case temperature of +25° 
C. If you heat sink the transistor (which I recommend for Q2), you 
can exceed this dissipation by an amount which depends upon how 
well your heat sink dissipates the power. 

The output circuit consists of R3, a bleeder resistor chosen to 
allow a couple-of milliamps of current to flow, and capacitor C3, 
which acts as a high frequency filter to keep any zener noise or 
voltage spikes out of solid state equipment. 


Construction 
The circuit layout is not critical and almost any type of config- 
uration can be used. I have built the supply both on a piece of 
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[http://1.bp.blogspot.com/- 
HtsnQEDeYLQ/Uc2ZXP_6UAI/AAAAAAAABPI/eFawBMa4P04/s479/Screen+Shot+2013-06-04+at+9.09.59+PM.png] 


r mh | R 
a | | i 


[http://4.bp.blogspot.com/- 
RtT9MjHo9AM/Uc2ZXrU8JBI/AAAAAAAABPg/NNxsZ7F_cdE/s480/Screen+Shot+2013-06-04+at+9.10.08+PM.png] 
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Hot Deal At Oakland Ca!!! in Oal 
$650,000 


Great Deal At Oakland Ca!! in Oakland... 


į $499,000 O 


Hot Off Market Way Below Market... 
$140,000 


28th June 2013 AM/FM/Loop Crystal Radio 


[http://3.bp.blogspot.com/- 
W5MoCILOqOU/Uc2WU1CTbbI/AAAAAAAABNA/hH64_ FNxMpo/s436/Screent+Shot+2013-06-23+at+12.06.23+PM.png] 


Build a multifunction battery free crystal radio to listen to either AM or FM radio. 
You can also use the same radio to connect to a bigger loop coil to get stronger signal for the AM radio instead of relying 
on the smaller AM coil inside the radio. 


Parts you will need: 

A Diode that works in high frequency (200Mhz or above, e.g. AA112, 1N34A, 1N48, Iss86 or Iss106. 
A Diode that work in AM frequency e.g 1N34A, 1N60, BAT85. 

A quadruple PVC Variable capacitor with one end for 2x 20pf, the other end for 2x 140pf. 

50pf and 180pf fixed ceramic capacitor 

100K 1/4W resistor 

33uH Choke coil. 

AM radio coil - ferrite rod 

3.5mm mono headphone jack 

3.5mm stereo headphone jack with internal switches (for selecting whether to use the external big loop or the internal coil 
for AM. 

A 2 by 3 switch to select AM or FM. 

A high impedance 4K Ohm earphone or a crystal earphone. 


AM/FM/Big Loop Multipurpose Crystal Radio Circuit - http://billydiy.blogspot.hk 


FM Antenna - 1.2 meter 
VV Li: three Imm Silver coated copper wire twisted together, coll diameter 18mmiinside), Length 25mm. Total 5 turns 


G2: 50pf Ceramic Capacitor with legs cut down to ¿mm 
Di: 6s66 or 1N34A 


i Switch beiwean AM and FM 
C1: PVC VC 5-20p1 


J1: ext. Loop Coll, ground and tip as the coll, middle pin as the Taps a 
Jz 


WY | l | D2: BATAS A 
Switch inside J1| | senile won 
L2 Tr. | oy cs | 4700pf 
iF = 0 | El 
1 C4: PVC VC 30-280pF in the same case and controlled by same dial as C1 


12: Wound on a 19mmx50mm Ferrite Rod, Total 80 turns, 10th turn as ground 


External AM Antenna - 15-30 Meters, connect ground to water pipes 


[http://2.bp.blogspot.com/--ZAhsy2SRko/Uc2WUu2Gz6l/AAAAAAAABM8/czIHQFP1iPz1/s855/Screen+Shot+2013-06- 
23+at+11.22.21+AM.png] 
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To connect to external Loop coil for AM reception instead of using the internal AM coil, connect 3-color crocodile camp to 
the 3.5mm Stereo jack - white for the tuning, black for ground, yellow for the decoder diode. 


[http://3.bp.blogspot.com/- 
dfOGv1TIXME/Uc2WTw3VL8l/AAAAAAAABMs/hJaPbNYh4uQ/s415/Screen+Shot+2013-06-23+at+1.19.26+PM.png] 


[http://2.bp.blogspot.com/-966mXwGZozE/Uc2WVWmB2ILI/AAAAAAAABNY/P2KdoMFVIRO/s489/Screen+Shot+2013-06- 
23+at+12.07.13+PM.png] 
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[http://1.bp.blogspot.com/-UURJIV8VfBY/Uc2WTLqcLFI/AAAAAAAABMc/q9_Y7C47Zb8/s1600/IMG_2521.JPG] 


Posted 28th June 2013 by Billy 


E Add a comment 


28th June 2013 FM Crystal Radio 


Build a battery free FM crystal radio using 1mm silver plated copper wire 
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[http://2.bp.blogspot.com/- 
LyTLmJOD5ao0/Uc2SwAO-02I/AAAAAAAABL4/jKHY mvlimcE/s1600/IMG_2535.JPG] 


This FM radio runs without battery and you can listen to FM radio by just placing this close to your window. 
If reception is not good, you can attach an external FM antenna (or with antenna amplifier), instead of using the 1.2M 
radio antenna. 


Parts you will need: 

A Diode that works in high frequency (200Mhz or above, e.g. AA112, 1N34A, 1N48, Iss86 or Ilss106. 

A 0-12 pf AIR Variable capacitor - you can get a 0-22pf one, then remove all the copper plates and leave just 4. 
50pf and 180pf fixed ceramic capacitor 

100K 1/4W resistor 

33uH Choke coil. 

Silver platted copper wire 1mm diameter 

1.2meter radio antenna. 

3.5mm mini headphone jack 

A high impedance 4K Ohm earphone or a crystal earphone. 
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[http://3.bp.blogspot.com/- 
NhzpbldzMyU/Uc2SwLCh3Ll/AAAAAAAABL8/J7ym0UWhqak/s1600/IMG_2536.JPG] 


1.2M Antenna 


10344 or 5586 


= 


Li: ëmm diameter Copper Tube - 1 turn - inner diameter - 130mm, opening 50mm 
31; High Impedance 4000 Ohm earphone or Crystal Earphone 


[http://2.bp.blogspot.com/-84ZQcpL-iDM/Uc2DeEbsVzl/AAAAAAAABLE/vF4um1tHpws/s763/Screen+Shot+2013-06- 
28+at+8.36.46+PM.png] 
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[http://3.bp.blogspot.com/- 
NhzpbldzMyU/Uc2SwLCh3Ll/AAAAAAAABLO/eRdHX07f22w/s1600/IMG_2536.JPG] 


Posted 28th June 2013 by Billy 


ES View comments 


28th June 2013 Battery Free Loop FM Crystal Radio 


Battery Free Loop FM Radio using an 8-mm diameter copper tube. 


This FM radio runs without battery and you can listen to FM radio by just placing this close to your window. 
If reception is not good, you can attach an external FM antenna (or with antenna amplifier), to the Loop at the point 1/3 of 
the loop close to the ground. 


Parts you will need: 

A Diode that works in high frequency (200Mhz or above, e.g. AA112, 1N34A, 1N48, Iss86 or Iss106. 

A 0-12 pf AIR Variable capacitor - you can get a 0-22pf one, then remove all the copper plates and leave just 4. 
50pf and 180pf fixed ceramic capacitor 

100K 1/4W resistor 

33uH Choke coil. 

3.5mm mini headphone jack 

A high impedance 4K Ohm earphone or a crystal earphone. 

Some wires. 
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[http://2.bp.blogspot.com/-1QLVTR6aixl/Uc2EVLvYurl/AAAAAAAABLU/FHVgksSmYt0/s1600//MG_2527.JPG] 


[http://1.bp.blogspot.com/-1DHVXIxHi¡MY/Uc2EVCFGUKIl/AAAAAAAABLk/K03MBQ-90XM/s1600//MG_2528.JPG] 
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[http://1.bp.blogspot.com/- 
U8f34Fh_4EM/Uc2EVA6kKIQI/AAAAAAAABLY/al6O0Z2c5Edc/s1600/IMG_2529.JPG] 


[http://1.bp.blogspot.com/-ONsnEMeXv- 
g/Uc2EWEFWNnl/AAAAAAAABLo/apOdwwE1PKY/s1600/IMG_2531.JPG] 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 330/387 


10/21/2019 Billy's DIY Dream Shop 


Loop FM Crystal Radio Circuit - http://billydiy.blogspot.hk 


1.2M Antenna 


C2: 50pf Ceramic Capacitor with legs cut down to 2mm 


1N34A or l5586 


Li: mm diameter Copper Tube -1 turn - inner diameter - 130mm, opening 50mm 
31; High Impedance 4000 Ohm earphone or Crystal Earphone 


[http://1.bp.blogspot.com/-84ZQcpL-¡DM/Uc2DeEbsVzl/AAAAAAAABLA/R_rFIJDIWn8/s763/Screen+Shot+2013-06- 
28+at+8.36.46+PM.png] 


Posted 28th June 2013 by Billy 


EN View comments 


Bitdefender’ -56% pur Cytprspcurity BUY NOW 


Awareness Month discount! 


18th May 2013 Make a variable capacitor out of a CD case and a CD 


Make a variable capacitor out of a CD and a CD case. 


[http://2.bp.blogspot.com/- 
fiTMYANKRSQ/UZgpVKIgr8l/AAAAAAAABKY/BgEkJolSM4M/s1600/IMG_1865.jpg] 
Use CD that is transparent (without the magnetic/metal coating. 


[http://1 .bp.blogspot.com/- 
Izm_2BkhKVU/UZgmsAytz2l/AAAAAAAABI4/Rm2qMOQOIijil/s1600/IMG_1855.JPG] 


Cut a circular piece of aluminium paper foil (even better if you can use copper foil), a little bit smaller than the size of the 
CD. Then cut it in half. 
Paste one half of the aluminium paper foil onto the bottom of the CD case. 
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pegboard with the device leads serving as hookup wire, and on a 
printed circuit board. With the circuit board shown in Fig. 1-41, the 
electrolytic capacitors are mounted external to the board due to 


45 
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Paste the other half onto one side of the CD. 
Tape wires onto the aluminium paper. 


[http://4.bp.blogspot.com/- 
AhSFENvwWASA/UZgmsA2IIhl/AAAAAAAABI8/Im5waOADzDU/s1600/IMG_1858.JPG] 


Cut a circular piece of thin plastic film (as soon as you can find, yet strong enough to withstand the pressure and still 
insulate the aluminium foil from one another). 


Paste the plastic film onto the bottom of the CD case on directly top of the aluminium paper foil. 


Put the CD on top with aluminium paper facing down). 

Paste a plastic bottle caps on the centre of CD to function as the knob to turn the variable capacitor. 
In front of the CD case, open a hole slightly larger than the plastic caps. 

on the CD case. Close the CD case. 


[http://1.bp.blogspot.com/- 
ONHHtxWGxn4/UZgqEgChk6l/AAAAAAAABKk/8JVTjJD8ADg/s1600/IMG_1865.jpg] 


Test the CD Variable Capacitor using a Capacitance Meter. Mine can have a capacitance from 51pf to 233pf when 
turning the knob. You may be able to do better by pressing the CD and the CD case firmer together. Or replace the 
aluminium foil with copper foil. 


[http://4.bp.blogspot.com/-5bFY 1MxzH1w/UZgons TLu7I/AAAAAAAABKI/X4ureG3Esss/s1600/IMG_1860.jpg] 
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[http://4.bp.blogspot.com/- 
ocCLqbtDhVQ/UZgon6TKWGI/AAAAAAAABKM/9nSD9nMt6a4/s1600/IMG_1862.jpg] 


Posted 18th May 2013 by Billy 


2 View comments 


19th April 2013 Backpack Crystal Radio 


| was trying to bring the crystal radio out of the studio and into daily life. 

However, whenever | use my umbrella crystal radio or hat crystal radio, people would give me a strange look.If we can 
hide a 300mmx400mm rectangular coil inside he backpack , we can build a backpack crystal radio and listen to musics 
as you travel. 


And | did it! Checkout this youtube video: 

http://www. youtube.com/watch?v=MbV9e09-Dxw [http://www.youtube.com/watch?v=MbV9e09-Dxw] 

Although the volume of radio smaller than an umbrella, but you can still listen to some of the local radio stations clearly. 
| can listen to the crystal radio every day on my way to work. The radio is loud enough and even louder in locations with 
a better radio reception. 


Remember to leave me some comments (at the comment box) at the bottom of this if you have read this blog. 


Warning: If you are going on a flight or to a sensitive area, please remember to remove the coil from the backpack 
before going, otherwise you may not be able to board the aircraft. 
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Circuit Diagram 
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Backpack Radio Circuit Diagram - http: /billydiy.blogspothk 


INEO 
16th Turn 


20th Turn 
2x 20pf to 140pf VE 


1st Turn as Ground 3.5mm earphone Jack 


Coil: use any soft insulated wire (e q. AWG 22). Wound atota of 20 turns on a box 300mm x 400mm 
Then put the coll inside the cover of the backpack 
See further details on howto build the backpack radio at http: ¿¿Dillydiy blogspot. nk 


[http://1.bp.blogspot.com/-Q3ueJXI4Ak4/UXFleEDQC-l/AAAAAAAABBs/nzQDabrMuzw/s1600/Screen+Shot+2013-04- 
19+at+7.28.36+PM.png] 


Components you will need. 


A backpack 300x400 mm or more, the larger the diameter, the more sensitive the radio. 

The following instructions assume a 300x400 mm backpack. 

Diode IN60, IN34A, 

100K resistor, 

40pf to 280PF variable capacitor (you can get it from an old radio) 

3.5mm headphone jack, 

18 meters of thin wire 

A plastic battery case (those for two 2A Batteries) as a case for he crystal radio. 

Crystal headset or 2K ohms or more high-impedance headphones. If you do not have one, follow instructions here to 
make one. 


http://billydiy. blogspot.hk/201 3/03/build-crystal-earphone-for-crystal.html 


How to make it 


A. Backpack Antenna 


1. Found a a box the same size as the backpack. Then wind the wires around it to make the coil. A total of 20 turns are 
required. Then create a tap for the 16th turn. When finished, use tapes to tie the coil together. The coil inductance 
should be about 300uH. Then line-to-line capacitance is around 18PF. It will match well with a 20 pF to 280pF variable 
capacitor to tune into both radio stations at the low-end (531kHz) and the high-end (1453Khz). 

2. Cut the front cover of the backpack to create an opening to install the coil. 

3. Cut some more holes inside the backpack, to pass the wires inside the backpack to the side of the backpack. 

4. Create a small side pocket to hold the radio with some cloth and zippers 

5. Put the coil inside the opening created at the front cover of the backpack. 

6. Pass the wires from the coil through the opening to the side pocket of the backpack. 

7. Connect the the 1st turn to terminal 1, 16th turn to terminal 2, 20th turn to terminal 3. 
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[http://1.bp.blogspot.com/-2zShyrNeYOw/UXFletsHVSI/AAAAAAAABBO/2vz6rDDw6dQ/s1600/Screen+Shot+2013-04- 
19+at+8.33.56+PM.png] 


[http://3.bp.blogspot.com/- 
dazrCkp6ODQ/UXFlem2W7yl/AAAAAAAABB8/ZAJwpfJ9w1A/s1600/Screen+Shot+2013-04-19+at+8.34.19+PM.png] 
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[http://2.bp.blogspot.com/-KYYk7WNEXXs/UXFIfdkGrYl/AAAAAAAABCQ/mR_1Z080bN4/s1600/Screen+Shot+2013-04- 
19+at+8.35.47+PM.png] 


¡ 
[http://1.bp.blogspot.com/- 
AXInP3vvwHo/UXF le1gEfjl/AAAAAAAABCA/DLqzB13ZIU0/s1600/Screen+Shot+2013-04-19+at+8.35.02+PM.png] 
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[http://1.bp.blogspot.com/- 
_X74ZnSUDrl/UXFIFW_66vl/AAAAAAAABCI/fIdmEj8rjiM/s1600/Screen+Shot+2013-04-19+at+8.40.42+PM.png] 


B. Crystal radio (without coil). 


1. Drills holes in the plastic 2A battery box to install the headphone jack, variable capacitor and to pass the terminal 
wires. 

2. Get the headphone jack and a variable capacitor installed, tighten the screws. 

3. Refer to the circuit diagram and photos, weld the parts together. 

4. The switch lead is connected to the two stator variable capacitor used to select the low-end or high-end radio. 

5. Connect the ground wire from the headphone jack to terminal 1. 

Connected diode to terminal 2. 

Connect the variable capacitor stator to terminal 3. 
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[http://1 .bp.blogspot.com/-udghWYc-XzU/UXF lg-iJU8I/AAAAAAAABC4/IthXiUY-Z30/s1600/Screen+Shot+2013-04- 
19+at+8.44.11+PM.png] 


[http://2.bp.blogspot.com/- 
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[http://2.bp.blogspot.com/- 
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C. Connect the backpack antenna and the Crystal Radio together. 


1. Attach the crystal radio to the side pocket of the backpack with a sticky tape. 

2 Connect the terminal from the crystal radio to that of the backpack coil. 

3. Plug the Crystal headphones into the headphone jack. 

4 Place the backpack radio near a window or get to the streets to find an open space. 

This backpack radio does not require a ground/earth connection, so you are free to walk on the street. 

Align the backpack radio with the direction of the radio transmitting stations, slowly swing the backpack sideways to find 
the right location for best radio reception. At the same time, turn the knob of the variable capacitor tunes to radio stations. 
If you are located at a wide open space, you should be able to receive signals from a radio station. And then continue to 
adjust the angle to find the best reception. 

You also can turn the switch on or off to select the low-end or high-end radio stations. 


[http://2.bp.blogspot.com/-vagNCSvSIEE/UXFlgz-aC1l/AAAAAAAABC8/IrTIWW9_ -TE/s1600/Screen+Shot+2013-04- 
19+at+9.25.15+PM.png] 
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mUzUqlWXWUA/UXFIglMJj9l/AAAAAAAABDI/JsSniw1UEhQ/s1600/Screen+Shot+2013-04-19+at+8.42.22+PM.png] 
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their large physical size. This figure also shows Q2 mounted on the 
board. While this will work for low power applications (one exam- 
ple is the supply running my TR22), 1 would suggest that you heat 
sink this transistor, as it does pass the total load current and can get 
warm. 

You will notice that there is a break in the land coming from 
the positive output of the bridge. This is where R1, which must be 
heat sinked externally from the board, is connected. If you do not 
use R1, connect a jumper in its place. 

I used a resist marking pen to draw the circuit on a PC board. 
You can do the same or make a photographic negative and use the 
photoresist method of making a board. The board in Fig. 1-41 is 
shown full size. I have mounted all of my supplies inside Bud 
boxes, and, as there are quite a variety of Bud boxes, no two 
supplies look alike. The only precaution is to mount the heat sinked 
transistor, Q2, where its case cannot be accidentally shorted to 
ground. If possible, mounting it on an attachable heat sink and 
mounting the heat sink inside the box (with a few ventilation holes) 
will work fine. 


INEXPENSIVE POWER SUPPLY 


Here is a cheap but very adequate way to obtain 5 to 15 
regulated volts. 

Output regulation is typically on the order of .1 volts for loads 
from a few milliamps to 4 amps or so, depending on the components 
used. This circuit is very noncritical and easy to get going. Withit, 
just about any reference voltage may be had. The only requirement 
is that the unregulated dc voltage supplied to the regulator cir- 
cuitry must be few volts greater than the reference voltage of the 
zener. 

The transformers I used were two 6.3-volt filament junk box 
specials with the primaries connected in parallel for 110-volt prim- 
ary voltage. 220-volt primary may be used for wiring primaries in 
series. Caution must be used to keep the phasing correct. If you get 
no output, change the pairing of wires in the primary. 

With the full-wave circuit described in Fig. 1-42, the unregu- 
lated output should be about 17 volts or so. This should be adequate 
for the regulation of 12 volts. 

If you want 14 or 15 volts regulated, you may need to increase 
the unregulated voltage to the regulator circuit. A full-wave bridge 
should do this. 

However, the pass transistor (or Darlington, whichever you 
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Posted 19th April 2013 by Billy 


EN] View comments 


12th April 2013 Battery-free Loud Huge Pipe Crystal Radio 


Imagine building a huge crystal radio using PVC pipes as the wiring frame 
that is loud enough to drive the speaker. 
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[http://4.bp.blogspot.com/-1keQ1A93uUI/UWrmRcNMhpl/AAAAAAAABAo/0fRnzzDFLQw/s1600/Screen+Shot+201 3-04- 
15+at+1.09.32+AM.png] 


| saw this in the discussion forum in crystalradio.net.cn and try to build it with my own design. 
This is a huge crystal radio 1.5 meter high, .3 meter wide with the coil wound on the plastic pipes you used to run electric 
wires into the walls. The pipes are exceptionally cheaper than | thought, only HKD 6 per 3 meters. 


Setting up the framework takes one hour, and winding the coil another hour. 

After all the hard work, | did it! The audio output level is two times louder than the umbrella radio and you can really drive 
the speaker. It's so loud that | end up adding a volume control to lower down the sound so | can listen to music while 
getting to sleep. 

Checkout this youtube video: 


http://www.youtube.com/watch?v=difYPuzWj4M [http://www.youtube.com/watch ?v=difYPuzWj4M] 


You can follow the instructions below to make this. 


Remember to leave me some comments (at the comment box) at the bottom of this if you have read this blog. 


CIRCUIT DIAGRAM 
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Backpack Radio Circuit Diagram - http: /billydiy.blogspothk 


INGO 


16th Turn 


2x 20pf to 140pt VER 


1st Turn as Ground 3.5mm earphone Jack 


Coil: use any soft insulated wire (e.g. AWG 22. Wound atota of 20turns on a box 300mm x 400mm 
Then put the coll inside the cover of the backpack 
See further details on howto build the backpack radio at http: //billydry. blogspot nk 


19+at+7.28.36+PM.png] 


Parts you'll need. 


oOo NOOA ON = 


here: 
How 


. Diode IN6O, or IN34A 

. Variable Resister 100K type B (for volume control). 

. 30pf to 360pf Variable Capacitor (you can get it from an old radio if you cannot buy it), 
. 2.5mm earphone jack, 

. 3.5 meter of thin wires in three different colours (black for earth, red for antenna, orange for detector) 
. Three crocodile clamps of the same colours. 

. A transparent plastic case for the crystal radio. 6ommx40mmx20mm 
. A crystal earphone. If you do not have it, you can buy it from amazon or e-Bay (around HKD 100 including all 
the handling fees) or make one yourselves at HKD 10 following the instructions from my other blog posting 


to make a crystal earphone’ for crystal radios  [http://www.blogger.com/blogger.g? 


blogID=2311644141825422235#editor/target=post;postID=1827613235001197062] 


ALf15x9ipPO/UVOZUFSOrRl/AAAAAAAAA38/Xf4NU5Wtze4/s1600/Screen+Shot+2013-04-04+at+4.02.38+PM.png] 
9. 70 meters of any insulated wires. | used the AWG 22 plastic wire. You can also use AWG 26 which is thinner 
and lighter. However, the thicker the wire, the more radio wave you capture and the higher sensitivity and 


[http://2.bp.blogspot.com/- 


higher audio output. 
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[http://2.bp.blogspot.com/- 
rYyEBQEY_B4/UVmUKnniVil/AAAAAAAAA0Q/iua6obT9I6AQ/s1600/IMG_1200.JPG] 


You can get most of these from electronic ships in Shamshupo, except the variable capacitor. You can 
easily buy some old recycled walkman with radios for HKD20-50 from the hawkers in Ip Liu Street in 
Sham Shui Po. The other way is to go to taobao.com to buy them online and ship to HK. The goods is 
RMB 5, but the shipping fees is minimum RMD 30, so not worth it unless you buy in great quantity. 
For the Crystal Earphone, it's very hard to buy nowadays. Refer to my other post to make one 
yourselves. DIY Crystal Earphone for Crystal Radios [http://billydiy.blogspot.com/2013/03/build-crystal- 
earphone-for-crystal.html] 


From the Hardware store: 


1 0 . Buy 3 x 20mm diameter PVC pipes , each 3 meters long - around HK$6 each (ask the shop keeper to cut it in half so you will have 6 x 1.5meter pipes, easier to carry home). 
u. 8x Lshape PVC pipe joints for 20mm pipes - around $1.5 each 
12. 8x T shape PVC pipe joints for 20mm pipes - around $1.5 each 


[http://1 .bp.blogspot.com/-8MIAYBPNieQ/UWrmUGn8Pgl/AAAAAAAABBA/39ZU YA-DFrE/s1600/Screen+Shot+2013-04- 
15+at+1.10.57+AM.png] 


TOOLS 


1. Solder Iron 
2. Saw 
3. White Tapes 


HOW TO MAKE IT. 


A. Create the Hug Pipe Antenna 


1. First build the wiring frame: 


e Use the saw cut out the pipes into the following pieces: 


e 4x 1.5 meter pipes 
e 4x 470mm pipes. 
e 4x 270mm pipes 
e 8 x 35mm pipes for connecting T-Joints and L-joints together 
e« connect one 470mm pipe to a L-Joint then to a 35mm pipe then to an T-joint. Then connect the 270mm 
pipe to the T-Joint. 
e Repeat the above to create the base and the top as below. 
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[http://1 .bp.blogspot.com/-bhOdkEeMbY Y/UWrmUFhfAyl/AAAAAAAABBI/szll001q-Gs/s1600/Screen+Shot+2013-04- 
15+at+1.11.10+AM.png] 
e Now insert the 4 x 1.5 meter pipes into the T-joints (connecting the square base with the square tops). 
e Fastern the joins by applying pressure. 


[http://3.bp.blogspot.com/-sj- 
pnbjhi98/UWrm28ihP5I/AAAAAAAABBQ/9Rq2RZNoQas/s1600/Screen+Shot+2013-04-15+at+1.11.54+AM.png] 


2. Put the white tapes onto the 4 edges of the base and the top of the frame. Then put a mark on the tape every 
20mm. This is the separation between coils. 
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[http://1.bp.blogspot.com/-60fMfQJ6aNk/UWgDgscyt1I/AAAAAAAAA_k/MFIUQpX1B1g/s1600/IMG_1310.JPG] 


3. Put another tape onto the first tape, for sticking the wire in place. 
4. Start winding the coil. Lift up the outer tape, put the wire it at the places that we marked, and stick the outer 
tape to hold the wire, then continue the wind all the 17 turns. 


[http://4.bp.blogspot.com/-1LAX7awkscM/UWgDnpkzU5l/AAAAAAAAA s/lwkKt3quUS4/s1600/IMG_1311.JPG] 


5. After winding is done, create the tabs by cutting out the jacket of the wire and expose the copper inside for 
every turn. At around 80mm above the base. 

6. If you have a inductance meter, measure the inductance of the whole coil. lt should be close to 300 uh. As 
shown below, the inductance of the coil is around 294 uH 


[http://2.bp.blogspot.com/-1hLmBI9EIf8/UWfwOGp-Oxl/AAAAAAAAA- 
M/eJV6TJ92p1Y/s1600/IMG_1280.JPG] 


B. Make the crystal radio (without the coil). 


—Dh 


. Drill holes on the plastic case to fit the earphone jacks, variable capacitor knobs, and the variable resistor knobs, 
and one more hole to pass the wires for the crocodile clamps, and one more hole for a thin wire to hang the box. 

. Mount the earphone jacks , the variable capacitor and the variable resistor onto the case and fasten the screws. 

. Refer to the circuit diagram and the real life wiring photo, solder the parts together. 

. Connect a black wire to the ground of the Jack and connect the other end to a black crocodile clamp. 

. Connect a white wire to the tip C1 of the variable capacitor. 

. Connect an orange wire to the diode and connect the other end to a yellow crocodile clamp. 


Dok W DY 
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[http://2.bp.blogspot.com/-KB-_5OFCxEg/UWf4MAx0hLI/AAAAAAAAA-w/sKXMpRWu6zk/s1600/Screen+Shot+2013-04- 
12+at+8.03.34+PM.png] 


[http://4.bp.blogspot.com/-zpN-V5fYIGk/UWf3ymcjDJI/AAAAAAAAA-o/mTmsqaNg290/s1600/IMG_1301.JPG] 


C. Put the Huge Pipe Antenna and the Crystal Radio together. 


1. Stand the huge pipe radio next to the window. Use some boxes to raise the frame at least 80mm 
above any concrete or steel platforms. Otherwise, all the radio signal will be drained to the earth 
through these concrete or steel frames of your window. 

2. Connect black crocodile clamp from crystal radio (for ground) to the tab of the turn O (beginning of 

the coil). 

. Connect the red crocodile clamp (for tuning) to the tab of the last turn (end of the coil). 

. Connect the yellow crocodile clamp (for detector) to the tab of the 14th turn. 

. Plug a crystal earphone to the earphone jack of the radio. 


Oo KR w 
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7. Point the huge pipe antenna coil towards the location of the transmitters , or try swing it sideways 
slowly to find the right spot. At the same time turn the knob of the variable capacitor to tune to a 
station. 

8. If your window is facing a wide open space you should be able to tune to a station. If your window is 
blocked by another building, then then the signal may be weaken. But keep trying. 

9. Once you find the best spot, you can try moving the yellow crocodile clamp up or down to the the 
other tabs to see if you can get a louder signal. Depending on the actual situation, you may need to 
make more tabs on the other turns to get the loudest signal. Also, by connecting to different tabs, you 
can tune into other part of the AM radio frequency to tune into more radio stations. 

10. Good Luck and Happy Listening. 


Posted 12th April 2013 by Billy 


ES) Add a comment 


e d Protect your digital world with 
Bitdefender: -56% e geen: BUY NOW 


4th April 2013 Battery-free Hat Crystal Radio 


Continuing on with the Umbrella Crystal Radio 
[http://billydiy.blogspot.hk/2013/04/umbrella-crystal-radio.html] , Billy's DIY 
Dreamshop brings you the Battery-free Hat Crystal Radio. 


Inspired by my friend, and following the similar concept as the umbrella radio, | want to shrink the spiderweb coil from 1 
meter in diameter down to 0.3 meter. This will fit nicely on something you can wear, for example a hat or a necklace. 


And | did it! Though the audio output level is only half of that of the umbrella radio you can listen clearly to 3 HK local 
radios from an open area. 


Now, you can wear a hat and listen to radio! Just make sure you point your hat at the direction of the radio transmitters 
see this link. Hong Kong AM Radio Stations and Transmission Locations [http://billydiy.blogspot.hk/2013/04/hong-kong-am- 


radio-stations-and.html] 


You can follow the instructions below to make this. 


Remember to leave me some comments (at the comment box) at the bottom of this if you have read this blog. 
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CIRCUIT DIAGRAM 
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Billy's DY Hat Crystal Radio 


Create a mobile crystal radio with the hat (500 mm diameter) as the tuning coll 


Hat Crystal Radio Circuit Diagram - Bhitp:/billydly blogsipot.hk 
INGO 


ist Turn as Ground 


3.5mm earphone Jack 


Coil: use any soft insulated wire (e.g. AWG 22 or AWG 26). Wound a total of 22 turns on rim of the hat 
Sae funhor details on how to wound the wires first using a bucket of the same size al htp:'billydly.blogspothk 


Diameter of the first tums are all 300mm the larger the diameter the better the reception. 
Siart winding the 1st ium 20mm from the edge to avoid wire spill cut when you move the hat. 


[http://3.bp.blogspot.com/-CeHfFT2VkjA/UXEXAFbEoFI/AAAAAAAABDg/053rnpWT9XA/s1600/Screen+Shot+2013-04- 


19+at+10.38.24+PM.png] 


Parts you'll need. 


1. A straw hat with a diameter of 500mm or above, the larger the diameter, the louder will be your radio. The following 


COND OO BW ND 


9 


instructions assumes a 500mm-diameter hat. Adjust the length of wires you need accordingly if you have a bigger 


hat. 


. Any thin wire of any thickness to wound a coil of 22 turns and diameter 300mm around the hat. 


. Diode IN60, 
. Resister 100K, 


. 270pf or 360pf Variable Capacitor (you can get it from an old radio if you cannot buy it), 


. 3.5mm earphone jack, 


. 1.5 meter of thin wires in three different colours (black for earth, red for antenna, orange for detector) 


. Three crocodile clamps of the same colours. 
. A transparent plastic case for the crystal radio. 6ommx40mmx20mm 


10. A crystal earphone. If you do not have it, you can buy it from amazon or e-Bay (around HKD 100 including all 
the handling fees) or make one yourselves at HKD 10 following the instructions from my other blog posting 


11. Twenty five meters of any wires protected by rubber stealth. | used the AWG 22 plastic wire. You can also 


here: 
How to make a crystal earphone for crystal radios 
blogID=2311644141825422235#editor/target=post;postID=1827613235001197062] 


[http://www.blogger.com/blogger.g? 


[http://2.bp.blogspot.com/- 
ALf15x9ipPO/UVOzUFSOrRl/AAAAAAAAA38/Xf4NU5Wtze4/s1600/Screen+Shot+2013-04-04+at+4.02.38+PM.png] 


use AWG 26 which is thinner and lighter. However, the thicker the wire, the more radio wave you capture 


and the higher sensitivity and higher audio output. 
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Fig. 1-42. Full wave circuit. 


REGULATED 


decide to use) will run cooler with the lowest possible unregulated 
voltage on it to maintain good regulation. To determine what is 
adequate, try the full wave first and measure the regulated voltage 
output. If it varies more than a volt on full load from the supply, an 
increase in the unregulated voltage is needed and a full-wave 
bridge should be used. 

Ul, the op amp, can be any type of 709, 741, etc. It is 
operating with essentially an open-loop gain, and its job is to bias 
the Darlington or pass transistor. When the unregulated voltage 
wants to drop, the noninverting input referenced by the zener 
diode and the inverting input of the op amp “see” a difference 
voltage and amplify it, supplying the base additional bias which 
enables Q1 to amplify more and hold the regulated output constant 
by pulling the voltage back up. 

The reference voltage in the noninverting input of the op amp 
is determined by the zener reference. I use a 12-volt zener and a 
regular silicon diode, connected as illustrated in Fig. 1-43. 

The pair gives about 12.6 volts as a reference—12 volts for 
the zener and about a .6 drop across the silicon diode. The zener 
alone could be used for just 12 volts, or more diodes could be used 
for .6-volt increases for each additional diode used with the zener. 

C1 is any old filter capacitor—the more capacity, the better. 
And, of course, it is rated for at least the unregulated voltage. 

Q1 is the main factor in determining the current that can be 
taken from the supply. The larger the maximum collector current 


y Zi 12 VOLT 12 5 
Fig. 1-43. Zener reference circuit. DI ANY EA if 
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[http://2.bp.blogspot.com/- 
rYyEBQEY_B4/UVmUKnniVil/AAAAAAAAA0Q/iua6obTI6AQ/s1600/IMG_1200.JPG] 


You can get most of these from electronic ships in Shamshupo, except the variable capacitor. You can 
easily buy some old recycled walkman with radios for HKD20-50 from the hawkers in Ip Liu Street in 
Sham Shui Po. The other way is to go to taobao.com to buy them online and ship to HK. The goods is 
RMB 5, but the shipping fees is minimum RMD 30, so not worth it unless you buy in great quantity. 
For the Crystal Earphone, it's very hard to buy nowadays. Refer to my other post to make one 
yourselves. DIY Crystal Earphone for Crystal Radios [http://billydiy.blogspot.com/2013/03/build-crystal- 
earphone-for-crystal.html] 


TOOLS 


1. Solder Iron 
2. Leather hole puncher for cutting 2mm holes. The paper hole puncher is too big. You can use a nail to cut the 
hole if you do not have the leather hole puncher. 


HOW TO MAKE IT. 
A. Create the Hat Antenna 
1. First let's create the hat antenna. Use the hole cutter or a sharp object to cut two small holes on the rim of 


the hat at least 20mm from the edge. This is for tying the wire to hold the coil in place. Repeat this at the five 
other places around the hat so you can hold the coil firmly later on. 


[http://4.bp.blogspot.com/-893XFDdMY dM/UVOk8P5lzol/AAAAAAAAA20/SigSne79_kA/s1600/IMG_1221.JPG] 

2. Find a round bucket or rubbish bin around the same size as the coil you are going to wind. Then wind the coil 
using the thin wire. Total 22 turns. When finish, use the twist tie or wires to tie the coil at the six places to hold it 
in place and also later on to mount onto hat. 
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[http://3.bp.blogspot.com/- 
VfkbZ_4bKJk/UVOmzG47ivl/AAAAAAAAA20/cCv0k944h1k/s1600/IMG_1239.JPG] 


3. Mount the coil onto the hat by tying the twist tie or wires onto the six pair of holes you created in step A1. 


[http://3.bp.blogspot.com/-C-ZN 1turigQ/UVOoNC7Q0al/AAAAAAAAA3E/Zwe-- 
tYIUIQ/s1600/IMG_1240.JPG] 
4. Create Tabs for connection to the Crystal Radio set at the following turns. 


e Turn 0 - Beginning of the coil 
e Turn 18 

e Turn 20 

e Turn 22 - End of the coil. 


[http://4.bp.blogspot.com/-- 
R93N5a8YKQ/UVOqiDyOeVI/AAAAAAAAA3Y/9DS09uyYsvo/s1600/IMG_1241.JPG] 


The inductance of the coil is around 338 uH 
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[http://1.bp.blogspot.com/-gTuPjJ- 
sELo/UWLnugg3oDl/AAAAAAAAA9Y /qPrKbJeMfs0/s1600/IMG_1275.jpg] 


B. Make the crystal radio (without the coil). 


1. Drill holes on the plastic case to fit the earphone jacks, variable capacitor knobs, and one more hole to pass the 
wires for the crocodile clamps. 

2. Mount the earphone jacks and the variable capacitor onto the case and fasten the screws. 

3. Refer to the circuit diagram and the real life wiring photo, solder the parts together. 

4. Connect a black wire to the ground of the Jack and connect the other end to a black crocodile clamp. 

5. Connect a red wire to the tip C1 of the variable capacitor. 

6. Connect an orange wire to the diode and connect the other end to a yellow crocodile clamp. 


[http://1.bp.blogspot.com/-FsoOXwgYmUI/UV1VCEnXRQI/AAAAAAAAA6Y/76a4HOCYx5Y/s1600/IMG_1260.JPG] 
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[http://4.bp.blogspot.com/-nygOMUZib2c/UVmffBrMV9l/AAAAAAAAA 1 0/8jQaminvcT 8/s1600/IMG_1204.JPG] 


C. Put the hat antenna and the crystal radio together. 


1. 
2. 


CONDO BW 


10. 


Hang the crystal radio from hat, or on the rim of the hat using a piece of wire to tie it. 
Connect black crocodile clamp from crystal radio (for ground) to the tab of the turn O (beginning of 
the coil). 


. Connect the red crocodile clamp (for tuning) to the tab of the 22 th turn (end of the coil). 

. Connect the yellow crocodile clamp (for detector) to the tab of the 20th turn. 

. Plug a crystal earphone to the earphone jack of the radio. 

. Bring the hat down to the street and find an empty space, or get close to the window 

. This crystal radio does not require an earth, so you can walk freely on the street 

. Point the hat towards the location of the transmitters , or try swing it sideways slowly, and up and 


down to find the right spot. At the same time turn the knob of the variable capacitor to tune to a 
station. 


. If you have a wide open space you should be able to tune to a station. Then continue to adjust the 


angle of the hat to find the direction with the best reception. 


Once you find the best spot, you can try moving the yellow crocodile clamp down to the the 18th tabs 
to see if you can get a louder signal. Depending on the actual situation, you may need to make more 


tabs on the other turns to get the loudest signal. 


Next 


| will try to build an FM Crystal radio. There are different circuits being tested. 


[http://2.bp.blogspot.com/-tAEUrg9BIrM/UV2r9j¡Tn_0O/AAAAAAAAA84/UKfMMMHNDaA/s1600/Screen+Shot+2013- 


Antenna-Free FM Crystal Radio Circuit — http: / /billydiy.blogspot.hk 


C 23pl Capacitor with legs cul short or removed and directly connected to metal plates 
3mm Copper Wire - 1T INGO 


04-05+at+12.33.07+AM.png] 
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FM Crystal Radio Circuit - http: / /billydiy.blogspot.hk 


Antenna - 1 meter 


1 


_ 10 pf Variable 150 pf 
47 imm Copper Wire 2.5mm Mono earphone Jack for Crystal earphoine 


[http://2.bp.blogspot.com/- 
bvY 7DJBO8VA/UV2sAKX3061/AAAAAAAAAQA/WGWSkc6ZAUQ/s1600/Screen+Shot+2013-04- 
05+at+12.35.26+AM.png] 


Posted 4th April 2013 by Billy 


EN) Add a comment 


1st April 2013 Battery-free Umbrella Crystal Radio 


Create a battery free, crystal radio using an umbrella as the tuning coil which doubles 
up as a powerful spiderweb antenna. 


You can now walk down the beach with this umbrella crystal radio. 
Enjoy sun bathing while listening to the crystal radio! 


The umbrella coil can double up as a super strong spiderweb antenna for testing your crystal radio even at home! 
Just put the umbrella antenna close to your window and point to the direction of the radio transmission station. 


Checkout this Youtube video: 
http://www.youtube.com/watch?v=MEIL_OlpV4 [http://www.youtube.com/watch?v=MEIL_0lpV4g] 


| have done one more field test of the radio. 


http://www.youtube.com/watch?v=fYVUTIYZ431 


Remember to leave me some comments (at the comment box) at the bottom of this if you have read this blog. 


What is a Crystal Radio 


Crystal radio is a the simplest radio that runs purely on energy captured from the radio wave and do not require a battery 
or other forms of electricity supply. 

Radio signals are transmitted by the radio stations in HK, e.g. RTHK or Commercial Radio , or the Metro radio, or even 
from stations across the border from mainland China. See here for details 

Hong Kong AM Radio Stations and Transmission Locations [http://billydiy.blogspot.hk/2013/04/hong-kong-am-radio-stations- 
and.html] 


| made crystal radio since | was a teenager. At that time | used to fail, because getting a good antenna set up was and 
still is a challenge in a concrete jungle like Hong Kong especially if you are living in a high rise apartment; and you are 
not rich enough to own the roof (i.e. me). Now | can resolve this issue with this umbrella radio that doubles up as a 
powerful antenna! 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 356/387 


10/21/2019 Billy's DIY Dream Shop 


[http://3.bp.blogspot.com/-Ekdw-4ecSNU/UYpvDTcNzQI/AAAAAAAABIY/dBdn7ASU8ZY/s1600/IMG_1757.JPG] 


From Dream to Creation 


| notice that there are lots of web postings for mobile crystal radios with huge antenna wound on a Cross made from 
meter long PVC pipes. This is great. However, the bulky set up is pretty bulky and very hard to transport around. 

What if we can replace the cross with a meter-wide umbrella. 

Turning on the crystal radio will be as easy as opening an umbrella. 

That's how | started the creation of my first umbrella radios. Version 1 of the product (see below) was built in a rush in 
just 2 hours. It achieve the function to receive many radio stations and the signal is pretty strong too. However, it's built 
on a extra-large golf umbrella , and the wires are wound on tiny holes at the tip of the umbrella. So, wires tend to be 
exposed when you close the umbrella. 
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[http://2.bp.blogspot.com/- 


¡UavwbbZZIs/UVmpG30Ovncl/AAAAAAAAA2A/d-5M5s7¡UuE/s1600/IMG_1109.JPG] 
Umbrella Antenna Version 1. 


Then | think of better ways to wind the coil inside the umbrella and created umbrella crystal radio version 2. 
So, now even if it's raining (and no lightning), | can open up the umbrella with the coil safely inside, and me happily 
listening to the musics from the crystal radio. | call it the Umbrella Crystal Radio. 
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[http://3.bp.blogspot.com/- 
djZ69vC6Qvc/UVmRXIZSAQI/AAAAAAAAAZ0/EAgOuHobJRA/s1600/IMG_1178.JPG] 
Mounting the Umbrella radio on the fence, reception is super strong. 


In this blog, | will show you how to build this umbrella crystal radio , please follow instructions part A, B, and C. 

If you already have an existing crystal radio, you can still use the umbrella as the antenna. 

Just follow part A to build the umbrella antenna, then jump to part D to use it as an antenna for your existing crystal 
radios. Just place the umbrella next to your window and point at the right direction to receive the radio waves. 


Circuit Diagram 


Billy's DIY Umbrella Crystal Radio 


Create a mobile crystal radio with the umbrella as the tuning coil and a powerful antenna, 

You can now walk down the beach with this umbrella and enjoy sun bathing while listening to the crystal radio! 
This radio is so strong that you don’t even need to connect to the earth so you become freely mobile! 

The umbrella coil can double up as a super strong antenna for testing your crystal radio even at home! 


Umbrella Crystal Radio Circuit Diagram - http://billydiy.blogspot.hk 
INGO 


15th Turn c2 


20pf to 270 pf VC 


- 3.5mm earphone Jack 
1st Turn as Ground 


Coll: use any soft insulated wire (e.g. AWG 22). Wound a total of 15 turns on the inside of the umbrella. 

See further details on how to wound the wires onto the umbrella using drinking straws httpWbillydiy.blogspot.hk 
Diameter of the first turn is $40mm, 15th tum is 840mm. separate each turn by 50mm. 

Stan winding the 1st tum 100mm from t the edge to avoid wire spill out when you open and close the umbrella . 
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19+at+10.41.10+PM.png] 


Parts you will need 


1. An umbrella around 1 meter in diameter, 8 or more ribs. 
The instructions below assumes that you have an umbrella of 8 ribs, and 1 meter in diameter. 


You can choose the following types of umbrellas each with a different diameter. The bigger the diameter the better the 
radio reception, and the louder the radio. However, a regular umbrella of 900mm is good enough. 


Diameter of different types of umbrellas (photo below from left to right): 


Golf umbrella 1230 mm 

Car umbrella 1180 mm 
Large umbrella 1070 mm 
Regular umbrella 900mm 


[http://1 .bp.blogspot.com/- 
vF1exGODXIl/UX0go2x7gpl/AAAAAAAABEE/DOhOlg73ea4/s1600/Screent+Shot+2013-04-28+at+9.12.53+PM.png] 


[http://4.bp.blogspot.com/-AYDLYs- 
ZJQo/UX0gohUSqCl/AAAAAAAABEA/zs04fSou9Ss/s1600/Screen+Shot+2013-04-28+at+9.13.13+PM.png] 
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Mo Runner 


Sire borer 


Tap Spring 7 Tip 


_— Centre Ball Spring 


i) = [nly an Telescopes] 


—— Potom Spring 


-——— Tip Cup 


a 


Crook Harkihe 


[http://1.bp.blogspot.com/- 
u4H0b1n0S7k/UVmK5XZCOGI/AAAAAAAAAZQ/30IQ-EwFZ98/s1600/Screen+Shot+20 13-04-01 +at+9.14.05+PM.png] 


2. 8 or more Drinking Straws of diameter 8mm , those from Mac Donald are perfect. You need as many as the number 
of ribs your umbrella has. Most umbrella has 8 ribs. 


[http://2.bp.blogspot.com/-Omf8l_j4jFo/UVmVZW8yHblI/AAAAAAAAAOY/ImJKKON-JUI/s1600/IMG_1201.JPG] 


3. Diode IN6O, 
4. Resister 100K, 
5. 270pf or 360pf Variable Capacitor (you can get it from an old radio if you cannot buy it), 


6. 3.5mm earphone jack, 
7. 1.5 meter of thin wires in three different colours (black for earth, red for antenna, orange for detector) 


8. Three crocodile clamps of the same colours. 


9. Fifty meters of any regular electric wires. | used the AWG 22 plastic wire. You can also use AWG 26 which is thinner 
and lighter. However, the thicker the wire, the more radio wave you capture and the higher sensitivity and higher audio 
output. 


[http://2.bp.blogspot.com/- 
rYyEBQEY_B4/UVmUKnniVil/AAAAAAAAA0Q/iuaGobT96AQ/s1600/IMG_1200.JPG] 
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Fig. 1-44. Driver transistor 
to circuit. 


of Q1 is, the more the current that can be taken from your machine. 
A Radio Shack power Darlington (TO-3 case) for $1.98 was used, 
and the supply is good for about 4 amps. With a high-gain power 
Darlington, the output of a 741 is all that is needed to drive it. 1f 
more current demand is required, a larger Darlington or regular 
power transistor can be used. However, if the beta of the transistor 
is fairly low, a driver is needed between the 741 and the pass 
transistor. Just about any PNP transistor will do. It should be 
connected as shown in Fig. 1-44. 

If lots of current is wanted, say 10 amps, a large pass transis- 
tor is needed. Pass transistors this large typically have betas of 60 
or less, which will require a driving current of about 1/6 amp, 
which is far too much for the 741 and most other op amps. There- 
fore, a driver transistor with a high gain (beta) should be used to 
allow the small output of a 741 or similar op amp to drive anything. 

If the op amp heats up to the touch, a drive transistor should be 
used. Q1 should be well heat sunk, and, of course, the transformer 
used should be capable of handling whatever current you want at 
the load. 

C2 is a .001 to help keep any rf out of the regulator if the supply 
is to be used for your 2m radio or the like. If used with digital 
projects, a 10 uF filter capacitor can be placed across Z1, if noise is 
a problem, and/or a slightly smaller R1 used to move Z1 from the 
knee region where noise occurs. See Table 1-3. 

There are many other regulators available on the surplus 
market, but I have chosen to describe only the LM309 and A7800. 
However, if you spend a little time studying the published data 
sheets on other units, I think you will find that most of the circuit 
design procedures I have outlined here are directly transferable to 
use with other three terminal regulators. See Fig. 1-45. 


Parts Selection 
The specifications for the regulators I am describing are 
shown in Table 1-4. 
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10. A transparent plastic case for the crystal radio. 6ommx40mmx20mm 

11. A crystal earphone. If you do not have it, you can buy it from amazon or e-Bay (around HKD 100 including all the 
handling fees) or make one yourselves at HKD 10 following the instructions from my other blog posting here: 

How to make a crystal earphone for crystal radios [http://www.blogger.com/blogger.g? 
blogID=2311644141825422235#editor/target=post;postID=1827613235001197062] 


[http://4.bp.blogspot.com/- 
ALf15x9ipPO/UVOzZUFSOrRI/AAAAAAAAA34/rPr_IOAV14Y/s1600/Screen+Shot+2013-04-04+at+4.02.38+PM.png] 


You can get most of these from electronic ships in Shamshupo, except the variable capacitor. You can 
easily buy some old recycled walkman with radios for HKD20-50 from the hawkers in Ip Liu Street in 
Sham Shui Po. The other way is to go to taobao.com to buy them online and ship to HK. The goods is 
RMB 5, but the shipping fees is minimum RMD 30, so not worth it unless you buy in great quantity. 
For the Crystal Earphone, it's very hard to buy nowadays. Refer to my other post to make one 
yourselves. DIY Crystal Earphone for Crystal Radios [http://billydiy.blogspot.com/2013/03/build-crystal- 
earphone-for-crystal.html] 


Tools 


1. Solder Iron 
2. Leather hole puncher for cutting 2mm holes. The paper hole puncher is too big. You can use a nail to cut the hole if 
you do not have the leather hole puncher. 


[http://4.bp.blogspot.com/-OqEaSijlEOY/UVmWOLca6LI/AAAAAAAAA00/ZDIWV6EM4EWY/s1600/IMG_1202.JPG] 


How to make it. 


A. Create the Umbrella Antenna 


1. First let's create the umbrella antenna. Use the hole cutter to cut fifteen 2 mm holes on the drinking straw. You may 
want to mark it first with your ruler before cutting. Start from 40mm, then mark the hole to be cut every 5mm until you 
reach 115mm. 
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[http://2.bp.blogspot.com/- 
dLe9r1nlizA/UVmV7CXcCN2I/AAAAAAAAAOgG/RDf5clISyWRE/s1600/IMG_1161.JPG] 


o | E 


[http://2.bp.blogspot.com/- 
IxJSUFCGkKPA/UVmXeszhaLl/AAAAAAAAAOO0/ezbypv5yixE/s1600/IMG_1159.JPG] 


2. At each hole cut a slanting slot on the side of the straw so it'll be easier to pull the wire over. 


we ~ 


[http://4.bp.blogspot.com/- 
RGxWhist1V0/UYPQqRjwuJjl/AAAAAAAABE0/mS6yv3Vzj_c/s1600/IMG_1697.JPG] 
This is how a finished straw looks. 


[http://1.bp.blogspot.com/- 
YdDRP_1dImY/UYPQwKXCcOI/AAAAAAAABE8/sC3900lj0vg/s1600/IMG_1698.JPG] 


3. Remove all 8 tips from the ribs of the umbrella. Insert the straws into the rib, then put the tip back on again. 
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[http://1.bp.blogspot.com/- 
cOc0Dk30KQU/UVmX1I2aZdl/AAAAAAAAAD4/-0COY cr-3M0/s1600/IMG_1164.JPG] 


[http://3.bp.blogspot.com/-qH __j- 
4e3ZY/UVmY CwPvb8l/AAAAAAAAA 1 A/J27ffugfTaA/s1600/IMG_1166.JPG] 
4. Wind the coil by by pressing the wire in the slanted openings to the holes of the drinking straw. Lock the wire securely 
into the hole before going for the next turn. 


[http://4.bp.blogspot.com/-POZJzLBdyOl/UYU- 
gtQoltIl/AAAAAAAABFY/Fxb8kDM63sA/s1600/IMG_1699.JPG] 


[http://2.bp.blogspot.com/--_nFnEOFO8w/UYU- 
gf7G2KI/AAAAAAAABFQ/MgkMGKTFw-A/s1600/IMG_1700.JPG] 
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[http://1.bp.blogspot.com/-rvvGjhK4knM/UYU- 
gt1 UkhI/AAAAAAAABF U/ccZAtrcXLR8/s1600/IMG_1701.JPG] 


[http://4.bp.blogspot.com/-x1PUd5cN6_4/UYU-h- 
piWEl/AAAAAAAABFw/bvAD42EryYY/s1600/IMG_1704.JPG] 


[http://3.bp.blogspot.com/-ToDmUd1wJFw/UYU- 
¡vDSBCIAAAAAAAABFO/QLGfZErEjF0/s1600/I/MG_1705.JPG] 


[http://1.bp.blogspot.com/-UjOvv-5nryY/UY U-jk-SEIl/AAAAAAAABGQ/- 
CWkF9Lt1wM/s1600/IMG_1708.JPG] 
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[http://2.bp.blogspot.com/-fqvkB6WE_QQ/UVmZjX_XpKl/AAAAAAAAA1U/gm6HY_su50w/s1600/IMG_1198.JPG] 


5. Create the tabs for the coil for tuning by cutting the insulating rubber of the wire to expose the copper inside. To avoid 


the adjacent wire touching one another, you can create the tabs of the odd number of turns on the left side, and the even 
number of turns on the right side. 


If you have a solder iron, put some solder on to the copper to avoid the stealth 
covering up the copper again. 
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[http://1.bp.blogspot.com/- 
jDdljBxQIWk/UVmb5RZsppl/AAAAAAAAA1 g/DBXQnyD2all/s1600/IMG_1199.JPG] 


The inductance of the completed umbrella coil should be around 300uH, you can measure it if you have an inductance 
meter. Otherwise, you can determine if you can tune into most of the radios. 


If the inductance is too high, i.e. you cannot tune to stations at the high end (towards 1700 Khz) , remove some turns. 
If the inductance is too low, i.e. you cannot tune to stations at the low end (towards to 500 Khz) , add some turns. 
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6. To avoid the wires slipping through the openings on the straw, apply some glue there to close the gap. 

B. Make the crystal radio (without the coil). 

1. Drill holes on the plastic case to fit the earphone jacks, variable capacitor knobs, and one more hole to pass the wires 
for the crocodile clamps. 

2. Mount the earphone jacks and the variable capacitor onto the case and fasten the screws. 


3. Refer to the circuit diagram and the real life wiring photo, solder the parts together. 

Connect a black wire to the ground of the Jack and connect the other end to a black crocodile clamp. 
Connect a red wire to the tip C1 of the variable capacitor. 

Connect an orange wire to the diode and connect the other end to a yellow crocodile clamp. 


[http://1 .bp.blogspot.com/-FsoOXwgYmUI/UV1VCEnXRQI/AAAAAAAAABY/76a4HOCYx5Y/s1600/IMG_1260.JPG] 


[http://4.bp.blogspot.com/-nygOMUZib2c/UVmffBrMV9l/AAAAAAAAA 10/8jQaminvcT8/s1600/IMG_1204.JPG] 
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C. Put the umbrella antenna and the crystal radio together. 


N — 


CONDO BW 


10. 


11. 


. Hang the crystal radio from the handle of the umbrella using a piece of wire to tie it. 
. Connect black crocodile clamp from crystal radio (for ground) to the tab of the 1st turn (closest turn 


to the edge of the umbrella). 


. Connect the red crocodile clamp (for tuning) to the tab of the 15th turn (innermost turn). 

. Connect the yellow crocodile clamp (for detector) to the tab of the 13th turn. 

. Plug a crystal earphone to the earphone jack of the radio. 

. Bring the umbrella down to the street and find an empty space, or get close to the window. 

. This crystal radio does not require an earth, so you can walk freely on the street. 

. Point the umbrella towards the location of the transmitters , or try swing it sideways slowly, and up 


and down to find the right spot. At the same time turn the knob of the variable capacitor to tune to a 
station. 


. If you have a wide open space you should be able to tune to a station. Then continue to adjust the 


angle of the umbrella to find the direction with the best reception. 

Once you find the best spot, you can try moving the yellow crocodile clamp down to the other tabs to 
get a louder signal. e.g. Try the 10th Turn or even 7th turn and so on. 

Some times, the inductance of the umbrella antenna may be too high, you may also want to try 
moving the RED crocodile clamp down some turns too, e.g. try the 13th turn, or even 10th turn to find 
the best matching frequency to tune to a station. 


Umbrella Crystal Radio Circuit Diagram 


INGO 


% Lath Tur 


jl 


2.5mm earphone Jack 


Coil: use any soft wire (e q. AWG 22) insulated by rubber. Wound a total of 15 turns on the inside of the umbrella 
See further details on how to wound the wires onto the umbrella using drinking straws http: //billyaiy blogspot. Ak 
Diameter of the first turn is 940mm, 15th turn is 840mm. separate each tum by 50mm 

Stan winding the ist turn 100mm fromthe edge to avoid wire spill oul when you open and close the umbrella 


[http://2.bp.blogspot.com/-CUMXABv3a70/UV 1dfnp3f-l/AAAAAAAAA7A/yZsq0oQgq_w/s1600/Screen+Shot+2013-04- 


04+at+3.58.08+PM.png] 


D. Use the umbrella antenna for your existing crystal radio. 


. Hang your existing crystal radio from the handle of the umbrella using a piece of wire to tie it. 
. Using a crocodile clamp, connect the crystal radio's antenna wire to the tab of the 1st turn 


(outermost turn). 


. If your crystal radio also need an earth connection, connect the wire to earth. Or if you want to try it 


on the street , hold the earth wire of your crystal radio by your bare hand to create an earth. Or, you 
can connect the earth wire to some metal poles , fences or benches that touches the ground, 


. Plug a crystal earphone to the earphone jack of the radio. 
. Bring the umbrella down to the street and find an empty space, or get close to the window. 
. Point the umbrella towards the location of the transmitters , or try swing it sideways slowly, and up 


and down to find the right spot. At the same time turn the knob of the variable capacitor to tune to a 
station. 


. If you have a wide open space you should be able to tune to a station. Then continue to adjust the 


angle of the umbrella to find the direction with the best reception. 


. Once you find the best spot, you can try moving the yellow crocodile clamp down to the other tabs to 


get a louder signal. e.g. Try the 10th Turn or even 7th turn and so on. 


. Some times, the inductance of the umbrella antenna may be too high, you may also want to try 


moving the RED crocodile clamp down some turns too, e.g. try the 13th turn, or even 10th turn to find 
the best matching frequency to tune to a station. 
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Testing Result 


| tested this umbrella radio next to the sea. The radio is very loud. and recorded a record high DC current of 44uA. A regular 


crystal radio at home will only get around 4uA. 


[http://3.bp.blogspot.com/-63NLY_TAJWY/UX09Jhk1pal/AAAAAAAABEY/PsXXPiRODMU/s1600/S 
creen+Shot+2013-04-28+at+10.53.12+PM.png] 


[http://1.bp.blogspot.com/- 
BkXGrBIBhiY/UXO9LvGfKFl/AAAAAAAABEg/dneyDudJ53Y/s1600/Screen+Shot+2013-04- 
28+at+10.50.27+PM.png] 


What's Next? 


| also made this super large golf umbrella radio in much the same way. 
Only difference is the umbrella size is 1180mm in diameter. 


[http://3.bp.blogspot.com/-9J1rVIxxWCY/UYjh9pGQwEl/AAAAAAAABII/OGBZivDqNtM/s1600/IMG_1757.JPG] 
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[http://2.bp.blogspot.com/-Ztn-L_ziDQM/UYjh8uw- 
6ul/AAAAAAAABH4/iApibPOfdr4/s1600/IMG_1755.JPG] 


[http://3.bp.blogspot.com/- 
Sb1gpUya6Ew/UYjh818kM1I/AAAAAAAABH8/R7y17TVf9cE/s1600/IMG_1756.JPG] 


[http://3.bp.blogspot.com/-I57uvwJrDSk/UYjh7eCjhCl/AAAAAAAABHk/coUls9- 
OUBE/s1600/IMG_1751.JPG] 


[http://1.bp.blogspot.com/- 
YaSHe0j_LXU/UYjh7W2Cdul/AAAAAAAABHC/kezzaiQrsN4/s1600/IMG_1752.JPG] 
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a. 


[http://1.bp.blogspot.com/- 
I5brWLq7y3l/UYjh7_LkGBI/AAAAAAAABHo/WwY18Dxh1S0/s1600/IMG_1753.JPG] 


[http://2.bp.blogspot.com/- 
e7o0VdxlCzW4/UYjh8jo8rCl/AAAAAAAABIA/npMLfxZpNwo/s1600/IMG_1754.JPG] 


[http://1.bp.blogspot.com/- 


qzwgpOMzrmU/UYjh6TTNCwl/AAAAAAAABHQ/BpIWZCGY6Vw/s1600/IMG_1750.JPG] 
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Table 1-3. Parts List. 


6.3 V filament transformer or equivalent 

about 50 piv at desired current, plus 50% 

20 to 20,000 uF, 25 volts 

470 to 820 Ohm, % Watt 

12 V zener, or desired value from 2.4 to 33 volts 


741, 709, etc., op amp 

power Darlington or 100-Watt or more pass transistor, 
NPN 

any PNP: 2sc710, etc. 

001 uF, 50 V 


Figure 1-46 shows a practical power supply circuit, using any 
one of the regulators in Table 1-4. It needs no additional parts. It 
will work with all of these three terminal devices by simply varying 
a few component values and ratings. 

Figure 1-47 is also practical: If you cannot locate a center- 
tapped transformer, replace T1 and D1-D2 from Fig. 1-46 with the 
transformer and bridge rectifier circuit shown in Fig. 1-47. The full 
wave rectifier is preferred, because of the smaller diode drop of the 
two diodes in Fig. 1-46 than of the four in Fig. 1-47, but the 
difference is not that crucial. 

Now let’s assign some values to the components in those 
circuits. Use Table 1-4 to determine what regulator to use for IC1. 


Fig. 1-45. Three terminal IC regulators, available ina wide variety of voltage 
ratings, current Capacities, and package styles, are easily used to make 
high quality power supplies. 
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[http://4.bp.blogspot.com/-xI1 qsofvDBc/UYjh5JSTWWI/AAAAAAAABGO/3hAtS- 
IBr1U/s1600/IMG_1745.JPG] 


[http://4.bp.blogspot.com/- 
_wdOhpd5JgbE/UYjhS5P6WFEI/AAAAAAAABG4/FXSEHD5SENTY/s1600/IMG_1746.JPG] 


[http://2.bp.blogspot.com/- 
yls4zhs3ptQ/UY jnéjyFael/AAAAAAAABHM/3pWsnknSOrk/s1600/IMG_1748.JPG] 
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[http://1.bp.blogspot.com/-dz- 
BC2IbCxQ/UYjh6HhuJbl/AAAAAAAABHI/BTCHkCpIYal/s1600/IMG_1749.JPG] 


Posted 1st April 2013 by Billy 


EN) Add a comment 


1st April 2013 Hong Kong AM FM Radio Frequencies and Transmitter Locations 


Crystal Radios is perfect for AM and recently crystal radio can also cover FM in locations close to the 
FM transmitting locations, or with FM radio antenna and FM radio signal amplifiers. 


Here is a web site that listed all radio broadcast stations in the world. 


http://www.asiawaves.net/hong-kong-radio.htm 


Radio Broadcast Stations in Hong Kong 


The following information is extracted from a web site that listed all radio broadcast stations in the world. Please 
refer this in detail. 


http://www.asiawaves.net/hong-kong-radio.htm 
Information below is O Copyright Alan G. Davies 1999-2009, all rights reserved. 


| have extracted the info for Hong Kong. 


Radio Television Hong Kong (RTHK) [http://www.rthk.org.hk/] 


Broadcasting House 
30 Broadcast Drive 
Kowloon 

Hong Kong 


Tel: +852 2339 6300 
Fax: +852 2336 9314 


e RTHK Radio 1: in Cantonese / Mandarin on 92.6-94.4 MHZ 
e RTHK Radio 2: in Cantonese on 94.8-96.9 MHz 
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e RTHK Radio 4: in English € Cantonese on 97.6-98.9 MHz 

e RTHK Radio 5: in Cantonese / Mandarin on 783 kHz and 92.3, 99.4 € 106.8 MHz 

e RTHK Radio 6: relays BBC World Service in English 24h on 675 kHz 

e RTHK Radio 7 (Putonghua Channel): in Mandarin on 621 kHz and 100.9 & 103.3 MHz 


All networks operate 24h, but some may carry merged programming at times during local evenings and 
overnight. 


Hong Kong Commercial Broadcasting Company Ltd (HKCR) 
[http://www.crhk.com.hk/] 


3 Broadcast Drive 
Kowloon 
Hong Kong 


Tel: +852 2336 5111 
Fax: +852 2338 0021 


e HKCR CR1 (Supercharged 881): in Cantonese on 88.1-89.5 MHz 
e HKCR CR2 (Ultimate 903): in Cantonese on 90.3-92.1 MHz 
e AM 864 in English and limited Nepalese on 864 kHz 


All networks operate 24h 


Metro Broadcast Corporation Ltd [http://www.metroradio.com.hk/] 


Basement 2 

Site 6, Whampoa Gardens 
Hunghom 

Kowloon 

Hong Kong 


Tel: +852 2123 9888 
Fax: +852 2123 9877 


e Metro Info: in Cantonese on 99.7-102.1 MHz 
e Metro Finance: in Cantonese on 102.4-106.3 MHz 
e Metro Plus: in English, Mandarin, Filipino, Hindi and Indonesian on 1044 kHz AM Stereo 


Mediumwave (AM) Radio Frequencies in Hong Kong 


Mediumwave (AM) 
Radio Frequencies 
in Hong Kong 


P 
Frequency (kHz) Network Site any 
567 kHz RTHK3 Golden Hill 20 kW 
621 kHz MA a oli 
Channel 
675 kHz ataa a CALL SE ercrc lia lmeetii iy 
Service) 
783 kHz RTHK5 Golden Hill 20 kW 
864 kHz HKCR AM864 Peng Chau 10 kW 
1044 kHz Metro Plus Peng Chau 10 kW 
1584 kHz RTHK3 a 0.1 kW 


FM Radio Frequencies in Hong Kong 


(Frequencies in MHz; TRP = transmitter power, ERP = maximum effective radiated power) 


eR 
Target Area Site IÓ ERP (1) 
arged e 903) Info Finance (kW) 
881) 
Fan lino Clamidv Hill Q2 2 QA 2 Q7 R RR 2 Qn 7 1nn 1NA 7 N K kW 
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Hong Kong  IslandKowloon Peak 94.4 96.9 98.9 89.5 92.1 101.8 106.30.5kW 1 kW 
(North), Sai Kung 
Hong Kong Island 


(South) Lamma Island 93.6 96 98.2 89.1 91.6 102.1 104.50.3 kW 0.5 kW 
Kowloon Mt Gough 92.6 94.8 97.6 88.1 90.3 99.7 1041 kW 3 kW 
Sha Tin Beacon Hill 93.5 96.3 98.1 89.2 91.1 100.5 102.40.1 kW 0.15 kW 
Tsuen Wan Golden Hill 92.9 95.6 98.4 88.9 90.9 101.6 105.5 0.1 kW 
Tuen Mun Castle Peak 93.4 96.4 98.7 88.6 91.2 100.4 102.50.5 kW 0.7 kW 


Additional local coverage on FM - frequencies in MHZ, transmitter power (TRP) in kW: 


e RTHK3: Mount Nicholson 97.9 MHz 0.02 kW 

e RTHK3: Chung Hom Kok 106.8 MHz 0.06 kW 

e RTHK3: Tin Shui Wai 107.8 MHz 0.0375 kW 

e RTHK3: Tseung Kwan O [Junk Bay] 107.8 MHz 0.015 kW 

e RTHK5: Tin Shui Wai 92.3 MHz 0.0375 kW 

e RTHK5: Tseung Kwan O [Junk Bay] 99.4 MHz 0.015 kW 

e RTHK5: Castle Peak 106.8 MHz 0.01 kW 

e RTHK Putonghua Channel: Castle Peak 100.9 MHz 0.003 kW 

e RTHK Putonghua Channel: Tai Hang Road 100.9 MHz 0.005 kW 
e RTHK Putonghua Channel: Tin Shui Wai 103.3 MHz 0.0375 kW 
e RTHK Putonghua Channel: Tseung Kwan O [Junk Bay] 103.3 MHz 0.015 kW 
e Metro Info: Red Hill 101.0 MHz 0.005 kW 

e Metro Finance: Red Hill 102.6 MHz 0.005 kW 


Symphony of Lights:Narration accompanying the light show at 1200 UTC daily is transmitted for the Victoria 
Harbour area on 103.4 MHz (English), 106.8 MHz (Cantonese) and 107.8 MHz (Mandarin). 


List of HK AM / MW RADIO Stations 


567Khz 20kW Radio 3 (RTHK) [http://www.rthk.org.hk/channel/radio3/] [also on FM - Golden Hill music variety/info 
English 

621Khz 20kW Putonghua Channel (RTHK7) [http://www.rthk.org.hk/rthk/putonghua.htm] | also on FM - Golden 
Hill Tsuen Wan news/oldies 

675Khz 10kW Radio 6 (RTHK/BBCWS) [http://www.rthk.org.hk/channel/radio6/] |also on FM - Peng Chau news, 
relays BBCWS English 

747Khz Radio Zhongshan AM Radio [http://www.zhongshanradio.com/zh-CN/introduce001.html] 
- Zhongshan (Guangdong) CN 

783Khz 20kW Radio 5 (RTHK) [http://www.rthk.org.hk/channel/radio5/] |also on FM - Golden 
Hill educational/cultural Cantonese 

864Khz 10KW HKCR AM864 -= Peng Chau - Fri/Sat - Philippines, others 24 hours songs. 

942Khz Shenzhen Radio Love FM [http://www.szr.com.cn/szmg_broadcast/index.do?a=942] 
- Shenzhen (Guangdong) CN traffic 

1044Khz 10kW Metro Plus (Metro) [http://www.metroradio.com.hk/] - Peng Chau in English, Mandarin, Filipino, Hindi 
and Indonesian on 1044 kHz AM Stereo 


1584Khz 0.1KW Radio 3 (RTHK) [http://www.rthk.org.hk/channel/radio3/] |rep - Chung Horm Kok music variety/info 
English 


Hong Kong Radio Transmitter Locations 
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Guide to Transmitter 
Locations 


Golden Hill 


| 


| 

= fa l n | 

«Chung Hom | 
hi la] 


O Mt Nicholson 
© (Jardine's Lookout) 
P=) vy 
A 


[http://2.bp.blogspot.com/- 
cotm0IPjwO0l/UVI3cC4TOEQU/AAAAAAAAAyw/P5Y3GTAhSNM/s1600/Screen+Shot+2013-04-01+at+7.59.47+PM.png] 


Posted 1st April 2013 by Billy 


E Add a comment 


Bitdefender: -56% Be aware without a care! BUY NOW 


27th March 2013 DIY Crystal Earphone for Crystal Radios 


[http://4.bp.blogspot.com/-W1q6NTSXpuU/UVLilrs6J_I/AAAAAAAAAx0/CAvQF cxxXxCg/s1600/Cyrstal+Earphone.png] 
What is a Crystal Earphone 
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Crystal earphone also called Ceramic earphone/earpiece is the soul of crystal radios. They are one of a few types of 
earphones that are sensitive enough to produce sound from a Crystal Radio. Regular HIFI headphones will not work 
with a crystal radio. The Crystal radio runs without battery. It runs purely by the radio wave captured by the antenna and 
convert that into tiny electric current (< 1uA) that is yet sufficient to produce sound through the highly sensitive crystal 
earphone. 


Wikipedia definition of Crystal Earphone [http://en.wikipedia.org/wiki/Crystal_earpiece] 


[http://2.bp.blogspot.com/-ALf15x9ipPO/UVOZUFSOrRl/AAAAAAAAA38/Xf4NU5Wtze4/s1600/Screen+Shot+2013-04- 
04+at+4.02.38+PM.png] 


The original crystal earphone (shown above) cannot be purchased in Hong Kong since 10 years ago. You can still buy it 
from UK through the online shopping sites, e.g. Amazon, or e-Bay, the cost is not too expansive, but the shipping cost 
alone will kill this idea. The total cost to buy one oversea may exceed HKD 120, for something valued around HKD 30 
max. 


SPECIFICATIONS of a Crystal Earphone: 


Impedance: 20K ohm 

Capacity: 15,000 pf 

Sensitivity: 57 dB at 1KHz 
Frequency Range: 200 ~ 8000 Hz 


However, with some readily available components you can buy from HK Shamshuipo, lp Liu Street, you make one 
yourselves at HKD 10 following the instructions here. 


Remember to leave me some comments (at the comment box) at the bottom of this if you have read this blog. 


1. Piezo-Electric Buzzer (HK$ 7). 
2. Cut out 20mm of the tip from a used plastic ball pen (HK$0). 
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3. A 2.5mm head Jack & wire from a used/broken headphone (HK$0. If you don't have that, you can also buy some 
spare wires and a 2.5mm mono headphone Jack (the one in black below) (HK$ 3). 
4. Arubber earbud cousin from existing earbuds (top right on the picture below). 


the aa 


[http://4.bp.blogspot.com/-W5ExpllIP2L0/UV1aUnwMazl/AAAAAAAAAG0/HkO0QoJe3pyQ/s1600/Screen+Shot+2013-04- 
04+at+6.46.24+PM.png] 


Watch this video or follow the instructions below: 
http://www. youtube.com/watch?v=DjCKVAMJGlo [http://www.youtube.com/watch?v=D¡CKVAMJGlo] 


1. Using a screwdriver and brutal force, remove the lid of the buzzer 
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[http://4.bp.blogspot.com/-7mKdE9PpSAKE/UV1U9zeAK8l/AAAAAAAAAS5M/BoCX_P18bT8/s1600/IMG_1246.JPG] 
2. Find the Piezo-electric plate (the circle plate in gold and white and the circular circuit board with some other 
electronic components. 


[http://2.bp.blogspot.com/-ZhHrjOlicT4/UVO3KsriOCI/AAAAAAAAA4M/¡AAOYXY_9N8/s1600/Screen+Shot+2013-04- 
04+at+4.17.13+PM.png] 
3. Remove all other electronic components using a solder iron and a clamp; as these components will reduce the 
impedance and also lower the audio output of the crystal earphone we are going to make. 
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[http://4.bp.blogspot.com/-u4SR5E_5NRI/UV1U91sn2hl/AAAAAAAAASA/NIQichGwxCw/s1600/IMG_1248.JPG] 
This is how it looks after all the unnecessary electronic components have been removed from the circuit board. 


[http://1.bp.blogspot.com/-uC2t2vpXUus/UV1U-kz9wol/AAAAAAAAA5g/UKrFKi_8s9c/s1600/IMG_1251.JPG] 


4. Using a solder iron, connect two wires from the earphone jack directly onto the two points on the plate. One wire 
touching the circumference (gold), a second wire touching the inner plate (white). There may be a third white plate 
which is smaller, connect the wire from there to the other bigger white plate to get maximum audio output. Polarity is 


not important. So, you can choose which wire to go where. 
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5, 


[http://3.bp.blogspot.com/-PqnLtCqYJ14/UV1U_ScG6vl/AAAAAAAAASK/6vIkY Ksyf-Y/s1600/IMG_1253.JPG] 
5. If you are using a separate earphone jack, connect the other end of the wire to an 2.5mm mono headphone jack. 
6. Before you close the lid, test the connections it by shorting the terminals of the jack together using a screw driver or 
touching the tip and the base of the earphone jack with a multimeter set to Ohm-meter. You should hear some "click" 
sounds each time you shorten the terminals of the jack. 


Do not test voltage 


[http://2.bp.blogspot.com/-f8bHtWE-d1Q/UV1U-4AXTNI/AAAAAAAAASc/IP9I34Ay-u4/s1600/IMG_1252.JPG] 
7. Close the lid and secure it by applying glue. Do not use the strong instant super glue. Use some regular glue so can 
still open up the lid later for maintenance in case the wire inside is broken. 


Dynamic Views theme. Powered by Blogger. 


https://billydiy.blogspot.com/?view=classic 381/387 


5/1.0k(2, 12/2.2k, 15/2.7k, 18/3.3k, 24/4.7k. 


Make your choice on the basis of voltage rating and current capac- 


ity. 


THREE TERMINAL REGULATORS 


Refer to the graphs in Fig. 1-48. There are five graphs for use 
in determining the T1 transformer voltage and C1 filter capacitance 
for five separate one amp regulators. The transformer voltage is 
for a center-tapped transformer with a full wave rectifier, as in Fig. 
1-46. If you use the bridge rectifier configuration from Fig. 1-47, 
halve the transformer voltage but remember to add one volt to 
compensate for the voltage drop of the extra diodes. If you use the 
schematic from Fig. 1-46, the current capacity of T1 need only be 
half an amp—or half of what you want the completed supply to 
deliver. The lower voltage transformer needed for the less effi- 
cient bridge of Fig. 1-47, however, must be rated the full amp. 

Filter capacitor Cl should be an aluminum computergrade 
electrolytic. If you have any question concerning interpolating a 
capacitance to use with any given transformer, round up. This will 
help to make up for component tolerances and line voltage fluctua- 
tions. Since readings off the graph are minimum allowable capaci- 
tances, you might want to use a larger value capacitor anyway. 


Table. 1-4. Regulator Specifications. 


Device 


LM309H 
LM309K 
uA7805 


uA7812 
uA7B15 
uA7818 
uA7824 


Voltage 


+5 volts 
+5 volts 
+5 volts 
+12 volts 
+15 volts 
+18 volts 
+24 volts 


Fig. 1-46. Here is a practical diagram for a power supply of any voltage, 
needing no other parts. Use this schematic with center-tapped trans- 
formers in a full wave rectifier configuration. Regular voltage/R1 value: 


10/21/2019 Billy's DIY Dream Shop 


[http://4.bp.blogspot.com/-AhGIlmtzQ604/UV1U_63a5WI/AAAAAAAAAGA/vWaW70QGpBI/s1600/IMG_1254.JPG] 
8. Line up the hole from the tip of the ball pen to onto the hole in front of the buzzer. Stick them together using instant 
super glue. The function of the ball pen tip is to focus the sound to the ear. 


[http://3.bp.blogspot.com/-Dj7I|CuYkL-Y/UV1U_3tn3tl/AAAAAAAAA5s/2ypnc_nQy_0/s1600/IMG_1255.JPG] 
9. Attach the earbud cousin to the tip of the pen. 
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[http://3.bp.blogspot.com/-dY JDvrIR8hc/UV1VANPrc8l/AAAAAAAAA54/1TCHuDQzI0U/s1600/IMG_1256.JPG] 
10. Connect it to your Crystal Radio to test. 


My Library of Crystal earphones 


F; 


[http://4.bp.blogspot.com/-o5F HwsGk9zl/UV1VB_VCCUI/AAAAAAAAA6Q/7K2nNAodoGU/s1600/IMG_1259.JPG] 


Different types of piezo-electric buzzer you can find 
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A 


[http://1.bp.blogspot.com/-Z7tIVCPFr_8/UWLsPJUbPWI/AAAAAAAAAQO/HIY UHfVX-us/s1600/IMG_1276.JPG] 


Posted 27th March 2013 by Billy 


ES View comments 


22nd March 2013 DIY - Battery-Free Tiny Crystal Radio 


[http://www.blogger.com/blogger.g?blogID=2311644141 825422235] 


Build 2 Tiny Crystal Radio that runs [http://www.blogger.com/blogger.g?blogID=2311644141 825422235] 


`. [http://www.blogger.com/blogger.g?blogID=2311644141825422235] 
without battery. 


[http://www.blogger.com/blogger.g?blogID=2311644141 825422235] 
[http://www.blogger.com/blogger.g?blogID=2311644141 825422235] 


[http://2.bp.blogspot.com/- 
FYzx5aqF fVM/UVGOaNOHeBI/AAAAAAAAAXQ/XQtWPgoL_VQ/s1600/IMG_ 1098 


Inna 
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1. Variable Capacitor 360 pf - from an old radio. 

2. Coil wound on a Ferrite Powder Rod - from an old radio e.g. old Walkman 

3. A Crystal Earphone or a PC speaker with builtin amplifier. 

4. Germanium Diode IN60 

5. Resistor 100 Kohm 

6. 3.5mm earphone jack 

7. Asmall plastic box, 

8. some wires . 

9. Solder iron. 
10. Antenna - 20 meters hanging vertically or horizontally at a high location (Warning : Lightning Hazard) 
11. Ground - connect a wire to your metal water pipe. 


[http://www.blogger.com/blogger.g?blogID=2311644141 825422235] 


[http://4.bp.blogspot.com/-QqxK3OffVq4/UVLe8yWkFzl/AAAAAAAAAxo/4vtNVM1EUMY/s1600/parts.png] 


You can get most of these from electronic ships in Shamshupo, except parts #1,2 & 3. 

For the variable capacitor and the coil you can easily buy some old recycled walkman or old radios for 
HKD20-50 from the hawkers in Ip Liu Street in Sham Shui Po. The other way is to go to taobao.com to 
buy them online and ship to HK. The goods is RMB 5, but the shipping fees is minimum RMD 30, so not 
worth it unless you buy in great quantity. 

For the Crystal Earphone, it's very hard to buy nowadays. Refer to my other post to make one 
yourselves. DIY Crystal Earphone for Crystal Radios [http://billydiy.blogspot.com/2013/03/build-crystal- 
earphone-for-crystal.html] 


Remember to leave me some comments (at the comment box) at the bottom of this if you have read this 
blog. 


http://www.youtube.com/watch?v=6VsgXuNm13k 
[http://www.youtube.com/watch?v=6VsgXuNm13k] 


Dynamic Views theme. Powered by Blogger. 
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10/21/2019 Billy's DIY Dream Shop 


Simple Crystal Radio Circuit - http://billydiy.blogspot.hk 


Antenna - 20 meters of thin wire hanging vertically or horizontally 
C1 


INGO 
Di 


3.5mm Mono Headphone Jack 


Aerial Coll & Tuning Coil on Ferrite Powder Rod 


Connect ground to Metal Water Pipe 


[http://1.bp.blogspot.com/-C2qNgc8TvDg/UXFYJSUHmyl/AAAAAAAABDw/KaD3xmUTk-w/s1600/Screen+Shot+2013-04- 
19+at+10.43.18+PM.png] 


[http://1 .bp.blogspot.com/-6Ns9sST5X4s/UVGPUO- 
IFmI/AAAAAAAAAxY/up4 T GDUOjCO/s1600/IMG_1097.JPG] 
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Sean Whiteacre, Hobby Class Entry 
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The radio is a Westinghouse Aeriola, Jr. I did not use a regular diode, but the real detector on the radio. The "Perikon" detector uses two rather 
rare minerals; Bornite in the fixed cup and Zincite in the movable section. Anyways I used the Perikon Detector. I also used the original 1921 
C.Brandes Superior headphones from 1921.. Antenna was 25 ft in air and 150 ft long, Inverted L type. 


Kevin Norton, Open Class, Loop Class and Active Device Class 


I used the K-3 Big Litz Dx Set for the Open Class. It was the same set up as last year. For the Loop Class, I used a low Q loop built on cardboard 
box. 


The Active Device Class entry was a WN6Q MPF-102 Regen (Via Owen Poole). I originally tried this as a double tuned set using 2x 660/46 
ferrite assisted air coils, 4 gang ceramic wiperless variable caps, and a Litz air tickler. The regen set worked well, but was very hard to line up 
and very touchy. When the antenna tank was removed the set worked MUCH better! It still WAS a regen, and therefore still had a few flukes. It 
was MUCH more tamed, and Dxing became much easier. 


The sets radiation was read off of my Icom R-70, so digital spotting was a snap. The final version was a single tuned tank of a ferrite assisted air 
coil, a 4 gang ceramic wiperless and crystal earphones in parallel. The antenna was VERY lightly coupled via a few insulated turns of a gimmick 
capacitor. At times, I could zero beat the set simply by turning my head a bit to one side! 


I copied SOMETHING ( anything from beat notes to ear splitting locals) on nearly EVERY frequency out of the 119 channels. Maybe 90 
stations or more of at least very weak audio or better. 


FWIW, I made a big boo-boo and left the set in place during a vicious white out snow squall. We had very high winds and blizzard type of 
snowfall rates. The antenna kept discharging arcs every 5 or 10 seconds. They could be heard in the next room. By the time I realized what was 
going on, it was too late. I pulled the antenna line off and measured the arcs, which by that time were down to around 3/4". To fry the set in the 
position it was in, they had to have been at around TWO inches (30 Kv??) to bypass the gimmick cap twists and leap to the set. Needless to say, 
a new FET had to be installed. Live and learn. 


Glen Yarbro, Open Class 
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The set used was a Litz Special, modified to Dave Schmarder's #44 wiring configuration. The antenna was 250 feet long and 30 feet high. The 
ground consisted of two 8 foot ground rods. 


The set used an 1N34A diode and 4K Navy hadphones. No wave traps were used. The spotter radio was a Realistic DX-60 with a frequency 
counter. 


Continued on Page 4. 
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O. T. Anderson, Open Class Entry 
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This the same crystal set I used last year with a few revisions. I had 66 stations last year and my goal was to double it. The Mexican stations 
come in good in Oklahoma. 


This crystal set is the same as last year with 3-4 updates.. The extra coils are wave traps for knocking out that KFAQ, 50,000 watts, in sight of 
our house. Also another 50K across the town. Up high 1s a new wave trap with silver caps. It will tune any local station. The pictures also shows 
a "Drug Store" spotter and a Knight Sig Generator. The two dials show the freqs and also spots several local stations. The right dial has another 
calibration, one is the 1700 to 530 freqs, the other calibrations is the high end freqs when using only the 140 mmfd condenser, about 1750kcs to 
1000 kcs. Lots of band spread. 


The other picture is the RF section with a silver cap at the far end. It tunes the antenna. The small var cap with the nearest blue wire connects the 
2 nearest caps for all the freq 1700 to 540, normal use. With the blue wire not connected we use only the 140 mmfd cap, tuning about 1750 to 
1000. This gives good band spread at the high end. The blue and yellow wires connect a 15 mmfd var cap, helps to "rock" in a distant station. If I 
good get rid of that terrible KFAQ signal things would be a lot better. 


Jack Bryant, Open Class Entry 
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Fig. 1-47. If you cannot locate a center-tapped transformer, substitute this 
schematic for that of Fig. 1. Keep in mind the additional design considera- 
tions explained in the text necessitated by the extra diodes. 


Since the graphs were calculated using one ampere of drain, if 
some fraction of an amp is to be drawn, the C1 value can be reduced 
by that fraction. For example, if only 100 mA is needed, then only 
one tenth the capacitance is necessary, or any other such fraction. 
It works the other way around, also—if you make a ten ampere 
supply (with a pass transistor), you will need ten times the filter 
size. 

Exercise prudence when calculating capacitor voltage ratings. 
Use at least one and a half times, but preferably twice, the rms 
transformer voltage across the capacitor. 

Do not omit C2. It is an rf bypass capacitor, especially neces- 
sary if the power supply is to be used in an area of strong rf suchas a 
ham shack—but still needed even if used elsewhere. C2 helps to 
absorb the spikes and glitches on the line that are too sharp for C1 
to respond to. It can be anywhere from around .10 uF to .33 
uF—.22 uE is a happy medium. 
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Fig. 1-48. Use this graph for determining C1 capacitance and T1 voltages. 
The points labeled "D" are the dissipation limits explained in the text. 
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I only worked the last week of the contest, focusing on the broadcast band. I used essentially the same set for that I used in years past. 


I have used a Realistic DX-398 for several previous contests, and I used it for this one, too. I used a PC for logging along with paper copy 
backup. I used a four foot table from Lowe's as my listening post. 


Garry Nichols, Loop Entry 
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(Note from Jack: don't you just love the back of the envelope schematic! A wise sage at work use to say that if a detailed study didn't agree with 
the broadbrush, back of the envelope calculations, then the detailed study was probably wrong!) 


A few changes for my loop this year: 
1) Turns spreaders at the midpoints of the frame tightened things up and stopped rattling wire. Don't know why I didn't do this sooner! 


2) I seriously reduced my troublesome FM interference with a simple trick. Somehow I noticed that a few pF across some of the loop turns 
seemed to reduce it. So I experimented first with a tiny variable (which turned out to have too many pF even fully open) and then with a small 
length of thin teflon insulated wire. The best positioning was from the exact center of the total winding across a few turns to a position one turn 
in from the end of the winding opposite the diode. I put it there to possibly help balance the loop because I use the other half of the winding for 
the detector. A few turns of the wire around each winding did the trick. 


The upper half of the BCB used to be plagued by FM. It was difficult to tell if I was hearing a weak AM station or FM interference unless I spent 
some time listening. A real pain! My mod suppressed interference on the upper half and I can only hear FM 1f I tune above 1700. A lucky break 
after on and off problems for years! 


3) I tried Ben's diode bias circuit this year along with my favorite 107 nA Schottky diode. I had to bias the diode, so that it appeared to have a 
higher saturation current. A bit more, lower in the BCB, and a bit less near the top. Fits theory pretty well! I used only the T3/AM20 transformer 


on my RCA mic elements to avoid possible problems with the Select-To-Match circuit and the bias circuit not getting along. How best to hook 
the two up left some doubt. For my setup, I could never decide if the STM was better than the T3/AM20 alone anyway. 


Dan McGillis, Open Class Entry and Active Device Entry 


I used two radios in the 1/15/10 contest. 


For the BCB Crystal radio section, I used a simple double tuned Mystery set made with dual-gang capacitors from Leeds Radio and ferrite rods 
wound with 165/46 litz. It's described here. 


It was a very good daytime performer, but only a fair night time DX catcher. The bandwidth was just a bit too wide for all the strong DX stations 
and the digital hash which now seems to be everywhere at night. Still, it's a nice loud little radio. 


For the active device section, I used a 2-JFET Regen plus an op-amp audio amplifier with an active bandpass filter. My primary goal was to be 
able to copy Morse code (CW) in the 40 meter ham band (7 MHz). The radio is described here. 


The performance of this simple set-up really surprised me. It's an excellent CW receiver -- stable, quiet, sensitive, and selective. Excellent for 
SSB and AM too. A real keeper. I even managed to make some 2-way contacts on 40m using this receiver and about 3 watts of transmitting 
power. That was a lot of fun. 
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Jerry Walker, Open Class Entry 


-The crystal set used was double tuned. 


-The antenna was a 75 ft long wire. 
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James Gallant, Open Class 


2009 DX CONTEST SET - JIM GALLANT 
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Due to a dispute with a former landlord (NOT related to the radio), I lost my previous office, radio loft, and 5 story high, 115 foot long-wire 
antenna for this year's contest. I also used the same mediocre "throw together" 100/46 Litz wire dual-tuned set that I whipped up last year. I still 
used my simple Bogen T-725 transformer driving a pair of 1925 vintage Western Electric 509-W headphones. I had to run 1t all off a long-wire 
antenna only 20 feet or less off the ground, bent around all over the place to fit my back yard. 


Strangely, this year the radio seemed to work FAR better with the antenna (series) matching capacitor moved from the antenna line above the 
ATU tank, to the ground wire BELOW the ATU tank; most likely due to the vast differences between to two antenna sites used with the set in 
2008 and 2009. This gives further evidence of how two different builders with two basically identical sets have been getting different results as 
to where to put the ATU series capacitor. With the same radio, radically DIFFERENT results, depending on the antenna used). 


My only other change was the replacement of the approximately 46K fixed resistor in my "Benny" with a 250K audio taper pot - a noticeable 
improvement. 


I assumed the set performance would be much worse overall than last year, but I was pleasantly surprised. Although it did have poorer overall 
reception of New England area stations, 1t did as well or BETTER on DX. In fact, I raised my total station count this year from 62 to 68 stations, 
with fewer of them being locals (Nashville was my furthest hit, I believe). It raised my points from 42,000 to over 64,000 - a 50% increase. I 
attribute this to the fact that this is my second contest. 


I am getting more capable with the "spotter radio" in identification of stations, as well as hunting stations down on the Crystal Set after first 
isolating them with the spotter. Hopefully for next year I will have a 660/46 Litz “dream set” hooked up to a nice set of SP phones and a decent 
30 foot high, 50 foot long 4-wire flat top antenna squeezed into my yard. My overall goal is fairly modest. Massachusetts is notoriously BAD for 
crystal radio DX. The glaciers in the last ice age pushed billions of tons of our topsoil down into the Atlantic Ocean south of Connecticut. As a 
result of this, we have poorer and less efficient grounds than other regions. 
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Assuming a 450 mile average maximum DX "listening circle" for the average set, over half of MY circle here in coastal Massachusetts is to my 
east, over the wide open empty ocean. If I can ever manage to break a 100 station level count, I will consider that winning my own personal gold 
medal! 


James D Fletcher, Hobby Class 
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I built the MRL No. 2A "Long Distance Crystal Set" from plans I got from Mr. Elmer G. Osterhoudt. I used parts from what I had on hand and 
wound the coil on PVC pipe. This was in 1979 and my oldest son was 10 years old, so this was a project we worked on together and gave him 
some practical experience he still uses today. 


I put the works in a 8" x 5" oak file box that office supply stores used to sell. I use a type "C" Baldwin headset that really makes a difference 
compared to regular headsets. This is the same set that I used in the 2008 Contest. 


Lem Morrison, Open Class 
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James Gallant 


View Page 1, JPG File 


2008 DX CONTEST SET — JIM GALLANT 


View Page 2, JPG File 
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Dan Denapoli, Open Class and below BCB Class 


F 
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Selection of the value of the output capacitor (C3) need not be 
very exacting. You can use anywhere from around .005 uF to a 
couple of microfarads. Generally, use larger values for larger 
currents. A common value for a one amp supply is about a 1 or 2 uF 
tantalum. Some of the manufacturers' data sheets insist that it is 
not needed, but, since the very next phrase in the paragraph is 
always that its presence “helps to improve transient response,” I 
would not suggest omitting it. 

These regulators do not work well at low current drains— 
around 5 mA and under. Therefore, R1 has been calculated to draw 
about 5 mA from the supply. A half or quarter watter is sufficient. A 
pilot light (LED or incandescent) could be wired in to serve the 
same purpose. If the supply is being built into a project so that the 
drain is never allowed to go below 5 mA, R1 could be altogether 
eliminated. 

The choice of rectifiers for D1 through D4 is not at all critical. 
The graphs were complied using 1.3 volts as the forward diode 
drop. This figure is based on the 1N4000 series silicon one amp 
rectifiers. It should be close enough for interchanging with any of 
their surplus equivalents or replacements. 1N4002 or 1N4003 
diodes would be a good choice for any of the transformer voltages 
on the graphs. Some of the lower voltage units can even get by with 
1N4001s. Just make sure that you don't exceed the diodes’ piv 
ratings. 


Automotive Applications 


There are many times when you want to operate a transis- 
torized device in your car that requires a supply voltage different 
from that of the standard 12 volt automotive electrical system. A 
higher voltage requirement would take a power convertor exceed- 
ing the scope of this article, or a separate battery. But these IC 
regulators are ideal for obtaining lower voltages from the 12 volt 
electrical system. Figure 1-49 is a supply circuit tailored specifi- 
cally for use in a car. 

An automotive environment is however, very prone to tran- 
sience. Special precautions should be exercised to protect the 
regulator. Positive spikes on the input line can very easily cause 
that input terminal to go above the maximum allowable input 
voltage for the IC. Therefore, the zener diode (Z1) has been put 
into the circuit to help shunt any higher spikes to ground. You can 
use whatever zener you have in your junk box in the 24 to 30 volt 
range. 
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Chris T, Hobby Class 
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Dave Schmarder, Active Device Class 


Click here to go to my website and see what I did this year: 

-Single 7C5 Loctal tube regenerative radio with 6 volt filament and 25 volts DC plate 
-Two tuned circuits using toroidal forms. Single tuning control 

-Sound powered headphones 


-Antenna, 40 meter wire up 3 - 4 meters running east to west. 


Robert Weaver, Active Device Class 


This year, I have two different active device receiver entries. One is a direct conversion receiver using a sheet beam tube, that I built two years 
ago, and used in the Radioboard summer DX contest in 2008, but never in this contest. Shortly after I built it, I built a sheet beam superhet 
receiver and the direct conversion receiver was mostly forgotten. I wanted to dust it off, make a few improvements and enter it in another contest. 
It took a while to get to it. So, I began the contest using the same superhet that I entered last year. That receiver is completely unchanged, and 
you can find a description of 1t under the 2009 entries, or see the writeup on my webpage. 
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The direct conversion receiver has a tuned front end to help reduce interference from strong local stations and out of band signals. The signal 
enters the control grid and is mixed with the oscillator signal which appears on the deflectors. The result is an audio signal which appears as a 
differential signal on the plates. This audio signal drives the push pull primary of the interstage audio transformer. The secondary is connected 
back to the control grid in series with the incoming RF so that it is amplified reflex style. The resulting amplified audio is now a common mode 
(in-phase signal) at the plates, and so has no effect on the interstage transformer, and passes through the primary winding and on to the output 
transformer which is in series. The secondary of the output transformer drives the headphones. 


Feedback for the local oscillator is taken differentially from the plates, through an audio blocking capacitor to the primary of the oscillator coil. 
One half of the secondary of the oscillator coil forms a tuned circuit with one gang of the variable capacitor. This side of the secondary drives 
one deflector, and the other half of the secondary produces an opposite phase signal to drive the other deflector. This oscillator is very stable and 
is almost completely immune to pulling towards the incoming RF. In fact this is a bit of a disadvantage, because it makes it very touchy tuning in 
AM signals without getting a beat frequency. 


In the first version of this receiver, I had included feedback from the cathode to a one turn tickler on the RF coil, to provide a small amount of 
regeneration. However, after making a number of modifications and tests, I finally concluded that there was little to no benefit. So, I finally 
removed it. A description of the receiver is here. 


There is a DPDT switch which reverses the phase of the interstage transformer secondary. This is to correct for slight unbalances in the tube 
which could cause oscillation when the volume control is turned all the way up. There is a bit of phase shift that varies across the band, and so 
the best position of the switch changes at different frequencies. I had tried various other plate balancing techniques (such as in my superhet 
receiver) but found that nothing worked as well as the reversing switch. 


The receiver worked reasonably well. It was built as an experiment to see what could be done with a sheet beam tube. If you read the write up on 
my website, I sounded much more enthusiastic right after I built 1t. However, nearly two years later, and having built a better receiver in the 
interim, I find that listening to AM for any length of time on this set can be tiresome with the touchy tuning and almost constant beat tone. So, 
after using it for a couple of days and logging a respectable number of stations, I retired it and switched back to the superhet which outperforms 
it in almost every respect. 


It seems that each year, I manage to learn a new trick or two. This year, I connected a set of wavetraps between my loop antenna pickup coil and 
the receiver. I wasn't sure how wall wavetraps would work with the loop. But, using the antenna orientation to null out a local station on 860kHz, 
and then using two of the wavetraps tuned to the same frequency to further null it out, I was able to log my first station ever on 870 kHz: WWL 
New Orleans, which by the distance/power formula was my second best catch of the contest. My best catch was KVNS 880, Brownsville TX. 
Attempts to log a MW station outside of North America have failed so far. Hopefully, one of these days it will happen. 


Return to the index page. 
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Dan McGillis, SW Class (regen set) 


Thanks again for letting me enter my SW regen (with it's Radio Shack amplified speaker) in the '09 Sprint contest. 

The contest gave me the needed nudge to really exercise the receiver and learn about it's strengths and weaknesses. I only tuned a lower CW 
portion of 40m (7.025 - 7.070 MHz) but there were hundreds of stations that could have been copied over the weekend period. Turns out there 
was a PA QSO party and a FISTS contest part of the weekend also. So there were weak and also extremely strong signals everywhere. 


But I wasn't in the contest to score lots of points. I wanted to evaluate the receiver on weak & strong signals, so I restricted my station search to 
those calling CQ, especially the weak ones next to strong signals. 


Click here for a link to Dave Schmarder's RadioBoard with a schematic and discussion of the radio. 


http://www.crystalradio.us/crystalradios/2009-5.htm 2/11 


2/2/2019 


Birmingham, Alabama Crystal Radio Group — Sprint Radios Of The 2009 Contest Entrants, Page 5 


pwr eee See eee 


All| 
Hil li 


i Li. 


ki <a 
= 


a 


oi 
y 


DITA 


J A i 

ie ier 

Wi 
Es 
Fj 
fj 


Wi 


http://www.crystalradio.us/crystalradios/2009-5.htm 


3/11 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Sprint Radios Of The 2009 Contest Entrants, Page 5 


Here is the link to my contest entry. I just put up the Google map, so the page is now ready. I received 73 stations in the contest on my #76 
crystal set. I had fun using my band pass radio. The outcome was better than I had expected. 


Glen Yarbro, BCB Class (crystal set) 


Dave's crystal radio #44 
Headphones: Navy 4k 
Diode: 1n34a 

Antenna: 300 ft long wire 


http://www.crystalradio.us/crystalradios/2009-5.htm 4/11 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Sprint Radios Of The 2009 Contest Entrants, Page 5 
Gary Nichols, BCB Class (regen) 


I was using a single J310 regen with a B+ of 4.5V. My tuning range was a bit below and above 680 and 1320. I forgot to measure it and I've 
already taken some of the set apart in preparation for mods. 


The restricted tuning range was due to the 30-145 pF ARC 5 variable that I like to use because of the really slow and precise worm drive. The set 
was a bit of a last minute effort, so I gave up on extending the range. I had plenty of stations to listen to anyway. My problem was that it seemed 
more difficult than usual to ID stations based on the info broadcast. There were a lot of games on over the weekend evenings and also the usual 
"sports talk" stations which are as bad as Radio Disney to identify, it seems. 


I also forgot to listen for my area stations during the day! Ooops! 


The antenna was about 50 ft of wire sloping to the ground from a 2nd floor window (10 ft of it inside). I sloped it south-westerly for possilbe best 
performance from my location here in the northeast near Syracuse, NY. My ground was the nearby 2 draw metal filing cabinet. One time I sat 
down to listen and noticed more than the usual hand capacity. I quick check and I realized I hadn't hooked up the filing cabinet! 


I used a "Bringhurst String" (5.6, 10, 22, 47 pF) of "clip selectible" fixed series caps between the antenna and top of the L/C to control signal 
strength and "pull" the tuning a bit up and down band. 


James Kearman, BCB Class (regen) 
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My receiver was a homebrew solid-state regen, the one shown here. I used a homebrew air-core loop, 14-foot circumference. 


Sean Whiteacre, BCB Class (crystal) 


http://www.crystalradio.us/crystalradios/2009-5.htm 5/11 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Sprint Radios Of The 2009 Contest Entrants, Page 5 


or e ee 


ma a E 
Yawati 
i g TECTOR 


ad 


"RAP 


Jack Bryant, Two-way Shortwave Class (regen) 


http://www.crystalradio.us/crystalradios/2009-5.htm 6/11 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Sprint Radios Of The 2009 Contest Entrants, Page 5 


I participated just a bit in the contest. I started Sunday night and made a two contacts and then one more early in the morning. The set you see 
was "rescued" from the Shelby, NC hamfest a few years ago. It was beautifully made with a plexi-glass case and painted front. It was sold as a 
non-working unit. I hated to see this fine construction job go to waste. The rig had a two tube crystal controlled transmitter and a two tube 
receiver, all in one package. 


The receiver did work but covered about a 3 MHz tuning range. The vernier was a tiny one. I swapped it out for a NOS Velvet Vernier. The 
tuning range was narrowed down considerably, now covering roughly 3.500-3.508 MHz. I changed the top coupled detector antenna cap to 1.5 
pf. The plate voltage on the regen detector was reduced from about 130 volts to 22 volts. The power cord was changed to a three prong cord. 


The change in receiver performance is dramatic. The receiver is now very usable. I wanted some additional selectivity, so I put a .005 uF cap 
across the primary of the audio output transformer. I fed the audio output into my PC and used the Spectrogram program to check out the 
bandwidth. The audio peak is between 400 and 800 Hz, just right for my ear. The tube lineup is a 6CY5 detector and a 12A X7 two-stage audio 
amp. 


The transmitter initially did have some output, but it was acting strangely. It turned out that the pi-network output of the transmitter had to be 
redesigned. It worked, but with an output at 40 meters instead of 80 meters! Some turns were removed from the coil and new fixed capacitors 
were installed. The output variable cap had to be changed as well. I had to fabricate a mounting plate so the existing front panel hole could be 
utilized. 


Now the transmitter puts out 10 watts (plus or minus). It is sensitive to the type of crystal used. For the contest I used a small surplus 3.547 MHz 
crystal installed in an old FT-243 case. It worked great. The transmitter uses a 6C4 oscillator and a 5763 power amp. 


This rig looks a Novice station project, perhaps from an old ARRL publication; however, I have not found a schematic for it yet. The station does 
work well. It drives either phones or a small external speaker. 
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Go to 2009 page 6. 
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The rectifiers are absent in this version, but note that the 
filter capacitor is still there. Keep it there—your car's alternator 
puts out an awful dc waveform. Filtering is still needed. 

All of the other parts are the same as the other circuit dia- 
grams. 


Construction Considerations 


The construction considerations you need concern yourself 
with when using these IC regulators are not very numerous. But 
those that do exist should be carefully observed. 

There are definite reasons for the endpoints of the graphs in 
Fig. 1-48. Do NOT extrapolate transformer voltages from either end 
of the graphs. 

These regulators will only work when an input voltage be- 
tween certain limits is present at the input terminal. The dropout 
voltage, or level below which the unit will not operate properly, is 
usually two volts greater than the rated output voltage. Thus the 
LM309 needs an input of at least 7 volts to work correctly. If the 
input is too low, it will not regulate at the desired voltage and the 
ripple will be excessive. 

The input level to these regulators cannot be too high, either. 
The upper limit is almost always 35 volts, except in some of those 
regulators with a high output voltage. For example, the A7824 
will take an input of up to 40 volts, but the other units in the 147800 
series (and the LM309) are limited to 35 volts. This figure includes 
peak ripple voltage. If the input exceeds the absolute maximum 
input rating, permanent damage may result. 

There is another reason for keeping the input voltage as lowas 
possible. The dissipation of the devices in the T0-3 or T0-220 
packages must be limited to around 5 to 10 watts, depending upon 
heat sink efficiency. (The LM309H, in its TO-5 metal can package, 
is limited to around 1 or 2 watts power dissipation.) In this case, 
exceeding the junction temperature limit, for whatever reason, 


TO POSITIVE 
TERMINAL ON 7 
BATTERY wid | 

FUSE BLOCK OuTeut 


— 


Fig. 1-49. This is a supply tailored for use in the transient-prone environ- 
ment of a car. Zener Z1 can be anywhere from around 24 to 30 volts. All 
other parts are as in Figs. 1 and 2. 
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Steve Hewlett 


My 2006 contest set has three coils which slide on a polystyrene tube. From left to right they are wave trap, antenna coil, detector coil. All three 
coils are space wound (one wire width spacing between turns) copper wire; #24 ga. for wave trap and detector coils and # 23 ga. for the antenna 
coil. 


A Single Jackson 365 pF VC 1s used on the wave trap coil and a single Jackson 410 pF VC 1s used on the detector coil. A dual Jackson 410 pF 
VC is used on the antenna coil in a Tuggle arrangement. The diode is a FO-215. A Calrad transformer and a "benny" (are included). 


Tim Kilboy 
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Wayne Thelen 
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BLOCK DIAGRAM 


ANTENNA 


GROUND PARTS LIST 


C1 - 425 pF Variable Capacitor with vernier drive 

C2 - 506 pF Variable Capacitor with vennier drive 

C3 -0-50 pF Variable Capacitor, (trimmer) 

C4 - 450 pF Variable Capacitor 

C5 - 3-45 pF Variable Capacitor, (trimmer) 

C6 - 0.1 pF capacitor 

C7 - 0.47 pF capacitor 

Di - INHA Germanium diote 

Ri - 500 K-Ohm pot 

Li - 36 1/2 TURNS 650/48 Lite wire on 9 pt spider web coll form; L = 160.3 pH; 5.77 0,0. 
L- 37 1/2 TURNS 500/48 Lite wire on 3 pt spider web col form; L = 171,1 pH; 5.85 O.D. 
Ti - VINTAGE RCA Input Transformer - P=250 K Ohms CT ; S to 200 Ohms 

Phones - (2) U.S. Instruments UA1974 "Sound Powered” UAT574 


Full details can be seen at Wayne's Website 


Jack Bryant 


I used the same set in the BCB Open Class Category for 2004, 2005, and 2006. I tried the Hobbydyne in my toroid set, but my set worked better 
without it...too much signal loss. The selectivity of the set was already pretty good. 


I did use an outboard cap this year in series with the set’s built-in dual section cap. I liked it so much that I will probably modify my set and put 
the cap inside. Part of the reason for this is that my antennas are large with a lot of capacitance to ground. The standalone antenna cap adds a lot 
of flexibility. 


Another mod to the set was a neon bulb connected from antenna to ground. This year we had some pretty good thunderstorms during the first 
part of the contest. When the bulb lit the room up, well, it was time to shut down! ( I exaggerated just a little bit here.) 


I did encounter a problem that I will mention, and perhaps you can avoid it. I wear glasses, and the constant pressure of my headphones against 
the ear piece of the glasses gave me a terrific headache. I apparently injured a nerve since it took me several weeks to recover. I am wondering if 
it is time for laser surgery so I can eliminate those glasses. You notice I didn’t say stop using headphones... 
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Gil Stacy 


Set: Same set as last year. Headset: RCA Big Cans tuned> and recharged by Steve Bringhurst. 


Antennas: 88” top loaded vertical up 50” and 180’ inverted “U” up 50”. Ground is the post 2004 DX DX contest ground described at the bottom 
of this page Set was the same as used in 2005. The antenna was a top loaded vertical cage antenna. 


Lem Morrison 


Set was the same as used in 2005. The antenna was a top loaded vertical cage antenna. 


Alex Perez 
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Crystal Set DX 2006 Receiver 


Despite the shortcomings that befell my design last year, the exact same setup 1s employed this year. The antenna spans a length of 
approximately eighty feet in a northeast to southwest orientation, rising to a height of forty five feet at the far end from the initial twelve feet. A 
convenient cold water pipe serves as a ground and 1s connected with a fifteen foot length of wire running horizontally. In order to minimize 
losses, an eight inch diameter twenty turn coil consisting of fourteen gauge wire is utilized and tuning is accomplished with a high quality vernier 
driven variable capacitor across the coil. A small ceramic trimmer loosely couples the antenna to the top of the tank circuit. Last year, the 
advantages of Schottky diodes were realized and a single BAT28 performs admirably in the design. A high impedance transformer matches the 
high impedance detector output to the low impedance DLR No. 5 headphones. These sound-powered headphones were most graciously provided 
as a prize by the contest committee two years ago and were instrumental in greatly boosting the DX capability of the receiver. A simple 
inductively coupled trap must be in place at all times. At night, 1t opens up a few hundred kilohertz around WXEM while during the day, it 
enables the reception of weaker stations across the band. 


Band conditions seemed different this year but proved to be advantageous. After considerable experience gained during the preceding contest and 
an overall greater familiarity with band conditions, I promptly logged the majority of the typical nighttime band markers. The ensuing evenings 
resulted in only a few new nocturnal DX catches. Regrettably, I should have exploited the terrific grayline conditions to a greater extent this year. 
Nonetheless, many stations and points were gained due to a more casual approach to grayline DXing. Typically DX within fifty kilohertz of 
WXEM is impossible, even at night. Nonetheless, stations were logged on 1410, 1500, and even WXEM’s own frequency of 1460 when it 
decided to completely shut down for a short while. Following in the pattern set by my previous participation, I did surpass my score considerable 
while greatly enjoying the Contest. 


Back to the main page. 


Specifications: This GPS tracker applies the newest technology with the 
$9.67 following 
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This detail shot shows the original Lyonodyne C2 and L2. The entire set can be seen below. 
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The MOSFET detector is mounted on its own circuit board along with its output jack. This board mounts to the set using the thumb nuts that 
attach L2 to C2. L3, a darker shade of pink, is mounted in back (‘cold' end) of L2. The original diode output at bottom-center was not used. 


To me, the most impressive feature of the ALD MOSFET detector was its superb selectivity. This makes sense, since the GATE presents 
essentially a zero load to the tuning tank, thus preserving its Q. 


Volume, especially on weaker stations, was noticeably less than that delivered by the single diode detector. This may be partly due to the less- 
than-ideal matching between DRAIN-SOURCE and the audio matching and output circuits. Didn't have much time to play around with matching 


before the contest started. 


Many thanks to my 'Benefactor' who provided the much-needed ALD110900A's during our recent national shortage. 


ALD1103900APA 
MOSFET sections paralleled 
G D 
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L2 -- 36 turns, 5 in. dia. 
L3 -- 8 turns, 5 in. dia. 


MODIFIED LYONODYNE CRYSTAL SET 
For my 2007 XSDX set I adapted one of the popular ALD110900A zero-voltage-threshold MOSFET detectors to the Lyonodyne. The highest 


voltage, at the top of the secondary tank, is applied to the MOSFET GATE. An added-on 8-turn coil L3, closely coupled to the 36-turn secondary 
coil, feeds the DRAIN-SOURCE and audio load. 


Evan Haydon 


Another fun Elmer Memorial Crystal Radio DX Contest is over. I used the same crystal radio that I used last year with only a couple of 
improvements. I bought some 420/46 litz wire for my coils. The Q of the coils used in the crystal radio is now 800 from 550 khz to 1200 khz. 
The Q then tapers down to 600 at 1700 khz. My six toroid traps are all wound with the same litz wire and have a Q of 400. 


My antenna is the same as last year except that both ends are now up 40 feet. I am now using a good set of Big Cans for headphones with a 
bogen T725 transformer for matching to the radio. 
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I did my usual listening to the broadcast band almost every evening and some mornings from the middle of September up to contest time. I made 
a lot of notes. These paid off in time saved finding and identifying the largest number of stations possible during the contest. It is amazing how 
fast some stations appear and fade away at the gray line. One has to be on the right frequency at the right time to catch them. 


The band conditions here were very good the first day of the contest. The second day was really pretty good too. After that, the conditions were 
generally poor with some spotty openings. Here are some of my statistics for the contest. 


Day Hours spent Stations found 
1-12 15.5 166 
1-13 9 34 
1-14 11 23 
1-15 12 19 
1-16 11 19 
1-17 6 8 
1-18 7 8 
1-19 6 3 
1-20 5 5 
1-21 8.5 4 


91 hours 289 stations 


Some of the stations heard during the contest: 


WWRV 530 khz South Caicos Islands 1987 miles 
CMQ 670 khz Cuba 1483 miles 

CM 530 khz Cuba 1481 miles 

CKWX 1140 khz Vancouver, BC. Canada 1400 miles 
KNBR 680 khz San Francisco, CA. 1379 miles 

WBZ 1030 khz Boston, MA. 1333 miles 


My personal choice for best catch during the contest: 
KGBC 1540 khz Galveston, TX. 250 watts 804 miles 
Good copy for an hour on the evening of Jan 19. 


On an average winter day I can always hear about 55 stations. Most are within 175 miles. One everday station heard is 5 kw at 247 miles. My all 
time list of stations heard on my crystal radio that ID in English is now 412 stations. Let's do it again next year. 
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will only trigger the internal protective features—thermal shut- 
down and current limiting— causing no permanent damage. This is 
especially important if you want to draw a full ampere from the 
supply. Although the dissipation capacity is still a function of heat 
sink efficiency, 20 watts is the absolute maximum dissipation 
regardless of how much heat you remove from the case. 

For these reasons I have included points, labeled D (for 
dissipation limit), on the graphs in Fig. 1-48. If you want to draw 
high currents from the IC, use a transformer voltage to the left of 
(above) points D and attach the regulator to an adequate heat sink 
with liberally applied silicone grease. The Signetics LM309 data 
sheet indicates that a typical commercial heat sink, the Wakefield 
680-75, should be sufficient to allow the T0-3 package of the 
LM309K to dissipate from 5 to 7 watts at room temperature before 
thermal shutdown is triggered. Use this as a guideline for deter- 
mining your own heat sink requirements. Keep in mind that my 
placement of the dissipation limits in Fig. 1-48 is in no way abso- 
lute. Dissipation capacity is very dependent upon heat sink size and 
efficiency. Simple experimentation should be used to determine 
what size is needed for your specific application. 

Refer to the base diagrams in Fig. 1-50 for finding the pin 
connections of the T0-5 metal can, T0-3 metal power, and the 
TO-220 plastic power packages. Follow normal wiring procedures, 
with no other special precautions except to make sure that you use 
large enough wire for the current you intend to draw. 


Design Calculations 


For those of you who want to apply my design procedures to 
other three terminal regulators, or just simply want to know a little 
of the theory behind this shortened design method, here are all the 
necessary calculations and a little on why they are used: 

You do not get exactly 12.6 volts dc from a 12.6 volt trans- 
former. Nor do you get 6.3; in fact, there is no such easy one-to-one 
relationship. Rather, you get a fluctuating dc waveform whose 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Crystal Radios Of The 2007 Contest Entrants, Page 1 


ANTENNAS: 


1.Long Wire approx. 200 ft long, up 80 ft, lead-in approx. 100 ft, all one-piece litz to rig. 

2.Four element 20M colinear antenna, fed with 300-ohm feeder, used as three antennas. Up 85 ft. 3.Misc. Spotter small antennas. 
ANTENNA TUNER: 

Seven inch diameter, 6.5 inches long, ceramic form, space wound, 90 turns, bare silver plated wire, selectable on each turn. 
Capacitor: 4 section, 570 pf each, Variable, ceramic insulated silver plates. Wired series and parallel. 

RIG: 


1.Antenna coil: Large (?) litz on 4.5 inch diameter opaque plastic pipe form, close wound. Detector: 185/46 litz on 3.5 inch diameter ceramic 
form, space wound. Q ~ 650. (HP-4342A) 
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2.Grounds (2): house ground system, 200 gal LP tank underground, water filled. Connected with 50 ft of RG-8 coax, inner conductor and braid 
paralleled. 


3.Diodes (22): different TYPES, on ceramic rotary switches, instantly selectable. Favorite soldered in. 
4.Capacitors: ceramic insulated, silver-plated, approx. 550 pf. 


5.AUDIO: Bogen T-725 plus 200K to 1000 ohm 
45-703, miniature transformer. 


6. HEADPHONES (3): USI, 1247-A, mike elements wired in series. (2) N.I.B. (Ebay, no name) soundpowered headphones, one set series, one 
set parallel wired. 


7.All traps, (3), ceramic insulated caps and litz coils. 
8.“Tuggle” type circuit. 


9.““S” meter: Olson TE-380 meter, 0-8.7 ua, 
Heath: 0-200 ua, series connected. 


10.All internal RF wiring 185/46 litz. 

11.ALL components mounted on Plexiglas sheets. 
12.Many “Classic” vernier dials. 
ACCESSORIES: 


l.Icom R-70, spotter 

2.Chrysler van auto radio, spotter 

3.Icom PCR 100 with PCR 1000 software, spotter. 
4.B&K Signal Generator, E200-D, frequency verification. 
5.B&K, 1851, Frequency counter , frequency verification. 
6.H.P., 4342A, Q meter. (max Q ~ 1000). 

7.Heathkit, QM-1, Q meter. (max Q ~ 500). 


Charles Pullen (Chuckster) 
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PUC A A TE 


This circuit is a hybrid of Steve Bringhurst's select to match circuit and Dave Schmarder's toroid set #45. The design goal for this radio was high 
performance in a small package. The case is 9 inches x 6 inches deep x 1 3/4 inches tall. The toroids are FT 114A-61 amidon cores, L1 tapped at 
12 turns. The toroid coupling coils are wound on a small tube with an ID slightly larger than 3/8 inch. The first coil is close wound, 15 turns. The 
second coil is triple spaced, seventeen turns. Both coils 24 awg and are approximately 29 uH with coupling accomplished by moving a 3/8" x 4" 
ferrite rod in and out of the coupling coil's tube. The detector used was a pair of HP 5082-2835 schottky diodes. The phones used was a pair of 
Philmore xtal earplugs in parallel thru a radio shack mono Y adaptor. The antenna used is a half sized g5rv ham antenna approximately 25 ft up, 
center conductor & braid of the coax connected together. Ground system is 3 four foot copper clad steel rods 8 ft apart connected with #14 awg 
solid bare copper wire. 


The detector cap sometimes has a very slight but noticeable bit of hand capacitance at times, it seems to depend on the weather. All in all a good 
performing radio. 


Dan McGillis 
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For the 2007 Crystal Set DX Contest, I used an all ferrite-rod double tuned set-up: Detector - ATU - Wave Trap. 


The inductors are Amidon Ferrite 61 0.5”x4” ferrite rods with 165/46 Litz coils wound directly onto the rods. All capacitors have ceramic 
insulators. Detector tuning 1s split into 3 ranges to cover the broadcast band. Each range has it’s own capacitor, trimmer and 8:1 vernier dial. The 
“Tuggle tuned” ATU is split into two ranges - each with its own capacitors and 8:1 dials. The inductively coupled wave trap has one range and a 
48:1 vernier. A FO-215 diode is Hobbydyne coupled to the top of the detector coil - no taps. Diode output goes to a Bogen T-725 transformer 
then to two USI UA-1614 sound powered elements in series - or - standard telephone handsets in series. 


The antenna is an end-fed 200’ inverted Vee with it’s apex at about 40’; ground is a 4’ pipe driven into the ground. 
Dial number-to-frequency calibration curves for the detector and ATU were converted to vernier dial numbers for every 10 khz of the broadcast 
band. A station heard on a digital read-out Yaesu FT-757GX spotting radio could be quickly converted to crystal-set dial numbers - and vice- 


versa. 


I think the bandspreading and calibration expansion are the best features of this set-up. 


Dave Schmarder 
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Dan Petersen 


"Na 


The "Litz Blitz" 
January, 2004 


-= i Él 


Here is a picture of Dan's set, the "Litz Blitz". This set is in the XSS Newsletter as an article in the March, 2004 issue. 


Brian Wingard 
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2005+ 1722 


Steve Bringhurst 


Steve uses a BC-221 as the basis for his BCB set. The BC-221 is a frequency meter, WWII vintage. 
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Mike Tuggle 
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Mike Tuggle's record smashing DX set. 


Mike Branson 
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The matching unit. 
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amplitude varies all the way from zero to a peak value of V2 (or 
about 1.414) times the transformer voltage. 

As you increase the size of the filter capacitor, the ripple 
stabilizes. The waveform approaches an inverse sawtooth—an 
almost vertical charge time, followed by a nearly steady linear 
discharge rate, all repeating every 8.333 milliseconds (cycling at 
120 Hertz). The peak value of the waveform remains where it was, 
but the amount of ripple subtracted from it decreases. Approximat- 
ing a sawtooth will be close enough for our purposes. 

Since specific transformer voltages are a lot easier to come by 
than are capacitor sizes (especially if you rewind them yourself— 
but that’s another whole story), we will calculate the necessary 
transformer size needed with a given capacitor. Let’s start by 
taking that capacitor size and calculating its ripple per given cur- 
rent drain: 

81 
V = C 
where V_ = peak-to-peak ripple voltage, I = current drain in mA, 
and C = filter capacitance in uF. 

We now have the amount of ripple, the diode drop, and the 
dropout voltage of our IC regulator. The sum of these voltages 
equals our minimum necessary peak transformer value. The 
minimum rms voltage that we can use therefore is: 


V, = (1.414) (V, + V + 1.3) 


where V, = transformer voltage, volts center-tapped (rms), V, = 
regulator dropout voltage (usually 2 + Vo? and V_ = the ripple 
voltage we calculated above. 

Since this equation is for use with a center-tapped transformer 
and a full wave rectifier, here is a modified formula to use for Fig. 
1-47. It is not simply half of the full wave value, so use this 
modified formula instead of trying to work it out of the other one: 


V, = (707) (V, + V_ + 2.6) 


where all variable names are the same as before. 

If you are using other rectifiers and have more accurate data 
on them, you can insert your diodes’ forward drop in place of the 1.3 
and 2.6 that I use for 1N4000 series rectifiers. Remember that, 
whatever the average current, the peak value is much higher at 
specific instances. Currents above ten amperes can be in a one amp 
power supply! Keep this in mind if you calculate your own rec- 
tifiers’ forward drop. 
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Jack Bryant 


I started putting the set together on January 5, 2004...way late! I used a black plastic clipboard for the front and a clear orange plastic one for the 
chassis plate. 1"x3" small boards are used to hold up the chassis plate. I installed the coil supports during the contest and the phone jack 
afterward. 


This set is a modified bandpass unit, but uses two separate coil assemblies. Each assembly consists of toroids wound on FT114-61A cores for the 
antenna and detector coils. Each assembly has it own coupling coil, connecting the antenna and detector circuits. 


Here are the specs: 


Lo Band 
Antenna: FT114A-61, 33T #18 


Couping Coil:FT-82-61, 10T ant side, ST detector side, tapped every turn (det side only) Detector: FT114A-61, 40T #18 
High Band 


Antenna: FT114A-61, 22T #14 Couping Coil:FT-82-61, 10T ant side, ST detector side, tapped every turn (det side only) Detector: FT114A-61, 
20T #14 
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The audio transformer is one of the Fair Radio 100k:100 ohm units. The headphones are Dynalec mic elements. I started with one of the ITT 
diodes, then settled on one with a blue stripe (characteristics unknown). 
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Ron Everingham, Open Class Entry 
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This double tuned radio is really my first attempt for DX listening by virtue of using two vernier dials, variable coupling and audio matching. 


LI is wound on a piece of ferrite rod connected to a swinging arm to obtain variable coupling for L2. The S meter is a surplus 30uA movement 
which gives a good indication for setting the tuning capacitors to a particular frequency when a signal generator is loosely coupled to the aerial. 


The aerial used is about 20 feet high and 80 feet long bent to fit into my small lot. 


Dave Schmarder, Loop Class Entry 
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To see Dave's log and contest set description click here. This will take you to his fine website. Here 1s his loop antenna description. 


Jack Hennon, Open Class Entry 
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Jack used the venerable Miller 565 with an external audio matching unit. Notice the very rare 10 ua meter 
in his audio unit! 


Evan Haydon, Open Class Entry 
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I spent a lot of time preparing for the 2009 contest. I spent many hours most evenings for the last three months listening to the broadcast band. 
From both notes made then and from memory, I am very familiar with what stations appear at what time of the day at this location. I watch band 
conditions carefully and fairly accurately know which stations it is even possible to hear at any time on any frequency. 


My crystal radio will at night hear any signal that my spotter radio will hear except for weak signals 10kc either side of my 3 local stations. My 
crystal radio will hear 95% of the daytime signals that my spotter radio will hear. On a good cold winter day, I have received 57 stations. My 
radio, traps, and antenna system are exactly the same as used in the 2008 contest. I could not find any way to improve the system. 


This year’s contest had unusual conditions here. The first day had very good receiving conditions. The second day had good conditions. The 
band then stagnated. It did not change for the rest if the contest. The stagnant condition was not what I would call a normal winter condition 
either. There was no flux or change (due to weather conditions) to cause stations to appear and disappear. For day after day it was the same old 
stations all up and down the band. 
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The contest was fun to work as always. My list of all time stations identified on the broadcast band now numbers 505 stations. I identified 66 
stations this year that I did not hear in the 2008 contest. That means that I identified 36 stations in the 2008 contest that I did not hear this year. In 
the 2009 contest, I logged 4 stations from New York state, 1 from Boston, 3 from California, 2 from Philadelphia, and 25 stations from Canada. I 
identified stations from 31 different states, Canada, Mexico, and Cuba. IBOC probably cost me 3 or 4 stations to not be logged this year 


Below is a summary of my activities during the 2009 crystal radio contest. 


Stations 
Day Logged Time spent 
1-16 197 15 Hr 35 Min 
1-17 32 12 Hr 20 Min 
1-18 27 11 Hr 20 Min 
1-19 21 11 Hr 10 Min 


1-20 11 8 Hr © Min 
1=21 9 7 Hr 20 Min 
1-22 8 6 Hr 50 Min 
1-23 8 8 Hr 15 Min 
1-24 7 7 Hr 35 Min 
1-25 8 10 Hr 20 Min 


Total time spent - 98 hours 45 minutes 
Total stations heard - 328 

Total stations identified - 312 

Total points - 583,312 


Michael Bartolone, Open Class Entry 


My current contest rig has contra wound solenoid coil 5.25 in diameter, each section 29 turns of "indoor antenna wire", 2.15in length per section, 
single gang 400pf air variable cap, unknown diode scavenged from a clock radio picked up at Goodwill (the diode has two red bands on one end 
and no other markings), Clevite brush phones. 


Coils suspended in a slide cradle 20 inches above the desk. The tank is loose coupled to an ATU with contra wound solenoid coil 5.25in 
diameter, each section 26 turns switchable so I can use either single section, or both in series, or in parallel, with a 5 gang 380pf per gang cap 
switchable to put various gangs in series or parallel with the various coil configs. 


One tunable trap with a single 5.25 in diameter coil, 43 turns, 3 in long with 440pf cap for tuning. 


Note the 'indoor antenna wire" is like very cheap litz...35 strands individually insulated but only twisted, not braided like true litz. However, the 
price was too good to pass up ($0.02 per foot when I bought it). 


My antenna is a 75+ foot long wire (16ga speaker wire) average about 12 feet above ground, run from the eaves at one corner of the house to a 
tower about 35 feet from the house and then back to the other corner. The ground is a single copper clad rod about 3 feet long about 2 feet into 
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Mike Tuggle, Lyonodyne-17, Open Class Entry 
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Fig. 1-51. This breadboarded supply was assembled with an LM309K for 
use in testing TTL circuits. 


Round up your final answer. This will incorporate a safety 
margin to allow for component tolerances and line voltage fluctua- 
tions. A ten or twenty percent round up margin could safely be 
used, providing that you do not approach the absolute maximum 
input ratings of your device. Your final calculation should be a 
check to make certain that the instantaneous voltage, with the 
actual component values you have decided to use, never exceeds 
the capacitor or regulator input ratings. When you round up, all that 
you in fact are doing is improving the line regulation at only a slight 
trade-off in size and efficiency. 

The LM309 regulator (both the H and K package styles) has 
been designated to be worst case 7400 TTL compatible. Barring 
thermal shutdown or current limiting, their output voltage will 
never deviate outside the 4.75 to 5.25 volt range that 7400 TTL 
logic requires—even counting line, load, and thermal regulation 
summed worst case. 

The LM309H is therefore a prime candidate for on-card reg- 
ulators for logic circuits needing less than 200 mA —and it is in fact 
somewhat unique in this respect. The larger package styles, al- 
though still small enough for PC board mounting, are more condu- 
cive to chassis mounting. See Figs. 1-51 and 1-52. 
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The Lyonodyne 17 was used in the crystal set category, the same set used last year. The Active Device set used in the contest is the Homodyne. 
Click here for the info on the radio, as used in the 2007 Active Device Contest.. 


Evan Haydon, Open Class Entry 
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This year’s crystal radio contest was fun, even though it was long. The broadcast band conditions in Lincoln were what I would call normal or 
generally good. I used the same crystal radio and antenna setup that I used in the 2009 contest. 


23 radio stations that I identified in the 2009 contest were not heard in the 2010 contest. I identified 24 new stations in the 2010 contest to add to 
my all time heard list. That list now stands at 536 stations identified. For that number, I only count US and Canadian stations. 


In the 2010 contest I heard stations in 33 states from California to New York. I identified 30 Canadian stations, 7 Cuban stations, and 2 Mexican 
stations. The most stations identified on one frequency was 9 stations on 1190 kHz. 


Number of stations per week: (Jan 15 to Mar 15, 2010) 


Week 
Week 


Week 1 - 244 
Week 2 - 42 
Week 3 - 33 
Week 4 - 21 
Week 5 - 16 
Week 6 - 17 

7 

8 


Total of 394 broadcast band stations identified 


Total points: 793,421 


Ralf Siemieniec, Open Class and Below BCB Class Entries 


Receiver Used For Long Wave Reception 
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Li, L2 
L3, L4 
L5, LE: 
L?, LE 
L3.L10: 
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¿4 S700uH, Core P1811 [M33L AF-Liz 800.02 

¿x 3104H, Core P18-11 (M33), RF-Litz 8040.02 (2x] 
24 90H. Core P1811 [MIL AF-Litz 4600.02 (2x) 
2x TH. Core AMS (KIL AF-Liz 600.02 [2x] 
24 O.8pH. Core AMS [F1) Aglu-Laz AwG24 


cw 


Long Wave Receiver Schematic 


Open Class Crystal Set Entry 
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2x 5082-2835 


24 BAT 5-020 


Sl - Antenna Volume/Selectrity Selector 

owe - Antenna Matching Swich 

Siw - Single: / DualTune Switch 

Swi - Band Selectos [ Lw A bwi 7 Mw? ST ASE] 
51445 + Headphone Impedance Selector 


Bogen 1-725 
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Crystal Set Schematic 


Spiderweb Coil Q vs. Frequency 
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— Spiderweb 185yH, 
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Here 1s a map showing the received stations. 
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Lem Morrison 


N4AHJ 2005 CONTEST CRYSTAL RADIO and OTHER INFO 


The picture shown is the set in the 2004 Contest configuration. 


TRAPS: 
(1) Tunable (1) - 2-section variable, sections in parallel, 240pF total; Rook coil with 18 gauge wire, 5.25 inches effective diameter, 47 turns; 
loose-coupled to the Detector coil. 


(2) Tunable (2) (located in AMU) - both use 14 gauge enamel wire on FT-114A-61 cores and dual-section variables with both sections in 
parallel. 


(3) Fixed (9) (located in AMU) - 14 gauge to 22 gauge enamel wire on FT-114A-61 cores, silver mica fixed capacitors, and plated ceramic 
trimmers (one trap for each of the local “blow torches”). Each link-coupled to the antenna feed to the set. 


ANTENNA MATCHING UNIT (AMU): 

One 4-section variable capacitor, four fixed capacitors (SOOpF, 1000pF, 2200pF, and 5000pF), and two coils (42 turns 14 gauge enamel on a FT- 
240-61 and 26 turns 16 gauge enamel on a FT-114A-61). All components switched to provide four matching arrangements: series LC, parallel 
LC, inductance only, and capacitance only. Both inductors are tapped to provide 23 L settings. An antenna switch is provided for switching 
between up to five antennas. 


BANDPASS TUNER: 
Capacitor - 520pF variable, 2 sections used in Tuggle arrangement; vernier is a surplus right-angle unit with a 25:1 ratio. 


Coil - Two Rook coils with 14 gauge enamel wire, 6.25 inches effective diameter, 15 turns each, 30 turns total; bandswitch provides either series 
or parallel coupling for Low band and High band tuning based on Ben Tongue’s approach; loose-coupled to the Detector coil. 
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DETECTOR TUNER: 
Capacitor - 420pF variable with home-made vernier with a 32:1 ratio (vernier constructed from gears salvaged from a VCR and a TV tuner). 


Coil - Two Rook coils with 14 gauge enamel wire, 6.25 inches effective diameter, 18 turns each, 36 turns total; bandswitch provides either series 
or parallel coupling to provide Low band and High band tuning based on Tongue’s approach; impedance taps (High Band: 100%, 75%, 64%, 
50%, and 28%; Low Band: 100%, 72%, 50%, 28% ) on coils to provide matching to diodes. 


Diodes - Two (one marked FO215 and one marked 3502) in parallel. 


AUDIO: 
Matching - Reproduction of Steve Bringhurst’s Ulti-Match circuit. 


Headphones - Two Automatic Electric GH-66919 elements (manufactured 1942) out of a military handset and a set of Steve Bringhurst’s 
enhanced SP cans. 


NOTES: 
The basic set is similar to my 2004 contest set. The primary > differences: larger Rook coils with larger gauge wire, hotter diodes (thanks to 
Steve Bringhurst), 20 uA meter, and new front panels. 


I determined optimum AMU settings across the AM BCB for each antenna prior to the contest. These settings were reasonably reproducible 
during the contest, even when it rained! 


The capability to switch among three antennas was great, especially between vertical and horizontal polarization. A station that was uncopiable 
on one antenna usually would be loader on one of the others. Generally, I used the vertical the most, but I noticed on several occasions that I 
could hear a station on one of the slopers when I could not on the Tee. 


By the way, I live on a city lot that is 85” wide and 165’ deep. However, I am blessed with having very good relationships with my neighbors on 
both sides and with a wooded area directly behind my lot. After Hurricane Ivan destroyed all my antennas (three oak trees ranging from 50’ to 
80” tall fell!), both neighbors allowed me to re-erect the Slopers across their backyards. Also, the 90’ leg of the Tee ran well into the woods 
behind my lot. 
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ANTENNAS: 

(1) Tee, 46’ tall; top-loading legs consist of two parallel wires 
spaced 38” and run 90’ to Southwest and 40’ to Northeast. The 
vertical core consists of a cage of four parallel wires spaced 

12” apart. To provide broader bandwidth I added two vertical 

wires from each of the top-loading legs (spaced 4’ from core center), 
and one additional vertical wire on Southeast and Northwest sides 
(spaced 4’ from core center). All of the vertical wires are connected 
at the base and series fed with a single wire. 


(2) Sloper, 118’ with far end at 50’ and station end at 8’, 
oriented toward East-Northeast 


(3) Sloper, 130’ with far end at 50’ and station end at 8’, 
oriented toward West-Northwest 


Ground system: Ham station ground - six ground rods interconnected 

and connected to shack with two quarter-inch copper straps; supplemented 
by one 8’ ground rod directly under the Tee and 4-4’ ground rods 

under the wires dropped from the top-loading legs, all inter-connected 

with copper wire; both ground systems connected with a run of copper 

braid (salvaged from old RG-8) over a #10 copper wire. Radials are 17-gauge 
aluminum electric fence wire; used 12 radials with lengths from 30’ to 135’ 
(one radial attached to the city water system!). 


Mike Tuggle 
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As it turns out, all loggings were made in the 'BROAD' configuration. 


The DX gods never really smiled this time, maybe an occasional 
smirk. Still, I guess I can't complain. 


1 -- two-gang 550/500 pF, vernier dial 
Li -- 36 turns 660/46 litz, basketbwound 
L2 -- 18 turns 420/46, centered on L1 


See Darryl Boyd's “stay Tuned" site 
for complete details. 
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SELECTIVE 


BROAD 


MODIFIED MRL #39 CONTEST SET 


Philip Miller Tate (Ge_Whiz) 
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The radio is a loose-coupled set. The antenna coil is heavy solid copper wire, 16 turns on a two-and-a-half inch diameter ABS drain pipe, tapped 
every other turn. The aerial is coupled in via one stage of a dual 120 + 120pF variable capacitor; the other is in parallel with the coil. There is no 
earth connection — the set works better without 1t — but the earth level is hard-wired through to the detector coil. The aerial itself is a total of 120 

feet of wire running from the end of the house, 50 feet to the shed roof and back at an angle of about 35 degrees to the opposite end of the house, 
average height 20 feet above ground. Note that there is no vertical section, as the radio is located on the top floor of the house. 


The detector coil is eight turns of 660/46 Litz wire with an inductance of 5uH, wound on a five-point rook former of the same ABS pipe, in 
parallel with a 350pF variable capacitor with three-turn gearing. The combination tuning system covers approximately 4-15MHz. The detector is 
an AAZ18 germanium gold-bonded diode. Output is to a Select-to-Match transformer system and thence to a pair of DLR-5 military balanced- 
armature headphones. 


Alongside the detector coil, as shown above, is the plug-in coil of a homebrew gate-dip oscillator connected to a Racal Nixie-tube digital 
frequency meter. By carefully adjusting the tuning of the GDO, the dip of the detector coil resonance can be found to about +/-20kHz accuracy, 
and used to find the station on the spotter radio, a Sony IC100. 


Rich Shivers 


I have followed the comments on the Rap 'n Tap board, and agree that conditions were not very good this year. Compared with last year my total 
station count was down and DX stations were just not there. Disappointed, yes; did I have fun, yes. 
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I am using a large tapped single coil set. It's an air core basket weave coil 5" in diameter, about 8" long. 66 turns of 14awg THNN household 
wire. It is tapped every 11 turns with separate rotary switches for the antenna, detector, and capacitor. Normal arrangement has the antenna and 
detector tapped near the bottom of the coil. By tapping down the tank circuit I can band-spread the top of the band for improved selectivity. The 
tuning cap is a three section 400uh unit. One section across the coil, the other two section in parallel from the bottom of the coil to ground. A 8 to 
1 vernier dial drives the tuning capacitor. Between the antenna and tank coil is a wave trap constructed of a tank circuit and a coupling coil. Both 
trap coils are wound on a single ferrite core. Headphone are WE 509's. Detector is a 1N34. Antenna is a T arrangement; 40' across the roof, with 
an 8' lead-in, the other leg drops straight down for 12'. 
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THE 723 VOLTAGE REGULATOR 


Whenever you need a regulated power supply for the test 
bench or for that special IC project you're working on, consider the 
723 integrated voltage regulator. This handy little device is inex- 
pensive, simple to use, and offers a lot of capability in a small 
package. With it, you can build a quality regulated power supply 
using very few parts. Read on and I'll show you how easy it is to 
custom design your own regulator around the 723 to suit your 
particular application. 

Before we begin, let's look at a few characteristics of the 
device itself. The 723 operates with a rectified and filtered input 
voltage in the range of 9.5 volts to 40 volts. The output voltage is 
adjustable from 2 volts to 37 volts with .01% line and load regula- 
tion. 

In case the terms “line regulation” and “load regulation” are 
unfamiliar to you, line regulation is the percentage change in the 
regulator output voltage for a change in the input voltage; load 
regulation is the percentage change in the regulator output voltage 
for a change in the regulator output current. Ripple regulation, 
which is defined as the ratio of the peak-to-peak input-ripple 
voltage to the peak-to-peak output-ripple voltage, is typically 45 


' As you can see, the regulation characteristics of the 723 are 
excellent. > however, tha tihe 723 has two A a a 
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Fig. 1 52. Here is an sampio of a an , on-card regu lator using the LM309H. 
The circuitisaTTL heads-tails game, taking its power from a 9 volt battery. 


57 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Crystal Radios Of The 2005 Contest Entrants, Page 2 


i y 
| lusie Creme Shami Ï 


I built a new set for this year's contest. Some components were transplants from the 2004 contest. This set uses three coils and 5 variable 
capacitors, you will also notice three knife switches that were used in various parts of the receiver. 


The antenna coil is aproximately 30 turns of close wound magnet wire, apx. 3 inch diameter. The caps (top and bottom) on the left side of the 
receiver provide parallel and series tuning to the antenna coil. The alligator clips on both caps allow the caps to be easily taken out of the circuit. 
The detector and trap coils are apx 4.5 inches, 9 point basket weave coils. During most of the contest, I actually set this up with the trap in the 
middle and the set became triple tuned. 


The detector coil is a dual gang Russian variable cap (built in vernier) and the knife switch allowed me to use one or two gangs for detector 
tuning. The bottom right cap uses the same type of cap and knife switch arrangement for ground leg tuning. The top right cap was fitted with a 
10 to 1 vernier reduction for wave trap tuning. The phones are sound powered cobbled from some USI elements and a bogen matching 
transformer can be seen mounted under the "shelf". I used two diodes at different times during the contest, an FO215 (solo and configured in a 
Hobbydyne set up) and a schotty diode. 


As you can see the radio case "was" a wooden breadbox and the door came off making a nice shelf. On the left side you will see a stand alone 
inductive antenna tuner, this helped during the contest and is really great for casual listening; with the caps configured in a certain fashion, I can 
tune 5 or 6 of my regular stations just by clicking the rotary switch on the tuner. I had more points and station count with this year's receiver, but 
due to high winds just prior to the contest lost my best antenna. I ended up with a sloper apx 80 feet long and about 25 feet at its highest. Lots of 
fun! It is great to see all the radios that been built. 


Dick Kleijer 
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My receiver is build with separate unit's. 
- the antenna unit 

- detector unit 

- audio transformer unit 


The coils are made with litz wire 660/46 and are wound on very low loss polypropylene formers. The diode is a double shottky diode, type: 
HSMS282K. The transformer unit has a input impedance of 1600 k.Ohm, this is about the impedance of the detector LC circuit, so there is 
maximum power transfer. 


As loudspeaker, I use a driver unit of a horn loudspeaker. The antenna is a 22 meter (72feet) wire, with the highest point on 18 meters (59 feet). 


On the picture, you see the antenna wire coming down from the top of the mast. More info about my receivers, you will find on my website: 
crystal-radio.eu 
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Antenna matching unit. 
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Detector Schematic 
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Audio matching unit. 
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Charles Pullen (Chuckster) 


Station count was a little better than last year. I modified the metro to have a tuggle tuned antenna, added vernier drives for the antenna and 
detector capacitors and installed an old 5 gang fm tuner to give the detector circuit a selectable bandspread cap. 


The antenna 1s a sixty foot inverted L approximately thirty feet up, and the ground 1s two four foot copper clad grounding rods tied together. I 
slapped to inline wave traps together to help tame the bandmasters. I used my copy of Steve B.'s ultimatch for impedance matching, and my head 
set was two philmore xtal earplugs connected to the ultimatch with a radio shack mono y adaptor. 


My coils were severly mismatched and pretty beat up as seen in the photo of the "Improved metro", but just ran out of time before the contest 
began to conjure up a new set of coils. I plan to replace the coils with toroids next year ala the TK2 circuit. Experiments with the toroids look 


really good but again didn't get them ready in time for the contest. 


I'm pleased with the results I got considering the shape my coils were 
in and the really warm weather conditions we've had ... 


Chuck 
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Here is the web page with additional comments, etc. Dave's 2006 Contest Log Dave's #63 Radio 


...I used my #63 set with the crystal detector on the antenna tuning unit board...The other coil is a wave trap circuit. 
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200 pf Ganged with 
400 pf capacitor 


350 pf 


Wave Trap [Phones 
240 uh Transformer: 
Bogen T725 


Hobby Class Crystal Radio fc) 2006, D. Schmarder 


Dick Kleijer 


The receiver is a loop receiver with sides of 26x38 cm (10x15 inch). The wire is 660x0.04 mm litz wire (660/46). 


Number of turns: 16 


The two transformers have a total primary impedance of 300 k.Ohm. The headphone is a modern 2x32 Ohm type (Sennheiser HD202). 


Dick Kleijer 
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Doug Herigstad 
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The radio I used is a double tuned set with the coils space wound on a 5” form. (3 liter soda bottle). I built a variation of Owen Pooles’ “Project 
Radio” on his website. 


The antenna coil is 35 turns of space wound solid 18ga hookup wire. I used a combination parallel/series Tuggle tuner with separate 365pf vcaps 
with the series vcap in the ground path instead of between the antenna and primary tank. This gives me kind of a band spread. 


The secondary or main tank vcap was pulled from an old battery set and has a 6:1 vernier built in. The main tank 1s 47 turns of space wound 
18ga solid hookup wire on a 5” form. Only the antenna circuit is grounded to a cold water pipe. 


The detector coil is solid 18ga wire wound on a 4” ferrite rod and fastened on the inside of the main tank. The detector itself is a 1IN34A diode 
connected through a 39K ohm resistor bypassed with a .1 mylar capacitor connected to the white lead of a Bogen T725 transformer. 


The headphones I used were the elements pulled from a discarded hearing impaired telephone series wired into a set of shooters muffs. These 
sound elements are much more sensitive that regular telephone elements. They work the best on the 3750hm tap off the Bogen. Much better than 
my 2000 ohm Newcomb magnetic headset. 


The antenna itself is 12ga stranded wire 50’ high and 100” long on the horizontal part oriented east to west. The far end is the west end ... 


Regards, 
Doug Herigstad 
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Fig. 1-53. Function block diagram of a series voltage regulator. 


we must deal with. The first of these is that this IC can provide a 
maximum output current of only 150 mA. This limitation can be 
overcome by adding a single external pass transistor, as we will 
see later. The second disadvantage pertains to the value of the 
internal reference voltage of the 723, but I'll discuss this later and 
show you how to overcome it as well. 

To illustrate how easy this device is to use, let's look at the 
723 internal structure and then design a few regulator circuits with 
it. Figure 1-53 shows the essential functions of a typical series 
voltage regulator. The reference voltage element provides a 
known stable voltage which is compared with a sample of the 
regulated output voltage at the comparator. The comparator sub- 
tracts the sampled output voltage from the reference voltage. This 
difference voltage (or error voltage) is then amplified by the error 
amplifier to provide drive for the control element. The control 
element behaves similarly to a valve in a water line in that it 
conducts more or less to adjust its resistance, and hence its voltage 
drop, to yield the proper output voltage across the load. 

Now compare the internal features of the 723 (Fig. 1-54) with 
the regulator block diagram (Fig. 1-53). The 723 contains all the 
necessary regulator components except the output sampling ele- 
ment. The reference amplifier, current source, and zener diode 
comprise a stable temperature-compensated voltage source. 
Other internal functions include an error amplifier, a series pass 
transistor (the control element), an adjustable current limiter, and 
a 6.2-volt zener diode. The input of the error amplifier functions as 
a comparator by taking the difference between the voltages applied 
to the inverting and noninverting inputs. Note that the current 
limiter and the 6.2-volt zener diode are features that are not 
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pipe ground OT 


tapped coil (see dwy.) 


Crystal radia with typical connections for a long wire antenna and good ground connections. The diode 
is connected for weak signals and moderate selectivity. 


I've made a few minor changes to the schematic ... 


(1) The fixed value cap is 250 pf instead of 1000 pf. 

(2) The fixed resistor is 100 k instead of 82 k. 

(3) I used an audio transformer plus a set of "big cans"...instead of the Xtal earpiece. (my skull is still distorted from those big cans) I think it'll 
still work without the fixed capacitor and resistor if I go back to using the Xtal earpiece. This would leave me with a set made from just four 
parts. I may try running it, in that fashion, next year. 


73, Ed NN2E 
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The SUPERCRYSTODYNE 


I decided to get serious about the 2006 crystal radio contest and make the maximum commitment to do my best. I knew that I could do better 
than what I did in the 2005 contest. I wanted to see what a maximum commitment would produce. I started the day after the 2005 contest ended. 
The following is commited, devoted, crazy, or whatever you want to call it. The following documents over 400 hours spent toward this goal. 
After all, I'm retired and have plenty of time. What better way to spend it? 


First thing was to build a new and better crystal radio that had the maximum efficiency that I could possibly put into it. The design would use the 
same basic circuit as I had been using. The coils had to have the highest Q possible. I needed a test instrument to measure Q. Thank you Ebay for 
allowing me to purchase one. Now to get some good wire to use. I purchased some different guages of stranded silver teflon wire. Thank you 
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Ebay again. I wound many many coils. I found the proper size for maximum Q at the frequencies to be received. No larger or smaller wire size is 
better. No larger or smaller coil diameter is better. No more or less turns of wire is better. Maximum Q is found. Now, one pair of coils in the 
receiver will not maintain maximum Q all the way across the broadcast band. I use two different sets of coils. One set for 530-1100 kc. One set 
for 1100-1700 kc. Now I have maximum Q across the whole broadcast band! These coils are the basket weave type held together with hot glue. 
They are air core coils using 22 guage stranded silver teflon wire. The two sets of coils can be swapped on the radio in less than 60 seconds. 


Both of the variable capacitors that I use have porcelain insulation for the stator plates. The range of tuning must cover as much of the 180 
degree range of the variable capacitors as possible. This must be done for both sets of coils with no critical lossy switches or taps on the coils. 
This was accomplished by using dual section capacitors and a couple trimming or padding fixed silver mica capacitors as necessary. The only tap 
on either coil is one on the secondary coil for the detector crystal. The position of that tap was determined by actual on the air listening for 
maximum selectivity and sensitivity in that order. The support for all RF parts is white 1/4 inch thick plastic. All wiring in the radio is made 
using stranded silver teflon wire. 


Now I had to have calibrated dials to quickly and accurately go to any frequency. Each of the two tuning shafts pass through the two panels. Each 
has a six to one vernier attached to the panel. So, each shaft has a 36 to | tuning reduction! On each shaft between the two verniers is an 
insulated flexible coupler. This isolates the tuning knobs from the RF circuits of the receiver to eliminate hand effect capacitance to the receiver. 
On the front of the rear vernier I placed a four inch diameter plastic disc. This disc is directly fixed to the shaft of the variable capacitor. On this 
disc I have paper dials calibrated for both coil sets. Each coil set uses a different colored ink. They are held on by double sided tape for easy 
removal. Thus, I can remove and make a new one in about a half an hour. 


The detector is two parallel 1N34 diodes. They were selected for maximum sensitivity to a weak signal by on the air testing. I have a 50 
microampere meter in series with the diode detector. A signal of less than 1 microampere 1s 100% readable. I am about 700 km from Chicago 
and Denver. It is not unusual for KOA or WBBM to come in at a full scale reading of 50 microamperes. 


The headphones that I use are unique. I started with two USI balanced armature low impedance elements taken from an old sound powered 
handset. I first took them apart. I removed the coils. I took all of the wire off of the coils. I rewound them using super hair fine wire from a 6000 
ohm sensitive relay coil. Each headset coil now measures well over 2000 ohms dc resistance. They were installed into a cheap, but nicely 
padded, headset that I already had. They are very sensitive. I also like the frequency responce of them as they reproduce higher audio frequencies 
better than the lows. The lows tend to be "muddled" on crowded frequencies. 


Last summer was antenna experimenting time. I put up, tested, and took down more different sizes, lengths, heights, and orientations of wire than 
I can remember. Needless to say, considerable time was spent on this aspect of my endeavor. What I wound up with was a wire about 200 feet 
long that generally runs east and west. It is up 40 feet at the east end, 60 feet up at a point 120 foot west of that, and then sontinues 80 feet 
southwest of that ending up 25 feet above ground. The down lead comes off at a point close to the 60 foot support. All wire in the antenna is 18 
guage stranded silver teflon wire. I have a ten millihenry choke to ground at the listening bench. Before I put that on, I saw 3/4 inch sparks from 
the antenna. 
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Designing filters to kill local stations became a must. I have a one kilowatt station only two kilometers from me. The Q meter came into use 
again. I ordered a number of each of three different sizes of torroids from Amidon. The coils for the traps are designed for maximum Q at the 
operating frequencies. I needed five for the top of the band and only one for the bottom of the band. They are wound using 22 guage stranded 
silver teflon wire. Each has a small 365 pf capacitor in parallel with it. There is a small winding on each for coupling. These small coupling 
windings can be put in or out of series with the antenna with a flip of a switch. Any number of traps can or can not be used at any time. They are 
all mounted on plastic to preserve their Q. These traps work very well and tune very sharp. This filter unit is a separate unit from the crystal 
radio. Also on this unit is a variable capacitor with poreclain insulation and silver plated plates. It is used to trim the antenna when needed. 


By now, I was getting a good start on my quest. Next up was getting familiar with the broadcast band. This means lots of time spent listening. I 
listened almost every evening and night from the middle of August until the contest started in January. I estimate that I spend at least 300 hours 
listening and gathering information. I systematically monitored every frequency at all times of the day and night and carefully documented which 
stations could be heard at what time and on what frequency. The more times that I heard an individual station, I knew that on any given day there 
was a good chance of my hearing it. All of this information was used in the contest for maximum efficiency of the time available. This is critical 
because many stations can be heard only during a small window at sunset. Last year in the contest I didn't even listen at this time of day figuring 
that all of these signals were too weak to be heard. Wow, was I missing the boat or what? This is the best time to listen. I added almost 150 
stations this fall to my all time heard list by listening during this period of the day. The information I then had for possible reception of stations 
was put to use in the 2006 contest. It worked well. 144 stations logged on the first day! The broadcast band conditions on that first night were the 
best that I have experienced in the past two years. They were nothing short of amazing. I put in 14 hours of listening and logging on that day 
alone. On every day of the contest I was by the radio for a couple of hours around sunrise, off and on during the day, and from 4 PM until about 
11 PM. A person just can't miss that one more station logged. I put in at least eight hours of listening and record keeping for the contest for each 
of the nine remaining days of the contest. Almost 100 hours during contest week. 
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Total time spent for construction, preparation, and contesting turned into somewhere near 400 hours of fun. Every day listening 1s different. 
That's what makes it so interesting and fun. The band conditions were very good almost every day of the contest. Some nights produced longer 
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Lem Morrison 


N4AHJ 2004 CONTEST CRYSTAL RADIO and OTHER INFO 


ANTENNAS: 

(1) End-fed inverted V long wire, 135 feet with apex at 40 feet, two 135 feet counterpoises under the antenna. 

(2) Vertical, 48’ tall Tee; top-loading consisted of two parallel wire spaced 38’ and run 90’ to Southwest and 40’ to Northeast; 10 radials with 
lengths from 40’ to 100’; series fed at base with single wire feed. Vertical core consisted of a cage of four parallel wires spaced 12" and two 
wires from each of the top-loading legs dropped down, spaced 4" from core center, and connected to base to provide broader bandwidth. 

(3) Sloper, 118’ with far end at 50’ and station end at 8’, oriented toward East-Northeast. 

(4) Sloper, 130’ with far end at 50’ and station end at 8’, oriented toward West-Northwest 

Ground system: Ham station ground - six ground rods interconnected and connected to shack with two quarter-inch copper straps; supplemented 
by one 8’ ground rod directly under Vertical antenna and 2-4’ ground rods under the wires dropped from the top-loading legs, all inter-connected 
with copper wire; both ground systems connected with two runs of copper braid salvaged from old RG-8 coax. Radials were 17-ga aluminum 
wire (used for electric fences). 


TRAPS: 


(1) Tunable(1) - 2-section variable, sections in parallel, 240pF total; Rook coil with 18 gauge wire, 5.25 inches effective diameter, 47 turns; 
air-coupled to the Detector coil. 


(2) Tunable (2) (located in Antenna Matching Unit) - both use 14 gauge enamel wire on FI-114A-61 cores and dual-section variables with 
both sections in parallel. 


http://www.crystalradio.us/crystalradios/2004-3.htm 2/10 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Crystal Radios Of The 2004 Contest Entrants, Page 3 


(3) Fixed (9) (located in Antenna Matching Unit) - 14 gauge to 22 gauge enamel wire on FT-114A-61 cores, silver mica fixed capacitors, and 
plated ceramic trimmers (one trap for each of the local "powerhouses"). Each link-coupled to the antenna feed to the set. 


ANTENNA MATCHING UNIT (AMU): 
One 4-section variable capacitor, four fixed capacitors (SOOpF, 1000pF, 2200pF, and 5000pF), and two coils (42 turns 14 gauge enamel on a FT- 
240-61 and 26 turns 16 gauge enamel on a FT-114A-61). All components switched to provide four matching arrangements: series LC, parallel 


LC, inductance only, and capacitance only. Both inductors tapped to provide 23 settings. An antenna switch is provided for switching between up 
to five antennas. 


TUGGLE TUNER: 
Capacitor - 520pF variable, 4 sections, 2 used in Tuggle arrangement, vernier is a surplus right-angle unit with a 25:1 ratio. 


Coil - Two Rook coils with 16 gauge enamel wire, 5.25 inches effective diameter, 15 turns each, 30 turns total; bandswitched to provide either 
series or parallel coupling to provide Low band and High band tuning, a la Ben Tongue’s arrangement; air-coupled to the Detector coil. 


DETECTOR TUNER: 

Capacitor - 420pF variable with home-made vernier with a 32:1 ratio (vernier constructed from gears salvaged from a VCR and a TV tuner). 
Coil - Two Rook coils with 16 gauge enamel wire, 5.25 inches effective diameter, 20 turns and 21 turns, 41 turns total; bandswitched to provide 
either series or parallel coupling to provide Low band and High band tuning, a la Ben Tongue’s arrangement; switchable taps (High Band: 100%, 
75%, 50%, 25% and Low Band: 100%, 87.5%, 67.5%, 50%, 25% ) on coils to provide matching to diodes. 

Diodes - Three 1N34A Radio Shack equivalents, paralleled and matched for Forward and Reverse resistances. 

AUDIO: 

Matching - Reproduction of Steve Bringhurst’s Ulti-Match circuit. 

Headphones - Two Automatic Electric GH-66919 elements (manufactured 1942) out of a military handset. 


NOTES: 


The basic set is the same as my 2003 contest set. I moved the fixed traps from the Tuggle Tuner to the AMU and complemented them with two 
tunable traps. There were a number of times when I used all three tunable traps and one, or more, fixed traps! 


I determined optimum AMU settings across the AM BCB for each antenna prior to the contest. 


Notice the spotter set and audio matching unit on the bottom shelf. 
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View from the left side 


Ed Phelps 
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Crystal radio with typical connections fora long wire antenna and good ground connections. The diode 


is connected for weak signals and moderate selectivity. 


Click to view larger schematic. 


Mike Schroeder 
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Front View 


Rear View 


Dave Schmarder 


PUNING MIN COLFPLING mac 


These pictures and discussion are from Dave's site at: Dave's #35 DX Radio. His full description of this receiver is at his makearadio.com 
website. 


This is the Crystal Radio to End all Crystal Radios. Hello there. Can't you just feel the tension rising? With this new radio I shift gears again. 
Large litz wire, high quality variable capacitors, schottky diodes. It won't get much better than this. Last night I am proud to announce that I 
heard KMOX in St. Louis on this radio. That is my furthest DX ever. I am sure that the ionosphere was hot and the wind was blowing my way, 
but a heard station is a heard station. Enough bragging and on with the show. 


This radio is built in modular form. Mike Peebles gave me the idea when he had his modular crystal set published in the Crystal Set Society 
newsletter. The first part built is the detector. This consists of the main tuned circuit with my 660/46 Uberlitz Coil. This is of my own design. I 
am a big fan of litz spider coils, and this is a big litz spider coil. I believe I hit crystal set heaven with this coil. The detector unit also has a 
selectivity / sensitivity control using a differential capacitor. Besides all of this there is, of course, the detector diode itself. I made a board with a 
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three position link switch and places for three diodes to be connected. This allows me to easily compare 3 diodes in the same set. After the 
diodes is an audio output transformer and RC network. The 27 mh choke provides a DC return path for the diode circuit. 


The variable capacitor is an old one made by National Radio. I made a wheel and fashioned a vernier tuning system with a grommet and a dowel 
rod. I get nice, slow and smooth tuning with this system. You can use a vernier dial instead if you don't have one of these capacitors in your 
junkbox. 


The selectivity and sensitivity are handled by a differential capacitor and a piston trimmer. This system was first used in the Hobbydyne II circuit 
by Jim Frederick. The piston trimmer is for tracking adjustment. You adjust the piston trimmer until the main tuning needs no touch up after 
turning the differential capacitor. This is a breakthrough in weak signal reception on a crystal set. 


The audio transformer matches the very high (100 k ohm +) detector circuit with the much lower impedance headphones. I am using a 100k to 
1.5k ohm transformer. If you can find a high quality transformer, go for 1t. 


This covers the detector section of my high performance radio. Next comes the antenna input circuit and maybe a wavetrap. 


My tuning unit is now complete. The coil is made from 660/46 litz. The hub diameter of the coil is 3 inches. The coil form made from 1/16 inch 
styrene sheet 1s 6-1/2 inches wide and 7-1/2 inches tall. There are 33 turns on 1t for an inductance of 150 uH. The variable capacitor has 600 pf 
per section. Smaller ones can be used, however the low end of the band might not tune. You could probably get away with a 500 pf per section 
capacitor. This antenna tuner is wired as a "Tuggle Tuner". 


Earlier I had used a 150 micro henry coil made from 40/44 litz wire. This worked quite well. One night very late, I scanned the dial and with this 
set up I heard 40 stations. Not bad for a September night. 


The two units are placed next to each other. The coil distance for good overall operation are about 15 inches apart. Careful adjustment of the 
antenna tuner and detector tuning are required. The Q of these types of coils have been measured at over 1000! This ain't your grand pappy's 


crystal set. 


If you build one of these, let me know how it plays for you. Happy crystal set dx. Dave, N2DS 


Coil 660/46 lite wire, 41 turns on styrene 
spider form. 310, 1.75 0.0. 


f , 100k: 1.5k 
pt= small piston timmel Taner 
Diodes: 11344, Schottky na 
pa Phones 


15pf Differential 
Capacitor 


Crystal Radio Detector Schematic c) 2004, D. Schmarder 


Coil: 3inch hub, 
Dual 600pf 41 turns 660/46 
litz wire, 2404H 


spider form 
Cail: 3inch 
hub, 33 turns SER 
660/46 litz 
spider form 
150uH Antenna Input Wavetrap 


> tuner 


Crystal Radio Antenna Tuner and Vvavetrap 
fo) 2003 D. Schmarder, M205 


Back to the main page. 


Eduardo Ledesma 


fone PEALTYOMEGROUP 
http://www.crystalradio.us/crystalradios/2004-3.htm 7/10 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Crystal Radios Of The 2008 Contest Entrants, Page 1 


e Contest Results 
o 2004 

2005 

2006 


2007 


2008 
009 


2010 


O O 00 0 0 0 0 
N 


o 2009 Sprint 
e Previous 
e Next 


Crystal Radios Of The 2008 Contest Entrants 


Page 1 


Mike Tuggle, Lyonodyne-17, Open Class Entry 


"So, the solenoid is king, the spider needs a make-over and the basketweave is done." - from a post on Rap-'n-Tap - 


Right. 


Mike Tuggle, Loop Class Entry 


This double-tuned set is built onto a Steve McDonald (VE7SL)-design alt.-az. loop antenna. 
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essential to the operation of the regulator. However, the current 
limiter is extremely useful for setting the maximum (short circuit) 
current output from the regulator, and the 6.2-volt zener diode can 
be used in floating or negative voltage regulator applications. One 
caution should be noted here—the 6.2-volt zener diode is only 
accessible in the 14-pin dual-in-line package. The flat pack and the 
10-lead metal can packages do not have enough pins to accommo- 
date all the internal functions of the 723, so the Vz output is not 
accessible. The pin outputs for the various packages are shown in 
Fig. 1-55. 


High-Voltage Regulator (7.1 volts to 37 volts) 


A typical 723 regulator circuit is shown in Fig. 1-56. In this 
figure, the temperature-compensated zener, the reference 
amplifier, and the current source are represented by an equivalent 
independent voltage source (a battery) to simplify the diagram. Vr 
may vary somewhat from device to device (6.6 volts to 7.5 volts), 
although it is typically 7.1 volts. The value of Vr establishes the 
lowest possible output voltage obtained from this circuit. 

R1 and R2 form a voltage divider network from which the 
output sample (Vx) is taken. Therefore Vx = VoR1/(R1 + R2). If 
Vx is greater than Vr, the error voltage (which is Vr — Vx) will be 
negative and the output of the error amplifier will decrease, caus- 
ing the series pass transistor to conduct less. This, in turn, causes 
Vo to decrease until Vx is equal to Vr. At this point, the error 
voltage is essentially zero and the output voltage (Vo) remains 
steady at a value equal to Vr(R1 + R2)/R1. Should the output 
voltage begin to decrease, Vx will begin to decrease proportional- 
ly. As Vx attempts to drop lower than Vr, the error voltage 


FREQUENCY 
COMPENSATION ve 


TEMPERATURE 
COMPENSATED 


SERIES PASS 
TRANSISTOR 


CURRENT 
SOURCE OUTPUT 


CURRENT 
LIMIT 
TRANSISTOR 


CURRENT CURRENT 
SENSE Limit 


Fig. 1-54. internal 723 functional block diagram. 


59 


2/2/2019 Birmingham, Alabama Crystal Radio Group — Crystal Radios Of The 2008 Contest Entrants, Page 1 


The ferrite coil slides on a loop strut to vary coupling. The idea was to see if mainland stations (2400 miles, and greater, away) could be heard 
here in Hawaii on a passive loop crystal set. The answer is, yes -- just barely. I really could have done with a bigger loop. Maybe next year. 


Leading up to this circuit, I tried several designs using zero bias-voltage MOSFETs. A tapped ferrite coil or a pair of 5-inch diameter basket coils 
was used for gate and drain-source circuits. The basket coils were way over-coupled. None of the MOSFET circuits had promising sensitivity for 
possible mainland reception. Only by going to an ITT FO-215, kindly provided by Steve Bringhurst, could the big hop be made. This repeats my 
finding in last year's XSDX: The MOSFETs provide good selectivity but are not all that sensitive. 


Twenty-five stations were heard, five of them DX on the mainland. Two of the DX stations were co-channel with strong local stations. I suspect 
the DX stations had exalted carrier help from the locals. This may be a potentially exploitable property of loop antennas: their characteristically 
sharp nulls can be directed to knock down strong local stations while, at the same time, leaving some carrier to exalt co-channel DX stations 
lying anywhere off the null direction. However, complete nulling the local station takes out everything. 
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ferrite BIG 
core FO?15 LS-1? CANS 
coil > + 


UO OG 


1 Meter 
VEFSL 4 
Loop ae 
10 Turns 
660/46 C1 


Evan Haydon 


I built a new crystal radio this year. I am now using 660/46 litz wire for my coils. One pair of coils for 530 kHz to 950 kHz. A second pair of 
coils for 950 kHz to 1700 kHz. They are basket weave with a five inch diameter. I wound solenoid coils of many diameters, inductances, and 
wire spacings with the 660/46 litz. None of them approached the measured Q of my five inch basket wound coils. My calibrated dials are six 
inches in diameter with two 6:1 verniers in series driving each dial. A third scale on each dial covers 1500 kHz to 1700 kHz. A pair of dual 8-60 
pf silver plated porcelain insulated variable capacitors are switched in for 1500 kHz to 1700 kHz. Silver plated trimmer capacitors calibrate them 
to cover the dial. Overall selectivity and sensitivity are to the point that I really can’t complain. 


This year’s contest was fun because the band was in flux all week. The first day had average to good conditions. The next three days were very 
poor with spotty receptions. The next two days had cold fronts pass through and stir things up. There were some unusual openings to the 
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southwest. The last days were lively during the gray line times with some new stations for my all time heard list. That list is now 469 stations. 


Here 1s a table of my activities during the 2008 contest. 


DATE #HRS #STATIONS 
1-18 13 168 
1-19 13 35 
1-20 10.5 18 
1-21 7.5 9 
1-22 7 15 
1-23 9 20 
1-24 7 9 
1-25 5 8 
1-26 6 16 
1-27 9.5 3 


Total of 87.5 hours and 302 stations. 291 stations identified. 11 stations not identified. 
Total points: 556,834 
Just in case you haven’t guessed by now, I only eat, sleep, and work the crystal radio contest for 10 days in January. 


Dan McGillis 
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The set-up is a standard double-tuned arrangement with hobbydyne coupling. I tried to learn from and use the info that folks have so generously 
posted on R'nT and Dave's forums. Wish I could "give back" as much as I've received. 


Antenna: 200' inverted "V", apex ~ 40". I "sling-shotted" a wire over the highest tree near the house. 
Ground is a 4' pipe into damp soil + a wire into a pond. 


The set is Double Tuned: Ferrite inductors 10" above table top on empty HDPE containers. Getting the coils up away from the table made a BIG 
difference. 


Detector Coil: Vintage ferrite bars, 9x2, 1/8” sep, 35t cw 330/46, 120 uH. "Battradio" ferrite bars, 2 stacks of 9 (7 high+1 each side) Wrapped 
with packing foam. This is kind of a 1.25"x1.25", "squarish" coil. I used Used the recent posted Q info with the wire I had available. 


Dual gang 10-410pf cap, series-or-parallel (ceramic DPDT switched). The switch in the tank circuit didn't seem to hurt selectivity. Two tuning 
ranges gave good mechanical bandspread (<25 khz/div @ max f) via Jackson Bros. ceramic insulated cap, + 48:1 vernier, 0-100 dials. The 
Tuning is VERY sharp - really need the verniers (8:1 dial x 6:1 planetary). 


Tuggle tuned ATU: 0.5”x4” Amidon 61 rod, 50t cw 165/46, 203 uH (~best for this antenna). 4" Amidon rods give better Q than 7.5" rods. 
Separate 365 pf Jackson Bros. caps + verniers. I needed a 48:1 vernier on parallel cap - tuning is sharp. 
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Hobbydyne: ~ 17pf (ceramic air variable) + 27 mH; choke (Dave Schmarders'). Helped at high end but probably don't need it with these ferrite 
bars. 


Diode: FO-215 diode, rd~258k. (Picked the one with largest rd.). I could switch-in schottky's etc, but this was best overall match. 
Audio: Dave's 200kUberformer + 500k Benny, shunted by 1uF. Two USI-UA1611-1 SP elements in series. ( 200k:2.5k). 


Calibration: Curve-fitted table of dial settings for every 10 khz of AM band. This is VERY useful for quickly pouncing on DX that pops up then 
fades. 


Op-Aid: Master log of 300+ stations heard over the last 2 years. It really helps having frequencies paired to: ID’s, formats, ZIP’s, area codes, 
major roads, distance, grey-line, etc. 


Spotter radio: YAESU FT-757GX. 


Jack Bryant 
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I wanted to try something new this contest. My old friend, Lem Morrison, has had a lot of success with air core coils, so I thought I would focus 
on a similar set for 2008. I had conversations or e-mail exchanges with several friends on a set recommendations. This included Lem, Gil Stacy, 
Mike Tuggle, Dave Schmarder, and Steve Bringhurst. The set would use 660/46 Litz on some kind of form. Steve's recommendation of HDPE 
vinegar jugs with a six inch diameter was the final choice of coil form. I used bamboo skewers through the ends of the jugs as part of the 
supports system. These skewers went into vertical posts of CPVC pipe; The pipes were epoxied into the fiberboard bases. The arrangement is 
was I call “goal post support’. I set the jugs up several inches from the fiberboard to help minimize losses. 


The radio has five basic building blocks: the trap, antenna tuning, detector, audio matching, and headphones. The trap was the easiest part since I 
used a toroid unit I had built a few years ago. It uses and FT114A-61 toroid with a five turn link opposite the primary winding. The ceramic 
insulated variable cap is tuned with a 5:1 ratio velvet vernier from a WW2 BC-375 tuning unit. 


The antenna module uses a variable with a built-in 2: 1 vernier and is wired in series with the antenna. The antenna connects to the frame, and 
the stator connects to the top of the parallel tank circuit. This tank circuit consists of a “goal post” mounted Litz jug-coil and a ceramic insulated 
variable cap with a vernier, also from a BC-375 tuning unit. These verniers have a 50:1 ratio and use a right angle drive approach. A drum made 
from a peanut butter jar top provides basis for the frequency readout. 


In many other radios I used a dual section cap for the combination of antenna and tank circuit caps, but I wanted additional flexibility. The 
approached used here worked out great. The separate series antenna cap was especially useful during daytime DXing. It allowed me to use a 
greater value of antenna series cap for higher volume on weak daytime stations as well as reduced series capacitance when needed for selectivity. 
The base of the unit is fiber board with a from panel made from a black plastic clipboard. 


Next is the detector module with the goal post mounted Litz jug-coil, an FO-215 diode, and a Fair Radio “holy grail” variable cap. This unit also 
uses the same type base and front panel as in the antenna unit. I selected to use neither taps nor a contra- wound approach on the two coils, just 
continuous wound coils. I did add complexity by adding an additional eight turn winding between the Litz rope for biasing a zero- bias 
MOSFET. This was switched in and out via a panel mounted double pole ceramic switch. I had trouble with the MOSFET and switching 
arrangement and finally bypassed it, using only the diode detector. 


A panel mounted phono plug allows connection to the remote audio matching unit. A length of video cable joined the detector and audio units. I 
build a version of Mike Tuggle's double transformer Stanley match, and it worked great. Mine was wired for only two impedance options. I used 
the high input setting almost exclusively. I also tried a Select-To-Match and single transformer Stanley matching units for use with the in-the-ear 
units, but the double transformer Stanley Match seemed to work as well or better than those. 


The headphones required more attention than any other part of the radio. The many hours of listening in previous contests with heavy sound 
powered elements had taken its toll on the nerves around my ears. In the previous contests the irritation became quite severe, such that even one 
of my eyeballs throbbed with pain! I had mentioned this one Rap N Tap,and a received quite a number of suggestions. 


Garry Nichols and John Davidson provided me with an in-the-ear Shure unit to test. Steve Bringhurst provided a set of British phones with a 
wire behind the neck for partial support and a cloth band over the head. I also tried some Koss and Realistic in-the-ear phones. I used both the 
Shure and Koss phones in the beginning of the contest. They were comfortable and worked fine, but were not nearly as sensitive as my old 
phones. Steve's phones were sensitive but were not comfortable. I finally settled on a helicopter headset with salvaged SP elements. The headset 
fit completely over and around the ears. While these were not as sensitive as my old set of phones, they were a reasonable compromise. 


I have used a Realistic DX-398 for several previous contests, and I used it for this one, too. A neat trick is to bring the antenna matching unit 
near the DX-398. Sometimes the DX-398 needed this extra boost the hear the signal the crystal set was receiving! 


I like to use computer logging as I go along, so I used my normal home PC for that. A four foot table from Lowe's and a comfortable chair 
rounded out the listening post. 


Continued on Page 2. 
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Jeff Welty 


Parts List 

VC1 - 50 to 450 pf variable capacitor 

VC2 - 30 to 300 pf variable capacitor 

L1A - 16 turns 26 gauge magnet wire around FT-87 toroid 

L1B = 60 turns 26 gauge magnet wire around FT-87 toroid 

L2A - 6 turns 20 gauge "bell" wire around FT-87 toroid 

L2B - 60 turns 26 gauge magnet wire around FT-87 toroid 

VC2A - 35 to 145 pf variable capacitor 

VC2B - 38 to 455 pf variable capacitor 

L2 - 243* uH inductor, about 30 turns of scavanged low-grade litz on a 1/2” by 5" ferrite rod 
VC3 - 50 to 500 pf variable capacitor 

L3 - Contra-wound coil (43/145 uH) on 1/2" by 5" ferrite rod, 22 gauge magnet wire (switch for hi/lo inductance not shown 
C4 - 330 pf fixed capacitor 

D1 - FO-215 diode 

D2 - 1N34A diode (circa 1980) 

T2 - Bogen 725 transformer 

Phones - Single USI UA-1614-7 soundpowered earpiece 


* 12 is replaced with a 35 uH coil for high frequencies (>1200 Mhz), about 20 turns wound on a couple of 
rectangular ferrite bars taped together. 


Click here for the large schematic view 


The variable capacitor on the antenna coil is from a radio in that I remember being in my sister's room in the 1970's, (which I dismantled for 
parts sometime at the end of the 70's, and made my very first crystal set with), and the detector coil is wound around a ferrite rod from the first 
radio I ever owned as a teen age boy, also back in the 1970's, and died about 4 years ago so I scavenged the ferrite rod from it. 


The basic radio is mostly built from parts literally scavenged out of other radios over the years. The only "new" parts are the bogen 725 
transformer, FO-215 diode (thanks Dave Schmarder) and sound-powered headphones. 


Strong memories in this set for me, and hearing stations fading in and out really brings back memories of the days when I'd listen to my radio, 
hearing far away stations and caught up in the wonder of it. 


Otto Danby 
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spectraDyne ll 
Double tuned, Tuggle 

Antenna Cap.: 4/270Pf 

Detector Cap.: 2/270Pf 

Spider coils; using 165/46 Litz, 2" hubs, L1=40turns, L2=50turns 

SEC 25Pf Cap. and 27uH choke 

Detector FO-215 in test rack 

Headset 4400 Ohm magnetic 

Antenna's: #1 75' AWG 20 solid, #2 75' AWG 14 stranded, #5 00 AWG 14 stranded 
Ground One & x 1/2" copper rod pounded in about b.5' 

Wave Trap 126 turns AWG 30 and 15 turns AWG 22 Capacitor 20Pf to 165Pf 
Tuning Aid Accepts headset jack and Radio Shack Mini Amp, switch to either or. 


AA A 113 : > A eS 
eS a p- +" A Y - ES = 
ri A a ™ y Se > =, 
> . a —Á pra 


Click for large view. 


Peter Kertulla 


2007 CRYSTAL SET CONTEST SET 


The rig this year is all new. It is double tuned with 660 litz spiderweb coils. Both capacitors use reduction drives for easier tuning. The detector 
coil was changed at the last minute to a contra-wound configuration...the jury 1s still out as to the impact this made. I think I may use separate 
plug in coils for HI and LO band next year. The antenna is the same as last year... 100 foot end fed up about 25 feet. Headphones are sound 
powered elements in a reused headset with a bogen transformer that has switched impedances. 
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My short wave set 1s very simple. 

It consists of a tank circuit composed of a small Johnson roller inductor with a small 100pf silver plated variable cap. I connected another small 
variable as an antenna trimmer and included a small trimmer to ground. It has a diode selector arrangement including a single generic Radio 
Shack germanium (black band) and choices of one two or three paired Schottky IN5711s. I found it necessary to add a bias attachment for the 
IN5711s. 


I had an outboard Benny setup that plugs in between my matching transformer and the set. Therefore I added a tiny watch battery to the wiper 
and one end of the rheostat. The bias really perks up the IN5711 diodes. 


My headphones are Western Electric sound powered matched with a UTC Ouncer transformer. 
The antenna trimmer proved to be ineffective. So, I tried Steve B's cap string which helps somewhat. 
Naturally I wasn't quite ready when the contest started. So I got through the first couple of nights with the diodes still on clip leads. 


I used a couple of small door knob caps for the antenna cap 
string which is overkill, but I sort of like the look of it. 


Steve Hewlett 
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Fig. 1-55. 723 IC pin outputs. 


becomes positive, causing the output of the error amplifier to 
increase. The pass transistor then conducts harder, which causes 
Voto increase until Vx = Vr once again. As before, Vo = Vr (R1 + 
R2)/R1. 

Rsc is a series current-limiting resistor which is selected to 
limit the maximum current the load can draw (Isc). Since this 
resistor is connected between the base and emitter of the current- 
limiting transistor, the load current through Rsc forward biases 
this transistor, Note, however, that the current-limiting transistor 
does not conduct until its base-emitter junction potential is over- 
come (approx. 0.65 volts). For example, select Rsc = 0.65/0.10 = 
6.5 ohms. When the load attempts to draw more than 100-mA 
output current, the current limiter conducts and robs the series 
pass transistor of drive current from the error amplifier. The result 
is that the output voltage begins to drop off to restrict the current to 
the limit set by Rsc. Rsc is often selected so that the current 
capability of the regulator and power supply components is not 
exceeded. Therefore, you can short the output leads of the power 
supply without damaging the power supply or regulator. 

Follow the steps in Fig. 1-56 in selecting components for this 
circuit. First, choose R1 so that the current drawn by the voltage- 
divider network (R1 and R2) is between 0.1 mA and 5 mA, and let's 
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2007 Crystal Radio Contest Radio Set Description 


My 2007 contest set 1s the same as my 2006 contest set. The set has three coils which slide on a polystyrene tube. From left to right they are 
wave trap, antenna coil, detector coil. All three coils are space wound (one wire width spacing between turns) copper wire; #24 ga. for wave trap 
and detector coils and # 23ga. for the antenna coil. All three coil forms are 3" diameter polystyrene tube. The inductance of each coil is approx. 
251 uH. 


A single Jackson 365 pF VC is used on the wave trap coil and a single Jackson 410 pF VC is used on the detector coil. A dual Jackson 410 pF 
VC 1s used on the antenna coil in a Tuggle arrangement. The diode is a FO-215. A Calrad transformer and a "benny" is used in the detector 
circuit to match the SP headset - USI 1614 - I am using. The antenna is a 3-wire flat top aprroximately 75 feet long and 13-18 feet high. Ground 
is a Series of three 8 foot copper plated steel rods driven all the way in the ground four feet apart. 


Wayne Thelen 


Wayne's Newest Set 
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Rodney Look, Open Class Entry 
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Here is a link to theThe Pictures Slideshow for more pictures of the set. 


Here is a link that shows the location of the stations copied. 


Glen Yarbro, Open Class Entry 
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Radio : Dave Schmarder's #44 

Antenna: 80m trap dipole, 30 feet high 
Headphones: 4 k Navy phones 

Coils were wound with 24 gauge Bell Wire 


O. T. Anderson, Open Class Entry 
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This crystal set has been modified several times, the dials, Var Caps,and wave traps. Being a ham operator I really liked calibrated dials. Some of 
the local stations are in red. 


The right hand 3 tuning caps are the Hammarlund type. The three caps which are ganged together is a "Tuggle" front end. The detector cap is an 
old ancient job from a very early radio. I modified 1t using HDPE to replace old brittle bakelite. I don't know how good it is, but it looks and feels 
great. It has good band spread down at 1200-1700 kc. The three coils and output Xformer I bought from that good man, "Dave". 


The two right and left small caps are a band spread for about one station. It feels good to "rock" these a bit on a weak station. The "S" meter is a 
real help. A 3 position switch gives a off, normal and high position. I would not built a new set without one. Since this is a "crystal set" I had to 
put in new (old type) "Cat Whisker". Can you see it? It also has a place for 3 diodes. 


My biggest trouble here in Broken Arrow, OK is 1170 kc. That's KFAQ, old KVOO, 50,000 watts. Big 50,000. Has three towers, see them from 
our house. I have 2 wave traps, one 1170 and the other is 740, KRMG. The switch and stationary caps are at bottom right. Works OK, but 1170 is 
still in the back ground. 


Built up an external trap. It's still there. I accidentally found the trouble moving the set around one day, cleaning up. I nulled out 1170 as I had the 


set turned around so-so. Apparently the detector coil is a good antenna just like an antenna in a AC-DC radio. So what should I do? Relocate my 
operating desk, or better yet build a new set patterned after THE LYONODYNE, (which has wave traps on the detector coil). 
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My wife, Doris, KSBNQ, wasn't crazy about me being back in the shop. She said, when it gets dark, I should come in, build a fire in the fire 
place, read the newspaper, and have a big cold Pepsi or Mt. Dew. Then maybe she would give me some real good home made chocolate 
cookies!!! And some ice cream!!! 


Who could beat a deal like that? 


Mark Hampton, Open Class Entry 
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My set 1s a simple double tuned with a Tuggle front end and home brew friction reduction drives. A high/low switch spreads out the band a little 
further. The "high voltage insulators" are wood toy wheels stacked up and painted white. I thought it would add to the industrial look of the set. 


My antenna is a 300' longwire, 30' in the air and oriented NS. The ground is tied to the cattle fencing (welded wire on metal post every 10') that 
runs all over this part of the county. 


The unit 1s sitting atop my universal match box. The headset is SP units mounted in old Olympus stereo headphones. 


The barely visible blue pin is my location on the map. 


Garry Nichols, Loop Class Entry 
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This is the same set used in the 2008 contest, except for a few minor changes: 
-I took off the Select-To-Match this year and ran the loop with only the T3/AM-20 transformer (100:100k) and a 107 nA Schottky diode. 
-Big can mic elements in series had a 2 uf electrolytic between them and the transformer. 


This setup (with short leads) got rid of my FM interference completely, and I did not hear the intermittent hum that I was picking up last year 
from various orientations of the loop. 


Kevin Norton, Open Class and Short Wave Class Entries 


Sets: On B'cast I used the K-3 xtalset. It is a 75 ft longwire through a wiperless ceramic 4 gang, then to a 4 ceramic gang wiperless tank ( 660/46 
ferrite assisted air coil ). Each var cap is wired so that a 500 gang is bussed to the adjacent 500 gang. So two 500 gangs equal one leg of my cap. 
The gnd is to the FRAME of the tank var cap (NOT the "cold" stators). 

The det tank uses the same coil type and var cap type / wiring layout. There is no det tank connection to Earth or ant tank. 


All caps are 6:1 ball driven and have oversized insulated wooden knobs. 


A single FO 215 was used fully at the hot end of the det tank. Although single Schottkys HAVE been used in past contests, results were worse 
this time (for whatever reasons). 


The match is 2x UTC A-27s and the phones are David Clark SP types wired in series @1200o0hms. 


Future K-3 improvements could include raising the match Z by wiring in additional A-27's, changing the benny pot to a higher value and trying 
various benny caps. Also a set of high band coils should wake things up quite a bit on the high end. 


An outboard applied RF bias is available by a weak signal digital B'cast transmitter and coupled to the set by an unterminated litz air coil. This 
transmitter only covers 600 Kc and up, so an analog Heath signal generator fills in from 530 to 600. Using just a tiny level of (variable) RF 
greatly narrows the bandwidth. Strong locals are obliterated and signals otherwise NEVER copied come into good audibility. There is an almost 
"regenny" sound when doing this. 


I can find stations by using the analog or digital scales, bias the set into the "supercharged" mode,and then peak all controls. Then I simply shut 
down the RF, move the bias coil away and wait for a signal to come up into true xtalset passive copy. 


The HF set was a simple affair. A wiperless ceramic var cap on 11uH homemade > air dux. There is a two turn ant coil . The tank has no gnd . 
The det is an unknown diode directly into series xtal earphones. 


Overall a good a time, despite a slow start. 


Curtis Gamble, Open Class Entry 
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call this current Ib. Suppose we let lb = 1 mA; then R1 = Vx/Tb. 
But note that we previously stated that regulator action tends to 
maintain Vx = Vr, so R1 = Vr/lb = 7.1/.001 = 7100 ohms. Next, 
the selection of R2 is dependent upon the output voltage you want; 
R2 = (Vo — Vr)/lb. Finally, R3 is chosen to balance the impe- 
dances seen by the input of the error amp. This improves error amp 
stability and accuracy. Therefore, R3 should be equal to the paral- 
lel combination of R1 and R2. If you want to keep the parts count to 
an absolute minimum, then just connect Vr to the noninverting 
input of the error amp and leave R3 out altogether. In most applica- 
tions, you'll never notice a difference. The capacitor (C) in most 
723 regulator applications should be 100 pF to 500 pF. This 
capacitor prevents the error amplifier from oscillating. 


Low-Voltage Regulator (2 volts to 7.1 volts) 
The circuit of Fig. 1-56 has one primary disadvantage in that 
the lowest output voltage obtainable from the regulator is limited 


RECTIFIED AND 
FILTERED INPUT 
(95¥ TO 40v) 


— — sf — — — — — A A — — — — —e e e n 


PEE | a es es. ce es, ce ees ee | 


Wo 
IZIV TO 37V) 


Fig. 1-56. High-voltage regulator (7.1 V to 37 V). To select component 
values: 

1. Choose Vo 

2. Measure Vr (or assume Vr = 7.1 V) 

3. R1 = Vr/lb (Ib is between 0.1 mA and 5 mA) 

4. R2 = (Vo — Vr)/lb 

5. R3 = R1R2(R1 + A2) 

6. Rsc = 0.65 (Isc = max. output current limit) 

7. C = 100 pF to 500 pF 
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This is my first passive receiver that was not a bread board set. It includes a Tuggle antenna turning unit with 12 gauge enamel wire rook coil, 
center of the picture, a 1N34 detector with 14 gauge enamel wire rook coil, and a Triad SP 21 300 Hz to 100Kz response output to sound 
powered head phones. 


The unit to the right is an IC detector with an ALD110900A and BOGEN T725 trans- former to the same sound power headphones. The 160 
meter flat top dipole is up about 45 feet, plus I use a 50 foot long wire, and a house copper water pipe ground. 


I have two locations I can work, my old home place in Tuscaloosa, Alabama in the same shack I've had for over 50 years, and the home I live in 
now in Hoover, AL. I worked this contest in Hoover, Alabama. This location has very low noise, and after sunset the local blow torches are not a 
issue. I normally don't use a trap. 


Charles Pullen, Open Class and SW Class Entries 
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This is the same radio I used in the ’07 contest, with no additional modifications. I call it the Llama, because of the case it’s built in. 


The antenna this year was a 40 foot inverted L, about 25 feet above ground. I added two additional ground rods to my ground system this year to 
compensate for the smaller antenna. I had to make extensive use of the wave traps this time around, the locals at 1080, 820, 770 were totally 
dominating the middle of the band. 


This is a very simple SW loop antenna radio I converted from a QRP 40 meter small transmitting loop I built about 5 years ago, and has been 
beaten up quite a bit over the years. It consists of a four foot diameter, Y. inch copper loop that is paralleled with a 365 pf air variable capacitor 
and a 1n34a diode detector. 


I hooked it to my copy of Steve Bringhurst’s ultimatch unit for impedance matching and listened in with a pair of philmore xtal earplugs in 
connected with a radio shack mono y-adaptor. 
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Ralf Siemieniec, Open Class, SW Class, and Below BCB Class Entries 
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In the (broadcast band/mw) contest, I used my latest receiver which was just finished right in time. The schematic features a double-tuned circuit 
with an additionally antenna matching cap and probably does not show surprises. The whole device was designed to gain highest Q values within 
my possibilities. I used polystyrene coilformers of the german manufacturer Reinhofer which already offers the possibility to gain high Q values. 


The coils have 185uH and were wound with 460 x 0.02mm litz wires. Measurements of such a coil show increasing Q with frequency up to 
1550kHz and a maximum value of app. 830. A noteworthy improvement was reached by drilling six holes in each segment of the coilformer, 
now the Q increased across the frequency range of interest (in Europe, station in the mediumwave band cover a range from 531kHz to 1611kHz). 
Moreover, also a maximum Q of app. 1020 was found. Therefore I decided not to use contra-coils since I wanted to avoid the use of any (more or 
less lossy) switch in the RF section. 


To preserve the high Q, I used TRW silver-plated air variables in the antenna and detector circuit. Coupling of the coils is made variable by a 
somewhat old-fashioned technique as used in old tube radios. Anyway, it is working very smoothly and reliable. 


Housing is done by low-loss polypropylene sheets which keeps the Q up (refer the measurements of Dick Kleijer at http://www.crystal-radio.eu). 
In difference to most constructions presented so far, I completely enclosed the device. The main reason is to keep dust away from the caps - if 
you ever did Q measurements of high-quality aircaps with dust in between the plates, you will understand why. The dust probably kills more Q 
than the housing might do, providing the use of appropriate materials (thus, no wood, PVC, metal, acryl glas or most colored plastics). 


All variable caps are completed by 6:1 vernier dials made by UK Jackson Brothers. 5082-2835 schottky diodes are used as detector diodes and 
provide the best matching between detector circuit and audio transformer I was able to realize. The matching transformer with an input 
impedance of 500k was also manufactured by Reinhofer. The radio is completed by a pair of balanced-armature headphones Baldwin Type C as 
well as the usual benny circuit. 
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The real backdraw of my receiver is the limited antenna. I live in a five-storied house which not much chances for long antenna wires. Thus my 
best option was a 10m wire between my balcony and the roof of the next garage. Compared to my other set which I used in the last sprint contest 
and still used for the longwave and shortwave band in this year, selectivity and also sensitivity was noteworthy improved. The 6:1 vernier dials 
are already a minimum requirement, 12:1 or more would be favourable. 


In all, I was surprized about how many and how distant stations I was able to receive during the contest. 


Shown below is the set used in this contest for SW and LW. It is the same set used in the 2008 Sprint Contest. 


i | 


i 
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Dan McGillis, Open Class Entry 


My entry this year is a simple loop-stick crystal set - something the grandkids can play with. It's been described at the RadioBoard. 

I used a little antenna tuner that's also been described before. Click here for the RadioBoard link for the tuner. 

The set didn't do too bad for only a few days of listening. A big 200' antenna certainly helps :-) It makes a nice progressive set. I started out using 
Mike Peebles's cat's whisker detector stand It's very smooth & works well. Substituting a FO-215 diode perked things up. Adding a 


Bogen+Benny for some audio matching made a big difference. Coupling-in a simple antenna tuner really brings-in the DX and kills the SW 
ghosts. 


Mike Tuggle, Lyonodyne-17, Open Class Entry 
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This year's effort was something of a disaster. The night before the start, our annual Kona winds blew the antenna into the mango tree and ripped 
it to shreds. I spent opening day out in wind and rain, in true ham fashion, getting the antenna down and re-erecting a simple longwire in its 
place. Conditions throughout the contest were blah. I don't know whether the original 4-wire flat-top was really that much better, or if conditions 


were simply that blah. 


Jack Bryant, Open Class, Two-Way Shortwave Class, and Below BCB Class Entries 
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I only worked the first 24 hours of the contest on the broadcast band. I had copied one navigational beacon at 529 kHz, and decided to build a 
simple set for LF. I copied four more stations for a total of five. The stations are: DIW, CLB, BH, YYW, and LYQ. 


I worked a few contacts on 73m AM using the xtal set as a receiver. My transmitter VFO had bitten the dust, but I got a crystal for the transmitter 
on Saturday, and that worked fine. 


I used essentially the same set for the broad cast band that I used in years past, with minor mods to the antenna tuner. I did use Schottky diodes 
for the fist time. I used two in parallel during the day, but moved to just one at night due to the overload I experienced using the pair. 


This year I used a different set of phones made from SP mic elements. The earphones were made of hard plastic, but the headset band placed the 
phones on the back part of my ears. I did not experience the ear pain of previous years, but I made sure to move my glasses far up on my head, or 


not use them at all to eliminate pinching the nerve beside my ear. 


I have used a Realistic DX-398 for several previous contests, and I used it for this one, too. I used a PC for logging along with paper copy 
backup. I used a four foot table from Lowe's as my listening post. 


Continued on Page 2. 
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Fig. 1-57. Low-voltage regulator (2 V to7.1V). Toselect component values: 
. Choose Vo 

. Measure Vr (or assume Vr = 7.1 V) 

R1 = Vr/lb (Ib is between 0.1 mA and 5 mA) 

. R2 = R1(Vr — Vo)/Vo 

. R3 = R1R2(R1 + Re) 

. Asc = 0.65/Isc (isc = max. output current limit) 

C = 100 pF to 500 pF 


NOOO WM 


by Vr. Therefore, this circuit cannot produce a regulated output 
voltage of less than 7.1 volts. If you need a 5-volt regulated output 
for TTL operation, you're out of luck. All is not lost, however, 
since we can get less than 7. 1 volts out of the regulator by rearrang- 
ing the components as shown in Fig. 1-57. 

In this configuration, Vr is divided by R1 and R2 to obtain a 
lower reference voltage (Vx) for the error amplifier. The regulated 
output voltage is sampled via R3 at the inverting input of the error 
amplifier. Regulator action is similar to that previously described. 
In this case, the error amplifier adjusts the conduction of the pass 
transistor until Vo = Vx. First select R1 for a voltage divider bias 
current (Ib) of from 0.1 mA to 5 mA as before, (R1 = Vo/lb). Rsc 
functions as previously described. 


Variable-Voltage Regulator (2 volts to 37 volts) 

The regulator circuits in Figs. 1-56 and 1-57 have fixed output 
voltages. Both of these regulators could be made variable by 
replacing R1 or R2 with a potentiometer, but we still have the 
disadvantages previously mentioned in that the output of the circuit 
in Fig. 1-56 is limited to an output voltage range of 7.1 volts to 37 
volts, and the regulator of Fig. 1-57 is limited to an output voltage 
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Basic Double Tuned Set 


The antenna coil is a 5.5 inch space wound with l6awg @ 240uh paralleled with a 20-340pf air variable, loosely coupled to a 5.5 inch space 
wound with l6awg @ 270uh paralleled with a 20-340pf air variable detector coil. The detector used was two 1ss98 schottky diodes in parallel. I 
Used the original ultimatch circuit by Steve Bringhurst for impedance matching. Used two Philmore xtal earbuds in parallel, connected to the 
ultimatch with a radio shack mono Y-adaptor. 


The lone wave trap is a 4" x 3/8 inch ferrite rod wrapped with litz to obtain 270uH with a parallel 20-340pf air variable. This was arranged so it 
could be loosely coupled to the detector coil, suspended inside the center of the detector coil or outside the detector coil in axis with its center, or 
rotated 180 degrees out of the way. I found this particular style of wave trap to be extremely effective for even the strongest local. 

The antenna was two separate wires, one 50 foot wire tacked to the ceiling running about 30 feet east-west the remaining twenty feet running 


north & south. The second antenna wire was a portable reel of 25 feet borrowed from my Grundig YB and attached to the set. This is in a second 
story apt. Ground was about 25 feet of speaker wire running to a CWP. 


Dave Schmarder 
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See complete description of Dave's radio at this link: Dave's #50 Set 


Open Class 


Dual 660/46 litz coils and two tuning capacitors. 
differential coupling capacitor 

Schottky Diode Detector 

Sound powered headphones 

Antenna 40 meter wire up 3 - 4 meters running east to west. 


33 inches (84 cm) per side. FO-215 Detector, Bogen transformer, Sound powered phones 


See the details of this loop at Dave's Loops Page. 


Bill Meacham (Exray) 
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This set is my third generation of a model based on Steve Bringhurst's TK-2 toroidial set. I went with an external detector coil on this one which 
offers the advantage of being able to close-couple an external trap (not shown) to the detector coil to notch out instances of interference when the 
coil itself is picking up local signals via the air. 


The set is built on a Garolite front panel with custom-made decals and lacquered for durability and shine. All of the RF components are on 
standoffs to avoid any possible leakage path through the panel. Vintage tuning capacitors were used and they have been thoroughly cleaned and 
checked for rf integrity. Both are straightline tuning types to minimize crowding at the high end of the band.. The input tuner is of the "Tuggle" 
type and uses a toroidial inductor. The inline wavetrap also uses a toroid. The detector uses a nice Pilot Kilograd tuning cap and a coil of 165- 
strand litz wound on a Lexan former. Its Q is greater than 500 across most of the band. Detector is a germanium FO-215 and the set uses a Calrad 
output transformer with an adjustable AF impedance matching control (benny) for minimizing distortion on strong local stations. I have been 
using the set with sound powered phones and they match well. 


Calibration on this set is very accurate and it's easily resettable to locate particular stations. I added a set of front panel terminal posts to allow for 
tinkering with other detector tank options. The coil mounting assembly on top is also configured in this fashion to allow experimentation with 


other coils. Ceramic standoffs and feedthru bushings were incorporated to assure minimal losses. 


Cabinet 1s homemade, made with Baltic Birch and is stained and lacquered using clear and toned lacquer. 


Ed Phelps 
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.. is the same 140 ft, base insulated, vertical I used last year. (picture is crooked, not the tower) 


long -wire 


antenna 


1N34 of similar Germanium diode 
typical diode connection \ 


> 


a 
365 pF crystal 
i variable == earphone 
cold water de {or simila) 001 uF| 82k 


pipe ground JT 


tapped coil (see dwy.) 


Crystal radio with typical connections for a long wire antenna and good ground connections. The diode 
is connected for weak signals and moderate selectivity. 


I made a few minor changes to this circuit. In place of the 1000 pf capacitor, I use 250 pf. The 82k resistor, I changed to 100k. I use a pair of 
ceramic earphones, wired in series. 


Eric Haydon 
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The contest this year was a lot of fun. I put in many many hours of listening. The band was very up and down in Nebraska. Thursday and Friday 
nights were the only nights that I would call "normal". The unusual conditions on the other nights did however allow for the reception of a few 
stations that I had never heard before on my crystal radio. I probably heard at least 30 more Spanish speaking stations than I logged. I only 
logged the ones that were very strong or heard almost every night. 


I heard many more stations this year than last year due to several improvements that I have made to my listening station. I used the same crystal 
radio as last year with the following improvements. My antenna is now higher and has been extended to about 240 feet in length. My ground 
system is improved. I was lucky enough last summer to acquire a pair of RCA "big can" headphones in very nice condition. They do help some. I 
finally built some filters that work very well to trap strong local stations. This allows me to now receive quite a few new stations on frequencies 
close to my local stations. The last improvement > is that every year I get "smarter". 


Gil Stacy 


Set: Same set as last year. 

Headset: RCA Big Cans tuned and recharged by Steve Bringhurst. 
Antennas: 88’ top loaded vertical up 50’ and 180’ inverted “U” up 50’. 
Ground is the post 2004 DX contest ground described at the bottom of 
this page 


Jack Bryant 
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I used the 2004 BCB Contest set again this year. We moved after the last contest, so the antennas, ground system, and location were different. 


I used two antennas. There first was a top loaded vertical. The top section is about 110' long and is a 80M - 10M trap dipole. The antenna is up 
about 50' high. The coax feed line is used as the feeder. 


The second antenna is an upside down U, roughly 40' vertical on each end, 260' horizontal. I feed it with ladderline in the horizontal section, 
about 20' from where one end goes vertical. This makes it about 60' from one end of the wire. The antenna was used in three different 
configurations: 

1) Each bottom vertical run is grounded. This is the grounded loop configuration. 


2) Only the end closest to the feedline is grounded. This is similar to an inverted L approach 


3) No ends are grounded. This is similar to an off-center fed dipole. All changes were done manually (no switches or relays yet). 
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I have attached a photo of the set that I used during the contest. Daryll Boyd posted a picture on his site. I humorously called it "The Bondini". 
The most interesting feature is that this uses 4 inch basket weave coils with 9 points- double tuned. 


The wire is 2 solid strands of twisted wire. I use a schotty diode and sp phones with a Bogen matching transformer. I wired it in as many 
combinations of coil and cap as time would permit. 


Bob Jewell 


http://www.crystalradio.us/crystalradios/2004-1.htm 2/11 


2/2/2019 Birmingham, Alabama Crystal Radio Group - 2004 Crystal Radios Page 1 


e E -7 >> 


Here is Bob's DX set. 


Alex Perez 


Hobby Class Single Tuned Crystal Radio Capable Of DX My antenna consists of 70 feet of 18 gauge plastic insulated tinned copper wire 
oriented in a North East and South West direction with the lead in pointing North East. The far end is elevated over 40 feet while the other is 
only 12 feet high. A cold water pipe ground connects to the receiver via 15 feet of insulated 14 gauge solid copper wire. 


A 250pF ceramic frame air variable capacitor couples the antenna to the receiver. The tank circuit is composed of a 365pF phenolic insulated air 
variable capacitor and a coil of 60 turns of 21 gauge wire wound on a 2% inch PVC form. It is tapped at 30, 40, and 50 turns from the ground 
end. 


To combat the QRM generated by WXEM, only a mile away, the wave trap has to be closely coupled to the tank circuit. The trap is composed of 
a 250pF phenolic insulated air variable capacitor in parallel with a 60 turn coil of 26 gauge wire on a one inch diameter form. 


Best sensitivity and selectivity is obtained with the 30 turn tap. Usually a single Philmore crystal earphone and a selected germanium diode were 
employed. Some improvement was noticed when using two earphones in series, probably a better impedance match. 


I attribute my success with such basic equipment to mostly quiet RF environment, many hours spent DXing, and listening well into the night and 


the morning on one occasion. Furthermore, I was fortunate to acquire some high scoring stations. Somehow I heard two different stations on 630 
25 minutes apart. WAVU was only 203 kilometers away but running a mere 28 Watts! Still, this does not compare to KEYH on 850. It was 1,211 
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kilometers away and transmitting at a power of just 185 Watts! The remaining acquisitions were locals, 50 KW Clear Channel, or not too distant 
5 and 1 KW stations. I received one Canadian and one Cuban station, both 50 KW. The furthest catch was WBZ, Boston. A station on 1260 
identified itself as Radio Disney but I was unable to obtain a call sign. Out of three possible candidates, I am fairly sure it was WWMK. Using a 
spotter set to ascertain direction,the station was either from Chicago or Cleveland, certainly not Boston. 5,000 Watt DX from 800 kilometers 
away is certainly not uncommon for me, but anything else would be. Besides, I did log a few stations running 5,000 Watts from Ohio. 


Alex Perez 
KG4IHN 
Age 15 


Evan Haydon 


My crystal radio is a design that has evolved after many years of searching for a good design. Most of the ideas used in this radio came from 
internet sites. No litz wire here. Just old cotton covered 20 gauge wire wound in a basket weave form. No sound powered headphones here. Just 
my trusty old magnetic Trimm Dependable's. 


Yes, the meter is in the circuit all the time. It is a 50 uA movement in series with the headphones. It is helpful in maximizing design of the 
circuits, selecting the best crystal to use, and in tuning taps and caps for maximum signal reception. It indicates carrier strength of the received 
signal. The carrier contributes nothing to the audio heard in the headphones. A signal of lua is 100% readable. One local station gives a reading 
of about 500 ua. 


My antenna is 18 gauge solid magnet wire. It is basically a Windom antenna that is insulated at the supports which are at the ends and at the lead- 
in point. It is 180 feet long and runs due east and west. The wire to the receiver comes off at a point about 60 feet from the west end and is about 
55 feet long. The lead-in take off point is up 36 feet with the ends up about 24 feet. 


The radio is made in a 20's battery radio wood cabinet. It uses three Atwater Kent variable capacitors. It uses Atwater Kent knobs with two sets 
of antique switch points mounted on a black plastic front panel. Genuine Atwater Kent copper emblem at the center top of the front panel. 
Antique connectors are on the front panel for antenna and headphone connections. Wiring inside is all by 16 gauge bus bar. 1N34A diode. The 
primary and secondary coils are 4 1/2 inches apart with no electrical connection between them. I have not found a trap circuit that helps enough 
to talk about. 
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Berthold Bosch 
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range of 2 volts to 7.1 volts. This is a particular disadvantage when 
working with differing logic families because TTL circuits require 
5 volts, while transistor and MOS circuitry require higher 
voltages. Therefore, if you're building a variable power supply for 
your test bench, it is desirable for the supply to be variable over the 
entire range of the 723, if possible. The regulator configuration in 
Fig. 1-58 will do this quite nicely. 

R1 and R2 form a voltage divider for the reference voltage 
(Vr), while R3, R4, and R5 form an adjustable network which 
samples both Vo and Vr. Together, these two networks comprise 
the input circuitry for the error amplifier. For good bias stability, 
let R1 = R3 and R2 = RA, so that, when the wiper of R5 is at point 
A, the voltage from the error amplifier, and hence Vo, is at a 
minimum (usually around 2 volts). 

Now let's determine the component values for this circuit. We 
can begin by choosing R5 so that the current drawn from Vr is less 
than 5 mA (Vr is normally capable of supplying 15 mA max. ). Once 
R5 is determined, choose R1 + R2 so that this combination draws 


RECTIFIED AND 
TERED INPUT 
(9.5 v TO 40V) 


i 

| 

a (NOT USED) 
ad 


vo 
(2v TO 37V) 


Fig. 1-58. Variable voltage regulator (2 V to 27 V). To select component 
values: 


1. Choose Vo (here, Vo is the max. output voltage) 

2. Measure Vr (or assume Vr = 7.1 V) 

3. R5 = Vr/lb (Ib is between 0.1 mA and 5 Ma) 

4. R1 = VrVo/lb (Vr + Vo)(Ib is between 0.1 mA and 5 mA) 
5. R2 = R1(Vr/Vo) 

6. R1 = R3 

7. R2 = R4 

8 

9 


. Rsc = 0.65/Isc (Isc = max. output current limit) 
. C = 100 pF to 500 pF 
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2004 XSS DX Contest Information (SW, Open Class) 


My 2004 contest log containing 156 SW stations (incl. 5 of uncertain ID) suggests that conditions in Central Europe are still more different from 
those in the USA than on the MW band. There are a lot of high-power SW/BC stations of 100 to 1000 kW in the numerous European countries 
and the neighbour areas, and particular networks that operate on rather many frequencies - like R.Free Europe, R. Liberty, VoAmerica (partly 
R.Sawa), VoRussia, etc. with their various programs. It is mostly possible to ID the received stations of these networks, but often difficult to 
determine the site (country) from which the particular tx operates. Only a few real DX stations are in my log with China/Peking being the most 
distant one (9500 km). So, is it really fair to compare my results with those obtained e.g. in the US if one gets one point,also for every "nearby" 
SW station? 


I used my 2003 contest set (see Wuggy’s 2003 Contest site) which I extended for SW reception. This consisted in installing an air coil of 4 uH 
(fore in photo) for the 13m and 16m bands, a pair of Epcos pot cores of SW material K1 with solid-wire coils of 5.5 uH for 19m to 25m (marked 
by broken circle), and pot cores with 45/46 Litz coils of 10 uH for the 31m to 75m bands (full circle). Except for the air-coil tank I generally 
employ double tuning. The principal circuit layout for SW 1s the same as in the 2003 set (Ben Tongue approach). With the 5 SW coils there are 
now in total 13 coils in the set (LW, 3*MW, 3*SW), not counting those provided for triple tuning on extra boards (Boschodyne Plus). 


At SW frequencies the obtainable tank resonance resistances are much lower than those at MW. Consequently sensitivity is a serious problem, 
and more often than on MW one hears two or even three stations at the same time. For improving the situation I employed a modified MFJ tuner 
901B in front of the set (not shown in photo) to squeeze the last dB of power out of the antenna and trade it for selectivity. The tuner can be 
wired to act as a SPC or SL pre-selector, an "ultimate transmatch", or a capacitively-coupled third tank circuit (for triple tuning). With triple 
tuning I measured for example at 41m a loaded (1.e. with A/G and phones connected) -3dB bandwidth of 23 kHz and a -10dB b.w. of 47 kHz. -- I 
use a Schottky diode BAT 62 (as in photo) if high sensitivity is the prime goal, and 2 or 3 paralleled 5082-2835 if it is selectivity. The outdoor 
loop that I described last year in my contest report served as antenna. 


For finding and then logging stations I employed two methods: 


(1) First I scanned the band with my spotter radio ATS-404. When the scan had come to stop at a station, I tuned the xtal set to the particular 
frequency with the help of a loosely-coupled signal generator. After turning off the signal generator I then listened if I could hear that station in 
the SP phones of my set. 


(2) When I had the xtal set tuned-up to a particular frequency within the SW band investigated, I slowly moved the sig. generator about 50 to 70 
kHz around this frequency while watching for beat notes. When I found a strong beat I tuned the set to zero this beat, then turned off the signal 
generator, and listened whether I could hear the particular station. This was done repeatedly to scan various parts of the band. If I had been able 
to definitely hear the station in methods (a) or (b) I partly switched-on the spotter radio again for helping to identify the station received on the 
xtal set. 


During this concentrated listening on SW, I found the rule of thumb again confirmed that Mike Tuggle formulated in a recent paper: "If you can 
hear them on a radio, you can hear them on a crystal set" - nearly always in my case. 


Berthold Bosch 


Dejan Momirov 
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2004 DX CONTEST SET DESCRIPTION 


This is basically a Lyonodyne with some differences, such as: 

1. The complete set has been built on one chassis and all controls are at the front panel. 

2. The C1-C2 coupling is double: by means of rotation and changing the distance, and wave-trap is coupled only by rotation. 
3. Using one or both sections of the C2 spreads the upper BCB. 

4. There is one built-in detector diode with the possibility to experiment with other types of detectors. 


5. Audio transformer is home-made and together with the impedance-selection switch allows the use of different impedance headphones, as well 
as a sensitive speaker. 


I am aware of all the imperfections which are subject to experimental improvements. I want to thank Mike Tuggle who invited me to join the 
Contest and gave me many useful advice. My gratitude also goes to Ben Tongue for helping me to improve my impedance-matching transformer. 


N.B.: The switch s1 is not shown on the photo (introduced after the photo was taken!). 
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Gil Stacy 


Five Litz 4.5” O.D. coils are in use at all times. The detector and antenna coils are controlled by the three 8-1 vernier dials mounted in plexiglass. 
The antenna circuit is a modified Tuggle front end approach with one TRW cap (C1) in series with the antenna with C1”s stator linked to C2’s 
stator. C2 is tied to the antenna coil and earth ground. C3 is tied to the detector tank. All caps are TRW’s previously available from Fair Radio. 
This offers the set more flexibility in tuning than its previous traditional Tuggle Front end which used a dual ganged cap. 


The three inductive traps surrounding the detector tank are driven by one gang each of three five ganged traps with right angled 120-1 drives 
from Fair Radio. Hand capacitance is controlled by use of empty plastic wire spools, slotted to accept the dials of the right-angled drives. The 
stand-alone TRW cap with vernier dial controls the inline toroid trap. The three inductive traps are permanently set to trap locals 1400, 1290 and 
1230. The inline trap is used trap two local stations at 630 and 900 when in their vicinities. Otherwise it is used to assist swatting down 1230. 
Untrapped, 1400, 1290, and 1230 will show up all over the band because of their proximity to my location. The phones are DLRSs matched to 
the set via an STM designed by Steve Bringhurst. The set uses 3 paralleled Agilent 5082-2835s and a 3RT 12101 which are selected via a switch. 
To the right of the set is my frequency spotter Radio Shack DX 398. The antenna is an end fed wire, approximately 140’ long, with a 90’ 
horizontal run, up 50 feet. A post-contest improvement by adding three 8’ copper-plated ground rods to existing water main ground has 
noticeably improved selectivity, sensitivity and my ability to control the qrm of locals 1230, 1290 and 1400. The new ground system has also 
opened up about 150 KHz previously lost to the above three locals. 
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Detector Board 
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My receiver was a homebrew Regen using 12DZ6 in double-tuned circuit, coax-fed T antenna. 
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N4AHJ ONE-TUBE (12DZ6) REGEN SET 


1 2 DZ6 Fine 
Regen 
5 
2 C4 
Leca : 
yj 10K 
3al dä Coarse 
Regen 
Headphones 
; d Audio p 
= SPST Transformer 
AB - Battery, 12 VDC 
C1 - Capacitor, dual-section variable, 16 - 620 pF 
G2 - Capacitor, ceramic, 0.001uF - 0.01 uF + 
C3 - Capacitor, ceramic, 100 pF SF aay ci 
C4 - Capacitor, variable, 10 - 365 pF =12 VDC 
L1 - 28 - 30 turns on Amidon FT-240-61 core + 


L2 - 3 turns over ground end of L1 

L3 - 28 - 30 turns on Amidon FT-240-61 core 
L4 - 2 turns over low end of L3 

Ri - 10 megOhm 1/2 Watt 


Mike Tuggle, BCB Class (crystal) 


Lyonodyne-17, double-tuned, 12101 3RT detector, two wave traps, RCA Big Cans 


Mike Tuggle, Below BCB Class (regen) 
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VARIABLE 
1-FLOATING; BIAT 
GROUNDED VARIABLE 
ANTENNA BIAS 
2 = MEILF RANGE LEWEL 
3 = 250-300 kHz 
4 = 200-250 kHz 


Set 1s same as used in 2009 1AD Contest. 


MOSFET REGEN 


D 
200 . 470 kHz G7, Siemens 
0.5 - 2.25 MH g F 
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Bias switch 
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Regen. 


Li: 260 uh; O = 340 at 0.6 MHz 

C1, (2: 8.335 pF 

C3: 390 pF C4: 470 pF CS: 680 pF 
= 51: 4-pole DIP 


Jack Ivey, BCB Class (crystal) 


Equipment is a dual-tuned radio with spider coils of 175/46, Ge diode detector, Bogen matching transformer, modified 
balanced armature headphones, with a 250 foot C-shaped antenna about 8 feet above ground, #14 wire. 


Kevin Norton, BCB Class (crystal) 


Receiver was the "Crystal Commando". This set is a three coil Tuggle set w/cotton basket weaves. The det coil has 


ceramic var cap, all others are bakelite. Det. was FO215, w/ series crystal earphones. This set played VERY sharp at times . It can tune the upper 
part of the band in a wiper less configuration. Despite it's simple design I think the reason it worked so well was due to care in construction (1.e., 
component spacing and insulation). I wanted to take a step back from big litz and just see how well a simple set could be made to work. 


Overall I quite happy with this set. 


Ralf 'Brósel' Siemieniec, BCB Class (crystal) 
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For this years sprint contest I was curious about how my reworked loop antenna crystal radio performs. For this loop 

having a spiral loop design, I increased the size to 0.9m x 0.9m. Since the litz wire used before (150 x 0.04 mm) was not that much rugged, I 
switched to a double silk-covered 270 x 0.071 mm litz wire with an outside diameter of about 2mm. The air variable is a good quality three- 
ganged device with ceramic insulators, but just one gang is used. Tuning is done with help of a 9:1 vernier dial which is coupled by a plastic 
extension to the shaft of the variable cap. The air variable cap is isolated against the wooden box while the box itself is mounted head-down on a 
wooden base. The loop construction is also attached to the base although mounting all things together is a bit more difficult this way. 


In difference to all loop antenna sets I know so far I decided to use one of the zero-voltage MOSFETs (ALD110900). The gate is directly 
connected to the hot end of the tank circuit; the only problem left was how to feed the source. There are basically two possibilities — connect the 
source via a capacitor or via a coupling coil. After making a simple spice model of the measured characteristics of the MOSFET and doing a 
number of Pspice simulations I found it is more advantageous to use a coupling coil. After finishing the radio I found that there were some 
annoying FM ghosts which are probably caught by the coupling loop. To get rid of these I added the FM choke. Matching to the headphones is 
done by a “Ueberformer” from Dave Schmarder. In the contest, I used a pair of sound powered phones with USIC elements from Dynalec (note 
that the photo shows my “self-made” phones with rocking armature elements made by Racal. The phones with USIC elements are a bit more 
sensitive, but the shown phones are very lightweight and comfortable). 


The loop does perform very well and is surprisingly sensitive. Selectivity is quite good for a single-tuned unit, especially at the low end of the 
band. Tuning 1s rather sharp, therefore the vernier dial seems to be a “must have”. What I like most 


is the clean sound. I found no distortions so far even in case of strong signals. 


Here is a Google map link that you might enjoy viewing. 
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Loop 0.9m 0.9m = Primary Coil: N=10, Litz 270 4 0.077 mn 
Coupling Col: N= 2, Lite 270 = 0.0% rmm 


Robert Weaver, BCB Class (superhet) 
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-6ME8, 1 AD superhet 
-30 inch diameter Tuned loop 
-Used in the 2009 1AD contest (more info is shown in that section of the website). 


http://www.crystalradio.us/crystalradios/2009-6.htm 7/11 


Fig. 1-59. Variable regulated power supply. 


from 0.1 mA to 5 mA from Vr. Continue with the steps outlined in 
Fig. 1-58 to complete the circuit. 

Since the internal series pass transistor is only capable of 150 
mA, you may want to consider an external pass transistor. Almost 
any good NPN power transistor capable of dissipating sufficient 
power for your current requirements will be suitable. An external 
pass transistor can be employed in the circuits of Fig. 1-56, Fig. 
1-57 or Fig. 1-58 by connecting it just as shown in Fig. 1-59. The 
internal pass transistor now becomes a driver for the external 
series pass transistor. 

The circuit I use for various IC projects is shown in Fig. 1-59. 
The components for this circuit were chosen from the formulas 
given in Fig. 1-58. This regulated power supply provides a variable 
output of approximately 2 volts to 15 volts. Rsc was selected so 
that the maximum output current is approximately 1.2 amps. 

So there you have it! Now it's your turn, so give it a try. Just 
follow the steps given in each figure to build a regulated power 
supply to your own specifications. Since the selection of the bias 
current (Ib) is not critical, the component values selected can vary 
over a rather wide range so that you have plenty of flexibility in 
using parts you may already have on hand. 


ADJUSTABLE ELECTRONIC LOAD 


Current drawn by the load is adjustable from 0 to 10 amperes. 
Input voltages up to 30 volts are permitted at full current; that’s 300 
watts dissipation! Heat sinking of the pass transistors is sufficient 


64 
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ONE TUBE DOUBLE REFLEXED 
SUPERHET RECEIVER 
R. Weaver, January 2009 
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RF REGEN. 


L. PLATE BALANCE DIFFERENTIAL CAPACITOR FUNCTIONS 
AS REGEN CONTROL FOR IF. 


2. BOTH SECTIONS OF THE TUNING CAPACITOR ARE 
EQUIPPED WITH TRIMMERS, BUT ARE NOT SHOWN ON 
THE SCHEMATIC. TRIMMERS ARE ADJUSTED FOR BEST 
TRACK ING; 


3, Ep 13 FADDER CAPACITOR. 470pF IS OPTIMUM VALUE 
FOR 540=1700 KHZ TUNING RANGE USING 450PF 
WARTABLE CAPACITOR. IF TRACKING IS 
UNSATISFACTORY WITH FIXED VALUE, AN ADJUSTABLE 
TYFE HAY BE SUBSTITUTED. 


4. DEFLECTOR BIAS 15 ADJUSTED FOR MAXIMUM 


OSCILLATOR AMPLITUDE (MEASURED WITH SCOPE AT 
6MES PIN 2) WITH TUNING CAPACITOR SET TO 


MINIMUM FREQUENCY. 


Curtis Gamble, BCB Class (crystal) 
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INDUCTORS 


Tl: FT-82-61 FERRITE TOROID WITH TURNS AS 
INDICATED (#28 AWG ENAMELED WIRE), 2 TURH 
TICKLER IS WOUHD OW TOF OF THE GROUNDED END OF 
THE 51 TURN TAHE WINDING; 


Të, IFT-la, 1FT-1b: FT-114A-61 FERRITE TOROID 
WITH TURNS AS INDICATED (#28 AWG ENAMELED WIRE}; 


IFT=2: GENERIC 455 kHz 2nd IF TRANSFORMER; 


T3: BOGEN T725, TOY LINE AUDIO HATCHING 
TRANSFORMER . 
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I just used the two modules with the plexi-glass fronts and no traps. 


Back to the main index page. 


| Mini A8 Real Time Car GPS Tracker... 
j $9.67 Specifications: This GPS tracker applies the newest technology with the 
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Evan Haydon 


Click here to see Evan's set that he also used in the January 2008 Crystal Set DX Contest. 


Ralf 'Brósel' Siemieniec 
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L1. L2 2 40004H, Core P 19-11 (M33), AF-Lñz 800.02 SW - Antenna Volume/Selectiviy Selector 
L3 L4 2 3104H, Core P1811 M33). AF -Litz 801.02 [2x] SW - Antenna Matching Switch 

L5, L6: 2 1004H. Core P19-11 (M33), AF-Latz 8060.02 (2x) SW - Single / Dual-Tune Swatch 

L7. L& 2x =| pH. Core AMS 1] AF -Litz 6060.02 [2x) 5/4 - Band Selector | Liv" a Mil / Mie A SR | 
19110 2 OEH. Coe AMS [E1] AgCu-Litz A 24 55 - Headphone Impedance Selector 
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Bogen T-725 


My crystal radio tunes the mediumwave (broadcast) band as well as the shortwave band, both are split into two subbands, and the longwave 
band. To keep the receiver small, I was using closed ferrite cores from Epcos, P18-11-M33 for the MW & LW bands and RM5-K1 for the SW 
bands. The coils are all done using litz wires 80 x 0.02 mm (two wires in parallel for MW and SW1) and two paralled litz wires of silver-plated 
copper strands for SW2. Actually, this is the same wire as I used for the wiring, the insulation of the silver-plated litz wire is made of Teflon, 
which should not cause too much losses (as I hope). The antenna and detector coils are each wound on a separate core which were later stacked 
together. 


The radio has two tuned circuits and a variable antenna coupling and can be switched between single- and double-tuned mode. Additionally, 
there is an attenuator in case of need, the variable antenna coupling capacitor is a two-ganged type and can be switched in series or parallel. The 
antenna and detector tuning caps are both silver-plated devices. Rectification is done using two paralleled 5082-2835 for the BC band and again 
two paralleled BAT15-03W for the SW band. The matching section consists of two transformers - a 53.49 by Reinhofer Rohrentechnik in 
Germany (input impedance 240k) switched together with a Bogen T-725. I managed to get a pair of Baldwin Type C headphones which are much 
more sensitive than all of my modern but more comfortable types. 


All is mounted at a polypropylene sheet for proper insulation. The most distant station received so far was 1419 km away in Tunesia. Could 


probably be more if I had another antenna than the metal made balustrade of my balcony - I live in a multi-party house, thus there is not much 
chance for long antenna wires. 


Lem Morrison 


Lem used an updated version of this set that was used in the last several Crystal Set DX and Sprint Contests. 
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Garry Nichols 


Same loop as in the photos for last winter's contest. However, I was not using the STM, only the T3/AM20 100:100k transformer and the single 
107 nA Schottky. Also, I was not attaching the ground to the variable's frame and using a RFC for diode DC continuity through the variable. 


The ground of the detector/audio went to the center of the loop winding > instead. I found that there was much less interference from a local FM 
station this way. 


Mike Tuggle 
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The infamous Lyonodyne-17, double-tuned, 12101 3RT detector, two wave traps, RCA Big Cans. 


Dan McGillis 


Dave Schmarder 
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Click here to see more on Dave's Loop Set at his fine website. 


Jack Bryant 
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Click here to see Jack's set that he also used in the January_2008 Crystal Set DX Contest. 


Curtis Gamble 


Denver Cohen 
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to permit 300-watt operation for about ten minutes, at which point a 
thermal protection switch shuts the current off. At 100 watts 
dissipation the heat sink is adequate for indefinite operation. By 
directing a small blower at the heat sink, I have run the load at 300 
watts for hours without difficulty. 

Since I desired essentially self-contained operation, I in- 
cluded a small supply in the unit to bias the load transistors. 
Current is controlled by means of a front panel pot, and reverse 
polarity protection is included. A front-panel LED indicates opera- 
tion of thermal shutdown circuitry. I took advantage of extra heat 
sink area to add two 8-ohm, 50-watt resistors. These are used for 
testing audio amplifiers or to increase the dissipation capability of 
the Power Waster circuit. 


Circuit Operation 

The simplified schemetics in Fig. 1-60 are useful in under- 
standing how the circuit operates. Commercial load boxes use 
current sensing and feedback to set the load current. My approach 
is simpler and uses the constant-current collector load-line charac- 
teristic of all bipolar transistors. 

Figure 1-60A shows the basic idea. The base of Q1 is biased at 
several volts from voltage source V1. The collector supply (V2) is 


| E + 
VARIABLE DC SUPPLY 
BIAS UNDER 
SUPPLY TEST 


Fig. 1-60. Constant-current bias circuits (a) A transistor with fixed base 
voltage. Collector current is set by emitter resistor. (b) Basic circuit of the 
electronic load. Emitter resistor is fixed, and both emitter and collector 
current are controlled with base-bias supply voltage. 
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Brent Seres 


Set: Double tuned torroid, with Tuggle front end, using FO215 and Schottky diodes. 100k to 1 k Hammond matching transformer, and sound 
powered phones. Coupling is accomplished with a third torroid, primary has 3 turns inseries with ground lead, secondary has 3 turns in series 
with main detector coil. 
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Dave Schmarder 


Dave 


For more info, visit Dave's website at: 0 S This is his 


Jack Hennon 
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CRYSTAL SET 


MATCHING 


HEADPHONES 


i 
i 


The set uses a Tuggle Tuner, a Schottly diode detector with three diodes in parallel, and a UTC A27 matching transformer. 


My antenna was a 135 dipole fed in the center with 45 feet of 450 ohm open wire line. I connected the feed line wires together at the set and 
worked the antenna as a T against ground. 


Again the contest was fun. I did better than last year, copying 100 stations. Conditions may have been better or it could be due to my new set and 
more sensitive headphones. 
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Garry Nichols 
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James Kretzschmar 


This radio is big improvement over the radio that I entered in the 2001 Crystal Radio building contest. I started tinkering in early January 2008 
and finally decided on a design on 17 January 2008, and built the radio that afternoon ... ready to use the next day. 


My coils are wound on 4.5” PVC pipe with 80 turns #18 wire space wound the width of the wire with nylon masonery cord. The coils actually 
have too much inductance, however I did not have time to change them. The variable capacitors have 4” dowel wooden extensions to avoid the 
effect of hand capacitance. To provide smooth operation and stability a Y4” washer is glued to the front panel. 


My antenna is about 200 feet of wire strung through the trees in the backyard about 20 feet up. In operation, the right side is tuned to where you 
want to be, then the left side is tuned for the strongest signal, the coils are moved in/out as needed for signal strength and selectivity. I have had 
real good results with this design. 


At my location in Winston Salem, NC we have a real strong station at 830 KHz and I can routinely hear 840 KHz WHAS in Louisville, KY in 
the clear. Two small stations were heard during the 2008 contest: (1) WMAC 940 KHz in Macon, GA (2) CKNX 920 KHz in Wingham, Canada. 
A total of 35 stations were copied. A simple piezo earphone was used. I plan to tinker with this design to optimize reception. 
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Peter Kerttula 


The rig for the 2006 contest is a Jim Frederick design, the Hobby Dyne 2. I added crystal switching and use a reduction on the tune side 
capacitor. 


The headphones are sound powered made from SP mike elements. A bogen transformer handles the output transformation. 


The antenna 1s a 100 foot wire bent to fit the lot! A cold water pipe handles the ground. 


Mark Roliff 
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The unit at the left rear is the antenna tuner. The coil is 33 turns of #22 magnet wire. The cap. is a dual 365pf variable purchased from the XSS. 


The unit at the center rear is the detector tank. Its coil is 40 turns of #24 magnet wire. The front cap. is a dual section variable salvaged from a 
junked radio. The smaller front section is not used. The rear cap. 1s used for band spread. 


The unit at the right rear is the inductive trap. The coil is 40 turns of # 24 magnet wire. The cap. is a single gang 365pf purchased from the XSS. 


At the right front is the detector stand mounted on a salvaged trophy plinth. The mass of the wood and marble lowers the detector stand's 
sensitivity to vibration. All logged stations were heard with the cat whisker and galena crystal. At the start of each listening session, I would tune 
in a weak local station using a germanium diode and then disconnect it and match the signal's strength and clarity to a hot spot on the galena 
crystal. The whole process took less than a minute. The crystal was purchased from the XSS. 


The unit at the right front is my version of Steve Bringhurst's UltiMatch 2. I used a pair of RCA "Big Cans" connected to the Red tap of the 
Bogen transformer. 


Mark Roliff 


L1: 4 turre #24 wire: 4-mch basket weave. 
L2: Sture M22 wire: dinih basket weave 
L3: 40 turre #24 wire: 4 basket weave, 

Td: “UtiM atch 2” impedance matching una 


..Note that the audio impedance matching unit is a copy of Steve Bringhurst's UltiMatch 2 ... only the Bogen T725 transformer was used, and the 
Benny was bypassed ... 


Mark Hampton 
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greater than V1 by at least 1 volt. The voltage at the emitter of Q1 
is one diode drop (0.7 V) below the base voltage, and the circuit is 
essentially an emitter follower. Emitter current is set by dividing 
the emitter voltage by R1. As R1 is decreased, the emitter current 
increases. 

The collector current for any transistor is simply alpha (the 
common-base current gain) times the emitter current. As alpha is 
essentially equal to 1 for any modern transistor, we see that setting 
the emitter current also sets the collector current. And this is the 
point, the collector current is determined only by the emitter 
current. Collector voltage has almost no effect on the collector 
current, provided the transistor is kept from saturation or break- 
down. Saturation occurs if the collector voltage becomes less than 
the base voltage. Breakdown will occur if any excessive voltage is 
applied. 

The constant-current collector load line is a useful property. If 
the voltage across R1 is small compared to the collector supply, a 
lot of power can be controlled and will be quite independent of the 
collector supply voltage. If a relatively low base-bias voltage is 
used, most of the power will be dissipated in the transistor and 
relatively little in R1. 

As useful as this circuit is, there are some disadvantages. The 
main problem is that R1 must be a variable resistor capable of 
handling the entire load current. Ina practical circuit, this becomes 
a 0.2-ohm pot rated for 10 amperes, which is an expensive item. 

By arranging the circuit as indicated in Fig. 1-60B, things 
become a bit easier. Resistor R2 is a fixed highpower resistor. The 
base supply is made variable. Since the circuit is essentially an 
emitter follower, the emitter voltage follows the base voltage. 
Increasing the base bias increases the emitter voltage and the 
emitter current through R2. This increases the collector current to 
the desired value. 

Within limitations, the collector current is set solely by the 
base-bias voltage and the value of R2. These limitations are: The 
collector supply must be at least one volt more than the maximum 
base-bias voltage, and must be less than the transistor breakdown 
voltage for the current drawn. 

In addition, it is assumed that the base-bias supply is capable 
of supplying increasing current to the transistor base as the collec- 
tor current increases. The base current will be the transistor 
collector current divided by beta, the common emitter current 
gain. Beta will vary from 10-50 for practical power transistors. 
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My interest in crystal radios was less than a month old when I found out about the DX contest. The result is my entry which, for reasons that will 
become obvious, I have dubbed the Comedyne. If you find any of this humorous rest assured that you are laughing with me and not at me. 


I entered the formula for calculating coils into a spreadsheet. Later on I modified the formula so that I could enter the diameter instead of the 
radius and promptly forgot that I had done so. The coil form I used was 4 inch PVC that I turned down and threaded at 22 TPI. When I went to 
calculate the length I entered a 2 instead of 4 and came up with a length of 5 inches. This resulted in a coil of 800 uH instead of the 280 to 300 
uH that I wanted. I was too green to recognize that this was not right and of course the coil was all soldered up before I found my mistake. 


The one thing that went right on the coil was the winding and tapping. I had tried various methods of making taps on a coil with little success. 
Seems I don’t have the patience, eyesight and requisite number of arms to do a decent job of it so I came up with a new (at least to me) idea. I 
drilled line of small holes at every 5th thread. I placed the coil form in the freezer for a while to shrink it and then quickly wound the coil. Then I 
scraped the enamel off each wire that passed over a hole with a sharp pointed hobby knife. I bent a small hook in the end of each tap wire passed 
it through the hole, turned it 90 deg and "hooked" the winding. I placed a tiny dab of flux on the wire and then folded the tag end of the hook 
down tight on the coil. A dab of solder finished the job. The result was a nice tight, neat (if slightly over-wound) coil. I bridged all the taps 
together with a loom to help take the stress off of the solder joints. 


The only caps I had were some I ordered from Antique Electronics to play with because they were cheap. They are 4 section totaling 240pf and 
540 deg. rotation. I found out why they are so cheap. Nobody in his right mind would want a VC designed for PC board mounting. I finally 
figured out a way to mount them and only destroyed one in the process. I didn’t have time to order a shaft extension so I machined one out of 
some plastic rod. 


When selecting a diode from two dozen 34As two of them accidentally touched together and the sound level really jumped up. I called them a 


pair and mated them forever. My antenna is an almost 300 foot wire running due north/south. It ranges from 15 to 20 feet off the ground. The 
ground is a piece of Y inch black pipe driven 6 feet into the ground. 
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I used 12 pos. rotary switches from Antique Electronics for the antenna and tuner taps. For the other switches I used the slide type strictly for 
looks. (Certainly not for the "ease" of mounting!) The tuning knob and slide switches are from Radio Shack. 


Four of the slide switches are for the capacity. 200pf, 30pf, and 85pf on the variable and a 150pf fixed cap. The other switches the ground to 
switch out half the coil. My grand plan was to be able to do some short wave tuning. (I did manage to do some.) 


I’m an admirer of Art Deco and Arts and Crafts design so I set out to make a case for the radio that would look at home in a room designed by 
Frank Loyd Wright. I also wanted it to look like it had been around for 50 or 60 years. The sides are the very last scraps of some birch plywood 
from a project I did over 6 years ago. The remainder is solid oak and some oak trim that I modified. An artfully sloppy stain job (left dark in 
cracks and crevi and lighter on the corners and edges) with Minwax English Chestnut stain gives the look of age. It is finished with three coats of 
Deft semi-gloss. I am more or less pleased with the result. The trim above the faceplate is a little too wide and I’m not crazy about the flat top. I 
may do something about the top. 


The faceplate is 1/8 in plastic that I found laying around the engineering shop at work. I made a milling template on Autocad and adhered it to 
the plate. After milling I soaked it off with some WD-40. I then modified the Cad drawing for the graphics and printed it out on some parchment 
looking card stock that I found at Hobby Lobby. Adhering the graphic onto the faceplate in proper alignment was another comedy of errors. 
Needless to say there are come creases and wrinkles that worked out perfectly in my plan for the "aged" look. Two coats of spray poly were 
applied to protect the paper. 


The back plate is a 97-cent clipboard from Wal-Mart. I cut it to fit and shot it with some cheap black spray paint. It has the perfect cheap-black- 
fiberboard-radio-back appearance. Maybe because that’s what it is. 
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The set tuned very broadly. That may have to do with the huge coil. A local was smeared all over the dial in the daytime and half of it at night. A 
hastily constructed trap was used to block the local until they signed off at 11PM. Then I would reconnect the antenna directly to my set. Even 
switching out half of the coil had little effect on the selectivity. Strong stations like WHO and WWL covered a lot of my tuning range. Using the 
trap as an antenna tuner may have helped but I wanted to stay within the hobby class regulations. 


Still I think I did pretty well. I managed to get about 35 stations for a score of just over 55,000 points. The furthest was CBC in Vancouver BC. I 
will wind a proper coil for the set when time allows. 


Michael Branson 
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... Turned out to be quite a contest. Conditions were very flat until the second Friday (20 Jan.); then propagation really picked up. Area T-storms 
produced a moderate static level Sat. & yesterday, but good prop. seemed to persist. 


Same set as last year's event, except I did put a lead telluride rockstand on the stronger local stations. (This was the same detector I heard KRVN 
880 Nebraska on several contests back. But that was on the Lyonodyne 17 set.) 


Two of the stations heard were new: KXTK 1280 never heard before on any set; CFAC 960 first heard in last year's 1-AD contest. 


Mercifully a clandestine neighborhood super noise source held off during prime listening hours ... 


Sean Whitacre 
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[57] ABSTRACT 


Methods and apparatus for releasing energy from hydrogen 
atoms (molecules) by stimulating their electrons to relax to 
quantized lower energy levels and smaller radii (smaller 
semimajor and semiminor axes) than the “ground state” by 
providing energy sinks or means to remove energy resonant 
with the hydrogen energy released to stimulate these tran- 
sitions. An energy sink, energy hole, can be provided by the 
transfer of at least one electron between participating species 
including atoms, ions, molecules, and ionic and molecular 
compounds. In one embodiment, the energy hole comprises 
the transfer of t electrons from one or more donating species 
to one or more accepting species whereby the sum of the 
ionization energies and/or electron affinities of the electron 
donating species minus the sum of the ionization energies 
and/or electron affinities of the electron accepting species 
equals approximately mX27.21 eV (mX48.6 eV) for atomic 
(molecular) hydrogen below “ground state” transitions 
where m and t are integers. The present invention further 
comprises a hydrogen spillover catalyst, a multifunctionality 
material having a functionality which dissociates molecular 
hydrogen to provide free hydrogen atoms which spill over to 
a functionality which supports mobile free hydrogen atoms 
and a functionality which can be a source of the energy 
holes. The energy reactor includes one of an electrolytic cell, 
a pressurized hydrogen gas cell, and a hydrogen gas dis- 
charge cell. A preferred pressurized hydrogen gas energy 
reactor comprises a vessel; a source of hydrogen; a means to 
control the pressure and flow of hydrogen into the vessel; a 
material to dissociate the molecular hydrogen into atomic 
hydrogen, and a material which can be a source of energy 
holes in the gas phase. The gaseous source of energy holes 
includes those that sublime, boil, and/or are volatile at the 
elevated operating temperature of the gas energy reactor 
wherein the exothermic reaction of electronic transitions of 
hydrogen to lower energy states occurs in the gas phase. 
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Fig. 1-61. Schematic of the Power Waster electronic load. S1 is a 75°C NO 
thermal switch. S1 is in thermal contact with the heat sink. The collectors 
of Q2-Q5 are connected directly to the sink. LED CR8 indicates thermal 
shutdown. Jumper at point A is opened in test. 


To convert these ideas into the final design, I had only to adda 
base-bias supply, circuit overload, reverse polarity protection, and 
to increase the number of load transistors to handle the required 
power. The result is shown in Fig. 1-61. 

Power is dissipated in the pass element (consisting of Q2, Q3, 
Q4, and Q5 connected in parallel). Four TIP 35C transistors are 
used in order to safely handle the 10-ampere maximum load cur- 
rent. Each pass transistor has a 1-ohm resistor in the emitter which 
corresponds to R2 of Fig. 1-60. In addition to setting the collector 
current for a given base voltage, these resistors also equalize the 
load distribution between the four pass transistors and help to keep 
the load current constant as the transistor temperature increases. 

Variable base voltage for the load transistors is obtained from 
emitter follower Q1 which operates from a 5-volt regulated supply. 
This circuit consists of transformer T1, the bridge rectifier (CR1- 
CR4), C1, and an MC7805CP three-terminal regulator chip (U1). 

The base of emitter follower Q1 is connected to a variable 
voltage divider consisting of R1, the pot (R2), and diode CR5. R1 
and CR5 limit the driver base voltage range to approximately 0.8 to 
4 volts. An additional 0.8-volt offset in the base-emitter junction of 
Q1 results in a driver output voltage range of 0 to 3.2 volts. 
Restricting the drive voltage to 3.2 V sets the maximum current 
the load will draw to 10 A. CR5 was included to compensate for the 
change in the base-to-emitter threshold voltage of Q1 as the temp- 
erature changes. In use, this simple bias supply has proven com- 
pletely adequate. There is very little drift in load current as the 
temperature increases. 

Some additional features are worthy of mention. Diodes CR6 
and CR7 provide reverse polarity protection. A thermal switch 
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LOWER-ENERGY HYDROGEN METHODS 
AND STRUCTURES 


This application is a continuation of U.S. patent appli- 
cation Ser. No. 08/592,712, filed Jan. 26, 1996, abandoned. 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

This invention relates to methods and apparatus for 
releasing energy from hydrogen atoms (molecules) as their 
electrons are stimulated to relax to lower energy levels and 
smaller radii (smaller semimajor and semiminor axes) than 
the “ground state” by providing a transition catalyst which 
acts as an energy sink or means to remove energy resonant 
with the electronic energy released to stimulate these tran- 
sitions according to a novel atomic model. The transition 
catalyst should not be consumed in the reaction. It accepts 
energy from hydrogen and releases the energy to the sur- 
roundings. Thus, the transition catalyst returns to the origin 
state. Processes that require collisions are common. For 
example, the exothermic chemical reaction of H+H to form 
H, requires a collision with a third body, M, to remove the 
bond energy-H+H+M—H,+M. The third body distributes 
the energy from the exothermic reaction, and the end result 
is the H, molecule and an increase in the temperature of the 
system. Similarly, the transition from the n=1 state of 
hydrogen to the 


1 


i= 
integer 


states of hydrogen is possible via a resonant collision, say 
n=1 to n=". In these cases, during the collision the electron 
(s) couples to another electron transition or electron transfer 
reaction, for example, which can absorb the exact amount of 
energy that must be removed from the hydrogen atom 
(molecule), a resonant energy sink. The end result is a 
lower-energy state for the hydrogen and increase in tem- 
perature of the system. Each of such reactions is hereafter 
referred to as a shrinkage reaction: each transition is here- 
after referred to as a shrinkage transition; each energy sink 
or means to remove energy resonant with the hydrogen 
electronic energy released to effect each transition is here- 
after referred to as an energy hole, and the electronic energy 
removed by the energy hole to effect or stimulate the 
shrinkage transition is hereafter referred to as the resonance 
shrinkage energy. An energy hole comprising a reactant ion 
that is spontaneously regenerated following an endothermic 
electron ionization reaction of energy equal to the resonance 
shrinkage energy is hereafter referred to as an electrocata- 
lytic ion. An energy hole comprising two reactants that are 
spontaneously regenerated following the an endothermic 
electron transfer reaction between the two species wherein 
the differences in their ionization energies is equal to the 
resonance shrinkage energy is hereafter referred to as an 
electrocatalytic couple. 

The present invention of an electrolytic cell energy 
reactor, pressurized gas energy reactor, and a gas discharge 
energy reactor, comprises: a source of hydrogen; one of a 
solid, molten, liquid, and gaseous source of energy holes; a 
vessel containing hydrogen and the source of energy holes 
wherein the shrinkage reaction occurs by contact of the 
hydrogen with the source of energy holes; and a means for 
removing, the (molecular) lower-energy hydrogen so as to 
prevent an exothermic shrinkage reaction from coming to 
equilibrium. The present invention further comprises meth- 
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ods and structures for repeating this shrinkage reaction to 
produce shrunken atoms (molecules) to provide new mate- 
rials with novel properties such as high thermal stability. 

2. Description of the Related Art 

Existing atomic models and theories are unable to explain 
certain observed physical phenomena. The Schrodinger 
wavefunctions of the hydrogen atom, for example, do not 
explain the extreme ultraviolet emission spectrum of the 
interstellar medium or that of the Sun, as well as the 
phenomenon of anomalous heat release from hydrogen in 
certain electrolytic cells having a potassium carbonate elec- 
trolyte or certain gas energy cells having a hydrogen spill- 
over catalyst comprising potassium nitrate with the produc- 
tion of lower-energy hydrogen atoms and molecules, which 
is part of the present invention. Thus, advances in energy 
production and materials have been largely limited to labo- 
ratory discoveries having limited or sub-optimal commercial 
application. 


SUMMARY OF THE INVENTION 


The present invention comprises methods and apparatuses 
for releasing heat energy from hydrogen atoms (molecules) 
by stimulating their electrons to relax to quantized potential 
energy levels below that of the “ground state” via electron 
transfer reactions of reactants including electrochemical 
reactant(s) (electrocatalytic ion(s) or couple(s)) which 
remove energy from the hydrogen atoms (molecules) to 
stimulate these transitions. In addition, this application 
includes methods and apparatuses to enhance the power 
output by enhancing the reaction rate- the rate of the 
formation of the lower-energy hydrogen. The present inven- 
tion further comprises a hydrogen spillover catalyst, a mul- 
tifunctionality material having a functionality which disso- 
ciates molecular hydrogen to provide free hydrogen atoms 
which spill over to a functionality which supports mobile 
free hydrogen atoms and a functionality which can be a 
source of the energy holes. The energy reactor includes one 
of an electrolytic cell, a pressurized hydrogen gas cell, and 
a hydrogen gas discharge cell. 

A preferred pressurized hydrogen gas energy reactor 
comprises a vessel; a source of hydrogen; a means to control 
the pressure and flow of hydrogen into the vessel; a material 
to dissociate the molecular hydrogen into atomic hydrogen, 
and a material which can be a source of energy holes in the 
gas phase. The gaseous source of energy holes includes 
those that sublime, boil, and/or are volatile at the elevated 
operating temperature of the gas energy reactor wherein the 
shrinkage reaction occurs in the gas phase. 

The present invention further comprises methods and 
apparatuses for repeating a shrinkage reaction according to 
the present invention to cause energy release and to provide 
shrunken atoms and molecules with novel properties such as 
high thermal stability, and low reactivity. The lower-energy 
state atoms and molecules are useful for heat transfer, 
cryogenic applications, as a buoyant gas. as a medium in an 
engine such as a Sterling engine or a turbine, as a general 
replacement for helium, and as a refrigerant by absorbing 
energy including heat energy as the electrons are excited 
back to a higher energy level. 

Below “Ground State” Transitions of Hydrogen Atoms 

A novel atomic theory is disclosed in Mills, R., The Grand 
Unified Theory of Classical Quantum Mechanics, (1995), 
Technomic Publishing Company, Lancaster, Pa. provided by 
HydroCatalysis Power Corporation, Great Valley Corporate 
Center, 41 Great Valley Parkway, Malvern, Pa. 19355; The 
Unification of Spacetime, the Forces, Matter, and Energy, 
Mills, R., Technomic Publishing Company, Lancaster, Pa., 


(S1) shorts the base-bias supply and turns the current off if the 
heat-sink temperature becomes excessive. An over-temperature 
shutdown is indicated by illumination of the LED (CR8). 

R4 provides a return path to the transistor emitters for 
collector-to-base leakage current. This assures that they will actu- 
ally turn off when the base-bias voltage is removed. R3 is there for 
safety in case the wiper of R2 opens. This is the usual method of 
failure for pots. Inclusion of R3 assures a path from base to emitter 
for the collector-to-base leakage current of Q1. In its absence, 
failure of R2 could cause the load to pull more than 10 A and damage 
something. With R3 included, the circuit just shuts off. 

A series-connected pair of 8-ohm, 50-watt resistors is also 
mounted on the heat sink of the electronic load. These are provided 
to increase the dissipation capability of the unit and, in addition, are 
handy for testing audio amplifiers. 


Power Rating 


While the nominal input capability of the Power Waster is 10 A 
at up to 30 V, it may be operated at higher voltages if the proper 
conditions for safe operation are understood. In this section, I will 
explain how the nominal power rating is derived. 

All high-power transistors have a “safe area” of operation, in 
which no damage will occur. Figure 1-62 is a safe-area curve for a 
single TIP 35C. This is a plot of maximum-permitted collector 
current as a function of collector voltage. Operation at any point in 
the region below and to the left of the curve will not damage the 
transistor. Combinations of voltage and current above and to the 
right of the curve will certainly destroy the transistor. 

It is interesting that the power dissipation capability is not 
constant. At a Vce of 5 V, a current of 25 A is permitted. That's 125 
watts. But if the voltage is increased to 50 volts, only 1 ampere is 
allowed, providing a dissipation capability of only 50 watts! The 
successful designer of high-power transistor circuits stares long 
and hard at the safe area curves before picking a final configuration! 

When I designed the Power Waster, I tried to be conservative 
so that it could really take abuse without failure. Thus, four TIP 
35C transistors were used. In Fig. 1-63, the composite safe-area 
curve for the four devices in parallel is shown. This is Curve B. 
Curve A indicates the “rated” operating envelope for the Power 
Waster. Only at the 10 A and 30 V point does the “rating” curve 
approach the safe-area curve. At all other combinations of current 
and voltage, the power dissipation is comfortably inside of curve B. 
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(1992); The Grand Unified Theory, Mills, R. and Farrell, J., 
Science Press, Ephrata, Pa., (1990); Mills, R., Kneizys, S., 
Fusion Technology, 210, (1991), pp. 65-81; Mills, R., Good, 
W., Shaubach, R., “Dihydrino Molecule Identification”, 
Fusion Technology, 25, 103 (1994); Mills, R., Good, W., 
“Fractional Quantum Energy Levels of Hydrogen”, Fusion 
Technology, Vol. 28. No. 4, November, (1995), pp. 
1697-1719, and in my previous U.S. patent applications 
entitled “Energy/Matter Conversion Methods and 
Structures”, Ser. No. 08/467,051 filed on Jun. 6, 1995 which 
is a continuation-in-part application of Ser. No. 08/416,040 
filed on Apr. 3, 1995 which is a continuation-in-part appli- 
cation of Ser. No. 08/107,357 filed on Aug. 16, 1993, which 
is a continuation-in-part application of Ser. No. 08/075,102 
(Dkt. 99437) filed on Jun. 11, 1993, which is a continuation- 
in-part application of Ser. No. 07/626,496 filed on Dec. 12, 
1990 which is a continuation-in-part application of Ser. No. 
07/345,628 filed Apr. 28, 1989 which is a continuation-in- 
part application of Ser. No. 07/341,733 filed Apr. 21, 1989 
which are all incorporated herein by this reference. 
Fractional Quantum Energy Levels of Hydrogen 

A number of experimental observations given in the 
Experimental Section below lead to the conclusion that 
atomic hydrogen can exist in fractional quantum states that 
are at lower energies than the traditional “ground” (n=1) 
state. For example, existence of fractional-quantum-energy- 
level hydrogen atoms, hereafter called hydrinos, provides an 
explanation for the soft X-ray emissions of the dark inter- 
stellar medium observed by Labov and Bowyer [S. Labov 
and S. Bowyer, Astrophysical Journal, 371 (1991) 810] and 
an explanation for the soft X-ray emissions of the Sun 
[ Thomas, R. J., Neupert, W., M., Astrophysical Journal 
Supplement Series, Vol. 91, (1994), pp. 461-482; 
Malinovsky, M., Heroux, L., Astrophysical Journal, Vol. 
181, (1973), pp. 1009-1030; Noyes, R., The Sun, Our Star, 
Harvard University Press, Cambridge, Ma., (1982), p. 172; 
Phillips, J. H., Guide to the Sun, Cambridge University 
Press, Cambridge, Great Britain, (1992), pp. 118-119; 
120-121; 144-145]. 

J. J. Balmer showed in 1885 that the frequencies for some 
of the lines observed in the emission spectrum of atomic 
hydrogen could be expressed with a completely empirical 
relationship. This approach was later extended by J. R. 
Rydberg, who showed that all of the spectral lines of atomic 
hydrogen were given by the equation: 


er oe 
y= R| — - — 
n n? 


where R=109,677 cm”?, Bal 2.35 O AS ea goad 
n>n; Niels Bohr, in 1913, developed a theory for atomic 
hydrogen that gave energy levels in agreement with Ryd- 
berg’s equation. An identical equation, based on a totally 
different theory for the hydrogen atom, was developed by E. 
Schrodinger, and independently by W. Heisenberg, in 1926. 


(1) 


e? 13.598 eV (2a) 


n? 8AE AH 


n = 


n2 


n=1,2,3,... (2b) 


where az, is the Bohr radius for the hydrogen atom (52.947 
pm), e is the magnitude of the charge of the electron, and €, 
is the vacuum permittivity. Mills’ theory predicts that Eq. 
(2b), should be replaced by Eq. (2c). 
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(2c) 


The quantum number n=1 is routinely used to describe the 
“ground” electronic state of the hydrogen atom. Mills [Mills, 
R., The Grand Unified Theory of Classical Quantum 
Mechanics, (1995), Technomic Publishing Company, 
Lancaster, Pa. ] in a recent advancement of quantum mechan- 
ics has shown that the n=1 state is the “ground” state for 
“pure” photon transitions (the n=1 state can absorb a photon 
and go to an excited electronic state, but 1t cannot release a 
photon and go to a lower-energy electronic state). However, 
an electron transition from the ground state to a lower- 
energy state is possible by a “resonant collision” mecha- 
nism. These lower-energy states have fractional quantum 
numbers, 


1 


integer 


Processes that occur without photons and that require col- 
lisions are common. For example, the exothermic chemical 
reaction of H+H to form H, does not occur with the emission 
of a photon. Rather, the reaction requires a collision with a 
third body, M, to remove the bond energy-H+H+M-—H,+ 
M. The third body distributes the energy from the exother- 
mic reaction, and the end result is the H, molecule and an 
increase in the temperature of the system. Similarly, the n=1 
state of hydrogen and the 


1 


integer 


n= 


states of hydrogen are nonradiative, but a transition between 
two nonradiative states is possible via a resonant collision, 
say n=l to n=%. In these cases, during the collision the 
electron couples to another electron transition or electron 
transfer reaction which can absorb the exact amount of 
energy that must be removed from the hydrogen atom, a 
resonant energy sink called an energy hole. The end result is 
a lower-energy state for the hydrogen and increase in 
temperature of the system. 
Wave Equation Solutions of the Hydrogen Atom 

Recently, Mills [Mills, R., The Grand Unified Theory of 
Classical Quantum Mechanics, (1995), Technomic Publish- 
ing Company, Lancaster, Pa.] has built on the work generally 
known as quantum mechanics by deriving a new atomic 
theory based on first principles. The novel theory hereafter 
referred to as Mills’ theory unifies Maxwell’s Equations, 
Newton’s Laws, and Einstein’s General and Special Rela- 
tivity. The central feature of this theory is that all particles 
(atomic-size and macroscopic particles) obey the same 
physical laws. Whereas Schrodinger postulated a boundary 
condition: W—=0 as roo, the boundary condition in Mills’ 
theory was derived from Maxwell’s equations [ Haus, H. A., 
“On the radiation from point charges”, American Journal of 
Physics, 54, (1986), pp. 1126-1129. ]: 

For non-radiative states, the current-density function must 
not possess space-time Fourier components that are 
synchronous with waves traveling at the speed of light. 

Application of this boundary condition leads to a physical 
model of particles, atoms, molecules, and, in the final 
analysis, cosmology. The closed-form mathematical solu- 
tions contain fundamental constants only, and the calculated 
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values for physical quantities agree with experimental obser- 
vations. In addition, the theory predicts that Eq. (2b), should 
be replaced by Eq. (2c). 

Bound electrons are described by a charge-density (mass- 
density) function which is the product of a radial delta 
function (f(r)=8(r-r,,)), two angular functions (spherical 
harmonic functions), and a time harmonic function. Thus, an 
electron is a spinning, two-dimensional spherical surface, 
hereafter called an electron orbitsphere, that can exist in a 
bound state at only specified distances from the nucleus. 
More explicitly, the orbitsphere comprises a two dimen- 
sional spherical shell of moving charge. The corresponding 
current pattern of the orbitsphere comprises an infinite series 
of correlated orthogonal great circle current loops. The 
current pattern (shown in FIG. 1.4 of Mills [ Mills, R., The 
Grand Unified Theory of Classical Quantum Mechanics, 
(1995), Technomic Publishing Company, Lancaster, Pa.]) is 
generated over the surface by two orthogonal sets of an 
infinite series of nested rotations of two orthogonal great 
circle current loops where the coordinate axes rotate with the 
two orthogonal great circles. Each infinitesimal rotation of 
the infinite series is about the new x-axis and new y-axis 
which results from the preceding such rotation. For each of 
the two sets of nested rotations, the angular sum of the 
rotations about each rotating x-axis and y-axis totals v2 x 
radians. The current pattern gives rise to the phenomenon 
corresponding to the spin quantum number. 

The total function that describes the spinning motion of 
each electron orbitsphere is composed of two functions. One 
function, the spin function, is spatially uniform over the 
orbitsphere, spins with a quantized angular velocity, and 
gives rise to spin angular momentum. The other function, the 
modulation function, can be spatially uniform—in which 
case there is no orbital angular momentum and the magnetic 
moment of the electron orbitsphere is one Bohr magneton— 
or not spatially uniform—in which case there is orbital 
angular momentum. The modulation function also rotates 
with a quantized angular velocity. Numerical values for the 
angular velocity, radii of allowed orbitspheres. energies, and 
associated quantities are calculated by Mills. 

Orbitsphere radii are calculated by setting the centripetal 
force equal to the electric and magnetic forces. 

The orbitsphere is a resonator cavity which traps photons 
of discrete frequencies. The radius of an orbitsphere 
increases with the absorption of electromagnetic energy. The 
solutions to Maxwell’s equations for modes that can be 
excited in the orbitsphere resonator cavity give rise to four 
quantum numbers, and the energies of the modes are the 
experimentally known hydrogen spectrum. 

Excited states are unstable because the charge-density 
function of the electron plus photon have a radial doublet 
function component which corresponds to an electric dipole. 
The doublet possesses spacetime Fourier components syn- 
chronous with waves traveling at the speed of light; thus it 
is radiative. The charge-density function of the electron plus 
photon for the n=1 principle quantum state of the hydrogen 
atom as well as for each of the 


1 


integer 


states mathematically is purely a radial delta function. The 

delta function does not possess spacetime Fourier compo- 

nents synchronous with waves traveling at the speed of light; 

thus, each is nonradiative. 

Catalytic Lower-energy Hydrogen Electronic Transitions 
Comparing transitions between below “ground” 

(fractional quantum) energy states as opposed to transitions 
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between excited (integer quantum) energy states, it can be 
appreciated that the former are not effected by photons; 
whereas, the latter are. Transitions are symmetric with 
respect to time. Current density functions which give rise to 
photons according to the nonradiative boundary condition of 
Mills [Mills, R., The Grand Unified Theory of Classical 
Quantum Mechanics, (1995), Technomic Publishing 
Company, Lancaster, Pa.] are created by photons in the 
reverse process. Excited (integer quantum) energy states 
correspond to this case. And, current density functions 
which do not give rise to photons according to the nonra- 
diative boundary condition are not created by photons in the 
reverse process. Below “ground” (fractional quantum) 
energy states correspond to this case. But, atomic collisions 
can cause a stable state to undergo a transition to the next 
stable state. The transition between two stable nonradiative 
states effected by a collision with an resonant energy sink is 
analogous to the reaction of two atoms to form a diatomic 
molecule which requires a third-body collision to remove 
the bond energy [N. V. Sidgwick, The Chemical Elements 
and Their Compounds, Volume I, Oxford, Clarendon Press, 
(1950), p. 17]. 
Energy Hole Concept 

The nonradiative boundary condition of Mills and the 
relationship between the electron and the photon give the 
“allowed” hydrogen energy states which are quantized as a 
function of the parameter n. Each value of n corresponds to 
an allowed transition effected by a resonant photon which 
excites the electronic transition. In addition to the traditional 
integer values (1, 2, 3, ...,) of n, values of fractions are 
allowed which correspond to transitions with an increase in 
the central field (charge) and decrease in the size of the 
hydrogen atom. This occurs, for example, when the electron 
couples to another electronic transition or electron transfer 
reaction which can absorb energy, an energy sink. This is the 
absorption of an energy hole. The absorption of an energy 
hole destroys the balance between the centrifugal force and 
the increased central electric force. As a result, the electron 
undergoes a transition to a lower energy nonradiative state. 

From energy conservation, the resonance energy hole of 
a hydrogen atom which excites resonator modes of radial 
dimensions 


dy 


m>+l 


is 

mX27.2 eV where m=1,2,3,4,... (3) 
After resonant absorption of the energy hole, the radius of 
the orbitsphere, a,,, shrinks to 


ay 


m>+l 


and after p cycles of resonant shrinkage, the radius is 


ay 


mp +1' 


In other words, the radial ground state field can be consid- 
ered as the superposition of Fourier components. The 
removal of negative Fourier components of energy mX27.2 
eV, where m is an integer increases the positive central 
electric field inside the spherical shell by m times the charge 
of a proton. The resultant electric field is a time-harmonic 
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solution of Laplace’s Equations in spherical coordinates. In 
this case, the radius at which force balance and nonradiation 
are achieved is 


ay 


m>+l 


where m is an integer. In decaying to this radius from the 
“oround” state, a total energy of [(m+1)°-17]X13.6 eV is 
released. The transition between two stable nonradiative 
states effected by a collision with an energy hole is analo- 
gous to the reaction of two atoms to form a diatomic 
molecule which requires a third body collision to remove the 
bond energy [N. V. Sidgwick, The Chemical Elements and 
Their Compounds, Volume I, Oxford, Clarendon Press, 
(1950), p. 17]. The total energy well of the hydrogen atom 
is shown in FIG. 1. The exothermic reaction involving 
transitions from one potential energy level to a lower level 
is hereafter referred to as HydroCatalysis. 

Ahydrogen atom with its electron in a lower than “ground 
state” energy level corresponding to a fractional quantum 
number is hereafter referred to as a hydrino atom. The 
designation for a hydrino atom of radius 


lo 
p 


where p is an integer is 
ao 
|=. 
P 


The size of the electron orbitsphere as a function of 
potential energy is given in FIG. 2. 

An efficient catalytic system that hinges on the coupling 
of three resonator cavities involves potassium. For example, 
the second ionization energy of potassium is 31.63 eV. This 
energy hole is obviously too high for resonant absorption. 
However, K* releases 4.34 eV when it is reduced to K. The 
combination of K* to K** and K* to K, then, has a net energy 
change of 27.28 eV. 


27.28 eV +K* +K* +H A 


dy 
—|- 


ay 
(p + 1) 


K+K? +H + [(p + 1)? — p?]x 13.6 eV 


K+ K” > Kt + Kt + 27.28 eV (5) 


And, the overall reaction is 
q > H 
p 


Note that the energy given off as the atom shrinks is much 
greater than the energy lost to the energy hole. Also, the 
energy released is large compared to conventional chemical 
reactions. 
Disproportionation of Energy States 

Lower-energy hydrogen atoms, hydrinos, can act as a 
source of energy holes that can cause resonant shrinkage 
because the excitation and/or ionization energies are 
mX27.2 eV (Eq. (3)). For example, the equation for the 
absorption of an energy hole of 27.21 eV, m=1 in Eq. (3), 
during the shrinkage cascade for the third cycle of the 
hydrogen-type atom, 


(6) 


dy 


+ [(p + 1)? - p°] x 13.6 eV 
(p+1) 
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with the hydrogen-type atom, 


al) 


that is ionized as the source of energy holes that cause 
resonant shrinkage is represented by 
(7) 


27.21 eV + AS] + a] 3 


a 
Mie k a] + [4 - 37] x 13.6 eV -27.21 eV 


a 
Ht +e > H[*]+ 13.6 eV (8) 


And, the overall reaction is 


ata] (9) 


q] a 


B| + [42 - 3? — 4] x 13.6 eV + 13.6 eV 


The general equation for the absorption of an energy hole of 
27.21 eV, m=1 in Eq. (3), during the shrinkage cascade for 
the pth cycle of the hydrogen-type atom, 


ile) 
p 
with the hydrogen-type atom, 


Hl 


m Y 


that is ionized as the source of energy holes that cause 
resonant shrinkage is represented by 


(10) 


ay 


ay n x 
27.21 eV +H|—|+H Sra 
m' 
a 
H |4 [p+ 1? — p?] x 13.6 eV - (m? — 2)x 13.6 eV 
(p + 1) 


a 
ree > a| =] +136 eV (11) 


And, the overall reaction is 


ale “|. (2) 
m p 
a 
a=] Y | 4 [2p +1—m]x 13.6 eV + 13.6 eV 
1 (P1) 


Transitions to nonconsecutive energy levels involving the 
absorption of an energy hole of an integer multiple of 27.21 
eV are possible. Lower-energy hydrogen atoms, hydrinos, 
can act as a source of energy holes that can cause resonant 
shrinkage with the absorption of an energy hole of mX27.2 
eV (Eq. (3)). Thus, the shrinkage cascade for the pth cycle 
of the hydrogen-type atom, 
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with the hydrogen-type atom, 


Hf] 


m’ 


that is ionized as the source of energy holes that cause 
resonant shrinkage is represented by 


ay (13) 


mx27.21 eV + H=] + q 3 


ay 
(p +m) 


H+ +e +H + [(p +mY — p? — (m? -2m] x 13.6 eV 


a 
Ht +e + HÆ] 13.6 eV (14) 


And, the overall reaction is 


e] E >) 


m p 


+ [2pm + m? -m?]x13.6 eV + 13.6 eV 


H 
(p +m) 


Hydrogen is a source of energy holes. The ionization 
energy of hydrogen is 13.6 eV. Disproportionation can occur 
between three hydrogen atoms whereby two atoms provide 
an energy hole of 27.21 eV for the third hydrogen atom. 
Thus, the shrinkage cascade for the pth cycle of the 
hydrogen-type atom, 


a 
p 
with two hydrogen atoms, 
ay 
B| |, 


as the source of energy holes that cause resonant shrinkage 
is represented by 


27.21 aa le] e (16) 
p 
+ z Rh 2 2 
2H" +2e +H + [(p + 1? - p?] x 13.6 eV 
(p +1) 


a 
2H* +2e7 > a] £27.21 eV (17) 


And, the overall reaction is 
q > H 
p 


The spectral lines from dark interstellar medium and the 
majority of the solar power can be attributed to dispropor- 
tionation reactions as given in the Spectral Data of Hydrinos 
from the Dark Interstellar Medium and from the Sun Section 
of Mills [Mills, R., The Grand Unified Theory of Classical 
Quantum Mechanics, (1995), Technomic Publishing 


dy (18) 


(p +1) 


+ [(p + 1? - p] x 13.6 eV 
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Company, Lancaster, Pa.]. This assignment resolves the 
mystery of dark matter, the solar neutrino problem, and the 
mystery of the cause of sunspots and other solar activity and 
why the Sun emits X-rays. It also provides the reason for the 
abrupt change in the speed of sound and transition from 
“radiation zone” to “convection zone” at a radius of 0.7 the 
solar radius, 0.7 R, as summarized in Example 4 below. 


Energy Hole (Atomic Hydrogen) 


In a preferred embodiment, energy holes, each of approxi- 
mately 27.21 eV, are provided by electron transfer reactions 
of reactants including electrochemical reactant(s) 
(electrocatalytic ion(s) or couple(s)) which cause heat to be 
released from hydrogen atoms as their electrons are stimu- 
lated to relax to quantized potential energy levels below that 
of the “ground state”. The energy removed by an electron 
transfer reaction, energy hole, is resonant with the hydrogen 
energy released to stimulate this transition. The source of 
hydrogen atoms can be the production on the surface of a 
cathode during electrolysis of water in the case of an 
electrolytic energy reactor and hydrogen gas or a hydride in 
the case of a pressurized gas energy reactor or gas discharge 
energy reactor. 


Below “Ground State” Transitions of Hydrogen-type Mol- 
ecules and Molecular Ions 


Two hydrogen atoms react to form a diatomic molecule, 
the hydrogen molecule. 


2H[ay] > Hp [2c' = V2 ao] (19) 


where 2c' is the internuclear distance. Also, two hydrino 
atoms react to form a diatomic molecule, hereafter called a 
dihydrino molecule. 


2c’ 


iE) 20) 
op 


where p is an integer. 


The central force equation for hydrogen-type molecules 
has orbital solutions which are circular, elliptic, parabolic, or 
hyperbolic. The former two types of solutions are associated 
with atomic and molecular orbitals. These solutions are 
nonradiative if the boundary condition for nonradiation 
given in the One Electron Atom Section of The Unification 
of Spacetime, the Forces, Matter, and Energy, Mills, R., 
Technomic Publishing Company, Lancaster, Pa., (1992), is 
met. The mathematical formulation for zero radiation is that 
the function that describes the motion of the electron must 
not possess space-time Fourier components that are syn- 
chronous with waves traveling at the speed of light. The 
boundary condition for the orbitsphere is met when the 


angular frequencies are 
h (21) 
Wy, = 
mere 


As demonstrated in the One Electron Atom Section of The 
Unification of Spacetime, the Forces, Matter, and Energy, 
Mills, R., Technomic Publishing Company, Lancaster, Pa., 
(1992), this condition is met for the product function of a 
radial Dirac delta function and a time harmonic function 
where the angular frequency, œ, is constant and given by Eq. 


(21). 
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TL (22) 
h me 
Wp = = 
mere A 


where L is the angular momentum and A is the area of the 
closed geodesic orbit. Consider the solution of the central 
force equation comprising the product of a two dimensional 
ellipsoid and a time harmonic function. The spatial part of 
the product function is the convolution of a radial Dirac delta 
function with the equation of an ellipsoid. The Fourier 
transform of the convolution of two functions is the product 
of the individual Fourier transforms of the functions: thus, 
the boundary condition is met for an ellipsoidal-time har- 
monic function when 


nh (23) 
Wn = = 
mA mab 
where the area of an ellipse is 
=mab (24) 


where 2b is the length of the semiminor axis and 2a is the 
length of the semimajor axis. The geometry of molecular 
hydrogen is elliptic with the internuclear axis as the prin- 
ciple axis; thus, the electron orbital is a two dimensional 
ellipsoidal-time harmonic function. The mass follows geo- 
desics time harmonically as determined by the central field 
of the protons at the foci. Rotational symmetry about the 
internuclear axis further determines that the orbital is a 
prolate spheroid. In general, ellipsoidal orbits of molecular 
bonding, hereafter referred to as ellipsoidal molecular orbit- 
als (M. O.’s), have the general equation 


x y 2 (25) 
2 Ee 
The semiprinciple axes of the ellipsoid are a, b, c. 
In ellipsoidal coordinates the Laplacian is 
(26) 


ô $ 
(7 -ORRE + 


ô O ô $ 
(a AS + (€ -DR (Roi) =0 


An ellipsoidal M. O. is equivalent to a charged conductor 
whose surface is given by Eq. (25). It carries a total charge 
q, and it’s potential is a solution of the Laplacian in 
ellipsoidal coordinates, Eq. (26). 

Excited states of orbitspheres are discussed in the Excited 
States of the One Electron Atom (Quantization) Section of 
The Unification of Spacetime, the Forces, Matter, and 
Energy, Mills, R., Technomic Publishing Company, 
Lancaster, Pa., (1992). In the case of ellipsoidal M. O.’s, 
excited electronic states are created when photons of dis- 
crete frequencies are trapped in the ellipsoidal resonator 
cavity of the M. O. The photon changes the effective charge 
at the M. O. surface where the central field is ellipsoidal. 
Force balance is achieved at a series of ellipsoidal equipo- 
tential two dimensional surfaces confocal with the ground 
state ellipsoid. The trapped photons are solutions of the 
Laplacian in ellipsoidal coordinates, Eq. (26). 

As is the case with the orbitsphere, higher and lower 
energy states are equally valid. The photon standing wave in 
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both cases is a solution of the Laplacian in ellipsoidal 
coordinates. For an ellipsoidal resonator cavity, the relation- 
ship between an allowed circumference, 4aE, and the photon 
standing wavelength, A, is 


4aE=nA (27) 
where n is an integer and where 


Jap 


a 


(28) 
k= 


is used in the elliptic integral E of Eq. (27). Applying Eqs. 
(27) and (28), the relationship between an allowed angular 
frequency given by Eq. (23) and the photon standing wave 
angular frequency, 0, 1s: 


th h h 1 
= — (01 = Wy 
n2 


(29) 


Menanby manda 


mA 


where n=1,2,3,4, ... 


wm, is the allowed angular frequency for n=1 a, and b, are the 
allowed semimajor and semiminor axes for n=1 

From Eq. (29), the magnitude of the elliptic field corre- 
sponding to a below “ground state” transition of the hydro- 
gen molecule is an integer. The potential energy equations of 
hydrogen-type molecules are 


—2pe* at ya — y? (30) 
V, = In 
Brey a? — b a-ya — p? 
p e? (31) 
p= == 
STE ya -p 
where 
do 
n% (32) 
p 
1 33 
pa de (33) 
pv2 
(34) 


Pa EL 
d= a2 — þ2 E 


and where p is an integer. From energy conservation, the 
resonance energy hole of a hydrogen-type molecule which 
causes the transition 


(35) 


where m and p are integers. During the transition, the elliptic 
field is increased from magnitude p to magnitude p+m. The 
corresponding potential energy change equals the energy 
absorbed by the energy hole. 


Energy hole=-V,-V,=mp*X48.6 eV (37) 
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Further energy is released by the hydrogen-type molecule as 
the internuclear distance “shrinks”. The total energy, E,, 
released during the transition is 


(38) 5 
Er =-13.6eV 


[2m +p?PV2 -(m+pyy2 + 


Be = 
E Int = (m + pyv2 + 
2 NS 
JT) VT+] 7 
13. 6eV [evz -vzs : ja ma -p7 
2 y2 =1 
A schematic drawing of the total energy well of hydrogen- 4% 


type molecules and molecular ions is given in FIG. 3. The 
exothermic reaction involving transitions from one potential 
energy level to a lower level below the “ground state” is also 
hereafter referred to as HydroCatalysis. 

A hydrogen-type molecule with its electrons in a lower 
than “ground state” energy level corresponding to a frac- 
tional quantum number is hereafter referred to as a dihydrino 
molecule. The designation for a dihydrino molecule of 
internuclear distance, 


20 


T 25 
2 ao 
20s V2 a á 
p 
where p is an integer, is 
30 
2 ao 
H3|2c’ = V2 do | 
p 
A schematic drawing of the size of hydrogen-type molecules 35 
as a function of total energy is given in FIG. 4. 

The magnitude of the elliptic field corresponding to the 
first below “ground state” hydrogen-type molecule is 2. 
From energy conservation, the resonance energy hole of a 
hydrogen molecule which excites the transition of the hydro- 45 
gen molecule with internuclear distance 

I’ =v 24, 
E E 45 
to the first below “ground state” with internuclear distance 
1 
2c’ = —a, 
y2 
50 
is given by Eqs. (30) and (31) where the elliptic field is 
increased from magnitude one to magnitude two: 
(39) 
— Ie + 2 pe 
AR AA ERA = -67.813 eV 55 
Seo y a? — b? aya E 
e? (40) 
V, = = 19.23 eV 
Breo a? — b? 60 


Energy hole = —V, — Vp = m x 48.6 eV (41) 


In other words, the ellipsoidal “ground state” field of the 
hydrogen molecule can be considered as the superposition of 
Fourier components. The removal of negative Fourier com- 
ponents of energy 


65 
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mX48.6 eV (42) 


where m is an integer, increases the positive electric field 
inside the ellipsoidal shell by m times the charge of a proton 
at each focus. The resultant electric field is a time harmonic 
solution of the Laplacian in ellipsoidal coordinates. The 
hydrogen molecule with internuclear distance 


Ic’ = V¥24, 


is caused to undergo a transition to a below “ground state” 
level, and the internuclear distance for which force balance 
and nonradiation are achieved is 


V2 ao 


2c’ = 


l+m- 


In decaying to this internuclear distance from the “ground 
state”, a total energy of 


= = (43) 
Er =-13.6 eV o +myvV2 -(1+m*Y2 + 

1+m?42 a = 
Cee: Cee = atm le 

2 Y2 -1 

> ar a 
13.6 eV [v3 pe Fj | 
2) ¥2-1 


is released. 
Energy Hole (Molecular Hydrogen) 

In a preferred embodiment, energy holes, each of approxi- 
mately mX48.6 eV, are provided by electron transfer reac- 
tions of reactants including electrochemical reactant(s) 
(electrocatalytic ion(s) or couple(s)) which cause heat to be 
released from hydrogen molecules as their electrons are 
stimulated to relax to quantized potential energy levels 
below that of the “ground state”. The energy removed by an 
electron transfer reaction, energy hole, is resonant with the 
hydrogen energy released to stimulate this transition. The 
source of hydrogen molecules can be the production on the 
surface of a cathode during electrolysis of water in the case 
of an electrolytic energy reactor and hydrogen gas or a 
hydride in the case of a pressurized gas energy reactor or gas 
discharge energy reactor. 

Energy Reactor 

The present invention of an electrolytic cell energy 
reactor, pressurized gas energy reactor, and a gas discharge 
energy reactor, comprises: a source of hydrogen; one of a 
solid, molten, liquid, and gaseous source of energy holes; a 
vessel containing hydrogen and the source of energy holes 
wherein the shrinkage reaction occurs by contact of the 
hydrogen with the source of energy holes; and a means for 
removing the (molecular) lower-energy hydrogen so as to 
prevent the exothermic shrinkage reaction from coming to 
equilibrium. The shrinkage reaction rate and net power 
output are increased by conforming the energy hole to match 
the resonance shrinkage energy. In general, power output 
can be optimized by controlling the temperature, pressure of 
the hydrogen gas, the source of the energy hole including the 
electrocatalytic ion or couple which provides the energy 
hole, the counterion of the electrocatalytic ion or couple, and 
the area of the surface on which the shrinkage reaction 
occurs. The present invention further comprises a hydrogen 
spillover catalyst, a multifunctionality material having a 
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functionality which dissociates molecular hydrogen to pro- 
vide free hydrogen atoms which spill over to a functionality 
which supports mobile free hydrogen atoms and a function- 
ality which can be a source of the energy holes. 

A preferred pressurized hydrogen gas energy reactor 
comprises a vessel; a source of hydrogen; a means to control 
the pressure and flow of hydrogen into the vessel; a material 
to dissociate the molecular hydrogen into atomic hydrogen, 
and a material which can be a source of energy holes in the 
gas phase. The gaseous source of energy holes includes 
those that sublime, boil, and/or are volatile at the elevated 
operating temperature of the gas energy reactor wherein the 
shrinkage reaction occurs in the gas phase. 

Other objects, features, and characteristics of the present 
invention, as well as the methods of operation and the 
functions of the related elements, will become apparent 
upon consideration of the following description and the 
appended claims with reference to the accompanying 
drawings, all of which form a part of this specification, 
wherein like reference numerals designate corresponding 
parts in the various figures. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a schematic drawing of the total energy well of 
the hydrogen atom; 

FIG. 2 is a schematic drawing of the size of electron 
orbitspheres as a function of potential energy; 

FIG. 3 is a schematic drawing of the total energy wells of 
the hydrogen molecule, H.[2c'=V2a, ], the hydrogen molecu- 
lar ion, H)[2c'=2a, |", the dihydrino molecule, 


H; ae = 


=| 


and the dihydrino molecular ion, H, [2c'=a,]'; 
FIG. 4 is a schematic drawing of the size of hydrogen- 
type molecules, 


2c’ 


u 


p 


as a function of total energy; 

FIG. 5 is a schematic drawing of an energy reactor in 
accordance with the invention; 

FIG. 6 is a schematic drawing of an electrolytic cell 
energy reactor in accordance with the present invention; 

FIG. 7 is a schematic drawing of a pressurized gas energy 
reactor in accordance with the present invention; 

FIG. 8 is a schematic drawing of a gas discharge energy 
reactor in accordance with the invention; and 

FIG. 9 is a plot of the excess heat release from flowing 
hydrogen in the presence of nickel oxide powder containing 
strontium niobium oxide (Nb**/Sr”* electrocatalytic couple) 
by the very accurate and reliable method of heat 
measurement, thermopile conversion of heat into an elec- 
trical output signal. 


DETAILED DESCRIPTION OF THE 
PRESENTLY PREFERRED EMBODIMENTS 


CATALYTIC ENERGY HOLE STRUCTURE FOR 
ATOMS 
Single Electron Excited State 
An energy hole is provided by the transition of an electron 
of a species to an excited state species including a continuum 
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excited state(s) of atoms, ions, molecules, and ionic and 
molecular compounds. In one embodiment, the energy hole 
comprises the excited state transition of an electron of one 
species whereby the transition energy of the accepting 
species equals approximately mX27.21 eV where m is an 
integer. 

Single Electron Transfer 


An energy hole is provided by the transfer of an electron 
between participating species including atoms, ions, 
molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of an 
electron from one species to another species whereby the 
sum of the ionization energy of the electron donating species 
minus the ionization energy or electron affinity of the 
electron accepting species equals approximately mX27.21 
eV where m is an integer. 


Single Electron Transfer (Two Species) 


An efficient catalytic system that hinges on the coupling 
of three resonator cavities involves potassium. For example, 
the second ionization energy of potassium is 31.63 eV. This 
energy hole is obviously too high for resonant absorption. 
However, K* releases 4.34 eV when it is reduced to K. The 
combination of K* to K** and K* to K, then, has a net energy 
change of 27.28 eV; m=1 in Eq. (3). 


a 
97.28 eV +K"+K*+H|—|> (44) 
p 
2+ aH 2 2 
K+K“ +H + [(p + 1? — p?]x 13.6 eV 
(p+1) 
Kak KK 7 28 ev. (45) 
And, the overall reaction is 
a a 
a + H] —— | + [(p + 1% - p?] x 13.6 eV (46) 
p (p +1) 


Note that the energy given off as the atom shrinks is much 
greater than the energy lost to the energy hole. And, the 
energy released is large compared to conventional chemical 
reactions. 


For sodium or sodium ions no electrocatalytic reaction of 
approximately 27.21 eV is possible. For example, 42.15 eV 
of energy is absorbed by the reverse of the reaction given in 
Eq. (45) where Na* replaces K*: 

Na*+Na*+42.15 eV—>Na+Na”* (47) 

Other less efficient catalytic systems hinge on the cou- 
pling of three resonator cavities. For example, the third 
ionization energy of palladium is 32.93 eV. This energy hole 
is obviously too high for resonant absorption. However, Li* 
releases 5.392 eV when it is reduced to Li. The combination 


of Pd”* to Pd?* and Li” to Li, then, has a net energy change 
of 27.54 eV. 


27.54 eV + Lit + Pd?* +H (48) 


Z 
— | > 
p 
ay 
(p +1) 


Li + Pd%* +H + [(p + 1? — p?]x 13.6 eV 


Li + Pd%* > Lit + Pd? 427.54 eV (49) 
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And, the overall reaction is 
e > H 
p 


Single Electron Transfer (One Species) 

An energy hole is provided by the ionization of an 
electron from a participating species including an atom, an 
ion, a molecule, and an ionic or molecular compound to a 
vacuum energy level. In one embodiment, the energy hole 
comprises the ionization of an electron from one species to 
a vacuum energy level whereby the ionization energy of the 
electron donating species equals approximately mX27.21 
eV where m is an integer. 

Titanium is one of the catalysts (electrocatalytic ion) that 
can cause resonant shrinkage because the third ionization 
energy is 27.49 eV, m=1 in Eq. (3). Thus, the shrinkage 
cascade for the pth cycle is represented by 


ay 
(p+1) 


+ [(p + 1? - p?]x 13.6 eV 20 


a 
27.491 eV +Ti2* +H =] y (51) 
p 
-3+ = ay > > 
+e +H + [(p +1? — p?]x 13.6 eV 
(p +1) 
TP +e7 > Ti?* +27.491 eV (52) 
And, the overall reaction is 
a a 
q + H—— | + [(p +1)? - p?] x 13.6 eV Pe) 
p (p +1) 


Rubidium is also a catalyst (electrocatalytic ion). The 
second ionization energy is 27.28 eV. 


a 
97.28 eV + Rb* + H| | > (54) 
p 
2+ = ay Y 5 
Rb“ +e +H + [(p + 1)? — p°] x 13.6 eV 
(p +1) 
Rb?* +e > Rbt + 27.28 eV (55) 
And, the overall reaction is 
a a 
| > H| — |+ [p + 1? - p?] x 13.6 eV (56) 
p (p +1) 


Other single electron transfer reactions to provide energy 
holes of approximately mX27.21 eV where m is an integer 
appear in my previous U.S. Patent Applications entitled 
“Energy/Matter Conversion Methods and Structures”, Ser. 
No. 08/467,051 filed on Jun. 6, 1995 which is a 
continuation-in-part application of Ser. No. 08/416,040 filed 
on Apr. 3, 1995 which is a continuation-in-part application 
of Ser. No. 08/107,357 filed on Aug. 16, 1993, which is a 
continuation-in-part application of Ser. No. 08/075,102 
(Dkt. 99437) filed on Jun. 11, 1993, which is a continuation- 
in-part application of Ser. No. 07/626,496 filed on Dec. 12, 
1990 which is a continuation-in-part application of Ser. No. 
07/345,628 filed Apr. 28, 1989 which is a continuation-in- 
part application of Ser. No. 07/341,733 filed Apr. 21, 1989, 
which are incorporated herein by reference. 

Multiple Electron Transfer 

An energy hole is provided by the transfer of multiple 
electrons between participating species including atoms, 
ions, molecules, and ionic and molecular compounds. In one 
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embodiment, the energy hole comprises the transfer of t 
electrons from one or more species to one or more species 
whereby the sum of the ionization energies and/or electron 
affinities of the electron donating species minus the sum of 
the ionization energies and/or electron affinities of the elec- 
tron acceptor species equals approximately mX27.21 eV 
where m and t are integers. 

An energy hole is provided by the transfer of multiple 
electrons between participating species including atoms, 
ions, molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of t 
electrons from one species to another whereby the t con- 
secutive electron affinities and/or ionization energies of the 
electron donating species minus the t consecutive ionization 
energies and/or electron affinities of the electron acceptor 
equals approximately mX27.21 eV where m and t are 
integers. 

In a preferred embodiment the electron acceptor species is 
an oxide such as MnO, AlO, SiO... A preferred molecular 
electron acceptor is oxygen, O.,. 

Two Electron Transfer (One Species) 

In an embodiment, a catalytic system that provides an 
energy hole hinges on the ionization of two electrons from 
an atom, ion, or molecule to a vacuum energy level such that 
the sum of two ionization energies is approximately 27.21 
eV. Zinc is one of the catalysts (electrocatalytic atom) that 
can cause resonant shrinkage because the sum of the first and 
second ionization energies is 27.358 eV, m=1 in Eq. (3). 
Thus, the shrinkage cascade for the p th cycle is represented 
by 


27.358 eV +Zn+H 5 = (57) 
do 
Zot +2e” + H| —— | + [(p +1) - p?]x 13.6 eV 
(p +1) 
Zn? +2e7 > Zn + 27.358 eV (58) 
And, the overall reaction is 
a a 
a > H| —— | + [p + 1? - p?] x 13.6 eV (99) 
p (p +1) 


Two Electron Transfer (Two Species) 

In another embodiment, a catalytic system that provides 
an energy hole hinges on the transfer of two electrons from 
an atom, ion, or molecule to another atom or molecule such 
that the sum of two ionization energies minus the sum of two 
electron affinities of the participating atoms, ions, and/or 
molecules is approximately 27.21 eV. A catalytic system that 
hinges on the transfer of two electrons from an atom to a 
molecule involves palladium and oxygen. For example, the 
first and second ionization energies of palladium are 8.34 eV 
and 19.43 eV, respectively. And, the first and second electron 
affinities of the oxygen molecule are 0.45 eV and 0.11 eV, 
respectively. The energy hole resulting from a two electron 
transfer is appropriate for resonant absorption. The combi- 
nation of Pd to Pd** and O, to O,”, then, has a net energy 
change of 27.21 eV. 


27.21 eV + Pd + O, +H (60) 


do 
—|> 
ao 


Pd** +07 +H 
(p+1) 


+ [(p + 1? - p?]x 13.6 eV 
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-continued 


Pd?* + O37 > Pd + O, + 27.21 eV (61) 


And, the overall reaction is 


q > H (65 
p 


ay 
(p+1) 


+ [(p + 1% - p?]x 13.6 eV 


Additional atoms, molecules, or compounds which could be 
substituted for O, are those with first and second electron 
affinities of approximately 0.45 eV and 0.11 eV, respectively, 
such as a mixed oxide (MnO,, AlO,, SiO, ) containing O to 
form O* or O, to form O,”. 


Two Electron Transfer (Two Species) 


In another embodiment, a catalytic system that provides 
an energy hole hinges on the transfer of two electrons from 
an atom, ion, or molecule to another atom, ion, or molecule 
such that the sum of two ionization energies minus the sum 
of one ionization energy and one electron affinity of the 
participating atoms, ions, and/or molecules is approximately 
27.21 eV. A catalytic system that hinges on the transfer of 
two electrons from an atom to an ion involves xenon and 
lithium. For example, the first and second ionization ener- 
gies of xenon are 12.13 eV and 21.21 eV, respectively. And, 
the first ionization energy and the first electron affinity of 
lithium are 5.39 eV and 0.62 eV, respectively. The energy 
hole resulting from a two electron transfer is appropriate for 
resonant absorption. The combination of Xe to Xe** and Li* 
to Li”, then, has a net energy change of 27.33 eV. 


do 
AS ES Aa bs (93) 
ao 
Xe?” +L +H + [(p + 1%? — p?]x 13.6 eV 
(p+1) 
Xe?*t + Liv > Xe +Lit + 27.33 eV (64) 
And, the overall reaction is 
a a 
| > HE |+ p+ 1%- p?] x 13.6 eV (63) 
p (p +1) 


Two Electron Transfer (Two Species) 


In another embodiment, a catalytic system that provides 
an energy hole hinges on the transfer of two electrons from 
an atom, ion, or molecule to another atom, ion, or molecule 
such that the sum of two ionization energies minus the sum 
of two ionization energies of the participating atoms and/or 
molecules is approximately 27.21 eV. A catalytic system that 
hinges on the transfer of two electrons from a first ion to a 
second ion involves silver(Ag*) and silver (Ag**). For 
example, the second and third ionization energies of silver 
are 21.49 eV and 34.83 eV, respectively. And, the second and 
first ionization energies of silver are 21.49 eV and 7.58 eV, 
respectively. The energy hole resulting from a two electron 
transfer is appropriate for resonant absorption. The combi- 
nation of Ag* to Ag** and Ag™ to Ag, then, has a net energy 
change of 27.25 eV. 
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ao 
27.25 eV + Ag" + Ag“ +H | $ (66) 
p 
do 
Ag“ + Ag+H + [(p + 1? — p?]x 13.6 eV 
(p+1) 
Agó* + Ag > Agt + Ag?” 427.25 eV (67) 
And, the overall reaction is 
a a 
| > H| —7—| + [p + 1? - p?]x 13.6 eV (68) 
p (p+1) 


Three Electron Transfer (Two Species) 


In another embodiment, a catalytic system that provides 
an energy hole hinges on the transfer of three electrons from 
an ion to another ion such that the sum of the electron affinity 
and two ionization energies of the first ion minus the sum of 
three ionization energies of the second ion is approximately 
27.21 eV. A catalytic system that hinges on the transfer of 
three electrons from an ion to a second ion involves Li” and 
Cr°*. For example, the electron affinity, first ionization 
energy, and second ionization energy of lithium are 0.62 eV, 
5.392 eV, and 75.638 eV, respectively. And, the third, 
second, and first ionization energies of Cr?* are 30.96 eV, 
16.50 eV, and 6.766 eV, respectively. The energy hole 
resulting from a three electron transfer is appropriate for 
resonant absorption. The combination of Li” to Li** and 
Cr°* to Cr, then, has a net energy change of 27.42 eV. 


27.42eV+Li + Crt +H (69) 


2 | 
— |> 
p 


ao 


(p +1) 


Lt +Cr+H 


+ [(p + 1% - p?] x 13.6 eV 


Li?* +Cr> Li + Cr’* + 27.42 eV (70) 


And, the overall reaction is 


a a 
e > H i 
p 


(p+ 1) 


+ [(p + 1 - p?]x 13.6 eV Gun) 


Three Electron Transfer (Two Species) 


In another embodiment, a catalytic system that provides 
an energy hole hinges on the transfer of three electrons from 
an atom, ion, or molecule to another atom, ion, or molecule 
such that the sum of three consecutive ionization energies of 
the electron donating species minus the sum of three con- 
secutive ionization energies of the electron accepting species 
is approximately 27.21 eV. Acatalytic system that hinges on 
the transfer of three electrons from an atom to an ion 
involves Ag and Ce**. For example, the first, second, and 
third ionization energies of silver are 7.58 eV, 21.49 eV, and 
34.83 eV, respectively. And, the third, second, and first 
ionization energies of Ce** are 20.20 eV, 10.85 eV, and 5.47 
eV, respectively. The energy hole resulting from a three 
electron transfer is appropriate for resonant absorption. The 
combination of Ag to Ag** and Ce** to Ce, then, has a net 
energy change of 27.38 eV. 
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ao 
27.38 eV + Ag+ Ce?* +H Z| eN (72) 
do 
Ag? +Ce+H + [(p + 1? - p?]x 13.6 eV 
(p +1) 
Ag+ +Ce > Ag+ Ce?* +27.38 eV (73) 
And, the overall reaction is 
a a 
q as + [(p + 1° -— p?] x 13.6 eV (74) 
p (p +1) 


ADDITIONAL CATALYTIC ENERGY HOLE 
STRUCTURES 

Single Electron Transfer 

In a further embodiment, an energy hole of energy equal 
to the total energy released for a below “ground state” 
electronic transition of the hydrogen atom is provided by the 
transfer of an electron between participating species includ- 
ing atoms, ions, molecules, and ionic and molecular com- 
pounds. In one embodiment, the energy hole comprises the 
transfer of an electron from one species to another species 
whereby the sum of the ionization energy of the electron 
donating species minus the ionization energy or electron 
affinity of the electron accepting species equals approxi- 
mately 


m 
—27.21 eV; 
2 


where m is an integer. 

For m=3 corresponding to the n=1 to n=" transition, an 
efficient catalytic system that hinges on the coupling of three 
resonator cavities involves arsenic and calcium. For 
example, the third ionization energy of calcium is 50.908 eV. 
This energy hole is obviously too high for resonant absorp- 
tion. However, As* releases 9.81 eV when it is reduced to 
As. The combination of Ca** to Ca?* and As* to As, then, 
has a net energy change of 41.1 eV. 


41.1 eV + Ast +Ca’* +H 2| = (75) 
p 
do 
As + Ca" +H + [(p + 1)? - p?] x 13.6 eV 
(p +1) 
As + Cat > Ast + Ca?* +41.1 eV (76) 
And, the overall reaction is 
a a 
| + H| — |+ [p + 1 — p?] x 13.6 eV (77) 
p (p+1) 


Multiple Electron Transfer 

An energy hole is provided by the transfer of multiple 
electrons between participating species including atoms, 
ions, molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of t 
electrons from one or more species to one or more species 
whereby the sum of the ionization energies and/or electron 
affinities of the electron donating species minus the sum of 
the ionization energies and/or electron affinities of the elec- 
tron acceptor species equals approximately 
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m 
—27.21 eV 
2 


where m and t are integers. 


CATALYTIC ENERGY HOLE STRUCTURES 
FOR MOLECULES 
Single Electron Excited State 

An energy hole is provided by the transition of an electron 
of a species to an excited state species including atoms, ions, 
molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the excited state 
transition of an electron of one species whereby the transi- 
tion energy of the accepting species is mp*X48.6 eV where 
m and p are integers. 

Single Electron Transfer 

An energy hole is provided by the transfer of an electron 
between participating species including atoms, ions, 
molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of an 
electron from one species to another species whereby the 
sum of the ionization energy of the electron donating species 
minus the ionization energy or electron affinity of the 
electron accepting species equals approximately mp*X48.6 
eV where m and p are integers. 

Single Electron Transfer (Iwo Species) 

An efficient catalytic system that hinges on the coupling 
of three resonator cavities involves iron and lithium. For 
example, the fourth ionization energy of iron is 54.8 eV. This 
energy hole is obviously too high for resonant absorption. 
However, Li* releases 5.392 eV when it is reduced to Li. The 
combination of Fe** to Fe** and Li* to Li, then, has a net 
energy change of 49.4 eV. 


49.4 eV +Fe** + Lit + Hp[2c’ = V2 ao] > we) 
j l y NDA 
Fe** + Li + H5/2c! = + 95.7 eV 
Li + Fe > Lit + Fe?* +49.4 eV (79) 
And, the overall reaction is 
= Ta (80) 
H>[2c' = V2 a,] > H3}2c’ = e + 95.7 eV 


Note that the energy given off as the molecule shrinks is 
much greater than the energy lost to the energy hole. And, 
the energy released is large compared to conventional 
chemical reactions. 


An efficient catalytic system that hinges on the coupling 
of three resonator cavities involves scandium. For example, 
the fourth ionization energy of scandium is 73.47 eV. This 
energy hole is obviously too high for resonant absorption. 
However, Sc** releases 24.76 eV when it is reduced to Sc”. 
The combination of Sc?* to Sc** and Sc?* to Sc”, then, has 
a net energy change of 48.7 eV. 


48.7 eV + Sc** + Sc** + Hp[2c’ = Y2 ao] > (81) 


Sc** + Sc% + H3]2c’ = +95.7 eV 


V2 a, 
2 


: = = 


This conservative design assures that the unit will never fail 
as long as the 10 A and 30 V maximums are observed. 


Construction 

Construction of the electronic load can take almost any form 
because of the non-critical nature of the circuit. In most cases, the 
shape of the heat sink will determine the final configuration. In 
order to dissipate 300 watts, a sink having a thermal resistance of 
0.19 C per watt is required. This is a truly massive piece of metal. I 
elected to depend upon thermal inertia to permit short tests of up to 
ten minutes duration and to let the thermal cutout act if things got 
too hot. Continuous operation is obtained by directing a small 
blower at the heat sink. 

I used a 5” x 11” piece of heat-sink extrusion having 32 
one-inch-high fins as a chassis. To this I fastened a pair of 0.75” x 
2" pieces of angle to form a U-shaped chassis with the fins on top. 
All parts are mounted on the underside of the extrusion, and the 
front and rear panels are formed by the pieces of angle. Vertical fins 

are more efficient, of course, but since a cooling fan is required to 
obtain the full power rating, this arrangement is quite convenient. 


100 A Ms E O E O O e EC PS E E 
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Mana 


0 N THIS 
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Fig. 1-62. Safe-area curve for TIP 35C. Safe operation is limited to the area 
below and to the left of the curve. Operation beyond the safe area will 
destroy the transistor. 
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-continued 


Set Sc > Sc3* + Sc** + 48.7 eV (82) 
And, the overall reaction is 
= 20 (83) 
Hp[2c’ = V2 a,] > H3|2c' = Y ll 95.7 eV 


An efficient catalytic system that hinges on the coupling 
of three resonator cavities involves yttrium. For example, 
the fourth ionization energy of gallium is 64.00 eV. This 
energy hole is obviously too high for resonant absorption. 
However, Pb** releases 15.03 eV when it is reduced to Pb*. 
The combination of Ga** to Ga** and Pb** to Pb*, then, has 


a net energy change of 48.97 eV. 


48.97 eV + Gat + Pb?" + Hp[2c’ = V2 a,] > (84) 
4 v2a, 
Ga" +Pb* + H3}2c’ = > + 95.7 eV 
Gatt + Pbt > Gat + Pb** + 48.97 eV (85) 
And, the overall reaction is 
(86) 


2c’ = +95.7 eV 


V2 a, 
2 


Hy [2c’ = V2 a,] > HS 


Single Electron Transfer (One Species) 

An energy hole is provided by the ionization of an 
electron from a participating species including an atom, an 
ion, a molecule, and an ionic or molecular compound to a 
vacuum energy level. In one embodiment, the energy hole 
comprises the ionization of an electron from one species to 
a vacuum energy level whereby the ionization energy of the 
electron donating species equals approximately mp”X48.6 
eV where m and p are integers. 

Multiple Electron Transfer 

An energy hole is provided by the transfer of multiple 
electrons between participating species including atoms, 
ions, molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of t 
electrons from one or more species to one or more species 
whereby the sum of the ionization energies and/or electron 
affinities of the electron donating species minus the sum of 
the ionization energies and/or electron affinities of the elec- 
tron acceptor species equals approximately mp*X48.6 eV 
where m, p, and t are integers. 

An energy hole is provided by the transfer of multiple 
electrons between participating species including atoms, 
ions, molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of t 
electrons from one species to another whereby the t con- 
secutive electron affinities and/or ionization energies of the 
electron donating species minus the t consecutive ionization 
energies and/or electron affinities of the electron acceptor 
equals approximately mp*X48.6 eV where m, p, and t are 
integers. 

In a preferred embodiment the electron acceptor species is 
an oxide such as MnO,, AlO,, SiO... A preferred molecular 
electron acceptor is oxygen, O,. 

Two Electron Transfer (One Species) 

In an embodiment, a catalytic system that provides an 

energy hole hinges on the ionization of two electrons from 
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an atom, ion, or molecule to a vacuum energy level such that 
the sum of two ionization energies is approximately 
mp~X48.6 eV where m, and p are integers. 

Two Electron Transfer (Two Species) 

In another embodiment, a catalytic system that provides 
an energy hole hinges on the transfer of two electrons from 
an atom, ion, or molecule to another atom or molecule such 
that the sum of two ionization energies minus the sum of two 
electron affinities of the participating atoms, ions, and/or 
molecules is approximately mp*X48.6 eV where m and p are 
integers. 


Two Electron Transfer (Two Species) 


In another embodiment, a catalytic system that provides 
an energy hole hinges on the transfer of two electrons from 
an atom, ion, or molecule to another atom, ion, or molecule 
such that the sum of two ionization energies minus the sum 
of one ionization energy and one electron affinity of the 
participating atoms, ions, and/or molecules is approximately 
mp*X48.6 eV where m and p are integers. 


Other Energy Holes 


In another embodiment, energy holes, each of approxi- 
mately mX67.8 eV given by Eq. (30) 


20? arya — p? (30) 
-m XV, = -m x In —___—_ 
Se, y al — 2 a-ya? -p 
=mxX67.813 eV 


are provided by electron transfer reactions of reactants 
including electrochemical reactant(s) (electrocatalytic ion(s) 
or couple(s)) which cause heat to be released from hydrogen 
molecules as their electrons are stimulated to relax to 
quantized potential energy levels below that of the “ground 
state”. The energy removed by an electron transfer reaction, 
energy hole, is resonant with the hydrogen energy released 
to stimulate this transition. The source of hydrogen mol- 
ecules is the production on the surface of a cathode during 
electrolysis of water in the case of an electrolytic energy 
reactor and hydrogen gas or a hydride in the case of a 
pressurized gas energy reactor or gas discharge energy 
reactor. 


An energy hole is provided by the transfer of one or more 
electrons between participating species including atoms, 
ions, molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of t 
electrons from one or more species to one or more species 
whereby the sum of the ionization energies and/or electron 
affinities of the electron donating species minus the sum of 
the ionization energies and/or electron affinities of the elec- 
tron acceptor species equals approximately mX67.8 eV 
where m and t are integers. 


An efficient catalytic system that hinges on the coupling 
of three resonator cavities involves magnesium and stron- 
tium. For example, the third ionization energy of magnesium 
is 80.143 eV. This energy hole is obviously too high for 
resonant absorption. However, Sr”* releases 11.03 eV when 
it is reduced to Sr*. The combination of Mg** to Mg?* and 
Sr”* to Sr*, then, has a net energy change of 69.1 eV. 


69.1 eV + Mg? + Sr** + Hp[2c’ = ¥2 a,] > (88) 


V2 a, 
2 


Mg** +Sr* + HB3|2c' = + 95.7 eV 
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-continued 


Mgt + Sr? > Mgt + Sr** + 69.1 eV (89) 
And, the overall reaction is 
_ Tos (90) 
Hp | 2c’ = 72 ao] wB = v = + 95.7 eV 


Another efficient catalytic system that hinges on the 
coupling of three resonator cavities involves magnesium and 
calcium. In this case, Ca”* releases 11.871 eV when it is 
reduced to Ca”. The combination of Mg** to Mg** and Ca** 
to Ca”, then, has a net energy change of 68.2 eV. 


68.2 eV + Mg?" + Ca? + Hp[2c’ = V2 a] > (91) 


2 a, 
Mg?* + Cat + H3|2c’ = Y + 95.7 eV 
2 
Mg* + Cat > Mg?* + Cat + 68.2 eV (92) 
And, the overall reaction 1s 
= Das (93) 
H>[2c' = V2 a,] > H5}2c’ = Y a kG 95.7 eV 


In four other embodiments wherein the theory is given in 
my previous U.S. patent application Ser. No. 08/107,357 
filed on Aug. 16, 1993 which is incorporated herein by this 
reference, energy holes, each of approximately: 
nXE, eV with zero order vibration where E+ is given by 
Eq. (38); 

mX31.94 eV where 31.94 eV is given by Eq. (222) of the 
U.S. patent application Ser. No. 08/107,357 where n 
and m are integers, 


(222) 


Eib 
Ep = EQHla,]) - Er 


zero order p) 


= —27.21 + 31.94 = 4.73 eV 


and 


95.7 eV (corresponding to m=1 in Eq. (43) with zero order 
vibration which is given by the difference in 


ES 
—Er 2 


zero order 6) 


of Eqs. (254) and (222) of the U.S. patent application Ser. 
No. 08/107,357)) 


(254) 


zero order 2 


Ep =E20[ 2 )) Er a 


= — 108.8 + 127.66 = 18.86 eV 


are provided by electron transfer reactions of reactants 
including electrochemical reactant(s) (electrocatalytic ion(s) 
or couple(s)) which cause heat to be released from hydrogen 
molecules as their electrons are stimulated to relax to 
quantized potential energy levels below that of the “ground 
state”. The energy removed by an electron transfer reaction, 
energy hole, is resonant with the hydrogen energy released 
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to stimulate this transition. The source of hydrogen mol- 
ecules is the production on the surface of a cathode during 
electrolysis of water in the case of an electrolytic energy 
reactor and hydrogen gas or a hydride in the case of a 
pressurized gas energy reactor or gas discharge energy 
reactor. 

An energy hole is provided by the transfer of one or more 
electrons between participating species including atoms, 
ions, molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of t 
electrons from one or more species to one or more species 
whereby the sum of the ionization energies and/or electron 
affinities of the electron donating species minus the sum of 
the ionization energies and/or electron affinities of the elec- 
tron acceptor species equals approximately mX31.94 eV 
(Eq. (222)) where m and t are integers. 

An energy hole is provided by the transfer of one or more 
electrons between participating species including atoms, 
ions, molecules, and ionic and molecular compounds. In one 
embodiment, the energy hole comprises the transfer of t 
electrons from one or more species to one or more species 
whereby the sum of the ionization energies and/or electron 
affinities of the electron donating species minus the sum of 
the ionization energies and/or electron affinities of the elec- 
tron acceptor species equals approximately mX95.7 eV 
where m and t are integers. 

ENERGY REACTOR 

An energy reactor 50, in accordance with the invention, is 
shown in FIG. 3 and comprises a vessel 52 which contains 
an energy reaction mixture 54, a heat exchanger 60, and a 
steam generator 62. The heat exchanger 60 absorbs heat 
released by the shrinkage reaction, when the reaction 
mixture, comprised of shrinkable material, shrinks. The heat 
exchanger exchanges heat with the steam generator 62 
which absorbs heat from the exchanger 60 and produces 
steam. The energy reactor 50 further comprises a turbine 70 
which receives steam from the steam generator 62 and 
supplies mechanical power to a power generator 80 which 
converts the steam energy into electrical energy, which can 
be received by a load 90 to produce work or for dissipation. 

The energy reaction mixture 54 comprises an energy 
releasing material 56 including a source of hydrogen isotope 
atoms or a source of molecular hydrogen isotope, and a 
source of energy holes 58 which resonantly remove approxi- 
mately mX27.21 eV to cause atomic hydrogen “shrinkage” 
and approximately mX48.6 eV to cause molecular hydrogen 
“shrinkage” where m is an integer wherein the shrinkage 
reaction occurs by contact of the hydrogen with the source 
of energy holes. The shrinkage reaction releases heat and 
shrunken atoms and/or molecules. 

The source of hydrogen can be hydrogen gas, dissociation 
of water including thermal dissociation, electrolysis of 
water, hydrogen from hydrides, or hydrogen from metal- 
hydrogen solutions. In all embodiments, the source of 
energy holes can be one or more of an electrochemical, 
chemical, photochemical, thermal, free radical, sonic, or 
nuclear reaction(s) or inelastic photon or particle scattering 
reaction(s). In the latter two cases, the present invention of 
an energy reactor comprises a particle source 75b and/or 
photon source 75a to supply the said energy holes. In these 
cases, the energy hole corresponds to stimulated emission by 
the photon or particle. In preferred embodiments of the 
pressurized gas energy and gas discharge reactors shown in 
FIGS. 7 and §, respectively, a photon source 75a dissociates 
hydrogen molecules to hydrogen atoms. The photon source 
producing photons of at least one energy of approximately 
mX27.21 eV, 
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m 
5 x27.21 eV, 


or 40.8 eV causes stimulated emission of energy as the 
hydrogen atoms undergo the shrinkage reaction. In another 
preferred embodiment, a photon source 75a producing pho- 
tons of at least one energy of approximately mX48.6 eV, 
95.7 eV, or mX31.94 eV causes stimulated emission of 
energy as the hydrogen molecules undergo the shrinkage 
reaction. In all reaction mixtures, a selected external energy 
device 75, such as an electrode may be used to supply an 
electrostatic potential or a current (magnetic field) to 
decrease the activation energy of the resonant absorption of 
an energy hole. In another embodiment, the mixture 54, 
further comprises a surface or material to dissociate and/or 
absorb atoms and/or molecules of the energy releasing 
material 56. Such surfaces or materials to dissociate and/or 
absorb hydrogen, deuterium, or tritium comprise an element, 
compound, alloy, or mixture of transition elements and inner 
transition elements, iron, platinum, palladium, zirconium, 
vanadium, nickel, titanium, Sc, Cr, Mn, Co, Cu, Zn, Y, Nb, 
Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, W, Re, Os, Ir, Au, Hg, 
Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, Ho, Er, Tm, Vb, Lu, 
Th, Pa, U, activated charcoal (carbon), and intercalated Cs 
carbon (graphite). In a preferred embodiment, a source of 
energy holes to shrink hydrogen atoms comprises a catalytic 
energy hole material 38, typically comprising electrocata- 
lytic ions and couples that provide an energy hole of 
approximately mX27.21 eV plus or minus 1 eV. In a 
preferred embodiment, a source of energy holes to shrink 
hydrogen molecules comprises a catalytic energy hole mate- 
rial 58, typically comprising electrocatalytic ions and couple 
(s) including those that provide an energy hole of approxi- 
mately nX48.6 eV plus or minus 5 eV. The electrocatalytic 
ions and couple(s) include the electrocatalytic ions and 
couples described in my previous U.S. Patent Applications 
entitled “Energy/Matter Conversion Methods and 
Structures”, Ser. No. 08/467,051 filed on Jun. 6, 1995 which 
is a continuation-in-part application of Ser. No. 08/416,040 
filed on Apr. 3, 1995 which is a continuation-in-part appli- 
cation of Ser. No. 08/107,357 filed on Aug. 16, 1993, which 
is a continuation-in-part application of Ser. No. 08/075,102 
(Dkt. 99437) filed on Jun. 11, 1993, which is a continuation- 
in-part application of Ser. No. 07/1626,496 filed on Dec. 12, 
1990 which is a continuation-in-part application of Ser. No. 
07/345,628 filed Apr. 28, 1989 which is a continuation-in- 
part application of Ser. No. 07/341,733 filed Apr. 21, 1989, 
which are incorporated herein by reference. 

A further embodiment is the vessel 52 containing a source 
of energy holes including an electrocatalytic ion or couple(s) 
(source of energy holes) in the molten, liquid, gaseous, or 
solid state and a source of hydrogen including hydrides and 
gaseous hydrogen. In the case of a reactor which shrinks 
hydrogen atoms, the embodiment further comprises a means 
to dissociate the molecular hydrogen into atomic hydrogen 
including an element, compound, alloy, or mixture of tran- 
sition elements, inner transition elements, iron, platinum, 
palladium, zirconium, vanadium, nickel, titanium, Sc, Cr, 
Mn, Co, Cu, Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, 
W, Re, Os, Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, 
Ho, Er, Tm, Vb, Lu, Th, Pa, U, activated charcoal (carbon), 
and intercalated Cs carbon (graphite) or electromagnetic 
radiation including UV light provided by photon source 75. 

The present invention of an electrolytic cell energy 
reactor, pressurized gas energy reactor, and a gas discharge 
energy reactor, comprises: a source of hydrogen; one of a 
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solid, molten, liquid, and gaseous source of energy holes; a 
vessel containing hydrogen and the source of energy holes 
wherein the shrinkage reaction occurs by contact of the 
hydrogen with the source of energy holes; and a means for 
removing the (molecular) lower-energy hydrogen so as to 
prevent an exothermic shrinkage reaction from coming to 
equilibrium. The present energy invention is further 
described in my previous U.S. Patent Applications entitled 
“Energy/Matter Conversion Methods and Structures”, Ser. 
No. 08/467,051 filed on Jun. 6, 1995 which is a 
continuation-in-part application of Ser. No. 08/416,040 filed 
on Apr. 3, 1995 which is a continuation-in-part application 
of Ser. No. 08/107,357 filed on Aug. 16, 1993, which is a 
continuation-in-part application of Ser. No. 08/075,102 
(Dkt. 99437) filed on Jun. 11, 1993, which is a continuation- 
in-part application of Ser. No. 07/626,496 filed on Dec. 12, 
1990 which is a continuation-in-part application of Ser. No. 
07/345,628 filed Apr. 28, 1989 which is a continuation-in- 
part application of Ser. No. 07/341,733 filed Apr. 21, 1989, 
and my publications, Mills, R., Kneizys, S., Fusion 
Technology, 210, (1991), pp. 65-81; Mills, R., Good, W., 
Shaubach, R., “Dihydrino Molecule Identification”, Fusion 
Technology, 25, 103 (1994); Mills, R., Good, W., “Frac- 
tional Quantum Energy Levels of Hydrogen”, Fusion 
Technology, Vol. 28, No. 4, November, (1995), pp. 
1697-1719 which are incorporated herein by reference. 
Electrolytic Energy Reactor 

An electrolytic energy reactor is described in my previous 
U.S. patent applications entitled “Energy/Matter Conversion 
Methods and Structures”, Ser. No. 08/467,051 filed on Jun. 
6, 1995 which is a continuation-in-part application of Ser. 
No. 08/416,040 filed on Apr. 3, 1995 which is a 
continuation-in-part application of Ser. No. 08/107,357 filed 
on Aug. 16, 1993, which is a continuation-in-part applica- 
tion of Ser. No. 08/075,102 (Dkt. 99437) filed on Jun. 11, 
1993, which is a continuation-in-part application of Ser. No. 
07/626,496 filed on Dec. 12, 1990 which is a continuation- 
in-part application of Ser. No. 07/345,628 filed Apr. 28, 1989 
which is a continuation-in-part application of Ser. No. 
07/341,733 filed Apr. 21, 1989 which are incorporated 
herein by reference. A preferred embodiment of the energy 
reactor of the present invention comprises an electrolytic 
cell forming the reaction vessel 52 of FIG. 5 including a 
molten electrolytic cell. The electrolytic cell 100 is shown 
generally in FIG. 6. An electric current is passed through the 
electrolytic solution 102 having a electrocatalytic ions or 
couples providing energy holes equal to the resonance 
shrinkage energy (including the electrocatalytic ions and 
couples described in my previous U.S. Patent Applications 
incorporated herein by reference) by the application of a 
voltage to an anode 104 and cathode 106 by the power 
controller 108 powered by the power supply 110. Ultrasonic 
or mechanical energy may also be imparted to the cathode 
106 and electrolytic solution 102 by vibrating means 112. 
Heat can be supplied to the electrolytic solution 102 by 
heater 114. The pressure of the electrolytic cell 100 can be 
controlled by pressure regulator means 116 where the cell 
can be closed. The reactor further comprises a means 101 
that removes the (molecular) lower-energy hydrogen such as 
a selective venting valve to prevent the exothermic shrink- 
age reaction from coming to equilibrium. 

In a preferred embodiment, the electrolytic cell is oper- 
ated at zero voltage gap by applying an overpressure of 
hydrogen with hydrogen source 121 where the overpressure 
can be controlled by pressure control means 122 and 116. 
Water can be reduced to hydrogen and hydroxide at the 
cathode 106, and the hydrogen can be oxidized to protons at 
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the anode 104. An embodiment of the electrolytic cell 
energy reactor, comprises a reverse fuel cell geometry which 
removes the lower-energy hydrogen under vacuum. A pre- 
ferred cathode 106 of this embodiment has a modified gas 
diffusion layer and comprises a gas route means including a 
first Teflon membrane filter and a second carbon paper/ 
Teflon membrane filter composite layer. A further embodi- 
ment comprises a reaction vessel that can be closed except 
for a connection to a condensor 140 on the top of the vessel 
100. The cell can be operated at a boil such that the steam 
evolving from the boiling electrolyte 102 can be condensed 
in the condenser 140, and the condensed water can be 
returned to the vessel 100. The lower-energy state hydrogen 
can be vented through the top of the condenser 140. In one 
embodiment, the condensor contains a hydrogen/oxygen 
recombiner 145 that contacts the evolving electrolytic gases. 
The hydrogen and oxygen are recombined, and the resulting 
water can be returned to the vessel 100. The heat released 
from the exothermic reaction whereby the electrons of the 
electrolytically produced hydrogen atoms (molecules) are 
induced to undergo transitions to energy levels below the 
“oround state” and the heat released due to the recombina- 
tion of the electrolytically generated normal hydrogen and 
oxygen can be removed by a heat exchanger 60 of FIG. 5 
which can be connected to the condensor 140. 

In vacuum, in the absence of external fields, the energy 
hole to stimulate a hydrogen atom (molecule) to undergo a 
shrinkage transition is mX27.21 eV (mX48.6 eV) where m 
is an integer. This resonance shrinkage energy can be altered 
when the atom (molecule) is in a media different from 
vacuum. An example is a hydrogen atom (molecule) 
absorbed to the cathode 106 present in the aqueous electro- 
lytic solution 102 having an applied electric field and an 
intrinsic or applied magnetic field provided by external 
magnetic field generator 75. Under these conditions the 
energy hole required can be slightly different from mX27.21 
eV (mX48.6 eV). Thus, a source of energy holes including 
electrocatalytic ion and couple reactants can be selected 
which has a redox (electron transfer) energy resonant with 
the resonance shrinkage energy when operating under these 
conditions. In the case where a nickel cathode 106 is used to 
electrolyze an aqueous solution 102 where the cell is oper- 
ating within a voltage range of 1.4 to 5 volts, the K*/K*” and 
Rb* (Fe**/Li* and Se**/Sc**) electrocatalytic ions and 
couples are preferred embodiments to shrink hydrogen 
atoms (molecules). 

The cathode provides hydrogen atoms (molecules), and 
the shrinkage reaction occurs at the surface of the cathode 
where hydrogen atoms (molecules) and the source of energy 
holes (electrocatalytic ion or couple) are in contact. Thus, 
the shrinkage reaction can be dependent on the surface area 
of the cathode. For a constant current density, giving a 
constant concentration of hydrogen atoms (molecules) per 
unit area, an increase in surface area increases the reactants 
available to undergo the shrinkage reaction. Also. an 
increase in cathode surface area decreases the resistance of 
the electrolytic cell which improves the electrolysis effi- 
ciency. A preferred cathode of the electrolytic cell including 
a nickel cathode has the properties of a high surface area, a 
highly stressed and hardened surface such as a cold drawn 
or cold worked surface, and a large number of grain bound- 
aries. 

In a preferred embodiment of the electrolytic cell energy 
reactor, the source of energy holes can be incorporated into 
the cathode, mechanically by methods including cold work- 
ing the source of energy holes into the surface of the 
cathode; thermally by methods including melting the source 
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of energy holes into the surface of the cathode and evapo- 
ration of a solvent of a solution of the source of energy holes 
in contact with the surface of the cathode, and electrostati- 
cally by methods including electrolytic deposition, ion 
bombardment, and vacuum deposition. 

The shrinkage reaction rate can be dependent upon the 
composition of the cathode 106. Hydrogen atoms 
(molecules) are reactants to produce energy via the shrink- 
age reaction. Thus, the cathode must efficiently provide a 
high concentration of hydrogen atoms (molecules). The 
cathode 106 can be comprised of any element. compound, 
alloy, or mixture of a conductor or semiconductor including 
transition elements and compounds, actinide and lanthanide 
elements and compounds, and group IIB and IVB elements 
and compounds. Transition metals dissociate hydrogen gas 
into atoms to a more or lesser extent depending on the metal. 
Nickel and titanium readily dissociate hydrogen molecules 
and are preferred embodiments for shrinking hydrogen 
atoms. The cathode can alter the energy of the absorbed 
hydrogen atoms (molecules) and affect the energy of the 
shrinkage reaction. A cathode material can be selected which 
provides resonance between the energy hole and the reso- 
nance shrinkage energy. In the case of the K*/K* electro- 
catalytic couple with carbonate as the counterion for cata- 
lyzing the shrinkage of hydrogen atoms, the relationship of 
the cathode material to the reaction rate can be: 


Pt<Pd<<Ti,Fe<Ni 


This can be the opposite order of the energy released 
when these materials absorb hydrogen atoms. Thus, for this 
electrocatalytic couple, the reaction rate can be increased by 
using a cathode which weakly absorbs the hydrogen atoms 
with little perturbation of their electronic energies. 

Also, coupling of resonator cavities and enhancement of 
the transfer of energy between them can be increased when 
the media is a nonlinear media such as a magnetized 
ferromagnetic media. Thus, a paramagnetic or ferromagnetic 
cathode, a nonlinear magnetized media, increases the reac- 
tion rate by increasing the coupling of the resonance shrink- 
age energy of the hydrogen atom and energy hole compris- 
ing an electrocatalytic ion or couple. Alternatively, a 
magnetic field can be applied with the magnetic field gen- 
erator 75. Magnetic fields at the cathode alter the energy of 
absorbed hydrogen and concomitantly alter the resonance 
shrinkage energy. Magnetic fields also perturb the energy of 
the electrocatalytic reactions (energy hole) by altering the 
energy levels of the electrons involved in the reactions. The 
magnetic properties of the cathode are selected as well as the 
strength of the magnetic field which is applied by magnetic 
field generator 75 to optimize shrinkage reaction rate-the 
power output. A preferred ferromagnetic cathode is nickel. 

A preferred method to clean the cathode of the electrolytic 
cell including a nickel cathode is to anodize the cathode in 
a basic electrolytic solution including approximately 0.57 M 
X,CO, (X is the alkali cation of the electrolyte including 
K*) and to immerse the cathode in a dilute solution of H,O, 
such as approximately 3% H,O.. In a further embodiment of 
the cleaning method, cyclic voltametry with a second elec- 
trode of the same material as the first cathode is performed. 
The cathode can be then thoroughly rinsed with distilled 
water. Organic material on the surface of the cathode inhibits 
the catalytic reaction whereby the electrons of the electro- 
lytically produced hydrogen atoms (molecules) are induced 
to undergo transitions to energy levels below the “ground 
state”. Cleaning by this method removes the organic mate- 
rial from the cathode surface and adds oxygen atoms onto 
the cathode surface. Doping the metal surface, including a 
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nickel surface, with oxygen atoms by anodizing the cathode 
and cleaning the cathode in H,O, increases the power output 
by decreasing hydrogen recombination to molecular hydro- 
gen and by decreasing the bond energy between the metal 
and the hydrogen atoms (molecules) which conforms the 
resonance shrinkage energy of the absorbed hydrogen to the 
energy hole provided by the source of energy holes includ- 
ing the K*/K* (Sc?*/Sc**) electrocatalytic couples. 

Different anode materials have different overpotentials for 
the oxidation of water, which can affect ohmic losses. An 
anode of low overpotential will increase the efficiency. 
Nickel, platinum, and dimensionally stable anodes including 
platinized titanium are preferred anodes. In the case of the 
K*/K* electrocatalytic couple where carbonate is used as the 
counterion, nickel is a preferred anode. Nickel is also a 
preferred anode for use in basic solutions with a nickel 
cathode. Nickel is inexpensive relative to platinum, and 
fresh nickel can be electroplated onto the cathode during 
electrolysis. 

A preferred method to clean a dimensionally stable anode 
including a platinized titanium anode is to place the anode 
in approximately 3 M HC! for approximately 5 minutes and 
then to rinse 1t with distilled water. 

In the case of hydrogen atom shrinkage, hydrogen atoms 
at the surface of the cathode 106 form hydrogen gas which 
can form bubbles on the surface of the cathode. These 
bubbles act as an boundary layer between the hydrogen 
atoms and the electrocatalytic ion or couple. The boundary 
can be ameliorated by vibrating the cathode and/or the 
electrolytic solution 102 or by applying ultrasound with 
vibrating means 112; and by adding wetting agents to the 
electrolytic solution 102 to reduce the surface tension of the 
water and prevent bubble formation. The use of a cathode 
having a smooth surface or a wire cathode prevents gas 
adherence. And an intermittent current, provided by an 
on-off circuit of power controller 108 provides periodic 
replenishing of hydrogen atoms which are dissipated by 
hydrogen gas formation followed by diffusion into the 
solution while preventing excessive hydrogen gas formation 
which could form a boundary layer. 

The shrinkage reaction can be temperature dependent. 
Most chemical reactions double their rates for each 10° C. 
rise in temperature. Increasing the temperature increases the 
collision rate between the hydrogen atoms (molecules) and 
the electrocatalytic ion or couple which will increase the 
shrinkage reaction rate. With large temperature excursions 
from room temperature, the kinetic energy distribution of the 
reactants can be sufficiently altered to cause the energy hole 
and the resonance shrinkage energy to conform to a more or 
lesser extent. The rate can be proportional to the extent of the 
conformation or resonance of these energies. The tempera- 
ture can be adjusted to optimize the shrinkage reaction 
rate-energy production rate. In the case of the K*/K* elec- 
trocatalytic couple, a preferred embodiment can be to run the 
reaction at a temperature above room temperature by apply- 
ing heat with heater 114. 

The shrinkage reaction can be dependent on the current 
density. An increase in current density can be equivalent, in 
some aspects, to an increase in temperature. The collision 
rate increases, and the energy of the reactants increases with 
current density. Thus, the rate can be increased by increasing 
the collision rate of the reactants; however, the rate may be 
increased or decreased depending on the effect of the 
increased reactant energies on the conformation of the 
energy hole and the resonance shrinkage energy. Also, 
increased current dissipates more energy by ohmic heating 
and may cause hydrogen bubble formation, in the case of the 
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shrinkage of hydrogen atoms. But, a high flow of gas may 
dislodge bubbles which diminishes any hydrogen gas 
boundary layer. The current density can be adjusted with 
power controller 108 to optimize the excess energy produc- 
tion. In a preferred embodiment, the current density can be 
in the range 1 to 1000 milliamps per square centimeter. 

The pH of the aqueous electrolytic solution 102 can affect 
the shrinkage reaction rate. In the case that the electrocata- 
lytic ion or couple is positively charged, an increase in the 
pH will reduce the concentration of hydronium at the 
negative cathode; thus, the concentration of the electrocata- 
lytic ion or couple cations will increase. An increase in 
reactant concentration increases the reaction rate. In the case 
of the Rb* or K*/K* (Sc?+/Sc?*) ion or couple, a preferred 
pH can be basic (7.1-14). 

The counterion of the electrocatalytic ion or couple of the 
electrolytic solution 102 can affect the shrinkage reaction 
rate by altering the energy of the transition state. For 
example, the transition state complex of the K*/K* electro- 
catalytic couple with the hydrogen atom has a plus two 
charge and involves a three body collision which can be 
unfavorable. A negative two charged oxyanion can bind the 
two potassium ions; thus, it provides a neutral transition 
state complex of lower energy whose formation depends on 
a binary collision which can be greatly favored. The rate can 
be dependent on the separation distance of the potassium 
ions as part of the complex with the oxyanion. The greater 
the separation distance, the less favorable can be the transfer 
of an electron between them. A close juxtaposition of the 
potassium ions will increase the rate. The relationship of the 
reaction rate to the counterion in the case where the K*/K* 
couple is used can be: 


OH~?2,3- HPO,2-<SO,2-<<CO,2- 


Thus, a planar negative two charge oxyanion including 
carbonate with at least two binding sites for K* which 
provides close juxtaposition of the K* ions can be preferred 
as the counterion of the K*/K” electrocatalytic couple. The 
carbonate counterion can be also a preferred counterion for 
the Rb* electrocatalytic ion. 

A power controller 108 comprising an intermittent 
current, on-off, electrolysis circuit will increase the excess 
heat by providing optimization of the electric field as a 
function of time which provides maximum conformation of 
reactant energies, provides an optimal concentration of 
hydrogen atoms (molecules) while minimizing ohmic and 
electrolysis power losses and, in the case of the shrinkage of 
hydrogen atoms, minimizes the formation of a hydrogen gas 
boundary layer. The frequency, duty cycle, peak voltage, 
step waveform, peak current, and offset voltage are adjusted 
to achieve the optimal shrinkage reaction rate and shrinkage 
reaction power while minimizing ohmic and electrolysis 
power losses. In the case where the K*/K* electrocatalytic 
couple can be used with carbonate as the counterion; nickel 
as the cathode: and platinum as the anode, a preferred 
embodiment can be to use an intermittent square-wave 
having an offset voltage of approximately 1.4 volts to 2.2 
volts; a peak voltage of approximately 1.5 volts to 3.75 
volts; a peak current of approximately 1 mA to 100 mA per 
square centimeter of cathode surface area; approximately a 
5%-90% duty cycle; and a frequency in the range of 1 Hz 
to 1500 Hz. 

Further energy can be released by repeating the shrinkage 
reaction. The atoms (molecules) which have undergone 
shrinkage diffuse into the cathode lattice. A cathode 106 can 
be used which will facilitates multiple shrinkage reactions of 
hydrogen atoms (molecules). One embodiment is to use a 
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cathode which can be fissured and porous to the electro- 
catalytic ion or couple such that 1t can contact shrunken 
atoms (molecules) which have diffused into a lattice, includ- 
ing a metal lattice. A further embodiment is to use a cathode 
of alternating layers of a material which provides hydrogen 
atoms (molecules) during electrolysis including a transition 
metal and an electrocatalytic ion or couple such that 
shrunken hydrogen atoms (molecules) periodically or repeti- 
tively diffuse into contact with the electrocatalytic ion or 
couple. 

The shrinkage reaction can be dependent on the dielectric 
constant of the media. The dielectric constant of the media 
alters the electric field at the cathode and concomitantly 
alters the energy of the reactants. Solvents of different 
dielectric constants have different solvation energies, and the 
dielectric constant of the solvent can also lower the over- 
potential for electrolysis and improve electrolysis efficiency. 
A solvent, including water, can be selected for the electro- 
lytic solution 102 which optimizes the conformation of the 
energy hole and resonance shrinkage energy and maximizes 
the efficiency of electrolysis. 

The solubility of hydrogen in the reaction solution can be 
directly proportional to the pressure of hydrogen above the 
solution. Increasing the pressure increases the concentration 
of reactant hydrogen atoms (molecules) at the cathode 106 
and thereby increases the rate. But, in the case of the 
shrinkage of hydrogen atoms this also favors the develop- 
ment of a hydrogen gas boundary layer. The hydrogen 
pressure can be controlled by pressure regulator means 116 
to optimize the shrinkage reaction rate. 

In a preferred embodiment, the cathode 106 of the elec- 
trolytic cell comprises the catalytic material including a 
hydrogen spillover catalyst described in the Pressurized Gas 
Energy Reactor Section below. In another embodiment, the 
cathode comprises multiple hollow vessels comprising a thin 
film conductive shell whereby lower-energy hydrogen dif- 
fuses through the thin film and collects inside each vessel 
and undergoes disproportionation reactions therein. 

The heat output can be monitored with thermocouples 
present in at least the vessel 100 and the condensor 140 of 
FIG. 6 and the heat exchanger 60 of FIG. 5. The output 
power can be controlled by a computerized monitoring and 
control system which monitors the thermistors and controls 
the means to alter the power output. 

Pressurized Gas Energy Reactor 

Apressurized gas energy reactor comprises the first vessel 
200 of FIG. 7 containing a source of hydrogen including 
hydrogen from metal-hydrogen solutions, hydrogen from 
hydrides, hydrogen from the dissociation of water including 
thermal dissociation, hydrogen from the electrolysis of 
water, or hydrogen gas. In the case of a reactor which shrinks 
hydrogen atoms, the reactor further comprises a means to 
dissociate the molecular hydrogen into atomic hydrogen 
such as a dissociating material including an element, 
compound, alloy, or mixture of transition elements and inner 
transition elements, iron, platinum, palladium, zirconium, 
vanadium, nickel, titanium, Sc, Cr, Mn, Co, Cu, Zn, Y, Nb, 
Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, W, Re, Os, Ir, Au, Hg, 
Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, Ho, Er, Tm, Vb, Lu, 
Th, Pa, U, activated charcoal (carbon), and intercalated Cs 
carbon (graphite) or electromagnetic radiation including UV 
light provided by photon source 205 such that the dissoci- 
ated hydrogen atoms (molecules) contact a source of energy 
holes including a molten, liquid, gaseous, or solid source of 
the energy holes including the electrocatalytic ions and 
couples described in my previous U.S. Patent Applications 
entitled “Energy/Matter Conversion Methods and 
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Structures”, Ser. No. 08/467,051 filed on Jun. 6, 1995 which 
is a continuation-in-part application of Ser. No. 08/416,040 
filed on Apr. 3, 1995 which is a continuation-in-part appli- 
cation of Ser. No. 08/107,357 filed on Aug. 16, 1993, which 
is a continuation-in-part application of Ser. No. 08/075,102 
(Dkt. 99437) filed on Jun. 11, 1993, which is a continuation- 
in-part application of Ser. No. 07/626,496 filed on Dec. 12, 
1990 which is a continuation-in-part application of Ser. No. 
07/345,628 filed Apr. 28, 1989 which is a continuation-in- 
part application of Ser. No. 07/341,733 filed Apr. 21, 1989, 
which are incorporated herein by reference. The pressurized 
gas energy reactor further comprises a means 201 to remove 
the (molecular) lower-energy hydrogen such as a selective 
venting valve to prevent the exothermic shrinkage reaction 
from coming to equilibrium. One embodiment comprises 
heat pipes as heat exchanger 60 of FIG. 5 which have a 
lower-energy hydrogen venting valve at a cold spot. 

A preferred embodiment of the pressurized gas energy 
reactor of the present invention comprises a first reaction 
vessel 200 with inner surface 240 comprised of a material to 
dissociate the molecular hydrogen into atomic hydrogen 
including an element, compound, alloy, or mixture of tran- 
sition elements and inner transition elements, iron, platinum, 
palladium, zirconium, vanadium, nickel, titanium, Sc, Cr, 
Mn, Co, Cu, Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, 
W, Re, Os, Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, Th, Dy, 
Ho, Er, Tm, Vb, Lu, Th, Pa, U, activated charcoal (carbon), 
and intercalated Cs carbon (graphite). In a further 
embodiment, the inner surface 240 can be comprised of a 
proton conductor. The first reaction vessel 200 can be sealed 
in a second reaction vessel 220 and receives hydrogen from 
source 221 under pressure which can be controlled by 
pressure measurement and control means 222 and 223. Ina 
preferred embodiment the hydrogen pressure can be in the 
range of 107? atmospheres to 100 atmospheres. The wall 250 
of the first vessel 200 can be permeable to hydrogen. The 
outer surface 245 and/or outer vessel 220 has a source of 
energy holes equal to the resonance shrinkage energy. In one 
embodiment the source of energy holes can be a mixture or 
solution containing energy holes in the molten, liquid, or 
solid state. In another embodiment an electric current can be 
passed through the material having a source of energy holes. 
The reactor further comprises a means to control the reaction 
rate such as current source 225 and heating means 230 which 
heat the first reaction vessel 200 and the second reaction 
vessel 220. In a preferred embodiment the outer reaction 
vessel 220 contains oxygen, the inner surface 240 comprises 
one or more of a coat of nickel, platinum, or palladium. The 
outer surface 245 can be coated with one or more of copper, 
tellurium, arsenic, cesium, platinum, or palladium and an 
oxide such as CuO,, PtO,, PdO,, MnO,, AlO,, SiO... The 
electrocatalytic ion or couple can be regenerated spontane- 
ously or via a regeneration means including heating means 
230 and current source 225. 

In another embodiment, the pressurized gas energy reac- 
tor comprises only a single reaction vessel 200 with a 
hydrogen impermeable wall 250. In the case of a reactor 
which shrinks hydrogen atoms, one or more of a hydrogen 
dissociating materials including transition elements and 
inner transition elements, iron, platinum, palladium, 
zirconium, vanadium, nickel, titanium, Sc, Cr, Mn, Co, Cu, 
Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, W, Re, Os, 
Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, Ho, Er, Tm, 
Vb, Lu, Th, Pa, U, activated charcoal (carbon), and inter- 
calated Cs carbon (graphite) are coated on the inner surface 
240 with a source of energy holes including one or more of 
copper, tellurium, arsenic, cesium, platinum, or palladium 
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and an oxide such as CuO,, PtO,, PdO, MnO,, ALO, SiO... 
In another embodiment, the source of energy hole can be one 
of a inelastic photon or particle scattering reaction(s). In a 
preferred embodiment the photon source 205 supplies the 
energy holes where the energy hole corresponds to stimu- 
lated emission by the photon. In the case of a reactor which 
shrinks hydrogen atoms the photon source 205 dissociates 
hydrogen molecules into hydrogen atoms. The photon 
source producing photons of at least one energy of approxi- 
mately mX27.21 eV, 


m 
— X27.21 eV, 
2 


or 40.8 eV causes stimulated emission of energy as the 
hydrogen atoms undergo the shrinkage reaction. In another 
preferred embodiment, a photon source 205 producing pho- 
tons of at least one energy of approximately mX48.6 eV, 
95.7 eV, or mX31.94 eV causes stimulated emission of 
energy as the hydrogen molecules undergo the shrinkage 
reaction. 

A preferred inner surface, 240, and outer surface, 245, of 
the pressurized gas energy reactor including a nickel surface 
has the properties of a high surface area, a highly stressed 
and hardened surface such as a cold drawn or cold worked 
surface, and a large number of grain boundaries. 

In an embodiment of the pressurized gas energy reactor, 
the source of energy holes can be incorporated into the inner 
surface, 240, and outer surface, 245, mechanically by meth- 
ods including cold working the source of energy holes into 
the surface material and thermally by methods including 
melting the source of energy holes into the surface material 
(fusion). Further methods of incorporation include dry 
impregnation, evaporation of a solution of the source of 
energy holes in contact with the surface material 
(precipitation), ion bombardment, vacuum deposition, 
impregnation, leaching, and electrostatic incorporation 
including electrolytic deposition and electroplating. A pre- 
ferred method to clean the inner surface 240 and the outer 
surface 245 including a nickel surface is to fill the inner 
vessel and the outer vessel with a basic electrolytic solution 
including approximately 0.57 M X,CO, (X is the alkali 
cation of the electrolyte including K*) and to fill the inner 
vessel and the outer vessel with a dilute solution of H,O,. 
Each of the inner vessel and the outer vessel can be then 
thoroughly rinsed with distilled water. In one embodiment, 
at least one of the vessel 200 or the vessel 220 can be then 
filled with a solution of the energy hole including an 
approximately 0.57 M K,CO, solution. 

In a further embodiment, textural and/or structural pro- 
moters are incorporated with the source of energy holes to 
increase the shrinkage reaction rate. 

In one embodiment of the method of operation of the 
pressurized gas energy reactor, hydrogen can be introduced 
inside of the first vessel from source 221 under pressure 
which can be controlled by pressure control means 222. In 
the case of a reactor which shrinks hydrogen atoms, the 
molecular hydrogen can be dissociated into atomic hydrogen 
by a dissociating material or electromagnetic radiation 
including UV light provided by photon source 205 such that 
the dissociated hydrogen atoms contact a source of energy 
holes including a molten, liquid, gaseous, or solid source of 
the energy holes. The atomic (molecular) hydrogen releases 
energy as its electrons are stimulated to undergo transitions 
to lower energy levels by the energy holes. Alternatively, the 
hydrogen dissociates on the inner surface 240, diffuses 
though the wall 250 of the first vessel 200 and contacts a 
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source of energy holes on the outer surface 245 or contact a 
source of energy holes including a molten, liquid, gaseous, 
or solid source of the energy holes as hydrogen atoms or 
recombined hydrogen molecules. The atomic (molecular) 
hydrogen releases energy as its electrons are stimulated to 
undergo transitions to lower energy levels by the energy 
holes. The electrocatalytic ion or couple can be regenerated 
spontaneously or via a regeneration means including heating 
means 230 and current source 225. The (molecular) lower- 
energy hydrogen can be removed from vessel 200 and/or 
vessel 220 by a means to remove the (molecular) lower- 
energy hydrogen such as a selective venting valve means 
201 which prevents the exothermic shrinkage reaction from 
coming to equilibrium. To control the reaction rate (the 
power output), an electric current can be passed through the 
material having a source of energy holes equal to the 
resonance shrinkage energy with current source 225, and/or 
the first reaction vessel 200 and the second reaction vessel 
220 are heated by heating means 230. The heat output can 
be monitored with thermocouples present in at least the first 
vessel 200, the second vessel 220, and the heat exchanger 60 
of FIG. 5. The output power can be controlled by a com- 
puterized monitoring and control system which monitors the 
thermistors and controls the means to alter the power output. 
The (molecular) lower-energy hydrogen can be removed by 
a means 201 to prevent the exothermic shrinkage reaction 
from coming to equilibrium. 

A method of preparation of the catalytic material of the 
present invention of catalytic systems that hinge on the 
transfer of an electron from a cation to another capable of 
producing energy holes for shrinking hydrogen atoms 
includes the steps of: 

Mixing the oxides of the cations with the hydrogen 

dissociating material. 

Thoroughly mixing by repeatedly sintering and pulveriz- 
ing. 

Example of a Ceramic Catalytic Material: Strontium Nio- 
bium Oxide (SrNb,05) on Ni Powder 

To prepare the ceramic catalytic material: strontium nio- 
bium oxide (SrNb,0,) on Ni powder, 2.5 kg of SrNb,O, are 
added to 1.5 kg of -300 mesh Ni powder. The materials are 
mixed to make a homogeneous mixture. The powder can be 
sintered or calcinated in an oven at 16008 C. in atmospheric 
air for 24 hours. The material can be cooled and ground to 
remove lumps. The material can be re-sintered at 16008 C. 
in air for another 24 hours. The material can be cooled to 
room temperature and powderized. 

A method of preparation of the catalytic material of the 
present invention of catalytic systems that hinge on the 
transfer of an electron from a cation to another capable of 
producing energy holes for shrinking hydrogen atoms 
includes the steps of: 

Dissolving ionic salts of the cations into a solvent. In a 
preferred embodiment, the ionic salts are dissolved in 
deionized demineralized water to concentration of 0.3 
to 0.5 molar. 

Uniformly wetting a dissociation material with the dis- 
solved salt solution. 

Draining the excess solution. 

Drying the wetted dissociation material in an oven pref- 
erably at a temperature of 220° C. 

Pulverizing the dried catalytic material into a powder. 
Example of a Ionic Catalytic Material: Potassium Carbonate 
(K,CO,) on Ni Powder 

To prepare the ionic catalytic material: potassium carbon- 
ate (K,CO,) on Ni powder, a 1 liter solution of 0.5 M K,CO, 
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in water is poured over 500 grams of -300 mesh Ni powder. 
The materials are stirred to remove air pockets around the 
grains of Ni. The excess solution can be drained off. The 
powder can be dried in an oven at 200° C. If necessary the 
material can be ground to remove lumps. 
Hydrogen Spillover Catalysts 

In a preferred embodiment, the source of hydrogen atoms 
for the catalytic shrinkage reaction comprises a hydrogen 
spillover catalyst. 

A hydrogen spillover catalyst according to the present 

invention comprises: 

A hydrogen dissociation material or means which forms 
free hydrogen atoms or protons; 

A conduit material onto which free hydrogen atoms spill 
and which supports free, mobile hydrogen atoms and 
provides a path or conduit for the flow of hydrogen 
atoms or protons; 

A source of energy holes which catalyze the shrinkage 
reaction, and optionally 

A support material into which the former materials are 
embedded as a mixture, compound, or solution. 

Such hydrogen dissociation materials include surfaces or 
materials to dissociate hydrogen, deuterium, or tritium, 
comprise an element, compound, alloy, or mixture of tran- 
sition elements and inner transition elements, iron, platinum, 
palladium, zirconium, vanadium, nickel, titanium, Sc, Cr, 
Mn, Co, Cu, Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, 
W, Re, Os, Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, 
Ho, Er, Tm, Vb, Lu, Th, Pa, U, activated charcoal (carbon), 
and intercalated Cs carbon (graphite). Such conduit mate- 
rials onto which free hydrogen atoms spill and which 
supports free, mobile hydrogen atoms and which provides a 
path or conduit for the flow of hydrogen atoms include 
nickel, platinum, carbon, tin, iron, aluminum, and copper 
and their compounds, mixtures, or alloys. In an embodiment, 
such support materials into which the former materials are 
embedded as a mixture, compound, or solution includes 
carbon, silica, nickel, copper, titania, zinc oxide, chromia, 
magnesia, zirconia, alumina, silica-alumina, and zeolites. In 
an embodiment, one or more of the other components are 
deposited on the support material by electroplating. The 
source of energy holes to cause atomic hydrogen “shrink- 
age” are preferably of approximately mX27.21 eV and/or to 
cause molecular hydrogen “shrinkage” are of approximately 
mX48.6eV where m is an integer including the electrocata- 
lytic ions and couples described in my previous U.S. Patent 
Applications entitled “Energy/Matter Conversion Methods 
and Structures”, Ser. No. 08/467,051 filed on Jun. 6, 1995 
which is a continuation-in-part application of Ser. No. 
08/416,040 filed on Apr. 3, 1995 which is a continuation- 
in-part application of Ser. No. 08/107,357 filed on Aug. 16, 
1993, which is a continuation-in-part application of Ser. No. 
08/075,102 (Dkt. 99437) filed on Jun. 11, 1993, which is a 
continuation-in-part application of Ser. No. 07/626,496 filed 
on Dec. 12, 1990 which is a continuation-in-part application 
of Ser. No. 07/345,628 filed Apr. 28, 1989 which is a 
continuation-in-part application of Ser. No. 07/341,733 filed 
Apr. 21, 1989, which are incorporated herein by reference. 
The counterion of the energy hole of the spillover catalyst 
includes those given in the Handbook of Chemistry and 
Physics, Robert C. Weast, Editor, 58th Edition, CRC Press, 
West Palm Beach, Fla., (1974) pp. B61-B178 which is 
incorporated by reference herein, organic ions including 
benzoic acid, phthalate, salicylate, aryl sulfonate, alky 
sulfate, alkyl sulfonate, and alkyl carboxylate, and the anion 
of an acid which forms an acid anhydride including sulfite, 
sulfate, carbonate, bicarbonate, nitrite, nitrate, perchlorate, 
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phosphite, hydrogen phosphite, dihydrogen phosphite, 
phosphate, hydrogen phosphate, and dihydrogen phosphate. 
In another embodiment the anion can be in equilibrium with 
its acid and its acid anhydride. 

The functionalities of the hydrogen spillover catalyst are 
combined with the other functionalities as separate species 
or as combinations comprising a mixture, solution, 
compound, or alloy of more than one functionality. For 
example, in one embodiment, the hydrogen dissociation 
material and the source of energy holes each comprise 
homogeneous crystals— each crystal contains one compo- 
nent. and these functionalities are mixed with the conduit 
material without a support material. Whereas, in another 
embodiment, the hydrogen dissociation material and the 
source of energy holes comprise heterogeneous crystals- 
each crystal contains both of the components, and the 
heterogeneous crystals are mixed with the conduit material 
which coats a support material. In a third exemplary 
embodiment, the source of energy holes can be embedded in 
the conduit material. and this combined species can be 
mixed with the hydrogen dissociation material which can be 
embedded in the same or a different conduit material without 
a support material. 

A method of preparation of the hydrogen spillover cata- 
lytic material of the present invention includes the steps of: 

Mixing the components of the spillover catalyst by the 
method of incipient wetness impregnation. 

Thoroughly mixing the components by sintering. 

A further method of preparation of the hydrogen spillover 
catalytic material of the present invention includes the steps 
of: 

Dissolving or dispersing the components to be mixed in a 
suitable solvent such as water and drying the solution 
or mixture. 

Removing the solvent by drying, or the wet mixture, 
suspension, or solution can be frozen and the solvent 
can be sublimed. 

Thoroughly mixing the components by sintering. 

An incipient wetness method of preparation of the hydro- 
gen spillover catalytic material of the present invention 
comprising a source of energy holes for shrinking hydrogen 
atoms that hinge on the transfer of an electron from a cation 
to another includes the steps of: 

Dissolving a desired weight of the ionic salts of the 
cations into a desired volume of solvent. In a preferred 
embodiment, the ionic salts are dissolved in deionized 
demineralized water. 

Preparing an incipiently wet conduit-hydrogen dissocia- 
tion material by uniformly wetting the conduit- 
hydrogen dissociation material with the dissolved salt 
solution so that the pores of the material are just filled. 
The total volume of solvent required can be the desired 
amount, and the weight percent of the ionic salts of the 
cations in the final material can be determined by the 
desired weight of the ionic salts of the cations dissolved 
in the desired volume of solvent. 

Mechanically mixing the wetted material to insure uni- 
form wetting. 

Drying the incipiently wet conduit-hydrogen dissociation 
material in an oven preferably at a temperature of 150° 
C. In an embodiment the material can be heated until 
the counterion(s) of the cations chemically decompose 
to preferably oxides. 

Pulverizing the dried material comprised of the conduit- 
hydrogen dissociation-source of energy holes material 
into a powder. 
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Optionally, mechanically mixing the dried and powdered 
material with further hydrogen dissociation material 
including a powder mixed with a conduit material and 
a support material. 

Example of a Ionic Hydrogen Spillover Catalytic Material: 
40% by Weight Potassium Nitrate (KNO,) on 1%-Pd-on- 
Graphitic Carbon Powder 

To prepare one kilogram of the ionic hydrogen spillover 
catalytic material: 40% by weight potassium nitrate (KNO,) 
on 1%-Pd-on-graphitic carbon powder, 0.40 kg of KNO, are 
dissolved in 1 liter of HO. Incipient wetness requires 1 ml 
of H,O per gram of -300 mesh graphite powder, and 0.67 
grams of KNO, are required per gram of graphitic carbon 
powder to achieve a 40% by weight KNO, content in the 
final material. The aqueous KNO, solution can be slowly 
added to 0.6 kg of 1%-Pd-on-300-mesh-graphitic carbon 
powder as the slurry can be mixed. The slurry can be then 
placed on an evaporation dish which can be inserted into an 
oven at 150° C. for one hour. Heating causes the water to 
evaporate from the slurry. The KNO, coated 1%-Pd-on- 
graphitic carbon can be ground into a powder. 

Another incipient wetness method of preparation of the 
hydrogen spillover catalytic material of the present inven- 
tion comprising a source of energy holes for shrinking 
hydrogen atoms that hinge on the transfer of an electron 
from a cation to another includes the steps of: 


Dissolving a desired weight of the ionic salts of the 
cations into a desired volume of solvent. In a preferred 
embodiment, the ionic salts are dissolved in deionized 
demineralized water. 


Preparing an incipiently wet conduit material by uni- 
formly wetting the conduit material with the dissolved 
salt solution so that the pores of the material are just 
filled. The total volume of solvent required can be the 
desired amount, and the weight percent of the ionic 
salts of the cations in the final material can be deter- 
mined by the desired weight of the ionic salts of the 
cations dissolved in the desired volume of solvent. 


Mechanically mixing the wetted material to insure uni- 
form wetting. 

Drying the incipiently wet conduit material in an oven 
preferably at a temperature of 150° C. In an 
embodiment, the material can be heated until the 
counterion(s) of the cations chemically decompose to 
preferably oxides. 

Pulverizing the dried material comprised of the conduit 
material and the source of energy holes into a powder. 

Mechanically mixing the dried and powdered material 
with a hydrogen dissociation material including a pow- 
der mixed with a conduit material and a support mate- 
rial. 

Example of a Ionic Hydrogen Spillover Catalytic Material: 
40% by Weight Potassium Nitrate (KNO,) on Graphitic 
Carbon Powder with 5% by Weight 1%-Pd-on-Graphitic 
Carbon Powder 

To prepare one kilogram of the ionic hydrogen spillover 
catalytic material: 40% by weight potassium nitrate (KNO,) 
on graphitic carbon powder with 5% by weight 1%-Pd-on- 
graphitic carbon powder, 0.67 kg of KNO; are dissolved in 
1 liter of H,O. Incipient wetness requires 1 ml of H,O per 
gram of -300 mesh graphite powder, and 0.40 grams of 
KNO, are required per gram of graphite powder to achieve 
a 40% by weight KNO, content in the final material. The 
aqueous KNO, solution can be slowly added to 0.55 kg of 
graphite powder as the slurry can be mixed. The slurry can 
be then placed on an evaporation dish which can be inserted 
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into an oven at 150° C. for one hour. Heating causes the 
water to evaporate from the slurry. The KNO, coated 
graphite can be ground into a powder. The powder can be 
weighed. Approximately 50 grams (5% of the weight of the 
KNO, coated graphite) of 1%-Pd-on--300-mesh graphitic 
carbon powder can be mixed into the KNO, coated graphitic 
carbon powder. 

Example of the Mode of Operation of the Exemplary 
Catalytic Materials 

The catalytic material can be placed into the pressurizable 
vessel 200. The vessel can be flushed with an inert gas such 
as He, Ar, or Ne to remove air contaminants in the vessel. 
The vessel and its contents are heated to the operational 
temperature, typically 100° C. to 400° C., before the vessel 
can be pressurized with hydrogen, typically 20 to 140 PSIG. 

In an embodiment, the source of energy holes is potas- 
sium ions (K*/K*) or rubidium ions (Rb*) intercalated into 
carbon. In another embodiment, the source of energy holes 
is an amalgam of the electrocatalytic ion or couple and its 
reduced metallic form such as rubidium ions (Rb*) and 
rubidium metal or potassium ions (K*/K*) and potassium 
metal. 

In an embodiment, the source of hydrogen atoms is a 
hydrogen dissociation means including a hydrogen gas 
stream blown over a hot filament or grid such as a hot 
refractory metal including a filament or grid of Ti, Ni, Fe, W, 
Au, Pt, or Pd at an elevated temperature such as 1800° C. 
The dissociation means provides hydrogen atoms as well as 
hydrogen ions, and the momentum of the atoms brings them 
in contact with the source of energy holes. Or, the hydrogen 
atoms and ions sputter onto the spillover catalyst. In one 
preferred embodiment of the pressurized gas reactor, a low 
pressure can be maintained by pressure regulator means 222 
and a pump means 223 to minimize hydrogen atom recom- 
bination into molecular hydrogen and remove (molecular) 
lower-energy hydrogen. 

In an embodiment the source of hydrogen atoms is water 
which dissociates to hydrogen atoms and oxygen on a water 
dissociation material such as an element, compound, alloy, 
or mixture of transition elements and inner transition 
elements, iron, platinum, palladium, zirconium, vanadium, 
nickel, titanium, Sc, Cr, Mn, Co, Cu, Zn, Y, Nb, Mo, Te, Ru, 
Rh, Ag, Cd, La, Hf, Ta, W, Re, Os, Ir, Au, Hg, Ce, Pr, Nd, 
Pm, Sm, Eu, Gd, Tb, Dy, Ho, Er, Tm, Vb, Lu, Th, Pa, U, 
activated charcoal (carbon), and intercalated Cs carbon 
(graphite). In a further embodiment, the water dissociation 
material can be maintained at an elevated temperature by a 
heat source and temperature control means 230. In an 
embodiment including one comprising a hydrogen spillover 
catalyst, the source of hydrogen can be from hydrocarbons 
including natural gas which can be reformed on a reforming 
a material such as nickel, cobalt, iron, or a platinum-group 
metal to hydrogen atoms and carbon dioxide. In a further 
embodiment, the reforming material can be maintained at an 
elevated temperature by a heat source and a temperature 
control means 230. In another embodiment, the source of 
hydrogen atoms can be from the decomposition of a metal 
hydride where the decomposition can be controlled by 
controlling the temperature of the metal hydride with the 
heat source and temperature control means 230. In another 
embodiment, the hydride can be coated by methods includ- 
ing electroplating with another material such as the hydro- 
gen dissociation material. 

In a preferred embodiment a product of the shrinkage 
reaction, (molecular) lower-energy hydrogen, can be 
removed to prevent product inhibition. Thus, the forward 
energy yielding reaction rate can be increased. One means to 
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remove lower-energy (molecular) hydrogen is to supply the 
reaction mixture with a scavenger for lower-energy hydro- 
gen. The scavenger absorbs or reacts with the product, 
lower-energy, hydrogen, and the resulting species can be 
removed from the reaction mixture. In another embodiment 
lower-energy hydrogen which is absorbed on the catalysts 
can be removed via displacement with an inert molecule or 
atom such as helium that flows through the vessel 200. 

Other objects, features, and characteristics of the art of 
catalysis as well as the methods of preparation, operation 
and the functions of the related elements, as described by 
Satterfield [ Charles N. Satterfield, Heterogeneous Catalysis 
in Industrial Practice, Second Edition, McGraw-Hill, Inc., 
New York, (1991)] are applied to the present invention and 
are incorporated by reference herein. Application of the art 
of catalysis to the present invention of a pressurized gas 
energy reactor for the release of energy by the catalytic 
reaction wherein the electrons of hydrogen atoms undergo 
transitions to lower energy states include the use of an 
adiabatic reactor, fluidized-bed reactor, transport line 
reactor, multitube reactor, reverse multitube reactor having 
the heat exchange means including a fluid in the tubes and 
the catalytic material surrounding the tubes, and a multitube 
reactor or reverse multitube reactor comprising a fluidized 
bed of the catalytic material. Furthermore, in an embodiment 
comprising a solvated source of energy holes, a suspended 
hydrogen dissociation material including a hydrogen spill- 
over catalyst, and hydrogen gas, the reactor comprises a 
trickle-bed reactor, a bubble-column reactor, or a slurry 
reactor. 

For example, in a preferred embodiment, the fluidized bed 
reactor 200 comprises the hydrogen spillover catalytic mate- 
rial: 40% by weight potassium nitrate (KNO,) on graphitic 
carbon powder with 5% by weight 1%-Pd-on-graphitic 
carbon powder. The reacting hydrogen gas can be passed up 
through a bed of the finely divided solid catalytic material, 
preferably having a particle size in the range of about 20 to 
100 um, which can be highly agitated and assumes many of 
the characteristics of a fluid. Acyclone separator 275 returns 
the fines to the bed. The hydrogen pressure and flow rate are 
controlled by pressure and flow rate control means 222. 
Preferably at atmospheric or slightly higher pressures, the 
corresponding maximum linear velocity can be less than 60 
cm/s. 

Gaseous Source of Energy Holes 

A preferred hydrogen gas energy reactor for the release of 
energy by an electrocatalytic and/or a disproportination 
reaction, wherein the electrons of hydrogen atoms undergo 
transitions to lower energy states in the gas phase, comprises 
a vessel 200 of FIG. 7 capable of containing a vacuum or 
pressures greater than atmospheric; a source of hydrogen 
221; a means 222 to control the pressure and flow of 
hydrogen into the vessel; a source of atomic hydrogen in the 
gas phase, and a source of energy holes in the gas phase. 

The reaction vessel 200 comprises a vacuum or pressure 
vessel comprised of a temperature resistance material such 
as ceramic, stainless steel, tungsten, alumina, Incoloy, and 
Inconel. 

In an embodiment, the source of hydrogen atoms in the 
gas phase is a hydrogen dissociation means including a 
hydrogen gas stream blown over a hot filament or grid 280 
such as a hot refractory metal including a filament or grid of 
Ti, Ni, Fe, W, Au, Pt, or Pd at an elevated temperature such 
as 1800° C. The dissociation means provides hydrogen 
atoms as well as hydrogen ions, and the momentum of the 
atoms brings them in contact with the source of energy 
holes. In a preferred embodiment of the gaseous-source-of- 
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energy-holes gas reactor, a low pressure can be maintained 
by pressure regulator means 222 and a pressure measure- 
ment and pump means 223 to minimize hydrogen atom 
recombination into molecular hydrogen. The pressure can be 
measured by measuring the power dissipated in the hot 
filament or grid which can be operated at constant resistance 
by a servo loop 285 comprising a voltage and current 
measurement means, a power supply, and a voltage and 
current controller where the hydrogen pressure versus power 
dissipation of the filament or grid at the operating resistance 
has been calibrated. In another embodiment, the source of 
atomic hydrogen comprises one or more hydrogen dissocia- 
tion materials which provide hydrogen atoms by dissocia- 
tion of molecular hydrogen. Such hydrogen dissociation 
materials include surfaces or materials to dissociate 
hydrogen, deuterium, or tritium, including a hydrogen spill- 
over material such as palladium or platinum on carbon and 
an element, compound, alloy, or mixture of transition ele- 
ments and inner transition elements, iron, platinum, 
palladium, zirconium, vanadium, nickel, titanium, Sc, Cr, 
Mn, Co, Cu, Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, 
W, Re, Os, Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, 
Ho, Er, Tm, Vb, Lu, Th, Pa, U, activated charcoal (carbon), 
and intercalated Cs carbon (graphite). In one embodiment, 
nonequilibrium conditions of the hydrogen and hydride are 
maintained by controlling the temperature and hydrogen 
pressure to provide atomic hydrogen in the gas phase. In 
another embodiment, the source of atomic hydrogen com- 
prises a tungsten capillary which on the outlet can be heated 
by electron bombardment to 1800-2000 K such as the 
atomic hydrogen source described by Bischler [ Bischler, U.; 
Bertel, E., J. Vac. Sci. Technol., A. (1993), 11(2), 458-60] 
which is incorporated herein by reference. In a further 
embodiment, the tungsten capillary can be heated by the 
energy released by the hydrogen shrinkage reaction. In 
another embodiment, the source of atomic hydrogen com- 
prises an inductively coupled plasma flow tube such as that 
described by Gardner [ Gardner, W. L., J. Vac. Sci. Technol., 
A. (1995), 13(3, Pt. 1), 763-6] which is incorporated herein 
by reference, and the hydrogen dissociation fraction can be 
measured with the sensor of Gardner. 

The source of energy holes can be placed in a chemically 
resistant open container such as a ceramic boat 290 inside 
the reaction vessel. Or, the source of energy holes can be 
placed in a vessel which has a connection for the passage of 
the gaseous source of energy holes to the reaction vessel. 

The cell can have a boat or container, which is connected 
to the reaction vessel, for containing the material used for 
forming the gaseous catalyst. 

The gaseous source of energy holes includes those that 
sublime, boil, and/or are volatile at the elevated operating 
temperature of the gas energy reactor wherein the shrinkage 
reaction occurs in the gas phase. For example, RbNO, and 
KNO, are each volatile at a temperature much less than that 
at which each decomposes [C. J. Hardy, B. O. Field, J. 
Chem. Soc., (1963), pp. 5130-5134]. In one embodiment, 
the ionic hydrogen spillover catalytic material: 40% by 
weight potassium or rubidium nitrate on graphitic carbon 
powder with 5% by weight 1%-Pd-on-graphitic carbon 
powder can be operated at a temperate at which the potas- 
sium or rubidium nitrate can be volatile. Further dispropor- 
tionation reactions of the product, lower-energy hydrogen 
atoms, release additional heat energy. 

In a preferred embodiment, the source of energy holes is 
a thermally stable salt of rubidium or potassium such as RbF, 
RbCl, RbBr, RbI, Rb,S,, RbOH, Rb,SO,, Rb,CO,, 
Rb,PO,, and KF, KCl, KBr, KI, K,S,, KOH, K,SO,, 
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Fig. 1-63. Operating areas for the electronic load: Curve A indicates the 
rated operating area for the load. Curve B shows the composite safe area 
of the four TIP 35C transistors used as the load element. The rated operat- 
ing area (Curve A) is well inside of the safe area. 


Parts located on the front panel include the three binding posts 
for the 8-ohm resistors (R9 and R10). These are at the left end of 
the panel. Next is the LED over-temperature indicator. Adjacent 
to the LED are the input terminals for the electronic load. The load 
current adjustment pot, R2, is on the extreme right end of the 
panel. 

Mounted directly to the underside of the heat sink are the two 
8-ohm resistors, the four emitter resistors for the load transistors, 
and transistors Q2 through Q5. The thermal switch (S1) is located 
in the center of the sink. Two reverse-polarity protection diodes 
(CR6 and CR7) are also mounted directly onto the heat sink near 
the center of the front panel. All parts are mounted to the sink by 
threaded holes tapped directly into the extrusion. The cathode 
ends of CR6 and CR7 are connected to the sink via threaded 
mounting holes. In the same way, the collectors of Q2-Q5 are 
screwed directly to the sink. Thus, the connection from the polar- 
ity protection diodes to the transistor collectors is via the heat sink 
itself. Fastening the transistors to the sink without insulating 
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KCO}, KPO, K,GeF,. Further preferred sources of 
energy holes of approximately mX27.21 eV to cause atomic 
hydrogen “shrinkage” and/or approximately mX48.6 eV to 
cause molecular hydrogen “shrinkage” where m is an integer 
include the electrocatalytic ions and couples described in my 
previous U.S. Patent Applications entitled “Energy/Matter 
Conversion Methods and Structures”, Ser. No. 08/467,051 
filed on Jun. 6, 1995 which is a continuation-in-part appli- 
cation of Ser. No. 08/416,040 filed on Apr. 3, 1995 which is 
a continuation-in-part application of Ser. No. 08/107,357 
filed on Aug. 16, 1993, which is a continuation-in-part 
application of Ser. No. 08/075,102 (Dkt. 99437) filed on Jun. 
11, 1993, which is a continuation-in-part application of Ser. 
No. 07/626,496 filed on Dec. 12, 1990 which is a 
continuation-in-part application of Ser. No. 07/345,628 filed 
Apr. 28, 1989 which is a continuation-in-part application of 
Ser. No. 07/341,733 filed Apr. 21, 1989, which are incor- 
porated herein by reference. The counterion includes those 
given in the Handbook of Chemistry and Physics, Robert C. 
Weast, Editor, 58th Edition, CRC Press, West Palm Beach, 
Fla., (1974) pp. B61-B178 which is incorporated by refer- 
ence herein. The preferred anion can be stable to hydrogen 
reduction and thermal decomposition and can be volatile at 
the operating temperature of the energy reactor. 

The catalyst may be an ionic compound which is resistant 
to hydrogen reduction. Moreover, the catalyst is adapted to 
provide gaseous atoms which may be ionized. 

The following compounds are preferred gaseous sources 
of energy holes in the gas energy reactor. Higher tempera- 
tures result in a higher vapor pressure of the source of energy 
holes which increases the reaction rate; however, the 
increase in total pressure increases the recombination rate of 
hydrogen atoms to hydrogen molecules. In each exemplary 
case that follows, the operating temperature of the energy 
reactor can be that which provides an optimal reaction rate. 
In an embodiment, the cell temperature can be about 50° C. 
higher than the (highest) melting point of the source of 
energy holes (in the case that the source of energy holes 
comprises an electron transfer between two cations—an 
electrocatalytic couple). The hydrogen pressure can be 
maintained at about 200 millitorr, and molecular hydrogen 
can be dissociated with a hot filament or grid 280 of FIG. 7. 
Single Ion Catalysts (Electrocatalytic Ions) 

Single-ion catalysts (electrocatalytic ions) capable of pro- 
ducing energy holes for shrinking hydrogen atoms. The 
number following the atomic symbol (n) is the nth ionization 
energy of the atom. That is for example, Rb*+27.28 
eV=Rb*+e”. (melting point=(MP); boiling point=(BP)) 


Catalytic 

Ion n nth ionization energy 
Mo”* 3 27.16 

Mol, 

et 3 27.49 

TiCL(MP = subl H,,BP = d 475° C. vac) 
in 

Rb** 2 27.28 


RbNO,(MP = 310° C.,BP = subl) 
Rb,S,(MP = 420° C.,BP = volat > 850) 
RbI(MP = 647° C.,BP = 1300° C) 


Two Ion Catalyts (Electrocatalytic Couples) 

Two-ion catalysts (electrocatalytic couples) capable of 
producing energy holes for shrinking hydrogen atoms. The 
number in the column following the ion, (n), is the nth 
ionization energy of the atom. That is for example, 
K*+31.63 eV=K*t+e~ and K*+e"=K+4.34 eV. (melting 
point=(MP); boiling point=(BP)) 
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Atom 
Energy 
Oxidiz- nth Ion- nth Ion- 
Hole ization ization 
ed Energy Atom Energy 
(ev) n (ev) Reduced n (ev) 
Sn 4+ 5 72.28 Si 4+ 4 45.14 
27.14 
SnCl,(MP = -33° C.,BP = 114.1” C.) SiCL,(MP = -70° C., 
BP = 57.57° C.) 
Pr 3+ 4 38.98 Ca 2+ 2 11.87 
27:11 


PrBr3(MP = 691° C.,BP = 1547° C.) CaBr,(MP = 730° C. sl d, 
BP = 806 - 812° C.) 


Sr 2+ 3 43.60 Cr 2+ 2 16.50 
27.10 

SrCl,(MP = 875° C.,BP = 1250" C.) CIL (MP = 856° C., 

BP = 800 sub vac” C.) 

Cr 3+ 4 49.10 Tb 3+ 3 21.91 
27.19 


CrF,(MP = >1000° C.,BP = 1100 - 1200° C. subl) TbI,(MP = 
946° C.,BP > 1300° C.) 


Sb 3+ 4 44.20 Co 2+ 2 17.06 
27.14 

SbCl,(MP = 73.4° C.,BP = 283° C.) CoCl,(MP = 724° C. 

in HCl gas, BP = 1049° C.) 

Bi 3+ 4 45.30 Ni 2+ 2 18.17 
27.13 


BiCl,(MP = 230 - 232° C.,BP = 447° C.) NiCL(MP = 1001° C., 
BP = 973° C. subl) 


Pd 2+ 3 32.93 In 1+ 1 5.79 
27.14 

PdF, (MP = volat) InCl(MP = 225° C.,BP = 608° C.) 

La 3+ 4 49.95 Dy 3+ 3 22.80 
27.15 

LaCl;(MP = 860° C.,BP > 1000° C.) DyCl,(MP = 718° C., 

BP = 1500° C.) 

La 3+ 4 49.95 Ho 3+ 3 22.84 
27.11 

Lal,(MP = 772° C.) Hol;(MP = 989° C.,BP = 1300° C.) 

K 1+ 2 31.63 K 1+ 1 4.34 
27.28 


KNO;(MP = 334° C.,BP = subl) KNO3(MP = 334° C.,BP = subl) 
K,S.(MP = 470° C.) K,S,(MP = 470° C.) 

KI(MP = 681° C.,BP = 1330° C.) KI(MP = 681° C.,BP = 1330° C.) 
V 3+ 4 46.71 Pd 2+ 2 19.43 
27.28 

VE,(MP > 800° C.,BP Subl) PbF,(MP = 855° C.,BP = 1290° C.) 
VOCI(BP = 127° C.) PbL(MP = 402° C.,BP = 954° C.) 


Lu 3+ 4 45.19 Zn 2+ 2 17.96 
27.23 

LuCl,(MP = 905° C.,BP = subl 750° C.) PbCL(MP = 283° C., 
BP = 732° C.) 

As 3+ 4 50.13 Ho 3+ 3 22.84 
27.29 

AsI,(MP = 146° C.,BP = 403° C.) Hol,(MP = 989° C., 

BP = 1300° C.) 

Mo 5+ 6 68.00 Sn 4+ 4 40.73 
27.27 

MoCl,(MP = 194° C.,BP = 268° C.) SnCl,(MP = -33° C., 

BP = 114.1° C.) 

Sb 3+ 4 44.20 Cd 2+ 2 16.91 
27.29 

SbI,(MP = 170° C.,BP = 401° C.) CAL (MP = 387° C., 

BP = 796° C.) 

Ag2+ 3 34.83 Ag 1+ 1 7.58 
27.25 

AgF,(MP = 690° C.,BP = 700° C. d) AgF(MP = 435° C., 

BP = 1159° C.) 

La 3+ 4 49.95 Er 3+ 3 22.74 
27:91 

Lal,(MP = 772° C.,BP = 1000” C.) Erl,(MP = 1020” C., 

BP = 1280° C.) 

V 4+ 5 65.23 B 3+ 3 37.93 
27.30 

VCL,(MP = -28° C.,BP = 148.5° C.) BCL(MP = -107.3° C., 
BP = 12.5° C) 

Fe 3+ 4 54.80 Ti 3+ 3 27.49 
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-continued 
Atom 
Energy 
Oxidiz- nth Ion- nth Ion- > 
Hole ization ization 
ed Energy Atom Energy 
(ev) n (ev) Reduced n (ev) 
27.31 
FeCl;(MP = 306° C.,BP = 315° C. d) TiCl,;(MP = 440° C. d, 10 
BP = 660° C.) 
Co 2+ 3 33.50 Tl 1+ 1 6.11 
27.39 
CoL(MP = 515 vac” C.,BP = 570° C. vac) TII(MP = 440° C. d, 
BP = 823° C.) 
CoF,(MP = 1200° C.,BP = 1400° C.) TIF(MP= 327° C. d, 15 
BP = 655° C.) 
Bi 3+ 4 45.30 Zn 2+ 2 17.96 
27.34 
BiBrx(MP = 218° C.,BP = 453° C.) ZnBr,(MP = 394° C. d, 
BP = 650° C.) 
As 3+ 4 50.13 Dy 3+ 3 22.80 20 
27.33 
AsI;(MP = 146° C.,BP = 403° C.) Dyl,(MP = 955° C. d, 
BP = 1320° C.) 
Ho 3+ 4 42.50 Mg 2+ 2 15,03 
27.47 
HoCl;(MP = 718° C.,BP = 1500° C.) MgCl,(MP = 714° C., 
BP = 1412° C.) 25 
K 1+ 2 31.63 Rb 1+ 1 4.18 
27.45 
KI(MP = 618° C.,BP = 1330° C.) RbI(MP = 647° C.,BP = 1300° C.) 
Cr 3+ 4 49.10 Pr 3+ 3 21.62 
27.48 
CrCl,(MP = 1150° C.,BP = 1300° C. subl) PrCl,(MP = 786° C., 30 
BP = 1700° C.) 
Sr 2+ 3 43.60 Fe 2+ 2 16.18 
27.42 
SICL(MP = 875° C.,BP = 1250° C.) FeCl,(MP = 670° C.,BP subl) 
Ni 2+ 3 35.17 Cu 1+ 1 7.73 
27.44 35 
NiCl,(MP = 1001° C.,BP = 973° C. subl) CuCl(MP = 430° C., 
BP = 1490° C.) 
Sr 2+ 3 43.60 Mo 2+ 2 16.15 
27.45 
SICL(MP = 875° C.,BP = 1250° C.) MoCl, 
Y 3+ 4 61.80 Zr 4+ 4 34.34 40 
27.46 
YCI,(MP = 721° C.,BP = 1507° C.) ZrCL,(MP = 437° C., 
BP = 331° C. subl) 
Cd 2+ 3 37.48 Ba 2+ 2 10.00 
27.48 
CdL(MP = 387° C.,BP = 796° C.) BaL(MP = 740° C.) 
Ho 3+ 4 42.50 Pb 2+ 2 15.03 45 
27.47 
Hol¿(MP = 989° C.,BP = 13007 C.) PbL(MP = 402° C., 
BP= 954° C.) 
Pd 2+ 3 32.93 Li 1+ 1 5.39 
27.54 
PdF, (MP = volat) LiF(MP = 845° C.,BP = 1676° C.) 50 
Eu 3+ 4 42.60 Mg 2+ 2 15.03 
27.56 
EuCl,(MP = 850° C.) MgCL(MP = 714° C.,BP = 1412° C) 
Er 3+ 4 42.60 Mg 2+ 2 15.03 
27.56 
ErCl,(MP = 774° C.,BP = 1500° C.) MgCL(MP = 714° C., 55 
BP = 1412” C.) 
Bi 4+ 5 56.00 Al 3+ 3 28.45 
27.55 
BiCL, (MP = 226° C.) AICI,(MP = 190° C.,BP = 177.8° C. subl) 
Ca 2+ 3 50.91 Sm 3+ 3 23.40 
27.51 


CaBr,(MP = 730° C. sl d, BP = 806 - 812° C.) SmBr,(MP 
subl > 1000° C.) 
V 3+ 4 
27.53 

VaF,(MP > 800° C., subl) LaCl,(MP = 860° C.,BP > 1000? C.) 
Gd 3+ 4 44.00 Cr 2+ 2 16.50 
27.50 

GdI,(MP = 926° C.,BP = 1340° C.) CrL(MP = 856° C., 


46.71 La 3+ 3 19.18 
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-continued 
Atom 
Energy 
Oxidiz- nth Ion- nth Ion- 
Hole ization ization 
ed Energy Atom Energy 
(ev) n (ev) Reduced n (ev) 
BP = 800° C. subl vac) 
Mn 2+ 3 33.67 Ti 1+ 1 6.11 
27.56 
MnL (MP = 638° C. vac, BP = 500° C. subl vac) TIF(MP = 327° C., 
BP = 655° C.) 
Yb 3+ 4 43.70 Fe 2+ 2 16.18 
27.52 
YbBr3(MP = 956° C.,BP = d) FeBr,(MP = 684° C. d) 
Ni 2+ 3 35.17 Ag 1+ 1 7.58 
21.39 
NiCL (MP = 1001? C.,BP = 973° C. subl) AgCI(MP = 455° C., 
BP = 1550° C) 
Zn 2+ 3 39.72 Yb 2+ 2 12.18 
27.54 
ZnCL(MP = 283° C.,BP = 732° C. subl) YbCL(MP = 702° C., 
BP = 1900° C.) 
Se 4+ 5 68.30 Sn 4+ 4 40.73 
27.57 
SeF,(MP = -13.8° C.,BP > 100° C.) SnCl,(MP = -33° C., 
BP = 114.1° C.) 
SnF¿(MP = 705° C.subl) 
Sb 3+ 4 44.20 Bi 2+ 2 16.69 
27.51 
SbI,(MP = 170° C.,BP = 401° C.) BiL(MP = 400° C., 
BP = subl vac) 
Eu 3+ 4 42.60 Pb 2+ 2 15.03 
21o 7 
EuFx(MP = 1390° C.,BP = 2280° C.) PbCl,(MP = 501° C., 
BP = 950° C.) 


In an embodiment wherein the anion can be reduced by 
hydrogen, the anion is chemically stabilized. For example, 
the product of the reduction is added to the gas cell to 
stabilize the anion. In a further embodiment, the anion can 
be replaced continuously or intermittently. In the case of the 
nitrate ion, the product ammonia can be removed from the 
vessel. oxidized to nitrate, and returned to the cell. In one 
embodiment, the product ammonia can be removed from the 
vessel by collection in a condenser and can be oxidized to 
nitrate on a platinum or iridium screen at elevated tempera- 
tures such as 912° C. In a further embodiment, the nitrate ion 
to ammonia reaction can be minimized by decreasing the 
hydrogen pressure while optimizing the vapor phase cata- 
lytic hydrogen shrinkage reaction. In an embodiment, a low 
pressure of hydrogen atoms can be generated by dissociation 
of molecular hydrogen on a hot filament or grid 280 of FIG. 
7. A low pressure of molecular hydrogen can be maintained 
via the hydrogen supply 221, the hydrogen flow control 
means 222, and the hydrogen pressure measurement and 
vacuum means 223. The hydrogen pressure can be main- 
tained at a low pressure by adjusting the supply through the 
inlet with flow controller 222 versus the amount pumped 
away at the outlet by the pressure measurement and pump 
means 223. The pressure can be adjusted to maximize the 
output power while minimizing the degradation of nitrate. 
The optimal hydrogen pressure can be less than about one 
torr. In an embodiment, the source of hydrogen atoms in the 
gas phase can be a hydrogen dissociation means including a 
hydrogen gas stream blown over a hot filament or grid 280 
such as a hot refractory metal including a filament or grid of 
Ti, Ni, Fe, W, Au, Pt, or Pd at an elevated temperature such 
as 1800° C. The hydrogen molecular source can be directed 
over the filament or grid and onto the gaseous source of 
energy holes. The pressure and flow of the hydrogen atoms 
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prohibits the collision of the counterion of the source of 
energy holes (such as the nitrate ion) from contacting the hot 
filament or grid. Thus, the thermal decomposition or reduc- 
tion of the anion on the filament or grid can be prevented. In 
another embodiment, a negative potential can be maintained 
as a grid electrode 287 surrounding the filament or grid. The 
grid electrode permits the passage of hydrogen atoms from 
the filament or grid and repels the anion from contacting the 
hot filament or grid. Thus, the thermal or chemical break- 
down of the anion (couterion) can be prevented. 

In an embodiment, the source of energy holes is an 
electrocatalytic ion or electrocatalytic couple comprising 
cation-anion pairs in the gas phase wherein the cation-anion 
pairs are dissociated by external source means 75 of FIG. 5 
which includes, for example, a particle source 755 and/or 
photon source 75a and/or a source of heat, acoustic energy, 
electric fields, or magnetic fields. In a preferred 
embodiment, the cation-anion pairs are thermally dissoci- 
ated by heat source 230 or photodissociated by photon 
source 205 of FIG. 7. 

In another embodiment of the gas energy reactor having 
a gaseous source of energy holes, the source of energy holes 
is atomized with an atomizer means 295 to provide a 
gaseous source of energy holes. In a preferred embodiment 
of the atomizer, atoms are boiled, sublimed, or vaporized by 
a heating means such as the boat heating means 299, and the 
gaseous atoms are ionized to form a source of energy holes 
including the electrocatalytic ions or electrocatalytic couples 
of my previous patent applications incorporated herein by 
reference. In one embodiment, the atoms are thermally 
ionized by the heating means 230, by the hydrogen atom 
source 280 including a hot filament or grid, or by an 
inductively coupled plasma flow tube. For example, the gas 
energy cell shown in FIG. 7 comprises rubidium or potas- 
sium metal in the boat 290 which has a vapor pressure that 
can be controlled by controlling the temperature of the boat 
by heating means 230 and or 299. Hydrogen molecules are 
dissociated to atoms on the hot filament or grid 280. The 
rubidium (potassium) metal in the gas phase can be ionized 
to Rb* (K*) by the same or different hot filament or grid 280. 
The Rb* (K*/K”) electrocatalytic ion (couple) serves as a 
source of energy holes to shrink the hydrogen atoms. In 
another embodiment, the hot filament or grid 280 comprises 
a metal(s) or can be electroplated with a metal(s) which boils 
off as a cation(s) that are a source of energy holes. For 
example, Mo”* ions (Mo”* electrocatalytic ion) enter the gas 
phase of the energy cell 200 from the hot molybdenum 
filament or grid 280. The hot molybdenum filament or grid 
280 also dissociates hydrogen molecules to hydrogen atoms. 
For a further example, Ni-* and Cu* ions (Ni*/Cu* elec- 
trocatalytic couple) enter the gas phase of the energy cell 
200 from the hot nickel and hot copper or hot nickel-copper 
alloy filament or grid 280. In another embodiment, the 
photon source 75a and the particle source 755 of FIG. 5, 
including an electron beam, ionize species such as atoms in 
the gas phase to form the source of energy holes including 
the electrocatalytic ions or electrocatalytic couples of my 
previous patent applications incorporated herein by refer- 
ence. In another embodiment, the atoms or ions are ionized 
chemically by a volatilized reactant such as an ionic species 
which oxidizes or reduces the atoms or ions to form a source 
of energy holes. 

The power of the gas energy reactor can be controlled by 
controlling the amount of the source of energy holes 
(electrocatalytic ion or couple) in the gas phase and/or by 
controlling the concentration of atomic or lower-energy 
hydrogen. The concentration of the gaseous source of energy 
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holes (electrocatalytic ion or couple) can be controlled by 
controlling the initial amount of the volatile source of energy 
holes (electrocatalytic ion or couple) present in the reactor, 
and/or by controlling the temperature of the reactor with 
temperature control means 230 which determines the vapor 
pressure of the volatile source of energy holes 
(electrocatalytic ion or couple). The reactor temperature 
further controls the power by changing the rate of the 
catalytic hydrogen shrinkage reaction. The concentration of 
atomic hydrogen can be controlled by controlling the 
amount of atomic hydrogen provided by the atomic hydro- 
gen source 280. For example, the amount of hydrogen atoms 
in the gas phase can be controlled by controlling the flow of 
hydrogen over or through the hot filament or grid, the 
tungsten capillary heated by electron bombardment, or the 
inductively coupled plasma flow tube; by controlling the 
power dissipated in the inductively coupled plasma flow 
tube; by controlling the temperature of the hot filament or 
grid, or the tungsten capillary heated by electron bombard- 
ment; by controlling the pressure of the hydrogen and 
temperature of the hydride maintained under nonequilibrium 
conditions, and by controlling the rate of removal of recom- 
bined hydrogen from the cell by pump means 223. Another 
means to control the shrinkage reaction rate can be by 
controlling the pressure of a non reactive gas with non 
reactive gas source 299, non reactive gas flow control means 
232, and pressure measurement and pump means 223. The 
non reactive gas such as a noble gas competes with colli- 
sions between the source of energy holes (electrocatalytic 
ion or couple) and hydrogen atoms or competes with colli- 
sions that yield lower-energy hydrogen disproportionation 
reactions. Noble gases include He, Ne, and Ar. Further such 
reaction non reactive “reaction quenching” gases include 
carbon dioxide and nitrogen. 

The hydrogen partial pressure can be further controlled by 
throttling hydrogen into the cell by a hydrogen value control 
means 222 while monitoring the pressure with a pressure 
measurement means 222 and 223. In a preferred 
embodiment, the hydrogen pressure can be controlled by 
controlling the temperature with heating means 230 of the 
gas energy reactor which further comprises a hydrogen 
storage means such as a metal hydride or other hydride 
including saline hydrides, titanium hydride, vanadium, 
niobium, and tantalum hydrides, zirconium and hafnium 
hydrides, rare earth hydrides, yttrium and scandium 
hydrides, transition element hydrides, intermetalic hydrides, 
and their alloys known in the art as given by W. M. Mueller, 
J. P. Blackledge, and G. G. Libowitz, Metal Hydrides, 
Academic Press, New York, (1968), Hydrogen in Intermet- 
alic Compounds I, Edited by L. Schlapbach, Springer- 
Verlag, Berlin, and Hydrogen in Intermetalic Compounds IT, 
Edited by L. Schlapbach, Springer-Verlag, Berlin, which are 
incorporated by reference herein. The temperature of the cell 
can be controlled by a temperature control and measurement 
means 230 such that the vapor pressure of the hydrogen in 
equilibrium with the hydrogen storage material can be the 
desired pressure. In one embodiment, nonequilibrium con- 
ditions of the hydrogen and hydride are maintained by 
controlling the temperature and hydrogen pressure to pro- 
vide atomic hydrogen. In several embodiments, the hydro- 
gen storage means can be a rare earth hydride with an 
operating temperature of about 800° C.; lanthanum hydride 
with an operating temperature of about 700° C.; gadolinium 
hydride with an operating temperature of about 750° C.; 
neodymium hydride with an operating temperature of about 
750° C.; yttrium hydride with an operating temperature of 
about 800° C.; scandium hydride with an operating tem- 
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perature of about 800° C.; ytterbium hydride with an oper- 
ating temperature of about 850-900? C.; titanium hydride 
with an operating temperature of about 450° C.; cerium 
hydride with an operating temperature of about 950° C.; 
praseodymium hydride with an operating temperature of 
about 700° C.; zirconium-titanium (50%/50%) hydride with 
an operating temperature of about 600° C.; an alkali metal/ 
alkali metal hydride mixture such as Rb/RbH or K/KH with 
an operating temperature of about 450° C., and an alkaline 
earth metal/alkaline earth hydride mixture such as Ba/BaH, 
with an operating temperature of about 900-1000* C. 

The heat output can be monitored with thermocouples 
present in at least the vessel 200 and the heat exchanger 60 
of FIG. 5. The rate of the shrinkage reaction rate can be 
monitored by ultraviolet or electron spectroscopy of the 
photons or electrons emitted via lower-energy hydrogen 
transitions, by X-ray photoelectron spectroscopy (XPS) of 
lower-energy hydrogen, and by mass spectroscopy, Raman 
or infrared spectroscopy, and gas chromatography of the 
molecular lower-energy hydrogen (dihydrino). Lower- 
energy hydrogen atoms and molecules are identified by XPS 
as higher binding energy species than normal hydrogen. The 
dihydrino can be identified by mass spectroscopy as a 
species with a mass to charge ratio of two (m/e=2) that has 
a higher ionization potential than that of normal hydrogen by 
recording the ion current as a function of the electron gun 
energy. The dihydrino can be identified by gas chromatog- 
raphy at low temperature such as gas chromatography with 
an activated carbon (charcoal) column at liquid nitrogen 
temperature or with a column that will separate para from 
ortho hydrogen such as an Rt-Alumina column, or a 
HayeSep column at liquid nitrogen temperature wherein 
normal hydrogen can be retained to a greater extent than 
dihydrino. The dihydrino can be identified by Raman and 
infrared spectroscopy as a molecule with higher vibrational 
and rotational energy levels as compared to those of normal 
hydrogen. The output power can be controlled by a com- 
puterized monitoring and control system which monitors the 
thermistors, spectrometers, and gas chromatograph and con- 
trols the means to alter the power output. The (molecular) 
lower-energy hydrogen can be removed by a means 201 to 
prevent the exothermic shrinkage reaction from coming to 
equilibrium. 

In another embodiment of the gas energy reactor having 
a gaseous source of energy holes, hydrogen atoms are 
produced by a pyrolysis reaction such as the combustion of 
a hydrocarbon wherein the catalytic source of energy holes 
can be in the gas phase with the hydrogen atoms. In a 
preferred mode, the pyrolysis reaction occurs in an internal 
combustion engine whereby the hydrocarbon or hydrogen 
containing fuel comprises a source of energy holes that are 
vaporized (become gaseous) during the combustion. In a 
preferred mode, the source of energy holes (electrocatalytic 
ion or couple) is a thermally stable salt of rubidium or 
potassium such as RbF, RbCl, RbBr, RbI, Rb,S,, RbOH, 
Rb,SO,, Rb,CO,, Rb¿PO,, and KF, KCl, KBr, KI, K-S,, 
KOH, K,SO,, KCO}, K,PO,, K,GeF,. Additional counte- 
rions of the electrocatalytic ion or couple include organic 
anions including wetting or emulsifying agents. In another 
embodiment, the hydrocarbon or hydrogen containing fuel 
further comprises water as a mixture and a solvated source 
of energy holes including emulsified electrocatalytic ions or 
couples. During the pyrolysis reaction, water serves as a 
further source of hydrogen atoms which undergo a shrinkage 
reaction catalyzed by the source of energy holes wherein the 
water can be dissociated to hydrogen atoms thermally or 
catalytically on a surface such as the cylinder or piston head 
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which can be comprised of material which dissociates water 
to hydrogen and oxygen. The water dissociation material 
includes an element, compound, alloy, or mixture of tran- 
sition elements and inner transition elements, iron, platinum, 
palladium, zirconium, vanadium, nickel, titanium, Sc, Cr, 
Mn, Co, Cu, Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, 
W, Re, Os, Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, 
Ho, Er, Tm, Vb, Lu, Th, Pa, U. activated charcoal (carbon), 
and intercalated Cs carbon (graphite). 


POWER DENSITY OF GAS ENERGY 
REACTOR (GAS PHASE HYDROGEN 
SHRINKAGE REACTION) 


The equations numbers which follow referred to those 
given by Mills [Mills, R., The Grand Unified Theory of 
Classical Quantum Mechanics, (1995), Technomic Publish- 
ing Company, Lancaster, Pa.]. The rate of the disproportion- 
ation reaction, T,,, yy p» to cause resonant shrinkage, Eqs. 
(5.22-5.30), is dependent on the collision rate between the 
reactants and the efficiency of resonant energy transfer. It is 
given by the product of the rate constant, Kn m p» (Eq. 
(5.47)), the total number of hydrogen or hydrino atoms, Ny, 
and the efficiency, E (Eq. (6.33)), of the transfer of the 
resonance shrinkage energy from the donor hydrino atom to 
the energy hole provided by the acceptor hydrino atom, 


1 6.37 
a (6.37) 
1+ 


r 16 
A 


RÉ = (8.8x 1075 J 43.7 


where r is the distance between the donor and the acceptor, 
J is the overlap integral between the resonance shrinkage 
energy distribution of the donor hydrino atom and the 
distribution of the energy hole provided by the acceptor 
hydrino atom, 7 is the dielectric constant, and K? is a 
function of the mutual orientation of the donor and acceptor 
transition moments. Electronic transitions of lower-energy 
hydrogen atoms occur only by nonradiative energy transfer; 
thus, the quantum yield of the fluorescence of the donor, ® p, 
of Eq. (6.37) is equal to one. The rate of the disproportion- 
ation reaction, r to cause resonant shrinkage is 


> m,m, p? 
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The factor of one half in Eq. (6.38) corrects for double 
counting of collisions [Levine, I., Physical Chemistry, 
McGraw-Hill Book Company, New York, (1978), pp. 
420-421]. The power, P,,, m p» 18 given by the product of the 
rate of the transition, Eq. (6.38), and the energy of the 
disproportination reaction (Eq. (5.27)). 


(6.38) 


(6.39) 


3kT 
— [2pm +m - m”? +1]x2.2x10 7! W 
mu 


where V is the volume. For a disproportionation reaction in 
the gas phase, the energy transfer efficiency is one. The 
power given by substitution of 


E=1, p=2, m=1, m'=2, V=1 m3, N=3x102, T=675 K (6.40) 


6,024,935 


51 
into Eq. (6.39) is 
P 


=1 GW(1 kW/cm?) (6.41) 


ñ 
mm P 


In the case that the reaction of hydrogen to lower-energy 
states occurs by the reaction of a catalytic source of energy 
holes with hydrogen or hydrino atoms, the reaction rate is 
dependent on the collision rate between the reactants and the 
efficiency of resonant energy transfer. The hydrogen-or- 
hydrino-atom/electrocatalytic-ion collision rate per unit 
volume, 


Z [9H |caratys A 


for a gas containing n,, hydrogen or hydrino atoms per unit 
volume, each with radius 


ay 


and velocity Vy and n, electrocatalytic ions per unit volume, 
each with radius regiazys; and velocity v, is given by Levine 
[Levine, I., Physical Chemistry, McGraw-Hill Book 
Company, New York, (1978), pp. 420-421]. 


1/2 
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(6.42) 
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The average velocity, v,,., can be calculated from the 
temperature, T, [Bueche, F. J., Introduction to Physics for 
Scientists and Engineers, McGraw-Hill Book Company, 
New York, (1986), pp. 261-265]. 


fue 8 (6.43) 


where k is Boltzmann’s constant. Substitution of Eq. (5.44) 
into Eq. (5.42) gives the collision rate per unit volume, 


Zy |H |catatyse ? 


in terms of the temperature, T. 


ay 2 1 1ya (6.44) 
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The rate of the catalytic reaction, T, p, to cause resonant 
shrinkage 1s given by the product of the collision rate per 


unit volume, 


Zy |H |catatyse A 


the volume, V, and the efficiency, E, of resonant energy 
transfer given by Eq. (6.37). 


1 1 y Ng Nc (6.45) 
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The power, P,,, p is given by the product of the rate of the 


transition, Eq. (6.45), and the energy of the transition, Eq. 
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(5.8). 
ay 2 1 TY ea 
Pape Ex + reals 3 ee —|| 
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—— [2mp +m] x2.2x 10718 W 


In the case of a gas phase catalytic shrinkage reaction 
wherein the source of energy holes is a single cation having 
an ionization energy of 27.21 eV with hydrogen or hydrino 
atoms, the energy transfer efficiency is one. Rubidium (Rb*) 
is an electrocatalytic ion with a second ionization energy of 
27.28 eV. The power for the reaction given by Eqs. (5.9). 
(5.10), and (5.8) with the substitution of 


E=1, p=1, m=1, V=1 m°, N,=3x10**, N.=3x107", m,=1.4x102 


kg, 1,=2.16x107*" m, T=675 K (6.47) 
into Eq. (6.46) is 
Pm p=55 GW (55 kW/cm”) (6.48) 


In the case that the catalytic reaction of hydrogen to lower- 
energy states occurs on a surface, the energy transfer effi- 
ciency is less than one due to differential surface interactions 
of the absorbed hydrogen or hydrino atoms and the electro- 
catalytic ion. The power given by Eqs. (6.46) and (6.47) with 


E=0.001 (6.49) 


1S 


Pinp=55 MW (55 W/cm?) (6.50) 


Less efficient catalytic systems hinge on the coupling of 
three resonator cavities. For example, an electron transfer 
occurs between two cations which comprises an energy hole 
for a hydrogen or hydrino atom. The reaction rate is depen- 
dent on the collision rate between catalytic cations and 
hydrogen or hydrino atoms and the efficiency of resonant 
energy transfer with a concomitant electron transfer with 
each shrinkage reaction. The rate of the catalytic reaction, 
Tmp» tO Cause resonant shrinkage is given by the product of 
the collision rate per unit volume, 


Ly [ez |Catatyst > 


the volume, V, and the efficiency, E,, of resonant energy 
transfer given by Eq. (6.37) where r is given by the average 
distance between cations in the reaction vessel. 


an 2 1 1 y2 Ny Nc (6.51) 
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The power, P,,, p 18 given by the product of the rate of the 
transition, Eq. (6.51), and the energy of the transition, Eq. 


(5.8). 
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(6.52) 
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A catalytic system that hinges on the coupling of three 
resonator cavities involves potassium. For example, the 
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second ionization energy of potassium is 31.63 eV. This 
energy hole is obviously too high for resonant absorption. 
However, K* releases 4.34 eV when it is reduced to K. The 
combination of K* to K** and K* to K, then, has a net energy 
change of 27.28 eV. Consider the case of a gas phase 
catalytic shrinkage reaction of hydrogen or hydrino atoms 
by potassium ions as the electrocatalytic couple having an 
energy hole of 27.28 eV. The energy transfer efficiency is 
given by Eq. (6.37) where r is given by the average distance 
between cations in the reaction vessel. When the K* con- 
centration 1s 


a 
m?” 


r is approximately 5x10~° m. For J=1, D,,=1, k*=1, 1,=107 
13 sec (based on the vibrational frequency of KH”), and m=1 
in Eq. (5.8), the energy transfer efficiency, E., is approxi- 
mately 0.001. The power for the reaction given by Eqs. 
(5.13), (5.14), and (5.8) with the substitution of 


E=0.001, p=1, m=1, V=1 m3, N,,=3x10?2, N-=3x107!, m,=6.5x 


1072 kg, 1,.=1.38x1071% m, T=675 K (6.53) 
into Eq. (6.52) is 
P,, ,=300 MW (300 W/cm?) (6.54) 


Gas Discharge Energy Reactor 

A gas discharge energy reactor comprises a hydrogen 
isotope gas filled glow discharge vacuum chamber 300 of 
FIG. 8 including an ozonizer-type capacitor, a hydrogen 
source 322 which supplies hydrogen to the chamber 300 
through control valve 325, and a voltage and current source 
330 to cause current to pass between a cathode 305 and an 
anode 320. In one embodiment comprising an ozonizer-type 
capacitor gas discharge cell, one of the electrodes can be 
shielded by a dielectric barrier such as glass or a ceramic 
moiety. In a preferred embodiment, the cathode further 
comprises a source of energy holes of approximately 
mX27.21 eV to cause atomic hydrogen “shrinkage” and/or 
approximately mX48.6 eV to cause molecular hydrogen 
“shrinkage” where m is an integer (including the electro- 
catalytic ions and couples described in my previous U.S. 
patent applications entitled “Energy/Matter Conversion 
Methods and Structures’, Ser. No. 08/467,051 filed on Jun. 
6, 1995 which is a continuation-in-part application of Ser. 
No. 08/416,040 filed on Apr. 3, 1995 which is a 
continuation-in-part application of Ser. No. 08/107,357 filed 
on Aug. 16, 1993, which is a continuation-in-part applica- 
tion of Ser. No. 08/075,102 (Dkt. 99437) filed on Jun. 11, 
1993, which is a continuation-in-part application of Ser. No. 
07/626,496 filed on Dec. 12, 1990 which is a continuation- 
in-part application of Ser. No. 07/345,628 filed Apr. 28, 1989 
which is a continuation-in-part application of Ser. No. 
07/341,733 filed Apr. 21, 1989 which are incorporated by 
reference). A preferred cathode 305 for shrinking hydrogen 
atoms is a palladium cathode whereby a resonant energy 
hole can be provided by the ionization of electrons from 
palladium to the discharge current. A second preferred 
cathode 305 for shrinking hydrogen atoms comprises a 
source of energy holes via electron transfer to the discharge 
current including at least one of beryllium, copper, platinum, 
zinc, and tellurium and a hydrogen dissociating means such 
as a source of electromagnetic radiation including UV light 
provided by photon source 350 or a hydrogen dissociating 
material including the transition elements and inner transi- 
tion elements, iron, platinum, palladium, zirconium, 
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vanadium, nickel, titanium, Sc, Cr, Mn, Co, Cu, Zn, Y, Nb, 
Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, W, Re, Os, Ir, Au, Hg, 
Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, Ho, Er, Tm, Vb, Lu, 
Th, Pa, U, activated charcoal (carbon), and intercalated Cs 
carbon (graphite). The reactor further comprises a means to 
control the energy dissipated in the discharge current when 
electrons are transferred from an electron donating species 
to provide an energy hole for hydrogen atoms (molecules) 
including pressure controller means 325 and current 
(voltage) source 330. The gas discharge energy reactor 
further comprises a means 301 to remove the (molecular) 
lower-energy hydrogen such as a selective venting valve to 
prevent the exothermic shrinkage reaction from coming to 
equilibrium. 

In another embodiment of the gas discharge energy 
reactor, the source of energy hole can be one of a inelastic 
photon or particle scattering reaction(s). In a preferred 
embodiment the photon source 350 supplies the energy 
holes where the energy hole corresponds to stimulated 
emission by the photon. In the case of a reactor which 
shrinks hydrogen atoms, the photon source 350 dissociates 
hydrogen molecules into hydrogen atoms. The photon 
source producing photons of at least one energy of approxi- 
mately mX27.21 eV, 


m 
3 x27.21 eV, 


or 40.8 eV causes stimulated emission of energy as the 
hydrogen atoms undergo the shrinkage reaction. In another 
preferred embodiment, a photon source 350 producing pho- 
tons of at least one energy of approximately mX48.6 eV, 
95.7 eV, or mX31.94 eV causes stimulated emission of 
energy as the hydrogen molecules undergo the shrinkage 
reaction. 

In another embodiment, a magnetic field can be applied 
by magnetic field generator 75 of FIG. 5 to produce a 
magnetized plasma of the gaseous ions which can be a 
nonlinear media. Coupling of resonator cavities and 
enhancement of the transfer of energy between them can be 
increased when the media is nonlinear. Thus, the reaction 
rate (transfer of the resonance shrinkage energy of the 
hydrogen atoms to the energy holes, the electrocatalytic ions 
or couples) can be increased and controlled by providing and 
adjusting the applied magnetic field strength. 

In one embodiment of the method of operation of the gas 
discharge energy reactor, hydrogen from source 322 can be 
introduced inside of the chamber 300 through control valve 
325. A current source 330 causes current to pass between a 
cathode 305 and an anode 320. The hydrogen contacts the 
cathode which comprises a source of energy holes of 
approximately mX27.21 eV to cause atomic hydrogen 
“shrinkage” and approximately mX48.6 eV to cause 
molecular hydrogen “shrinkage” where m is an integer. In a 
preferred embodiment, electrons are transferred from an 
electron donating species present on the cathode 305 to the 
discharge current to provide energy holes for hydrogen 
atoms (molecules). In the case of a reactor which shrinks 
hydrogen atoms, the molecular hydrogen can be dissociated 
into atomic hydrogen by a dissociating material on the 
cathode 305 or by a source of electromagnetic radiation 
including UV light provided by photon source 350 such that 
the dissociated hydrogen atoms contact a source of energy 
holes including a molten, liquid, gaseous, or solid source of 
the energy holes. The atomic (molecular) hydrogen releases 
energy as its electrons are stimulated to undergo transitions 
to lower energy levels by the energy holes. The energy 
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dissipated in the discharge current when electrons are trans- 
ferred from an electron donating species can be controlled to 
provide an energy hole equal to the resonance shrinkage 
energy for hydrogen atoms (molecules) by controlling the 
gas pressure from source 322 with pressure controller means 
325 and the voltage with the current (voltage) source 330. 
The heat output can be monitored with thermocouples 
present in at least the cathode 305, the anode 320, and the 
heat exchanger 60 of FIG. 5. The output power can be 
controlled by a computerized monitoring and control system 
which monitors the thermistors and controls the means to 
alter the power output. The (molecular) lower-energy hydro- 
gen can be removed by a means 301 to prevent the exother- 
mic shrinkage reaction from coming to equilibrium. 

In another embodiment of the gas discharge energy 
reactor, a preferred cathode 305 comprises the catalytic 
material including a spillover catalyst described in the 
Pressurized Gas Energy Reactor Section. 

Another embodiment of the gas discharge energy reactor 
comprises a gaseous source of energy holes wherein the 
shrinkage reaction occurs in the gas phase, and the gaseous 
hydrogen atoms are provided by a discharge of molecular 
hydrogen gas. In a further embodiment the gaseous source 
of energy holes can be provided by a discharge current 
which produces the gaseous source of energy holes 
(electrocatalytic ion or couple) such as a discharge in 
potassium metal to form K*/K*, rubidium metal to form 
Rb*, or titanium metal to form Ti**. The embodiment 
comprises a hydrogen isotope gas filled glow discharge 
chamber 300. The glow discharge cell can be operated at an 
elevated temperature such this the source of energy holes 
(electrocatalytic ion or couple) can be sublimed, boiled, or 
volatilized into the gas phase. In an embodiment, the coun- 
terion of the source of energy holes (electrocatalytic ion or 
couple) can be the hydride anion (H7) such as rubidium 
hydride (Rb* electrocatalytic ion) and/or potassium hydride 
(K*/K* electrocatalytic couple). 

In an embodiment, the source of energy holes can be an 
electrocatalytic ion or electrocatalytic couple comprising 
cation-anion pairs in the gas phase wherein the cation-anion 
pairs are dissociated by external source means 75 of FIG. 5 
which includes, for example, a particle source 755 and/or 
photon source 75a and/or a source of heat, acoustic energy, 
electric fields, or magnetic fields. In a preferred 
embodiment, the cation-anion pairs are thermally dissoci- 
ated by heat source 75 of FIG. 5 or photodissociated by 
photon source 350 of FIG. 8. 

Refrigeration Means 

A further embodiment of the present invention comprises 
a refrigeration means which comprises the electrolytic cell 
of FIG. 6, the pressurized hydrogen gas cell of FIG. 7, and 
the hydrogen gas discharge cell of FIG. 8 of the present 
invention wherein a source of lower-energy atomic 
(molecular) hydrogen is supplied rather than a source of 
normal hydrogen. The lower-energy hydrogen atoms are 
reacted to a higher energy state with the absorption of heat 
energy according to the reverse of the catalytic shrinkage 
reaction such as those given by Eqs. (4-6); (7-9); (10-12); 
(13-15); (16-18); (48-50); (51-53); (54-56); (57-59); 
(60-62), (63-65), (66-68), (69-71), (72-74), and (75-77). 
The lower-energy hydrogen molecules are reacted to a 
higher energy state with the absorption of heat energy 
according to the reverse of the catalytic shrinkage reaction 
such as that given by Eqs. (78-80); (81-83); (84-86); 
(88-90), and (91-93). In this embodiment, means 101, 201 
and 301 of FIGS. 6, 7, and 8, respectively, serve to remove 
the normal hydrogen such as a selective venting valves to 
prevent the endothermic reaction from coming to equilib- 
rium. 
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Compositions of Matter Comprising at Least Lower-Energy 
Hydrogen Atom(s) and/or Lower-energy Hydrogen 
Molecule(s) 

The present invention further comprises molecules con- 
taining lower-energy hydrogen atoms. Lower-energy hydro- 
gen can be reacted with any atom of the periodic chart or 
known organic or inorganic molecule or compound or metal, 
nonmetal, or semiconductor to form an organic or inorganic 
molecule or compound or metal, nonmetal, or semiconduc- 
tor containing lower-energy hydrogen atoms and molecules. 
The reactants with lower-energy hydrogen include neutral 
atoms, negatively or positively charged atomic and molecu- 
lar ions, and free radicals. For example, lower-energy hydro- 
gen can be reacted with water or oxygen to form a molecule 
containing lower-energy hydrogen and oxygen, and lower- 
energy hydrogen can be reacted with singly ionized helium 
to form a molecule containing helium and lower-energy 
hydrogen. Lower-energy hydrogen can be also reacted with 
metals. In one embodiment of the electrolytic cell energy 
reactor, lower-energy hydrogen produced during operation 
at the cathode can be incorporated into the cathode by 
reacting with it; thus, a metal-lower-energy hydrogen mate- 
rial can be produced. In all such reactions, the reaction rate 
and product yield are increased by applying heat, and/or 
pressure. 

Lower-energy hydrogen molecules (dihydrinos) are puri- 
fied from hydrogen gas by combustion of the normal hydro- 
gen. Oxygen can be mixed with the sample to be purified, 
and the sample can be ignited. In a second embodiment of 
the method of dihydrino purification, the sample can be 
flowed over a hydrogen recombiner which reacts with the 
normal hydrogen in the gas stream to form water. In a third 
embodiment, lower-energy hydrogen molecules 
(dihydrinos) are collected in a cathode of an electrolytic 
energy reactor of the present invention such as a metal 
cathode including a nickel cathode or a carbon cathode. The 
cathode can be heated in a vessel to a first temperature which 
causes normal hydrogen to preferentially off gas by external 
heating or by flowing a current through the cathode. The 
normal hydrogen can be pumped off, then the cathode can be 
heated to a second higher temperature at which dihydrino 
gas can be released and collected. In a fourth embodiment, 
the gas sample is purified by cryofiltration including gas 
chromatography at low temperature such as gas chromatog- 
raphy with an activated carbon (charcoal) column at liquid 
nitrogen temperature and with a column which will separate 
para from ortho hydrogen such as an Rt-Alumina column, or 
a HayeSep column at liquid nitrogen temperature wherein 
normal hydrogen can be retained to a greater extent than 
dihydrino. In a fifth embodiment, the gas sample is purified 
by cryodistillation wherein normal hydrogen can be lique- 
fied and separated from gaseous lower-energy hydrogen 
(dihydrino). The dihydrino can be concentrated by liquefac- 
tion in liquid helium. 


EXPERIMENTAL VERIFICATION OF THE 
PRESENT THEORY 


EXAMPLE 1 


The article by Mills and Good [Mills, R., Good, W., 
“Fractional Quantum Energy Levels of Hydrogen”, Fusion 
Technology, Vol. 28, No. 4, November, (1995), pp. 
1697-1719] describes the determination of excess heat 
release during the electrolysis of aqueous potassium carbon- 
ate by the very accurate and reliable method of heat 
measurement, flow calorimetry; describes the experimental 
identification of hydrogen atoms in fractional quantum 
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energy levels—hydrinos—by X-ray Photoelectron Spectros- 
copy (XPS); describes the experimental identification of 
hydrogen atoms in fractional quantum energy levels— 
hydrinos—by emissions of soft x-rays from dark matter; 
describes the experimental identification of hydrogen mol- 
ecules in fractional quantum energy levels—dihydrino mol- 
ecules by high resolution magnetic sector mass spectroscopy 
with ionization energy determination, and gives a summary. 
In Summary 

The complete theory which predicts fractional quantum 
energy levels of hydrogen and the exothermic reaction 
whereby lower-energy hydrogen is produced is given else- 
where [Mills, R., The Grand Unified Theory of Classical 
Quantum Mechanics, (1995), Technomic Publishing 
Company, Lancaster, Pa., provided by HydroCatalysis 
Power Corporation, Great Valley Corporate Center, 41 Great 
Valley Parkway, Malvern, Pa., 19355, R. Mills; Unification 
of Spacetime, the Forces, Matter, and Energy (Technomic 
Publishing Company, Lancaster, Pa., 1992)]. 

Excess power and heat were observed during the elec- 
trolysis of aqueous potassium carbonate. Flow calorimetry 
of pulsed current electrolysis of aqueous potassium carbon- 
ate at a nickel cathode was performed in a single-cell dewar. 
The average power out of 24.6 watts exceeded the average 
input power (voltage times current) of 4.73 watts by a factor 
greater than 5. The total input energy (integration of voltage 
times current) over the entire duration of the experiment was 
5.72 MJ; whereas, the total output energy was 29.8 MJ. No 
excess heat was observed when the electrolyte was changed 
from potassium carbonate to sodium carbonate. The source 
of heat is assigned to the electrocatalytic, exothermic reac- 
tion whereby the electrons of hydrogen atoms are induced to 
undergo transitions to quantized energy levels below the 
conventional “ground state”. These lower energy states 
correspond to fractional quantum numbers: n=, 43, Y, ... 
. Transitions to these lower energy states are stimulated in 
the presence of pairs of potassium ions (K*/K* electrocata- 
lytic couple) which provide 27.2 eV energy sinks. 

The identification of the n= hydrogen atom , H(n=%) is 
reported. Samples of the nickel cathodes of aqueous potas- 
sium carbonate electrolytic cells and aqueous sodium car- 
bonate electrolytic cells were analyzed by XPS. A broad 
peak centered at 54.6 eV was present only in the cases of the 
potassium carbonate cells. The binding energy (in vacuum) 
of H(n=%) is 54.4 eV. Thus, the theoretical and measured 
binding energies for H(n=%) are in excellent agreement. 

Further experimental identification of hydrinos—down to 
H(n='s)—can be found in the alternative explanation by 
Mills et al. for the soft X-ray emissions of the dark inter- 
stellar medium observed by Labov and Bowyer [S. Labov 
and S. Bowyer, Astrophysical Journal, 371 (1991) 810] of 
the Extreme UV Center of the University of California, 
Berkeley. The agreement between the experimental spec- 
trum and the energy values predicted for the proposed 
transitions 1s remarkable. 

The reaction product of two H(n=%) atoms, the dihydrino 
molecule, was identified by mass spectroscopy (Shrader 
Analytical & Consulting Laboratories). The mass spectrum 
of the cryofiltered gases evolved during the electrolysis of a 
light water K,CO, electrolyte with a nickel cathode dem- 
onstrated that the dihydrino molecule, H,(n="4), has a higher 
ionization energy, about 63 eV, than normal molecular 
hydrogen, H,(n=1), 15.46 eV. The high resolution (0.001 
AMU) magnetic sector mass spectroscopic analysis of the 
postcombustion gases indicated the presence of two peaks of 
nominal mass two at 70 eV and one peak at 25 eV. The same 
analysis of molecular hydrogen indicates only one peak at 
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25 eV and one peak at 70 eV. In the case of the postcom- 
bustion sample at 70 eV, one peak was assigned as the 
hydrogen molecular ion peak, H,*(n=1), and one peak was 
assigned as the dihydrino molecular peak, H,*(n=) which 
has a slightly larger magnetic moment. 


EXAMPLE 2 


In the January 1994 edition of Fusion Technology, [ Mills, 
R., Good, W., Shaubach, R., “Dihydrino Molecule 
Identification”, Fusion Technology, 25, 103 (1994)] Mills et 
al. review and present three sets of data of heat production 
and “ash” identification including the work of HydroCataly- 
sis Power Corporation (Experiments #1-#3) and 
Thermacore, Inc. (Experiments #4—#14). 

In Summary 

Mills et al. report the experimental evidence supporting 
the Mills theory that an exothermic reaction occurs wherein 
the electrons of hydrogen atoms and deuterium atoms are 
stimulated to relax to quantized potential energy levels 
below that of the “ground state” via electrochemical reac- 
tants K* and K*; Pd** and Li*, or Pd and O, of redox energy 
resonant with the energy hole which stimulates this transi- 
tion. Calorimetry of pulsed current and continuous electroly- 
sis of aqueous potassium carbonate (K*/K* electrocatalytic 
couple) at a nickel cathode was performed. The excess 
power out of 41 watts exceeded the total input power given 
by the product of the electrolysis voltage and current by a 
factor greater than 8. The “ash” of the exothermic reaction 
is atoms having electrons of energy below the “ground state” 
which are predicted to form molecules. The predicted mol- 
ecules were identified by lack of reactivity with oxygen, by 
separation from molecular deuterium by cryofiltration, and 
by mass spectroscopic analysis. 

The combustion of the gases evolved during the elec- 
trolysis of a light water K,CO, electrolyte (K*/K* electro- 
catalytic couple) with a nickel cathode was incomplete. The 
mass spectroscopic analysis (Air Products & Chemicals, 
Inc.) of uncombusted gases demonstrated that the species 
predominantly giving rise to the m/e=2 peak must have a 
different m/e=1 to m/e=2 production efficiency than hydro- 
gen. And, the further mass spectroscopic analysis of the 
m/e=2 peak of the uncombusted gas demonstrated that the 
dihydrino molecule, H,(n=%), has a higher ionization 
energy than H,. 

According to the analysis by Mills et al. of the raw data, 
Miles of the China Lake Naval Air Warfare Center Weapons 
Division observed the dideutrino molecule as a species with 
a mass to charge ratio of four and having a higher ionization 
potential than normal molecular deuterium. Miles was using 
mass spectroscopy to analyze the cryofiltered gases evolved 
from excess power producing electrolysis cells (palladium 
cathode and a LiOD/D.O electrolyte; an electrocatalytic 
couple of 27.54 eV). [B. F. BUSH, J. J. LAGOWSKI, M. H. 
MILES, and G. S. OSTROM, “Helium Production During 
the Electrolysis of D,O in Cold Fusion Experiments”, J. 
Electroanal. Chem., 304, 271 (1991); M. H. MILES, B. F. 
BUSH, G. S. OSTROM, and J. J. LAGOWSKI, “Heat and 
Helium Production in Cold Fusion Experiments”, Proc. 
Conf. The Science of Cold Fusion, Como, Italy, Jun. 29—Jul. 
4, 1991, p. 363, T. BRESSANIT, E. DEL GIUDICE, and G. 
PREPARATA, Eds., SIF (1991); M. H. MILES, R. A. 
HOLLINS, B. F. BUSH, J. J. LAGOWSKL and R. E. J. 
MILES, “Correlation of Excess Power and Helium Produc- 
tion During D,O and H,O Electrolysis Using Palladium 
Cathodes”, J. Electroanal. Chem., 346, 99 (1993); M. H. 
MILES and B. F. BUSH, “Search for Anomalous Effects 
Involving Excess Power and Helium During D,O Electroly- 
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sis Using Palladium Cathodes,” Proc. 3rd Int. Conf. Cold 
Fusion, Nagoya, Japan, Oct. 21-25, 1992, p. 189]. 

Palladium sheets coated on one side with a hydrogen 
impermeant gold layer and coated on the other surface with 
an oxide coat (MnO,, ALO, , SiO, ) were deuterium or hydro- 
gen loaded at NTT Laboratories. Heat was observed from 
light and heavy hydrogen only when the mixed oxide coat 
was present (Pd/O, electrocatalytic couple). The high reso- 
lution (0.001 AMU) quadrapole mass spectroscopic analysis 
of the gases released when a current was applied to a 
deuterium (99.9%) loaded MnO, coated palladium sheet 
indicate the presence of a large shoulder on the D, peak 
which Mills et al. assign to the dideutrino molecule, D,(n= 
14). [E. YAMAGUCHI and T. NISHIOKA, “Direct Evidence 
for Nuclear Fusion Reactions in Deuterated Palladium,” 
Proc. 3rd Int. Conf. Cold Fusion,, Nagoya, Japan, October 
21-25, 1992, p. 179; E. YAMAGUCHI and T. NISHIOKA, 
“Helium-4 Production from Deuterated Palladium at Low 
Energies,” NTT Basic Research Laboratories and IMRA 
Europe S. A., Personal Communication (1992)]. 


EXAMPLE 3 


Pennsylvania State University has determined excess heat 
release from flowing hydrogen in the presence of nickel 
oxide powder containing strontium niobium oxide (Nb?*/ 
Sr”* electrocatalytic couple) by the very accurate and reli- 
able method of heat measurement, thermopile conversion of 
heat into an electrical output signal [ Phillips, J., “A Calori- 
metric Investigation of the Reaction of Hydrogen with 
Sample PSU +1”, Sep. 11, 1994, A Confidential Report 
submitted to HydroCatalysis Power Corporation provided 
by HydroCatalysis Power Corporation, Great Valley Corpo- 
rate Center, 41 Great Valley Parkway, Malvern, Pa. 19355]. 
Excess power and heat were observed with flowing hydro- 
gen over the catalyst which increased with increasing flow 
rate. However, no excess power was observed with flowing 
helium over the catalyst/nickel oxide mixture or flowing 
hydrogen over nickel oxide alone. As shown in FIG. 9, 
approximately 10 cc of nickel oxide powder containing 
strontium niobium oxide immediately produced 0.55 W of 
steady state output power at 523° K. When the gas was 
switched from hydrogen to helium, the power immediately 
dropped. The switch back to hydrogen restored the excess 
power output which continued to increase until the hydrogen 
source cylinder emptied at about the 40,000 second time 
point. With no hydrogen flow the output power fell to zero. 


The source of heat is assigned to the electrocatalytic, 
exothermic reaction whereby the electrons of hydrogen 
atoms are induced to undergo transitions to quantized energy 
levels below the conventional “ground state”. These lower 
energy states correspond to fractional quantum numbers: 
n=, Ya, %4,.... Transitions to these lower energy states are 
stimulated in the presence of pairs of niobium and strontium 
ions (Nb?*/Sr”* electrocatalytic couple) which provide 27.2 
eV energy sinks. 


EXAMPLE 4 


The article in the Spectral Data of Hydrinos from the Dark 
Interstellar Medium and from the Sun Section of Mills 
[ Mills, R., The Grand Unified Theory of Classical Quantum 
Mechanics, (1995), Technomic Publishing Company, 
Lancaster, Pa.] describes the experimental identification of 
hydrogen atoms in fractional quantum energy levels— 
hydrinos—by emissions of soft X-rays from dark matter and 
the Sun; provides a resolution to the Solar Neutrino 
Problem, the Temperature of the Solar Corona Problem, the 
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Broadening of the Hydrogen 911.8 Å Line Problem, the 
Temperature of the Transition from “Radiation Zone” to 
“Convection Zone” Problem, the Cool Carbon Monoxide 
Clouds Problem, the Stellar Age Problem, the Solar Rotation 
Problem, the Solar Flare Problem, and the problem of the 
ionizing energy source of hydrogen planets, and describes 
the experimental identification of hydrogen atoms in frac- 
tional quantum energy levels—hydrinos—by spin/nuclear 
hyperfine structure transition energies obtained by COBE 
for which no other satisfactory assignment exists. 


In Summary 


As shown in Table 1 Mills [Mills, R., The Grand Unified 
Theory of Classical Quantum Mechanics, (1995), Tech- 
nomic Publishing Company, Lancaster, Pa.], hydrogen tran- 
sitions to electronic energy levels below the “ground” state 
corresponding to fractional quantum numbers predicted by 
Mills’ theory match the spectral lines of the extreme ultra- 
violet background of interstellar space. And, hydrogen dis- 
proportionation reactions yield ionized hydrogen, energetic 
electrons, and hydrogen ionizing radiation. This assignment 
resolves the paradox of the identity of dark matter and 
accounts for many celestial observations such as: diffuse Ha 
emission is ubiquitous throughout the Galaxy, and wide- 
spread sources of flux shortward of 912 Á are required 
[Labov, S., Bowyer, S., “Spectral observations of the 
extreme ultraviolet background”, The Astrophysical Journal, 
371, (1991), pp. 810-819]. 


Further experimental identification of hydrinos-down to 
H(n='s)—can be found in the alternative explanation by 
Mills for the soft X-ray emissions of the dark interstellar 
medium observed by Labov and Bowyer [S. Labov and S. 
Bowyer, Astrophysical Journal, 371 (1991) 810] of the 
Extreme UV Center of the University of California, Berke- 
ley. The agreement between the experimental spectrum and 
the energy values predicted for the proposed transitions is 
remarkable. 


The paradox of the paucity of solar neutrinos to account 
for the solar energy output by the pp chain is resolved by 
assigning a major portion of the solar output to lower-energy 
hydrogen transitions. The photosphere of the Sun is 6000 K; 
whereas, the temperature of the corona based on the assign- 
ment of the emitted X-rays to highly ionized heavy elements 
is in excess of 10° K. No satisfactory power transfer 
mechanism is known which explains the excessive tempera- 
ture of the corona relative to that of the photosphere. The 
paradox is resolved by the existence of a power source 
associated with the corona. The energy which maintains the 
corona at a temperature in excess of 10° K is that released 
by disproportionation reactions of lower-energy hydrogen as 
given by Eqs. (13-15). In Table 2 of Mills, the energy 
released by the transition of the hydrino atom with the initial 
lower-energy state quantum number p and radius 


ay 


p 


to the state with lower-energy state quantum number (p+m) 
and radius 


ay 
(p +m) 


catalyzed by a hydrino atom with the initial lower-energy 
state quantum number m’, initial radius 
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ay 
m 


and final radius az, are given in consecutive order of energy 
from the 1% H transition to the Yo H transition. The 
agreement between the calculated and the experimental 
values is remarkable. Furthermore, many of the lines of 
Table 2 had no previous assignment, or the assignment was 
unsatisfactory [ Thomas, R. J., Neupert. W., M., Astrophysi- 
cal Journal Supplement Series, Vol. 91, (1994), pp. 461-482; 
Malinovsky, M., Heroux, L., Astrophysical Journal, Vol. 
181, (1973), pp. 1009-1030; Noyes, R., The Sun, Our Star, 
Harvard University Press, Cambridge, Ma., (1982), p. 172; 
Phillips, J. H., Guide to the Sun, Cambridge University 
Press, Cambridge, Great Britain, (1992), pp. 118-119; 
120-121; 144-145]. The calculated power of 4x10°° W 
matches the observed power output of 4x10% W. 

The broadening of the solar HI911.8 Á line (911.8 Á to 
=600 A) is six times that predicted based on the thermal 
electron energy at the surface of the photosphere (T=6,000 
K) where the HI 911.8 A continuum originates, and based on 
the relative width of the helium continuum lines, He I 504.3 
A (He I 504.3 Å to =530 Å) and He II 227.9 Á (He II 227.9 
Å to =225 Å) [Thomas, R. J., Neupert, W., M., Astrophysical 
Journal Supplement Series, Vol. 91, (1994), pp. 461-482; 
Stix, M., The Sun, Springer-Verlag, Berlin, (1991), pp. 
351-356; Malinovsky, M., Heroux, L.. Astrophysical 
Journal, Vol. 181, (1973), pp. 1009-1030; Noyes, R., The 
Sun, Our Star, Harvard University Press, Cambridge, Ma., 
(1982), p. 172; Phillips, J. H., Guide to the Sun, Cambridge 
University Press, Cambridge, Great Britain, (1992), pp. 
118-119; 120-121; 144-145]. The latter lines are propor- 
tionally much narrower; yet, the corresponding temperatures 
of origin must be higher because the transitions are more 
energetic. Furthermore, the H 911.8 A continuum line of the 
spectrum of a prominence is about one half the width of the 
same line of the quiet Sun spectrum. Yet, the temperature 
rises to greater than 10,000 K in a prominence. The problem 
of the anomalous spectral feature of the excessive broaden- 
ing of the continuum line of hydrogen to higher energies can 
be resolved by assignment of the broadening mechanism to 
energetic disproportionation reactions involving hydrogen 
atoms as reactants. 

The reaction product, lower-energy hydrogen, can be 
reionized as it is diffuses towards the center of the Sun. The 
abrupt change in the speed of sound and transition from 
“radiation zone” to “convection zone” at a radius of 0.7 the 
solar radius, 0.7 R,, with a temperature of 2x10° K matches 
the ionization temperature of lower-energy hydrogen. 

Another spectroscopic mystery concerns an infrared 
absorption band of the chromosphere at a wavelength of 4.7 
um which was previously assigned to carbon monoxide 
despite the implausibility of its existence in the observed 
region which has a temperature above that at which carbon 
monoxide would break up into its constituent carbon and 
oxygen atoms. This problem can be resolved by assignment 
of the broad 4.7 um feature to a temperature broadened 
rotational transition of a molecular ion of lower-energy 
hydrogen. The assignment of the 4.7 um absorption line to 
the J=0 to J=1 transition rotational transition of H, [2c'= 
3a,]" provides a resolution of the problem of cool carbon 
monoxide clouds. 

Modeling how stars evolve leads to age estimates for 
some stars that are greater than the age of the universe. 
Mills’ theory predicts that presently, stars exist which are 
older than the elapsed time of the present expansion as 
stellar evolution occurred during the contraction phase. 
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General Relativity provides a resolution to the problem of 
the loss of angular momentum of the core which is in 
agreement with the current Solar models and helioseismol- 
ogy data. The photon transfer of momentum to expanding 
spacetime mechanism provides a resolution to the solar 
rotation problem of the slowly rotating Solar core. 

Further stellar evidence of disproportionation reactions is 
the emission of extreme ultraviolet radiation by young stars 
called A stars. They appear to have energetic, ultraviolet- 
emitting upper atmospheres, or coronas, even though 
astronomers believe such stars lack the ability to heat these 
regions. 

Numerous late-type stars, particularly dM stars, are 
known to flare from time to time at visible and X-ray 
wavelengths. An extremely pronounced flare was observed 
by the Extreme Ultraviolet Explorer (EUVE) Deep Survey 
telescope on the star AU Microscopii at a count of 20 times 
greater than that at quiescence [Bowyer, S., Science, Vol. 
263, (1994), pp. 55-59]. Emission lines in the extreme 
ultraviolet were observed for which there is no satisfactory 
assignment. These spectral lines match hydrogen transitions 
to electronic energy levels below the “ground” state corre- 
sponding to fractional quantum numbers as shown in Table 
3 of Mills. The lines assigned to lower-energy hydrogen 
transitions increased significantly in intensity during the 
flare event. The data is consistent with disproportionation 
reactions of lower-energy hydrogen as the mechanism of 
solar flare activity. 

Planetary evidence of disproportionation reactions is the 
emission of energy by Jupiter, Saturn, and Uranus in excess 
of that absorbed from the Sun. Jupiter is gigantic ball of 
gaseous hydrogen. Saturn and Uranus are also largely com- 
prised of hydrogen. H,” is detected from all three planets by 
infrared emission spectroscopy [J. Tennyson, Physics World, 
July, (1995), pp. 33-36]. Disproportionation reactions of 
hydrogen yield ionizing electrons, energy, and ionized 
hydrogen atoms. Ionizing electrons and protons can both 
react with molecular hydrogen to produce H,* 

The spin/nuclear hyperfine structure transition energies of 
lower-energy hydrogen match closely certain spectral lines 
obtained by COBE [E. L. Wright, et. al., The Astrophysical 
Journal, 381, (1991), pp. 200-209; J. C. Mather, et. al., The 
Astrophysical Journal, 420, (1994), pp. 439—444] for which 
no other satisfactory assignment exists. 


EXAMPLE 5 


Pennsylvania State University has determined excess heat 
release from flowing hydrogen in the presence of ionic 
hydrogen spillover catalytic material: 40% by weight potas- 
sium nitrate (KNO,) on graphitic carbon powder with 5% by 
weight 1%-Pd-on-graphitic carbon (K*/K* electrocatalytic 
couple) by the very accurate and reliable method of heat 
measurement, thermopile conversion of heat into an elec- 
trical output signal [Phillips, J., Shim, H., “Additional 
Calorimetric Examples of Anomalous Heat from Physical 
Mixtures of K/Carbon and Pd/Carbon”, Jan. 1, 1996, A 
Confidential Report submitted to HydroCatalysis Power 
Corporation provided by HydroCatalysis Power 
Corporation, Great Valley Corporate Center, 41 Great Valley 
Parkway, Malvern, Pa. 19355]. Excess power and heat were 
observed with flowing hydrogen over the catalyst. However, 
no excess power was observed with flowing helium over the 
catalyst mixture. Rates of heat production were reproducibly 
observed which were higher than that expected from the 
conversion of all the hydrogen entering the cell to water, and 
the total energy observed was over four times larger than 
that expected if all the catalytic material in the cell were 


——————————————— 


wafers puts the entire chassis at the potential of the positive supply 
input. 

Normally, I would have insulated the transistor collectors 
from the sink but there is a good reason for not doing so. The 
thermal impedance of the transistor junction to case is 1° C per 
watt. Most insulating wafers have a thermal resistance of at least 
0.5° C per watt. If a wafer were used, the resistances are summed 
to yield a thermal resistance of 1.5° C per watt. The junction 
temperature would rise by fifty percent! Instead, I elected to have 
the positive supply input on the sink and to exercise caution in 
using the unit. The low voltages involved certainly pose no shock 
hazard. 

On the rear panel are located: the power transformer, bridge 
rectifier, filter capacitor, 5-volt regulator, and the driver transistor 
(Q1). The transformer is located at the left end of the rear panel. 
The filter capacitor is in the center of the panel as is the bridge 
rectifier, which is hidden by the capacitor in the photograph. 
Adjacent to the filter capacitor is the 5-V regulator and the driver 
circuit components. U1 and Q1 are both fastened to the rear panel 
for cooling. All small parts such as resistors, capacitors, and diodes 
are mounted with push-in Teflon terminals. Threaded standoffs are 
used for the larger components. 

Not everyone who wishes to build this circuit will be able to 
find a heat sink similar to the one I used. One approach is to use four 
smaller sinks and to mount a load transistor on each. A suitable 
configuration would use four Wakefield Engineering type NC-423 
heat sinks. Individually, these units have a thermal resistance of 
0.8° C per watt so the resistance of the combination would be 0.2° 
C per watt. Such an arrangement would premit inputs of about 150 
watts without forced-air cooling. 


= 24V0C SUPPLY 
AT 10 AMPS OF | ELECTRONIC LOAD 
2-i2¥ BATTERY 


Fig. 1-64. Testing the Power Waster. Ahigh-currentsupply suchasa pair of 
12-V batteries is connected to the load via current-limiting resistor R. The 
resistor should be chosen to limit the current to a few amperes for the 
initial tests. 
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converted to the lowest energy state by “known” chemical 
reactions. Thus, “anomalous” heat, heat of a magnitude and 
duration which could not be explained by conventional 
chemistry, was reproducibly observed. 


EXAMPLE 6 


Excess heat from a pressurized gas energy cell having a 
gaseous source of energy holes has been observed by 
HydroCatalysis Power Corporation [manuscript in progress | 
with low pressure hydrogen in the presence of molybdenum 
iodide (MoL,) (Mo electrocatalytic ion) which was vola- 
tilized at the operating temperature of the cell, 210° C. The 
calorimeter was placed inside a large convection oven that 
maintained the ambient temperature of the cell at the oper- 
ating temperature. The cell comprised a 40 cc stainless steel 
pressure vessel that was surrounded by a 2 inch thick molded 
ceramic thermal insulator. The cell was sealed with a 
vacuum tight flange that had a two hole Buffalo gland for a 
tungsten wire to dissociate molecular hydrogen, a perfora- 
tion for a Type K thermocouple, a “16 inch inlet for hydrogen 
which was connected to a % inch stainless steel tube which 
connected to the hydrogen supply. The flange was sealed 
with a copper gasket. The bottom of the vessel had a 1⁄4" 
vacuum port connected to a stainless steel tube with a valve 
between the cell and a vacuum pump and vacuum gauge. 
Less than one gram of Mol, catalyst was placed in a ceramic 
boat inside the vessel. The vapor pressure of the catalyst was 
estimated to be about 50 millitorr at the operating tempera- 
ture 210° C. The hydrogen pressure of about 200 to 250 
millitorr was controlled manually by adjusting the supply 
through the inlet versus the amount pumped away at the 
outlet where the pressure was monitored in the outlet tube by 
the vacuum gauge. For each run, the total pressure was made 
(including the Mol, pressue in the case of the experimental 
run) precisely 250 millitorr. 


The output power was determined by measuring differ- 
ence between the cell temperature and the ambient oven 
temperature and comparing the result to a calibration curve 
generated by applying power to the inside of the cell with the 
tungsten filament. Excess power of 0.3 watts was observed 
from the 40 cc stainless steel reaction vessel containing less 
than 1 g of Mol, when hydrogen was flowed over the hot 
tungsten wire (~2000° C.). However, no excess power was 
observed when helium was flowed over the hot tungsten 
wire or when hydrogen was flowed over the hot tungsten 
wire with no Mol, present in the cell. Rates of heat pro- 
duction were reproducibly observed which were higher than 
that expected from the conversion of all the hydrogen inside 
the cell to water, and the total energy observed was over 30 
times larger than that expected if all the catalytic material in 
the cell were converted to the lowest energy state by 
“known” chemical reactions. Thus, “anomalous” heat, heat 
of a magnitude and duration which could not be explained 
by conventional chemistry, was reproducibly observed. 


The gaseous contents of the reactor were monitored with 
a mass spectrometer. At the time that excess energy was 
produced corresponding to the case wherein hydrogen was 
flowed over the hot filament, a higher ionizing mass two 
species was observable; whereas, during the control run 
wherein hydrogen was flowed over the hot tungsten wire 
with no Mol, present in the cell, a higher ionizing mass two 
species was not observed. The higher ionizing mass two 
species is was assigned to the dihydrino molecule, 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


We claim: 

1. A cell for extracting energy from hydrogen atoms 
comprising: 

a reaction vessel containing 

gaseous hydrogen atoms; and 

a gaseous catalyst having a net enthalpy of reaction of 

about 27*(p/2) eV, where p is an integer greater than 1. 

2. A cell according to claim 1, wherein said gaseous 
catalyst comprises hydrogen atoms having a binding energy 
of about E,=13.6/n” eV, where n is a fraction whose numera- 
tor is 1 and denominator is an integer greater than 1. 

3. A cell according to claim 1, wherein said cell is 
constructed and arranged to be capable of maintaining the 
reaction, 


mx27.21 eV + a —] 2 a|] 7 
m’ p 
ay 


(p+m) 


H* +e +H +[(p +m) — p? — (m? — 2m)] x 13.6 eV 


Heres AA] +13.6 eV 


ay 
(p+m) 


+ [2pm + m -m*]x 13.6 eV + 13.6 eV 


where m and p are positive non-zero integers, m' is an 
integer greater than 1, and a,, is the radius of the hydrogen 
atom (n=1). 

4. Acell according to claim 1, further comprising a source 
of hydrogen atoms including molecules containing hydro- 
gen atoms, and a second catalyst for disassociating said 
molecules to produce hydrogen atoms. 

5. A cell according to claim 4, wherein said second 
catalyst comprises at least one element selected from the 
group consisting of transition elements, inner transition 
elements, precious metals, refractory metals, lanthanides, 
actinides, and activated charcoal. 

6. A cell according to claim 4, wherein said second 
catalyst is at least one element selected from the group 
consisting of the refractory metals, activated charcoal, 
platinum, palladium, gold, rhenium and iridium. 

7. Acell according to claim 4, further comprising a valve 
for controlling the flow of said molecules over said second 
catalyst. 

8. A cell according to claim 1, wherein said gaseous 
catalyst is formed from a source of gaseous catalyst which 
is adapted to sublime, boil, or volatize when heated. 

9. A cell according to claim 1, wherein said gaseous 
catalyst is formed from a salt. 

10. A cell according to claim 9, wherein said salt is 
selected from the group consisting of halides, sulfates, 
phosphates, carbonates, hydroxides, and sulfides. 

11. A cell according to claim 9, wherein said gaseous 
catalyst is formed from a salt of rubidium or potassium. 

12. A cell according to claim 11, wherein said salt of 
potassium is selected from the group consisting of KF, KCl, 
KBr, KI, K-S., KOH, K,SO,, KCO}, K,PO,, and K,GeF,. 

13. A cell according to claim 11, wherein said salt of 
rubidium is selected from the group consisting of RbF, RbCl, 
RbBr, RbL Rb,S,, RbOH, Rb,SO,, Rb,CO,, and Rb¿PO,. 
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14. A cell according to claim 1, wherein said gaseous 
catalyst comprises a cation having a vapor pressure greater 
than zero when said gaseous catalyst is heated, said cation 
being selected from the group consisting of (K*), (Rb*), 
(Mo**), and (Ti^). 

15. A cell according to claim 1, wherein said gaseous 
catalyst comprises a pair of cations having a vapor pressure 
greater than zero when said gaseous catalyst is heated, said 
pair of cations being selected from the group ewe of: 


>, (Es Me"), (Bi**, AP 


ae Sm'* 
i: vet ae Wee wo » 


+ La? z 
Aa’) (Zn™, 
Pb** 

16. A cell according to claim 1, wherein said gaseous 
catalyst comprises an ionic compound resistant to reduction 
by hydrogen atoms. 

17. A cell according to claim 1, wherein said gaseous 
catalyst is adapted to provide ions. 

18. A cell according to claim 1, wherein said vessel 
includes temperature controlling structure capable of main- 
taining an atomic hydrogen partial pressure of less than 
about 1 torr. 

19. A cell according to claim 1, wherein said vessel 
includes temperature controlling structure capable of main- 
taining said catalyst in molten form. 

20. A cell according to claim 1, wherein said vessel 
includes temperature controlling structure capable of main- 
taining the temperature of said vessel at about 50° C. above 
the melting point of said gaseous catalyst. 

21. A cell according to claim 1, wherein said vessel is 
constructed and arranged to be capable of maintaining the 
hydrogen partial pressure in said vessel at about 200 milli- 
torr. 

22. A cell according to claim 15, wherein said vessel 
includes temperature controlling structure capable of main- 
taining the temperature of said vessel at about 500° C. above 
the melting point of the compound having the highest 
melting point of a plurality of compounds which comprise a 
source of said gaseous catalyst. 

23. A cell according to claim 1, further comprising a valve 
for releasing said catalyst from said vessel. 

24. Acell according to claim 1, further comprising a valve 
for releasing said hydrogen atoms having a binding energy 
of about E,=13.6/n7 eV, where n is a fraction whose numera- 
tor is 1 and denominator is an integer greater than 1. 

25. A cell according to claim 1, wherein said vessel 
includes temperature controlling structure to control a tem- 
perature of said vessel. 

26. A cell according to claim 1, further comprising a 
heater for heating said vessel. 

27. A cell according to claim 1, further comprising a 
catalyst reservoir communicating with said reaction vessel, 
said catalyst reservoir containing said gaseous catalyst or a 
source of gaseous catalyst. 

28. A cell according to claim 27, further comprising a 
heater for heating said catalyst. 

29. A cell according to claim 27, wherein said catalyst 
reservoir is external to said reaction vessel. 

30. Acell according to claim 29, further comprising a flow 
control valve for controlling the flow of said catalyst from 
said catalyst reservoir into said vessel. 
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31. A cell according to claim 1, further comprising a 
chamber for containing hydrogen atoms or a source of 
hydrogen atoms communicating with said reaction vessel. 

32. A cell according to claim 31, further comprising a flow 
control valve for controlling the flow of hydrogen atoms 
from said chamber into said vessel. 

33. A cell according to claim 31 wherein said source of 
hydrogen atoms comprises an internal combustion engine. 

34. A cell according to claim 31, wherein said source of 
hydrogen atoms comprises a tungsten capillary constructed 
and arranged to be heated for dissociating molecules con- 
taining hydrogen atoms to produce said gaseous hydrogen 
atoms. 

35. A cell according to claim 34, further comprising a 
valve for controlling the flow of said molecules over said 
tungsten capillary. 

36. A cell according to claim 31, wherein said source of 
hydrogen atoms comprises an inductively coupled plasma 
flow tube for dissociating molecules containing hydrogen 
atoms to produce hydrogen atoms. 

37. A cell according to claim 36, further comprising a 
valve for controlling the flow of said molecules into said 
inductively coupled plasma flow tube. 

38. A cell according to claim 36, further comprising a 
power controller for controlling the power dissipated in said 
inductively coupled plasma flow tube. 

39. A cell according to claim 1, further comprising a heat 
exchanger for removing said extracted power from said cell. 

40. A cell according to claim 1, further comprising a 
power gauge for measuring the amount of extracted power 
in said cell. 

41. A cell according to claim 1, wherein said source of 
gaseous catalyst comprises an ionic compound which is 
resistant to hydrogen reduction and which is adapted to 
sublime, boil or become volatile when heated. 

42. A cell according to claim 1, wherein said source of 
gaseous catalyst comprises an ionic compound which is 
adapted to sublime, boil or become volatile when heated. 

43. A cell according to claim 1, wherein said source of 
gaseous catalyst comprises an ionic compound which is 
resistant to thermal degradation. 

44. A cell according to claim 1, wherein said gaseous 
catalyst is formed from at least one metal selected from the 
group consisting of Mo, Ti, and Rb. 

45. A cell according to claim 1, wherein said gaseous 
catalyst is formed from at least one salt selected from the 
group consisting of Mol, TiCl, TICL,, SnCl,, SiCL,, PrBr,, 
CaBr,, SrCL,, CrL,, TbL,, SbCL, CrF3, CoCL,, BiCl,, NiCL, 
PdF,, InCl, LaCl,, DyCl,, Lal, Hol,, VF}, PbF,, VOCI, 
Pbl,, LuCl,, PbCL,, Asl,, Hol,, MoCl., SnCl,, Sbl,, CdL, 
AgF,, AgF, Lal, Erl, VCL, BCL, FeCl, TICL, Col, CoF,, 
TH, TIF, BiBr,, ZnBr,, Asl, Dyl,, HOCI,, MgCl, CrCl, 
PrCl,, SrCL, FeCl,, NiCl,, CuCl, SrCl,, MoCL, YCL, 
ZrCl,, CdL, BaL, Hol, Pbl,, PdF», LiF, EuCl,, MgCL, 
ErCl,, MgCl, ErCl,, MgCL, BiCl,, AICL,, CaBr,, SmBr,, 
VaF3, LaCl,, Gdl,, Crl,, Mnl,, YbBr,, FeBr,, NiCL,, AgCl, 
ZnCl,, YbCL,, SeF,, SnCl,, SnF,, Sbl,, Bil,, EuF,, and 
PbCL. 

46. A cell according to claim 1, wherein said catalyst 
comprises potassium and has a net enthalpy of reaction of 
27.28 eV. 

47. A cell according to claim 1, wherein said catalyst has 
a net enthalpy of reaction of about 27.2 eV. 

48. A cell according to claim 1, wherein said cell com- 
prises a source of said gaseous catalyst combined with at 
least one of a hydrocarbon or water disposed such that said 
gaseous catalyst and said gaseous hydrogen atoms are 
capable being formed during combustion. 
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49. A cell according to claim 1, further comprising a 
means for converting a source of catalyst to said gaseous 
catalyst. 

50. A cell according to claim 49, wherein said means for 
converting said source of catalyst to said gaseous catalyst 
comprises at least one of heat, electron-beam energy, photon 
energy, acoustic energy, electric field, or magnetic field. 

51. A cell according to claim 1, further comprising a 
filament coated with a source of gaseous catalyst. 

52. A cell according to claim 1, further comprising a 
source of gaseous hydrogen atoms is selected from the group 
consisting of hydrogen gas, water, hydrides, metal-hydrogen 
solutions, and hydrocarbons. 

53. A cell according to claim 52, further comprising 
means to disassociate water to form gaseous hydrogen 
atoms. 

54. A cell according to claim 1, further comprising a hot 
filament and a hydrogen containing gas stream. 

55. A cell according to claim 1, further comprising a hot 
grid and a hydrogen containing gas stream. 

56. A cell according to claim 1, further comprising a 
heated tungsten capillary and a hydrogen containing gas 
stream. 

57. A cell according to claim 1, further comprising a 
hydride maintained under nonequilibrium conditions. 

58. A cell according to claim 1, further comprising an 
inductively coupled plasma flow tube and a hydrogen gas 
containing stream. 

59. A cell according to claim 1, further comprising means 
to reform hydrocarbons to at least one of gaseous molecular 
and gaseous atomic hydrogen. 

60. A cell according to claim 4, wherein said second 
catalyst is treated with an aqueous solution of K,CO, and 
H,O.. 

61. A cell according to claim 4, further comprising a 
temperature controlling structure capable of maintaining a 
selected atomic hydrogen partial pressure by controlling the 
temperature of said second catalyst. 

62. A cell according to claim 61, wherein said temperature 
controlling structure is at least one selected from the group 
consisting of an internal heater, an external heater, the 
catalysis of hydrogen, and a heat exchanger which removes 
energy from the cell. 

63. A cell according to claim 1, further comprising a 
source of UV light for disassociating hydrogen containing 
molecules to form said gaseous hydrogen atoms. 

64. A cell according to claim 1, further comprising a 
means for pyrolysis of hydrocarbons or water to form said 
gaseous hydrogen atoms. 

65. A cell according to claim 4, wherein said second 
catalyst comprises at least one selected from the group 
consisting of an element, compound, alloy or mixture of 
transition elements, inner transition elements, iron, 
platinum, palladium, zirconium, vanadium, nickel, titanium, 
Sc, Cr, Mn, Co, Cu, Zn, Y, Nb, Mo, Te, Ru, Rh, Ag, Cd, La, 
Hf, Ta, W, Re, Os, Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, 
Tb, Dy, Ho, Er, Tm, Vb, Lu, Th, Pa, U, activated charcoal, 
and intercalated Cs carbon. 

66. A cell according to claim 4, further comprising a 
heater to heat said second catalyst. 

67. A cell according to claim 4, further comprising a 
filament or grid constructed and arranged to dissociate 
hydrogen and to heat said second catalyst. 

68. A cell according to claim 4, further comprising means 
for controlling the power output of said cell. 

69. A cell according to claim 68, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the temperature of said second catalyst. 
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70. A cell according to claim 69, wherein said means for 
controlling the temperature of said second catalyst com- 
prises a filament or grid. 

71. Acell according to claim 31, further comprising a flow 
control means for controlling the flow of a source of gaseous 
hydrogen atoms or said gaseous hydrogen atoms from said 
chamber to said reaction vessel. 

72. Acell according to claim 1, further comprising a flow 
control means for controlling the flow of hydrogen from said 
reaction vessel. 

73. Acell according to claim 71, wherein said flow control 
means comprises a valve. 

74. A cell according to claim 1, further comprising a 
vacuum pump constructed and arranged for controlling the 
flow of hydrogen from said reaction vessel. 

75. Acell according to claim 27, further comprising a flow 
control means for controlling the flow of catalyst from said 
catalyst reservoir to said reaction vessel. 

76. Acell according claim 1, further comprising means for 
controlling the flow of said gaseous catalyst from said 
reaction vessel. 

77. Acell according to claim 76, wherein said means for 
controlling the flow of said gaseous catalyst from said 
reaction vessel comprises a valve. 

78. A cell according to claim 1, further comprising a 
vacuum pump constructed and arranged for controlling the 
flow of said gaseous catalyst from said reaction vessel. 

79. A cell according to claim 1, further comprising a 
nonreactive gas. 

80. A cell according to claim 1, further comprising a 
means for controlling the amount of a nonreactive gas in said 
reaction vessel. 

81. A cell according to claim 1, further comprising flow 
control means for controlling the flow of a nonreactive gas 
into said reaction vessel. 

82. A cell according to claim 81, wherein said means for 
controlling the amount of nonreactive gas in said vessel 
comprises a valve constructed and arranged to regulate the 
flow of said nonreactive gas into said reaction vessel. 

83. A cell according to claim 1, further comprising at least 
one of a valve or pump constructed and arranged for 
controlling the flow of a nonreactive gas from said reaction 
vessel. 

84. Acell according to claim 1, further comprising a pump 
in communication with said reaction vessel. 

85. A cell according to claim 1, further comprising 
structure for controlling the vapor pressure of said catalyst. 

86. Acell according to claim 85, wherein said structure for 
controlling the vapor pressure of said catalyst comprises a 
heater constructed and arranged to control the temperature 
of said reaction vessel. 

87. A cell according to claim 1, further comprising 
structure for maintaining a selected vapor pressure of said 
gaseous catalyst or source of said gaseous catalyst. 

88. A cell according to claim 1, further comprising 
structure for maintaining a selected vapor pressure of said 
gaseous catalyst or source of gaseous catalyst. 

89. Acell according to claim 88, wherein said structure for 
maintaining a selected vapor pressure of said gaseous cata- 
lyst or source of gaseous catalyst comprises a valve con- 
structed and arranged for controlling the flow of said source 
of gaseous catalyst or gaseous catalyst from said catalyst 
reservoir and a valve constructed and arranged for control- 
ling the flow of said source of gaseous catalyst or gaseous 
catalyst from said reaction vessel. 

90. A cell according to claim 88, wherein said structure for 
maintaining a selected vapor pressure of said source of 
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gaseous catalyst or said gaseous catalyst comprises a valve 
constructed and arranged for controlling the flow of said 
source of gaseous catalyst or gaseous catalyst from said 
reaction vessel. 

91. A cell according to claim 1, further comprising a valve 
for releasing hydrogen atoms having a binding energy of 
about E,=13.6/n” eV, where n is a fraction whose numerator 
is 1 and denominator is an integer greater than 1 or a 
compound containing said hydrogen atoms from said reac- 
tion vessel. 

92. A cell according to claim 1, further comprising means 
for adsorbing energy released from said hydrogen atom. 

93. A cell according to claim 1, wherein said vessel 
comprises an internal combustion chamber. 

94. A cell according to claim 93, wherein said internal 
combustion chamber is an engine cylinder. 

95. A cell according to claim 1, further comprising means 
for controlling the power output of said cell. 

96. A cell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the amount of said gaseous catalyst. 

97. A cell according to claim 96, wherein said means for 
controlling the amount of gaseous catalyst comprises means 
for controlling the temperature of said vessel and said 
gaseous catalyst is selected to have a vapor pressure depen- 
dent upon the temperature of said reaction vessel. 

98. A cell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the flow of a source of gaseous catalyst or 
gaseous catalyst from said reaction vessel. 

99. A cell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the temperature of a source of catalyst. 

100. A cell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the amount of said gaseous hydrogen atoms 
or a source of gaseous hydrogen atoms in said vessel. 

101. Acell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the flow of gaseous hydrogen atoms or source 
of said hydrogen atoms into said reaction vessel. 

102. Acell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the flow of gaseous hydrogen atoms or source 
of said hydrogen atoms from said reaction vessel. 

103. Acell according to claim 95, wherein said means for 
controlling the power output of said cell comprises control- 
ling the amount of said nonreactive gas present in said 
reaction vessel. 

104. A cell according to claim 103, wherein said means 
for controlling the amount of nonreactive gas comprises 
means for controlling the flow of said nonreactive gas into 
said reaction vessel. 

105. A cell according to claim 103, wherein said means 
for controlling the amount of nonreactive gas comprises 
means for controlling the flow of said nonreactive gas from 
said reaction vessel. 

106. Acell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the flow of a hydrogen containing gas over at 
least one of a hot filament, a tungsten capillary heated by 
electron bombardment, or an inductively coupled plasma 
flow. 

107. Acell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the power dissipated in an inductively 
coupled plasma flow tube. 
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108. A cell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the power dissipated in a hot filament, grid, 
or tungsten capillary heated by electron bombardment. 

109. A cell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the temperature of a hot filament, grid or 
tungsten capillary heated by electron bombardment over 
which a hydrogen containing gas flows. 

110. A cell according to claim 95, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the temperature of a hydride maintained 
under nonequilibrium conditions. 

111. A cell according to claim 27, further comprising 
means for controlling the power output of said cell. 

112. A cell according to claim 111, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the temperature of said catalyst reservoir and 
said gaseous catalyst is selected to have a vapor pressure 
dependent upon the temperature of said catalyst reservoir. 

113. Acell according to claim 111, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the flow of said source of gaseous catalyst or 
gaseous catalyst from said catalyst reservoir into said reac- 
tion vessel. 

114. Acell according to claim 1, further comprising a boat 
contained within said reaction chamber, said boat containing 
a source of gaseous catalyst or said gaseous catalyst. 

115. A cell according to claim 114, further comprising a 
means for controlling the power of said cell. 

116. Acell according to claim 114, wherein said means for 
controlling the power output of said cell comprises means 
for controlling the temperature of said boat and said gaseous 
catalyst is selected to have a vapor pressure dependent upon 
the temperature of said boat. 

117. A cell according to claim 27, further comprising 
means for measuring the temperature of said catalyst reser- 
VOIr. 

118. A cell according to claim 114, further comprising 
means for measuring the temperature of said boat. 

119. A cell according to claim 27, further comprising a 
means for measuring the temperature of said source of said 
gaseous catalyst contained in said catalyst reservoir. 

120. A cell according to claim 114, further comprising a 
means for measuring the temperature of said source of said 
gaseous catalyst contained in said boat. 

121. A cell according to claim 1, further comprising 
means for measuring the temperature of said reaction vessel. 

122. A cell according to claim 1, further comprising 
means for measuring the temperature of a source of said 
gaseous hydrogen atoms. 

123. A cell according to claim 4, further comprising 
means for measuring the temperature said second catalyst. 

124. A cell according to claim 1, further comprising 
means to measure the cell temperature. 

125. A cell according to claim 124, further comprising 
temperature controlling structure constructed and arranged 
to maintain a temperature in said reaction vessel greater than 
a temperature in said catalyst reservoir. 

126. A cell according to claim 114, further comprising 
temperature controlling structure constructed and arranged 
to maintain a temperature in said reaction vessel greater than 
a temperature in said boat. 

127. A cell according to claim 1, further comprising 
temperature controlling structure for maintaining a selected 
temperature of said reaction vessel. 

128. A cell according to claim 1, further comprising a 
nebulizer or atomizer. 
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129. A cell according to claim 1, further comprising 
means to measure the pressure in said reaction vessel. 

130. A cell according to claim 1, further comprising 
means to measure the hydrogen pressure in said reaction 
vessel. 

131. A cell according to claim 1, further comprising 
means to measure the gaseous catalyst pressure in said 
reaction vessel. 

132. A cell according to claim 1, wherein said vessel is 
capable of containing a pressure within the range of 107? 
atmospheres to 100 atmospheres. 

133. A cell according to claim 1, further comprising a 
vacuum pump in communication with said vessel and said 
vessel being constructed and arranged to contain pressures 
less than atmospheric. 

134. A cell according to claim 27, further comprising a 
temperature controlling structure capable of maintaining a 
temperature in the said reaction vessel that is greater than a 
temperature of said catalyst reservoir. 

135. A cell according to claim 27, further comprising 
temperature controlling structure capable of maintaining 
said source of gaseous catalyst in a molten form. 

136. A cell according to claim 114, further comprising 
temperature controlling structure capable of maintaining 
said source of gaseous catalyst in a molten form. 

137. A cell according to claim 27, further comprising 
temperature controlling structure capable of maintaining the 
temperature of said catalyst reservoir at about 50° C. above 
the melting point of said gaseous catalyst. 

138. A cell according to claim 1, further comprising 
temperature controlling structure capable of maintaining the 
temperature of said reaction vessel at about 50° C. above the 
melting point of a source of gaseous catalyst. 

139. A cell according to claim 114, further comprising 
temperature controlling structure capable of maintaining the 
temperature of said boat at about 50° C. above the melting 
point of said gaseous catalyst. 

140. A cell according to claim 15, further comprising a 
catalyst reservoir in communication with said reaction ves- 
sel and temperature controlling structure capable of main- 
taining the temperature of said catalyst reservoir at about 50° 
C. above the melting point of the compound having the 
highest melting point of a plurality of compounds which 
comprise said source of gaseous catalyst. 

141. A cell according to claim 15, further comprising a 
boat contained in said reaction vessel and temperature 
controlling structure capable of maintaining the temperature 
of said boat at about 50° C. above the melting point of the 
compound having the highest melting point of a plurality of 
compounds which comprise said source of gaseous catalyst. 

142. A cell according to claim 27, further comprising 
temperature controlling structure capable of maintaining the 
temperature of said reaction vessel at about 50° C. above the 
melting point of said gaseous catalyst. 

143. A cell according to claim 15, further comprising a 
catalyst reservoir containing said source of gaseous catalyst 
and being in communication with said reaction vessel, and 
temperature controlling structure capable of maintaining the 
temperature of said reaction vessel at about 50° C. above the 
melting point of the compound having the highest melting 
point of a plurality of compounds which comprise said 
source of gaseous catalyst. 

144. A cell according to claim 15, further comprising a 
boat containing said source of gaseous catalyst and being 
disposed in said reaction vessel, and temperature controlling 
structure capable of maintaining the temperature of said 
reaction vessel at about 50° C. above the melting point of the 
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compound having the highest melting point of a plurality of 
compounds which comprise said source of gaseous catalyst. 
145. Amethod for extracting energy from hydrogen atoms 
comprising the steps of: 
providing a gaseous catalyst having a net enthalpy of 
reaction of about 27*(p/2) eV, where p is an integer 
greater than 1; 

providing gaseous hydrogen atoms; and 

reacting said gaseous catalyst with said gaseous hydrogen 
atoms, thereby releasing energy from said gaseous 
hydrogen atoms. 

146. A method according to claim 145, wherein said 
gaseous hydrogen atoms are provided by disassociating 
molecules containing hydrogen atoms. 

147. A method according to claim 145, wherein gaseous 
hydrogen atoms are 

provided by contacting molecules containing hydrogen 

atoms with a second catalyst for disassociating said 
molecules to produce hydrogen atoms in the gas phase. 

148. A method according to claim 145, wherein said 
gaseous catalyst comprises gaseous hydrogen atoms having 
a binding energy of about E,=13.6/n” eV, where n is a 
fraction whose numerator is 1 and denominator is an integer 
greater than 1. 

149. A method according to claim 145, wherein said 
gaseous catalyst is provided according to the reaction, 


mx27.21 eV + a] +H 


ay 
— | > 


p 


+ [(p + m° — p? — (m? — 2m)] x 13.6 eV 


Upes uZ] +13.6 eV 


+ [2pm + m -m*]x 13.6 eV + 13.6 eV 


H 
(p +m) 


where m and p are positive non-zero integers, m' is an 
integer greater than 1, and a,, is the radius of the 
hydrogen atom (n=1). 

150. A method according to claim 145, wherein said 
gaseous catalyst is provided by volatizing a material to a 
gaseous state and ionizing said gaseous material. 

151. A method according to claim 145, wherein said 
hydrogen atoms are provided by flowing gaseous molecules 
containing hydrogen atoms over a hot refractory metal, 
transition metal, platinum, palladium, gold, rhenium, or 
iridium. 

152. A method according to claim 145, wherein said 
hydrogen atoms are provided by flowing gaseous molecules 
containing hydrogen atoms over a tungsten capillary heated 
by electron bombardment to between 1800 and 2000 K. 

153. A method according to claim 145, wherein said 
hydrogen atoms are provided by flowing gaseous molecules 
containing hydrogen atoms in an inductively coupled plasma 
flow tube. 

154. A method according to claim 145, wherein said 
reaction occurs at a pressure less than about one torr. 

155. A method according to claim 145, wherein the partial 
pressure of hydrogen atoms in the reaction is less than about 
one torr. 

156. Amethod according to claim 145, wherein the partial 
pressure of hydrogen atoms in the reaction is about 200 
millitorr. 
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157. A method according to claim 145, wherein said 
reaction occurs at a temperature of about 50° C. above the 
melting point of said gaseous catalyst. 

158. A method according to claim 145, wherein the vapor 
partial pressure of said gaseous catalyst is controlled by 
varying the temperature of said gaseous catalyst. 

159. Amethod according to claim 145, further comprising 
a step of isolating produced hydrogen atoms having a 
binding energy of about E,=13.6/n~ eV, where n is a fraction 
whose numerator is 1 and denominator is an integer greater 
than 1. 

160. A method according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from a 
source of gaseous catalyst comprising an ionic compound 
which is resistant to hydrogen reduction. 

161. Amethod according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from a 
source of gaseous catalyst comprising an ionic compound 
which is resistant to hydrogen reduction and which is 
adapted to sublime, boil or become volatile when heated. 

162. Amethod according to claim 145, further comprising 
the step of forming said gaseous compound from a source of 
gaseous catalyst comprising an ionic compound which is 
adapted to sublime, boil or become volatile when heated. 

163. Amethod according to claim 145, further comprising 
the step of forming said gaseous compound from a source of 
gaseous catalyst comprising an ionic compound which is 
resistant to thermal degradation. 

164. A method according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from a 
source of gaseous catalyst comprising a salt of rubidium or 
potassium. 

165. Amethod according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from a 
source of gaseous catalyst comprising a salt that can form a 
vapor comprising ions when heated. 

166. Amethod according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from a 
source of gaseous catalyst comprising a salt of rubidium 
selected from the group consisting of RbF, RbCl, RbBr, Rbl, 
Rb,S,, RbOH, Rb,SO,, Rb,CO,, and Rb,PO,. 

167. A method according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from a 
source of gaseous catalyst comprising a salt of potassium 
selected from the group consisting of KF, KCl, KBr, KI, 
K,S,, KOH, K,SO,, KCO}, K¿PO,, and K,GeF,. 

168. A method according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from a 
source of gaseous catalyst comprising at least one metal 
selected from the group consisting of Mo, Ti, and Rb. 

169. Amethod according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from a 
source of gaseous catalyst comprising at least one salt 
selected from the group consisting of Mol,, TiCL,, TiCL,, 
SnCL,, SICL,, PrBr;, CaBr,, SrCL,, Crl,, Tbl,, SbCL, CrF,, 
CoCL,, BiCl,, NiCl,, PdF,, InCl, LaCl,, DyCL,, Lal, Hol,, 
KNO,, VF}, PbF,, VOCI, Pbl,, LuCl,, PbCL,, Asl, Hol, 
MoCl,, SnCl,, Sbl,, Cdl,, AgF,, AgF, Lal, Erl, VCL,, 
BCL, FeCl, TiCl,, Col,, CoF,, Til, TIF, BiBr,, ZnBr,, Ash, 
Dyl, HoCl,, MgCl, CrCl, PrCl,, SrCL,, FeCl, NIiCL, 
CuCl, SrCl,, MoCl,, YCL, ZrCl,, Cdl, Bal,, Hol,, PbL, 
PdF,, LiF, EuCl,, MgCl, ErCl,, MgCL, ErCl,, MgCl, 
BiCl,, AICL,, CaBr,, SmBr,, VaF3, LaCl,, Gdl, Crl,, MnL,, 
YbBr,, FeBr,, NiCL, AgCl, ZnCl, YbCL,, SeF,, SnCl,, 
SnF,, Sbl,, Bil, EuFz, and PbCL,. 

170. A method according to claim 145, wherein said 
gaseous catalyst comprises at least one ion selected from the 
group consisting of Mo”, Ti**, and Rb*. 
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171. A method according to claim 145, wherein said 
gaseous catalyst comprises at least one pair of ions selected 
from the group consisting of: (Sn**, Si**), (Pr°*, Ca“, 
(Sr, Cr°*), (Cr, Tb**), (Sb**, Co**), (Bi*, Ni**), (Pd°*, 
In*), (La?*, Dy**), (La**, Ho**), (K*, K*), iV. Pd-*). 
Mir: Zar’), (As**, Ho**), (Mo**, Sn”, (Sb**, Cd**), 
(Ag”, Ag”), (Las, Er?>), Ns B*>), (Fe?*, Ti**), (as 
Ti^, (Bi**, Zn”), (As**, Dy>*), (Ho**, Mg”), (K*, Rb”), 
(Cr°*, Pr*), (Sr, Fe**), (Ni™, Cu*), (Sr, Mo**), (Y°+, 
Ze), (Cd, Ba”), (Ho”*, Pb"), (Pb”, Li’), (Eu?*, Mg”), 
(En”*, Mg”), (Bi**, A), (Cara, Sm”), (va, La**), (Gd”*, 
Cros), (Mn”, Ti”), (Yb: Fe**), (Ni**, Ag”), (Zn**, Yo"); 
(Se**, Sn**), (Sb°*, Bi”*), and (Eu**, Pb**). 

172. Amethod according to claim 145, further comprising 
the step of forming said gaseous catalyst from a source of 
gaseous catalyst comprising a salt of one or more cations and 
at least one anion selected from the group consisting of 
halides, sulfates, phosphates, carbonates, hydroxide and 
sulfides. 

173. A method according to claim 145, wherein said 
gaseous catalyst is selected to have a resonant adsorption 
with the energy released from said gaseous hydrogen atoms 
undergoing a transition to a lower energy state. 

174. A method according to claim 145, wherein said 
gaseous catalyst comprises potassium and has a net enthalpy 
of reaction of 27.28 eV. 

175. A method according to claim 145, wherein said 
gaseous catalyst has a net enthalpy of reaction of about 27.2 
eV. 

176. Amethod according to claim 145, further comprising 
the step of combining a source of gaseous catalyst with a 
source of gaseous hydrogen atoms comprising at least one of 
a hydrocarbon or water, and providing combustion which 
volatizes said source of gaseous catalyst to form said gas- 
eous catalyst and provide said gaseous hydrogen atoms. 

177. Amethod according to claim 145, further comprising 
the step of forming a source of gaseous catalyst or said 
gaseous catalyst in situ. 

178. A method according to claim 177, wherein said step 
of forming said source of gaseous catalyst or said gaseous 
catalyst in situ comprises the ionization of a reactant. 

179. A method according to claim 178, wherein said step 
of ionization comprises thermal ionization of said reactant. 

180. A method according to claim 178, wherein said step 
of ionization comprises chemical ionization of said reactant. 

181. A method according to claim 180, wherein said step 
of chemical ionization comprises oxidation or reduction of 
said reactant. 

182. A method according to claim 145, further comprising 
the step of volatizing a source of catalyst to form said 
gaseous catalyst utilizing energy from at least one of heat, 
electron-beam energy, photon energy, acoustic energy, elec- 
tric field, or magnetic field. 

183. A method according to claim 145, wherein said the 
step of volatizing a source of catalyst comprises the step of 
heating a filament coated with said source of gaseous 
catalyst. 

184. A method according to claim 145, further comprising 
adding a source of catalyst to said reaction vessel and 
heating said source of catalyst to form said gaseous catalyst. 

185. A method according to claim 145, further comprising 
the step of providing a source of catalyst in a catalyst 
reservoir comprising a container separate from said vessel 
and said container communicates with said reaction vessel. 

186. A method according to claim 145, further comprising 
the step of providing a source of catalyst in a boat contained 
within said reaction vessel. 
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187. A method according to claim 145, wherein said step 
of providing hydrogen atoms comprises the steps of disas- 
sociating a hydrogen containing compound into hydrogen 
atoms. 

188. A method according to claim 145, wherein said step 
of providing hydrogen atoms comprises the steps of passing 
a hydrogen containing gas over a hot filament. 

189. A method according to claim 145, wherein said step 
of providing hydrogen atoms comprises the steps of passing 
a hydrogen containing gas over a hot grid. 

190. A method according to claim 145, wherein said step 
of providing hydrogen atoms comprises the steps of passing 
a hydrogen containing gas through a tungsten capillary 
heated by electron bombardment. 

191. A method according to claim 145, wherein said step 
of providing hydrogen atoms comprises the steps of main- 
taining a hydride under nonequilibrium conditions. 

192. A method according to claim 147, wherein said 
second catalyst comprises at least one element selected from 
the group consisting of transition elements, inner transition 
elements, precious metals, refractory metals, lanthanides, 
actinides and activated charcoal. 

193. A method according to claim 147, wherein said 
second catalyst is selected from the group consisting of an 
element, compound, alloy or mixture of transition elements, 
inner transition elements, iron, platinum, palladium, 
zirconium, vanadium, nickel, titanium, Sc, Cr, Mn, Co, Cu, 
Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, W, Re, Os, 
Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, Ho, Er, Tm, 
Vb, Lu, Th, Pa, U, activated charcoal, and intercalated Cs 
carbon. 

194. A method according to claim 147, further comprising 
the step of utilizing a hot filament or hot grid to disassociate 
a hydrogen containing gas into gaseous hydrogen atoms and 
to heat said second catalyst. 

195. A method according to claim 147, further comprising 
the step of controlling the power output of said cell. 

196. A method according to claim 147, wherein said step 
of controlling the power output of said cell comprises 
controlling the temperature of said second catalyst. 

197. A method according to claim 196, wherein said step 
of controlling the temperature of said second catalyst com- 
prises utilizing a heated filament or grid. 

198. A method according to claim 145, further comprising 
the step of forming said gaseous hydrogen atoms from at 
least one source of gaseous hydrogen atoms selected from 
the group consisting of hydrogen gas, water, hydrides, 
metal-hydrogen solutions, and hydrocarbons. 

199. A method according to claim 145, wherein said step 
of providing gaseous hydrogen atoms comprises pyrolyzing 
hydrocarbons or water. 

200. A method according to claim 145, further comprising 
the step of reforming hydrocarbons to at least one of gaseous 
molecular and gaseous atomic hydrogen. 

201. A method according to claim 145, further comprising 
the step of disassociating hydrogen containing molecules 
using UV light to form said gaseous hydrogen atoms. 

202. A method according to claim 145, further comprising 
the step of controlling the amount of gaseous hydrogen 
provided in said reaction vessel. 

203. A method according to claim 145, further comprising 
the step of controlling the flow of a source of gaseous 
hydrogen atoms or said gaseous hydrogen atoms from a 
chamber to said reaction vessel. 

204. A method according to claim 145, further comprising 
the step of utilizing a valve for controlling the flow of 
gaseous hydrogen or source of gaseous hydrogen from said 
reaction vessel. 
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205. A method according to claim 145, further comprising 
the step of controlling the flow of gaseous hydrogen from 
said reaction vessel. 

206. A method according to claim 145, further comprising 
the step of utilizing a vacuum pump for controlling the flow 
of gaseous hydrogen from said reaction vessel. 

207. A method according to claim 145, further comprising 
the step of utilizing a valve for controlling the flow of 
gaseous hydrogen from a chamber into said reaction vessel. 

208. A method according to claim 145, further comprising 
controlling the partial pressure of said gaseous hydrogen 
atoms. 

209. A method according to claim 145, wherein a partial 
pressure of said gaseous hydrogen atoms or source of 
gaseous hydrogen atoms in said reaction vessel is main- 
tained within the range of 107° atmospheres to 100 atmo- 
spheres. 

210. A method according to claim 145, further comprising 
controlling the amount of gaseous catalyst or a source of 
gaseous catalyst introduced into said reaction vessel. 

211. A method according to claim 145, further comprising 
controlling the flow of gaseous catalyst or a source of 
gaseous catalyst from a catalyst reservoir containing gaseous 
catalyst or a source of gaseous catalyst to said reaction 
vessel. 

212. A method according to claim 145, further comprising 
controlling the flow of gaseous catalyst or a source of 
gaseous catalyst from a boat containing gaseous catalyst or 
a source of gaseous catalyst. 

213. A method according to claim 145, further comprising 
the step of controlling the flow of said gaseous catalyst or a 
source of gaseous catalyst from said reaction vessel. 

214. A method according to claim 145, further comprising 
the step of controlling the vapor pressure of said gaseous 
catalyst or a source of gaseous catalyst in said reaction 
vessel. 

215. A method according to claim 145, wherein a vapor 
pressure of said gaseous catalyst or a source of gaseous 
catalyst is maintained at about 50 to 210 millitorr. 

216. A method according to claim 145, further comprising 
using a vacuum pump to control the flow of said gaseous 
catalyst or a source of gaseous catalyst from said reaction 
vessel. 

217. A method according to claim 145, further comprising 
using a valve to control the flow of a source of gaseous 
catalyst or a source of gaseous catalyst from a catalyst 
reservoir into said reaction vessel. 

218. A method according to claim 145, further comprising 
using a valve to control the flow of a source of gaseous 
catalyst or said catalyst from said reaction vessel. 

219. A method according to claim 145, further comprising 
the step of supplying a nonreactive gas to said reaction 
vessel. 

220. A method according to claim 219, further comprising 
the step of controlling the vapor pressure of said nonreactive 
gas in said reaction vessel. 

221. A method according to claim 219, further comprising 
the step of controlling the flow of said nonreactive gas 
supplied to said reaction vessel. 

222. A method according to claim 219, further comprising 
the step of controlling the amount of said nonreactive gas 
released from said reaction vessel. 

223. A method according to claim 219, further comprising 
utilizing a vacuum pump for controlling the flow of said 
nonreactive gas from said reaction vessel. 

224. A method according to claim 219, further comprising 
the step of utilizing a valve for controlling the flow of said 
nonreactive gas from said reaction vessel. 
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225. A method according to claim 219, further comprising 
the step of utilizing a valve for controlling the flow of said 
nonreactive gas into said reaction vessel. 

226. A method according to claim 145, further comprising 
the step of controlling the vapor pressure of said gaseous 
catalyst in said reaction vessel. 

227. A method according to claim 226, wherein said step 
of controlling the vapor pressure of said gaseous catalyst 
comprises controlling the temperature in a catalyst reservoir 
containing a source of gaseous catalyst or said gaseous 
catalyst and being in communication with said reaction 
vessel, and controlling the flow of gaseous catalyst from said 
catalyst reservoir. 

228. A method according to claim 226, wherein said step 
of controlling the vapor pressure of said gaseous catalyst 
comprises controlling the temperature in a boat containing a 
source of gaseous catalyst or said gaseous catalyst and being 
contained in said reaction vessel, and controlling the flow of 
gaseous catalyst from said boat. 

229. A method according to claim 145, further comprising 
the step of controlling the temperature in a catalyst reservoir 
containing a source of gaseous catalyst or said gaseous 
catalyst and being in communication with said reaction 
vessel. 

230. A method according to claim 145, further comprising 
the step of controlling the temperature in a boat containing 
a source of gaseous catalyst or said gaseous catalyst and 
being contained in said reaction vessel. 

231. A method according to claim 145, wherein the 
reaction to provide a net enthalpy of about 27 (p/2) eV, 
where p is a positive integer greater than 1, comprises an 
electrochemical, chemical, photochemical, thermal, free 
radical, sonic, nuclear, inelastic photon, or particle scattering 
reaction, or mixtures thereof. 

232. A method according to claim 145, wherein a pressure 
in said reaction vessel is maintained within the range of 107? 
atmospheres to 100 atmospheres. 

233. A method according to claim 145, wherein said 
reaction occurring at a pressure less than atmospheric pres- 
sure. 

234. A method according to claim 145, further comprising 
the step of releasing hydrogen atoms from said reaction 
vessel having a binding energy of about E,=13.6/n* eV, 
where n is a fraction whose numerator is 1 and denominator 
is an integer greater than 1 or a compound containing said 
hydrogen atoms. 

235. A method according to claim 145, further comprising 
the step of adsorbing said released energy. 

236. A method according to claim 145, further comprising 
the step of converting energy released from said hydrogen 
atom into electrical energy. 

237. A method according to claim 145, wherein said 
reaction step is conducted in an internal combustion cham- 
ber. 

238. A method according to claim 145, wherein said 
internal combustion chamber is an engine cylinder. 

239. A method according to claim 145, further comprising 
the step of controlling the power output of said cell. 

240. A method according to claim 239, wherein said step 
of controlling the power output of said cell comprises 
controlling the amount of said gaseous catalyst present in 
said reaction vessel. 

241. A method according to claim 240, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the temperature of said reaction vessel and 
selecting said gaseous catalyst or source of gaseous catalyst 
to have a vapor pressure dependent upon the temperature of 
said reaction vessel. 
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242. A method according to claim 240, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the temperature of a catalyst reservoir containing 
a source of gaseous catalyst or said gaseous catalyst and 
being in communication with said reaction vessel, and 
selecting said gaseous catalyst to have a vapor pressure 
dependent upon the temperature of said catalyst reservoir. 

243. A method according to claim 240, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the flow of said source of gaseous catalyst or 
gaseous catalyst from said catalyst reservoir into said reac- 
tion vessel. 

244. A method according to claim 240, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the flow of said source of gaseous catalyst or 
gaseous catalyst from said reaction vessel. 

245. A method according to claim 240, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the temperature of a boat containing a source of 
gaseous catalyst or said gaseous catalyst and being con- 
tained in said reaction vessel, and selecting said gaseous 
catalyst to have a vapor pressure dependent upon the tem- 
perature of said boat. 

246. A method according to claim 239, wherein said step 
of controlling the power output of said cell comprises 
controlling the amount of said gaseous hydrogen atoms 
present in said reaction vessel. 

247. A method according to claim 246, wherein said step 
of controlling the amount of said gaseous hydrogen atoms 
comprises controlling the flow of gaseous hydrogen atoms 
or source of gaseous hydrogen atoms into said reaction 
vessel. 

248. A method according to claim 246, wherein said step 
of controlling the amount of said source of gaseous hydro- 
gen atoms or gaseous hydrogen atoms comprises controlling 
the flow of said source of gaseous hydrogen atoms or 
gaseous hydrogen atoms from said reaction vessel. 

249. A method according to claim 246, wherein said step 
of controlling the amount of said source of gaseous hydro- 
gen atoms or gaseous hydrogen atoms comprises controlling 
the temperature of a second catalyst for dissociating a 
hydrogen containing compound into gaseous hydrogen 
atoms. 

250. A method according to claim 249, wherein said step 
of controlling the temperature of a second catalyst for 
dissociating a hydrogen containing compound into gaseous 
hydrogen atoms comprises controlling the power dissipated 
in a second catalyst heater. 

251. A method according to claim 239, wherein said step 
of controlling the power output of said cell comprises 
controlling the amount of nonreactive gas in said reaction 
vessel. 

252. A method according to claim 251, wherein said step 
of controlling the amount of nonreactive gas in said reaction 
vessel comprises controlling the flow of nonreactive gas into 
said reaction vessel. 

253. A method according to claim 252, wherein said step 
of controlling the amount of nonreactive gas in said reaction 
vessel comprises controlling the flow of nonreactive gas 
from said reaction vessel. 

254. A method according to claim 239, wherein said step 
of controlling the power output of said cell comprises 
controlling the temperature of a source of gaseous catalyst. 

255. A method according to claim 239, wherein said step 
of controlling the power output of said cell comprises 
controlling the flow of a hydrogen containing gas over at 
least one of a hot filament, a tungsten capillary heated by 
electron bombardment, or an inductively coupled plasma 
flow. 
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256. A method according to claim 239, wherein said step 
of controlling the power output of said cell comprises 
controlling the power dissipated in an inductively coupled 
plasma flow tube, hot filament or grid, or tungsten capillary 
heated by electron bombardment. 

257. A method according to claim 239, wherein said step 
of controlling the power output of said cell comprises 
controlling the temperature of a hot filament or tungsten 
capillary heated by electron bombardment over which a 
hydrogen containing gas flows. 

258. A method according to claim 239, wherein said step 
of controlling the power output of said cell comprises 
controlling the temperature of a hydride maintained under 
nonequilibrium conditions. 

259. A method according to claim 145, wherein a tem- 
perature in said reaction vessel is maintained at a higher 
temperature than in a catalyst reservoir in communication 
with said reaction vessel or a boat contained within said 
reaction vessel. 

260. A method according to claim 145, further comprising 
the step of measuring the temperature of a catalyst reservoir 
in communication with said reaction vessel or a boat con- 
tained in said reaction vessel. 

261. A method according to claim 145, further comprising 
the step of measuring the temperature of a source of said 
gaseous catalyst contained in a catalyst reservoir in com- 
munication with said reaction vessel or a boat contained 
within said reaction vessel. 

262. A method according to claim 145, further comprising 
the step of measuring the temperature of a chamber con- 
taining a source of said hydrogen atoms in communication 
with said reaction vessel. 

263. A method according to claim 145, further comprising 
the step of measuring the temperature of a source of said 
gaseous hydrogen atoms. 

264. A method according to claim 147, further comprising 
the step of measuring the temperature of said second cata- 
lyst. 

265. A method according to claim 145, further comprising 
the step of controlling the temperature of said reaction 
vessel. 

266. A method according to claim 145, further comprising 
utilizing a nebulizer or atomizer to form said gaseous 
catalyst. 

267. A method according to claim 145, further comprising 
the step of measuring the pressure in said reaction vessel. 

268. A method according to claim 145, further comprising 
the step of controlling the pressure in said reaction vessel. 

269. A method according to claim 145, further comprising 
the step of measuring the hydrogen pressure in said reaction 
vessel. 

270. A method according to claim 145, further comprising 
the step of measuring the gaseous catalyst pressure in said 
reaction vessel. 

271. Amethod according to claim 145, further comprising 
the step of converting energy released from said gaseous 
hydrogen atoms into electrical energy. 

272. A method according to claim 145, further comprising 
controlling the pressure of said gaseous catalyst by control- 
ling the amount of said source of catalyst being added to said 
reaction vessel. 

273. A cell for extracting energy from hydrogen atoms 
comprising: 

a reaction vessel; 

a source of gaseous hydrogen atoms; and 

a source of a gaseous catalyst having a net enthalpy of 

reaction of about 27(p/2) eV, where p is an integer 
greater than 1. 
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274. A cell for extracting energy from hydrogen atoms 
comprising: 

a reaction vessel; 

a chamber communicating with said vessel, said chamber 
containing gaseous hydrogen atoms or a source of said 
hydrogen atoms; and 

a catalyst reservoir communicating with said reaction 
vessel or a boat contained in said reaction vessel, said 
catalyst reservoir or boat containing a gaseous catalyst 
having a net enthalpy of reaction of about 27*(p/2) eV, 
where p is an integer greater than 1, or a source of said 
gaseous catalyst. 

275. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises an ionic compound which is 
resistant to hydrogen reduction. 

276. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises an ionic compound which is 
resistant to hydrogen reduction and which is adapted to 
sublime, boil or become volatile when heated. 

277. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises an ionic compound which is 
adapted to sublime, boil or become volatile when heated. 

278. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises an ionic compound which is 
resistant to thermal degradation. 

279. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises a salt of rubidium or potassium. 

280. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises a salt that can form a vapor 
comprising ions when heated. 

281. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises a salt of rubidium selected from 
the group consisting of RbF, RbCl, RbBr, Rbl, Rb,S,, 
RbOH, Rb,SO,, Rb,CO,, and Rb,PO,. 

282. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises a salt of potassium selected from 
the group consisting of KF, KCI, KBr, KI, K-S., KOH, 
K,SO,, K,CO,, K¿PO,, and K,GeF,. 

283. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises at least one metal selected from 
the group consisting of Mo, Ti, and Rb. 

284. Acell according to claim 274, wherein said source of 
gaseous catalyst comprises at least one salt selected from the 
group consisting of Mol, TiCl, TICL,, SnCl,, SiCL,, PrBr;, 
CaBr,, SrCL,, Crl,, Tol, SbCl, CrF;, CoCL,, BiCl,, NiCL, 
PdE,, InCl, LaCl,, DyCl,, Lal,, Hol,, KNO}, VE, PbF,, 
VOCI, Pbl., LuCl,, PbCL,, Asl, Hol,, MoCl,, SnCl,, Sbl,, 
CdL, AgF,, AgF, Lal,, Erl,, VCL,, BCL, FeCl,, TICL,, Col, 
CoF,, TU, TIF, BiBr,, ZnBr,, Asl,, Dyl, HoCl,, MgCL, 
CrCl, PrCl,, SrCL,, FeCl,, NiCL,, CuCl, SrCl,, MoCL, 
YCL, ZrCl,, Cdl, BaL, Hol, Pbl,, PdF,, LiF, EuCl,, 
MegCL, ErCl,, MgCl, ErCl,, MgCl, BiCl,, AICI, CaBr.,, 
SmBr,, VaF3, LaCl,, Gdl,, Crl,, Mnl,, YbBr,, FeBr,, NiCL,, 
AgCI, ZnCl,, YbCL,, SeF,, SnCl,, SnF,, Sbl,, Bil, EuF;, 
and PbCl.. 

285. A cell according to claim 274, wherein said gaseous 
catalyst comprises at least one ion selected from the group 
consisting of Mo**, Tió*, and Rb*. 

286. A cell according to claim 274, wherein said gaseous 
catalyst comprises at least one pair of ions selected from the 
group consisting of: (Sn**, Si**), (P+, Ca**), (Sr, Cr**), 
(Cr, Tb**), (Sb**,Co**), (Bi>*, Ni**), (Pd”, In*), (La, 
Dy”, Ho**), Ke K*) . ys Pd”), (Lu?*, Zn", (As**, 
Ho”), (Mo**, Snt”), (Sb**, Cd, (Ag”, Ag”), (La?*, 
Er?>, (v+, B°»), (Fe?*, Ti**), (Co”*, Ti^, (Bi*, Zn”), 
(As**, Dy~), (Ho**, Mg”), (K*, Rb*), G, Pr°*), (Sr°*, 
Fe”), (Ni**, Cu), (Sr, Mo”), (YES, LE) (Cd**, Ba”), 
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(Ho?*, Pb**), (Pb**, Li); (Eu**, Mg””), (Er**, Mg”), (Bi**, 
AP»), (Ca**, Sm°>*), (ve, La?», (Gd**, Cr), (Mn**, ir), 
(Yb**, Fe”, (Ni**, Ag”), (Zas, Yb~"), (Se**Sn**), (Sb**, 
Bi^), and (Eu**, Pb”). 

287. A cell according to claim 274, wherein said source of 
gaseous catalyst comprises a salt of one or more cations and 
at least one anion selected from the group consisting of 
halides, sulfates, phosphates, carbonates, hydroxide and 
sulfides. 

288. A cell according to claim 274, wherein said gaseous 
catalyst comprises hydrogen atoms having a binding energy 
of about E,=13.6/n” eV, where n is a fraction whose numera- 
tor is 1 and denominator is an integer greater than 1. 

289. A cell according to claim 274, wherein said gaseous 
catalyst comprises potassium and has a net enthalpy of 
reaction of 27.28 eV. 

290. A cell according to claim 274, wherein said gaseous 
catalyst has a net enthalpy of reaction of about 27.2 eV. 

291. A cell according to claim 274, wherein said cell 
comprises said source of said gaseous catalyst combined 
with at least one of a hydrocarbon or water disposed such 
that said gaseous catalyst and said gaseous hydrogen atoms 
are capable being formed during combustion. 

292. A cell according to claim 274, further comprising a 
means for converting said source of catalyst to said gaseous 
catalyst. 

293. A cell according to claim 292, wherein said means 
for converting said source of catalyst to said gaseous catalyst 
comprises at least one of heat, electron-beam energy, photon 
energy, acoustic energy, electric field, or magnetic field. 

294. A cell according to claim 274, further comprising a 
filament coated with said source of gaseous catalyst. 

295. A cell according to claim 274, wherein said source of 
gaseous hydrogen atoms is selected from the group consist- 
ing of hydrogen gas, water, hydrides, metal-hydrogen 
solutions, and hydrocarbons. 

296. A cell according to claim 274, wherein said source of 
hydrogen atoms comprises a hot filament and a hydrogen 
containing gas stream. 

297. Acell according to claim 274, wherein said source of 
hydrogen atoms comprises a hot grid and a hydrogen 
containing gas stream. 

298. A cell according to claim 274, wherein said source of 
hydrogen atoms comprises a heated tungsten capillary and a 
hydrogen containing gas stream. 

299. A cell according to claim 274, wherein said source of 
hydrogen atoms comprises a hydride maintained under 
nonequilibrium conditions. 

300. A cell according to claim 274, wherein said source of 
hydrogen atoms comprises an inductively coupled plasma 
flow tube and a hydrogen gas containing stream. 

301. A cell according to claim 274, wherein said source of 
hydrogen atoms comprises a hydrogen containing gas 
stream and a second catalyst for disassociating said hydro- 
gen containing gas stream into free hydrogen atoms. 

302. A cell according to claim 274, wherein said source of 
hydrogen atoms comprises an internal combustion engine. 

303. A cell according to claim 301, wherein said second 
catalyst comprises at least one element selected from the 
group consisting of transition elements, inner transition 
elements, precious metals, refractory metals, lanthanides, 
actinides, and activated charcoal. 

304. A cell according to claim 301, wherein said second 
catalyst comprises at least one selected from the group 
consisting of an element, compound, alloy or mixture of 
transition elements, inner transition elements, iron, 
platinum, palladium, zirconium, vanadium, nickel, titanium, 
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Sc, Cr, Mn, Co, Cu, Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, 
Hf, Ta, W, Re, Os, Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, 
Tb, Dy, Ho, Er, Tm, Vb, Lu, Th, Pa, U, activated charcoal, 
and intercalated Cs carbon. 

305. A cell according to claim 301, wherein said second 
catalyst is treated with an aqueous solution of K,CO, and 
EOS 

306. A cell according to claim 301, further comprising a 
heater to heat said second catalyst. 

307. A cell according to claim 301, further comprising a 
filament or grid constructed and arranged to dissociate 
hydrogen and to heat said second catalyst. 

308. A cell according to claim 301, further comprising 
means for controlling the power output of said cell. 

309. A cell according to claim 308, wherein said means 
for controlling the power output of said cell comprises 
means for controlling the temperature of said second cata- 
lyst. 

310. A cell according to claim 309, wherein said means 
for controlling the temperature of said second catalyst 
comprises a filament or grid. 

311. A cell according to claim 301, further comprising a 
temperature controlling structure capable of maintaining a 
selected atomic hydrogen partial pressure by controlling the 
temperature of said second catalyst. 

312. Acell according to claim 311, wherein said tempera- 
ture controlling structure is at least one selected from the 
group consisting of an internal heater, an external heater, the 
catalysis of hydrogen, and a heat exchanger which removes 
energy from the cell. 

313. Acell according to claim 274, wherein said source of 
hydrogen atoms comprises a means for pyrolysis of hydro- 
carbons or water. 

314. A cell according to claim 274, further comprising 
means to reform hydrocarbons to at least one of gaseous 
molecular and gaseous atomic hydrogen. 

315. A cell according to claim 274, further comprising a 
source of UV light for disassociating hydrogen containing 
molecules to form said gaseous hydrogen atoms. 

316. A cell according to claim 274, further comprising a 
flow control means for controlling the flow of said source of 
gaseous hydrogen atoms or said gaseous hydrogen atoms 
from said chamber to said reaction vessel. 

317. A cell according to claim 316, wherein said flow 
control means comprises a valve. 

318. A cell according to claim 274, further comprising a 
flow control means for controlling the flow of hydrogen 
from said reaction vessel. 

319. A cell according to claim 318, wherein said flow 
control means comprises a valve. 

320. A cell according to claim 274, further comprising a 
vacuum pump constructed and arranged for controlling the 
flow of hydrogen from said reaction vessel. 

321. A cell according to claim 274, further comprising a 
flow control means for controlling the flow of said gaseous 
catalyst or a source of gaseous catalyst from said catalyst 
reservoir to said reaction vessel. 

322. A cell according to claim 321, wherein said flow 
control means comprises a valve. 

323. A cell according claim 274, further comprising 
means for controlling the flow of catalyst from said reaction 
vessel. 

324. A cell according to claim 274, further comprising a 
valve constructed and arranged for controlling the flow of 
said catalyst from said reaction vessel. 

325. A cell according to claim 274, further comprising a 
vacuum pump constructed and arranged for controlling the 


DE SUPPLY 


UNDER TEST ELECTRONIC LOAD 


Fig. 1-65. Using the load to evaluate a power supply. Increasing current is 
drawn from the supply, and the regulator performance is measured. The 
load also may be used to ensure proper current-limiter operation. 


Testing 

A few simple tests prior to using the load will prevent damage 
to it, or to the circuit being tested. First, break the circuit be- 
tween the driver transistor (Q1) and the load transistors (Q2 
through Q5), at point A in Fig. 1-61. Apply 110 V ac to the power 
transformer and verify that the voltage is variable from about 0 to 
3.5 V as R2 is rotated. Zero volts should occur at the extreme 
counterclockwise position of R2. This is the zero current setting. 

Reconnect the circuit at point A. Then arrange a high-current 
test setup similar to Fig. 1-64. Resistor R is chosen to limit the 
current to 3 or 4 A under short-circuit conditions. Two automobile 
headlamps in series may be used for this resistor. Set the current 
control pot (R2) at minimum (CCW position) and turn on the supply 
and the bias supply in the Power Waster. 

Increase the current setting until 2 A is drawn by the load. 
Measure the voltage drop across R5 through R8 and assure your- 
self that the voltages are about equal. About 0.5 V should appear 
across each resistor for a 2-A load. If no voltage appears, then the 
associated transistor is not drawing any current. 

Next, advance the current control. The load current should 
increase smoothly until the voltage at the load input terminals 
drops well below 5 V. At this point the load transistors will saturate 
and the current will be set by resistor R. 

The next step is to test the current-limiting feature to verify 
that the load current is limited to about 10 A. Reduce R in value so 
that for the supply voltage present under load, about 15 A may be 
drawn. Again increase the load current from zero with R2. The load 
should current limit at 9 to 11 A if the same parts values were used. 

If all of the above tests were successful, the electronic load is 
ready for use. See Figs. 1-66 and 1-67. 
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flow of said gaseous catalyst or source of gaseous catalyst 
from said reaction vessel. 

326. A cell according to claim 274, further comprising a 
nonreactive gas. 

327. A cell according to claim 274, further comprising a 
means for controlling the amount of a nonreactive gas in said 
vessel. 

328. A cell according to claim 274, further comprising 
flow control means for controlling the flow of a nonreactive 
gas into said reaction vessel. 

329. A cell according to claim 328, wherein said means 
for controlling the amount of nonreactive gas in said vessel 
comprises a valve constructed and arranged to regulate the 
release of said nonreactive gas from said reaction vessel. 

330. A cell according to claim 274, further comprising a 
valve constructed and arranged for controlling the flow of a 
nonreactive gas from said reaction vessel. 

331. A cell according to claim 274, further comprising a 
vacuum pump constructed and arranged for controlling the 
flow of a nonreactive gas from said reaction vessel. 

332. A cell according to claim 274, further comprising a 
pump in communication with said reaction vessel. 

333. A cell according to claim 274, further comprising 
structure for controlling the vapor pressure of said catalyst. 

334. A cell according to claim 333, wherein said structure 
for controlling the vapor pressure of said catalyst comprises 
a heater constructed and arranged to control the temperature 
of said catalyst reservoir or said boat. 

335. A cell according to claim 333, wherein said structure 
for controlling the vapor pressure of said catalyst comprises 
a heater constructed and arranged to control the temperature 
of said reaction chamber. 

336. A cell according to claim 274, further comprising 
structure for maintaining a selected vapor pressure of said 
gaseous catalyst. 

337. A cell according to claim 336, wherein said structure 
for maintaining a selected vapor pressure of said gaseous 
catalyst comprises a valve constructed and arranged for 
controlling the flow of said source of gaseous catalyst or 
gaseous catalyst from said catalyst reservoir and a valve 
constructed and arranged for controlling the flow of said 
source of gaseous catalyst or gaseous catalyst from said 
reaction vessel. 

338. A cell according to claim 336, wherein said structure 
for maintaining a selected vapor pressure of said source of 
gaseous catalyst or said gaseous catalyst comprises a valve 
constructed and arranged for controlling the flow of said 
source of gaseous catalyst or gaseous catalyst from said 
reaction vessel. 

339. A cell according to claim 274, further comprising a 
valve for releasing hydrogen atoms having a binding energy 
of about E,=13.6/n” eV, where n is a fraction whose numera- 
tor is 1 and denominator is an integer greater than 1 or a 
compound containing said hydrogen atoms. 

340. A cell according to claim 274, further comprising 
means for adsorbing energy released from said hydrogen 
atom. 

341. A cell according to claim 274, wherein said vessel 
comprises an internal combustion chamber. 

342. A cell according to claim 341, wherein said internal 
combustion chamber is an engine cylinder. 

343. A cell according to claim 274, further comprising 
means for controlling the power output of said cell. 

344. A cell according to claim 343, wherein said means 
for controlling the power output of said cell comprises 
means for controlling the amount of said gaseous catalyst. 

345. A cell according to claim 344, wherein said means 
for controlling the amount of gaseous catalyst comprises 
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means for controlling the temperature of said vessel and said 
gaseous catalyst is selected to have a vapor pressure depen- 
dent upon the temperature of said reaction vessel. 

346. A cell according to claim 344, wherein said means 
for controlling the amount of gaseous catalyst comprises 
means for controlling the temperature of said catalyst res- 
ervoir and said gaseous catalyst is selected to have a vapor 
pressure dependent upon the temperature of said catalyst 
reservolr. 

347. A cell according to claim 344, wherein said means 
for controlling the amount of gaseous catalyst comprises 
means for controlling the temperature of said boat and said 
gaseous catalyst is selected to have a vapor pressure depen- 
dent upon the temperature of said boat. 

348. A cell according to claim 344, wherein said means 
for controlling the amount of gaseous catalyst comprises 
means for controlling the flow of said source of gaseous 
catalyst or gaseous catalyst from said catalyst reservoir into 
said reaction vessel. 

349. A cell according to claim 344, wherein said means 
for controlling the amount of gaseous catalyst comprises 
means for controlling the flow of said source of gaseous 
catalyst or gaseous catalyst from said catalyst reservoir from 
said reaction vessel. 

350. A cell according to claim 343, wherein said means 
for controlling the power output of said cell comprises 
means for controlling the amount of said gaseous hydrogen 
atoms or said source of gaseous hydrogen atoms in said 
vessel. 

351. A cell according to claim 350, wherein said means 
for controlling the amount of said gaseous hydrogen atoms 
or said source of gaseous hydrogen atoms comprises means 
for controlling the flow of gaseous hydrogen atoms or source 
of said hydrogen atoms into said vessel. 

352. A cell according to claim 350, wherein said means 
for controlling the amount of said gaseous hydrogen atoms 
or said source of gaseous hydrogen atoms comprises means 
for controlling the flow of gaseous hydrogen atoms or source 
of said hydrogen atoms from said vessel. 

353. A cell according to claim 343, wherein said means 
for controlling the power output of said cell comprises 
controlling the amount of said nonreactive gas present in 
said reaction vessel. 

354. A cell according to claim 353, wherein said means 
for controlling the amount of nonreactive gas comprises 
means for controlling the flow of said nonreactive gas into 
said reaction vessel. 

355. A cell according to claim 354, wherein said means 
for controlling the amount of nonreactive gas comprises 
means for controlling the flow of said nonreactive gas from 
said reaction vessel. 

356. A cell according to claim 343, wherein said means 
for controlling the power output of said cell comprises 
means for controlling the temperature of said source of 
catalyst. 

357. A cell according to claim 343, wherein said means 
for controlling the power output of said cell comprises 
means for controlling the flow of a hydrogen containing gas 
over at least one of a hot filament, a tungsten capillary heated 
by electron bombardment, or an inductively coupled plasma 
flow. 

358. A cell according to claim 343, wherein said means 
for controlling the power output of said cell comprises 
means for controlling the power dissipated in an inductively 
coupled plasma flow tube. 

359. A cell according to claim 343, wherein said means 
for controlling the power output of said cell comprises 
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means for controlling the temperature of a hot filament or 
tungsten capillary heated by electron bombardment over 
which a hydrogen containing gas flows. 

360. A cell according to claim 343, wherein said means 
for controlling the power output of said cell comprises 
means for controlling the temperature of a hydride main- 
tained under nonequilibrium conditions. 

361. A cell according to claim 274, further comprising 
means for measuring the temperature of said catalyst reser- 
voir or said boat. 

362. A cell according to claim 274, further comprising a 
means for measuring the temperature of said source of said 
gaseous catalyst contained in said catalyst reservoir or said 
boat. 

363. A cell according to claim 274, further comprising 
means for measuring the temperature of said reaction vessel. 

364. A cell according to claim 274, further comprising 
means for measuring the temperature of said source of said 
gaseous hydrogen atoms. 

365. A cell according to claim 301, further comprising 
means for measuring the temperature said second catalyst. 

366. A cell according to claim 274, further comprising 
means to measure the cell temperature. 

367. A cell according to claim 274, further comprising 
temperature controlling structure constructed and arranged 
to maintain a temperature in said reaction vessel greater than 
a temperature in said catalyst reservoir. 

368. A cell according to claim 274, further comprising 
temperature controlling structure constructed and arranged 
to maintain a temperature in said reaction vessel greater than 
a temperature in said boat. 

369. A cell according to claim 274, further comprising 
temperature controlling structure for maintaining a selected 
temperature of said reaction vessel. 

370. A cell according to claim 274, further comprising a 
nebulizer or atomizer. 

371. A cell according to claim 274, further comprising 
means to measure the pressure in said reaction vessel. 

372. A cell according to claim 274, further comprising 
means to measure the hydrogen pressure in said reaction 
vessel. 

373. A cell according to claim 274, further comprising 
means to measure the gaseous catalyst pressure in said 
reaction vessel. 

374. Acell according to claim 274, wherein said vessel is 
capable of containing a pressure within the range of 107? 
atmospheres to 100 atmospheres. 

375. Amethod for extracting energy from hydrogen atoms 
comprising the steps of: 

volatizing a source of gaseous catalyst to form a gaseous 

catalyst having a net enthalpy of reaction of about 
27*(p/2) eV, where p is an integer greater than 1; 
providing gaseous hydrogen atoms; and 

reacting said gaseous catalyst with said gaseous hydrogen 

atoms, thereby releasing energy from said gaseous 
hydrogen atoms and producing hydrogen atoms having 
a binding energy of about E,=13.6/n~ eV, where n is a 
fraction whose numerator is 1 and a denominator is an 
integer greater than 1. 

376. A method according to claim 375, wherein said 
source of gaseous catalyst comprises an ionic compound 
which is resistant to hydrogen reduction. 

377. A method according to claim 375, wherein said 
source of gaseous catalyst comprises an ionic compound 
which is resistant to hydrogen reduction and which is 
adapted to sublime, boil or become volatile when heated. 

378. A method according to claim 375, wherein said 
source of gaseous catalyst comprises an ionic compound 
which is adapted to sublime, boil or become volatile when 
heated. 
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379. A method according to claim 375, wherein said 
source of gaseous catalyst comprises an ionic compound 
which is resistant to thermal degradation. 

380. A method according to claim 375, wherein said 
source of gaseous catalyst comprises a salt of rubidium or 
potassium. 

381. A method according to claim 375, wherein said 
source of gaseous catalyst comprises a salt that can form a 
vapor comprising ions when heated. 

382. A method according to claim 375, wherein said 
source of gaseous catalyst comprises a salt of rubidium 
selected from the group consisting of RbF, RbCl, RbBr, Rbl, 
Rb,S,, RbOH, Rb,SO,, Rb,CO,, and Rb¿PO,. 

383. A method according to claim 375, wherein said 
source of gaseous catalyst comprises a salt of potassium 
selected from the group consisting of KF, KCl, KBr, KI, 
K,S,, KOH, K,SO,, KCO}, K¿PO,, and K,GeF,. 

384. A method according to claim 375, wherein said 
source of gaseous catalyst comprises at least one metal 
selected from the group consisting of Mo, Ti, and Rb. 

385. A method according to claim 375, wherein said 
source of gaseous catalyst comprises at least one salt 
selected from the group consisting of Mol,, TiCL,, TiCl, 
SnCl,, SiCl,, PrBr,, CaBr,, SrCL,, Crl,, Tbl,, SbCl,, CrF3, 
CoCL, BiCl,, NiCL,, PdF,, InCl, LaCl,, DyCl,, Lal,, Hol,, 
KNO,, VF}, POF», VOCI, Pbl,, LuCl,, PbCL, Asl,, Hol, 
MoCl,, SnCl,, Sbl,, CdL, AgF,, AgF, Lal,, Erl,, VCL,, 
BCL, FeCl,, TICL,, Col, CoF,, TH, TIF, BiBr,, ZnBr,, Asl,, 
Dyl,, HoCl,, MgCl, CrCl, PrCl,, SrCl,, FeCl,, NiCl,, 
CuCl, SrCl,, MoCL,, YCL, ZrCl,, Cdl,, Bal,, Hol,, PbL, 
PdF,, LiF, EuCl,, MgCl, ErCl,, MgCl, ErCl,, MgCL, 
BiCL,, AICL,, CaBr,, SmBr,, VaF3;, LaCl,, Gdl,, Crl,, Mnl,, 
YbBr,, FeBr,, NiCL,, AgCl, ZnCl, YbCL,, SeF,, SnCL,, 
SnF,, Sbl,, Bil, EuF;, and PbCL,. 

386. A method according to claim 375, wherein said 
gaseous catalyst comprises at least one ion selected from the 
group consisting of Mo”*, Tió*, and Rb*. 

387. A method according to claim 375, wherein said 
gaseous catalyst comprises at least one pair of ions selected 
from the group consisting of: (Sn**, Si**), (Pr°*, Ca”), 
(Sr, CE (Cr Tb**), (Sb**,Co**), (Bi**, Ni**), (Pd**, 
In*), (ha: Dyji (La?*, Ho**), (K*, K*), (es Pd”), 
(Lu>*, TO: (As**, Ho**), (Mo**, Snt”), (Sb**, Gi: 
(Ag”,Ag”), (Lar: Er», (ve, B**), (Fe**, Ti**), (Co**, 
Ti”, (Bi?*, Zn”), (As**, Dy**), (Ho**, Mg”), (K*, Rb‘), 
(Cr, Pro»), (Sr, Fe~*), (Ni, Cu), (Sr, Mo”), a, 
Zr**), (Cd**, Ba”), (Ho**, Pos: (Pb**, Li*), (Eu**, Mg”), 
(En”*, Mg”), (Bi**, Al); te Sm°*), A La**), (Gd**, 
Cros), (Mn”, Ti”, To Fe*», (Ni**, Ag), (Zn**, Yb”), 
(Se**, Sn**), (Sb**, Bi”*), and (Eu**, Pb”). 

388. A method according to claim 375, wherein said 
source of gaseous catalyst comprises a salt of one or more 
cations and at least one anion selected from the group 
consisting of halides, sulfates, phosphates, carbonates, 
hydroxide and sulfides. 

389. A method according to claim 375, wherein said 
gaseous catalyst comprises hydrogen atoms having a bind- 
ing energy of about E,=13.6/n> eV, where n is a fraction 
whose numerator is 1 and denominator is an integer greater 
than 1. 

390. A method according to claim 375, wherein said 
catalyst is selected to have a resonant adsorption with the 
energy released from said gaseous hydrogen atoms under- 
going a transition to a lower energy state. 

391. A method according to claim 375, wherein said 
gaseous catalyst comprises potassium and has a net enthalpy 
of reaction of 27.28 eV. 
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392. A method according to claim 375, wherein said 
gaseous catalyst has a net enthalpy of reaction of about 27.2 
eV. 

393. A method according to claim 375, further comprising 
the step of combining a source of gaseous catalyst with a 
source of gaseous hydrogen atoms comprising at least one of 
a hydrocarbon or water, and providing combustion which 
volatizes said source of gaseous catalyst to form said gas- 
eous catalyst and provide said gaseous hydrogen atoms. 

394. A method according to claim 375, further comprising 
the step of forming said source of gaseous catalyst or said 
gaseous catalyst in situ. 

395. A method according to claim 344, wherein said step 
of forming said source of gaseous catalyst or said gaseous 
catalyst in situ comprises the ionization of a reactant. 

396. A method according to claim 345, wherein said step 
of ionization comprises thermal ionization of said reactant. 

397. A method according to claim 395, wherein said step 
of ionization comprises chemical ionization of said reactant. 

398. A method according to claim 397, wherein said step 
of chemical ionization comprises oxidation or reduction of 
said reactant. 

399. A method according to claim 375, wherein said step 
of volatizing said source of catalyst to form said gaseous 
catalyst utilizes energy from at least one of heat, electron- 
beam energy, photon energy, acoustic energy, electric field, 
or magnetic field. 

400. A method according to claim 375, wherein said step 
of volatizing said source of catalyst comprises the step of 
heating a filament coated with said source of said gaseous 
catalyst. 

401. A method according to claim 375, wherein said step 
of volatizing said source of gaseous catalyst to form said 
gaseous catalyst comprises the steps of volatizing said 
material to form gaseous atoms and ionizing said gaseous 
atoms to form ions. 

402. A method according to claim 375, further comprising 
adding a source of catalyst to said reaction vessel and 
heating said source of catalyst to form said gaseous catalyst. 

403. A method according to claim 375, wherein said 
source of catalyst is provided in a catalyst reservoir com- 
prising a container separate from said reaction vessel and 
said container communicates with said reaction vessel. 

404. A method according to claim 375, wherein said 
source of catalyst is provided in a boat contained within said 
reaction vessel. 

405. A method according to claim 375, wherein said step 
of providing hydrogen atoms comprises the steps of disas- 
sociating a hydrogen containing compound into hydrogen 
atoms. 

406. A method according to claim 375, wherein said step 
of providing hydrogen atoms comprises the steps of passing 
a hydrogen containing gas over a hot filament. 

407. A method according to claim 375, wherein said step 
of providing hydrogen atoms comprises the steps of passing 
a hydrogen containing gas over a hot grid. 

408. A method according to claim 375, wherein said step 
of providing hydrogen atoms comprises the steps of passing 
a hydrogen containing gas through a tungsten capillary 
heated by electron bombardment. 

409. A method according to claim 375, wherein said step 
of providing hydrogen atoms comprises the steps of main- 
taining a hydride under nonequilibrium conditions. 

410. A method according to claim 375, wherein said step 
of providing hydrogen atoms comprises the steps of passing 
a hydrogen containing gas through an inductively coupled 
plasma flow tube. 
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411. A method according to claim 375, wherein said step 
of providing hydrogen atoms comprises the steps of con- 
tacting a hydrogen containing gas with a second catalyst for 
disassociating said hydrogen containing gas into free hydro- 
gen atoms. 

412. A method according to claim 411, wherein said 
second catalyst comprises at least one element selected from 
the group consisting of transition elements, inner transition 
elements, precious metals, refractory metals, lanthanides, 
actinides and activated charcoal. 

413. A method according to claim 411, wherein said 
second catalyst is selected from the group consisting of an 
element, compound, alloy or mixture of transition elements, 
inner transition elements, iron, platinum, palladium, 
zirconium, vanadium, nickel, titanium, Sc, Cr, Mn, Co, Cu, 
Zn, Y, Nb, Mo, Tc, Ru, Rh, Ag, Cd, La, Hf, Ta, W, Re, Os, 
Ir, Au, Hg, Ce, Pr, Nd, Pm, Sm, Eu, Gd, Tb, Dy, Ho, Er, Tm, 
Vb, Lu, Th, Pa, U, activated charcoal, and intercalated Cs 
carbon. 

414. A method according to claim 411, further comprising 
the step of utilizing a hot filament or hot grid to disassociate 
a hydrogen containing gas into gaseous hydrogen atoms and 
to heat said second catalyst. 

415. A method according to claim 411, further comprising 
the step of controlling the power output of said cell. 

416. A method according to claim 415, wherein said step 
of controlling the power output of said cell comprises 
controlling the temperature of said second catalyst. 

417. A method according to claim 416, wherein said step 
of controlling the temperature of said second catalyst com- 
prises utilizing a heated filament or grid. 

418. A method according to claim 375, wherein said 
source of gaseous hydrogen atoms is selected from the group 
consisting of hydrogen gas, water, hydrides, metal-hydrogen 
solutions, and hydrocarbons. 

419. A method according to claim 375, wherein said step 
of providing gaseous hydrogen atoms comprises pyrolyzing 
hydrocarbons or water. 

420. A method according to claim 375, further comprising 
the step of reforming hydrocarbons to at least one of gaseous 
molecular and gaseous atomic hydrogen. 

421. Amethod according to claim 375, further comprising 
the step of disassociating hydrogen containing molecules 
using UV light to form said gaseous hydrogen atoms. 

422. Amethod according to claim 375, further comprising 
the step of controlling the amount of gaseous hydrogen 
provided in said reaction vessel. 

423. A method according to claim 375, further comprising 
the step of controlling the flow of a source of gaseous 
hydrogen atoms or said gaseous hydrogen atoms from a 
chamber to said reaction vessel. 

424. A method according to claim 375, further comprising 
the step of utilizing a valve for controlling the flow of 
gaseous hydrogen or source of gaseous hydrogen from said 
reaction vessel. 

425. A method according to claim 375, further comprising 
the step of controlling the flow of gaseous hydrogen or 
source of gaseous hydrogen from said reaction vessel. 

426. Amethod according to claim 375, further comprising 
the step of utilizing a vacuum pump for controlling the flow 
of gaseous hydrogen or source of gaseous hydrogen from 
said reaction vessel. 

427. Amethod according to claim 375, further comprising, 
the step of utilizing a valve for controlling the flow of 
gaseous hydrogen or source of gaseous hydrogen from a 
chamber into said reaction vessel. 

428. A method according to claim 375, further comprising, 
controlling the partial pressure of said gaseous hydrogen 
atoms. 
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429. A method according to claim 375, wherein a partial 
pressure of said gaseous hydrogen atoms or source of 
gaseous hydrogen atoms in said reaction vessel is main- 
tained within the range of 107? atmospheres to 100 atmo- 
spheres. 

430. A method according to claim 375, further comprising, 
controlling the amount of gaseous catalyst or source of 
gaseous catalyst introduced into said reaction vessel. 

431. A method according to claim 375, further comprising 
controlling the flow of gaseous catalyst or source of gaseous 
catalyst from a catalyst reservoir containing gaseous catalyst 
or a source of gaseous catalyst to said reaction vessel. 

432. A method according to claim 375, further comprising 
controlling the flow of gaseous catalyst or source of gaseous 
catalyst from a boat containing gaseous catalyst or a source 
of gaseous catalyst. 

433. A method according to claim 375, further comprising 
the step of controlling the flow of said gaseous catalyst or 
said source of gaseous catalyst from said reaction vessel. 

434. A method according to claim 375, further comprising 
the step of controlling the vapor pressure of said gaseous 
catalyst or source of gaseous catalyst in said reaction vessel. 

435. A method according to claim 375, wherein a vapor 
pressure of said gaseous catalyst or said source of gaseous 
catalyst is maintained at about 50 to 210 millitorr. 

436. A method according to claim 375, further comprising 
using a vacuum pump to control the flow of said catalyst or 
said source of gaseous catalyst from said reaction vessel. 

437. A method according to claim 375, further comprising 
using a valve to control the flow of said source of gaseous 
catalyst or said catalyst from a catalyst reservoir into said 
reaction vessel. 

438. A method according to claim 375, further comprising 
using a valve to control the flow of said source of gaseous 
catalyst or said catalyst from said reaction vessel. 

439. A method according to claim 375, further comprising 
the step of supplying a nonreactive gas to said reaction 
vessel. 

440. A method according to claim 375, further comprising 
the step of controlling the vapor pressure of said nonreactive 
gas in said reaction vessel. 

441. A method according to claim 440, further comprising 
the step of controlling the flow of said nonreactive gas 
supplied to said reaction vessel. 

442. A method according to claim 440, further comprising 
the step of controlling the amount of said nonreactive gas 
released from said reaction vessel. 

443. A method according to claim 440, further comprising 
utilizing a vacuum pump for controlling the flow of said 
nonreactive gas from said reaction vessel. 

444. A method according to claim 440, further comprising 
the step of utilizing a valve for controlling the flow of said 
nonreactive gas from said reaction vessel. 

445. A method according to claim 440, further comprising 
the step of utilizing a valve for controlling the flow of said 
nonreactive gas into said reaction vessel. 

446. A method according to claim 375, further comprising 
the step of controlling the vapor pressure of said gaseous 
catalyst in said reaction vessel. 

447. A method according to claim 446, wherein said step 
of controlling the vapor pressure of said gaseous catalyst 
comprises controlling the temperature in a catalyst reservoir 
containing a source of gaseous catalyst or said gaseous 
catalyst and being in communication with said reaction 
vessel, and controlling the flow of gaseous catalyst from said 
catalyst reservoir. 

448. A method according to claim 446, wherein said step 
of controlling the vapor pressure of said gaseous catalyst 
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comprises controlling the temperature in a boat containing a 
source of gaseous catalyst or said gaseous catalyst and being 
contained in said reaction vessel, and controlling the flow of 
gaseous catalyst from said boat. 

449. A method according to claim 375, further comprising 
the step of controlling the temperature in a catalyst reservoir 
containing a source of gaseous catalyst or said gaseous 
catalyst and being in communication with said reaction 
vessel. 

450. A method according to claim 375, further comprising 
the step of controlling the temperature in a boat containing 
a source of gaseous catalyst or said gaseous catalyst and 
being contained in said reaction vessel. 

451. A method according to claim 375, wherein the 
reaction to provide a net enthalpy of about 27 (p/2) eV, 
where p is a positive integer greater than 1, comprises an 
electrochemical, chemical, photochemical, thermal, free 
radical, sonic, nuclear, inelastic photon, or particle scattering 
reaction, or mixtures thereof. 

452. A method according to claim 375, wherein a pressure 
in said reaction vessel is maintained within the range of 107? 
atmospheres to 100 atmospheres. 

453. A method according to claim 375, wherein said 
reaction occurring at a pressure less than atmospheric pres- 
sure. 

454. A method according to claim 375, further comprising 
the step of releasing hydrogen atoms from said reaction 
vessel having a binding energy of about E,=13.6/n* eV, 
where n is a fraction whose numerator is 1 and denominator 
is an integer greater than 1 or a compound containing said 
hydrogen atoms. 

455. A method according to claim 375, further comprising 
the step of adsorbing said released energy. 

456. A method according to claim 375, further comprising 
the step of converting energy released from said hydrogen 
atom into electrical energy. 

457. A method according to claim 375, wherein said 
reaction step is conducted in an internal combustion cham- 
ber. 

458. A method according to claim 457, wherein said 
internal combustion chamber is an engine cylinder. 

459. A method according to claim 375, further comprising 
the step of controlling the power output of said cell. 

460. A method according to claim 459, wherein said step 
of controlling the power output of said cell comprises 
controlling the amount of said gaseous catalyst present in 
said reaction vessel. 

461. A method according to claim 460, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the temperature of said reaction vessel and 
selecting said gaseous catalyst to have a vapor pressure 
dependent upon the temperature of said reaction vessel. 

462. A method according to claim 460, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the temperature of a catalyst reservoir containing 
a source of gaseous catalyst or said gaseous and being in 
communication with said reaction vessel, and selecting said 
gaseous catalyst to have a vapor pressure dependent upon 
the temperature of said catalyst reservoir. 

463. A method according to claim 460, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the flow of said source of gaseous catalyst or 
gaseous catalyst from said catalyst reservoir into said reac- 
tion vessel. 

464. A method according to claim 460, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the flow of said source of gaseous catalyst or 
gaseous catalyst from said reaction vessel. 


6,024,935 


91 


465. A method according to claim 460, wherein said step 
of controlling the amount of gaseous catalyst comprises 
controlling the temperature of a boat containing a source of 
gaseous catalyst or said gaseous and being contained in said 
reaction vessel, and selecting said gaseous catalyst to have 
a vapor pressure dependent upon the temperature of said 
boat. 

466. A method according to claim 459, wherein said step 
of controlling the power output of said cell comprises 
controlling the amount of said gaseous hydrogen atoms or 
source of gaseous hydrogen atoms present in said reaction 
vessel. 

467. A method according to claim 466, wherein said step 
of controlling the amount of said gaseous hydrogen atoms or 
source of gaseous hydrogen atoms comprises controlling the 
flow of gaseous hydrogen atoms or source of gaseous 
hydrogen atoms into said reaction vessel. 

468. A method according to claim 466, wherein said step 
of controlling the amount of said source of gaseous hydro- 
gen atoms or gaseous hydrogen atoms comprises controlling 
the flow of said source of gaseous hydrogen atoms or 
gaseous hydrogen atoms from said reaction vessel. 

469. A method according to claim 466, wherein said step 
of controlling the amount of said source of gaseous hydro- 
gen atoms or gaseous hydrogen atoms comprises controlling 
the temperature of a second catalyst for dissociating a 
hydrogen containing compound into gaseous hydrogen 
atoms. 

470. A method according to claim 469, wherein said step 
of controlling the temperature of a second catalyst for 
dissociating a hydrogen containing compound into gaseous 
hydrogen atoms comprises controlling the power dissipated 
in a second catalyst heater. 

471. A method according to claim 459 wherein said step 
of controlling the power output of said cell comprises 
controlling the amount of nonreactive gas in said reaction 
vessel. 

472. A method according to claim 471, wherein said step 
of controlling the amount of nonreactive gas in said reaction 
vessel comprises controlling the flow of nonreactive gas into 
said reaction vessel. 

473. A method according to claim 472, wherein said step 
of controlling the amount of nonreactive gas in said reaction 
vessel comprises controlling the flow of nonreactive gas 
from said reaction vessel. 

474. A method according to claim 459, wherein said step 
of controlling the power output of said cell comprises 
controlling the temperature of a source of gaseous catalyst. 

475. A method according to claim 459, wherein said step 
of controlling the power output of said cell comprises 
controlling the flow of a hydrogen containing gas over at 
least one of a hot filament, a tungsten capillary heated by 
electron bombardment, or an inductively coupled plasma 
flow. 

476. A method according to claim 459, wherein said step 
of controlling the power output of said cell comprises 
controlling the power dissipated in an inductively coupled 
plasma flow tube, hot filament or grid, or tungsten capillary 
heated by electron bombardment. 

477. A method according to claim 459, wherein said step 
of controlling the power output of said cell comprises 
controlling the temperature of a hot filament or tungsten 
capillary heated by electron bombardment over which a 
hydrogen containing gas flows. 

478. A method according to claim 459, wherein said step 
of controlling the power output of said cell comprises 
controlling the temperature of a hydride maintained under 
nonequilibrium conditions. 
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479. A method according to claim 375, wherein a tem- 
perature in said reaction vessel is maintained at a higher 
temperature than in a catalyst reservoir in communication 
with said reaction vessel or a boat contained within said 
reaction vessel. 

480. A method according to claim 375, further comprising 
the step of measuring the temperature of a catalyst reservoir 
in communication with said reaction vessel or a boat con- 
tained in said reaction vessel. 

481. A method according to claim 375, further comprising 
the step of measuring the temperature of a source of said 
gaseous catalyst contained in a catalyst reservoir in com- 
munication with said reaction vessel or a boat contained 
within said reservoir. 

482. A method according to claim 375, further comprising 
the step of measuring the temperature of a chamber con- 
taining a source of said hydrogen atoms in communication 
with said reaction vessel. 

483. A method according to claim 375, further comprising 
the step of measuring the temperature of a source of said 
gaseous hydrogen atoms. 

484. A method according to claim 411, further comprising 
the step of measuring the temperature of said second cata- 
lyst. 

485. A method according to claim 375, further comprising 
the step of controlling the temperature of said reaction 
vessel. 

486. A method according to claim 375, further comprising 
utilizing a nebulizer or atomizer to form said gaseous 
catalyst. 

487. A method according to claim 375, further comprising 
the step of measuring the pressure in said reaction vessel. 

488. A method according to claim 375, further comprising 
the step of controlling the pressure in said reaction vessel. 

489. A method according to claim 375, further comprising 
the step of measuring the hydrogen pressure in said reaction 
vessel. 

490. A method according to claim 375, further comprising 
the step of measuring the gaseous catalyst pressure in said 
reaction vessel. 

491. A method according to claim 375, further comprising 
the step of converting energy released from said gaseous 
hydrogen atoms into electrical energy. 

492. A method according to claim 375, further comprising 
controlling the pressure of said gaseous catalyst by control- 
ling the amount of said source of catalyst being added to said 
reaction vessel. 

493. A cell comprising: 


a reaction vessel capable of containing a vacuum or 
pressures greater than atmospheric; 


a source of hydrogen atoms; and 


a source of a gaseous catalyst or a gaseous catalyst 
capable of accepting energy from atomic hydrogen 
thereby catalyzing a transition of the electron of atomic 
hydrogen to a state lower than that of uncatalyzed 
hydrogen. 

494. A cell comprising: 

a reaction vessel capable of containing a vacuum or 
pressures greater than atmospheric; 

a source of hydrogen atoms; and 

a source of a gaseous catalyst or a gaseous catalyst 
capable of accepting energy from atomic hydrogen 
thereby catalyzing a transition of the electron of atomic 
hydrogen to a state lower than that of uncatalyzed 
hydrogen and releasing energy from said hydrogen 
atom, wherein said gaseous catalyst comprises hydro- 
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gen atoms having a binding energy of about E,=13.6/n? 
eV, where n is a fraction whose numerator is 1 and 
denominator is an integer greater than 1. 

495. A cell comprising: 


a reaction vessel capable of containing a vacuum or 
pressures greater than atmospheric; 


a source of hydrogen atoms; and 


a source of a gaseous catalyst or a gaseous catalyst 
capable of accepting energy from atomic hydrogen 
thereby catalyzing a transition of the electron of atomic 
hydrogen to a state lower than that of uncatalyzed 
hydrogen and releasing energy from said hydrogen 
atom, wherein said source of gaseous catalyst com- 
prises at least one salt selected from the group consist- 
ing of RbF, RbCl, RbBr, Rbl, Rb,S,, RbOH, Rb,SO,, 
Rb,CO,, Rb¿PO,, KF, KCl, KBr, KI, K,S,, KOH, 
K,SO,, K,CO,, K¿PO,, and K,GeF,. 

496. A cell comprising: 

a reaction vessel capable of containing a vacuum or 
pressures greater than atmospheric; 


a source of hydrogen atoms; and 


a source of a gaseous catalyst or a gaseous catalyst 
capable of accepting energy from atomic hydrogen 
thereby catalyzing a transition of the electron of atomic 
hydrogen to a state lower than that of uncatalyzed 
hydrogen and releasing energy from said hydrogen 
atom, wherein said gaseous catalyst comprises at least 
one ion selected from the group consisting of Mo”*, 
Ti°*, and Rb*. 

497. A cell comprising: 


a reaction vessel capable of containing a vacuum or 
pressures greater than atmospheric; 


a source of hydrogen atoms; and 


a source of a gaseous catalyst or a gaseous catalyst 
capable of accepting energy from atomic hydrogen 
thereby catalyzing a transition of the electron of atomic 
hydrogen to a state lower than that of uncatalyzed 
hydrogen and releasing energy from said hydrogen 
atom, wherein said source of gaseous catalyst com- 
prises at least one metal selected from the group 
consisting of Mo, Ti, and Rb. 

498. A cell comprising: 


a reaction vessel capable of containing a vacuum or 
pressures greater than atmospheric; 
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a source of hydrogen atoms; and 

a source of a gaseous catalyst or a gaseous catalyst 
capable of accepting energy from atomic hydrogen 
thereby catalyzing a transition of the electron of atomic 
hydrogen to a state lower than that of uncatalyzed 
hydrogen and releasing energy from said hydrogen 
atom, wherein said source of gaseous catalyst com- 
prises at least one salt selected from the group consist- 
ing of Mol,, TiCl,, TiCl,, SnCl,, SiCL,, PrBr,, CaBr,, 
SrCL, Crl,, Tbl,, SbCl, CrF;, CoCl,, BiCl,, NiCL, 
PdF,, InCl, LaCl,, DyCl,, Lal, Hol, KNO,, VF3, 
PbF3, VOCI, Pbl, LuCl,, PbCL,, Asl,, Hol,, MoCl,, 
SnCl,, Sbl,, Cdl, AgF,, AgF, Lal, Erl, VCL, BCL, 
FeCl, TiCl,, Col, CoF,, TI, TIF, BiBr,, ZnBr., Asl,, 
Dyl,, HoCL, MgCl, CrCl, PrCl,, SrCl,, FeCl, 
NiCl,, CuCl, SrCl,, MoCL, YCL, ZrCl,, Cdl., Bal., 
Hol,, Pbl,, PdF,, LiF, EuCl,, MgCl, ErCl,, MgCl, 
ErCl,, MgCl, BiCl,, AICl,, CaBr,, SmBr3, VaF;, 
LaCl,, Gdl,, CrL,, MnL,, YbBr3, FeBr,, NiCL,, AgCl, 
ZnCl, YbCL, SeF,, SnCl,, SnF,, Sbl,, Bil, EuF,, and 
PbCL. 

499. A cell comprising: 

a reaction vessel capable of containing a vacuum or 
pressures greater than atmospheric; 

a source of hydrogen atoms; and 

a source of a gaseous catalyst or a gaseous catalyst 
capable of accepting energy from atomic hydrogen 
thereby catalyzing a transition of the electron of atomic 
hydrogen to a state lower than that of uncatalyzed 
hydrogen and releasing energy from said hydrogen 
atom, wherein said gaseous catalyst comprises at least 
one pair of ions selected from the group consisting of: 
(Sn*, Ss), (PES Ca (Sr°*, Cros), (Cr°*, Tp); 
(Sb**, Co**), (Bi**, Ni**), (Pd**, In*), a Dy*), 
(La?*, Ho**), (K*, K*), eS Pd”), (Lu**, Zn”), 
(As**, Ho. (Mo**, Sn**), (Sb**, Cd); (Ag”, Ag”), 
(La**, Er**), (ve, B**), (Fe?*, Ti**), (Co”*, Ti^, (Bi?*, 
Zn”), (As**, Dy**), (Ho**, Mg”), (K*, Rb”), (C+, 
Pro»), (Sr, Fe~*), (Ni**, Cu), (Sr, Mo”), (E, 
Zr**), (Cd, Ba°*), (Ho?*, Pb**), (Pb**, Li”), (Eu?*, 
Mg”), (Er”*, Mg”), (Bi*, Ar: (Ca”, Sm”), (va, 
La**), (Gd”*, Cr), (Mn”, Ti”, (Yb**, Fe**), (Ni, 
Ag*), (Zn, Yb**), (Se**, Sn*), (Sb°*, Bi”), and 
(Eu**, Pb**). 


PART HU — 
BUILDING AND USING 
BALUNS AND UNUNS 


The 1:1 Balun 


Chapter / 


Sec 7.1 Introduction 


n this chapter I will introduce the most popular 
¡EZ Balun in amateur radio use—the 1:1 

Balun. This topic been discussed in the amateur 
radio literature since the publication of Turrin’s 1964 
article.® Although Turrin's Balun is really a version of 
Ruthroff’s, which was introduced in his classic 1959 
article,” the real beginning of the broadband 1:1 Balun 
dates back to Guanella's classic paper of 1944.3 
Guanella’s objective was to design a broadband [6:1 
Balun to match the balanced output impedance of 960 
ohms of a push-pull, 100-watt vacuum-tube amplifier 
to the unbalanced load of a matched 60-ohm coaxial 
cable. Use of his approach for 1:1, 4:1, and 9:1 Baluns 
has produced the designs of choice. They are present- 
ly called current or choke Baluns. 

This chapter begins with an introduction to the tech- 
nology of transmission line transformers. Other topics 
discussed include: 1} when to use a Balun; 2) high- 
lights of significant articles in the professional and 
amateur radio literature; 3) high-power, medium- 
power, and low-power designs; and 4) isolation trans- 
formers. The latter is presented here for the first time. 
The chapter closes with a brief summary of the signif- 
icant points included within. 


Sec 7.2 When to Use a Balun 


Baluns have taken on a more significant role m the 
past few decades with the advent of solid-state trans- 
celvers and Class B lmear amplifiers with unbalanced 
outputs. That is, the voltage on the center conductor 
of their output chassis connectors varies (plus and 
minus) with respect to ground, In many cases, coaxial 
cables are used as the transmission lines from these 
unbalanced outputs to antennas like dipoles, inverted 
Vs, and Yagi beams that favor a balanced feed. In 
essence, they prefer a source of power whose termi- 
nais are balanced (voltages being equal and opposite) 
with respect to actual ground or to the virtual ground 
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Figure 7-1, An illustration of the various currents at the 
feedpoint of a dipole, 1; is the dipole current and I>, the 
inverted L (imbalance) current. 


that bisects the center of the antenna. The question 
that is asked most frequently is whether a 1:1 Balun is 
really needed. 

To illustrate the problem involved and to give a 
basis for my suggestions, I refer you to Figure 7-1, 
Here we have, at the feedpoint of the dipole, two 
equal and opposite transmission Hne currents with two 
components each——I, and 15. Aiso shown is the spac- 
ing, s, between the center conductor and the outside 
braid. Theoretically, a balanced antenna with a bal- 
anced feed would have a ground (zero potential) plane 
bisecting this spacing. However, because a coax-feed 
is unbalanced and the outer braid is also connected to 
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ground at some point, an imbalance exists at the feed- 
point giving rise to two antenna modes, One lies with 
I,, providing a dipole mode, the other lies with L, 
providing an inverted L mode. 

If the spacing, $, is increased, the imbalance at the 
feedpoint becomes greater—giving rise to more cur- 
rent on the outer braid and a larger imbalance of cur- 
rents on the antenna’s arms. Several steps can be 
taken to ehiminate or minimize the undesirable invert- 
ed L mode (that is, eliminate or minimize 1,). The 
obvious choice is to use a well-designed Balun that 
not only provides a balanced feed, but also minimizes 
(by its choking reactance) I,—if the coaxial cable 
does not He in the ground plane that bisects the center 
of the dipole, The other step is to ground the coaxial 
cable at a quarter-wave {or odd-multiple thereof) from 
the feedpoint. This discourages the inverted L mode 
because any radiating element will want to see a high 
impedance at these lengths instead of the low imped- 
ance of a ground connection. 

L conducted experiments with Baluns on a 20-meter 
half-wave dipole at a height of 0.17 wavelengths, 
which gave a resonant impedance of 50 ohms. VSWR 
curves were compared under various conditions. 
When the coaxial cable was in the ground plane of the 
antenna (that is, perpendicular to the axis of the anten- 
na), the VSWR curves were identical with or without 
a well-designed Balun-—no matter where the outer 
braid was grounded. A significant difference was 
noted only when the coaxial cable was out of the 
ground plane. When the cable dropped down at a 45- 
degree angle under the dipole, a large change ln the 
VSWR took place. This meant that the inverted L 
mode was appreciable. 

It should also be mentioned that the direction of E, 
the imbalance current, can depend upon the side on 
which the coaxial cable is out of the ground plane of 
the dipole. For example, if the cable comes down 
under the right side in Figure 7-1 (that is, the angle 
between the horizontal arm and the coax is less than 
90 degrees on the right side and more than 90 degrees 
on the left side), then the direction of I, can be 
reversed by the imbalance in the induced currents on 
the outside of the braid. By the same token, by having 
the coaxial cable coming down on the other side, the 
value of E, is only increased in magnitude. 

However, feeding a Yagi beam without a well- 
designed 1:1 Balun is a different matter. Because most 
Yagi designs use shunt-feeding (usually by hairpin 
matching networks) in order to raise the input imped- 


ance close to 50 ohms, the effective spacing (s) is 
greatly increased. Furthermore, the center of the dri- 
ven element is actually grounded. Thus, connecting 
the outer braid (which 1s grounded at some point) to 
one of the input terminals, creates a large imbalance 
and a real need for a Balun. An interesting solution, 
which would eliminate the matching network, is to 
use a step-down Balun designed to match 50-ohm 
cable directly to the lower balanced-impedance of the 
driven element. 

In summary, if you concur with the theoretical 
model of Figure 7-1, my experiments performed on 
20 meters, and the reports from radio amateurs using 
dipoles and inverted Vs without Baluns, then it 
appears that 1:1 Bakuns are really needed for: a) Yagi 
beam antennas where severe pattern distortion can 
fake place without one, and b) dipoles and inverted Vs 
that have the coaxial cable feed lines out of the 
ground plane that bisects the antennas, or that are 
unbalanced by their proximity to manmade or natural 
structures. In general, the need for a Balun is not so 
critical with dipoles and inverted Vs (especially on 40, 
80, and 160 meters) because the diameter of the coax- 
liai cable connector at the feedpomt is much smalier 
than the wavelength. 

IF my model, which assumes that a part of the prob- 
lem when feeding balanced antennas with coaxial 
cable is related to the size of the spacing, s (shown in 
Figure 7-1), then the possibility exists for using 
Ununs for matching into balanced antennas with 
impedances other than 50 ohms and with small values 
of s. For example, half-wave dipoles at a height of 
about a half-wave, quads, and center-fed 3/2-wave 
dipoles—~which all have impedances close to 106 
ohms-—could very well be matched to 50-ohm cable 
by a 2:1 Unun. As I will show, they are considerably 
easier to construct than 2:1 Baluns. Furthermore, 
Genaille!® has recently shown considerable success 
using Ununs in this kind of application. 

To wind up this section, I would like to comment on 
an article published by Eggers, | WA9NEW, concern- 
ing the use of a Balun with a half-wave dipole. While 
at North Carolina State University, he conducted an 
experimental investigation of pattern distortion with- 
out a Balun at 1.6 GHz in an RF anechoic chamber 
(which simulates “free space”) Briefly, his results 
showed that, with a Balun (bazocka type}, the antenna 
radiation pattern compared very favorably with the 
classic “figure-eight.” Without the Balun, the radiation 
pattern was severely distorted. 


Applications 

My purpose in building the electronic load was to enable rapid 
test of power-supply circuits. The 10-A and 30-V input capability 
will suffice for almost the entire range of solid-state supplies found 
in amateur equipment. After 1 built the load, a number of other 
applications surfaced. Some of these are worthy of mention. 

The performance of a voltage regulator is easily plotted by 
using the load, connected as indicated by Fig. 1-65. The regulator 
is connected to the load via an ammeter. A voltmeter is connected 
across the output of the supply. By increasing the load current and 
noting the meter reading, the internal resistance of the regulator 
may be found, and the percent regulation as a function of load 
determined. If the supply has a current limiter, the current-limiting 
point may be found by slowly increasing the load current until the 
voltage drops. The smooth control of current afforded by the 
electronic load makes these tests easy. 

At times it is desirable to know if a surplus transformer of 
questionable ancestry can meet a given requirement. Of particular 
concern is the “overhead” voltage requirement. This is the input 
voltage required to maintain a regulator in operation (at full load) 
subtracted from the output voltage. 

Typical three-terminal regulators require a 3-volt overhead to 
function properly. If all circuit parameters are known, it is easy to 


Fig. 1-66. Interior view of the Power Waster. Four TIP 35C load transistors 
are mounted to the heat sink. The thermal switch is located between the 
two center transistors. A U-shaped chassis is formed from the heat sink 
and two pieces of aluminum angle stock. 
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Even though the author expressed difficulty in 
obtaining accurate measurements at this very high fre- 
quency, I have a question regarding the validity of 
performing the experiment in the first piace. From the 
photograph in the article, it appears that conventional 
coaxial cable and connectors were used in the experi- 
ment. If we assume an effective diameter of 0.375 
inches for these components, then scaling up to 3.5 
MHz (457.14 fold} resuits in a coaxial cable with a 
diameter of 14.28 feet! I am quite sure that the large 
spacing, s, of 7.14 feet would bring about a noticeable 
imbalance resulting in appreciable pattern distortion 
even at 3.5 MHz. 


Sec 7.3 Hignlights of Significant 
Articles on 1:1 Baluns 


Although there have been many articles on 1:1 Baluns 
published in the professional and amateur literature, I 
have selected for review a few that I belteve have had 
the most impact on 1:1 Baluns for amateur radio use. 
As you will see, even though I consider some of the 
amateur articles significant, their impact upon the use 
and understanding of these devices has not always 
been positive. In fact, in some cases, the opposite has 
been true. 


In the professional literature 


There are actually only two significant articies in the 
professional literature that provide the fundamental 
principles upon which the theory and design of this 
class of transformers are based. It can be said that suc- 
ceeding investigators simply extended the works of 
the authors of these two articles. 

The first presentation on broadband matching 
transformers using transmission lines was given by 
Guanella in 1944.3 He coiled transmission lines 
forming a choke such that only transmission line cur- 
rents were allowed to flow, no matter where a ground 
was connected to the load. His single, coiled trans- 
mission line resulted in a 1:1 Balun. It is shown sche- 
matically in Figure 7-2A. Prior to this, RF Baluns 
were achieved by the use of quarter and half-wave 
transmission ¿ines, and as a result, had narrow band- 
widths. Guanelia then demonstrated broadband 
Baluns with impedance transformations of 1:n? where 
# is the number of transmission lines he connected in 
a series-parailel arrangement, 

several important points should be made regarding 
Guanelia’s 1:1 Balun shown in Figure 7-2A. With 
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Figure 7-2, Two versions of the 1:f Balun: (A) the 
Guanelia Balun and the basic building block; {B} the 
Ruthroff Balun as originally drawn. 


sufficient choking reactance, the output is isolated 
from the input and only fiux-canceling transmission 
line currents are allowed to flow. With matched or 
very short transmission lines, the grounding of termi- 
nal 5 (actually or virtually ike the center of a dipole) 
results mn terminal 4 becoming +V 1/2 and terminal 2 
becoming ~V ,/2—-creating a balanced output, This 
type of Balun has lately been called a “current” or 
“choke” Balun. A significant feature of this modei is 
that a potential gradient of -V¡/2 exists along the 
length of the transmission line. This gradient, which 
exists on both conductors, accounts for practically ali 
of the loss in these transformers because the loss 
mechanism is voltage dependent {a dielectric-type 
loss). All transmission line transformers have some 
sort of voltage gradient along their transmission lines 
and are, thus, subject to the same type of losses. 
Furthermore, the theory and loss mechanism is the 
same whether the transmission lines are coax or twin- 
lead, or coiled around cores, or threaded through fer- 
rite beads. Additionally, it was shown? that higher- 
impedance Baluns or Baluns subjected to higher 
VSWRs have more loss because the voltage gradients 
are also larger. 

The second significant article on broadband trans- 
mission line transformers was published by Ruthroff.? 
His FE Balun, which is shown as originally drawn in 
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Photo 7-A. The two basic forms of the 1:1 Balun that first 
appeared in the professional literature. The two-conductor 
Guanella Balun is on the left and the three-conductor 
Ruthroff Balun is on the right. 


Figure 7-2B, used an extra winding to complete (as 
he said) the path for the magnetizing current. Even 
though his schematic drawing appeared to look like a 
trifilar winding, his pictorial in the article clearly 
showed that the third winding (5-6) was on a separate 
part of the toroid. With an equal number of turns, it 
forms a voltage divider with winding (3-4) placing 
terminal 4 at +V,/2 and terminal 2 at —V,/2. In his 
classic paper, Ruthroff also presented his form of the 
4:1 Balun (which is also different from Guanella’s), a 
4:1 Unun, and various hybrids. Photo 7-A shows the 
two basic forms of the 1:1 Balun that first appeared in 
the professional literature. The two-conductor 
Guanella 1:1 Balun is on the left and the three-con- 
ductor Ruthroff Balun is on the right. As was men- 
tioned before, the Guanella Balun has also been called 
a “current” or “choke” Balun. 

Before moving on to the significant articles in the 
amateur radio literature, some mention should be 
made of the differences between the two basic forms 
shown in Photo 7-A. Guanella’s 1:1 Balun came to be 
known as the basic building block for this whole class 
of broadband transformers. This term was coined by 
Ruthroff as he showed its 1:1 Balun capability when 
the load was grounded at its center (terminal 5), and 
as a phase-inverter when the load was grounded at the 
top (terminal 4). By connecting terminal 2 to terminal 
3 and connecting the bottom of the load to ground, 
Ruthroff demonstrated his very popular 4:1 Unun. I 


call this type of arrangement the bootstrap connection. 
By grounding terminal 2, there is no potential drop 
along the transmission line and, therefore, no need for 
magnetic cores or beads. This arrangement, which 
turns out to be an important function for extending the 
high frequency performance of this class of transform- 
ers, I call the “phase-delay” connection. 

Thus, with the flexibility shown by Guanella's basic 
building block, a 1:1 Balun is now realized that not 
only presents a balanced power source to a balanced 
antenna system, but can also prevent an imbalance 
current (an inverted L antenna current) by its choking 
reactance when the load is unbalanced or mismatched 
or when the feedline is not perpendicular to the axis 
of the antenna. 

Interestingly enough, except at the very low end of 
the frequency response of the Ruthroff 1:1 Balun 
where autotransformer action can take place, his 
Balun takes on the characteristics of the Guanella 
Balun. The reactance of the third winding becomes 
great enough to make it literally transparent. This is 
not the nature of the trifilar-wound (voltage) Balun, 
which is sensitive to unbalanced and mismatched 
loads over its entire passband because it is actually 
two tightly coupled transmission lines. This distinc- 
tion was not recognized by most of those who pub- 
lished in the amateur radio literature. 


In the amateur radio literature 


R. Turrin, W2IMU—1964 

The first presentation in the amateur radio literature 
on 1:1 Baluns using ferrite cores was by Turrin in 
1964.8 Turrin, who was a colleague of Ruthroff's at 
Bell Labs, took his small-signal design (which used 
No. 37 or 38 wire on toroids with ODs of 0.25 inches 
or less) and adapted it to high-power use. This was 
done by using thicker wire, larger cores, and (very 
importantly for high efficiency?) low permeability fer- 
rite. Ruthroff used lossy manganese-zinc ferrites with 
permeabilities of about 3000 because efficiency was 
not a major consideration. 

Figure 7-3 is a pictorial and a schematic of Turrin's 
design. As you can see, the third wire (winding 3-4) is 
placed between the two current-carrying wires (wind- 
ings 1-2 and 4-5). Photo 7-B shows (on the left) his 
actual design using a ferrite core; a popular design (on 
the right) using a powdered-iron core is available in 
kit form from Amidon Associates, Inc. Both Baluns 
use 10 trifilar turns of a single-coated wire like 
Formex™ or Formvar™ on a toroid. Turrin’s design 


R-balanced 


Figure 7-3. (A) A pictorial of Turrin’s 1:1 Balun, and (B) 
a schematic of his Balun. 


uses a ferrite toroid with an OD of 2.4 inches and a 
permeability of 40. The Amidon Associates’ Balun 
uses a powdered-iron toroid with a 2-inch OD and a 
permeability of only 10. Both Baluns are specified to 
handle 1000 watts of power from 1.8 to 30 MHz. 
Figure 7-4 shows the response curves for these two 
Baluns when terminated with 50-ohm loads. The 
response curve for a popular 1:1 rod-type Balun that 
uses the same schematic and wire is also shown. It has 
8 trifilar turns, tightly wound on a rod of 0.5-inch 
diameter, 2.5 inches long, and with a permeability of 
125. The rod-type Balun is shown in Photo 7-C. 
Several important features should be brought out 
regarding the results shown in Figure 7-4. They are: 


Photo 7-B. Two versions of Turrin's 
design: On the left, the 1:1 Balun that has 
appeared in the amateur radio literature; 
on the right, a 1:1 Balun that has been 
readily available in kit form from Amidon 
Associates, Inc. 
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1. All Baluns had insufficient choking reactance 
and, hence, poor low-frequency responses. The pow- 
dered-iron version was especially poor. They all 
showed a drop in the input impedance and an induc- 
tive component at 2 MHz. This meant flux in the 
cores and an undesirable condition—especially for 
ferrite, which is a nonlinear material. Ferrite cores 
could not only suffer damage, but they could also gen- 
erate spurious frequencies under these conditions. In 
fact, the same condition could occur at 4 MHz with a 
VSWR of 2:1! Therefore, I don’t recommend any of 
these Baluns for use on 160 or 80 meters. 

2. The major problem at the low-frequency end is 
the role of the third winding (3-4) in Figure 7-3B. It 
has been claimed!? that the third winding improves 
the low-frequency response (over the two-conductor 
Guanella 1:1 Balun) because it enables autotrans- 
former action at the low end. However, recent mea- 
surements I have made on two-conductor Guanella 
Baluns and three-conductor Ruthroff (or Turrin) 
Baluns, with loads grounded at their centers, show 
insignificant differences. This type of load approxi- 
mates the actual condition when feeding a balanced 
antenna system. The negative feature of the third 
winding (3-4) is that, at the low-frequency end, there 
can be insufficient reactance to prevent harmful flux 
in the core because of a direct shunting path to 
ground. With the two-conductor 1:1 Balun, the only 
flux-inducing current is that of the imbalance current 
(the inverted L mode), which is usually far smaller. 

3. Another important feature of the curves shown in 
Figure 7-4 is the effect of the characteristic imped- 
ances of the coiled transmission lines. For example, a 
bifilar winding (wires tight together) on a toroid with 
spacing between adjacent bifilar turns exhibits a char- 
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Amidon Associates 1:1 Baluns. 


acteristic impedance of about 45 ohms. When wound 
on a rod with no space between adjacent bifilar turns, 
the characteristic impedance drops to about 25 ohms. 
With the third winding (3-4) between the other two as 
shown in Figure 7-3B, the characteristic impedance is 
raised to approximately 70 ohms in the toroidal case 
and to about 47 ohms in the rod case. If the toroidal 
Baluns were terminated in 70 ohms and the rod Balun 
terminated in 47 ohms, the high-frequency responses 
would be practically flat to at least 30 MHz. The dif- 
ference in high-frequency response between the two 
toroidal Baluns (with 50-ohm loads) is due to the dif- 
ferences in the lengths of their transmission lines. The 
transmission line on the powdered-iron core is appre- 
ciably less because the OD, as well as the cross-sec- 
tional area, is smaller. 

4. The trifilar-wound form of the 1:1 Balun also 
has an additional undesirable property. Its high fre- 
quency response is sensitive to unbalanced and mis- 
matched loads. This is because the third wire now 
forms two tightly coupled transmission lines. It is 
unlike the Ruthroff version shown on the right in 
Photo 7-A. In his second article,!? Turrin pointed 
out this important distinction. 


J. Reisert, W1JR—1978 

The next significant article on 1:1 Baluns was pub- 
lished by Reisert in 1978.’ Reisert proposed winding 
some of the smaller (but still high-powered) coaxial 
cables around a 2.4-inch OD ferrite toroid with a per- 


Figure 7-4. The input impedance versus frequency, when terminated with 50 ohms, for the Turrin, typical rod-type, and 
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Photo 7-C. A typical rod-type Balun. 


meability of 125. The windings also included a 
crossover, which is shown in Figure 7-5 and Photo 7- 
D. In addition, he recommended various numbers of 
turns, depending upon the low-frequency requirement. 
For example, he suggested 12 turns to cover 3.5 MHz, 
10 turns for 7 MHz, 6 for 14 MHz, and 4 for 21 and 
28 MHz. Because the characteristic impedance of the 
coaxial cable is the same as the coax feedline, the 
Balun only introduces a foot or two of extra length to 
the feedline. This is true in the HF and VHF bands. 
The coaxial cables recommended in the article were 
RG-141/U, RG-142/U, and RG-303/U. 

From the articles that followed in the amateur radio 
literature, it became apparent that few recognized all 
of the important features of Reisert’s Balun. They are 
listed below. 

1. An efficient, low-loss ferrite was used. 

2. The Baluns had sufficient choking reactances for 
the various low-frequency requirements. 


3. The characteristic impedance of the coiled trans- 
mission line was the same as that of the feedline, 
thus eliminating the extra transformer action of a 
length of transmission line with a different character- 
istic impedance. 

4. The Balun is a form of Guanella’s two-conductor 
1:1 Balun, which is not prone to core flux and, hence, 
saturation and the generation of spurious frequencies. 
It is also not susceptible to mismatched and unbal- 
anced loads as are the Turrin and “voltage” Baluns. 

After constructing several of Reisert’s Baluns and 
comparing them with other Guanella designs, I found 
that the crossover winding had virtually no effect up 
to 100 MHz (the limit of my equipment). In regards to 
Reisert’s VSWR comparison with a rod-type Balun 
when feeding a triband Yagi beam on 20 meters, I 
found that his Balun had a lower VSWR (practically 
1:1) at the best match point. The rod-type Balun had a 
best VSWR of about 1.3:1, but at a slightly higher fre- 
quency. He attributed the higher (and somewhat flat- 
ter) VSWR curve of the rod-type Balun to its greater 
ohmic loss. Because the rod-type Baluns I have inves- 
tigated used the same low-loss ferrite that Reisert’s 
did, I suspect that the differences in the VSWR curves 
were mainly due to the mismatch loss introduced by 
the rod-type Balun. 


G. Badger, W6TC—1980 

Badger published an in-depth, two-part series13,14 
in Ham Radio magazine in 1980 on air-core Baluns 
and Ununs. I am sure it was instrumental in advancing 
the technology of this class of wideband transformers. 
An article by Orr!> also shows that there are many 
other radio amateurs who see the advantages of air- 
core transformers. 

What are the claims for air-core Baluns over their 
ferrite-core counterparts? First and foremost, propo- 
nents of air-core Baluns claim they don’t suffer the 
consequences of saturation that leads to spurious fre- 
quencies, heating, and ultimate damage. Secondly, it’s 
said that they are not subject to arcing from the wind- 
ings to the core. 

What are the claims for the ferrite-core Baluns over 
their air-core counterparts? Simply put, they have 
wider bandwidths and are more compact. 

After reading Badger’s two-part series, I found that 
my curiosity was piqued by his experimental data on 
harmonic distortion due to saturation in a ferrite-core 
1:1 Balun. Although many have expressed concerns 
regarding saturation in ferrite-core Baluns, Badger’s 
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Figure 7-5, A pictorial 
of the crossover used 
in Reisert’s 1:1 Balun. 


Balanced 


Unbalanced 


Photo 7-D. A Reisert, WIJR, 1:1 Balun. 


data could very well provide the only results avail- 
able. He used the two-tone test method, which com- 
bined two RF sources of 2.001 and 2.003 MHz, 
amplified it to 2 kW PEP and then fed it through a 
commercial 1:1 rod-type ferrite Balun. The data 
showed considerable distortion in the 3rd order and 
9th order distortion products. In other words, appre- 
ciable nonlinearity took place at this high power level. 

Several questions come to mind regarding these 
measurements. What was the low-frequency response 
of the commercial 1:1 rod-type Balun Badger used? 
From my measurements on a rod-type Balun (Figure 
7-4), | found a drop in the input impedance and an 
inductive component at 2 MHz. This indicates flux in 
the core and a problem when using this Balun at 2 
MHz. Because many rod-type 1:1 Baluns have been 
used over the years, it would have been instructive if 
he had also made these measurements at 4 and 7 
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Figure 7-6, Schematic of Badger’s 1:1 Balun with a com- 
pensating winding (1-2). Winding (3-4) is the outer-braid 
of the coax and winding (5-6) is the inner conductor, 


MHz. They would have given the readers a safe 
lower-frequency limit for these Baluns. 

I wondered why Badger didn't make similar mea- 
surements on Reisert's 1:1 Balun, which he included 
in his articles. As noted earlier, I consider Reisert's 
1:1 Balun a very good design! I am sure that no dis- 
tortion products would have been found at 2 MHz 
with this Balun. The end result is that Badger chose a 
poor ferrite-core design for making his comparisons. 
This helped to contribute to an undeserved reputation 
for the ferrite-core Balun. 

Badger also suggested placing an insulated wire in 
parallel with the coax winding on Reisert’s 1:1 Balun. 
He called this a compensating winding, which provid- 
ed a superior balanced output. The third winding (1-2) 
is shown Figure 7-6. Winding (5-6) is the inner con- 
ductor and winding (3-4), the outer braid. Later exper- 
iments by myself and others have shown that a well- 
designed two conductor (Guanella) 1:1 Balun has a 
completely satisfactory balanced output for antenna 
applications. Furthermore, it does not suffer from an 
unbalanced and/or mismatched load and core satura- 
tion. Incidentally, Badger’s schematic of Figure 7-6 
now adds up to four different versions of the 1:1 
Balun, They are the two-conductor version of 
Guanella’s and the three, three-conductor versions of 
Ruthroff’s, Turrin’s, and (now) Badger’s. 

Badger and Orr also mentioned the Collins Balun in 
their articles. This Balun is comprised of a dummy 


length of coax wound as a continuation of the original 
coiled coax winding. Interestingly, it is connected as a 
Ruthroff 1:1 Balun (Figure 7-2B), which also uses a 
third winding. Because there is appreciable coupling 
between the two coiled windings, the Collins Balun 
should also be susceptible to mismatched and/or 
unbalanced loads. Badger claimed it was, by far, the 
best 1:1 Balun he had ever used. Again, it would have 
been very informative if he had compared it with the 
Reisert Balun (without the compensating third wire). 


M.W. Maxwell, W2DU—1983 

One of the more significant articles on 1:1 Baluns 
was published by Maxwell* in 1983. Maxwell intro- 
duced, what he called, the “choke” Balun. It was 
formed by placing high-permeability ferrite beads 
over about one foot of small (but high-powered) coax- 
ial cables similar to the ones used in the Reisert 
Balun. Photo 7-E shows the W2DU “choke” Balun 
removed from its plastic enclosure. 

Maxwell compared his Balun with (what he 
termed) a “transformer-type” Balun by measuring the 
input impedances versus frequency when the outputs 
were terminated in 50 ohms. The “transformer-type” 
Balun didn’t yield a true 1:1 impedance transfer ratio, 
which he claimed was due to losses, leakage reac- 
tance, and less than optimum coupling. Because 
Maxwell gave no description of the “transformer- 
type” Balun, I assumed it was the popular rod-type 
Balun shown in Photo 7-C. As you can see in Figure 
7-4, this Balun has a poor low-frequency response. 
Furthermore, it is really optimized for a load of 47 
ohms and not 50 ohms. 

What Maxwell failed to realize was that his Balun 
was a form of Guanella’s two-conductor type. That is, 
it is both a choke (a lumped element) and a transmis- 
sion line (a distributed element). Additionally, 
Guanella’s theory applies whether the transmission 
lines are coiled (about a core) or beaded, twin-lead or 
coaxial cable. From Ruthroff’s classic paper,? which 
extended Guanella’s work, we became aware of the 


Photo 7-E. The Maxwell, 
W2DU, “choke” 1:1 Balun. 


voltage drops along the lengths of the transmission 
lines. From very accurate insertion loss measure- 
ments,* we learned that the losses were mainly in the 
magnetic medium—and that they were related to the 
voltage levels and the permeabilities. Maxwell didn’t 
take into account these latter findings. He used lossy 
high-permeability beads (2500) and assumed that the 
main loss was in the transmission line. He claimed 
that the CW power-handling capability of his Balun 
was 3.5 kW at 50 MHz and 9 kW at 10 MHz-—the 
same as the coaxial cable itself. I seriously question 
these power ratings. Eronically, it is very likely that 
MaxwelPs Balun had more real loss than the so-cailed 
“transformer-type” Balun! 


R.W. Lewallen, W7EL—1985 

There is very little doubt that Lewailen’s interesting 
article® in 1985 contributed significantly to the better 
understanding and design of 1:1 and 4:] Balans. In it, 
he coined the (now very popular) terms “voltage” and 
“current” Baluns. The “voltage” Balun, a three-con- 
ductor type, has output ports which have voltages that 
are balanced to ground. If is brought about (see 
Figure 7-6) by the voltage-divider action of windings 
(5-6) and (1-2). Because we have two tightly coupled 
transmission lines in the passband with the same 
potential gradients, terminal 6 is at +V//2 and termi- 
nal 4 at ~V,/2 where V; is the input voltage. The 
“current” Balun, on the other hand, is a two-conductor 
Balun that produces equal and opposite currents on 
the output ports for any form of load impedance. 

Lewallen conducted a series of experiments on 10 
meters to compare the performances of “voltage” and 
“current” Baluns under balanced and unbalanced con- 
ditions. In the unbalanced (nonsymetrical} condition, 
the dipole was lengthened by five inches on one side 
and shortened by five inches on the other side. He 
then obtained a figure of merit for both Baluns {as 
well as for the case without a Balun} defined as the 
ratio of the average magnitude of the currents at the 
feedpoint over the magnitude of the imbalance (the 
inverted L) current. The magnitudes of the currents 
were obtained by current-probe toroids. Mcasure- 
ments were made at the antenna feedpomt and at a 
half-wave (physically) from it. 

The “current” Balun consisted of 15 turns of very 
small RG-178/U coax on an FT82-61 core (a ferrite 
toroid with an OD of 0.825 inches and a permeability 
of 125). The “voltage” Balun had 10 turns of RG- 
178/U coax with a No, 26 wire in parallel (closely 
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coupled) on the same toroid. The schematic 1s shown 
in Figure 7-6. 

Lewallen concluded (and [ agree) that his experi- 
ments clearly showed that the “current” Balun gave 
superior performance at every measured point in each 
experiment. However, the “voltage” Balun still 
improved the balance over the no-Balun case. He also 
concluded that other experiments should be performed 
in order to better compare the two forms of the Balun. 
One is to ascertain the difference when the feedline 1s 
placed nonsymetrical with respect to the antenna (to 
indece an imbalance current into the feedline), Others 
include determining the optimum point in the feedline 
to place the Balun, and testing the various kinds of 
core and beaded Baluns. 

Although Lewalien's article pretty much speaks to 
Badger’s proposal of adding a third wire to Reisert’s 
Balun for better balance G.e., avoid it}, there are some 
comments and questions 1 have regarding his expert- 
ments and findings. They are: 

1. Why didn’t Lewallen use Reisert's Balun as the 
“current” Balun and Badger’s suggested third-wire 
design as the “voltage” Balun? These would have 
been more realistic designs for comparisons. Instead, 
he used very smail structures (which will only find 
use in QRP operations) and, as such, have higher fre- 
quency capabilities. Also, because the “voltage” 
Balun only had 10 turns (and hence a shorter trans- 
mission line and a poorer low-frequency response), it 
was favored in the comparisons on 10 meters. Had 
Lewallen used transmission lines of equal lengths on 
Reisert’s cores, the differences between the two 
Baluns would have becn even more dramatic. 

2. It would aiso have been very useful if Lewallen 
had made comparisons between a “current” Balun that 
could handle the full legal limit of amateur radio 
power (again like the Reisert Balun) and “voltage” 
Baluns using Turrin’s schematic (Figure 7-3) with rod 
and toroidal cores which have been readily available 
for nearly three decades. 

3. Additionally, comparisons should not only be lim- 
ited to 10 meters. Because 1:1 “voltage” Baluns are 
configurations of coupled transmission lines with vari- 
ous characteristic impedances, their performances with 
mismatched and unbalanced loads are more sensitive to 
the higher frequencies than their “current” Balun coun- 
terparts. Therefore, making similar measurements on 
20 meters would also provide more useful information. 

4. Even though Ruthroff’s classic 1959 paper? has 
been the industry standard over the years, his 1:1 
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Balun design has been practically nonexistent in the 
amateur literature. Turrin mentioned its advantage 
over his first design in his second article.!* But 
Turrin’s first design has prevailed in our amateur titer- 
ature. Because Ruthroff’s design has the third conduc- 
tor on a separate part of the toroid, it has the balanced 
output mentioned by Badger,!? but still retains the 
flexibility of the Guanella? Balun. In other words, as 
the frequency is increased, the choking action of the 
third wire makes it practically transparent. This 
enables it to handle any form of load impedance. It 
would have been informative if Lewallen had pointed 
this out and also noted that Ruthroff’s 1:1 Balun, 
although looking like a “voltage” Balun, is really a 
“current” Balun. 

5. Lewallen and the others who have published in 
the amateur radio literature have failed to reference 
the first presentation on what are now known as “cur- 
rent” or “choke” Baluns, made by Guanella“ in 1944, 
Even though Guanella used coiled transmission lines 
without a magnetic core, his theory on how these 
devices work is still applicable today. 


3.5, Belrose, VE2CV-—1991 

The last article on 1:1 Baluns I considered worth men- 
tioning was written by Belrose? in 1991. In it, he 
described the W2DU Balun by Maxweil and how his 
technique of threading coaxial cable through ferrite 
beads could be easily applied to 4:1 and 9:1 Baiuns. 

What immediately grabbed my attention in this arti- 
cle was the deck head (the editor's comments), which 
included highly complimentary remarks regarding the 
beaded-coax Balun. In essence, it said, “In this break- 
through article, W2DU’s peerless 1:1 current-Balun 
design serves as the basis for excellent ferrite-bead- 
choke current Baluns capable of 4:1 and 9:1 imped- 
ance transformation.” 

However, if one reads the article carefully, it 
becomes apparent that this is not what Belrose said. 
His words were, “The current Balun of the type devel- 
oped by Walt Maxwell, W2DU-—a Balun consisting 
of ferrite beads slipped over a length of coaxial 
cable——is the best so far devised (italics mine)” He 
did not say that W2DU’s Balun was “peerless.” In 
fact, in the article he said just the opposite. He pointed 
out that the W2DU Balun’s main disadvantage 1s that 
the beads are lossy at HF and heating becomes a con- 
cern when the transmitting power exceeds 125 watts! 
For high power (that is i-kW CW), Beirose recom- 
mended Roehm’s!® designs, which use lower perme- 


ability (850) beads nearest the Baiun’s balanced out- 
put (where most of the heating takes place}. 

However, I do question two of the advantages he 
claims for the W2DU Balun. They are: 

l. Its excellent power-loss and impedance-versus- 
frequency characteristics are much superior to those 
of a bifilar current Balun wound on a ferrite toroid. 

2. It has excellent power-handling capability, and 
can function quite satisfactorily when working into 
highly reactive loads. This is so because the magnetic 
flux produced hy currents flowing on this Balun's 
wires cannot saturate its ferrite beads. 

Belrose ohtained evidence for advantage number | 
by comparing the input impedance and power loss 
versus frequency of the W2DU Balun with a commer- 
cial Balun when they were terminated in 50 ohms. 
The commercial Balun was a bifilar wound toroidai 
type used in a differential-T tuner. What Belrose 
tailed to realize was that the commercial Balun had 
heavily insulated wires, resulting in a characteristic 
impedance greater than 100 ohms. Thus, he was actu- 
ally comparing a 50-ohm transmission line with a 
ionger line that had a characteristic impedance in 
excess of 100 ohms! As expected, his input imped- 
ance versus frequency curve for the commercial Balun 
was even more severe than that of the Turnn Balun 
shown in Figure 7-4. 

Advantage number 2 is based upon the premise 
that the magnetic flux produced by currents on the 
W2DU Balun’s wires cannot saturate the ferrite 
beads, while the windings of a bifilar wound toroidal 
current Balun can. This is an incorrect assumption 
because the magnetic flux of a two-conductor type 
Balun, like the beaded-coax or the bifilar-wound 
toroidal Balun, is generated by the imbalance (invert- 
ed Lẹ current and hence is much lower than the trans- 
mission line currents. This is especially true with 
sufficient choking reactances. The perception that the 
toroidal type Balun still transmits the energy to the 
output circuit by flux linkages, could very well lead 
to this mistaken impression. 

For high power beaded-coax Baluns, Belrose re- 
ferred to designs by Roehm,!® who increased the 
power capability of this type of Balun by using lower 
permeability beads near the balanced output. He also 
increased the length considerably. For operation from 
80 meters to 10 meters, Roehm used 28 inches of 
beaded coax. For 160 meters to 10 meters, he used 36 
inches of beaded coax. Belrose’s suggestion of con- 
necting beaded coaxes in parallel on the low-imped- 


Photo 7-F. Two versions of Reisert's 1:1 
Balun. The Balun on the left uses the 
crossover shown in Figure 7-5. The Balun — 
on the right is continuously wound. Both 
have the same electrical performance in 
the HF band. 


ance side and in series on the high impedance side to 
obtain a broadband 4:1 transformation ratio would 
require transmission lines with characteristic imped- 
ances of 100 ohms. This means, for a high power 4:1 
Balun using beaded transmission lines, about 56 inch- 
es of beaded line would be required for the 80-meter 
to 10-meter operation and 72 inches for the 160-meter 
to 10-meter coverage. For a 9:1 Balun, it would be 
necessary to increase these lengths by 50 percent! 

It remains to be seen what Belrose would have said 
or done if he had compared the W2DU Balun of 
Maxwell’s with the W1JR Balun of Reisert’s. He cer- 
tainly couldn’t claim the advantages listed in his arti- 
cle for the W2DU Balun. Would he still have claimed 
that the type of Balun developed by Maxwell is the 
best so far devised? Given the evidence, I doubt it. 


Sec 7.4  High-, Medium-, and Low- 
power Designs 


In this section Pll present my latest 1:1 Balun designs. 
Except for one Balun that appeared in the June 1993 
issue of CQ, the others appeared for the first time in 
the magazine’s April 1994 issue. Because I have 
favored Reisert’s design throughout this chapter, the 
first Baluns described here are my versions of his 
technique of coiling small (but high power) coaxial 
cable around a low-permeability ferrite toroid. For my 
wire versions, I could have used all sorts of adjectives 
to describe them like Guanella, two-conductor, choke, 
and current. However, in the process of writing this 
section, I thought Belrose’s adjectives were the most 
direct. Using his words, I call my wire versions of the 
1:1 Balun simply—bifilar toroidal Baluns. 
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Photo 7-F shows two versions of Reisert's Balun. 
The one on the left uses the crossover shown in 
Figure 7-5, Because no difference in performance at 
HF was noticed without the crossover, a continuous- 
wound version is also shown on the right. The main 
advantage in the HF band with the crossover winding 
is purely mechanical. Having the input and output 
connections on opposite sides of the toroid is not only 
more convenient, but it also offers a much stronger 
method of mounting. 

For operation from 1.8 to 30 MHz, 10 turns of small 
coax like RG-303/U, RG-142B/U, or RG-400/U are 
wound on a 2.4-inch OD ferrite toroid with a perme- 
ability of 250. If the use is limited from 3.5 to 30 
MHz, then a permeability of 125 is recommended 
because it would yield a slightly higher efficiency at 
the high end. If one wants the highest possible effi- 
ciency and limits the operation from 14 to 30 MHz, 
then a permeability of 40 is recommended. With loads 
grounded at their centers, these conditions were found 
to give ample margins (handle a VSWR of 3:1 with- 
out any appreciable flux) at their low frequency ends. 

For ease of winding, I found TY-RAP™ Cable Ties 
very useful. Two were used at each end. Removing the 
covering on the outer braid also helps. Because about 
24 inches of cable is wound on the toroid, I recom- 
mend you start with at least 32 inches. Of the three 
cables noted above, I found RG-303/U cable the easi- 
est to wind and connect. Although it only has a single- 
thickness braid (the others have double-thickness 
braids), its power rating is still the same—9 kW at 10 
MHz and 3.5 kW at 50 MHz. 

The next high power design is shown in Photo 7-G 
mounted in a 4 inch long by 3 inch wide by 2.25 inch 
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Photo 7-G. My high-power design of a bifilar toroidal 
(Guanella/current) 1:1 Balun mounted in a 4 inch long by 
3 inch wide by 2.25 inch high Bud aluminum box. 


high Bud CU 234 aluminum box. It has 10 bifilar 
turns of No. 12 H Thermaleze wire on a 2.4-inch OD 
ferrite toroid. As with the Reisert versions, a perme- 
ability of 250 is recommended for 1.8 to 30 MHz, 125 
for 3.5 to 30 MHz, and 40 for 14 to 30 MHz. One 
wire is also covered with two layers of Scotch No. 92 
polyimide tape in order to raise the characteristic 
impedance to 50 ohms. With this added insulation, the 


Photo 7-H. Two “economy” versions of the 
high-power bifilar toroidal (Guanella/cur- | 
rent) 1:1 Balun. The one on the right uses | 
Reisert’s crossover technique. 


voltage breakdown of this twin-lead transmission line 
compares very favorably with RG-8/U cable (4000 
volts). In order to preserve the spacing, the wires are 
also clamped together about every 1/2 inch with strips 
of Scotch No, 27 glass tape 3/16 inches wide and a lit- 
tle over 1 inch long. 

Two “economy” versions of the high power bifilar 
toroidal Balun are shown in Photo 7-H. The one on 
the left shows the windings crowded on one-half of 
the toroid. The one on the right provides the same 
positions of the input and output connections by using 
the crossover. Their performances are identical. Both 
Baluns have 10 bifilar turns of No. 14 H Thermaleze 
wire on a 2.4-inch OD ferrite toroid. The choices of 
permeability, which trade off bandwidth for efficien- 
cy, are the same as those used in the two previous 
high power designs. The word “economy” here refers 
to economy in labor—this Balun is actually very easy 
to construct. 

This “economy” Balun, which also handles the full 
legal limit of amateur radio power, has a small trade- 
off in high frequency response. Because no extra insu- 
lation is used, the characteristic impedance of two 
tightly clamped No. 14 H Thermaleze wires is 45 
ohms. With one layer of Scotch No. 92 tape, it 
increases to 50 ohms. But for most of the HF band, 
the difference in performance between Baluns using 
transmission lines of 45 and 50 ohms should be negli- 
gible. Even without the extra insulation, the voltage 
breakdown should compare very favorably with the 
smaller, high-power coaxes used in the Reisert ver- 
sions (1900 volts). 


Fig. 1-67. ThePo 
A and can dissipate up to 300 watts. The unit is built upon a piece of 
heat-sink extrusion and has both reverse polarity and thermal overload 
protection. 


determine if a certain transformer, rectifier, and filter capacitor 
will work. Ifjunkbox parts are used, the calculation is often difficult 
or impossible. It takes only a few minutes to connect up the 
unregulated supply parts and apply the expected load current using 
the Power Waster. The unregulated voltage and ripple may be 
measured, and the suitability of the components determined. 

Battery charging is another application. All batteries must be 
charged from a current source so the charging current is held 
constant as the battery terminal voltage increases. To use the load 
as a battery charger, simply connect it in series with a source 
having a voltage at least 4 V greater than the full-charge voltage of 
the battery. Then place the combination in series with the battery 
and dial up the desired charging current. 

One final application is protection of high-power transistors 
during tune-up. The electronic load is placed in series with the 
supply and programmed for the maximum current that you feel is 
safe for the amplifier under test. At currents less than the setting, 
the load saturates and the voltage drop across it is quite small. This 
is especially true at the lower currents. 

Should the amplifier try to draw excessive current, the 
maximum will be limited to the set value. Response is very rapid. 
Current limiting occurs in about a microsecond and is much faster 
than a normal power-supply current limiter. So effective is this 
method of protection that I have built it into several solid-state 
transmitters. 
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Photo 7-1. Two low-power versions of the bifilar toroidal 
(Guanella/current) 1:1 Balun capable of handling the out- 
put of practically any HF transceiver. The Balun on the 
left has the crossover. 


Photo 7-I shows two low-power versions of a bifilar 
toroidal Balun capable of handling the output of prac- 
tically any HF transceiver. One has a crossover wind- 
ing and the other, a continuous winding. They both 
have 10 bifilar turns of No. 16 H Thermaleze wire on 
a 1.25-inch OD ferrite toroid with a permeability of 
250. Since efficiency is not a major problem in low- 
power use, I found no reason to suggest the other two 
versions, which use lower permeabilities. It is also 
interesting to note that two tightly clamped No. 16 H 
Thermaleze wires have a characteristic impedance 
close to 50 ohms. Therefore, this small Balun (partic- 
ularly with its short leads) has a very good high fre- 
quency response. 

Photo 7-J shows two medium-power versions of a 
bifilar toroidal Balun capable of handling the full 
legal limit of amateur radio power under controlled 
conditions—when the VSWR is less than 2:1. Being 
smaller than its larger (2.4-inch OD) counterpart, its 
heat-sinking capability and, hence, power rating is 
less. As before, one Balun uses a crossover while the 
other doesn’t. Each has 8 bifilar turns of No. 14 H 
Thermaleze wire on a 1.5-inch OD ferrite toroid. The 
ferrite permeabilities and expected bandwidths are the 
same as the other high-power Baluns. Because the 
average magnetic path length in the core is about two- 
thirds that of the 2.4-inch core, only 8 bifilar turns are 
required in order to produce a similar low-frequency 
capability. Even though the characteristic impedances 
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Photo 7-J. Two medium-power versions of the bifilar 
toroidal (Guanella/current) 1:1 Balun capable of handling 
the full legal limit of amateur radio power when the VSWR 
is less than 2:1, The Balun on the left has the crossover. 


of their bifilar windings are 45 ohms, their responses 
on 10 meters should be somewhat better than the 
“economy” models because the lengths of their trans- 
mission lines are shorter (18 compared to 24 inches). 

And now a few words on what sort of efficiency one 
can expect in trading-off low frequency response by 
using lower permeability ferrite cores. From earlier 
studies,” it was found that the efficiency (with suffi- 
cient choking, so only transmission line currents flow) 
is related to the permeability, the voltage drop along 
the length of the transmission line, and the frequency. 
The higher the permeability and/or voltage drop, the 
greater the loss. Additionally, the higher the perme- 
ability, the greater the loss with frequency. It was also 
found that a permeability of less than 300 was neces- 
sary in order to obtain the very high efficiencies of 
which these devices are capable. 

Here are some efficiencies that might be expected 
from ferrites under matched conditions, based on the 
results of the studies: 

1. With 250 material, an efficiency near 99 percent 
at 1.8 MHz and 97 percent at 30 MHz. 

2. With 125 material, an efficiency near 99 percent 
at 3.5 MHz and 98 percent at 30 MHz. 

3. With 40 material, an efficiency of 99 percent at 
14 MHz and at 30 MHz. 

When a Balun is exposed to a high impedance 
resulting in a VSWR of 2:1, the voltage, and hence 
loss, increases by about 40 percent. With a VSWR of 
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4:1, the loss doubles. With a VSWR of 10:1, the loss 
is more than three-fold. Since limited data was 
obtained in this study,? these increases in losses with 
increases in VSWR could very well be even greater, 


Sec 7.5 Isolation Transformers 


As was shown in the preceding sections, the 1:1 
Guanella (current/choke) Balun is in reality a two- 
conductor RF choke, or an isolation transformer. 
However, practical Balun designs don’t usually lend 
themselves to isolation use for mechanical reasons. 
They cannot be conveniently inserted into a coaxial 
cable system. Therefore, the objective is to mount the 
“Guanella Baluns” in enclosures that will allow them 
to perform as isolation transformers. 

Photo 7-K shows two examples of enclosures that 
should accomplish the mission. The example on the 
left shows one of the high-power units mounted in a 5 
inch long by 3.5 inch wide by 2.25 inch high alu- 
minum enclosure. The output connector (on the top) is 
insulated by a 0.125-inch-thick piece of plastic. The 
one on the right shows another high-power unit 
mounted in a 6 inch long by 3 inch wide by 2 inch 
high plastic enclosure, which is available from Radio- 
Shack. The descriptions of the high-power units are 
given in the preceding section. 

These isolation transformers can be used as Baluns 
when inserted in a coaxial cable one-half wavelength 
(physically) from a half-wave dipole® or between a 


Photo 7-K. Two examples of mounting the 
high-power 1:1 Guanella Balun in enclosures 
that allow isolation transformer operation. 


coaxial cable and a balanced L-C tuner.!® They 
should never be inserted in a coaxial cable systern that 
presents a high impedance and, consequently, a high 
voltage. This could be harmful to the unit. 

Note that the high-power unit on the left in Photo 
7-K can also be used as a filament choke in a Class B 
linear amplifier. Its low-frequency response is much 
better than any rod-type, assuring 160-meter opera- 
tion. Obviously, it would not be mounted in the alu- 
minum enclosure shown in the photo. In addition, the 
two layers of Scotch No. 92 tape would not be 
required because the characteristic impedance of the 
winding is unimportant and the voltages involved are 
quite low. 

By the way, the designs discussed above can be 
used as phase-inverters. Simply connect the hot lead 
on one side to the ground on the other side. 


Sec 7.6 Summary 


In investigating the 1:1 Balun, I was quite surprised to 
see the ferrite- and powdered-iron-core designs that 
have been available in the literature and off-the-shelf 
since 1964, They not only had poor low- and high-fre- 
quency responses, but they were also susceptible to 
flux in the cores at their low-frequency ends. Further- 
more, since they only used single-coated wires, they 
were also prone to voltage breakdown. No doubt, 
these designs are responsible for the poor reputation 
that the Balun has had for many years. 


It wasn’t until 1978, when Reisert published his 
article, that a Balun which had all of the attributes of a 
good design became available. Namely: 

a) It is efficient because it uses a low-permeability 
core, 

b) it has sufficient choking reactance to meet its 
low-frequency requirement. 

c) It is not prone to flux in the core (and, hence, sat- 
uration) because it has no third winding. 

d) It has a 50-chm characteristic impedance and 
maintains a 1:1 transformation ratio with a 50-chm 
toad. 

e) It has a good voltage breakdown capability (1900 
volts), 

H It can handle a mismatched and/or unbalanced 
load, 

However, succeeding investigators failed to see the 
advantages of Reisert's design and proposed their 
own. Surprisingly, they belonged to two distinct 
eroups, One group favored “air-core” Baluns and the 
other, “choke” (beaded-coax) Baluns. 

The main argument given by the “air-core” follow- 
ers was that their Balun would never expenence prob- 
lems with saturation, while the “ferrite-core” Balun 
would, However, the Reisert Balun is a current/choke 
type Balun that could only have flux in the core due to 
the imbalance (inverted E) current, which is much 
smailer than the transmission line currents. In fact, 
with any degree of choking reactance by the coiled 
transmission line, the imbalance current is essentially 
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neghgibie, Therefore, saturation is not a concern with 
a Balun like Reisert’s, In all fairness, it should be 
noted that if is a different story with the 4.1 current/ 
choke and voltage Baluns. Ail three of these types of 
Balans have a “magnetizing inductance” in their low- 
frequency models and hence a possibility of saturation 
with a poor design, 

The advocates of the “choke” 1:1 Balun claim that 
their beaded-coax Balun can’t saturate while the bifi- 
lar (current) toroidal Balun can. This is untrue; they 
are basically the same kind of structure, and neither 
has a third conductor which couid allow a fhux-caus- 
ing current at the very low-frequency end. But of all 
of the attributes listed above for the Reisert Batun, the 
first one has the “choke” Balun at a disadvantage in 
the HF band. Because its transmission ine is not 
coiled about a toroid, it does not have the multipiica- 
tion factor of N? (due to mutual coupling), where N is 
the number of turns, while the toroidal Balun does. 
Therelore, higher-permeability beads are required in 
order to obtain sufficient choking reactance. This 
results in lower efficiency, 

Finally, it should be pointed cut that the 1:1 Balun 
using the small, but high-power, coaxial cable is capa- 
ble of 5-kW operation in the HF band, Because of 
current crowding, the bifilar toroidal Balun, even with 
No, 12 wire, has shown excessive wire heating at this 
level. Therefore, No, 10 or No, 8 wire, with added 
layers of Scotch No. 92 tape in order to obtain a 50- 
ohm characteristic impedance, 1s recommended. 


The 4:1 Balun 


Sec 8.1 Introduction 


hapter 7 in this book discussed the most pop- 
Ce of ali Baluns-——the 1:1 Balun designed to 

match 50 ohms unbalanced to 50 ohms bal- 
anced. H not only gave a review of the history, theory, 
and design of these broadband transformers, but also 
my viewpoint on pubiished articles advocating later 
designs using coaxial cable wound around a toroid, 
threaded through ferrite beads, or just plain coiled in 
air (an air-core Balun). As was noted, I am in consid- 
erable disagreement with many of the claims 
advanced for these later 1:1 Baiuns. 

Chapter 3 deals with the next most popular Balun 
—-the 4:1 Balun designed to match 50 ohms unbal- 
anced to 200 ohms balanced. Baluns matching 30 
ohms unbaianced to 12.5 ohms balanced are also 
included. It begins with a little information on the his- 
tory and design of these Baluns, followed by high- 
and low-power designs and comparisons with other 
Baluns that have been on the market or in the amateur 
literature. Guanelia's approach to the design of a 4:1 
Balun is particularly noteworthy. E not only yields an 
excellent Balun design, but also an Unun (unbalanced- 
to-unbaianced transformer) with practicaliy the same 
performance. His design couid very weli be called a 
Batun/Unun. As in the first chapter, this one also closes 
with a brief summary of the significant points. 


Sec 8.2 A Litle History and Design 
Information 


There are reaily only two classic papers that have 
established the principles upon which the transmis- 
sion line transformer (the Balun being a subset there- 
of) is based, The first one was written by Guaneila in 
1944. Guaneila proposed the idea of coiling a trans- 
mission line to isolate the input from the output, 
resulting in the (now popular) current or choke 


Chapter 3 


Balun.4 The second was by Ruthroff in 1959, whose 
analysis of these transmission line transformers is the 
present industry standard.? Ruthroff also introduced 
the Unun and the hybrid transformer. 

Interestingly enough, both Guaneila and Ruthroft 
had different approaches to their 1:1 and 4:1 Balun 
designs. Guanelia used a two-conductor 1:1 Balun 
design, while Ruthroff used a three-conductor design. 
Ruthroff’s third conductor (which was said to Increase 
the low-frequency response over the two-conductor 
Balun!) lay on a separate part of a toroidal core. 
Investigators who followed failed fo recognize this 
fact. Their comparisons were made with a three-con- 
ductor Balun that had the third wire in parallel with 
the other two, which then formed two coupied trans- 
mission tines. This gave rise to the term voltage 
Balun—an inferior design.® 

However, the differences between Guanelia’s and 
Ruthroff’s approaches to 4:1 Baluns were even more 
striking. Guanella connected coiled transmission lines 
in a parallel-series arrangement, so in-phase voltages 
were summed at the high impedance side, His Balun 
has been called a current Balun.® Ruthroff, on the 
other hand, obtained a 4:1 transformation ratio by 
summing a direct voltage with a delayed voltage that 
traversed a single transmission iine in a phase-inverter 
connection (see Chapter 7). His Balun has been 
calied a voltage Balun. The distinction between the 
operation of these two Baluns was also overlooked by 
practically everyone who followed. 

This section reviews the two different approaches 
taken by Guanelia and Ruthroff in obtaining 4:1 
Baluns. Of particular importance are the descriptions 
of the potential drops along the lengths of the trans- 
mission tines when the loads are grounded at various 
points. These voltage drops are not only relevant to 
the ohmic losses in the Baluns, but also to their elec- 
trical performances. These descriptions were quite 
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possibly presented for the first time in the second edi- 
tion of my book Transmission Line Transformers.* 


Sec 8.2.1 Guanella’s 4:1 Balun 


Figures 8-1A and B show the high- and low-frequen- 
cy models of Guanella’s method of connecting trans- 
mission lines ía parallel-series to obtain a 4:1 Balun. 
The high-frequency model (Figure 8-1A) assumes 
that the choking reactances of the coiled (or beaded) 
transmission lines are sufficient to isolate the input 
from the output, so only transmission line currents are 
allowed fo flow. This occurs when the reactance of 
windings 3-4 and 5-6 (which are in series) is much 
greater than Rg (at least by a factor of ten.? If two 
cores are used, the reactance is the sum of the reac- 
tances of windings 3-4 and 5-6. If a single core is 
used, the reactance is twice as large because of the 
mutual coupling between the windings. The other 
advantage of Guanella’s method (besides only using 
one core) 1s that shorter transmission lines can be 
used, resulting in better high-frequency performance. 

As with ali transmission line transformers, the 
objective is to have the transmission lines see loads 
equal to their characteristic impedances, resulting in 
“flat lines.” This yields the highest frequency 
response, Because each transmission line in Figure 
§-LA sees one half of the load, Ry, the optimum value 
of the characteristic impedance is R, /2, Consequently, 
the input impedance, Vf, is simply the impedance 
of two identical transmission lines connected in paral- 
lef. It follows that the impedance transformation ratio 
is the load, Ry , divided by the input impedance. 


Figure 8-1. Electrical models of the Guanella 4:] Balun: (A) high-frequency, (B) low-frequency. 


Because the Guanella 4:1 Balun sums voltages of 
equal delays from identical transmission lines, his 
Balun is oniy limited in high-frequency performance 
by the deviation of the characteristic impedance of the 
transmission lines from the optimum values and the 
parasitics not absorbed into the characteristic imped- 
ance of the lines. 1 (and practically everyone else) had 
overlooked the simple and important statement, “a 
frequency independent transformation,” which 
appeared in Guanella’s 1944 article?--a fact that is 
evidenced by the scarcity of his designs in the litera- 
ture. Another interesting aspect of the Guaneila 4:1] 
Balus is the analysis of his Baiun when the load is 
floating or grounded at different points. This leads to 
the determination of the voltage gradients that exist 
along the transmission lines and the various functions 
of which his 4:1 design is capable. Assuming a 
matched load or very short transmission lines result- 
mg in Va = V4, they are as follows. 


Fiosting Load 

With terminal 10 (which is at the center of Ky) 
floating, the potential gradient along the top transmis- 
sion line in Figure 8-1A (windings 5-6 and 7-8) is 
—1/2V,, along the bottom transmission line (winding 
1-2 and 3-4) it’s -3/2V,. The voltage to ground on ter- 
minal 9, Vog is —1/2V;. Because the bottom transmis- 
sion line (in Figure 8-LA} has a voltage drop along its 
length three times greater than the top transmission 
line, it results in three times more loss because losses 
in transmission line transformers are voltage depen- 
dent (dielectric-type losses). 


Even though a singie-core Guanella 4:1 Balun 
maintains the voltages (stated above} when feeding a 
folded dipole (of about 200 ohms) which has a virtu- 
al-ground potential at terminal 10, it still feeds equal 
currents to each side of the antenna because of the 
series-connection at its output. Since the output volt- 
ages are not balanced to ground, a reactive component 
is probably introduced into the input impedance. 
Additionaliy, the choking reactance of the windings 
also prevents antenna currents from flowing on the 
outside of the coaxial cable feedline. 


Load Grounded at Center 

When two cores are used and terminal 10 (the cen- 
ter of Ry ) is grounded, the voltage gradient along the 
top transmission line in Figure 8 EA is zero, and 
along the bottom transmission line it is -V,. Fhe volt- 
age to ground on terminal 9 {Vog} is also zero. In fact, 
the core for the top transmission line isn’t needed. It 
merely acts as a mechanical support for the top trans- 
mission line, which now only operates as a delay line. 
Also, all of the loss now occurs in the core of the bot- 
tom transmission line where a longitudinal potential 
gradient exists. Furthermore, the low-frequency 
response, as seen from Figure 8-1B, is now deter- 
mined by the reactances of windings 1-2 and 3-4. This 
means that the low-frequency response with a floating 
load is better by a factor of two over the case where 
the load is grounded at its center. 

But the single-core case is a different matter. Since 
the potential at terminal 9 (Vog) wants to be at 
-1/2V ,, connecting a ground directly to the center of 
R; causes an imbalance that renders the single-core 
Balun unusable. IF the ground were placed at a point 
23 percent below terminal $ (50 ohms from terminal 8 
with a 200-ohm load}, no difference wouid be noted 


Figure 8-2, Electrical models of 
the Ruthroff 4:1 Balun: {A} high- 
frequency, (Bj) low-frequency. 


THE 4:1 BALIIN den 


from a floating load. This condition also exists when 
two cores are used. 


Load Grounded at the Bottom 

it is when the load is grounded at the bottom (at ter- 
minal 2), that we have what is probably the most 
interesting case. The 4:] Balun (with two cores) 15 
now converted mto a very broadband Unun (unbal- 
anced-to-unbalanced transformer}. Because the bot- 
tom transmission line in Figure $-1A has no potential 
drop along its length, it only acts as a delay line. The 
voltage to ground at terminal 9 {Vog} is +V,, and the 
voltage gradient along the top transmission line is 
+V,. This results in a voltage of 2V, across the load. 
The low-frequency response is now determined by the 
reactances of windings 3-6 and 7-8. This is just the 
opposite of the Balun case when the center of the load 
was grounded. A singie-core 4:1 Guanella Balun can 
also be converied to an Unun by putting a 1:1 Balun 
(for isolation) in series with the 4:1 Balun.? 

There ts a reason for claiming a very broadband 
response for a Guanella Unun (converted from his 
Galun}——the two in-phase voitages are now summed 
at the high-impedance side. The only other competi- 
tion for a 4:1 Unan design is that of Ruthroff’s,? 
where a direct voltage is summed with a delayed volt- 
age that traversed a single transmission line (and, 
hence, had a built-in, high-frequency cut-off). In fact, 
very little information can be found in the literature 
on a Guanella 4:1 Unun. 


Sec 8.2.2 Ruthroft's 4:1 Balun 


Figures $-24 and B show the high- and low-frequen- 
cy models of Ruthroff's approach for a 4:1 Balun. The 
high-frequency model (Figure 8-2A) assumes that the 
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transmission 
A ine 


Figure 8-3. A pictorial of the connections for a 4:1 
Ruthroff (voltage) Balun, 


choking reactance of the coiled (or beaded) transmis- 
sión line is sufficient to isolate the input from the out- 
put, so only transmission line currents are allowed to 
flow. This occurs when the reactance of winding 3-4 
{or 1-2, because they are the same) is much greater 
than R, (at least by a factor of ten}. 

As Figure 8-2A indicates, the transmission line is 
connected in a phase-inverter function (see Chapter 
7). That is, a -V, voltage gradient now exists along 
the length of the transmission line. Therefore, the 
voltage across Ry now becomes V; + Va. Although 
Ruthroff analyzed his 4:1 Unun in his classic paper,? 
his results atso apply to his Balun with a floating load, 
because both devices sum a direct voltage with a 
deiayed voltage. In essence, he used loop equations on 
the mput and output and transmission line equations 
to eliminate one set of variables (I, and V+). Ruthroff 
also used a maxima technique (setting a derivative to 
zero) to solve for the optimum characteristic imped- 
ance of the transmission ne. As in the Guaneila case, 
he found the optimum value to be 1/2R; . 

An inspection of Figure 8-2A shows that the left 
side of Ry (terminai 3) has a direct voltage (V,} to 
eround, and the right side (terminal 2) a delayed volt- 
age (Yo) to ground, which traveled the length of the 
transmission line. Also note, that if the line is electri- 
cally one-half wavelength long, the output is zero. As 
a result, Ruthroff’s design (which has a built-in cut- 
off) is sensitive to the transmission Hne length. 

I have recently unearthed another interesting aspect 
of Ruthroff’s design.? H the center of the load is 
grounded, the high-frequency performance is vastly 
improved. The built-in high-frequency cut-off is elim- 
inated and the Balun appears to take on the character 
of a Guanella Balun that sums voltages of equal 
delays. A closer inspection reveals that the input 
impedance now consists of two impedances in parai- 
lel: one consisting of Ry/2, and the other of a “flat 
line” terminated by R; /2. As a result, the currents are 
not in phase! 


Surprisingly, when matching inte a folded dipole 
with an input impedance of 200 ohms, Ruthroff’s 
Balun exhibits a high frequency response that is 
much greater than expected (see later sections). 
Because the folded dipole has a virtual ground at its 
center, the Balun could very weli be summing volt- 
aces of equal phases. 


Sec 8.2.3 Amateur Radio History 
and Design 


Looking back at old issues of amateur radio hand- 
books (I don’t have a complete set}, I found that the 
first presentation on broadband 4:1 Baluns appeared 
in the 1955 edition of The ARRL Handbook. The sec- 
tion was called “Coil Baluns.” The schematic diagram 
was that of Guanella’s, shows in Figure 8-1A. What 
surprised me was that this section appeared to use 
many of the important words contained in Guanella’s 
article.> It mentioned that the choking action of the 
coiled transmission lines should be great enough to 
isolate the input from the output at the lowest frequen- 
cy of interest. H also included the requirement on the 
characteristic impedance of the coiled transmission 
lines; namely. that the characteristic impedance 
should be equal to R; /2, where Ry is the load. 

However, the section also included two other state- 
ments which are not correct in Hight of today’s design 
practices. One recommended that the length of the 
winding in each coil be equal to about a quarter wave- 
length. The other stated that the principal application 
is In going from a 300-okm balanced load to a 75- 
ohm coaxial line. With magnetic cores, the lengths of 
the windings are now considerably shorter than a 
quarter wavelength, and the applications inciude a 
host of different impedance levels. 

Recent issues of the handbooks now include the 4:1 
broadband coil Balun (along with the same write-up 
that appeared in the 1955 issue}, and one with wind- 
ings on ferrite cores. They are now called 4.1 air-core 
current Baluns and “just plain” 4:1 current Baiuns 
(ferrite cores being assumed). Unfortunately, what is 
lacking m the description of the 4:1 current Balun is 
information on the importance of the characteristic 
impedance of the windings and the value of the per- 
meability of the ferrite cores. The literature states that 
8 to 10 turas (of No. 14 Formvar-coated, ciose- 
spaced—-I guess) on a toroidal core or 10 to 13 turns 
on a rod are typical values for the HF range. Ferrites 
with permeabilities from 850 to 2500 are also sug- 


gested. Nothing is mentioned regarding the dimen- 
sions of the cores. 

In essence, there’s very little information available 
today in our handbooks that would help one under- 
stand and construct the “popular” current Balun. Even 
the choices of recommended ferrites to be used are 
found wanting. Accurate loss measurements? have 
shown ferrites with permeabilities of 850 to 2500 to 
be lossy in Balun and Unun applications. Only when 
the permeabilities of ferrites are 300 or less will 
Baluns and Ununs exhibit the very high efficiencies of 
which they are capable. 

Even though the 4:1 voltage Balun has actually had 
a shorter history than the current Balun, considerably 
more construction detail (including an actual photo- 
graph) has been available in the amateur radio hand- 
books. As far as I can tell, the first presentation took 
place between 1965 and 1968. In looking through suc- 
ceeding issues (including the 1993 issue), I find the 
write-up hasn’t changed much (if any) over the years. 
The 4:1 Balun from the handbooks and a commercial 
rod-type are described and compared with my designs 
in the succeeding sections. 


Sec 8.3 4:1 Ruthroff Balun Designs 


As mentioned above, the schematic of Ruthroff’s 
Balun is shown in Figure 8-2A. A pictorial represen- 
tation is shown in Figure 8-3. Photo 8-A (on the left) 
shows my construction of a design close to the one 
shown in the handbook’s photographs. It has 10 close- 
spaced, bifilar turns of No. 14 Formvar-coated wire on 
a 2.4-inch OD ferrite toroid with a permeability of 40. 
Figure 8-4 shows a plot of the input impedance ver- 
sus frequency when the 200-ohm load is center- 
tapped-to-ground (which is close to the actual case 
when matching into balanced antenna systems). As 
you can see, when compared to a design that has the 
proper characteristic impedance of the winding and 
sufficient choking, the response is very poor. 
Although this Balun has been rated at 1000 watts of 
RF power from 1.8 through 60 MHz, I would suggest 
it not be used below 6 MHz for fear of excessive flux 
in the core (especially when the magnitude of the load 
is greater than 200 ohms). Also, above 14 MHz, the 
transformation becomes considerably greater than 4:1. 

My design, on the right in Photo 8-A, has 14 bifilar 
turns of No. 14 tinned copper wire on a 2.4-inch OD 
ferrite toroid with a permeability of 125 or 250. The 
wires are threaded through No. 13 Teflon tubing with 
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Photo 8-A. Two designs of the 4:1 Ruthroff (voltage) 
Balun. The one on the left is taken from the amateur radio 
handbook. The one on the right is my improved version. 


a wall thickness of 20 mils. As you can see by its 
excellent high frequency response in Figure 8-4, the 
characteristic impedance of the bifilar winding must 
be very close to the ideal value of 100 ohms. Photo 
8-B shows two different views of my design mounted 
in a 4 inch long by 3 inch wide by 2.25 inch high Bud 
CU 234 aluminum box. The Balun, which is placed 
equidistant between the top, bottom, and sides of the 
enclosure, is securely mounted by soldering its leads 
to the two feedthrough insulators and the SO-239 
chassis connector. 

It should be mentioned that if the Balun is to be 
used mainly on the lower portion of the HF band 
(including 160 meters), then the 250 permeability fer- 
rite is recommended. Even though the difference in 
low frequency response between permeabilities of 125 
and 250 doesn’t show up in Figure 8-4, the 250 per- 
meability would provide an extra safety margin (from 
flux in the core) at the low frequency end. The trade- 
off lies in giving up a little in efficiency (about | per- 
cent) for an increase in the safety margin (a factor of 
2) at the low end. 

Incidentally, the handbooks also state that the Balun 
can be used between a balanced 300-ohm point and a 
75-ohm unbalanced line. Because I suspected this 
statement as well, I again measured the input imped- 
ances versus frequency of both Baluns when terminat- 
ed in a 300-ohm center-tapped-to-ground load. Figure 
8-5 shows the deterioration that takes place, especially 
at the high end. Even a Balun that is well designed for 
a 50:200-ohm impedance level is not recommended 
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ee B Figure 8-4. The input impedance versus frequency 

W2FMI design using ferrite permeability of for a 4:1 Ruthroff (voltage) Balun design from the 
125-250 and 1004 transmission line | ae 

amateur radio handbook and one optimized for the 

50:200-ohm level. The load is grounded at its center. 
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Figure 8-5. The input impedance versus frequency 
for the two Ruthroff Baluns of Figure 5-4, but with a 
300-ohm load. Note the deterioration of the W2FMI 
design, which was optimized for the 50:200-ohm 
level. ý 
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for the 75:300-ohm level. Because the length of the 
transmission line becomes significant beyond 10 
MHz, standing waves then change the impedance 
ratio due to the mismatch with the Balun’s transmis- 
sion line. My design also shows more safety margin at 
the low end. I’m surprised that these simple measure- 
ments weren’t made many years ago. 

However, the Balun shown in the handbook does 
have one interesting feature. It uses a very low perme- 
ability ferrite (40), which has been shown by very 
accurate insertion loss measurements? to yield effi- | 3456 810 20 30 4050 70 
ciencies in Baluns (and Ununs) of 99 percent at the Frequency (Mz) 
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Photo 8-B. Two dilereni views of the optimized version of the 4:1 Ruthroff Balun mounted in a 4 inch long by 3 inch wide 
by 2.25 inch high Bud CU 234 aluminum enclosure. 


Chapter 2 
General Test Equipment 


Every electronics experimenter needs good reliable test equip- 
ment, Some test equipment you can buy but if you build your own 
you can save a lot of money and have fun at the same time. Some of 
the test equipment in this chapter can't be purchased commercially 
at any price. 


75 


50:200-ohm impedance level! This is even a percent 
or two better than the ferrite with a permeability of 
125. Because this ferrite permeability is so low, the 
major problem lies in obtaining sufficient choking 
reactance at the lowest frequency of interest, so that 
only transmission line currents are allowed to flow. 

The design chosen (in order to exploit this very high 
efficiency) is shown Photo 8-C. It uses 14 bifilar 
turns of the same wire, as with my previous Balun 
shown on the right in Photo 8A, on two 2.4-inch OD 
cores (bound together with No. 27 glass tape) with 
permeabilities of 40. The unmounted view shows how 
the two cores are bound together by glass tape. The 
other views attempt to give an example for mounting 
the Balun. The Balun is supported by two acrylic end 
pieces which are, in turn, held fast to the enclosure by 
a long bolt. The Balun is placed equidistant between 
the top, bottom, and sides of a 5 inch long by 3.5 inch 
wide by 2.25 inch high aluminum enclosure. A few 
washers at the point where the bolt comes through the 
enclosure help to position the Balun between the top 
and bottom. 

When matching 50 ohms (unbalanced) to 200 ohms 
(balanced), the response of this Balun is practically 
the same as mine, shown in Figure 8-4 using a single 
core. From 1.7 to 30 MHz, it can certainly handle the 
full legal limit of amateur radio power with an effi- 
ciency close to 99 percent. However, if the operation 
of this Balun is restricted to the HF band only (that is, 
from 3 to 30 MHz), then it could be rated conserva- 
tively at 10 kW of peak power and 5 kW of average 
power. It would be an ideal Balun for a log-periodic 
beam antenna. 

Finally, Photo 8-D shows three different views of a 
low power 4:1 Ruthroff (voltage) Balun designed to 
handle the output power of any HF transceiver easily. 
It has 10 bifilar turns of No. 18 hook-up wire on a 1.5- 
inch OD ferrite toroid with a permeability of 250. The 
enclosure is a 2.75 inch long by 2.125 inch wide by 
1.625 inch high CU 3000-A minibox. 


Section 8.4 4:1 Guanella Balun 
Designs 


Photo 8-E shows two high-power Guanella 4:1 
Baluns designed to match 50-ohm coaxial cable to 
loads of 200 ohms. They both use No.14 H 
Thermaleze wire with a covering of Teflon tubing giv- 
ing characteristic impedances very close to 100 ohms 
(the objective). Their responses are flat from 1.5 MHz 
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Photo 8-C. Three views of the very high-power 4:1 
Ruthroff Balun using two low-permeability (40) ferrite 
cores. Dimensions of the aluminum enclosure are: length, 
5 inches; width, 3.5 inches; height, 2.25 inches, 
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Photo 8-D. Three views of the low-power 4:1 Ruthroff Balun designed to handle the output of any HF transceiver. The alu- 
minum enclosure is a 2.75 inches high by 2.125 inches wide by 1.625 inches high CU 3000-A minibox. 


to well beyond 30 MHz. Both can easily handle the 
full legal limit of amateur radio power. 

The single-core version (on the left) has 8 bifilar 
turns on each of its two transmission lines. The dual- 
core version (on the right) has 16 turns on each core. 
The wires are clamped together with strips of Scotch 
No. 27 glass tape placed about every 3/4 inch. The 
cores are 2.4-inch OD ferrite toroids with a perme- 
ability of 250. The connectors are on the low-imped- 
ance sides. For ease of connection, the dual-core ver- 
sion has one winding clockwise and the other, coun- 
terclockwise. Also, in the dual-core case, the spacing 
between the two cores (which isn't critical) can be as 
small as 1/4 inch. 

These transformers can also be wound with ordi- 
nary No. 14 (solid) house wire. The several samples I 


Photo 8-E. Two high-power 
versions of the Guanella 4:1 
Balun. The Balun on the left 
uses a single core while the one 
on the right uses two cores. The 
connectors are on the low- 
impedance sides. 


tried yielded characteristic impedances close to 100 
ohms (and, thus, were acceptable). The major differ- 
ence lies in the voltage-breakdown capability. Units 
wound with Teflon-sleeved No. 14 H Thermaleze wire 
have been reported to withstand 10,000 volts without 
breakdown! Obviously, this is beyond the capability 
of ordinary house-wire. 

Photo 8-F shows a Guanella (current) 4:1 Balun 
mounted in a 5 inch long by 4 inch wide by 3 inch 
high CU 3005-A minibox. It has 14 bifilar turns of 
No. 14 H Thermaleze wire on each of the two 2.4- 


inch OD ferrite toroids with permeabilities of 250. 
Each wire is covered with Teflon tubing, resulting in a 
characteristic impedance close to 100 ohms (the opti- 
mum). The windings also employ a crossover after the 
seventh turn, as shown in Figure 8-6. For ease of con- 


Figure 8-6. Construction of a crossover placing input and 
output connections on opposite sides of the toroid. 


nection, one toroid is wound clockwise and the other, 
counterclockwise. The spacing between the toroids 
can be between 1/4 and 1/2 inch. 

When matching 50-ohm cable to a balanced load of 
200 ohms, the transformation ratio is constant (within 
2 percent) from 1.5 to 45 MHz. This Balun can also 
handle the legal limit of amateur radio power. It 
would probably perform satisfactorily if wound with 
ordinary No. 14 house wire (solid), or with Teflon- 
covered No. 14 tinned wire. However, the design in 
Photo 8-F has withstood peak pulses of 10,000 volts! 
Considering this fact, it might be worthwhile to take 
the extra effort and use Teflon-covered No. 14 H 
Thermaleze wire. 

A single-core version using two coiled transmission 
lines on a single core looks interesting and should be 
investigated. It results in balanced currents and unbal- 
anced voltages. I would use two coiled transmission 
lines with 7 bifilar turns of the same wire on the same 
core as above. 

Photo 8-G shows two low-power Guanella 4:1 
Baluns designed to match 50-ohm coaxial cable to 
loads of 200 ohms. They both use No. 20 hook-up 
wire (solid) giving a characteristic impedance very 
close to the objective of 100 ohms. Their responses 
are flat from 1.5 MHz to well beyond 50 MHz. They 
are conservatively rated at 150 watts of continuous 
power and 300 watts of peak power. They have been 
exposed to 500 watts of continuous power (in a 
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matched condition) for a considerable length of time 
with virtually no rise in temperature. 

The single-core version (on the left) has 7 bifilar 
turns on each of its two transmission lines, while the 
dual-core version (on the right) has 14 turns on each 
core. The wires are clamped together about every 1/2 
inch with strips of Scotch No. 27 glass tape. The cores 
are 1.25-inch OD ferrite toroids with a permeability of 
250. The connectors are on the low-impedance sides. 
As above, the dual-core version has one winding 
clockwise and the other, counterclockwise. 

Photo 8-H is a step-down version of the Guanella 
4:1 Balun and uses two ferrite rod-cores 3/8 inch in 
diameter and 3.5 inches in length. Core permeabilities 
are 125, It uses the schematic of Figure 8-1A, but with 
the generator (which is grounded) on the right side and 
the load (ungrounded) on the left side. This 4:1 Balun 
is designed to match 50-ohm coaxial cable (on the right 
side) to a balanced load of 12.5 ohms. Each rod has 
13.5 bifilar turns of No, 14 H Thermaleze wire. Again, 
for ease of connection, one rod is wound clockwise and 
the other, counterclockwise. The response is flat from 
1.5 MHz to well over 30 MHz. This Balun is fully 
capable of handling the legal limit of amateur radio 
power. The connector is on the high-impedance (50 
ohms) side. Beaded versions of Guanella’s step-down 
4:1 Balun also look very promising for operations on 
the VHF and UHF bands. The technique requires mini- 
mizing the parasitics in the interconnections. Some 
examples will be shown later. 


Photo 8-F. A 4:1 Guanella Balun using the crossover con- 
nection of Figure 8-6 and mounted in a 5 inch long by 4 
inch wide by 3 inch high CU 3005-A minibox. 
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Photo 8-G. Two low-power versions of the Guanella 4:1 Balun. The Balun on the 
left uses a single core while the one on the right uses two cores. The connectors 


are on the low-impedance sides. 


Photo 8-H. A dual rod-core 4:1 Guanella step-down Balun designed to match 50- 
ohm cable to a balanced load of 12.5 ohms. The connector is on the 50-ohm unbal- 


anced side. 


It should be mentioned again that the three dual- 
core Baluns above also make excellent broadband 
Ununs. They only sacrifice a little in low-frequency 
response. However, because of their conservative 
designs, they can still handle the 160-meter band. 


Sec 8.5 Comparisons with Other 
Baluns 


After completing the study on 4:1 Baluns, I thought it 
would be interesting to characterize other Baluns that 
are commercially available, or that have been recently 
described in the amateur radio literature. My findings 
are as follows. 


The 4:1 Rod-type Ruthroff Balun 

Photo 8-I shows a photograph of the typical rod- 
type 4:1 Balun, which was practically the only one 
available for the past three to four decades. The Balun 
in the photograph is the HI-Q Balun. It is the 
Ruthroff design (now called a voltage Balun®) with 10 
bifilar turns of No. 14 wire on a 1/2-inch diameter fer- 
rite rod 2 inches in length. In terminating this Balun 
with 200 ohms, the useful range was found to be from 
7 to 15 MHz. Below 7 MHz, the input impedance 
showed a considerable inductive component—indicat- 
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ing autotransformer action and flux in the core (which 
could be harmful). Above 15 MHz, the transformation 
ratio increased and became complex. The optimum 
impedance level was found when matching 100 ohms 
to 25 ohms (indicating a characteristic impedance of 
the windings of only 50 ohms). The useful frequency 
range at this impedance level increased to 3.5 MHz to 
30 MHz. 

When matching 50-ohm coaxial cable to a 20-meter 
folded dipole at a height of 0.17 wavelengths (result- 
ing in a resonant input impedance of 200 ohms), the 
VSWR curve was indistinguishable from that of the 
best Guanella 4:1 (current) Baluns.£ This Balun also 
presented no difficulty in handling the full power 
limit. However, on 10 meters, the difference due to a 
very low characteristic impedance of the coiled trans- 
mission line became evident. Figure 8-7 shows the 
poor VSWR curve of the rod-type Balun when com- 
pared to other Guanella and Ruthroff Baluns with 
characteristic impedances close to the optimum value 
of 100 ohms. The rod-type Balun with all of its inade- 
quacies, which include voltage-breakdown, is certain- 
ly not recommended. 

The high-power Ruthroff Balun is close to McCoy’s 
design.!7 It uses 11 bifilar turns of No. 14 H Therma- 
leze wire on a stack of three T200-2 cores. The wires 
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are also covered with 20-mil wall Teflon tubing yield- 
ing a characteristic impedance close to 100 ohms. I 
differ with McCoy’s design because I feel the charac- 
teristic impedance of his transmission line could be 
closer to 50 ohms. His Balun and others that use pow- 
dered-iron cores will be described further in the next 
chapter on Baluns for antenna tuners. 

The low-power units in Figure 8-7 used 14 bifilar 
turns of No. 18 hook-up wire on 1.25-inch OD ferrite 
toroids with a permeability of 250. The transmission 
lines of the low-power Baluns were just under 20 
inches, while those of the high-power Balun were 50 
inches in length. 

As can be seen in Figure 8-7, there are very small 
differences between the VSWR curves of the two 
low-power Baluns and the high-power Ruthroff 
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Frequency (MHz) 
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Photo 8-1. A typical 4:1 rod-type 
Ruthroff (voltage) Balun (HI-Q). 


(voltage) Balun. The differences could very well be 
attributed to the small variations in the characteristic 
impedances of the windings. Very likely, the most 
important information gleaned from Figure 8-7 is 
that, when feeding a balanced dipole with a virtual 
ground-plain bisecting it, the Ruthroff Balun takes 
on the character of a two-core Guanella Balun. In 
other words, the Ruthroff Balun loses its built-in 
high-frequency cut-off! 


4:1 Current Baluns 

I also characterized several so-called current 
Baluns® that recently appeared on the market. These 
are my findings: 

a) They are the dual-core (toroids) version of the 
Guanella Balun, which sums voltages of equal delays. 


A Low-power Guanella 


_, Low-power Ruthroff 


Jia power Ruthroff 


Figure 8-7. Plots of VSWR curves on 10 meters for four different 4:1 Baluns. The high-power Ruthroff Balun is actually 
McCoy's design with a 100-ohm characteristic impedance winding (and is described in the next chapter). The Hi-O Balun 
is shown in Photo 8-I. The comparisons show the importance of having the optimum value of the characteristic impedance 
of the windings and that the high-power Balun with its much longer transmission line indicates a Guanella-type operation. 
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b} The electrical performances of these Baluns are 
vastly superior to the rod-type Balun described earlier, 

c These Baluns should meet their electrical and 
power-rating specifications. 

d} My only criticism is that they could have more of 
a safety margin at the low-frequency end, where ex- 
cessive core flux (due to higher than expected imped- 
ances) could take place. More inductance in the wind- 
ings is recommended. 


The Beaded-coax 4:1 Balun 

A design in an amateur radio journal? advocated 
using beaded coaxial cable (of 100 ohms) in a 4:1 
Guanelia design, Various claims were advanced for 
this approach. ł constructed one of these Baluns using 
No.14 wire with Teflon sleeving, resulting in the 
required [00-ohm characteristic impedance. Here are 
my findings: 

a} The Balun had excellent margins at both the 
high- and low-frequency ends. The performance of 
this Balun verified the analysis (expressed earlier) 
with the high- and low-frequency models and the sub- 
sequent voltage gradients. In fact, the high-frequency 
performance exceeded the capability of my simple 
test equipment.* 

b) The major disadvantage is in efficiency. Because 
high-permeability (2500) beads are required in order 
to obtain the required choking reactance in the HF 
band, this Balun had considerably more loss than 
colled-type Baluns using low-permeability (ess than 
300) ferrite toroids.2 A soak-test* (transformers con- 
nected back-to-back and about 500 watts applied into 
a dummy load) with the dual-core low-power unit in 
Photo 8-G showed that the smalier Balun ran consid- 
erably cooler! The beaded transmission lime technique 
is recommended mainiy for Baluns (and Ununs} oper- 
ating at low impedance levels or on the higher-fre- 
quency bands. 


Sec 8.0 Summary 


Unlike the 1:1 Balun, the 4:1 Balun matching 50 
ohms unbalanced to 200 ohms balanced has had no 
real standard for comparison in the amateur radio lit- 
erature. As Chapter 7 showed, Reisert's Balun in his 
1978 article’ had all of the attributes of a good 1:1 
design. Therefore, he set a legitimate standard for 
others to follow or even attempt to exceed. Also 


shown were some of my variations in his design for 
increased efficiency and ease of construction. 

However, Chapter 8 has illustrated that the designs 
m the amateur literature (particularly the handbooks) 
arc found lacking in bandwidth, or efficiency, or both, 
Even the 4:1 Baluns on the commercial market can be 
improved. This is especially true of the rod-type 
Balun that has been available for decades! 

in the process of investigating the 4:1 Balun for my 
series of articles in CO and Communications Quarter- 
fy, I have arrived at some designs that could provide 
the beginnings of standards for this device. They are 
included in this chapter and are: 

1. For balanced applications like matching 30-ohm 
cable to the 200-ohm balanced input impedance of 
folded-dipole or iog-periodic antennas, 1 recommend 
the single-core, Ruthroff design of Photo 8-A, It is 
capabie of handling the fuli legal limit of amateur 
radio power. For a higher-power capability and a Hittle 
iess bandwidth, 1 recommend the Ruthroff design 
shown in Photo 8-C. These designs are presently 
called voltage Baluns.® 

2. For unbalanced applications like the OCFD (off- 
center-fed dipole}, or a dipole that could be unbai- 
anced by surrounding structures or by construction 
errors, | recommend the two-core Guanella design of 
Photo 8-E or Photo 8-F. H is a much more flexible 
unit that can operate successfully as a Balun when the 
load is grounded at its center (Figure 8-1A), or as an 
Unun when the ioad is grounded at the bottom. 
Although not shown, it can even be grounded at the 
top, yielding a 4:1 phase-inverter. 

3, For low-power 4:1 Balans, there really have been 
no designs in the literature for comparisons. 
Therefore, by default, the designs in this chapter are 
suggested as standards. Applications of the single- 
core Ruthroff Balun and the two-core Guaneila Balun 
are the same as their higher-power counterparts. 

I am sure there are some who don't agree with the 
recommendations proposed above. The Guanella (cur- 
rent) Balun appears to be the main Balun of choice, 
The question is: Why use a two-core Guanella (cur- 
rent) Balun when a single-core Ruthroff (voltage) 
Balun will do? They both have the same power rat- 
ings! For those who disagree with my views, designs, 
or recommendations, 1 encourage them to (as the clas- 
sic TV commercial used to say) put if in writing. Then 
we will all benefit from the new information. 


Chapter Q 


Baluns for Antenna Tuners 


Sec 9.1 Introduction 
Te 4:1 Balun, matching 50 ohms (unhalanced) 


to 200 ohms (balanced), has found 1ts most 

popular use in antenna tuners. Because the 
Balun rarely sees a resistive load of 200 ohms in this 
application, the primary objective is to take the bal- 
anced impedance (with respect to ground) of the input 
to an open-wire (or twin-lead) feedline and transform 
it into an unbalanced impedance which has one side 
erounded and can be transformed into 50 ohms by an 
L-C matching network. This was well described in 
two CQ articles by McCoy. 418 

As Chapter 8 has shown, there are two different 
forms of the 4:1 Balun. One uses two transmission 
lines wound on separate cores (or threaded through 
ferrite beads in some cases) and connected in parallel 
at the 50-ohm side and in series at the 200-ohm side. 
This design was first presented by Guanella in 1944,3 
and is presently called a current Balun.® The other 
design, using a single transmission line wound around 
a core and connected in a phase-inverter configura- 
tion, was introduced by Ruthroff in 1959.9 This 
design, which has recently been called a voltage 
Balun,® is now perceived as the inferior design. 

This chapter presents another view of the 4:1 Balun. 
ig not only includes the optimum design considera- 
tions for antenna tuner use, but also the design para- 
meters for multiband antenna systems using center- 
fed dipoles with open-wire or twin-lead feedlines. 


Le » Balanced 
network 


transmission 
O lina 


Also included are my views on the GSRV antenna, the 
tuner using 3 1:1 Balun before the L-C matching net- 
work, and the special cases of Ruthroff’s 4:1 design 
matching into a load that is actually or virtually 
grounded at its center. 


Sec 9.2 The Two Forms of 
Antenna luners 


Three of the more commen items in amateur radio Jar- 
gon are VSWR, antenna tuners, and multiband anten- 
nas (especially the GSRV). These have appeared upon 
the scene because of the ease at which bands can now 
be changed and the narrow limits in the range of 
matching impedances with modern rigs. 

The concept of using a wire antenna on many differ- 
ent bands isn’t new. Designs have been around for 
more than six decades. In fact, satisfactory circuits 
have also been available which couple transmitters to 
balanced Hines that present loads different than the 
transmitter output impedance. These were known as 
series and parallel-tuned circuits.1? The transforming 
of a balanced impedance to an unbalanced impedance 
was accomplished by the isolation provided by mag- 
netic coupling. Energy was transmitted from one cir- 
cuit to the other by either having two colis in close 
proximity or by “link” coupling. However, these 
methods of coupling have fallen by the wayside, 
together with rock-bound rigs, plug-in coils, separate 


4_Halanced 
iransmission 


Figure 9-1. The two baste forms of the Transmatch (antenna tuner}: (Aj the more popular design using an unbalanced LC 
network and a 1:4 Balun; (Bj a EI Balun and a balanced L-C network. 


de 
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receivers and transmitters, and (sad to say) the excit- 
mg flashing of mercury-vapor rectifiers. 

Today, the transmaich is most often used to convert 
the reactive/resistive load presented by an antenna 
system to a nonreactive, grounded 30-ohm load. The 
transmatch is also commoniy known as an antenna 
tuner, The isolation role, that of converting a balanced 
impedance to an unbalanced one, is now provided by 
the Balun transformer. 

There are two basic forms of the transmatch, and 
they are shown in Figure 9-1. Figure 9-1A, which 
shows a 4:1 Balun between the L-C network and the 
balanced transmission lme, has been the most popular. 
In some designs, a 1:1 Balun has been used. In either 
case, this form of antenna tuner places the burden on 
the Balun, not on the L-C network. Depending upon 
the dimensions of the antenna and open-wire (or twin- 
lead) transmission iine, the Balun can see very high 
impedances that may be harmful. In turn, the L-C net- 
works are simpie because of their unbalanced nature. 
Among the most popular networks are L, pi, T, 
Ultimate, and SPC types.4°-43 An added advantage to 
this approach is that the Balun can be piaced outside 
the operating area and connected to the L-C network 
by a coaxial cable. $418 

On the other hand, Figure 9-1B takes the complexi- 
ty out of the Balun and places it on the L-C network. 
With a balanced network, the 1:1 Balun should see a 
lower voltage drop along the length of its transmission 
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Figure 9-2. The two basic forms of the 1:4 Balun: (Aj the Guanella 
{current} Balun; (B) the Ruthraff (voltage) Balun. 


Figure 9-3, The frequency response of a 4:1 Ruthroff (voltage) Balun 
with ihe load floating and with its center grounded. In the grounded 
case, ihe high-frequency response is similar to that of a 4:1 Guanella 
(current) Balun. 
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line (and, hence, less loss%) because its load is always 
close to 50 ohms. Additionally, the choking require- 
ments of a 1:1 Balun are considerably less than that of 
the 4:1 Balun in Figure 9-1A. 

Roehm has addressed the problems related to this 
form of transmatch in an article.!© In fact, he suggests 
a design using an unbalanced T network and a 1:3 
beaded-coax Balin. Although a balanced L-C net- 
work is inherently more compiex and costly, it would 
be interesting to see its comparison with Roehm’s 
unbalanced design. Additionally, a comparison with a 
l:i Balun using 50-chm twin-lead or coaxial cabie 
wound around a ferrife toroid with a permeability of 
less than 300 would also be useful. Because the 1:1 
beaded-coax (choke-type) Balun requires ferrite beads 
with permeabilities considerably greater than 300, it 
has more toss.4 

in any event, the basic form of the transmatch using 
the design in Figure 9-EB looks promising and merits 
further investigation. 


Sec 9.3. Another View of the 
4:1 Balun 


This section presents my views and the results of my 
work on a 4:1 Balun designed for use in the very pop- 
ular “antenna tuner” shown in Figure 9-1A. Because 
the Balun may be exposed to harmful high voltage 
conditions in this application, the efficiency and 


Figure 9-4, Suggested model of the 4:1 Ruthroff (voltage) Balun 


when the load, Ry, is grounded at its center. 


Photo 9-A. The high-power Ruthroff 4:1 Balun used in the 
comparison with other Baluns (see Figure 9-7, and Figure 8-7 of 
Chapter 8). Except for some difference in the characteristic 
impedance of the bifilar winding, it is essentially the McCoy 


4:1 Balun. 


ruggedness of the core materials are important consid- 
erations. Experiments have shown that losses in 
Baluns are related to the impedance level? (and, 
hence, voltage level), and the permeability of the 
materials. Therefore, the losses are of a dielectric-type 
and not of a current-type, as in conventional trans- 
formers. Moreover, it is well known that powdered- 
iron is a more rugged and linear material than ferrite. 
A very important question to ask is which form of 
the 4:1 Balun should be used in this application— 
Guanella’s or Ruthroff’s? My conclusions may sur- 
prise many readers. 

As was mentioned at the beginning of this chapter 
and above, there are two basic forms of the 4:1 Balun. 
They are shown in Figure 9-2A and B. Figure 9-2A 
is Guanella’s approach. It uses two coiled transmis- 
sion lines (on separate cores) connected in parallel on 
the 50-ohm side and in series on the 200-ohm side. 
This has recently been called a current Balun.® In 
order to have “flat” transmission lines and obtain the 
highest frequency response, the characteristic imped- 
ance of the coiled transmission lines should be equal 
to the loads they see—namely, 1/2R, and, in this case, 
100 ohms. 

As Guanella said in his classic paper,’ this Balun is 
literally “frequency independent.” At the low frequen- 
cy end, the reactance of the coiled transmission line 
should be much greater than 100 ohms (in this case) 
in order to assure that the energy is transmitted from 
input to output by an efficient transmission line mode. 
Beaded transmission lines aren’t recommended for 
use on the HF band at these impedance levels because 
of excessive dielectric loss. 

Figure 9-2B shows Ruthroff’s approach, which 
uses a single transmission line connected in the phase- 
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inverter configuration (see Chapter 7). By grounding 
terminal 4, a voltage drop of —V, appears across the 
length of the transmission line. As a result, terminal 3 
is at +V] and terminal 2 is at —-V,—a 4:1 transforma- 
tion ratio. 

It is when the load is actually grounded at its center 
that we see a very interesting feature of this approach. 
A simple impedance measurement will show that the 
high frequency response is vastly improved and that 
the Ruthroff (voltage) Balun appears to take on the 
character of a Guanella (current) Balun! Figure 9-3 
illustrates the measurements of the input impedance 
of a Ruthroff 4:1 Balun with the load floating, and 
when it is grounded at its center. These measurements 
(with a simple resistive bridge) were made on my 
design using a powdered-iron core, which will be 
described later. 

A model for the Ruthroff 4:1 Balun, when the load 
is grounded at its center, is provided in Figure 9-4. If 
the characteristic impedance of the transmission line 
in the 4:1 Balun is 100 ohms (the optimum value if 
the load is 200 ohms), then the generator sees R¡ /2 in 
parallel with a R¡ /2 from a “flat” line. As a result, the 
generator sees its match of 50 ohms—even though the 
currents in the loads are not in phase! 

However, when the Balun is connected to a center- 
fed, folded dipole, or log-periodic beam antenna with 
200-ohm input impedances, the virtual ground-plane 
bisecting the antennas presents an interesting case. 
Because there is no metallic connection to the center 
of the load, the currents in both halves of the antennas 
are in phase. This is unlike the situation in Figure 9-4, 
where the current in the load on the right is delayed 
compared to the current in the load on the left. As is 
evident in Figure 8-7 of Chapter 8, the VSWR curve 
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for the high-power Ruthroff Balun has practically the 
same shape as those of the two lower-power units— 
even though its transmission line is more than two and 
one half times longer. 

Because the high-frequency response of a Ruthroff 
4:1 Balun with a floating load is highly dependent 
upon the length of the transmission line, Figure 8-7 
suggests that, in the virtual ground case, the Balun 
acts as a Guanella Balun which sums voltages of 
equal phases. It also suggests that the effective electri- 
| Vi : cal length of the transmission line is one-half of its 
oy ae = Y | actual length. I am quite sure that this model of 

ra ne. K Ruthroff’s Balun was not proposed by him or by oth- 

dl e a ers that followed. However, it should be remembered 
that this condition only exists in the balanced case. 
| | | With an unbalanced load, the Balun should introduce 
Photo 9-B. The Balun of Photo 9-A mounted in a 5 inch a reactive component that will limit the high frequen- 
long by 4 inch wide by 3 inch high minibox. cy response. In the unbalanced case, the Guanella 
Balun with two cores is the Balun of choice. 


Sec 9.4 Some “Hardy” 4:1 Designs 


Photos 9-A and 9-B show two views of a Ruthroff 4:1 
transmission | Balun, much like McCoy’s design, which has been 
line used in his highly popular transmatch.** Figure 9-5 
shows a pictorial representation of the connections. It 
| | has 11 bifilar turns of No. 14 H Thermaleze wire on 
Figure 9-5, A pictorial of the connections for a 4:1 three (stacked) T200-2 cores. The cores are pow- 
Ruthroff (voltage) Balun. dered-iron material with a permeability of 10. The OD 


Photo 9-C. The various 
Baluns used in the study of 
4:1 Baluns for antenna 
tuners. 
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METERLESS OHMMETER 


This handy device is a low-cost audible continuity tester. It 
uses both low voltage and low current. The tester is also small 
enough to put in your shirt pocket because it uses a 35mm film 
container for an enclosure. Originally I had a need for such a tester 
during a project that was wire-wrapped and I needed to check a lot 
of connections in as short a time as possible. The tester will give 
you an audible indication of resistance up to around 2000 ohms. You 
can test semiconductor junctions with it and the tester will let you 
tell the difference between just a few ohms of resistance because 
different tones will be heard when testing different values of 
resistance. Since this continuity tester will let you measure small 
values of resistance, it is nice for testing any sort of wiring or 
semiconductor components. 

The LM3909 used in this tester is almost indestructible pro- 
vided it isn’t fed with more than 1.5 volts. I use an AAA-size 
1.5-volt battery in my tester and it has lasted almost a year now. 
The tester provides enough voltage to turn on transistor and diode 
junctions and it does so at low current levels. Maximum current 
levels are obtained when the component being measured has close 
to zero ohmsof resistance. If you use a 1000-ohm earphone with the 
tester, the current will be approximately 2 mA. If you use an 8-ohm 
speaker, the current will be around 13 mA. If you're not measuring 
zero ohms, the current through the component or wire being tested 
will be in fractions of a milliampere. The enclosure used for my 
continuity tester was an empty film container and it is just the right 
size to put in your pocket and get ahold of when you need it. If you 
don’t have a35mm camera, ask one of your friends that does to give 
you an empty film container. 

Construction of this continuity tester will only take an hour or 
so if you have all the parts ready. You can buy all the parts at a Radio 
Shack store. Depending upon what you have in spare parts and your 
junk box, the total cost will be from five to ten bucks. 

The electrical design of the continuity tester is shown in Fig. 
2-1. If you look at Fig. 2-2, you can see how the parts are placed on 
the piece of experimenter circuit board. A completed continuity 
tester is shown in Fig. 2-3. Looking at Fig. 1-1, you should notice 
that the earphone or speaker has to be connected for the tester to 
operate. If you don't use an earphone and jack as 1 did, you might 
want to install an on-off switch to turn the tester off in case the test 
leads touch together while it is waiting to be used. 

Before you solder the parts in place on the circuit board, trim 
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is 2 inches. The wires are also covered with a 15-mil 
wall Teflon tubing, yielding a characteristic imped- 
ance close to the optimum value of 100 ohms. 

I differ with McCoy’s design here, because the char- 
acteristic impedance of his Balun could be closer to 
50 ohms. Photo 9-B shows the Balun mounted in a 5 
inch long by 4 inch wide by 3 inch high minibox. 
Because McCoy didn’t use a thickly insulated wire, 
he wound a layer of Scotch No. 27 glass tape on each 
toroid before stacking. This was followed by another 
layer in the stacking process. With Teflon sleeving 
over the wire, the extra insulation provided by the 
glass tape could be dispensed with. 

In order to improve the low-frequency response of 
McCoy’s Balun, I made a study of higher permeabili- 
ty powdered-iron cores. Photo 9-C shows the various 
Baluns used in the study. The object of this study was 
to determine the best core material for a 4:1 Balun to 
be used in antenna tuners where they can be exposed 
to high impedances (and, hence, hostile environ- 
ments). I knew, as the result of very accurate insertion 
loss measurements? that loss with ferrite materials 
was related to the voltage drop along the length of the 
transmission line and to the value of the permeability. 
Permeabilities of 40 (No. 67 ferrite) exhibited the 
lowest loss. The results taken on a single powdered- 
iron material—No, 2 material with a permeability of 
10—also showed the very same low loss. Because 
powdered-iron material has been known to be more 
rugged and linear than ferrite material, this suggested 
that other powdered-irons with greater permeabilities 
should also be investigated. 

I investigated four other powdered-irons with per- 
meabilities of 20, 25, 35, and 75. Their designations 
were Nos. 1, 15, 3, and 26, respectively. Comparisons 
were made on input impedances (with the outputs ter- 
minated in 200 ohms) and temperature rises (when 
handling 500 watts of power). The power test showed, 
convincingly, that No. 26 material was not to be used 
because it showed a definite rise in temperature while 
the other three didn’t. However, all four materials 
showed a definite lower input impedance than the No. 
2 material, which has a permeability of 10. As expect- 
ed, the higher the permeability, the larger the differ- 
ence with No. 2 material. Although an input imped- 
ance measurement does provide some indication of 
loss because it appears as a shunting path to ground, a 
very accurate insertion loss measurement would pro- 
vide a more precise indication of the trade-off that can 
be made in efficiency for low frequency response. 
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Photo 9-D, An 
improved 4: ] 
Ruthroff design for 


antenna tuners. 
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Photo 9-E. The improved 4:1 Ruthroff Balun mounted in a 
5 inch long by 4 inch wide by 3 inch high minibox. 


Because my simple loss measurements indicated 
that the higher permeability powdered-irons had more 
loss than the No. 2 material, I decided to design a 4:1 
Ruthroff Balun using this material—but with a larger 
core and more turns than the McCoy!7:!8 Balun. 
Although McCoy’s design has enjoyed considerable 
success over the years, I felt that a larger inductive 
reactance was desirable in order to assure better per- 
formance on the lower frequency bands (particularly 
160 meters). 
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Photo 9-F, The top view of the 4:1 Balun of Photo 9-E. 


The specific design is shown in Photo 9-D. It has 
17 bifilar turns of No. 14 H Thermaleze wire on a 
T300A-2 powdered-iron core, which has an OD of 3 
inches and a permeability of 10. With this number of 
turns and a larger cross section than the three T200-2 
cores, the low frequency response improved by a fac- 
tor of about two over the McCoy Balun, which has 10 
to 12 turns on a stack of three T200-2 cores. 
Furthermore, the wires are also covered with 15-mil 
wall Teflon tubing, resulting in a characteristic imped- 


N = 21, T400A-2 core 


N = 11, 3-T200-2 cores 
(McCoy's balun) 


ance of 100 ohms (the objective). This well-insulated 
transmission line has been reported to handle 10,000 
volts without breakdown. Figure 9-3 illustrates the 
performance of this Balun (under a matched condi- 
tion) when the load is floating and when it is center- 
tapped-to-ground. Photo 9-E shows the Balun mount- 
ed in a minibox 5 inches long by 4 inches wide by 3 
inches high. Photo 9-F shows the top view of the 
mounted Balun. 

Because the Balun with the larger core and more 
turns showed an improvement by a factor of two in 
the low-frequency response over the McCoy Balun, I 
constructed an even larger design. This is shown in 
Photo 9-G. It has 21 turns of the same wire on a 
T400A-2 core with an OD of 4 inches and a perme- 
ability of 10. Even though Photo 9-G shows the 
toroid wrapped with Scotch No. 27 glass tape, as 
mentioned earlier, this extra insulation isn’t required 
because the wires are covered with Teflon sleeving. 

Figure 9-6 shows the comparisons in the input 
impedances versus frequency of these three “hardy” 
Baluns when they are terminated in 200-ohm loads 
grounded at their centers. As can be seen, the low-fre- 
quency response of the Balun with the most turns and 
largest core is the best. Even though the Balun with 
the 3-inch core has a poorer low-frequency response, 
it is an improvement over the McCoy Balun and 
should find considerable use in transmatches. Figure 
9-6 also shows that the high frequency responses of 
these Baluns with the loads grounded at their centers 
are remarkably similar. This is especially interesting, 
as the length of the transmission line on the larger 
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Figure 9-6. A comparison of the performance of the McCoy 4:1 Balun with Baluns having larger cores and more turns. 


Balun (with the T400A-2 core) is more than twice as 
long as the other two (115 inches compared to 50 and 
55 inches). If it is correct that my model of a Ruthroff 
(voltage) Balun feeding a balanced antenna or trans- 
mission line takes on the character of a Guanella (cur- 
rent) Balun because of the virtual ground, then this 
large Balun could have many applications. 


Sec 9.5 Multiband Dipoles 


Antenna tuners have been known to work well for 
some radio amateurs and not for others. This is due to 
the differences in the dimensions of their antenna sys- 
tems. With high impedances seen by the 4:1 Baluns in 
the antenna tuners, the Baluns not only fail to provide 
a good balanced-to-unbalanced conversion, but they 
can also be damaged by excessive heating. The high 
current, low impedance condition seen by the Balun 
isn’t a problem. Therefore, the object in multiband 
antenna design is to provide the most favorable 
impedances for the Baluns, especially on the three 
lowest frequency bands—40, 80, and 160 meters. 
Usually on the higher frequency bands, the imped- 
ances seen by the Baluns are not as high and the 
Balun’s choking reactances are greater (assuring bal- 
anced-to-unbalanced conversion). This section dis- 
cusses three cases of multiband center-fed dipole 
designs. They are 1) the “worst case” design, 2) a 
smaller design—the GSRV, and 3) a larger design. 
Others may have better designs for multiband opera- 
tion, but it’s clear that the “worst case” design ought 
to be avoided. Figure 9-7 shows the symbols for the 
dimensions of the center-fed dipoles. 


Sec 9.5.1 The "Worst Case” Design 


Apparently, an 80-meter dipole with a quarter-wave 
open-wire (or twin-lead) feedline is a logical design 
for a multiband dipole. In Figure 9-7 this would mean 
that L; = Lə = 59 to 67 feet, depending upon the 
favorite operating frequency. If one were to use 450- 
ohm twin-lead with “open windows,” Lz would be 
diminished by 10 percent; with 300-ohm TV twin- 
lead, it would be diminished by about 20 percent. This 
would make a good antenna system on 160 meters. 
Because L, + L» is close to a quarter-wave, the cur- 
rent at the input to the feedline is at its highest value 
and the impedance at its lowest—a very favorable 
condition for the Balun. In fact, a 1:1 Balun at the 
feedpoint would probably do a good job. 
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Photo 9-G. A large 4:1 Ruthroff design using a 4-inch OD 
powdered-iron core and 21 bifilar turns. 


Figure 9-7. The symbols used for the dimensions of a cen- 
ter-fed dipole with open-wire feeders (or twin-lead with 
appropriate consideration of velocity factors). 


However, what does the input to the feedline look 
like on 80 meters? If 450-ohm feedline is used, the 
4:1 Balun sees a quarter-wave 450-ohm feedline ter- 
minated in approximately 50 ohms. Transmission line 
theory tells us that the Balun would see 4050 ohms— 
an impossible condition for most Baluns. The situa- 
tion becomes worse on 40 meters, where we may have 
a center-fed, full-wave dipole with a half-wave trans- 
mission line (a 1:1 matching transformer). In this 
case, the Balun could see an impedance approaching 
10,000 ohms—a more than impossible condition! 
Although high impedances would also be seen on 10, 
15, and 20 meters, the conditions are not quite as 
severe because the Balun's choking reactances are 
usually greater and the impedances lower. In essence, 
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the “worst case” design for a 4:1 Balun is the “best 
case” design (except for 160 meters}, if one still uses 
inductive coupling to a parallel-tuned circuit. 19 


sec 9.5.2 A Smaller Design— 
The G5RV 


Vamey,** G5RV, designed a multiband center-fed 
antenna system capable of operation on all HF bands 
from 3.5 to 30 MHz. In contrast to multiband anten- 
nas designed as half-wave dipoles on 80 meters (the 
“worst case” design), the full-size GSRV antenna was 
designed as a three-half-wave antenna on 14,150 MHz 
with a 1:1 transmission line matching transformer. It 
was possible to accomplish this using the dimensions 
of 51 feet for Ly and 34 feet for L,. For 450-ohm 
twin-lead with “windows,” L» would he 31 feet; for 
300-ohm TV ribbon, La would be 28 feet. Con- 
sequently, the input impedance at the hase of the 
matching transmission line was about 100 ohms on 
14,150 MHz, and a manageable impedance for 50 or 
s0-ohm coaxial cable. 

However, with a total length for L; + Ly of 85 feet, 
the impedances at the input to the transmission line on 
40, 80, and 160 meters are also manageable. Even 
though they have a reactive component on these 
bands, they aren't so high that a well-designed 4:1 
Balun in an antenna tuner can’t handie them easily. 
Varney also showed that the highest impedances 
occurred on the 16-, 217, and 28-MHz bands. How- 
ever, this doesn’t present a problem with the design 
shown in Photo 9-D because it uses an efficient core 
material, and it also has the highest reactances of its 
windings at these frequencies. 

Varney2* also wrote, at considerable length, on the 
unsuitability of a Balun being used to connect the 
base of the 34-foot open feeders to a coaxial cahile 
feedline. He stated that if a Balun is connected to a 
reactive load with a VSWR of more than 2:1, its 
internal losses would increase, Varney also men- 
tioned heating of the wires and saturation of the core. 
Evidentiy Varney was not familiar with McCoy's 
design, which uses a powdered-iron core (with a per- 
meability of 10) that can withstand VSWRs consid- 
erahly greater than 2:1—without showing any tem- 
perature rise. Furthermore, the wire doesn’t heat up; 
however, the core itself does via dielectric heating. 
Additionaily, with sufficient choking reactance, 
Baluns can handle (equally) the resistive and reactive 
components of an impedance. 


Finally, after observing the voltage and current dis- 
tributions on ali of the bands, it appears that a 2:1 
(100:30-chm)} Balun might he an interesting one to try 
on the GSRV antenna. It could he that many of the 
bands would not require the added matching of an 
antenna tuner. If some of the bands require an antenna 
tener in order to be used, then 1 would suggest using a 
“hardened” Balun. That is what I call McCoy’s 
approach, which uses efficient and hardy powdered- 
iron cores. A 2:] Balun, comprised of a 1:2 Unun in 
series with a 1:1 Guanella (current) Balun, could be 
easily designed and built (see Chapter 10). 


sec 9.3.3 A Larger Design 


Even though the GSRV antenna can be made to oper- 
ate on 160 meters with a suitable antenna tuner, an 
antenna system larger than the “worst case” design 
can provide better operation on the 40-, 80-, and 160. 
meter hands. As you might expect, an antenna system 
about twice as large as the GSRY offers these advan- 
tages. Suggested dimensions are L; = 80 feet and Ly = 
¡00 feet. If the feedline is 450-chm twin-line with 
“windows,” then L- = 90 feet. If it is 300-chm TV nb- 
bon, then Lo = $2 feet. As with the GSRY, it’s the total 
length of Ly + Lə that presents favorable or unfavor- 
able impedances to the 4:1 Balun in the antenna tuner. 
Therefore, Ly and L, could hoth be 90 feet, as well. 
Only very small differences in performance would be 
noticed between these two systems, particularly on 
the iower-frequency bands. Obviously, other combina- 
tions totaling 180 feet are also possible. In the GSRV 
case, it’s 85 feet. 


sec 9.6 Summary 


After reading this chapter, one might think that I 
have set this technology back a few years by advo- 
cating voltage Baluns and powdered-iron cores. | 
have even questioned the professional literature. 
However, my conclusions were based upon three 
experimental results. These were: |} measurements 
with my resistive bridge on input impedances of 4:1 
Ruthreff (voltage) Baluns with loads floating and 
center-tapped-to-ground, 2} VSWR measurements on 
foided dipoles with various 4:1 Baluns (large and 
small and, therefore, with many different lengths of 
transmission lines), and 3) McCoy’s success with his 
4:] Balun. Also, as this chapter points out, it helps to 
have the dimensions of a multiband, center-fed 
dipole, and feeders favor the operation of a 4:1 Balun 


in antenna tuners. And, ves, there is a “worst case” 
antenna design! 

As In many investigations, supplying answers to 
some guestions can lead to others that appear to be 
important, Specificaily, for powdered-irons, how 
would permeabtities in the 20 to 35 range perform? 
Simple impedance measurements showmg lower val- 
ues on input impedances, indicate that there ts more 
ioss than with a permeability of 10; but accurate mser- 
tion loss measurements are needed in order to teil the 
compiete story-~the trade-off in efficiency for low- 
frequency response. 
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Finally, low permeability ferrite-hke No. 67 materi- 
al with a permeability of 40 looks interesting for use 
in Baluns for antenna tuners. Accurate insertion loss 
measurements* have also shown the very same high 
efficiency that was exhibited by powdered-iron having 
a permeability of 10. With a sufficient number of 
turns on an appropriate size core, a Balun made of this 
material could be practical. Even though the amateur 
radio literature stl refers to the problem of core satu- 
ration, there has been only one recorded case. This 
was on 2 MHz with a rod-type 1:1 Balun where insuf- 
ficient choking reactance exists. 13.14 


Chapter 10 


1.5:1 and 2:1 Baluns 


Sec 10.1 Introduction 


here are many applications for broadband 
Baluns with impedance transformation ratios 
close to 1.5:1 and 2:1. Two applications involve 
matching 50-ohm cable to balanced loads of 75 or 100 
ohms, which are the input impedances of a half-wave 
dipole at heights of 0.22 or 0.34 wavelengths above 
ground, Another, is the matching of 50-ohm cable to 
the 100-ohm input impedance of a quad antenna. An 
interesting, and somewhat unexpected, application ts 
the matching of 50-ohm cable directly to the input 
impedance of the driven element of a Yagi beam 
antenna of 33 or 25 ohms. This would eliminate the 
common hairpin matching network presently used to 
raise their input impedances to 50 ohms. 

There are many versions of these two Baluns. They 
include: 1) mgb- and low-power designs, 2) designs 
matching 30-ohm cable to higher or lower imped- 
ances, 3) series- or parallel-type designs, 4) single- or 
dual-core designs, 5} dual-ratto designs, and 6) HF 
and VHF designs. The serles-type Baluns use an 
Ungen (unbalanced-to-unbalanced transformer) in 
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(A) 1:1.56 UNUN 111 balun 


series with a Guanella (current) Balun. More detarls 
on these Ununs are provided in later chapters. In this 
chapter, you'll read about many high-power designs 
capable of handling the full legal limit of amateur 
radio power. They are optimized for sufficient mar- 
gins in choking reactance at their low frequency 
ends, and in efficiency throughout their passbands. 
Two of the 2:1 Baluns are specifically designed for 
2-meter operation. 


Sec 10.2  1.5:3 Baluns 


In this section, Pll present two series-type 1.5:1 
Baluns (actually 1.56:1, which should be close 
enough). They both use 1.56:1 Ununs in series with 
Guanejla 1:1 Baluns. Figures 10-LA and B show their 
schematic diagrams. Figure 10-1B has an extra input 
(to a tap), which provides another ratio of 1.33:1, 

The left-hand side of Phote 10-A shows a design 
using Figure 10-1A mounted in a CU 3006 minibox 
5.25 inches long by 3 inches wide by 2.25 inches high 
(RadioShack has carried a similar enclosure}. The 
112.36 Unun has 4 guintufilar turns on a 1.5-inch OD 
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1:1 Balun 


(B) 1:1.56 UNUN 


Figure 10-1, Schematic diagrams of two 1.56:1 Baluns: (A) step-up, 50:78 ohms; (B) step-down, 50:37.6 ohms—connection 


A, 50:32 ohims-—connection B, 
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ferrite toroid with a permeability of 250. Winding 7-8 
is No. 14 H Thermaleze wire and the other four are 
No. 16 H Thermaleze wire. 

The 1:1 Guanella Balun has 11 bifilar turns of No. 
14 H Thermaleze wire on a 2.4-inch OD ferrite toroid 
with a permeability of 250. One wire is covered with 
Teflon tubing, resulting in a characteristic impedance 
very close to 78 ohms (the optimum value). 

When matching 50-ohm cable to a balanced load of 
78 ohms, the impedance transformation ratio is literal- 
ly flat (within a percent or two) from 1.5 MHz to 40 
MHz! You might be interested to know that (separate- 
ly) the 1:1 (75:75-ohm) Balun would make an excel- 
lent isolation transformer for 75-ohm hardline, and 
the 1.56:1 (78:50-ohm) Unun an excellent match 
between 75-ohm hardline and 50-ohm cable. 

The right-hand side of Photo 10-A shows a design 
using Figure 10-1B mounted in a similar enclosure. 
The 1.56:1 Unun has 5 quintufilar turns on a 1.5-inch 
OD ferrite toroid with a permeability of 250. Winding 
5-6 is No, 14 H Thermaleze wire and is tapped at one 
turn from terminal 5. The other four wires are No. 16 
H Thermaleze. 

The 1:1 Guanella Balun has 7 turns of homemade 
coaxial cable on a 1.5-inch OD ferrite toroid with a 
permeability of 250. The inner conductor is No. 14 H 
Thermaleze wire and is covered with Teflon tubing. 
The outer braid, which is from a small coaxial cable 
or from 1/8-inch tubular braid, 1s also tightly wrapped 
with Scotch No. 92 tape to preserve the low character- 
istic impedance. 


Photo 10-A. Baluns using the schematic 
diagrams of Figure 10-1, Balun on the left 
matches 50-ohm cable to a balanced load 
of 78 ohms. Balun on the right matches 
50-ohm cable to balanced loads of 37.6 or 
32 ohms. 


In matching 50-ohm cable to a balanced load of 
37.6 ohms (connection A), or to a balanced load of 32 
ohms (connection B), the response is essentially flat 
(within a percent or two) from 1.5 to 30 MHz. 


Sec 10.3 2:1 Baluns 


The 2:1 Balun lends itself to more choices in design 
than the 1.56:1 Balun. This is especially true because 
the parallel-type design, which provides a 2,25:1 
Balun with the widest possible bandwidth, can easily 
be employed. The 1.56:1 Balun is at a disadvantage 
here. This section presents many Baluns using both 
series and parallel-type designs. 


Sec 10.3.1 Series-type Baluns 


Figure 10-2 shows circuit diagrams for two versions 
of the series-type Balun. Photo 10-B shows a design 
using Figure 10-2A mounted in a CU 3005-A mini- 
box 5 inches long by 4 inches wide by 3 inches high. 
The 1:2 Unun has 7 trifilar turns on a 1.5-inch OD fer- 
rite toroid with a permeability of 250. The output tap 
is located 6 turns from terminal 5. Winding 5-6 is No. 
14 H Thermaleze wire and the other two are No. 16 H 
Thermaleze wire. 

The 1:1 Guanella Balun has 14 bifilar turns of No. 
14 H Thermaleze wire on a 2.4-inch OD ferrite toroid 
with a permeability of 250. Both wires are covered 
with Teflon tubing, which results in a characteristic 
impedance of 100 ohms (the optimum value). A 
crossover, placing 7 turns on one side of the toroid 


1: 2 UNUN 1:1 balun 


(B) 1.78: 1 UNUN 
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1: 4 balun 


Figure 10-2. Schematic diagrams of two versions of the series-type Balun: (A) 1:2 (50:100 ohms) Balun; (B) 1:2.25 


(50:112,5 ohms) Balun. 


and 7 turns on the other, is used so the output and 
input are on opposite sides of the toroid. Figure 10-3 
is a drawing of the crossover. Although this technique 
has no electrical advantage at HF, the mechanical 
advantage is obvious. 

When matching 50-ohm cable to a balanced load of 
100 ohms, the response is literally flat (within 2 to 3 
percent) from 1.5 to 30 MHz. By connecting the out- 
put of the Unun to terminal 6 instead of to the tap, the 
Balun would match 50-ohm cable to a balanced load 
of 112.5 ohms with about the same response. 

Photo 10-C shows two slightly different versions of 
series-type 2.25:1 Baluns using the circuit of Figure 
10-2B. Both have the same 1.78:1 step-down Unun, 
which has 5 quadrifilar turns on a 1.5-inch OD ferrite 
toroid with a permeability of 250. Winding 5-6 is No. 
14 H Thermaleze wire, and the other three are No. 16 
H Thermaleze wire. Each version also has 8 bifilar 
turns of No, 14 H Thermaleze wire on both of the 1.5- 
inch OD ferrite toroids, with a permeability of 250. 

The differences are: 1) the Balun on the left in 
Photo 10-C has one layer of Scotch No. 92 tape on 
one of the wires in each bifilar winding and a 
crossover after the fourth turn, and 2) the Balun on the 
right has two layers of Scotch No. 92 tape on one of 
the wires on one toroid and no extra insulation on the 
wires of the other toroid. Therefore, one of the wind- 
ings in the 1:4 Guanella Balun has a characteristic 
impedance a little less than 50 ohms and the other a 
little greater than 50 ohms, resulting in a canceling 
effect. Furthermore, the crossover isn’t used in this 
design. The Balun on the left is mounted in a CU 
3006 minibox 5.25 inches long by 3 inches wide by 
2.25 inches high. The Balun on the right is mounted 
in a CU 3015-A minibox 4 inches long by 2 inches 
wide by 2.75 inches high. 


Photo 10-B. A series-type Balun using the schematic dia- 
gram of Figure 10-2A designed to match 50-ohm cable to 
a balanced load of 100 ohms. 


The performance of these two Baluns is essentially 
the same. When matching 50-ohm cable to balanced 
loads of 112.5 ohms, the responses are essentially flat 
(within 2 to 3 percent) from 1.5 to 30 MHz. 

From preliminary measurements on series-type 2:1 
Baluns, the Balun in Photo 10-B is the one I'd recom- 
mend for matching 50-ohm cable to balanced loads of 
100 ohms, while the Baluns in Photo 10-C would be 
best for matching to balanced loads of 112.5 ohms. 
Also, by replacing the 1.78:1 Unun in Figure 10-2B 
with a 2.25:1 Unun, and not adding any extra insula- 
tion to the windings of the 1:4 Balun, it’s possible to 
obtain an excellent Balun matching 50-ohm cable to a 
balanced load of 89 ohms, 

Figure 10-4 shows the schematic diagram of a 
series-type Balun designed to match 50-ohm cable to 
balanced loads of 25 or 22.22 ohms. Photo 10-D 
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Figure 10-3. Construction of a 1:1 Guanella Balun with a 
crossover placing the input and output terminals on oppo- 
site sides of the toroid. 


Photo 10-C. Two series-type Baluns using the schematic 
diagram of Figure 10-2B designed to match 50-ohm cable 
to balanced loads of 112.5 ohms. 


shows two versions of this dual-ratio Balun. The 
Balun on the left, for its Unun, has 6 trifilar turns of 
No. 14 H Thermaleze wire on a 1.5-inch OD ferrite 
toroid with a permeability of 250. Winding 3-4 is 
tapped one turn from terminal 3, yielding the 2:1 
ratio. The 1:1 Guanella Balun has 6 turns of home- 
made coaxial cable on a similar toroid. The inner con- 
ductor is No. 12 H Thermaleze wire and is covered 


with Teflon tubing. The outer braid, from a small 
coax or from 1/8-inch tubular braid, is tightly 
wrapped with Scotch No. 92 tape to preserve its low 
characteristic impedance. 

In matching 50-ohm cable to balanced loads of 25 
ohms (connection A) or to 22.22 ohms (connection 
B), the response is essentially flat (within a percent or 
two) from 1.5 to 30 MHz. 

The Balun on the right in Photo 10-D has similar 
windings on a single 2.4-inch OD ferrite toroid with a 
permeability of 250. Its performance is quite compa- 
rable to the Balun on the left. 


Sec 10.3.2 ParalleHype Baluns 


As you saw in the previous section, the series-type 
Baluns presented here are combinations of Ununs 
with ratios of 1.33:1, 1.78:1, 2:1, and 2.25:1 in series 
with Guanella 1:1 or 4:1 Baluns. The Ununs, which 
are really an extension of Ruthroff’s? bootstrap tech- 
nique for obtaining a 4:1 Unun, sum direct voltages 
with delayed voltages that traverse a single transmis- 
sion line. Therefore, the Unun eventually limits the 
high-frequency response of the series-type Balun. 

On the other hand, the parallel-type Balun is an 
extension of Guanella’s technique of summing volt- 
ages of equal delays. Instead of simply connecting 
transmission lines in parallel-series, the parallel-type 
Balun connects Guanella Baluns in parallel-series. As 
I noted in Reference 25, two 4:1 Guanella Baluns can 
be connected in parallel-series, yielding very broad- 
band ratios of 6.25:1. This section shows how a 1:1 
Guanella Balun can be connected with a 4:1 Guanella 
Balun in parallel-series, yielding a very broadband 
ratio of 2.25:1. 

Figure 10-5 is the schematic diagram of the high-fre- 
quency model of a 2.25:1 Unun which is used for 
analysis purposes. Because the current through the load 
is 3/21,, the transformation ratio is (3/2), or 2.25:1. 
Therefore, if the impedance seen on the left side is 50 
ohms, a matched impedance on the right side is 22.22 
ohms. Because two thirds of the 50 ohms appears 
across the input of the Guanella 1:1 Balun, its optimum 
characteristic impedance is 33.33 ohms. Similarly, this 
is also the value of the optimum characteristic imped- 
ance for the windings of the 4:1 Balun. Because the 1:1 
Balun wants to see 33.33 ohms on its output (a 
matched condition) and the 4:1 Balun wants to see 
66.66 ohms, placing these two values in parallel results 
in the confirming value of 22.22 ohms. 


q CN e e 


UNKNOWN 


RESISTANCE 
qq AUDIO OUTPUT 


- -Á === l ES SS {l 


| 
| 
| 
L 


TEST PROBE 


Fig. 2-1. Continuity tester schematic. 


it down enough to fit into the film case. Then drill two holes in the 
lid of the film case and pass the test leads through it. Figure 2-5 is 
an example of my trimmed down circuit board. The capacitors used 
in my tester were electrolytics rated at 50 volts, but any rating 
small enough to fit on the circuit board and into the film case would 
work just as well. The voltage rating needs to be only a few volts, 
so tantalum capacitors would work nicely, too. After you have 
soldered the components to the circuit board, drill a hole in the 
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If the 50-ohm generator is placed on the right side 
in Figure 10-5, the circuit becomes a step-up Unun 
matching 50 ohms to 112.5 ohms (on the left). If the 
ground is removed on the left side, the transformer 
becomes a Balun. A similar analysis as above, shows 
that the optimum characteristic impedance of the three 
bifilar windings now becomes 75 ohms. 

Photo 10-E shows a parallel-type 2.25:1 Balun 
designed to match 50-ohm cable to a balanced load of 
112.5 ohms. It has 9 bifilar turns of No. 14 H Therma- 
leze wire on each of the three toroids that have a 1.5- 
inch OD and a permeability of 250. Also, one of the 
wires on each toroid is covered with Teflon tubing, 
resulting in a characteristic impedance of 75 ohms 
(the optimum value). When operating as a Balun, the 
response is essentially flat from 7 MHz to over 45 
MHz. As an Unun, the flat response is broadened 
from 1.5 MHz to over 45 MHz. 

Because the coiled wire, parallel-type Balun didn’t 
provide any real advantage over the series-type Balun 
(in fact, the low-frequency response was poorer), I 
investigated the beaded transmission line version for 
possible use in the VHF band. Figure 10-6 shows a 
schematic diagram of one using coaxial cable. 
Obviously, twin lead could be substituted for the 
coaxial cable. Photo 10-F shows both versions. 

The top design in Photo 10-F has 4 inches of 3/8- 
inch OD ferrite beads with a permeability of 125 on 
each of the three 75-ohm transmission lines. It is 
designed to match 50-ohm cable on the right to a bal- 
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2:1, 2.25:1 UNUN 1:1 BALUN 


Figure 10-4. Schematic diagram of a dual-ratio series- 
type Balun. Connection A matches 50-ohm cable to a bal- 
anced load of 25 ohms. Connection B matches 50-ohm 
cable to a balanced load of 22.22 ohms. 


anced load of 112.5 ohms on the left (with the ground 
on terminal 1 removed). The transmission lines con- 
sist of two No. 14 H Thermaleze wires separated by 
the Teflon tubing covering one of them. When match- 
ing 50-ohm cable to a balanced load of 112.5 ohms, 
the response is essentially flat from 30 MHz to over 
100 MHz (the limit of my bridge). 

The bottom design in Photo 10-F also has 4 inches 
of 3/8-inch OD ferrite beads with a permeability of 
250. However, they are now threaded by homemade 
coaxial cable with a characteristic impedance of 33.33 
ohms. It 1s designed to match 50-ohm cable on the left 
to a balanced load of 22.22 ohms (with the ground on 
terminal 2 removed). The inner conductor of the coax 
is No. 14 H Thermaleze wire and is covered with 


Photo 10-D. Two series-type Baluns 
using the schematic diagram of Figure 
10-4 designed to match 50-ohm cable 
to balanced loads of 25 ohms or 
22.22 ohms. 
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Photo 10-E. 
Parallel-type 
2.25:1 Balun 
matching 50- 
ohm cable to a 
balanced load 
of 112.5 ohms. 


Photo 10-F. Beaded transmission line versions of the 
2.25:1 parallel-type Balun for operation in the VHF band. 
The top Balun matches 50-ohm cable to a balanced load of 
112.5 ohms. The bottom Balun matches it to a balanced 
load of 22.22 ohms. 


Teflon tubing. The braid is from small coaxial cable 
or from 1/8-inch tubular braid. The braid is also tight- 
ly wrapped with Scotch No. 92 tape in order to pre- 
serve the low characteristic impedance. When match- 
ing 50-ohm cable to a balanced load of 22.22 ohms, 
the response is essentially flat from 14 MHz to over 
100 MHz (again, the limit of my bridge). 


Sec 10.4 Closing Comments 


In closing, ld like to make a couple of comments 
regarding parallel-type Baluns. 

First, if you are interested in a 1.78:1 ratio, replace 
the 1:4 Balun in Figures 10-5 and 10-6 with a 1:9 
Guanella Balun (three transmission lines connected in 


Figure 10-5. High-frequency model of the parallel-type 
2.25:1 transformer. Connections shown are for Unun 
operation. 


Figure 10-6. The coaxial cable version of the parallel-type 
2.25:1 transformer of Figure 10-5. 


parallel-series). This would yield an output current of 
4/31, and a ratio of (4/3)2, or 1.78:1. If you replace the 
1:4 Balun with a 1:16 Guanella Balun (four transmis- 
sion lines connected in parallel-series), the output cur- 
rent will be 5/41,, with a ratio of (5/4), or 1.56:1. 

Second, because the parallel-type Balun is really an 
extension of Guanella’s technique of summing volt- 
ages of equal delays,20.27 the high-frequency response 
is mainly limited by the parasitics in the interconnec- 
tions. Therefore, beaded transmission lines offer the 
best opportunity for successful operation on the VHF 
band. It is also recommended that the ferrite beads 
have permeabilities of 300 or less? in order to achieve 
the very high efficiencies of which these transformers 
are capable. 
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-1 Baluns 


Sec 11.1. Introduction 


his chapter 1s a combination of two articles I 
| wrote for Communications Quarterly. One, on 
the 6:1 and 9:1 Baluns, appeared in the Winter 
1993 issue and the other, on the 12:1 Balun, ran in the 
Summer 1993 issue. I combined these two articles 
here because the three Baluns discussed have much in 
common. Commonalities include: 1} They are the 
most difficult to constract and are, therefore, the most 
expensive; 2} two of them, the 6:1 and 12:1 Baluns, 
use Ununs in series with Guanelía Baluns, 3) two of 
them use the 9:1 Guanella Balun—the 12:1 Balun 
with a series 1.33:1 Unun, 4) they are generally asso- 
ciated with two-wire transmission lines with charac- 
teristic impedances of 300, 450, and 600 chms. 
respectively; 5) when matching 50-okm cable to kigh- 
er impedances, they have more loss than the Baluns in 
the preceding chapters; and 6) the optimum appiica- 
tion of these Baluns requires a more critical under- 
standing of the trade-offs in low-frequency response 
for efficiency. 

Like the 2:1 Balun in Chapter 10, the 6:1 (actually 
6.25:1} Balun aiso comes in two forms: the series- 
type, which offers better low-frequency response in 
the HF band, and the parallel-type, which has a vastly 
greater high-frequency capability. The parallel-type 
6:1 Balun, together with the 9:1 Guanella Balun 
(which 1s also a parallel-type). offer the potential for 
designs capable of efficient and broadband operation 
on the VHF and UHF bands. 


Sec 11.2 6:1] and 9:1 Baluns 


Many radio amateurs associate the use of the 6:1 and 
9:1 Baluns with 300-ohm twin lead feeding folded 
dipoles, 430-ohm “ladder” line feeding single or 
multi-band antenna systems. However, what is 
heglected Gn some cases} 1s the effect of the height of 
these antennas above earth and the length of the trans- 
mission lines feeding them. 


Broadband 6:1 and 9:1 Baluns are considerably 
more difficult to construct than the more common 1:1 
and 4.1 Baluns. This is especially true when matching 
50-ohm cable to impedances of 300 and 450 ohms. 
Furthermore, there are some important trade-offs m 
low-frequency response for efficiency. 

From what I could gather “on the air” or talking to 
radio clubs, | have determined what I believe are 
probably two of the most common misconceptions 
regarding the use of these Baluns: 

1. 6:1 Baluns. In free-space, the folded dipole with 
300-chm twin-lead has a resonant impedance close to 
300 ohms. The dipole also has this vaiue at a height of 
about 0.225 wavelength above ground. However, it’s 
only 200 ohms at a height of about 0.17 wavelength 
and 400 ohms (the maximum) and at 0.35 wavelength. 
le many cases, the 4:1 Balun would actually do a bet- 
ter job of matching. 

2. 9:1 Balens. Some are unaware of the relationship 
between the impedance at the input of a transmission 
ime, the characteristic impedance of the line, and the 
impedance at the end of the line. Just because a trans- 
mission line has a characteristic impedance of 450 
ohms doesn’t necessarily mean that a 9:1 Balun will 
perform a satisfactory match to 50-ohm cable. Far 
from it. For example, if the Hine is terminated by a 
half-wave dipole with an impedance of 50 ohms, the 
9:1 Balun would see 30 ohms when the line is a haif- 
wave iong and 4050 ohms when it’s a quarter-wave 
long! Broadband Baluns cannot be designed to handie 
impedances as high as 4050 ohms. it’s very likely that 
a well-designed 50:450-chm Balun would experience 
(particuiarly on 80 and 160 meters} harmful fix in 
the core and excessive heating because of the large 
voltage drop along the length of its transmission lines. 
This problem of presenting very high (and harmful) 
impedances to Baluns is quite prevalent with multi- 
band antenna systems. 

Clearly, there are many applications for 6:1 and 9: | 
Baiuns. They not only include matching 50-chm cable 
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Figure 11-1. Schematic diagram of the series-type Balun 
with a 1:6.25 ratio designed to match 50 to 312.5 ohms. 


to balanced loads of 300 and 450 ohms, but also to 
balanced loads of 8 and 5.6 ohms, as well. Further- 
more, many of the designs in this chapter will perform 
almost as well in Unun (unbalanced-to-unbalanced) 
applications. The trade-off (which is usually very 
small) is in low-frequency response. Additionally, 
these Baluns could be used to exploit the low-loss 
properties of 300- and 450-ohm twin-lead where very 
long transmission lines are used. This is especially 
important at 14 MHz and above. 

In the pages that follow, I'll present a variety of 
Baluns matching 50-ohm cable to 300 ohms (actually 
to 312.5 ohms, a 6.25:1 ratio) and to 450 ohms, as 
well as 50-ohm cable to 8 and 5.6 ohms. Also includ- 
ed are two different versions of 6.25:1 Baluns. One is 
a series-type using a 1.56:1 Unun in series with a 4:1 
Guanella Balun and the other a series-paralle] 


arrangement using two 4:1 Guanella Baluns. Because 
the series-parallel Balun adds voltages of equal 
delays, you'll find its high-frequency capability is 
much greater. 

The 9:1 Balun is a conventional Guanella Balun 
with three transmission lines connected in series at the 
high-impedance side and in parallel at the low-imped- 
ance side. Therefore, it also sums voltages of equal 
delays. Some of the comparisons and analyses of 
these 6.25:1 and 9:1 Baluns were probably published 
for the first time in my Winter 1993 Communications 
Quarterly article. 


sec 11.2.1 6.25:1 Series-lype 
Baluns 


Figure 11-1 shows the schematic diagram of a series- 
type Balun designed to match 50-ohm cable to a bal- 
anced load of 312.5 ohms. It consists of a 1:1.56 
Unun in series with a 1:4 Guanella Balun. The overall 
ratio of 1:6.25 should satisfy most of the 1:6 require- 
ments. Photo 11-A shows three examples. All three 
Baluns use the same step-up Unun that has four 
quintufilar turns on a 1.5-inch OD ferrite toroid with a 
permeability of 250. Winding 9-10 is No. 14 H 
Thermaleze wire and the other four are No. 16 H 
Thermaleze wire. Because this Unun sums only one 
delayed voltage with four equal direct voltages, it has 
an excellent high-frequency response. 

The Balun on the left in Photo 11-A has eight bifi- 
lar turns of No. 18 hook-up wire on each transmission 
line of its 1:4 Balun. The wires are further spaced 
with No. 18 Teflon tubing providing a characteristic 
impedance close to 150 ohms (the optimum value). 
The ferrite toroid has a 2.4-inch OD and a permeabili- 
ty of 250. When matching 50-ohm cable to a floating 


Photo 11-A. Three examples of 
series-type 1:6.25 Baluns. The 
| Balun on the right, with a double- 
core 1:4 Balun, has both a balanced 
voltage and current output. The 
other two only have balanced-cur- 
rent outputs. 


4:1 BALUN 


1.56:1 UNUN 


Figure 11-2. Schematic diagram of the series-type Balun 
with a 6.25:1 ratio designed to match 50 to 8 ohms. 


load of 312.5 ohms, the response is essentially flat 
from 1.7 to 30 MHz. Under matched conditions, 500 
watts of continuous power and | kW of peak power is 
a conservative power rating. Because the 1:4 Balun in 
this series-type 1:6.25 Balun uses only one core 
instead of two, this transformer should never be used 
when the load is grounded at its center. Also, it is not 
recommended for balanced antennas. This series-type 
Balun presents balanced currents, but does not present 
balanced voltages. 

The Balun in the center of Photo 11-A has seven 
bifilar turns of No. 16 SF Formvar wire on each trans- 
mission line on its 1:4 Balun. The wires are covered 
with Telfon sleeving and further separated by No. 16 
Teflon tubing. Like the Balun on the left, the charac- 
teristic impedance is also close to the objective of 150 
ohms. The toroid also has a 2.4-inch OD and a perme- 
ability of 250. When matching 50-ohm cable to a 
floating load of 312.5 ohms, the response is essential- 
ly flat from 3.5 to 30 MHz. Over this frequency range, 
this Balun can easily handle the full legal limit of 
amateur radio power. Because this Balun also presents 
balanced currents and not balanced voltages, it should 
not be used when the loads are balanced to ground or 
grounded at their centers. 

The Balun on the right in Photo 11-A has 14 bifilar 
turns of No. 16 SF Formvar wire on each of the two 
toroids of the 1:4 Balun. The wires are also covered 
with Teflon sleeving and further separated by No. 16 
Teflon tubing. For ease of connection, one core is 
wound clockwise and the other counterclockwise. 
The two cores are spaced 1/4 inch apart with acrylic 
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sections. When matching 50-ohm cable to a 312.5 
load that is either floating, balanced to ground, 
grounded at its center, or grounded at its bottom (a 
broadband Unun), the response is essentially flat from 
1.7 to 30 MHz. Under this matched condition, it can 
easily handle the full legal limit of amateur radio 
power. Furthermore, this is a true Balun because it 
presents equal currents and equal voltages. If one 
were to measure the voltages-to-ground, when match- 
ing into a balanced load, one would find them to be 
equal and opposite. The other two 1:6.25 Baluns 
using single-core 1:4 Baluns, would have equal cur- 
rents but not equal voltages (see Chapter 8). Because 
they are easier to construct, it would be interesting to 
compare them with a true Balun. 

Figure 11-2 shows the schematic diagram of a 
series-type Balun designed to match 50-ohm cable to 
a balanced load of 8 ohms (perhaps a short-boom 
Yagi). It consists of a 1.56:1 step-down Unun in series 
with a Guanella 4:1 step-down Balun. The overall 
ratio is 6.25:1. Photo 11-B shows two examples. Both 
Baluns use the same step-down Unun, which has four 
quintufilar turns on a 1.5-inch OD ferrite toroid with a 
permeability of 250. Winding 5-6 is No. 14 H 
Thermaleze wire and the other four are No. 16 H 
Thermaleze wire. The interleaving of the wires is such 
that the performance is optimized for matching 50 to 
32 ohms. 


Photo 11-B. Two examples of the series-type 6.25:1 Balun 
optimized at the 50:8-ohm level. The Balun on the left is 
designed to match into a floating 8-ohm load. The Balun 
on the right is designed to match into an 8-ohm floating, 
center-tapped-to-ground or grounded load (Unun). 
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The Balun on the left in Photo 11-B has four turns 
of low-impedance coaxial cable on each transmission. 
line on the single-core 4:1 Balun. The inner conductor 
is No, 14 H Thermaleze wire, and it has two layers of 
scotch No. 92 polyimide tape. The outer braid is from 
a small coax (or 1/8-inch tubular braid} and is tightly 
wrapped with Scotch No. 92 tape to achieve the 17- 
ohm characteristic impedance (the optimum value). 
The ferrite toroid has a §.5-inch OD and a permeabili- 
ty of 250. When matching 59-ohm cable to a floating 
load of $ ohms, the response is flat from 1 to 40 MHz. 
In a matched condition, this Balun can easily handle 
the full legal limit of amateur radio power. 

The Balun on the right in Photo 11-B has six turns 
of the same coaxial cable on each of the two cores of 
the Guanelia step-down Balun. The cores also have a 
l.S-nch OD and a permeability of 250. The perfor- 
mance of this Balun is practically the same as the 
above with the single-core 4:1 Balun. The important 
differences are that this 6,25:1 Balun also performs 
equally well whether the load is center-tapped-to- 
ground, balanced-to-ground, or grounded at the bot- 
tom (a broadband Unun). This is the one recommend- 
ed for feeding a short-spaced Yagi beam antenna. 


Sec 11.2.2 6.25.1 Parallerlype 
Baluns 


The 6.25:1 series-type Baluns described in the preced- 
ing section consisted of a 1.56:1 Unun, which is an 
extension of Ruthroff’s bootstrap approach for 
Ununs,? in series with a Guanella 4:1 Balun.? The 


Figure 41-3. Schematic diagram of the parallel-type 
Balun (and Unan) with a 6.25:1 ratio, The currents and 
voltages are shown for analysis purposes (see text), 


upper-trequency limit for this combination is really 
set by the Unun, which sums a delayed voltage with 
four direct voltages. The parallel-type 6.25:1 Baluns 
described in this section are really extensions of 
Guanelia's approach, which sums voltages of equal 
delays. Therefore, the upper-frequency mut is mainly 
dependent upon the parasitics in the interconnections. 

The 6.25:1 parallel-type Balun uses two 4:1 
Guanella Batuns connected in paralie! on the low- 
impedance side and in series on the high-impedance 
side. As you will see, one of the Baluns is reversed, 
giving the desired ratio of 6.25.1, Other combinations 
can produce different fractional-ratios {other than 1:n* 
where nis 1, 2, 3,... 3, Hke 2.25:1 and £.78:1. 
Because very little practical design information is 
avaliabie regarding this family of very broadband 
Baluns,+6.4/ this section also includes my high-fre- 
quency analysis of the 6.25:1 parallel-type Balun. it 
should also be pointed out that very litte sacrifice in 
performance occurs whether the load is grounded at 
its center or at the bottom fas an Unun). 

Figure 11-3 shows the coiled-wire version of the 
6.25:1 paraile!-type Balun. For analysis purposes, the 
voltages and currents are also shown. As can be seen, 
the top 4:1 Balun is connected as a step-down Balun, 
while the bottom 4:1 Balun is connected as a step-up 
Balun. The Baluns are in series on the high-imped- 
ance side (on the left) and in parallel on the low- 
impedance side fon the right). As Figure 11-3 ilus- 
trates, the lower 1:4 Balun adds a current of 0.5, to 
the load, resulting in a total current of 2.51,. Thus, the 
impedance transformation ratio is 2.52, or 6.25:1. 

For maximum high-frequency response, each trans- 
mission line should see a toad equal to its characteris- 
tic impedance. In other words, they should he “flat” 
lines. If the high side on the left is 50 ohms, then 40 
ohms appears on the input of the top Balun and 10 
ohms on the input of the bottom Balun. Consequentiy, 
the optimum characteristic impedance for aif trans- 
mission lines is 20 ohms. On the low-impedance side 
on the right, the top Balun wants to see 10 ohms, 
while the bottom Balun wants to see 40 ohms. 
Because 10 ohms in parallel with 40 ohms equals 8 
ohms, each Balun conveniently sees its ideal load and 
a broadband ratio of 6.25:1 is obtained. 

HE the Balun is required to match 30-ohm cable (on 
the right side} to a balanced load of 312.5 ohms (on 
the left side), the same analysis shows that the opti- 
mum characteristic impedance of ali the transmission 
lines is 125 ohms. 


Photo 11-C. Two beaded-line 
versions of the parallel-type 
6.25:1 Balun (and Unun). The 
top transformer is designed to 
match 50-ohm cable to 8 ohms. 
The bottom transformer is 
designed to match 50-ohm cable 
to 312.5 ohms. 
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Because the parallel-type Balun (or Unun) sums 
voltages of equal delays and, therefore, has no built-in 
high-frequency cut-off, it has a real advantage over 
the series-type Balun on the VHF bands and above. 
Furthermore, beaded transmission lines with low-per- 
meability ferrite beads (125 and less) can be used, 
resulting in high efficiencies, On the HF band, where 
coiled windings are generally used, the series-type 
Balun is preferred because of its simplicity. 

Photo 11-C shows two beaded-line 6.25:1 trans- 
formers. The top Balun, designed to match 50-ohm 
cable (on the left) to 8 ohms (on the right), uses low- 
impedance coaxial cable lines. The schematic diagram 
is shown in Figure 11-4. It has 5 inches of 0.375-inch 
OD beads (permeability 125) on four coaxial cables 
with characteristic impedances of 20 ohms. The inner- 
conductors of No. 12 H Thermaleze wire have two 
layers of Scotch No. 92 polyimide tape. The outer 
braids, from small coaxial cable or 1/8-inch tubular 
braid, are also wrapped tightly with the same tape in 
order to preserve the 20-ohm characteristic imped- 
ance. When matching 50 ohms to 8 ohms, the 
response is essentially flat from 10 MHz to beyond 
100 MHz (the limit of my simple bridge), Under this 
matched condition, this Balun can easily handle the 
full legal limit of amateur radio power. Furthermore, it 
has practically the same performance when operating 
as an Unun (both terminals | and 2 grounded). In the 
Unun application, the bottom transmission line has no 
voltage along it and, therefore, requires no beads. 

The bottom Balun in Photo 11-C, which is 
designed to match 50-ohm cable to a balanced load of 
312.5 ohms, has 8 inches of 0.5-inch OD beads on 
125-ohm twin-lead transmission lines. The ferrite 
beads also have a permeability of 125. The wires are 
No. 14 H Thermaleze wire and are covered with 
Teflon sleeving. They are further separated by No. 18 


6:1, 9:1, AND 12:1 BALUNS 75 


i 1] 
— AA ARE A ii lA AA PA e 
È 


, Se ee | ty o 


Figure 11-4. Schematic diagram of the coaxial-cable ver- 
sion of the parallel-type 6.25:1 Balun (and Unun). 


Teflon tubing. When matching 50-ohm cable (on the 
right side) to 312.5 ohms (on the left side), the 
response is essentially flat from 20 MHz to over 100 
MHz. Under this matched condition, this Balun can 
also easily handle the full legal limit of amateur radio 
power. Additionally, this transformer performs practi- 
cally as well when used as an Unun. 


Sec 11.3 9:1 Baluns 


The broadband 9:1 Balun, matching 50-ohm cable to 
a balanced load of 450 ohms, is one of the most diffi- 
cult ones to construct because high-impedance trans- 
mission lines (150 ohms) are required for maximum 
high-frequency response, and greater reactances 
are needed in order to isolate the input from the out- 
put. So one can appreciate the task at hand, this sec- 
tion also provides a brief review of the theory of 
these devices. 

Figure 11-5 shows the high- and low-frequency 
models of the Guanella 9:1 Balun that connect three 
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transmission fines in series at the high-impedance side 
and in parallel at the low-impedance side. Because 
Guanelia's Baluns (which can be easily converted to 
Ununs) sum voltages of equal delays, they offer the 
highest frequency capability. 

The high-frequency model (Figure 11-54) assumes 
there is sufficient choking reactance in the coiled (or 
beaded} transmission limes to isolate the input from 
the output and only allow transmission line currents to 
fiow. Under this condition, the analysis is rather 
straightforward as it only involves transmission line 
theory. Simply stated—the maximum high-frequency 
response occurs when each transmission line is termi- 
nated in a load equal to its characteristic impedance, 
Zo Thus, the transmission Hines in the 9:1 Balun have 
no standing waves. Because each transmission line 
sees one third of the load, the optimum value of Z, is 
Ry /3. Except for parasitics in the interconnections and 
seif-resonances in coiled windings, Guanella’s ap- 
proach is literally “frequency independent.” 

On the other hand, the low-frequency analysis of the 
Guanella 9:1 Balun is most important because it 
reveals the major difficuity in designing them for low- 
loss, wideband operation. Figure 11-5B is the model 
for determining the low-frequency response. It as- 
sumes that no energy 1s transmitted to the load by a 
transmission line mode. Although the terminology 
and analysis is the same as that used for conventional 
aufotransformers, the similarity ends when there is 
sufficient choking reactance to only allow for the effi- 
cient transmission line mode. 


As with conventional transformers, one can analyze 
the low-frequency response of the 9:1 Balun from 
either the low- or high-impedance side, By putting the 
generator on the low-impedance side in Figure 11-5B, 
Fve chosen to analyze it from that side. With the out- 
put open-circuited, the generator sees four coiled (or 
beaded) lines connected in series-parallel. The net 
result is that the generator sees the reactance of only 
one colled (or beaded) tine. To prevent a shunting cur- 
rent to ground (and/or autotransformer operation), the 
reactance the generator sees should be much greater 
than Ry {at least by a factor of 10 at the lowest fre- 
quency of interest). The inductance of the coiled or 
beaded line that prevents the unwanted currents 1s still 
known as the magnetizing inductance, Lay. 

What's important to note here is that the low-fre- 
quency model of the Guanelia 4:1 Balun does not 
have the series-paralle) combination of coiled or bead- 
ed lines.* Only two lines, which are in series, exist in 
iis model. Therefore, for a two-core Guaneila 4:} 
Balun having the same number of turns (and same 
cores) as a 9:1 Guanella Balun, its low-frequency 
response is better by a factor of two! 

Another advantage that goes to the Guaneila 4:1 
Balun when matching 50 to 200 ohms, is 11 the nam- 
ber of turns that can be wound on the same cores. 
Since 4:1 Baluns require characteristic impedances of 
100 ohms (instead of 150), the width of the transmis- 
sion lines is considerably less, thus allowing for more 
turns. Also, as will be shown later, the efficiency of 
the 4:1 Balun is greater because the potential drops 
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Figure 11-5. Models of Guanella's 1:9 Balun. The high-frequency model, {A}, assumes that Z, = R,/3, and therefore Vs, the 
output of each transmission line, equals V;. The low-frequency model, (85), assumes no energy ts transmitted to the lead, Ry, 


by a transmission line mode. 


along the transmission lines are lower (less dielectric 
loss). Finally, as you can see from Figure 11-5B, by 
also grounding terminal 2 (Unun operation), windings 
1-2 and 3-4 are both shorted—degrading the low-fre- 
quency response because Lay 1s reduced by one third. 

Another interesting analysis with Baluns and Ununs 
concerns the potential gradients (voltage drops) along 
the transmission lines. Because the loss with these 
transformers, when transferring the energy via a trans- 
mission line mode, is a dielectric-type (voltage depen- 
dent), the higher the gradient, the greater the loss. The 
interesting cases occur when the load is: a) floating, 
b) grounded at the center, and c) grounded at the bot- 
tom (an Unun). 

Floating load. With terminal 13 in Figure 11-5A 
ungrounded, the top transmission line has a gradient 
of +V, and the bottom transmission line has a gradi- 
ent of -V,. The center transmission line has a gradient 
of zero. Therefore, the center transmission line only 
acts as a delay line and doesn’t require a magnetic 
core or beads. As a result, the top and bottom cores 
(or beads) account for the dielectric loss. 

Load grounded at the center. With terminal 13 
grounded at the center of the load, the top transmis- 
sion line has a gradient of +V,, the bottom transmis- 
sion line has a gradient of —V,, and the center trans- 
mission line has a gradient of —V,/2. This configura- 
tion results in about 25 percent more loss because of 
the extra gradient along the center transmission line. 
Incidentally, this condition exists when matching into 
balanced systems like 450-ohm transmission lines or 
antennas because they have virtual grounds at the cen- 
ter of the loads they present. 

Load grounded at the bottom. With terminal 13 
grounded at the bottom of the load (an Unun), the top 
and center transmission lines have gradients of +V}. 
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Photo 11-D. Three broadband 
Guanella 9:1 Baluns designed to 
match 50-ohm cable to 450 
ohms. The transformer on the 
left, using No. 18 hook-up wire, 
can handle 500 watts from 1.7 to 
45 MHz. The transformer in the 
center, using No. 16 wire, can 
handle 1 kW from 3.5 to 45 MHz. 
The transformer on the right 
(with larger cores), using No. 16 
| wire, can handle 1 kW from 1.7 
to 45 MHz. 


The bottom transmission line has no gradient and, 
therefore, no loss. It only acts as a delay line and thus 
requires no magnetic core or beads. 


Ses 11.3. | 


Some Practical 9: ] 
Balun Designs 


Photo 11-D shows three versions of the broadband 
Guanella 9:1 Balun designed to match 50-ohm cable 
to 450-ohm loads. The transformer on the left has 15 
bifilar turns of No. 18 hook-up wire on each of the 
three ferrite toroids with a 2.4-inch OD and perme- 
ability of 250. The wires are further separated by No. 
16 Teflon tubing, resulting in a characteristic imped- 
ance close to 150 ohms (the optimum value). The 
cores in this Balun, as well as the other two that fol- 
low, are spaced 1/4 inch apart by sections of acrylic. 
In matching 30 to 450 ohms, the response is essential- 
ly flat from 1.7 to 45 MHz. In this matched condition, 
this transformer can easily handle 500 watts of contin- 
uous power and 1 kW of peak power. 

The transformer in the center of Photo 11-D has 
14 bifilar turns of No. 16 SF Formvar wire on each 
of the three ferrite toroids with a 2.4-inch OD and 
permeability of 250, The wires are covered with 
Teflon sleeving and further separated by No. 16 
Teflon tubing. The characteristic impedance is also 
close to the optimum value of 150 ohms. In matching 
50 to 450 ohms, the response is essentially flat from 
3.5 to 45 MHz. In this matched condition, this trans- 
former can easily handle 1 kW of continuous power 
and 2 kW of peak power. Photo 11-E shows this 
Balun mounted in a minibox 6 inches long by 5 inch- 
es wide by 4 inches high. 

The transformer on the right in Photo 11-D is de- 
signed to handle 1 kW of continuous power and 2 kW 
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Photo 11-E. The Guanella 9:1 Balun shown mounted in a 
large minibox. 


of peak power from 1.7 to 45 MHz. Because this 
transformer uses larger cores with slightly higher per- 
meabilities (2.68-inch OD and 290 permeability), 
which are not as popular as those used in the other 
two Baluns, it is much more expensive to construct. It 
has 16 bifilar turns of No. 16 SF Formvar wire on 
each toroid. The wires are covered with No. 16 Teflon 
sleeving and further separated with No. 16 Teflon tub- 
ing. In matching 50 to 450 ohms, the response is flat 
from 1.7 to 45 MHz. 

Finally, Figure 11-6 shows the schematic diagram 
of a 9:1 Balun (or Unun) using coaxial cables wound 
around ferrite cores or threaded through ferrite beads. 
This form of the transformer is especially useful when 
matching 50-ohm cable to 5.6 ohms because the chok- 
ing reactance of the magnetizing inductance, Ly, only 
need be much greater than 5.6 ohms. Photo 11-F 
shows two different designs. 

The transformer on the top has 9 1/2 turns of low- 
impedance coaxial cable on each rod. The rods are 1/2 
inch in diameter, 2 1/2 inches long, and have a perme- 
ability of 125. The low-frequency response of this 
Balun is quite insensitive to the length and permeabil- 
ity of the rods.* The inner conductors of the coaxial 
cables are No. 12 H Thermaleze wire with two layers 
of Scotch No. 92 tape. The outer braids are made 
from small coax (or 1/8-inch tubular braid). They are 
further wrapped with Scotch No. 92 tape to preserve 
the low-impedance of 17 ohms. In matching 50-ohm 
cable to 5.6 ohms, the response is essentially flat from 
1.7 to 30 MHz. The optimum impedance level was 


found when matching 40 to 4.45 ohms. The addition 
of another layer of Scotch No. 92 tape would optimize 
this transformer at the 50:56-ohm level, and the high- 
frequency response would exceed 100 MHz. This 
transformer is very efficient and should handle the full 
legal limit of amateur radio power easily. 

The bottom transformer in Photo 11-F is designed 
to match 50-ohm cable to a load of 5.6 ohms in the 
VHF band. It uses 3 1/2 inches of beads on three low- 
impedance coaxial cables. The ferrite beads have an 
OD of 3/8 inch and a permeability of 125. The inner 
conductors of the coaxes are No. 12 H Thermaleze 
wire with one layer of Scotch No. 92 tape. The outer 
conductors are from small coaxes or 1/8-inch tubular 
braid, and are also tightly wrapped with Scotch No. 
92 tape to preserve the low characteristic impedance. 
In matching 50-ohm cable to 5.6 ohms, the response 
is essentially flat from 7 MHz to over 100 MHz (the 
limit of my test equipment). This 9:1 Balun (which 
can be used as an Unun) can handle the full legal limit 
of amateur radio power under matched conditions, 
because of the low-permeability beads and the low- 
voltage gradients along the lengths of its transmis- 
sion lines. 


Sec 11.4 Concluding Remarks on 
6:1 and 9:1 Baluns 


One of the most important properties of broadband 
Baluns and Ununs (which all use ferrites) is their 
capability of having extremely high efficiencies. 
Knowing the loss mechanism in these transformers 
and the trade-off in low-frequency response for effi- 
ciency allows one to optimize their applications. In 
the paragraphs that follow, I'll discuss the losses and 


Figure 11-6. Schematic diagram of a coaxial cable (bead- 
ed or coiled) 9:1 Guanella Balun (or Unun). This design is 
especially useful in matching 50-ohm cable to 5.6 ohms 
over a very wide bandwidth. 


Fig. 2-3. Completed tester. 


center of the film container top for the earphone jack (if you use 
one) and install it. Finally, solder the leads going to the battery and 
touch the test leads together. You should hear a tone coming from 
the earphone or speaker, depending on which you used. At this 
point, your continuity tester should look like Fig. 2-4. 

If you have some low values of resistance handy, try the tester 
on them and listen to the different tones generated by different 


Fig. 2-4. Partially assembled, 


trade-offs involved with the transformers presented in 
the preceding sections. The approach used here should 
be applicable to all forms of transmission line trans- 
formers. This section ends with a review of two arti- 
cles that contained 9:1 Baluns. As you'll see, I have 
some rather different views on the claims made in 
these articles. 

Accurate measurements on many broadband Ununs 
have found the losses to be related to the permeability 
and the impedance level. Permeabilities greater than 
300 resulted in excessive losses. Because these losses 
are unlike the conventional transformer whose losses 
are current-dependent, it can only be assumed that 
their losses are voltage dependent; in other words a 
dielectric-type loss. Therefore, higher-impedance 
transformers have higher voltage gradients along their 
transmission line and, thus, have greater losses. Addi- 
tionally, it was found that the higher the permeability, 
the greater the loss with frequency. Taking into 
account the accurate measurements and the factors 
noted above, I offer these loss values for the trans- 
formers in the preceding sections: 

1.56:1 Ununs. The 1.56:1 Ununs (either step-up or 
step-down) used in series with Guanella 4:1 Baluns to 
form 6.25:1 Baluns have the lowest potential gradients 
along their transmission lines. Voltage drops of only 
about 0.2 V,, where V, is the input voltage, exist 
along their transmission lines. Accurate measurements 
have shown losses, in a matched condition, of only 
0.04 dB. If the cores, which have a permeability of 
250, were replaced with cores having a permeability 
of 125, the losses could be as low as 0.02 dB over 
much of the passband. The low-frequency response 
would still be acceptable at 1.7 MHz. This Unun is a 
natural for matching into 75-ohm hard line when long 
transmission lines are required. 

6.25:1 and 9:1 Low-impedance Baluns. Baluns 
matching 50-ohm cable to 8 or 5.6 ohms, also have 
very low voltage drops along their transmission lines. 
Generally, they are about twice that of the 1.56:1 
Unun. Therefore, the losses with these Baluns should 
be on the order of 0.1 dB in their passbands. 

6.25:1 High-impedance Baluns. The losses in the 
series-type Baluns are mainly in the 1:4 Guanella 
Baluns, which have potential gradients of about 1.25 
Vi. where V} is the input voltage. From previous 
measurements at this impedance level, the suggestion 
is that the losses (with ferrites of 250 permeability) 
should be about 0.1 dB at 7 MHz and 0.2 dB at 30 
MHz. By using toroids with permeabilities of 125, 
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the losses could be 0.07 dB and 0.15 dB, respective- 
ly. However, with a permeability of 40, the losses 
could be as low as 0.05 dB within the passband. 
However, one must consider the sacrifice in low-fre- 
quency response incurred when using these lower- 
permeability ferrites. With a permeability of 125, it’s 
poorer by a factor of 2. With a permeability of 40, 
it's poorer by a factor of 8! The 6.25:1 parallel-type 
Balun in this article uses ferrite beads with a perme- 
ability of 125 and, therefore, should have losses simi- 
lar to its series-type counterpart. 

9:1 High-impedance Baluns. As was shown in the 
preceding section, the potential gradient along two of 
the transmission lines is V}, where V, is the input 
voltage. The third transmission line, with a balanced 
load (or as an Unun), has no potential gradient and, 
consequently, no loss in its core. Because the loss with 
the series-type Balun mainly exists in one core, the 
loss with the 1:9 Balun should be a little less than 
twice as great. With ferrite cores of 250 permeability, 
the suggested losses are 0.2 dB at 7 MHz and 0.4 dB 
at 30 MHz. With cores of 125 permeability, the losses 
are about 0.14 and 0.28 dB, respectively. Again, by 
using cores with permeabilities of 40, the losses are 
practically negligible—approximately 0.1 dB within 
its passband. 

As in the case of the 1:6.25 Baluns above, similar 
trade-offs occur in the low-frequency response. That is, 
if 125 permeability cores are used, the low-frequency 
response is poorer by a factor of 2; with 40 permeabili- 
ty cores, it’s poorer by a factor of 8. The major differ- 
ence here is that the low-frequency performance of the 


Photo 11-F. Two versions of the coaxial-cable 9:1 
Guanella Balun (or Unun) designed to match 50-ohm 
cable to 5.6 ohms 
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Figure 11-7. Schematic diagram of the series-type [2:1 Balun using a 1:1.33 Unun in series with a 1:9 Guanella Balun. 


9:1 Balun, as seen by its low-frequency model, isn't as 
good as the 4:1 Balun that controls the low-frequency 
response of the series-type 1:6.25 Balun. Additionally, 
it should be pointed out that all of the suggested losses 
for the transformers in this chapter are for matched 
conditions—that is with VSWRs of 1:1. If the VSWR 
is 2:1 duc to a load twice as large as the objective, the 
input voltage to the Balun increases by about 40 per- 
cent. Therefore, the losses should increase by ciose to 
the same percentage. 

In closing this section, 1 would like to report my 
findings on two recent articles in amateur radio jour- 
nals that also described 9:1 Baluns matching 50-chm 
cable to 450 ohms. One? advocated using three 150- 
chm coaxial cables threaded through high-permeabii- 
ty ferrite beads---a 9:1 Guanella Balun. Because of 
the low voltage-breakdown capability of the coaxial 
cable and the high less found by accurate measure- 
ments on Ununs using these high-permeability fer- 
rites, the design was suspect. | built a copy of the 
design and found it to be, as expected, unable to han- 
dle any appreciable power. The second article?’ advo- 
cated using 14 trifilar turns of “magnet wire” on a 2- 
inch OD powdered-iron core (permeability of 10), 
This Balun was also constructed and tested. Again, as 
was expected, when matching 50-chm cable to a 
floating load of 450 ohms, the 9:1 Balun barely 
reached a true 9:1 ratio al 7 MHz. Above 7 MHz, the 
ratio became greater than 9:1 and also introduced a 


reactive component. Below 7 MHz, there was insuffi- 
cient choking reactance to prevent flux in the core. 
My three objections to this design are: 1) a trifilar 
design has a poor high-frequency response because it 
sums a direct voltage with a delayed voltage that tra- 
verses a single transmission line and a delayed voltage 
that traverses two transmission lines, 2) the character- 
istic impedances of the transmission lines are only 50 
ohms (the objective is 150 ohms), and 3) the low-fre- 
quency response is poor because of the low-perme- 
ability powdered-iron core. | do not recommend either 
of the designs in these two articles. 


Sec 115  12:1 Baluns 


Over the years, the broadband, 12:1 Balun has been of 
special interest to users of rhombic and Y antennas. 
With the aid of this Balin, certain advantages over 
multi-element arrays can be fully exploited. Rhombics 
and Vs are easier Lo construct, both electrically and 
mechanically, and there are no particularly critical 
dimensions or adjustments. Furthermore, they give 
satisfactory gain and directivity over a 2-to-1 frequen- 
cy range. These antennas have also been found to be 
more effective in reception. Because their designs can 
present input impedances of 600 chms, and very long 
lengths of highly efficient 600-ohm open-wire line 
can be used between the shack and the antenna, an 
efficient and broadband 12:1 Balun is a natural for 


Photo 11-G. Top view of the high-power 12:1 Balun. 


this application. However, to my knowledge, satisfac- 
tory Baluns have not been available for this use. 

I will present two versions of a series-type Balun 
designed to match 50-ohm cable to a balanced load of 
600 ohms. One is a high-power unit designed to han- 
dle the full legal limit of amateur radio power over a 
bandwidth of 7 to 30 MHz. The other is a medium- 
power unit capable of handling approximately one- 
half the legal limit of amateur radio power from 3.5 to 
30 MHz. Both Baluns use a 1:1.33 Unun in series 
with a 1:9 Guanella Balun. 

As you will see, these Baluns are not especially 
easy to design and construct. The major difficulties lie 
in trying to obtain sufficient choking reactances in the 
coiled windings to meet the low-frequency require- 
ments, and large enough characteristic impedances of 
the windings to meet the high-frequency require- 
ments. Because a coiled winding with a characteristic 
impedance of 200 ohms (the objective) is practically 
impossible to obtain with any reasonable wire size 
and number of turns, I used the compensating tech- 
nique first described in my book.* Because the char- 
acteristic impedances of the 9:1 Guanella Balun are 
somewhat less than 200 ohms, a compensating effect 
(and hence higher frequency response) can be ob- 
tained by having a higher (than the normal objective) 
characteristic impedance of the windings in the 1:1.33 
Unun. Earlier work (also described in my book) pre- 
sented a 12:1 Balun using a 1:3 Unun in series with a 
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Photo 11-H. Side view of the high-power 12:1 Balun. 


1:4 Ruthroff Balun. The Baluns presented in this sec- 
tion using a 1:1.33 Unun in series with a Guanella 1:9 
Balun, are much improved designs. 


Sec 11.5.1 A High-power 


12:1 Balun 


Figure 11-7 shows the schematic diagram of the 
series-type 12:1 Balun used in both the high- and 
medium-power versions. Photo 11-G shows a top 
view of the high-power Balun. Photo 11-H shows a 
side view. 

The 1:1.33 Unun has 5 quintufilar turns on a 1.5- 
inch OD ferrite toroid with a permeability of 250. 
Winding 7-8 is No. 14 H Thermaleze wire and the 
other four are No. 16 H Thermaleze wire. Winding 7- 
8 is also tapped at 3 turns from terminal 7. 

The 1:9 Guanella Balun has 8 bifilar turns of tinned 
No. 16 wire on each of the three toroids. Each wire is 
covered with Teflon tubing and further separated by 
two Teflon tubings. The characteristic impedance of 
the windings is about 190 ohms (the objective is 200 
ohms). The ferrite toroids have an OD of 2.4 inches 
and a permeability of 250. The spacing between the 
toroids is 1/2 inch. 

In matching 50-ohm cable to a balanced load of 600 
ohms, the response is literally flat (within a percent or 
two) from 7 to 30 MHz. Within this bandwidth, it is 
capable of handling the full legal limit of amateur 
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Photo 11-L Top view of the medium-power 12:1 Balun. 


radio power. In a matched condition, the expected 
insertion loss is about 0.25 dB. 


Sec 11.5.2 A Medium-power 
12:1 Balun 


Photo 11-I shows the top view of the medium-power 
12:1 series-type Balun. Photo 11-J shows the side 
view. This Balun also has the same 1:1.33 Unun as 
described earlier. 

The 1:9 Guanella Balun has 11 bifilar turns of No. 18 
hook-up wire on each toroid. The wires are further sep- 
arated by two No. 18 Teflon tubings. The characteristic 
impedance of the windings is about 170 ohms. The 
toroids have an OD of 2.4 inches and a permeability of 
250. The spacing between the toroids is also 1/2 inch. 

In matching 50-ohm cable to a balanced load of 600 
ohms, the response varies less than 5 percent from 3.5 
to 30 MHz. Within this bandwidth, the Balun can han- 
dle about one-half the legal limit of amateur radio 
power. As with the high-power version, the expected 
insertion loss is also 0.25 dB. 


Sec 11.6 Concluding Remarks on 
12:1 Baluns 

Many of the concluding remarks from the discussion 
on 6:1 and 9:1 Baluns (Sec 11.4) also apply to 12:1 
Baluns; therefore, I won't repeat them here. But the 
following four remarks are specific to 12:1 Baluns 
and warrant mentioning: 

First, high-impedance transmission line transform- 
ers like the 12:1 Balun are particularly sensitive to 


Photo 11-J. Side view of the medium-power 12:1 Balun. 


metallic enclosures. If a minibox were to be used, I 
would suggest the one shown in Photo 11-E, which is 
6 inches long by 5 inches wide by 4 inches high. 
Smaller metallic enclosures would reduce the charac- 
teristic impedances of the windings and affect the 
high-frequency response. Even the spacing between 
cores had to be increased from 1/4 inch (for a 50:450- 
ohm Balun) to 1/2 inch. The subchassis shown in the 
photographs were used because they provided the 
necessary electrical and mechanical support. 

Second, the 12:1 Baluns described in this section 
also make excellent Ununs, albeit with some compro- 
mise in the low-frequency response. I would suggest 
using the high-power unit only between 14 and 30 
MHz and the medium-power unit only between 7 and 
30 MHz. 

Third, for the readers interested in VHF operation, I 
would suggest the parallel-type approach described in 
the earlier section on 6:1 Baluns. In this case, a 9:1 
Guanella Balun is connected in series-parallel with a 
1:4 Guanella Balun. This would produce a broadband 
ratio of 12.25:1. By using 170-ohm twin-lead (about 
10 inches long) threaded through ferrite beads with a 
permeability of 125, it appears that it is possible to 
match 50-ohm cable to a balanced load of 612.5 ohms 
throughout the VHF band. 

Fourth, by using torids with a permeability of 125 in 
the 1:9 Guanella Baluns (of the 12:1 Baluns), the 
insertion loss would be reduced by around one half 
(0.12 dB), with a trade-off in low-frequency response. 
The high-power unit would now cover about 10 to 30 
MHz, and the medium-power Balun would cover 
about 7 to 30 MHz. 


The 4:1 Unun 


Sec 12.1 Introduction 


om an analysis standpoint, the 4:1 Unan can be 
E: to have received the most attention in the 

literature. It began with Ruthroff’s introduction 
and complete analysis of this device in his classic 
paper published in 1959.9 Ruthroff’s paper then 
became the industry standard for this class of devices 
known as transmission line transformers. These are 
devices that transmit the energy from the input to the 
output by an efficient transmission line mode, and net 
by flux linkages (as im conventional transformers). 

However 15 years earlier, Guanella had introduced, 
in his classic 1944 paper? the first broadband Baluns 
by combining coiled transmission fines in a series- 
parallel arrangement, yielding ratios of {:n* where n = 
1, 2, 3,... and so on. H has also been shown that 
Guanella’s technique also lends itself to Ununs as 
well.? In fact, in this chapter, you will see that his 
technique of summing voltages of equal delays 
promises to yield high-power designs capable of oper- 
ating on the VHF and UHP bands. 

The 4:1 Unun also exemplifies (more than any other 
transformer} the many choices that can be made in its 
design, These include: 1) Ruthroff’s or Guanella's 
designs, 2) wire or coaxial cable transmission nes, 3) 
coiled or beaded lines, 4) rods or toroids, 5) low- 
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power or high-power designs, 6) HE, VHF, or UHF 
designs, and 7} the trade-offs in efficiency for low-fre- 
quency response or for high VSWR. The 4:1 Unun is 
the most prevalent of all the Ununs. It finds extensive 
use in solid-state circuits and in many antenna appli- 
cations involving the matching of ground-fed anten- 
nas——where impedances of 12 to 13 ohms must be 
matched to 50-ohm coaxial cabie. This chapter pro- 
vides information on many 4:1 Unun designs. 


Sec 12.2 The Ruthroff 4:1 Unun 


Figure 12-1 illustrates two versions of Ruthroff’s 
approach to obtaining a 4:1 unbalanced-to-unbalanced 
transformer (Unun). As can be seen, one uses a coiled 
wire transmission line, while the other uses a coiled 
coaxial cable. Depending upon the frequency, beaded 
transmission lines may also be used, 

Ruthroff’s design uses a single transmission line 
connected in, what I cali, the bootstrap configuration. 
That is, terminal 2 1s connected to terminal 3, lifting 
the transmission line (at the high-impedance side} by 
the voltage V,. if the reactance of the coiled winding 
or beaded line is much greater than Rg, then only 
flux-canceling transmission line currents are allowed 
to flow, H is also apparent that the output voltage is 
the sum of a direct voltage, V;, and a delayed voltage, 


Figure 12-1. The Ruthroff 
4:1 Unun (Ryp=4Re}; (A) 
coiled bifilar winding; (Bj 
coiled coaxial cable. 
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Va, which traverses a single transmission line. This 
delay in V, eventually limits the high-frequency 
response. For example, if the electrical length of the 
line is a 1/2 wave, the output is zero. Ruthroff also 
found that the optimum value of the characteristic 
impedance of the transmission line (for maximum 
high-frequency response) is Ry /2. 

Therefore, the electrical length and characteristic 
impedance of the transmission line play major roles in 
Ruthroff’s design. Because his work was mainly con- 
cerned with small-signal applications, Ruthroff was 
able to obtain broad bands of a few tens of kilohertz 
to over a thousand megahertz. This was possible 
because he used a few turns (5 to 10) of fine wire 
(Nos. 37 and 38) on high-permeability toroids as 
small as 0.08 inches in OD, As a result, the phase- 
delay with these very short transmission lines was 
very small. However, large-signal (power) applica- 
tions present an entirely different picture. For opera- 
tion in the HF band (including 160 meters), transmis- 
sion lines vary between one to three feet in length 
(depending upon impedance level). Consequently, 


Photo 12-B. Two higher-imped- 
ance Ruthroff 4:1 Ununs: 100:25- 
ohm (on the left); 200:50-ohm (on 
the right). 


Photo 12-A. Two versions of the 
Ruthroff 4:1 (50:12.5-ohm) Unun: 
coiled wire rod (on the left); coiled 
coaxial cable toroid (on the right). 


phase-delay can play a major role, as will be seen in 
the following examples. 


Sec. 12.2.1 50:12.5-ohm Ununs 


Photo 12-A shows two examples of efficient and 
broadband 4:1 Ununs matching 50 to 12.5 ohms. The 
rod version (on the left) has 14 bifilar turns of No. 14 H 
Thermaleze wire on a low-permeability (125) ferrite 
rod 0.375 inches in diameter and 3.5 inches long. The 
connections are shown in Figure 12-1A. The cable 
connector is on the low-impedance side. The response 
is flat from 1.5 to 30 MHz. In a matched condition, this 
Unun can easily handle the full legal limit of amateur 
radio power. Because a tightly wound rod Unun yields 
a characteristic impedance very close to 25 ohms (the 
optimum value), this is quite likely the easiest one to 
construct that covers the above bandwidth. 

The toroidal version (on the right in Photo 12-A) 
has 6 turns of homemade, low-impedance coaxial 
cable on a 1.5-inch OD ferrite toroid with a perme- 
ability of 250. The connections are shown in Figure 


12-1B. The cable connector is on the low-impedance 
side. The inner conductor is No. 14 H Thermaleze 
wire and is covered with Teflon tubing. The outer 
braid is from a small coaxial cable (or from 1/8-inch 
tubular braid) tightly wrapped with Scotch No. 92 
tape in order to obtain the desired characteristic 
impedance. In matching 50 to 12.5 ohms, the response 
is flat from 1.5 to 50 MHz. Because the current is 
evenly distributed on the inner conductor, this small 
Unun has an exceptionally high power capability—at 
least 5 kW of continuous power and 10 kW of peak 
power (in a matched condition). 


Sec 122.2 100:25-ohm Unun 


In some combiner applications, an Unun matching 
100 to 25 ohms is required. The smaller toroidal ver- 
sion, pictured on the left in Photo 12-B, shows a 
Ruthroff design that can satisfy many of these require- 
ments. It has 8 bifilar turns of No. 14 H Thermaleze 
wire on a 1.5-inch OD ferrite toroid with a permeabil- 
ity of 250. One wire is also covered with a single 
layer of Scotch No. 92 tape, providing a characteristic 
impedance close to the desired value of 50 ohms. In 
matching 100 to 25 ohms, the response is essentially 
flat from 1.5 to 30 MHz. This Unun can easily handle 
the full legal limit of amateur radio power. 


Sec 12.2.3 200:50-ohm Unun 


When dealing with this type of Balun, the Ruthroff 
approach cannot yield the broadband response of the 
lower-impedance designs shown above. Because more 
turns are required in order to obtain the necessary 
choking reactance, and a 100-ohm characteristic 
impedance that requires more spacing between the 
wires is used, the cores must be considerably larger. 
This results in longer transmission lines. Consequent- 
ly, the high-frequency response is now limited by the 
greater phase delay of this high-impedance Unun. 

The larger transformer, shown on the right in Photo 
12-B is my optimized version of a Ruthroff 200:50- 
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Figure 12-2. The Guanella 4:1 
Unun (R¡=4RG): (A) coiled 
bifilar windings; (B) coiled or 
beaded coaxial cables. 


ohm Unun. It has 16 bifilar turns of No. 14 H 
Thermaleze wire on a low-permeability (250) 2.4-inch 
OD ferrite toroid. Each wire is covered with Teflon 
tubing, resulting in a characteristic impedance of 97 
ohms. Because of the long transmission line (36 inch- 
es), the impedance transformation ratio (in matching 
200 ohms to 50 ohms) varies from 4 to 4.44 from 1.5 
to 30 MHz. Á conservative power rating (under a 
matched condition) is 2 kW of continuous power and 
4 kW of peak power. Because this higher-impedance 
Unun has a larger voltage drop along the length of its 
windings, its loss (a dielectric-type?) is a little greater 
than the lower-impedance Ununs described earlier. In 
a matched condition, the efficiency is about 97 per- 
cent, while the others experience efficiencies of 98 to 
99 percent. 


Sec 12.3 The Guanella 4:1 Unun 


Even though Guanella's investigation? was directed 
toward developing a broadband Balun to match the 
balanced output of a 100-watt, push-pull, vacuum- 
tube amplifier to the unbalanced load of a coaxial 
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Photo 12-C. Two Guanella 4:1 (50:12.5-ohm) Ununs: rod 
version (on the top), 1.5 to 50 MHz; beaded version (on 
the bottom), 10 MHz to over 100 MHz. 
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cable, his technique of connecting transmission lines 
in a parallel-series arrangement has only recently been 
recognized as the design for the widest possible band- 
width in an unbalanced-to-unbalanced application.? 
Some have labeled his approach the “equal-delay net- 
work”.26 The major difference in Guanella's approach 
(from Ruthroff’s) is that by summing the equal-delay 
voltages of coiled (or beaded) transmission lines, he 
minimizes the dependence of the high-frequency 
response on the lengths of the transmission lines. As 
was mentioned before, Ruthroff’s method of summing 
a direct voltage with a delayed voltage that traversed a 
single transmission line has a limited application, 
especially with high-power, high-impedance Ununs 
(like 200:50 and 300:75 ohms). 

Furthermore, Guanella’s approach is also important 
in designing high- and low-impedance Baluns and 
Ununs with impedance transformation ratios other 
than 4:1. Connecting three transmission lines in paral- 
lel-series results in a 9:1 ratio, four in a 16:1. Also by 
connecting a fractional-ratio Unun in series with his 
Baluns, or by using various combinations of parallel- 
series transmission lines,26.27 Ununs and Baluns are 
now available with a continuum of ratios from 1.36:1 
to 16:1. Moreover, these ratios now make it possible 
to match 50-ohm cable to impedances as low as 3.125 
ohms and as high as 800 ohms. A major factor in the 
success of these designs rests in the understanding of 
the low-frequency models of these various transform- 
ers.* This section looks at the 4:1 Unun using 
Guanella’s approach. As in the Ruthroff case, the opti- 
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Photo 12-D. Two higher-impedance Guanella 4:1 Ununs: 
100:25-ohm (on the left); 200:50-ohm (on the right). 
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mum value of the characteristic impedances of the 
transmission lines for a Guanella 4:1 transformer is 
also R, / 2, 


Sec 12.3.1  50:12.5-ohm Ununs 


Figure 12-2 shows the schematic diagrams of the 
coiled-wire and coaxial cable (coiled or beaded) ver- 
sions of 4:1 Ununs using Guanella’s technique of con- 
necting transmission lines in parallel-series arrange- 
ments. As can be seen in Figure 12-2, the lower trans- 
mission lines are grounded at both ends and, there- 
fore, have no potential drop along their lengths. Thus, 
the coiling or beading has no effect. The core only 
acts as a mechanical support and the beads can be 
removed. In essence, the bottom transmission line 
plays the important role of a delay line. In addition, 
the low-frequency response of this form of Unun is 
solely determined by the reactance of the top coiled or 
beaded transmission line. 

The top Unun in Photo 12-C shows a rod version of 
Guanella’s 4:1 Unun. There are 13.5 bifilar turns of 
No. 14 H Thermaleze wire on low-permeability (125) 
ferrite rods 0.375 inches in diameter and 3.5 inches 
long. For ease of connection, one winding ts clock- 
wise and the other is counterclockwise. The cable 
connector is on the high-impedance side. In matching 
50 to 12.5 ohms, the response is flat from 1.5 to over 
50 MHz! This Unun, in a matched condition, is capa- 
ble of handling the full legal limit of amateur radio 
power. Furthermore, with the 50-ohm generator on the 
right (in Figure 12-2A) and a 12.5-ohm balanced load 
on the left (perhaps a Yagi beam), this transformer 
makes an excellent step-down Balun. 

The bottom transformer in Photo 12-C shows a 
beaded-coax version of a 50:12.5-ohm step-down 
Unun designed for 2-meter operation. It has 3.5 inch- 
es of beaded coax on the top transmission line 
(Figure 12-2B) and no beads on the bottom transmis- 
sion line. (Actually, the bottom rod in Figure 12-2A 
can also be removed with no change in performance.) 
The beads are low-permeability (125) ferrite. The 
inner conductor of the coaxial cable is No. 12 H 
Thermaleze wire with about 3.5 layers of Scotch No. 
92 tape (two 0.5-inch tapes wound edgewise like a 
window shade), providing a characteristic impedance 
close to the optimum value. The outer braid is from a 
small coaxial cable (or from 1/8-inch tubular braid). 
This homemade coax is further wrapped tightly with 
Scotch No. 92 tape in order to preserve its low charac- 
teristic impedance. The cable connector is on the low- 


impedance side. The response of this Unun is essen- 
tially flat from 10 to 100 MHz (the limit of my 
bridge). It can also (easily) handle the full legal limit 
of amateur radio power. 


Sec 12.3.2 100:25-ohm Unun 


The Unun on the left in Photo 12-D is a Guanella 
version that matches 100 to 25 ohms. There are 8 
bifilar turas of No. 14 H Fhermaleze wire on each 
1,5-¿nch OD low-permeability (250) toroid. One 
toroid is wound clockwise and the other is wound 
counterclockwise. One of the wires fon each toroid) 
is covered with one layer of Scotch No. 92 tape. The 
cable connector is on the low-impedance side. The 
response is flat from 1.5 MHz to well over 30 MHz. 
This Unun can also handie the full legal iimit of ama- 
teur radio power. 

lt is interesting to note that when used as a Balun 
(the ground removed from terminal 2), and placed in 
series fon the left side) with a 1.78:1 Unun (see 
Chapter 13), this compound arrangement provides an 
excellent Balun for matching 50-ohm coaxial cable 
directly to quad antennas having impedances of 100 to 
110 ohms. 


Sec 12.33 200:50-ohm Unun 


The transformer on the right in Photo 12-D is an 
excellent Unun (or Bahin with terminal 2 removed 
from ground) for matching 50 to 200 ohms. it has 14 
bifilar turns of No. 14 H Thermaleze wire on each 
low-permeability (250) toroid with a 2.4-inch OD. 
Each wire is covered with Tefion tubing, providing a 
characteristic impedance of 98 ohms {which 1s quite 
good because the optimum value is 100). Again, for 
ease of connection, onc winding is clockwise and the 
other is counterclockwise. When operating as an 
Unun or a Balun and matching 50 to 200 ohms, the 
response is essentially fiat from 1.5 to 30 MHz. A 
conservative power rating (in a matched condition) is 
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5 kW of continuous power and 10 kW of peak power. 
This transformer has been reported to handie peak 
pulses of 10,000 volts! 


Summary 


Since its introduction by Ruthroff in 1959, the 4:1 
Unun has been the most popular transmission line 
transformer matching unbalanced impedances to 
unbalanced impedances. As 1 mentioned at the begin- 
ning of this chapter, there are many choices to consid- 
er when designing these broadband and efficient 
transformers. One of the most important choices 
involves whether to use the Ruthroif or Guanella 
approach. In fact, the Guaneila design shouid proba- 
bly be designated a Balun/Unun. Recently, it has 
become the design of choice in the higher frequency 
bands. From the designs presented in this chapter, 1 
offer the following recommendations: 

i. For Ununs in the HF band with impedance leveis 
of 100:25 ohms and lower, the Ruthroff approach ts 
recommended because of its simplicity. 

2. For high impedance levels in the HF band (like 
200:30 and 300:75 chms), the Guanella approach is 
recommended. 

3. For low-impedance operation on the VHF band, 
the beaded-coax Guanella approach is recommended. 

4, For high-impedance operation on the VHF band, 
the coiled-wire Guanella approach appears to be the 
preferred choice, and should be investigated first. 
Obviousiy, the number of tens should be reduced from 
the examples shown in this chapter because the reac- 
tance of the winding is proportional to the frequency. 

5. For high-power use on the HF band, the Ruthroff 
Unun with low-impedance coaxial cable on a toroid 
(on the right on Photo 12-A) is recommended. It is 
easy to construct and can very likely handle more than 
5 kW of continuous power, 

6, Also, at high-impedance levels, one might con- 
sider using iower permeability ferrites for higher effi- 
clencies, Look at permeabilitics of 125 and 40. 


Fig. 2-5. Circuit board, 


values of resistance. When you're sure that the tester is working 
correctly and all the wires are soldered, wrap the circuit board and 
the battery with electrical tape to prevent things from shorting out 
once you put everything into the film case. Take a look at Fig. 
2-6—you can see what my tester looks like before stuffing every- 
thing into the film case. Now that you've got the audible continuity 
tester put together, you can use it to check wires and semiconduc- 


Fig. 2-6. Ready to install in the case, 


Chapter 13 


1.33:1, 1.5:1, and 2:1 Ununs 


Sec 13.1 Introduction 


ittle practical design information has been 
available on Ununs with impedance transfor- 
mation ratios of less than 4:1 {these are called 
fractional-ratio Ununs). However, many important 
applications can be found for efficient and broadband 
Ununs with ratios like 1,33:1, 1.5:1, and 2:1. Some 
examples include the matching of 50-ohm coaxial 
cable to: a) vertical antennas, inverted Ls, and ground- 
fed slopers (all over good ground systems), b) 75-ohm 
hardline cable, c) a junction of two 50-ohm coaxial 
cables, d) shunt-fed towers performing as vertical 
antennas, and e) the output of a transceiver or class B 
linear amplifier when an unfavorable VSWR condi- 
tion exists. 

These three Ununs also play an important role im 
making other useful Baluns possible. Examples given 
in earlier chapters include: a) connecting a 1.5:1 Unun 
(50:75 ohms} in series with a 1:1 Balun (75:75 ohms} 
results in a broadband 1.5:1 Balun (50:75 ohms); b} 
connecting a 2:1 Unun (50:100 ohms) in series with a 
1:1 Baíun (100:100 ohms} results in a broadband 2:1 
Balun {50:100 ohms); c) connecting a 1.5:1 Unun 
(50:75 ohms) in series with a 4:1 Balun (75:300 
ohms) results in a broadband 6:1 Balan (30:300 


ohms}, and d) connecting a 1.33:1 Unun (50:66.7 
ohms} in series with a 9:1 Balun (66.7:600 ohms) 
results in a broadband 12:1 Balun {50:600 ohms). 

It has been shown” that a continuum of ratios can 
now be obtained with Ununs matching 50-ohm cable 
to impedances as low as 3.125 ohms and as high as 
800 ohms. In addition, by using higher-order wind- 
ings (trifilar, quadfilar, etc.), Ununs can be construct- 
ed with two broadband ratios like 1.5:1 and 3:1, or 2:3 
and 4:1. Furthermore, by tapping some of the wind- 
ings of these higher-order Ununs, multimatch trans- 
formers can be constructed with many broadband 
ratios. As a result of this class of fractional-ratio 
Ununs, a continuum of Ununs and Baluns is now 
avaliabie to match 50 ohms unbalanced to unbalanced 
or balanced impedances as low as 3.125 ohms and as 
high as 800 ohms. 

My first attempt to obtain ratios less than 4:1 was 
made by tapping one of the wires in a Ruthroff 4:1 
bifilar Unun. My experiment met with only moderate 
success.* An adequate low-frequency response with a 
1.33:1 ratio was difficult to obtain. Also, the 2:1 ratio 
had considerably greater loss than higher or lower 
ratios. Recently, I found that higher-order windings 
(trifilar, quadrifilar, etc.), some with taps, provide 
much wider bandwidths and higher efficiencies. This 


Figure 13-1. Schematic diagrams: (A) matching 50 to 25 ohms (B-A) and 50 to 22,22 ohms (C-A): (Bj matching 100 to 50 
ohms (B-A) and 112.5 to 50 ohms (CA), 
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Photo 13-A. Bottom 
view of the 2:1 Unun 
designed to match 50 
ohms to 25 ohms or 22,2 
| ohms (Figure 13-14). 
The connector is on the 
low-impedance side. 
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Photo 13-B. The 2:1 Unun mounted in a 4 inch long by 2 
inch wide by 2.75 inch high minibox. 
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chapter describes fractional-ratio Ununs using these 
higher-order windings. 

The next section discusses the practical aspects of the 
2:1 Unun. This Unun is not only one of the more useful 
transformers, but 1t also serves as a good introduction 
to the trifilar and quadrifilar designs. What follows is 
an introduction to the most difficult fractional-ratio 
Unun—the quintufilar design, which results in very 
broadband 1.33:1 and 1.5:1 Ununs. A more complete 
discussion appears in Part I of this book. 

This chapter closes with construction tips. As you 
will see, these Ununs can be difficult to construct. 


Sec 13.2 2:1 Ununs 


Figure 13-1A shows the schematic diagram of an 
Unun designed to match 50-ohm cable to an unbal- 
anced load of 25 ohms (2:1 ratio with connections A- 
B) or 22.22 ohms (2.25:1 ratio with connections A-C). 
It has 6 trifilar turns of No. 14 H Thermaleze wire on 
a 1.5-inch OD ferrite toroid with a permeability of 


250. Winding 3-4 is tapped at 5 turns from terminal 3. 
Photo 13-A is a photograph showing the various con- 
nections. The connector is on the low-impedance side. 
Photo 13-B shows the transformer mounted in a CU- 
3015A (4 inches long by 2 inches wide by 2.75 inches 
high) minibox. In matching 50 ohms to either 25 or 
22.22 ohms, the transformation ratio is constant from 
| to 30 MHz. 

Because the transmission lines are very short, this 
Unun does quite well as a step-up transformer. That 
is, When matching 50 ohms (on the left side) to 100 
ohms (connections A-B) or 112.5 ohms (connections 
A-C) on the right side, the transformation ratio is con- 
stant from 1 to 15 MHz. Because of the extremely 
high efficiency of this transformer (98 to 99 percent 
under matched conditions), this small version can eas- 
ily handle the full legal limit of amateur radio power. 

Figure 13-1B shows the schematic diagram of an 
Unun designed to match 50-ohm cable to an unbal- 
anced load of 100 ohms (2:1 ratio with connections 
A-B) or 112.5-ohms (2.25:1 ratio with connections A- 
C). It has 7 trifilar turns on a 1.5-inch OD ferrite 
toroid with a permeability of 250, The top winding 5- 
6 is No. 14 Thermaleze wire and is tapped at 6 turns 
from terminal 5. The other two windings are No. 16 H 
Thermaleze wire. Photo 13-C shows the various con- 
nections. The connector is on the low-impedance side. 
In matching 50-ohm cable to 100 ohms (A-B) or 
112.5 ohms (A-C), the transformation ratio is constant 
from 1 to 30 MHz. 

Again, because the transmission lines are very short, 
this Unun does quite well as a step-down transformer. 
In matching 50-ohm cable (on the right side) to 25 
ohms (A-B) or 22.22 ohms (A-C), the transformation 
ratios are constant from 1 to 15 MHz. As above, this 
transformer can easily handle the full legal limit of 
amateur radio power. 

Although the quadrifilar Unun shown in the sche- 
matic diagram in Figure 13-2 and in Photo 13-D has 
an impedance transformation ratio of 1.78:1, 1t should 
also satisfy many of the 2:1 requirements, This Unun, 
which is designed to match 50-ohm cable to an unbal- 
anced load of 28 ohms, not only has a very broadband 
response (1 MHz to over 50 MHz), but also offers 
other possible wideband ratios that will be covered in 
succeeding chapters. 

Specifically, the Unun has 3 quadrifilar turns on a 
|.5-inch OD ferrite toroid with a permeability of 250. 
Winding 5-6 is No. 14 H Thermaleze wire and the 
other three are No. 16 H Thermaleze wire. Like the 


Photo 13-C. Bottom 
view of the 2:1 Unun 
designed to match 50 
ohms to 100 ohms or 
112.5 ohms (Figure 13- 
1B). The connector is on 
the low-impedance side. 


Photo 13-D. Bottom 
view of the 1.78:1 Unun 
designed to match 50 to 
28 ohms. The connector 
is on the low-impedance 
side. 


two 2:1 Ununs described above, this one also easily 
handles the full legal limit of amateur radio power. 

As with most coiled Ununs that have little spacing 
between adjacent turns, current-crowding (between 
adjacent turns) can eventually limit the power-han- 
dling capability of these devices. It’s possible to 
improve the ability for handling higher currents by 
using thicker wires, or by using coaxial cables where 
current-crowding is nonexistent. Figure 13-3 shows 
the schematic diagram of a tapped-trifilar transformer 
that uses two sections of coaxial cable yielding 
impedance ratios of 2:1 and 2.25:1. Photo 13-E 
shows two trifilar toroidal transformers using low- 
impedance coaxial cables with their outer braids con- 
nected in parallel and acting as the third conductor. 
These transformers are conservatively rated at 5 kW 
of continuous power. 

The smaller transformer in Photo 13-E has 7 trifilar 
turns of low-impedance coax on a 2-inch OD toroid 
with a permeability of 290. The No. 14 H Thermaleze 
wire inner conductors have four layers of Scotch No. 
92 tape. The outer braids are made from small coaxial 
cables (or 1/8-inch tubular braid), and are also 
wrapped with Scotch No. 92 tape in order to preserve 
the low characteristic impedances. The inner conduc- 
tor of the top coax in Figure 13-3 is tapped at 6 turns 
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Figure 13-2. Schematic diagram of the quadrifilar Unun 
designed to match 50 to 28 ohms (1.78:1 ratio). 


Figure 13-3. Schematic diagram of a tapped-trifilar Unun 
that uses two sections of coaxial cable, yielding impedance 
ratios of 2:1 and 2.25:1, 


from terminal 5. When matching 50 ohms to 22.22 
ohms or 25 ohms, the impedance ratio is constant 
from | to over 50 MHz. 

The larger transformer in Photo 13-E also has 7 tri- 
filar turns, but on a 2.4-inch OD toroid with a perme- 
ability of 125. The inner conductors of No. 14 H 
Thermaleze wire now have a 15-mil wall of Teflon 
sleeving, yielding the low-impedance coaxial cable. 
The outer braids are the same. Because the ferrite per- 
meability is lower and the lengths of the transmission 
lines are longer than those of the smaller unit, this 
transformer’s bandwidth is not quite as good. When 
matching 50 to 22.22 ohms (this particular Unun 
doesn't have a tapped winding), the impedance ratio is 
constant from 1.7 to 30 MHz. 

Although not shown, these very high-powered 2:1 
Ununs can also be easily designed to match 50-ohm 
cable to unbalanced loads of 100 and 112.5 ohms. 
This is done by using small but high-powered coaxes 
like RG-303/U, RG-141/U, or RG-142/U. 


sec 13.3 1.51 Ununs 


Figure 13-4 shows three basic forms of a quintufilar 
1.56:1 Unun that should satisfy most of the 1.5:1 
requirements. As can be seen, the only difference in 
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Photo 13-E. Two toroidal transformers using coaxial 
cable and designed to match 50 to 22.22 ohms (2.25:1). 
The smaller transformer is also tapped, yielding a match 
of 50 to 25 ohms (2:1). 


the schematic diagrams is in the interleaving of the 
windings. This is done to optimize the performance of 
these Ununs at the various impedance levels. Sche- 
matic A is optimized for matching 50 to 75 ohms. 
Schematic B is optimized for matching 32 to 50 
ohms. Schematic C, while optimized for matching 40 
to 62 ohms, still yields quite broadband ratios at both 
50:75 and 32:50-ohm levels. It should be a useful, 
general-purpose Unun. 

Photo 13-F is a photograph of the bottom views 
(showing the connections) of the three different de- 
signs. They appear in the same order as the schemat- 
ics of Figure 13-4; i.e., a) the Unun on the left is 
designed to match 50 to 75 ohms, b) the Unun in the 
center is design to match 32 to 50 ohms, and c) the 


Unun on the right is designed to work quite well at 
both impedance levels. The SO-239 connectors are all 
on the low impedance side of the Ununs. 

All three transformers have four quintufilar turns on 
a 1.5-inch OD ferrite toroid with a permeability of 
250. Their differences are: 

1. 50:75 ohms (on the left on Figure 13-4 and 
Photo 13-F). 

Winding 9-10 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. 
When matching 50 to 75 ohms (actually to 78 ohms), 
the transformation ratio is constant from 1 to over 30 
MHz. In matching 50 ohms (on the right side in 
Figure 13-3A) to 32 ohms, it is still constant from 1 
to 15 MHz. 

2. 32:50 ohms (in the center in Figure 13-4 and 
Photo 13-F). 

Winding 5-6 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. 
When matching 32 to 50 ohms, the transformation 
ratio is constant from 1 to over 30 MHz. In matching 
75 ohms (on the right side in Figure 13-3B) to 50 
ohms, it is still constant from 1 to 15 MHz. 

3. 50:75 ohms; 32:50 ohms (on the right in Figure 
13-4 and Photo 13-F). 

Winding 7-8 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. In 
matching 32 to 50 ohms, the transformation ratio is 
constant from 1 to 30 MHz. In matching 75 ohms (on 
the right side in Figure 13-3C) to 50 ohms, it is still 
constant to 21 MHz. This is quite a good general-pur- 
pose design. 


Figure 13-4. Three basic forms of a quintufilar 1.56:1 Unun: (A) optimized to match 50 to 75 ohms, (B) optimized to match 
32 to 50 ohms, and (C) optimized to match 40 to 62 ohms, resulting in a good general-purpose design. 


Even though a small toroid (with only a 1.5-inch 
OD) is used, these Ununs are still very sturdy trans- 
formers. Because their efficiencies are so high (98 to 
99 percent), they can easily handle the full legal limit 
of amateur radio power.? Furthermore, the windings 
carrying the majority of the current (80 percent) are 
all No. 14 wire. Only when well-designed Ununs are 
subjected to very high VSWRs will excessive heating 
occur. Ununs (and Baluns) should never be exposed to 
these severe conditions. 


Sec 13.4 A 1.33:1 Unun 


The circuit shown in Figure 13-5 evolved after many 
attempts were made at obtaining a broadband match 
of 50 to 66.7 ohms (1.33:1). Photo 13-G shows the 
bottom view of an actual design. The SO-239 connec- 
tor is on the low impedance side. Photo 13-H shows 
the Unun mounted in a CU-3015A minibox. 

Specifically, this Unun has five quintufilar turns on 
a 1.5-inch OD ferrite toroid with a permeability of 
250. Winding 5-6 is No. 14 H Thermaleze wire and is 
tapped at three turns from terminal 5 (Figure 13-4). It 
is also covered with one layer of Scotch No. 92 poly- 
imide tape, optimizing the performance at the 
50:66.7-ohm level. The other four windings are No. 
16 H Thermaleze wire. 

In matching 50 to 66.7 ohms (A-B), the transforma- 
tion ratio is practically constant from 1 to 30 MHz. 
The ratio only decreases by 3 percent across the band. 
In matching 50 to 32 ohms (C-A), the transformation 
ratio is constant from 1 to 30 MHz. In matching 75 to 
50 ohms (C-A), the ratio is constant from 1 to 15 
MHz. In matching 50 to 37.6 ohms (B-A), the ratio is 
constant from 1 to 15 MHz. As you can see, the Unun 
has some useful broadband multimatches. 


Photo 13-F. Photograph of the three differ- 
ent Unun designs shown in Figure 13-4: A) | 
on the left, 50:75 ohms, B) in the center | 
32:50 ohms, and C) on the right, a general 
purpose design matching both impedance 
levels quite well. 
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Figure 13-5. Schematic diagram of a quintufilar Unun 
specifically designed to yield a broadband 1.33:1 ratio 
(66.7:50 ohms; connection B-A). Connection C-A also 
yields a broadband 1.56:1 ratio (50:32 ohms). 


As in the cases of the other three Ununs, this 
tapped-Unun also easily handles the full legal limit of 
amateur radio power. Like the 2:1 Unun, for higher 
power capabilities, thicker wires or a three-coax 
quintufilar design can be used.? 


Sec 13.5 Construction Tips 


Most of my Unun designs use the bootstrap connection 
that sums direct voltages (on the high-impedance side) 
with a delayed voltage, which traverses a single trans- 
mission line.? Therefore, in order to achieve the very 
wideband responses, small toroids (which allow the 
shortest transmission lines) are used. The small 1.5- 
inch OD toroids offer this advantage. Furthermore, 
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Figure 13-6. Pictorials of higher-order windings: (A) trifilar and (B) 


quadrifilar. 


Photo 13-G. Photograph 
of the 1.33:1 Unun 
(66.7:50 ohms). This 
transformer also has a 
broadband 1.56:1 ratio 
(50:32 ohms). 


quintufilar (and higher-order windings) Ununs are also 
eventually limited in their high-frequency responses by 
self-resonances. Shorter winding lengths keep these 
self-resonances well out of the HF band. For the Ununs 
in this chapter, they occur between 45 and 65 MHz, 
with Figure 13-4A having the higher value. 

There is also a mechanical advantage in using the 
smaller toroids. You'll find that the popular CU- 
3015A minibox makes an excellent enclosure for the 
1.5-inch OD toroid. Furthermore, because ferrite is a 
ceramic and, therefore, unaffected by moisture, no 
special precautions need be taken for out-of-doors 
use. Potting the transformer in plastic 1s unnecessary. 
One must only keep the Unun out of a pool of water. 

Because well-designed transformers have virtually 
no flux in the core, their power ratings are mainly 
determined by the ability of the transmission lines to 
handle the voltages and currents. Furthermore, it can 
be shown that the losses in these transformers are 
related to the voltage gradients along the transmission 
lines.2 Thus, they are dielectric-type ferrite losses. 
This means that the efficiency can be severely degrad- 


Figure 13-7. Pictorial of a quintufilar winding. 


ed with very high VSWRs since higher voltage gradi- 
ents occur under these conditions. 

Several suggestions can be made regarding the con- 
struction of Ununs using these higher-order windings 
(trifilar, quadrifilar, etc.). They are: 

1) Make a ribbon out of the wires and wind them all 
at the same time. This keeps the wires as close as pos- 
sible, resulting in the maintenance of the optimum 
characteristic impedance of the transmission lines. I 
found that strips made with 1.25- by 0.375- to 0.55- 
inch glass tape (Scotch No, 27), clamped about every 
1/2 inch, hold the wires in place very well. The start- 
ing lengths of the wires should be about 5 inches 
longer than one would calculate knowing the number 
of turns and the length around each turn. 

2) Because work-hardening of the copper wire takes 
place in coiling it around a toroid, a pair of pliers and 
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Photo 13-H. The 1.33:1 Unun mounted in a CU-3015A 


minibox. 


a strong thumb (and arms) are indispensabie tools. It 
takes considerable effort to wind these transformers, 
Also, because these designs have adequate margins at 
their low-frequency ends, some space between the 
windings and the toroids can be tolerated. 

3) lt is helpful to recognize the various patterns that 
appear at the ends of the windings. Figure 13-6 shows 
a drawing of the trifilar and quaarifilar patterns and 
Figure 13-7 shows the quintufilar pattern. Note that 
terminal 1 and terminal 6 or terminal $ or 10 are the 
outside terminals of the patterns. Also, note that termi- 
nal i is always grounded in the schematic diagrams. 

4) Tapping windings can be one of the more diffi- 
cult tasks In constructing these transformers. Winding 
a tapped transformer is also more difficult. | found 
that the edge of a small, fine file does the best job in 
removing the insulation. About 1/8 to 1/4 inch is 
removed around the wire. It also helps to remove 
some Of the copper. Then a flat 1/8-inch copper strip 
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or No, 14 wire flattened on one end is soldered to the 
bare wire, The soldered connection is then rendered 
smooth using the edge of the file. Finally, two pieces 
of Scotch No, 92 polyimide tape are placed on the 
joint to insulate it from the neighboring turns. 1 also 
found that a tap placed one turn from the end of the 
winding is best made approximately 4 inches from the 
end of the wire (when the wire 1s straight). 

Finally, a comment should be made about low- 
power Ununs. Practically ail of the transformers in 
this chapter can be easily designed for low-power use. 
Designs capable of handing the full output of HF 
transceivers can be readily constructed. Cores with an 
OD of 1,25 inches are recommended, The same num- 
ber of turns, but with one size smailer wire, is also 
recommended, Because smaller cores and thinner 
wires are used, these lower-power units are not only 
easier to construct, but they also have wider band- 
widths due to the shorter lengths of the windings. 


DuaFRatio Ununs 


Chapter 14 


Sec 14.1 Introduction 


arlier chapters in this book on Ununs have 
Pesan covered single-ratio transformers. 
Broadband ratios of 1,33:1, L& 1, 2:1, and 4:3 
were the design objectives. The 1.33:1 ratio was 
obtained by tapping a 1.5:1 (actually 1.56:1) quintuít- 
lar-wound Unun. The 2:1 ratio was obtained by tap- 
ping a 2,25:1 trifilar-wound Unun. Although these 
transformers can be considered to have two broad- 
band ratios (1.33:1 and 1.56:1 or 2:1 and 2.25:1), 
their two ratios were not different enough for many 
practical applications. This is especially true of anten- 
nas where the input impedance varies with frequency. 
My earlier work? and an article by Genaille! have 
shown that a host of ratios (less than 4:1) can be 
obtained by tapping the bifilar winding of a Ruthroff 
4:1 Unun.? However, the bandwidths obtained using 
this technique are quite limited with each ratio and are 
highly dependent upon the impedance level. This is 
particularly true when a tod core is used because it 


requires more turns {resulting in longer transmission 
lines) in order to obtain the necessary choking reac- 
tance that isolates the input from the output. 
Furthermore, ratios around 2:1 exhibit more loss 
because autotransformer action also enters into the 
matching process.? 

By using quadrifilar and quintufilar windings on 
small }.5-inch OB cores, and connecting them in 
such a way that the characteristic impedances of the 
windings are near optimum, two very different and 
broadband ratios matching 50 ohms to lower imped- 
ances are obtained. Furthermore, because the trans- 
mission Hines in these transformers are so very short 
(8 to 9 inches in length), these transformers do quite 
well in matching 50 ohms to higher impedances (as 
step-up transformers). 

This chapter presents two Ununs which have two 
broadband ratios that differ by a factor of two! One 
has a 1.5:1 and a 3:1 ratio (actually 1.56:1 and 
2.18:1). The other has a 2:1 (actually 1.78:1) and a 4.1 
ratio. Also, this chapter introduces the novel tech- 


Figure 14-L Schematic diagrams of dual-ratio Ununs: (A) 1.78:1 connection C-A, 4:1 connection C-B: (B) 1.56:1 connec- 
tion CA, 2.78:1 connection C-B. 
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nique of connecting these two transformers in parallel 
on their 50-ohm sides, resulting in four very broad- 
band ratios. 


Sec 14.2 2:1 ana 4:1 Ratios 


Figure 14-1A shows the schematic diagram of the 
quadrifilar Unun yielding ratios of 2:1 (actually 
1.78:1) and 4:1. Figure 14-2A provides a pictorial of 
its windings. On the left in Photo 14-A, you see the 
bottom view of an Unun. The cable connector is on 
the 28-ohm (1.78:1) side. This Unun has four quadri- 
filar turns of No. 14 H Thermaleze wire on a 1.5-inch 
OD toroid with a permeability of 250. 

In matching 50 to 28 ohms (connection C-A), the 
response is flat to within 1 percent from 1 to 30 MHz. 
From 1 to 50 MHz, it’s flat to within 2 percent. In 
matching 50 to 12.5 ohms (connection C-B), the 
response 1s flat to within 3 percent from 1 to 30 MHz. 

Because very short transmission lines are used, this 
transformer performs quite well as a step-up trans- 
former. In matching 50 to 200 ohms (connection B- 
C), the response is flat to within 3 percent from 1.5 to 


Figure 14-2. Pictorials of higher-order wind- 
ings: (A) quadrifilar, (B) quintufilar. 


10 MHz. In matching 50 to 89 ohms (connection A- 
C), the response is flat to within 3 percent from 1.5 to 
30 MHz! 


Sec 14.2.1 Construction Tips 


Start with about 14 inches of straightened wire. Form 
the wires into a ribbon with clamps of Scotch No. 27 
glass tape every 1/2 inch. I found that strips 3/16 inch 
wide and about 1.5 inches long do a good job. The 
clamps should be long enough to go around the wires 
twice. After winding, connect terminals 2 and 7. Then 
connect terminals 3 and 8. Finally, connect terminals 
4 and 5. Because work-hardening takes place quickly, 
you will find that a pair of pliers and a strong thumb 
(and arms) are necessary tools. You will also find that 
winding these exceptionally performing transformers is 
not easy. As in all endeavors, practice really pays off. 


Sec 14.3 1.5:1 and 3:1 Ratios 


Figure 14-1B shows the schematic diagram of the 
quintufilar Unun yielding ratios of 1.5:1 and 3:1 


Photo 14-A. On the left, a quadrifilar Unun with 
ratios of 1.78:1 and 4:1; on the right, a quintufilar 
Unun with ratios of 1.56:1 and 2.78:1. 


Table 2-1. Parts List For Meterless Ohmmeter 


C1 and C2 1-uF/15-volt electrolytic capacitors 

1000-Ohm, 1/4-W resistor 

LM3909 flasher oscillator 

1.5-volt AAA-size battery 
Miscellaneous: 
Circuit board (Radio Shack 276-170, Global Specialties Corp. 
EXP-300), Test probes, 35mm film container, speaker or earphone 
and jack, wire, solder. 


tors. By connecting it toa telegraph key, you’ve got a code practice 
oscillator. If you replace the earphone or speaker with the correct 
value of resistor (between 10 and 2000 ohms) and take an output 
from across it, you have an audio signal generator, the output 
frequency depending upon the resistance that you use. 


AN OHMMETER FOR SOLID-STATE CIRCUITS 


Figure 2-7 shows the circuit of the low-voltage ohmmeter. 
Only about 250 m V are developed across the test prods, far below 
the value capable of forward-biasing silicon junctions in solid-state 
devices. But what have we here? A dc current meter is in the 
collector-base circuit of a transistor connected in the common-base 
configuration. Emitter-base bias is provided by B1, but look as one 
may, there is no obvious source of collector bias. Nor is there any 
subtle or tricky current path for polarizing the collector. How then 
can the transistor deliver current to the meter? Actually, this is a 
valid way of utilizing the characteristics of a transistor. Although 
infrequently encountered, a transistor so employed is capable of 
providing collector current with zero-applied collector voltage! In 


Fig. 2-7. Schematic circuit of the 
ohmmeter for solid-state circuits. 
Transistor Q1 need not be a 
2N404A. Any small signal PNP 
germanium type will work. 
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(actually 1.56:1 and 2.78:1). Figure 14-2B is a pictor- 
tal of 1ts windings. On the right side in Photo 14-A 
you see a bottom view of an Unun. The cable connec- 
tor is on the 32-ohm (1.56:1) side. This Unun has four 
quintufilar turns on a 1.5-inch OD toroid with a per- 
meability of 250. Windings 3-4 and 7-8 are No. 14 H 
Thermaleze wire. The other three are No. 16 H 
Thermaleze wire. Winding 7-8 also has two layers of 
Scotch No. 92 polyimide tape, which optimizes the 
1.56:1 ratio. 


Photo 14-C. The two dual-ratio Ununs connected in paral- 
lel on their 50-ohm sides providing four broadband ratios 
close to 1,5:1, 2:1, 3:1, and 4:1. The quadrifilar unit is on 
the left and the quintufilar unit is on the right. The enclo- 
sure is a 5 inch long by 3 inch wide by 2 inch high minibox. 
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Photo 14-B. The dual-ratio quintufilar Unun 
mounted in a 4 inch long by 2 inch wide by 
2.75 inch high minibox. 


In matching 50 to 32 ohms (connection C-A), the 
response is essentially flat (less than 1 percent varia- 
tion) from 1 MHz to over 40 MHz. Without the two 
layers of Scotch No. 92 tape, the response varies by 4 
percent from 1 to 30 MHz. When used as a step-up 
transformer matching 50 to 78 ohms (connection A- 
C), and with the two layers of Scotch No. 92 tape on 
winding 7-8, the response is flat to within 5 percent 
from 1 to 15 MHz. Without the extra insulation on 
winding 7-8, the response is flat to within 5 percent 
from | to 7.5 MHz. 

In matching 50 to 18 ohms (connection C-B), the 
variation in response is less than 3 percent from 1 to 
40 MHz. The response is the same whether winding 
7-8 is covered with the extra insulation or not. As a 
step-up transformer matching 50 to 139 ohms (con- 
nection B-C), the response is flat to within 3 percent 
from | to 10 MHz (with or without the extra insula- 
tion on winding 7-8). Photo 14-B shows this Unun 
mounted in a 4 inch long by 2 inch wide by 2.75 inch 
high minibox. The two cable connectors on the low 
impedance side could be replaced with feedthrough 
insulators for antenna use. 


sec 14.3.1 Construction Tips 


Prepare the ribbon as was described for the quadrifilar 
Unun. If you choose to use the two extra layers of 
Scotch No. 92 tape on winding 7-8, make sure this 
winding is on the outside position of the ribbon (refer 
to Figure 14-2B). I found the best order in which to 
connect the wires is as follows: first, connect terminal 
2 to 5; second, connect terminal 6 to 9; third, connect 
terminal 3 to 10; and, finally, connect terminal 4 to 7. 
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As was mentioned before, because a small toroid is 
used in order to achieve the best response {due to 
shorter transmission lines}, this transformer also 
requires considerable strength and patience in the 
winding process. 


Sec 144 Parallel Transformers 


One of the most picasant surprises I received with 
these efficient and broadband transformers was to find 
that they can be connected in parallel on their 50-ohm 
sides and still possess the same performance levels. 
Because the loading effect of one transformer on the 
other is minimal (like a short length of transmission 
line), the transformer that is properly terminated takes 
the power, while the other one is transparent. This lets 
you obtain four very wideband ratios with the two 
dual-ratio Ununs described in this chapter. Obviously, 
this technigue eliminates one transmission tine. 
Furthermore, Baluns can also be connected this way 


for feeding, with a single coaxial cable, beams and 
dipoles with different resonant impedances. 

Photo 14-C shows two transformers connected in 
parallel on their 50-ohm sides using the two dual-ratio 
Ununs described im this chapter. As was mentioned, it 
now yields four wideband ratios very close to 1.5:1, 
2:1, 3:1, and 4:1. 1 have used this matehing network to 
feed a host of ground-fed antennas (over a good 
ground system). In one case, I had a 10-, 15-, and 20- 
meter trap vertical, slopers for 40 and 160 meters, a 
12-meter vertical, and an inverted L for 80 meters ail 
matehed to a single coaxial cable at the same time. It 
was a simple matter of connecting each antenna to the 
output terminal that presented the best match (lowest 
VSWR). Tbis teehnique is actually an extension of 
connecting dipoies for different bands, in parallel. The 
antenna that presents the correct impedance takes the 
power, and the others are essentially transparent. In 
many eases, | found that only one transformer with 
two broadband ratios performed adequately. 


Multimatch Ununs 


Introduction 


Sec |5. | 
B roadband multimatch Ununs capable of high- 


power applications have been the goal of many 

designers over the years. Some have resorted to 
using conventional autotransformers with tapped wind- 
ings to obtain the many impedance transformation 
ratios. However, these attempts met with little success 
because of the device’s limited bandwidths and effi- 
ciencies. Others (including myself)? have tried tapping 
a bifilar Ruthroff Unun.? Although these designs yield- 
ed the high efficiencies of transmission line transform- 
ers, they had limited bandwidths. Furthermore, their 
best bandwidths (for the various ratios} occurred at odd 
impedance levels. in other words, they didn't meet the 
objective of broadband operation with one of the input 
or output ports at 50 ohms, 

Chapter 14 presented two Ununs which had two 
broadband ratios that differed by a factor of two, One 
had a 1.3:1 and a 3:1 ratio (actually 1.56:1 and 
2./8:1). The other had a 2:1 (actually 1,78:1) and a 
4:1 ratio. This chapter describes two multimatch 
designs that are capable of many more broadband 
ratios. For the most part, beth are capable of broad- 
band operation from 1.7 to 30 MHz. 

One Unun has the following five ratios (which are 
close to}: 1.5:1, 2:1, 4:1, 6:1, and 9:1. Because the 
two lower ratios work well in either direction (that is 


Chapter 13 


stepping up or down from 30 ohms), this design can 
match 50-ohm cable to impedances as high as 100 
ohms (actually 112.5 ohms) and as low as 3.6 ohms 
over the frequency range. As a result, it has seven 
usabie applications. Furthermore, because this is a 
transmission iine transformer that cancels out the flux 
in the core, losses (In a matched condition) of only 
0.04 to 0.08 dB can be expected, 

The novelty in this design lies in the use of a trifilar 
winding (with one winding tapped) on a very small 
ferrite toroid, resulting in the shortest possible lengths 
of transmission lines. The windings are also comnect- 
ed in such a manner as to optimize their characteristic 
impedances from an overall standpoint. 

| have used the adjective ultimate to describe the 
second Unun design. Although it might be risky busi- 
ness, | assume that this design will meet one of the 
most common definitions for this adjective—namely, 
beyond which it is impossible to go. For many of us, 
the classic use of this adjective was made by Lew 
McCoy in describing his popular transmatch.?2 
Although there have been some improvements to 
Lew’s design, his use of this definite (and strong) 
adjective can be said to have withstood the test of 
time. I hope my use meets with similar success. 

While the tapped-triftlar design provides five broad- 
band ratios and seven practical applications, the ffi- 
mate design presented in this chapter goes well 


Figure 15-1. Circuit diagrams for the 5-ratio 
Unun: (A) diagram for analysis; (B) transposed 
windings for best overall perfarmance. 
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Photo 15-A. Bottom 
view of the 5-ratio 
Unun of Figure 15-1B, 
The upper-left lead is 
terminal C. The upper- 
right lead is terminal 
B. The lower-left lead 
is terminal H. The lead 
pointing straight down 
is grounded (terminal 
| 3). The lower-right 
lead is terminal L. 


beyond this number. It uses a tapped-quadrifilar 
design that yields the following 10 broadband ratios: 
1.36:1, 1.56:1, 1.78:1, 2.25:1, 3061, 4:1, 6.25:1, 9:1, 
12.25:1, and 16:1. Because the four lower ratios also 
work quite well in either direction, this design offers 
fourteen applications in matching 50-ohm cable to 
impedances as high as 112.5 ohms and as low as 
3.125 ohms. It also has the advantage of using a small 
low-loss toroidal core. Additionally, the windings are 
also interleaved in a pattern that optimizes their char- 
acteristic impedance. 

However, this achievement comes at a price—diffi- 
culty. The 5-ratio Unun, which uses a trifilar wind- 
ing, is considerably easier to wind. In addition, the 
quadrifilar 10-ratio Unun has two of its windings 
tapped, while the 5-ratio Unun has only one (see 
Chapter 13 on tapping windings). If you have had 
little experience in winding Ununs or Baluns, 


Photo 15-B. The high-power unit mounted in a 4 inch 
long by 2 inch wide by 2.75 inch high minibox. 


attempt simplified versions of these two multimatch 
Ununs first. These versions eliminate the tapping of 
the windings. For the trifilar Unun, the remaining 
ratios would be: 2.25:1, 4:1, and 9:1. For the quadri- 
filar Unun, they would be: 1.78:1, 2.25:1, 4:1, 9:1, 
and 16:1. 

For those interested in the design considerations of 
these broadband multimatch transformers, a brief 
review is presented in each section. These sections are 
followed by others describing high-power designs 
capable of handling the full legal limit of amateur 
radio power. Finally, the remaining sections present 
low-power designs capable of handling the output of 
any HF transceiver. Because transmission line trans- 
formers can be made so efficient in matching 50 to 
100 ohms or less, their small sizes will surprise many 
readers. Therefore, the combination of using small 
ferrite toroids with the maximum allowable perme- 
ability (less than 300) for high efficiency,? and with 
sufficient turns to meet the low-frequency objective, 
results in the excellent performance exhibited by the 
designs in this chapter. 


Sec 15.2 The 5-Ratio Unun 


Let's first look at Figure 15-1A because it is the easi- 
est form of the trifilar-wound Unun to explain. For 
example, if the input voltage to ground, Vj, is con- 
nected to terminal H, the output terminal B, has a 
voltage to ground of 3/2V 1. This results in a transfor- 
mation ratio, g, of (3/2)* or 2.25:1. This should satisfy 
most 2:1 requirements. If the output is at terminal A 
to ground, then the output voltage is: 


Vo = V; + V¡(n/2N) 
= V ¡(1 +n/2N) (Eq 15-1) 

where: 

N = the total number of turns on the winding 

n = the number of turns from terminal 5. 


The transformation ratio, g, then becomes: 


g =(V/Vy* 

= (1 + n/2N)* (Eq 15-2) 
If the input voltage to ground, V4, is connected to ter- 
minal L, then terminal C has twice the voltage of 
V,¡—resulting in a 4:1 ratio. Terminal B has three 


times the voltage resulting in a 9:1 ratio. With termi- 
nal A, the output voltage is: 


V, =2V, + V¡(n/N) 
= V ¡(2 +n/N) (Eq 15-3) 


The transformation ratio, g, then becomes: 


g=(2+n/N) (Eq 15-4) 


Sec 15.2.1 A High-power 


5-Ratio Unun 


After several attempts at rearranging the windings of 
Figure 15-1A for the best overall performance (opti- 
mizing the effective characteristic impedances of the 
windings), Figure 15-1B evolved. Photo 15-A shows 
the bottom view of an Unun, using the circuit of 
Figure 15-1B, capable of handling the full legal limit 
of amateur radio power. Photo 15-B shows the unit 
mounted in a CU-3015A minibox. It has five trifilar 
turns on a 1.5-inch OD ferrite toroid with a perme- 
ability of 250. Winding 5-6 is tapped at two turns (n = 
2) from terminal 5. 

If the 9:1 ratio matching 50 to 5.6 ohms (connection 
B-L) is to be used at full power, then winding 3-4 
should be No. 12 H Thermaleze wire. If not, then all 
windings can be No, 14 H Thermaleze wire. 

A listing of the expected performance across the 
band from 1.7 MHz to 30 MHz, with the various 
ratios, 1s as follows: 


9:1 (B-L); 50:5.6 ohms 

Ratio is within 1 percent! 
§.75:1 (A-L); 50:8.7 ohms 

Ratio decreases by 5 percent. 
4:1 (C-L); 50:12.5 ohms 

Ratio increases by 15 percent (the greatest devia- 
tion of all the ratios). 

2.25:1 

a) (B-H); 50:22.22 ohms 
Ratio decreases by 4 percent. 

b) (H-B); 50:112.5 ohms 
Ratio increases by 8 percent. 
1.44:1 

a) (A-H); 50:35 ohms 
Ratio decreases by 10 percent. 

b) (H-A); 50:72 ohms 
Ratio increases by 2 percent. 
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Photo 15-C. The 
low-power unit 
mounted in a 
homemade 2 inch 
long by 1.5 inch 
wide by 2.25 inch 
high minibox. 


Several comments should be made regarding the 
expected results shown above. First of all, the greatest 
deviation from a flat response at any ratio occurs 
when matching 50 to 12.5 ohms (connection C-L; a 
4:1 ratio). If an accurate insertion loss measurement 
was made at this ratio and impedance level, the result 
would show an insignificant difference across the 
band. Secondly, the major part of the deviations for all 
ratios occurs beyond 15 MHz (the effect of standing 
waves). Finally, the higher ratios should never be used 
to match 50 ohms to 450 ohms, 288 ohms, and 200 
ohms, respectively. The characteristic impedances and 
choking reactances do not allow for broadband opera- 
tion under these conditions. 


Sec 15.2.2 A low-power 
5-Ratio Unun 


Photo 15-C shows a low-power unit mounted in a 
homemade 2 inch long by 1.5 inch wide by 2.25 inch 


Photo 15-D. The three 5-ratio Ununs together. From left 
to right, the high-power unit mounted and unmounted, the 
low-power unit. 
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Figure 18-2. Circuit diagrams for the 10-ratio Unun: {A} diagram for analysis; (8) transposed windings for best 


overall performance. 


high minibox. K has six trifilar turns of No. 16 H 
Thermaleze wire on a 1.25-inch OD ferrite toroid with 
a permeability of 250. The tap on winding 5-6 is 
located three turns from terminal 5, yielding ratios of 
6.25: and 1.56:1 instead of the 5.75:1 and 1.44;1 
ratios of the high-power unit. In actual use, these dif- 
ferences should be negligible. 

Because this Unun has shorter transmission lines 
than its high-power counterpart, the deviations of the 
ratios across the band are even smaller. It is also inter- 
esting to note that, if No. 14 H Thermaleze wire was 
used in winding 3-4, this very small Unun could very 
well be rated at 500 watts of continuous power! 

Photo 15-D shows all three 5-ratio Ununs together. 


Sec 15.3 The 1O-Ratio Unun— 
The Ultimate Multimatch 


Figure 15-2A is presented here because it is the easi- 
est form of a quadrifilar-wound Unun to explain. With 
the input voltage, V4, connected to the various termi- 
nais on the left (the low-impedance side), and with 
very short transmission lines compared to the wave- 
length, we have the following transformation ratios: 


1. V, connected to terminal A 

a) At terminal D the output voltage V, is 4£3V 7. 
Therefore, the transformation ratio, g, with connection 
A-D is: 


g = (4/3) = 1:1.78 (Eq 15-5) 


b) At terminal F the output voltage is: 


Vo = V}(1 + n/3N) (Eq 15-6) 


where: 
N = total number of turns 
n= number of turns from terminal 7. 


The transformation ratio with connection A-F then 
pecomes: 


g=(V IV = (1 + 0/3N)* (Eg 15-7) 


2. Y, connected to terminal B 
a) At terminal E the output voltage is 3/2V,. Thus, 
the transformation ratio with connection B-E is: 


g = (3/2)* = 1:2.25 (Eg 15-8) 
b) At terminal G the output voltage is: 
Vo= Vii + a/2N) (Eq 15-9) 


where n = number of turns from terminal 5. 
The transformation ratio with connection B-G 
becomes: 
g = (VIV? = + 2/2N/ (Eq 15-10) 
c) At terminal D the output voltage 15 2V1. The 
transformation ratio with connection B-D is: 


=(2=1:4 (Eg 15-11) 


d) At terminal F the output voltage is: 
Vo = V,(3/2 + n/2N) (Eq 15-12) 


where n = number of turns from terminal 7. 
The transformation ratio with connection B-F, 
then, 1s: 


g = (V/V)? = (3/2 + n/2N) (Eq 15-13) 


3. V,; connected to terminal C 
a) At terminal E, the output voltage is 3V,. The 
transformation ratio with connection C-E becomes: 


g =(3)2= 1:9 (Eq 15-14) 
b) At terminal G, the output voltage is: 
Vo = Vi (2 + n/N) (Eq 15-15) 


where n = number of turns from terminal 5. 
The transformation ratio with connection C-G is: 


g =(V,/V))* = (2 + n/N) (Eq 15-16) 


c) At terminal D, the output voltage is 4V,. The 
transformation with connection C-D becomes: 


g =(4)}=1:16 (Eq 15-17) 
d) At terminal F the output voltage is: 
Vo = V16 +n/N) (Eq 15-18) 


where n = number of turns from terminal 7. 
The transformation ratio with connection C-F is: 


g = (V V12 = 8 + n/N)? (Eq 15-19) 


Sec 15.3.1 A High-power 
10-Ratio Unun 


Figure 15-2B evolved after several attempts at re- 
arranging the windings of Figure 15-2A for best over- 
all performance (optimizing the effective characteris- 
tic impedances of the windings). Photo 15-E shows 
the bottom view of an unmounted Unun using the cir- 
cuit of Figure 15-2B. The top-left lead is terminal E. 
The top-right lead is terminal D. The bottom-left lead 
is terminal B. The center lead (connected to the SO- 
239 connector) is terminal A. 
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Photo 15-E. Bottom view of 
the 10-ratio Unun. The con- 
nector is on terminal A. 


Photo 15-F. Three differ- 
ent views of the 10-ratio 
Unun mounted in a 4 


inch long by 2 inch wide 


Ie] by 2.75 inch high CU- 


| 3015A minibox. 
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Photo 15-G. The 
low-power unit 
mounted in a 
homemade 2.25 
inch long by 1.5 
inch wide by 
2.25 inch high 
minibox. 


The bottom-right lead is terminal C. Below these 
three bottom leads is a ground connection (terminal 3 
in Figure 15-2B to the SO-239 connector. Photo 15-F 
shows three different views of this high-power unit 
mounted in a 4 inch long by 2 inch wide by 2.75 inch 
high CU-3015A minibox. 

This 10-ratio Unun has four quadrifilar turns of No. 
14 H Thermaleze wire on a 1.5-inch OD ferrite toroid 
with a permeability of 250. Winding 5-6 is tapped at 2 
turns from terminal 5 and winding 7-8 is tapped at 2 
turns from terminal 7. 

If the 9:1 ratio (connection C-E), the 12.25:1 ratio 
(connection C-F), and the 16:1 ratio (connection C- 
D), are to be used at the full legal limit of amateur 
radio power, then I suggest that winding 3-4 be 
replaced with No. 12 H Thermaleze wire. If not, then 
these three ratios should be used at lower power levels 
(of 500 watts continuous and 1 kW peak). It should 
also be mentioned that using No. 12 wire for winding 
3-4 adds a greater degree of difficulty to the construc- 
tion process. 

A listing of the expected performance across the 
band from 1.7 to 30 MHz, with the various ratios, 1s 
as follows: 


16:1 (D-C); 50:3.125 ohms 
Ratio is constant up to 2] MHz. It then decreases 
by 15 percent. 
12.25:1 (F-C); 50:4.08 ohms 
Ratio is constant. 
9:1 (E-C); 50:5,56 ohms 
Ratio increases by 5 percent. 
6.25:1 (G-C); 50:8 ohms 
Ratio is constant. 
4:1 (D-B); 50:12.5 ohms 
Ratio decreases by 5 percent. 


3.06:1 (F-B); 50:16.3 ohms 

Ratio decreases by 10 percent. 
2.2521 
a) (E-B); 50:22.22 ohms 

Ratio increases by 4 percent. 
b) (B-E); 50:112.5 ohms 

Ratio increases by 50 percent (the greatest devia- 
tion across the band of any of the ratios). 
1.78:1 
a) (D-A); 50:28.1 ohms. 

Ratio is constant. 
b) (A-D); 50:89 ohms. 

Ratio increases by 15 percent. 
1.56:1 
a) (G-B); 50:32 ohms 

Ratio increases by 10 percent. 
b) (B-G); 50:78 ohms 

Ratio increases by 40 percent. 
1.36:1 
a) (F-A); 50:36.8 ohms 

Ratio decreases by 9 percent. 
b) (A-F); 50:68 ohms 

Ratio increases by 1.5 percent. 


Sec 15.3.2 A Low-power 
1Q-Ratio Unun 


Photo 15-G shows a low-power unit mounted in a 
homemade 2.25 inch long by 1.5 inch wide by 2.25 
inch high minibox. It has five quadrifilar turns of No. 
16 H Thermaleze wire on a 1.25-inch OD ferrite 
toroid with a permeability of 250. The tap on winding 
5-6 (Figure 15-2B) is at three turns from terminal 5 
and on winding 1-2; it is three turns from terminal 1. 
Because the number of turns is different from the 
high-power unit, so are the ratios that use the taps. In 
this case, they are a little larger. Specifically, the 
tapped ratios are now: 1:12.96, 1:6.76, 1:3.24, 1:1.69, 
and 1:1.44. If the taps were at two turns from termi- 
nals 5 and 1, the ratios would be a little less than those 
of the high-power unit. You can play with the equa- 
tions in the first section of this chapter and arrive at 
many different ratios. 

Because this Unun has shorter transmission lines 
than its high-power counterpart, the deviations of the 
ratios across the HF band are generally smaller. Also, 
if winding 3-4 (in Figure 15-2B) were replaced with 
No. 14 H Thermaleze wire, this low-power unit could 
very well be rated at 500 watts of continuous power 
for all ratios! 


Chapter 16 


Ununs tor Beverage Antennas 


Section 16.1 Introduction 


he Beverage antennal” is well known by 160- 
meter enthusiasts for enhanced signal-to-noise 


ratios when there are high levels of interference 
and atmospheric noise. Hf erected properly, Beverages 
also have excellent directivity. However, they are quite 
inefficient and, therefore, not generally suitable as 
transmitting antennas. Important considerations with 
Beverages are the terminating resistor (for the more 
common single-wire version) and the input matching 
Unus Cinbalanced-to-unbalanced transformer). The 
terminating resistor and the impedance ratio of the 
Unun are determined by the characteristic impedance 
of the antenna acting as a long transmission line with 
one good conductor and one poor conductor (the 
earth). This line is generally between 400 and 600 
ohms, and theoretically given by: 


Zo = 138 x log(4h/d) (Eq 16-1) 


where: 

Zo = characteristic impedance of the Beverage 
b = height of the wire above ground 

d = diameter of the wire. 

This chapter presents low- and high-power versions 
of multimatch Ununs designed to match 50-ohm cable 
to unhalanced loads from 450 to 800 ohms. The low- 
power unit, which is capable of handling continuous 
power levels up to 100 watts, is specifically designed 
for the Beverage antenna when it is performing as a 
receiving antenna. The high-power unit, which is 
capable of handling 1 kW of continuous power, can be 
used with the Beverage or any other traveling wave 
antenna when used as a transmitting antenna. Also 
presented are high-power designs capable of flat 
response, including the entire AM broadcast band. 
These multimatch Ununs could be of interest to 
designers of high-power amplifiers for the broadcast 


band. A little theory on how these devices are 
designed is also provided. 


Sec 16.2 A little Theory 


Transmission line transformers” (the Unun being a 
subset thereof} are known for having greater band- 
widths and efficiencies than their counterparts, the 
conventional transformers. Design considerations for 
the two types of transformers are also vastly different. 
Transmission line transformers use chokes and trans- 
mission lines, while conventional transformers use 
flux linkages. 

High-impedance Ununs (and Baluns), which match 
30 ohms unbalanced to impedances as high as 800 
ohms, He at about the edge of this technology’s capa- 
bility. The reasons are: 1} the windings require more 
turns because higher reactances are needed for isolat- 
ing the input from the output, and 2} they require 
higher characteristic impedances in the transmission 
lines because the loads they see are greater. Therefore, 
when winding one of these devices, you’ ll just run out 
of space on your toroidal cores when trying to satisfy 
the low frequency and high frequency objectives. 
incidentaily, beaded transmission lines are not recom- 
mended at these impedance levels because of their 
excessive losses. 

There are two methods for obtaining broadband 
operation at these high impedance levels. One uses 
Guanelia’s 9:1 and 16:1 Baluns, which are converted 
to Unun operation.* The other uses higher-order 
windings (quadrifilar in this case} on a single core, 
which is añ extension of Ruthroff's bootstrap 
approach.” The Guanella approach, which uses coiled 
transmission line connected in series at the high- 
impedance side and in parallel at the low-impedance 
side, results in very broad bandwidths——but with diffi- 
culty in meeting low-frequency objectives. Low-fre- 
quency models* show that, with ratios above 4:1, 
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Figure 16-1. Schematic diagram of the quadrifilar design, 
using Ruthroff’s approach for high-impedance, low-fre- 
quency Ununs like the Beverage matching transformer. 


some of the coiled windings are connected in parallel, 
resulting in reduced reactances. However, with the 
Ruthroff approach, all of the inductances (at the low- 
frequency end) end up mutually aiding each other. 
However, Ruthroff’s approach suffers at the high-fre- 
quency end because a direct voltage is summed with 
three voltages that traverse various lengths of trans- 
mission lines. As a result, Guanella’s approach of 
summing voltages of equal delays is preferred for the 
higher frequency bands, and Ruthroff’s approach is 
most often used for the lower frequency bands. This 
chapter presents designs using Ruthroff’s approach. 

Figure 16-1 shows the schematic diagram of a 
guadrifilar-wound Unun. If the lengths of the trans- 
mission lines are very short compared to the wave- 
length (therefore, phase delay and standing waves are 
negligible), then: 


V,=V2=V3=V4 (Eq 16-2) 
at terminal 6, 

Vo = V1 + Vot+ V3=3V; (Eq 16-3) 
and the impedance ratio becomes: 

g=(V,/V))* =9 (Eq 16-4) 
At terminal 8, it becomes: 

g=16 (Eq 16-5) 


Photo 16-A. The bottom 
view of the low-power Bev- 
erage antenna Unun. 


The voltage at the tap in winding 7-8 is: 


Vo = 3V] + Vs 
=3V,+n/NV, = V6 + n/N) 
= V ¡(3 + n/N) (Eq 16-6) 

where: 
N = total number of turns 
n = number of turns from terminal 7 

The impedance ratio, using the tapped winding, 
becomes: 

g =(V./V})2 = (3 + n/N)? (Eq 16-7) 

When the lengths of the transmission lines are sig- 
nificant, then important phase delays can occur and 
reduce the high frequency response. As you can see in 
Figure 16-1, V, travels one transmission line, Vy 
travels two transmission lines, and V4 travels three 
transmission lines. Additionally, the high frequency 
response is further diminished if the characteristic 
impedances of the transmission lines are not at their 
optimum values (which is hard to do at these imped- 
ances levels). Even with these major flaws, the 
Ruthroff approach is better for Beverage antenna use 
because this antenna’s greatest advantages are on the 
lower frequency bands (80 and 160 meters). 


Sec 16.3 A Low-power Design 


Photo 16-A shows the bottom view of a 5-turn 
quadrifilar-wound Unun designed to handle 100 watts 
of continuous power with constant ratios from 9:1 to 
16:1 in the 40- and 80-meter bands. It uses the 
Ruthroff approach of Figure 16-1 and is shown here 
to give the reader a method for making the various 
interconnections. For operation on the 80- and 160- 
meter bands, I would use 6 quadrifilar turns on a 1.5- 


so doing, the transistor develops about 250 m V between collector 
and base (this is the maximum voltage available at the test 
prods). Although this mode of transistor operation is not generally 
useful, it is just what the doctor ordered for our purpose. It should, 
however, be realized that a germanium transistor such as the 
2N404A must be used. 

Other than the unique current-source for the microammeter, 
this ohmmeter operates in the same manner as conventional in- 
struments. Note the range switch, SW2, enables the meter to be 
used as a shunt-type ohmmeter for the low range, or as a series 
type ohmmeter for the high range. 

Popular 20,0002 per volt VOM's employ 50 uA meter move- 
ments which has an internal resistance in the vicinity of 50000. On 
many of these instruments, a 50 wA current-measuring function is 
provided. However, rather than clutter up the already congested 
scales of such meters with additional markings, it would appear 
desirable to make a conversion table relating microamperes to 
ohms. Inasmuch as this introduces an inconvenience during test 
procedures, the best bet is probably to obtain a 50 uA dc current 
meter. Then one is free to inscribe high and low ohms calibrations 
as shown in Fig. 2-8. This drawing is intended as a general guide 
and is very approximate. So-called 50000 meters will vary consid- 
erably in actual resistance and it would not be practical to provide a 
universal template for transferring scale markings to meters. 
Meters also vary in linerity and accuracy. It is much better to 
calibrate the individual meter even though accuracy may not be the 
primary goal ina meter for generalized trouble-shooting. 


Fig. 2-8. Approximate appearance of high and low range ohms scales. To 
be used only as a guide. Actual calibration is made with the use of known 
resistances. 
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Photo 16-B. The low-power Beverage 
antenna Unun mounted in a 4 inch 
long by 2 inch wide by 2.75 inch high 


minibox. 


inch OD ferrite toroid with a permeability of 250. The 
bottom winding is No. 20 hook-up wire and the other 
three are No. 22 hook-up wire. Winding 7-8 is tapped 
at 2 turns from terminal 7, yielding a 11.11:1 ratio, 
and at 3 turns from terminal 7, yielding a 12.25:1 
ratio. Therefore, with outputs also at terminals 6 and 
8, this Unun matches 50-ohm cable to loads of 450, 
555.6, 612.5, and 800 ohms. 

Photo 16-B shows the unit mounted in a 4 inch long 
by 2 inch wide by 2.75 inch high minibox. The output 
(the feedthrough insulator) is connected to one of the 
taps. A grounded binding post is also shown. 


Sec 16.4 High-power Designs 


Photo 16-C shows three high-power designs. The 
one on the left is specifically designed to cover the 
frequencies generally used with traveling wave struc- 
tures like the Beverage antenna. This design has 10 
quadrifilar turns on a 2.4-inch OD ferrite toroid with 
a permeability of 250. Winding 1-2 is No. 14 tinned 
copper wire, and the other three are No. 16 tinned 
copper wire. The wires are also covered with Teflon 
sleeving. Winding 7-8 is tapped at 5 turns from ter- 
minal 7, yielding a ratio of 12.25:1. When matching 
50-ohm cable to loads of 450 ohms (terminal 6), 
612.5 ohms (the tap), and 800 ohms (terminal 8), the 
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Photo 16-C. Three high-power, low-frequency Ununs using a quadrifilar design 
with Ruthroff's approach. The one on the left is designed to cover the 80- and 
160-meter bands. The other two are designed to cover the 160-meter and AM 
broadcast bands. 


variation in response is less than 5 percent from 1.5 
to 4 MHz. At 6.5 MHz, the variation (which is an 
increase in the impedance ratio) increases to about 
20 percent. Photo 16-D attempts to provide a better 
view of the connections. 

The other two high-power Ununs in Photo 16-C are 
specifically designed to cover the broadcast and 160- 
meter bands. The one in the center has 9 quadrifilar 
turns (of the same wires as above) on a stack of two 
2.4-inch OD ferrite toroids with permeabilities of 250. 
The tap on winding 7-8 is now at 4 turns from termi- 
nal 7, yielding a ratio of 11.86:1. When matching 50- 
ohm cable to 450 ohms (terminal 6), 593 ohms (the 
tap), or 800 ohms (terminal 8), the response is literally 


Photo 16-D. The bot- 
tom view of the high- 
power Beverage anten- 
na Unun. 
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fiat from 0.5 to 2 MHz. At 4 MHz, the ratios increase 
by about 6 percent. At 7 MHz, they increase by about 
20 percent. 

The Unun on the right in Photo 16-C illustrates 
another way of obtaining the same performance as 
above. In this case, the design has 12 quadrifilar 
turns (of the same wires as above) on a 2.68-inch OD 
ferrite with a permeability of 290. The tap on wind- 
ing 7-8 is at 6 turns from terminal 7, yielding a 


12.25:1 ratio (instead of 11.86:1 as above). Although 
the performance of this design is practically the same 
as the one above (using the two 2.4-inch OD cores), 
it is a much more expensive design because the 2.68- 
inch OD core is not nearly as popular. However, if a 
broadband, high-power and high-impedance Unun 
(or Balun) is required to cover 1.5 to 30 MHz, then 
these expensive 2.68-inch OD ferrite cores are very 
likely the oniy alternative! 


Chapter 7 


Concluding Remarks 


Sec 17.1 Introduction 


s I’ve often said, there is little information that 
deals with aspects of design and applications 
of practical hardware. Most companies are 
reluctant to publish their results for fear of giving 
away their hard-earned secrets. Textbooks only con- 
tain a few paragraphs on the subject. Therefore, very 
few people fully understand this technology, and, as a 
result, it 1s stili far from reaching its full potential. 
This book not only contains my designs, which have 
appeared in series written for CQ and Communica- 
tions Quarterly, but also my views on other articles 
that have appeared in the amateur radio literature, 
in the process of converting and combining the arti- 
cles inte appropriate chapters, one section in my arti- 
cle in the CO, March 1993 issue entitled “Dual-Ratio 
Ununs,” stood cut as having broader applications, It is 
entitled “Reflections on Power Ratings” and is pre- 
sented here. This information is followed by a section 
on misconceptions and one on the “state of the art.” 
After reading this book, some might think | was 
overly critical and didn’t agree with any of the designs 
or explanations (or both} presented in the amateur 
radio literature. This 1s quite true. In taking this stand, 
E was hoping to provoke, in return, critical comment 
on my work. In this way, we can help our amateur 
friends—and perhaps even our professional friends— 
by advancing the understanding and application of 
these very useful transformers. 


Sec 17.2 


Reflections on 
Power Ratings 


Power rating 1s one of the most controversial and least 
understood specifications for the transmission line 
transformer. As of today, no professional group has 
yet set the standard for this specification (as well as 
any other) for this popular class of matching trans- 


formers. In fact, manufacturers of ferrites, which are 
maniy the materials used with these devices, only 
specify them for their uses as conventional transform- 
ers and inductors, or microwave devices. 

it is well known that power ratings for practically 
all conventional devices are based upon catastrophic 
failures (usually exceeding a voltage or current limit}, 
and failures over a relatively short period of time due 
to an excessive rise in temperature. 

With transmission line transformers, there are really 
two catastrophic-type failures that can occur. One is 
voltage breakdown. If the device is misterminated 
with a high impedance (especially an open circuit), a 
breakdown of the insulation can occur. This is particu- 
larly true of the 1:1 Balun (50:50 ohms) that is termi- 
nated with the very high impedance of a full-wave 
dipole or inverted V. Using heavily coated wires (but 
still maintaining a characteristic impedance close to 
50 ohms), or small but high-power coaxial cable, can 
help under these conditions. 

The second catastrophic failure occurs at the low- 
frequency end of the transformer’s passband, when 
the energy is not completely transmitted to the output 
circuit by a transmission line mode. This takes place 
when the reactance of the coiled or beaded transmis- 
sion line is not sufficient to prevent conventional 
transformer currents or shunting currents to ground. 
Under these conditions, harmful flux can take place in 
the core or beads. Nonlinearities can also occur if the 
flux becomes appreciable. The objective in design at 
the low-frequency end is to have a margin of safety 
such that, with a termination of about three times 
(hence VSWR of 3:1) that of a matched condition,? 
no fux will appear in the core or beads. 

The failure due to an excessive rise in temperature 
is the least understood of the two because it involves 
the failure mechanism in transmission line transform- 
ers when only transmission line currents are allowed 
to flow. Unlike the conventional transformer whose 
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losses are current dependent (wire, eddy current, and 
hystereis losses), the transmission line transformer’s 
losses are voltage dependent (a dielectric-type). That 
is, the greater the voltage drop along the length of the 
transmission lines, the greater the loss. Furthermore, if 
can be shown that only low-permeability ferrites (less 
than 300) yield the extremely high efficiencies of 
which these transformers are capable.4 

Because all transmission line transformers have 
voltage drops along their transmission lines, we must 
took at their high-frequency models to determine the 
magnitude of these drops and, hence, the temperature 
rise that can be expected. Here are some examples: 

If Y, is the voltage that appears on the 50-ohm side 
of the transformer, then: 

1} For a quintufilar-wound Unun, the longitudinal 
voltage-drop is V,/5 in matching to lower impedances 
{ike 32 or 18 ohms} and V,/4 in matching to higher 
impedances (ike 78 or 139 ohms). 

2) For a quadrifilar-wound Unun, the longitudinal 
voltage-drop is V,/4 in matching to lower impedances 
(ike 12.5 or 28 ohms) and V//3 in matching to higher 
impedances (like 89 or 200 ohms). 

3) For a teifilar-wound Unun, the longitudinal voit- 
age-drop is V¡/3 m matching to lower impedances 
(ike 22.22 or 25 ohms} and V,/2 in matching to high- 
er impedances (like £00 or 112.5 ohms). 

4) For a bifilar-wound Unun, the longitudinal volt- 
age-drop is V,/2 in matching to a lower impedance of 
12.5 ohms and Y, in matching to a higher impedance 
of 200 ohms. 

Because the quintufilar-wound Unen has the lowest 
voltage drop, it is expected to have the highest effi- 
ciency. Furthermore, it can be seen that the highest 
efficiencies occur in matching to lower impedances. 
Very accurate measurements? have shown that 4:1 
Ununs, using ferrite cores with permeabilities of 125, 
have exhibited losses of only 0.02 to 0.04 dB in 
matching 50 to 12.5 ohms from 1 MHz to over 30 
MHz. Even though the Ununs in this book have most- 
ly used permeabilities of 250, and should have slight- 
ly greater losses, many use higher-order windings (tr- 
filar, quadrifilar, and quintufilar) and, hence, have 
lower longitudinal voltage drops. ‘Therefore, they 
should have losses of only 0.02 to 0.04 dB, as well. 

When matching at the 1 kW level, the figures above 
mean that only 5 to 10 watts would be dissipated in 
the Unun. As a heatsink, these smail transformers 
should be able to handle this loss easily. In fact, they 
should be able to handle several times this level of 


continuous power. Also, because they use heavily 
coated wires, their peak power ratings should be 
greater by more than a factor of two! 

Another important power rating consideration 1s to 
determine what happens when the transformers are 
misterminated. Because the losses being considered 
now are dielectric-types and, hence, voltage-depen- 
dent, the harmful terminations are greater than that for 
which the transformers were designed. For example, 
if the termination is three times greater (a VSWR of 
3:1), the voltages along the transmission Hnes would 
increase by a factor of 1.73. This means the losses 
would practically double. The Ununs described in this 
series, when matching to impedances lower than 50 
ohms, should easily handie this mismatch. Obviousiy, 
mismatches in the range of 10.1 would result in much 
lower efficiencies and should be avoided. 

The analysis of the losses in Baluns follows the 
same pattern. Phe voltages are as follows: under 
maiched conditions for a 1:1 Baten (50:50 ohms}, 
V,/2; for a 4.1 Balun (50:200 ohms), Vi; for a 9:1 
Balun {50:450 ohms), 1.5V); and for higher-imped- 
ance Baluns it could be 2V,. The higher voltage 
drops, together with high VSWRs, means that iigh- 
impedance Baluns (and Ununs} have more loss and 
require larger structures to dissipate the heat. It should 
also be pointed out that there is a tradeoff in efficiency 
for low-frequency response with Bahins (and Ununs) 
when matching 50 ohms to higher impedances like 
200 ohms, 300 ohms, 450 ohms, and higher. ‘This is 
done by using permeabilities of 125 and lower. 

Finally, I thought it might be useful to give some 
general guidelines as to what efficiencies you might 
expect with Baluns and Ununs when using ferrite 
cores or beads with a permeability of 250. Here are 
some expected efficiencies when matching 50 chins to 
various loads under matched conditions: 


Loads Efficiency 

50 ohms or less 98 to 99.5 percent 
50 to 100 ohms 97 to 98 percent 
100 to 200 ohms 06 to 97 percent 
200 ohms and above 93 to 96 percent 


As I mentioned earlier, these efficiencies would be 
reduced by a percent or two with a VSWR of 3:1, 
which increases the loss by a factor of about two. 
Also, the efficiencies can be increased by a percent or 
two with high-impedance loads (greater than 100 
ohms) by resorting to lower permeability ferrites that 


trade off efficiency for low-frequency response. In 
closing, 1 would like to say that high-permeability 
manganese-zine ferrites should be avoided because of 
their much higher losses. Furthermore, their losses are 
highly frequency dependent, while low-permeability 
nickel-zinc ferrites are not. 


Sec 17.3 Misconceptions 


From recent discussions on the air and phone calls 
concerning Baluns, 1 think the most expensive mis- 
conception regarding Baluns is the assumption that a 
9:1 (450:50 ohm) Balun would match 50-ohm cable 
{or the output of a linear or transceiver) to 430-ohm 
twin lead, without considering the effect of its termi- 
nation. In truth, the 9:1 Balun would only see 450 
ohms if the line were terminated in 430 ohms. In real- 
ity, if the line were terminated in a 50-ohm dipole, the 
Balun would see 50 ohms when the line is a half-wave 
long and 4050 ohms when is a quarter-wave long. The 
9:1 Balun is clearly useless in this application. 

By far, most misconceptions regarding Baluns are 
due to the many radio amateurs who perceive these 
devices as conventional transformers that transmut the 
energy from input to output by flux linkages and not 
as transmission Line transformers, which transmit 
energy by an efficient transmission line mode. ‘This 1s 
clearly shown by the writers who have compared their 
“new” coaxial cable {coiled about a toroid or threaded 
through ferrite beads) Baluns with Baluns using wire 
transmission Hnes coiled about a ferrite red or toroid, 
They claim their Baluns are better because the others: 
1) were limited by leakage inductance, 2) did not 
exhibit true 1:1 impedance transformations, 3) were 
prone to core saturation, 4) added a reactive compo- 
nent to the input impedance, 3) were susceptible to 
unbalanced and mismatched loads, and more impor- 
tantly, 6) had more loss. 

If the writers had accepted the correct model for 
these devices (given to us by Guanella and Ruthroff}, 
which shows that they are really chokes (lumped ele- 
ments) and configurations of transmission lines (dis- 
iributed elements}, then there are several parameters 
they should have considered in their comparisons. 
They are: 1) the characteristic impedances and 
lengths of the transmission lines (the high-frequency 
capability), 2) what form of the 1:1 Balun or 4:1 
Balun is used by the other Balun, 3) the low-frequen- 
cy capabilities (safety margins), 4) power capabili- 
ties, and finally 5) efficiencies. 
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Now, had the writers used the proper parameters in 
their comparisons, they would have found that mis- 
match loss was mistaken for real (ohmic) loss; high- 
frequency response was limited by standing waves, 
and not leakage inductance or shunting capacitance, 
the beaded-coax Balun had more loss than a well- 
designed Balun using wire or coax transmission lines 
coiled about a toroid; and that their comparisons were 
made with either the trifilar (voltage) 1:1 Balun or the 
Ruthroff 4:1 Balun, which are inferior designs. 

In fact, the perception that the transmission line 
transformer is actually a conventional transformer is 
so prevalent, that a new name for this class of devices 
should be considered—broadband transmission line 
matching networks. This name (without the word 
transformer) would help in dispelling inaccurate per- 
ceptions and in standardizing the schematic diagrams. 
It would place the coiled or beaded transmission lines 
(in the high-frequency models} horizontally, and elim- 
inate the phasing or polarity dots. 


Sec 17.4 The State of fhe Art 


Until very recently, the radio amateur had only two 
types of Baluns available in the literature and on the 
market. They were the so-called i:i and 4:1 “voltage” 
Baluns. As was shown in Chapter 7, the comparisons 
by others with new 1:1 designs using coaxial cable 
(called “current” Baluns} were made with an inferior 
trifilar-wound Balun, instead of Ruthoff’s design that 
appeared in his 1959 paper and became the industry’s 
standard. Ruthroff’s third conductor on his 1:1 Balun 
was on a separate part of the toroid, thus giving it 
practically the same characteristics as the Guanelila 
(“current”) Balun. These articles on newer designs not 
only gave a new language to our Baluns, but also pre- 
sented questionable statements regarding their perfor- 
mances, it would be interesting if the authors of these 
articles compared their Baluns with well-designed 
Ruthroff or GuaneHa Baluns using 50-chm bifilar 
windings or coaxial cables on low-loss ferrite toroids 
(less than 300 permeability}. I am quite sure their 
claims would be greatly diminished. 

As was noted in Chapter 8, the 4:1 voltage Balun 
appeared in the amateur radio journals about 25 years 
ago (the same time as the “inferior” 1:1 voltage 
Balun). Considerable design information appeared in 
the handbooks of the time regarding the construction 
and performance of this Balun. Furthermore, this 
information also stayed the same over these many 
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years. As was shown in Chapter 8, the design was 
found lacking. However, with some rather simple 
changes, like doubling the cross-sectional area of the 
core, increasing the number of turns from 10 to 14, 
and using extra insulation on the wires to increase the 
characteristic impedance of the coiled transmission 
line from about 50 to 100 ohms (the objective}, a 
much better design emerged. In fact, for balanced 
antenna systems, this new design might well be 
described as “peeriess.” 

A 4:1 Guanella (current) Balun has now appeared in 
our handbooks. This more flexible Balun uses two 
transmission lines wound on separate cores and con- 
nected in series at one end and in parallel on the other. 
Literally, no design information is given on its con- 
struction. Whal is offered are recommendations for 
the permeability of the ferrite cores. Values from 830 
to 2500 are proposed. However, use of these high per- 
meabilities would result in lossy Baluns. 

| aiso found il interesting, in my work on these 
devices, that the classic papers of Guanella* and 
Ruthroff? are still the cornerstones of this technology 
known as transmission line transformers. To be sure, 
some of us have extended the work of these two by 
using better measuring equipment, creating more 
complicated configurations, and finding new applica- 
tions. However, 11 18 apparent from the articles pub- 
lished in the amateur radio journals and discussions 
on the air and at club meetings that most radio ama- 
teurs still perceive these devices as conventiona! trans- 
formers. They don’t look at these devices as Guaneila 
and Ruthroff did-—as chokes and transmission lines. 
As a result, there has been a lack of good design 
information in our literature. 

There are many new and useful designs possible 
with this technology, as discussed in Part I of this 
book. They include: higher power levels, applica- 
tions on the VHF and UHE bands and above, and 
new Baluns and Ununs with ratios other than i:n? 
where n= 1, 2,3,..., etc. This book presents some 


desigas* and suggestions for higher-power and high- 
er-frequency applications. 

| see two reasons for the lack of emergence in this 
technology. They are: 

1) This subject is not adequately covered in any col- 
lege textbook, and it generally has not been of interest 
to academics who rightfully view their role as basic 
research and not applications. As a result, there are 
few graduates with any skill in the design of transmis- 
sion line transformers-—¿n contrast to the areas of 
transmission iine, waveguide, and antenna theory. 

2) The professional societies don’t receive enough 
application papers. Although much of the research 
and development work performed in industry is highly 
innovative, important fo the advancement of the tech- 
nology, and certainly pubiishable in scientific jour- 
nals, corporations are often reluctant to allow publica- 
tion for fear of “aiding” their corapetition. 11 has been 
stated?” that in the past few decades, the submission 
of application papers to the technical journals of the 
IEEE has declined. In fact, a survey by one of the 
technical societies showed that 85 percent of the sub- 
missions now come from universities, nol industry! 

In order to assist technologies, like transmission 
line transformers, Which are far from reaching their 
potential applications, IEEE has instituted a program 
called Emerging Practices in Technology (EPT). The 
object of the EPT program is to facilitate the devel- 
opment of new standards by disseminating and mak- 
ing available various EPT papers to the broadest pos- 
sible audience worldwide. The papers on practices in 
various areas of technology are peer reviewed by rel- 
evant IEEE Technical Committees, and have the 
potential for standardization in the future. The papers 
(mine is Reference 30) are published by the IERE 
Standards Press. 
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With regard to scale calibration of the meter face, the ensuing 
procedure is a straightforward way to get a reasonable start. Ac- 
quire pairs of the following 5%, ¥eW, composition resistors: 10, 
100, 1000, 10K and 100K. According to the way each pair is used 
(parallel, singly or series) we then have at least the following 
calibration values: 5, 10, 20, 50, 100, 200, 500, 1000, 2000, 5K, 
10K, 20K, 50K, 100K, 200K. By appropriate combinations of 
different values, one readily comes up with such values at 70, 700, 
70000, etc., or approximately 14, 140, 1400, etc. Additional resis- 
tors can be obtained for more extensive calibration. Decade values 
are the most useful. Caution should be exercised in any attempt to 
interpolate calibration markings—this just is not easy to do on a 
scale as nonlinear as that of an ohmmeter. Two scales are cali- 
brated on the meter face, one for the high ohms-range, and the 
other for the low-ohms range. The extremes of the high range are 
1000 and 150K. The 150K marking is close to the zero of the 50 pA 
scale. The extremes of the low range are 100 and 3K. The 3K 
marking is close to the “50” of the 50 yA scale. When calibrating, 
frequently check the zeroing of the meter. This is accomplished by 
means of R1. On the high range, an exact full-scale meter- 
deflection must exist with the test prods shorted. On the low range, 
an exact-full-scale meter-deflection must exist with the test prods 
apart. 

The total measurement range of this ohmmeter is ten to 
one-hundred thousand ohms with useful estimates possible some- 
what beyond this range. It happens that such a range is adequate for 
the majority of-tests in solid-state circuits. Although megohm 
resistance values are occasionally encountered, the pronounced 
tendency is for the resistances to range from several tens of ohms 
to several tens of kilo-ohms. 

To use the ohmmeter simply place switch SW1 in its ON 
position and zero the meter (full-scale deflection, or 50 wA on the 
current scale) by means of R1. If range switch SW1 is on “high- 
ohms,” zeroing is accomplished with the test prods shorted. If SW2 
is on “low-ohms,” zeroing is accomplished with the test prods 
apart. As with a conventional ohmmeter, ascertain that no voltage 
sources are active in the circuitry to be tested. In using this 
ohmmeter, the circuit can be investigated without regard to the 
polarity of the test prods. This applies to electrolytic capacitors 
and to all semiconductor devices, except tunnel diodes. In the vast 
majority of test procedures using this ohmmeter, it will be un- 
necessary to remove solid-state devices in order to make meaning- 
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[57] ABSTRACT 


The Cloaking System is designed to operate in the visi- 
ble light spectrum, utilizes optoelectronics and/or pho- 
tonic components to conceal an object within it, and 
employs analog or digital control feedback resulting in 
camouflage adaptable to a changing background. The 
system effectively conceals either a still or moving ob- 
ject from view by the interposing of a shield between an 
observer and the object and recreating a full color syn- 
thetic image of the background on the shield for view- 
ing by observer, thus creating the illusion of transpar- 
ency of both the object and the Cloaking System. This 
system consists of four major elements: a sensor; a signal 
processor; a shield; and a means of interconnecting. 
supporting, and safely enclosing the aforementioned 
elements along with the concealed object. 


10 Claims, 3 Drawing Sheets 
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CLOAKING SYSTEM USING 
OPTOELECTRONICALLY CONTROLLED 
CAMOUFLAGE 


This is a continuation in part of application Ser. No. 
07/682,945, filed Apr. 10, 1991, now abandoned. 
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BACKGROUND OF THE INVENTION 


1. Field of the Invention 

The need for this invention arises out of the present 
state of the art of military camouflage in the visible light 
spectrum. This invention is designed for the purpose of 
concealing both stationary and moving objects from 
view. The term “cloaking” as used in the title of this 
invention and elsewhere herein refers to concealing 
such objects. 

2. Prior Art 

_ The techniques in use today largely involve painting, 

coloring, and/or contour shaping to allow an object to 
better blend in with the background. Such techniques 
are rather primitive and do little to conceal a moving 
object as it is not possible with present fixed state cam- 
ouflage techniques to cause an object to continually 
blend in with a changing background. In order to effec- 
tively camouflage a moving object, its appearance must 
be constantly controlled from the viewpoint of the 
observer to blend in with the changing background 
from the observer's perspective. Little has been done to 
utilize modern advancements in optoelectornics, com- 
puters, Or microminiature components to camouflage an 
object. The proposed system was conceived with the 
view in mind of effectively concealing a stationary or 
moving object such as a man, vehicle, or aircraft from 
view by utilization of this technology. This invention 
will find practical application in military and law en- 
forcement where field commanders find it useful to 
conceal such an object from view. 


SUMMARY OF THE INVENTION 


This system is designed to interrupt energy in the 
visible light electromagnetic spectrum to effectively 
conceal an object from view by an observer. This is 
accomplished by insertion of a shield between an ob- 
server and the object being concealed and recreating a 
full color synthetic real-time image of the background 
on the shield for view by an observer, thus creating the 
illusion of transparency of the object. The basic concept 
for the application consists of four basic building blocks: 
a sensor, a signal processor, and a shield which are 
interconnected through an analog, digital, of fiber optic 
data bus, and a supporting structure for all system ele- 
ments, the object being concealed being interposed 
between the background and the shield. 

The signal processor formats the image of the back- 
ground as viewed by the sensor and presents a synthetic 
Image of the background on the shield for view by an 
observer. The object is placed behind or within the 
shield which is of opaque construction, and having a 
nonspecular display surface thus concealing the object 
from view by the observer and yet creating an illusion 
of transparency of the complete Cloaking System and 
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the enclosed object. In its nonactivated state, the shield 
would have minimum light reflectivity. Although either 
an analog signal processor or digital signal processor 
may be used, the latter is described herein as one spe- 
cific embodiment. The digital signal processor con- 
stantly compares the synthetic image in the shield with 
the reference image within the sensor and makes correc- 


. tions to the synthetic image to correspond with the 


actual image being sensed. Data on the data bus blows 
in both directions. Special software or embedded firm- 
ware will also be utilized in the signal processor to make 
changes in the image presented on the shield to correct 
for distance and angle of the observer with respect to 
the object being concealed; the source of intelligence 
information pertaining to an observer is beyond the 
scope of this invention but is mentioned here only for 
clarification. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a pictorial representation of the invention 
and is intended to illustrate the basic concept of the 
invention; 

FIG. 2 is a pictorial isometric view of the system 
block diagram implementing the basic concept; 

FIG. 3 is a pictorial perspective view of the invention 
and illustrates how an Obee can be concealed within a 
360° shield; 

FIG. 4 is a perspective view of the invention and 


illustrates how an object can be concealed within a 


sphere; and 
FIG. 5 is an orthographic view that illustrates a sim- 
ple concept demonstration model. 


DESCRIPTION OF ONE EMBODIMENT OF THE 
INVENTION 


The basic concept of the Cloaking System 10 is illus- 
trated in FIG. 1 wherein the background 14 is displayed 
on the shield 24 as a synthetic image 26 on its nonspecu- 
lar display surface, when viewed from the front. FIG. 2 
illustrates how the basic concept is implemented. The 
digital signal processor 12 is the brain and controls all 
operations, digitally formats the image of the back- 
ground 14 as viewed by the sensor 16, establishes a 
reference image matrix 18 within the sensor 16, and 
transmits the background image signal via the data bus 
20 to a synthetic image matrix 22 within the shield 24, 
thus causing a synthetic image 26 to be displayed on the 
surface of the shield 24 as seen from the direction of 
observation 28. The object 30 to be concealed is placed 
behind the shield 24 to prevent its being observed. The 
digital signal processor 12 constantly compares the 
synthetic image matrix 22 with the reference image 
matrix 18 and makes corrections to the synthetic image 
matrix 22 which in turn corrects the synthetic image 26 
to correspond with the actual background image 14 
being sensed, thus minimizing distortion and maintain- 
ing realism of the synthetic image 26. Data on the data 
bus 20 flows in both directions. The primary purpose of 
the system is to present on the shield 24 a near identical 
image of the background behind said object 30 so as to 
create the illusion of transparency of both said object 30 
and the Cloaking System 10; a secondary purpose of the 
system is to alter the synthetic image 26 to create an 
illusion of a background that does not exist; while such 
a deceptive method goes beyond the scope of simply 
creating an illusion of transparency of the object it 
would be very useful for special missions or difficult 
scenario conditions where it would be more effective to 


TEST LEADS TO 
ALLIGATOR CLIP 


OR PROBES 


Fig. 2-9. Simple audio volt-Ohm detector. Su.T—Mallory SC628 Sonalert.® 
Dı through Dsa—1N5061 or equivalent. (Any general-purpose diode or 
package bridge rectifier with a piv rating of 500 V or more should work.) 


ful resistance tests of the associated passive-circuitry. Possible 
exceptions can occur with germanium devices. In the case of 
germanium transistors, one can revert to the technique of revers- 
ing the polarity of the test prods. Germanium tunnel-diodes, how- 
ever, should have one lead disconnected in order to free circuit 
tests from the effect of their conductivity. Most modern circuit- 
boards tend to have silicon devices. In addition to ignoring the 
junctions of bipolar transistors, this ohmmeter will ignore the 
junctions of common signal-diodes, rectifier diodes, zeners and 
varactors. A similar statement applies to the gates of FET’s, the 
emitters of UJT’s, and the entire family of SCR devices, including 
TRIACS. Insofar as I have been able to determine, one should 
likewise be able to ignore the presence of most IC modules. 
Because of the great variety and the rapid evolution of IC’s, some 
reservation is purposely held here. 


BUILD AN AUDIO VOM 


The simple circuit described here will produce an audio output 
in proportion to the level of voltage (ac or dc) and will check 
continuity. See Fig. 2-9. 

This unit will detect ac or dc voltage to at least 300 volts and 
down to as low as approximately 6 volts. It will distinguish be- 
tween ac and dc, with the audiofrom ac sounding a bit raspy and the 
dc producing a more pure note. Checking for dc voltage is further 
simplified by not having to worry about the polarity of the test 
leads. The sound intensity is proportional to the level of voltage 
applied. 
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depict an artificial background than to display a repre- 
sentation of the actual background. Any such alter- 
ations in the synthetic image 26 would be accomplished 
by software or embedded firmware and is considered 
part of the tactical strategy to be employed, thus em- 
phasizing the flexibility of the invention and its potential 
interaction with the operating environment. 

The basic concept or cell unit depicted in the preced- 
ing FIG. 2 may be expanded to combine as many cells 
as desired to provide 360° coverage. Referring to FIG. 
3, a cylindrical shield 242 is illustrated with a cutaway 
view showing object 30 along with the digital signal 
processor 12, data bus 20, and sensors 16, all supported 
by a suitable attachment means 32. The digital signal 
processor 12 organizes and presents a different syn- 
thetic image 26 on the appropriate sector of the shield 
24a utilizing signals from appropriate sensors 16, to- 
gether with tactical data concerning potential points of 
- observation. The appropriate size and number of sectors 
would be determined by the optimal design for a given 
operational mission. Although shown here as separate 
components for clarity, the present state-of-the-art 
would allow incorporation of the an embedded cir- 
cuitry digital signal processor 12 and sensors 16 into the 
shield 24a to provide a cylindrical smart skin to wrap 
around the object. The shield may also incorporate 
backplanes for mounting embedded sensors, processors 
and bus circuitry. 

Carrying the basic concept a step further, the shield 
24b may be formed into a spherical shape as illustrated 
in FIG. 4. A cutaway view is again presented showing 
object 30, sensors 16. digital signal processor 12, data 
bus 20, and a spherically shaped shield 245. As with the 
cylindrical shape, the digital signal processor 12 orga- 
nizes and presents a different synthetic image 26 on the 
appropriate sector of the shield 24b utilizing both tacti- 
cal data and signals from appropriate sensors 16. In this 
configuration there would be considerably more sec- 
tors, as compared with the cylindrical shape, and the 
programming would be more complex to provide a 
high degree of realism in the image. 

Irregular shapes for the shield may also be employed 
utilizing conformal smart skins which would be thin 
digital signa] processor circuits embedded within the 
shield display surface. However, in order to reduce 
distortion of the image, either a circular, cyclindrical, or 
spherical shape would allow uniform algorithms to be 
employed in the embedded processor programs in the 
digital signal processor 12 to correct for circular or 
spherical aberration. Some distortion may appear as 
ripples or waves in the image, depending upon the 
shape of the shield, relative position and motion of the 
observer, and complexity of background images. How- 
ever, in the algorithms could be developed, such as 
those required for irregular or conformal shields for 
military vehicles, to minimize such distortion. 


ALTERNATE TECHNOLOGIES AND 
EMBODIMENTS 


Several alternate technologies and methods of imple- 
menting this invention may be utilized. 

One alternate technology employs the simplest 
method of implementing the Cloaking System concept 
which would utilize a conventional analog signal pro- 
cessor, a specially designed liquid crystal display to 
present the background image on the shield. and a con- 
ventional video camera for the sensor. Since this 
method utilizes conventional analog technology, this 
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method is limited to flat plane or semicircular displays 
and would not lend itself to image correction as could 
be achieved by the digital options. However, this 
method would allow the construction of a prototype 
model within a year or two to demonstrate the basic 
cloaking concept. 

Another alternate technology employs a digital op- 


- tion; the main differences between this method and the 
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first-described analog method consists of the conversion 
of all analog video signals to digital signals, the usage of 
a digital signal processor to direct all operations, and 
higher technology used in constructing the shield and 
the sensor. Because of the high flexibility of the digital 
method, a great variety of shapes could be used for the 
shield and various compensation software or embedded 
firmware schemes could be employed to minimize dis- 
tortion in the image; hence the digital method was se- 
lected and described in the preceeding section in con- 
siderable detail as one embodiment of the invention. 

In stil! another method, photonic materials could be 
used for constructing the shield and sensor which 
would be capable of directly manipulating light signals 
and transmitting these signals on a higher speed fiber 
optic data bus. These light signals could be then digi- 
tized and further manipulated by a digital signal proces- 
sor to perform necessary system functions but without 
the encumbrance of the slower speed of a digital data 
bus. The selection of either optoelectronic or photonic 
building blocks for the shield, sensor, and data bus 
would depend upon such factors as size and shape of the 
object to be shielded, speed of the object relative to the 
background, and environment. Usage of either opto- 
electronic or photonic materials in extremes such as that 
encountered in combat would require extensive testing 
and development. However, for more benign applica- 
tions, a state-of-the-art system could be developed 
within three to five years utilizing currently available 
materials and components. 

Any one of several available commercial or military 
digital process and bus architectures could be used de- 
pending upon the application and program require- 
ments. IBM-PC integrated circuits and bus standards 
such as RS-232 (Serial), RS-422 (Parallel), or IEEE 488 
(Parallel could be used for lower cost and benign envi- 
ronments. In more rigorous combat environments Very 
High Speed Integrated Circuit (VHSIC) architecture 
and Military standards such as MIL-STD-1553, MIL- 
STD-1750, or MIL-STD-1760 could be used for com- 
plex interfaces between men and machines. Sophisti- 
cated and advanced models using fiber optic technol- 
ogy and a high speed data bus would have advantages in 
terms of small size and conformal shape adaption of the 
shield. 


CONCEPT DEMONSTRATION MODEL 


A simple Concept Demonstration Model could be 
constructed utilizing any of the above-described tech- 
nologies and methods. This model is shown in FIG. 5; 
the object 30, such as a vehicle, is shown in a top view 
with a semicircular shield 24c secured by an attachment 
means 32, such as supporting struts. Sensors 16 view the 
wall 38 and the analog signals are subsequently dis- 
played on the shield 24c facing the point of observation 
28 behind line 36 which is fifty feet from the vehicle 30. 
The vehicle 30 is moving to the left as shown by the 
arrow 34. When the system is operating properly, the 
vehicle 30 would never be observed; only the wall 38 
behind said vehicle 30 would be seen. For simplicity 
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5 
and to establish a reference, the wall 38 would probably 
be initially monochromatic and color patterns added 
later to present more difficult scenarios and to measure 
system limitations. 
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I claim: | 

1. A system for concealing an object from view by an 
observer through use of a background scene and com- 
prising: 

means for sensing a background scene and for gener- 

ating a video image signal therefrom; 

means for creating a processed image of said back- 

ground video image signal for display purposes; 
and 

means for displaying an image represented by said 

processed image signal, the generated image being 
part of the sensed field of view, the object located 
between the means for sensing and the means for 
displaying, the object thereby being substantially 
camouflaged by the image displayed. 

2. A concealing system according to claim 1 wherein 
said background scene sensing means comprises means 
for converting background light images electrical ana- 
log image signals for processing by an analog signal 
processor. 

3. A concealing system according to claim 1 wherein 


said background scene sensing means for converting 


background light images to electrical digital image sig- 
nals for processing by a digital signal processor com- 
prises; 

means for responding to digital commands from a 

digital signal processor; 
means for storing digital image signals in a reference 
background image matrix array within the sensor 
upon command by the digital signal processor; and 

means for providing digital information from said 
array upon said command from said digital signal 
processor. 

4. A concealing system according to claim 1 wherein 
said sensing means for sensing a background scene pro- 
duces fiberoptic image signals for said processed image. 

5. A concealing system according to claim 1 wherein 
a processing subsystem, including said background 
sensing means, has the means for processing digital 
image signals for the purpose of presentation to a shield 
subsystem comprising: 

means for formatting digital image signals from said 

- sensing means; 

means for receiving and commanding said sensing 

means to store digital image signals in a reference 
background image matrix therein; 

means to receive and transmit digital image signals 

from the reference background image matrix to a 
synthetic image matrix within a shield subsystem: 
means to compare the digital information stored in 
the reference background image matrix in the sen- 
sor with that stored in the synthetic image matrix; 
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means coupled to said means to compare digital infor- 
mation for correcting or altering the image dis- 
played on the shield subsystem by providing com- 
mands to the shield subsystem; 

means for converting analog video signals from said 

correcting means to digital image signals; 

means for converting created optical image signals to 

digital image signals; 

means for formatting digital image signals from said 

optical image creating means into a form suitable 
for presentation to the shield subsystem; and means 
for receiving and commanding the display at infor- 
mation stored in the synthetic image matrix. 

6. A shield for concealing an object from view of an 
observer comprising: 

means for providing a light absorbing opaque and 

nonspecular display surface which, in its nonacti- 
vated state, has minimum light reflectivity; 
means for receiving and commanding the display of 
information from an analog signal processor; 

means for providing in said display’s activated state 
the display of a near-identical full color image of 
the background or other scene for view on the 
shield surface facing an observer as directed by said 
analog signal processor, said shield including 
means to obstruct visual sight of an adjacent con- 
cealed object; | 

means associated with said object for support thereof; 

and 

means to support said analog processor, at least one 

sensor, and circuitry therefor. 

7. A shield for concealing an object from view com- 
prising: 

means for providing a light absorbing opaque and 

nonspecular display surface that, in its nonactiva- 
ted state, has minimum light reflectivity; 

means for obstructing visual sight of an object in said 

shield, concealed adjacent thereto from view; 
means for receiving and commanding the display of 
information from a digital signal processor; 

means for providing in its activated state the display 

of a near-identical full-color image of a screen for 
view on the shield surface being viewed as directed 
by said digital signal processor; 

means for storing digital image signals in an array 

within a synthetic image matrix; 
means for display of said digital image signals in the 
form a full-color image of the background as stored 
in said synthetic image matrix, said full-color image 
to be presented on said surface being viewed; 

means associated with said object for support thereof: 
and 

means to support said digital signal processor and at 

least one sensor in association with said shield in- 
cluding backplanes for mounting embedded com- 
ponents, embedded sensors, and embedded data 
busses. 

8. A shield according to claim 7 wherein said shield is 
constructed from fiberoptic materials and has means for 
responding to commands from said digital signal pro- 
cessor. 

9. A snield according to claim 7 including an integral 
support structure for said shield, said signal processor, 
and an object to be concealed, said shield including 
backplanes for mounting embedded components, em- 
bedded sensors, and embedded data buses. 

10. A shield according to claim 8 including an inte- 
gral support structure for said sensor, said signal proces- 
sor, and an object to be concealed, said shield including 
backplanes for mounting embedded components, em- 


bedded sensors, and embedded data buses. 
k * * * * pe 
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(57) ABSTRACT 


A linear metamaterial comprises a transmission line, having 
a linear dimension, and is loaded with capacitors, and 
shunted with an inductor such that for an electromagnetic 
wave, having a wavelength greater than the linear dimension 
and traveling along the axis of the transmission line, the 
effective permeability and permittivity of the metamaterial 
are simultaneously negative. Applications for the metame- 
terial are also disclosed. 
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Voltage Source 


Capacitance: 1 pF (at each end of each segment) 
Inductance: 25.33 nH (at each end of each segment) 
Load Resistances: 300 Ohms 

Source Voltage: 1 V 

Grid Spacing: 1 mm 

Height above ground: 1 mm 


Figure 9 


Figure 10 
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Figure 12 
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Figure 13 


The lower limit of voltage detection depends on the value of 
R1, the sensitivity of the device, and your ears. With the circuit 
shown, | have no problem “hearing” as little as six volts. In the 
ohms position, the circuit will detect resistance from a short up to 
approximately 40k ohms or more, with a fresh 9-V transistor radio 
battery. Shorting the test leads together produces the loudest 
signal in the ohms mode. 

The circuit is quite basic, consisting of a full-wave bridge 
rectifier with a Mallory Sonalert® transducer connected to the dc 
terminals, observing polarity, of course. The model SC628 
Sonalert has a range of 6-28 V dc using only 3 to 14 mA of current, 
so the device is fairly sensitive. With the series resistor, R1, or the 
battery as shown in the circuit, the range of input voltage, or 
resistance that produces a sound output, will surprise you. Switch 
51 selects either an internal 9-V battery for ohms or series resistor 
R1 for voltage. 

The value of the resistor was determined experimentally to 
permit a range of voltage to be checked that would most likely be 
encountered by the average person, and limit the voltage drop 
across the device to a safe level. At 300 volts, the Sonalert has 
about 20 volts across it which is still within its range. Finally, a 
¥g-Amp fuse is included in series with one of the leads, in case 
someone goofs and tries to hear voltage with the switch in the ohms 
position. 

The unit was built to fit into a small plastic instrument case, 
with the test leads brought out directly to alligator clips for 
maximum convenience and economy. Just about any small box or 
enclosure that will hold the parts should work nicely, however. 

One word of caution when using this tester— which holds true 
for any VOM. Always make sure the circuit is de-energized before 
checking resistance or continuity either by disconnecting all 
sources of voltage and/or checking for no voltage first. Always 
return the instrument to the voltage position after using the ohms 
position, and you should never have to replace the fuse inside. 
Also, it is not recommended for voltages in excess of 300. 


VOM DESIGN 
The most expensive part of a VOM (if bought new) is the 
meter movement. What to look for is the most sensitive (lowest mA 
at full scale) milli-or micro-amp meter. A 500 wA will do very 
nicely, but anything up to about 10 mA will do. 
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Figure 19 
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After obtaining a meter, measure its internal resistance using 
the resistance scale of a friends VOM. 

For voltage measurement, resistors are wired in series with 
the meter to obtain different voltage scales. Decide what voltage 
scales you would like and see Table 2-2 for computing series 
resistor values. It is shown using 1, 5, 10, 50, 100 and 500 volt 
scales. Notice that none of the series resistors are standard values, 
but two or more resistors could be wired in series to obtain the 
proper value. To enable the meter to measure ac in addition to dc a 
rectifier and capacitor must also be wired into the circuit. Fig. 2-10 
shows the ac-dc voltmeter. 

For the addition of current scales different resistors must be 
wired in parallel with the meter. For a scale two times that of the 
meter, aresistor, equal to the meter's internal resistance, is wired 
in parallel so that Ye of the current goes through the meter and Ye 
through the resistor. For a scale three times that of the meter two 
resistors are wired across the meter so that Y of the current goes 
through the meter and % through the resistors. The number of 
parallel resistors that are equal to the internal resistance is found in 
the following formula (A+B) — 1 where A equals the desired 

current scale in mA and B equals the full scale current reading of 
the meter. The parallel resistors for any one scale can be combined 
into one by using Ohm's law for parallel resistance: Example: 

I want 500 wA, 1mA, 10m mA, and 010 mA current scales 
using a 500 wA 150 (2 meter. For the 500 uA scale no resistor is 
needed. For the 1 mA scale one 150 Q resistor is used. For the 10 
mA scale 19-150 (2 resistors are used in parallel which is equal to 
about 7.9 Q. Two 16 Q resistors in parallel could be used. For the 
100 mA scale 199-150 (2 resistors are needed, equal to about .85 
(2. Just use two .43 (2 resistors in series. 

The next step is ohms scale. Figure 2-11 shows the basic 
circuit for an ohmmeter. Calibration of the ohms scale will have to 
be found experimentally. Different values of resistors should be 


Table 2-2. Resistor Values for VOM. 
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Fig. 2-10. Ac-dc voltmeter. 


tested in the circuit to obtain approximate calibration. In my circuit 
using a 500 A 150 (2 meter indicated about 100K at little deflection 
of the meter and about 1K at mid-scale. 

Figure 2-12 is the circuit for the combined volt-ohm- 
milliampmeter using a 500 A 150 2 meter. Five or ten % resistors 
can be used but 1% are better if they are available at a low price. 


R, and C, SUBSTITUTION BOXES 


Every electronics experimenter should have both a resistance 
and capacitance substitution box. 


Resistor Substitution Box 


Construction of this unit is simple. The resistors are mounted 
across the switches' terminals. By opening a switch, that resistor 
is connected in circuit. 

The switches are arranged in rows of seven across and four 
down (See Fig. 2-13 and Table 2-3). Then the resistor/switch 
combinations are connected in series. 1 used slide switches in my 
unit. 


Fig. 2-11. Basic circuit for onmmeter. 
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METAMATERIALS FOR CONTROLLING 
AND GUIDING ELECTROMAGNETIC 
RADIATION AND APPLICATIONS 
THEREFOR 


CROSS-REFERENCE TO RELATED 
APPLICATIONS 


The present application claims the benefit of U.S. Provi- 
sional Patent Application No. 60/384,080 filed on May 31, 
2002, which is hereby incorporated by reference herein. 


FIELD OF THE INVENTION 


The present invention relates generally to the control and 
guidance of electromagnetic radiation and in particular to a 
left-handed metamaterial for controlling and guiding elec- 
tromagnetic radiation and to applications therefor. 


BACKGROUND OF THE INVENTION 


The concept of a negative index of refraction, originally 
proposed by Veselago in the 1960s, suggested the possibility 
of materials in which the permittivity and permeability could 
be made simultaneously negative. Veselago termed these 
left-handed media (LHM), because the vectors E, H, and k 
would form a left-handed triplet instead of a right-handed 
triplet, as is the case in conventional, right-handed media 
(RHM). In such a material the phase velocity and Poynting 
vector are antiparallel. Recently, novel 3-dimensional (3-D) 
electromagnetic materials have successfully demonstrated 
negative refraction by synthesizing a negative refractive 
index. These artificial dielectrics (metamaterials) consist of 
loosely coupled unit cells composed of thin wire strips and 
split-ring resonators to synthesize negative permittivity and 
permeability, respectively. In these metamaterials, the 
choice of operating frequency is restricted to the region of 
the resonance, which results in a highly dispersive, narrow 
and behaviour with strong associated absorption losses. 


Other structures with magnetic properties to refract elec- 
tromagnetic radiation at negative angles have also been 
considered. For example, International PCT Application No. 
WO 00/41270 discloses a structure that exhibits magnetic 
properties when it receives incident electromagnetic radia- 
tion. The structure is formed from an array of capacitive 
elements, each of which is smaller, and preferably much 
smaller, than the wavelength of the incident electromagnetic 
radiation. Each capacitive element has a low-resistance 
conducting path associated with it and is such that a mag- 
netic component of the incident electromagnetic radiation 
induces an electrical current to flow around a path and 
through the associated capacitive element. The creation of 
the internal magnetic fields generated by the flow of the 
induced electrical current gives rise to the structure’s mag- 
netic properties. 

International PCT Application No. WO 02/03500 dis- 
closes a microstructured magnetic material having a mag- 
netic permeability of negative value but unity magnitude 
over a particular radio frequency range. 

Although the above references disclose structures with 
magnetic properties to refract electromagnetic radiation at 
negative angles, improved materials exhibiting negative 
refractive indices are desired. 

It is therefore an object of the present invention to provide 
a novel left-handed metamaterial for controlling and guiding 
electromagnetic radiation and novel applications therefor. 


SUMMARY OF THE INVENTION 


According to one aspect of the present invention there is 
provided a planar metamaterial comprising: 
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two substantially orthogonal, coplanar sets of transmis- 
sion lines, said transmission lines being spaced with a 
periodicity, loaded with capacitors with said periodicity, and 
shunted with inductors with said periodicity such that for an 
electromagnetic wave, having a wavelength greater than 
said periodicity and traveling along the plane of said trans- 
mission lines, the effective permeability and permittivity of 
said metamaterial are simultaneously negative. 


According to another aspect of the present invention there 
is provided a linear metamaterial comprising: 


a transmission line, having a linear dimension, and being 
loaded with capacitors, and shunted with an inductor such 
that for an electromagnetic wave, having a wavelength 
greater than said linear dimension and traveling along the 
axis of said transmission line, the effective permeability and 
permittivity of said metamaterial are simultaneously nega- 
tive. 


According to yet another aspect of the present invention 
there is provided a planar resonance cone metamaterial 
comprising: 

a first set of transmission lines, spaced with a periodicity, 
and loaded with capacitors with said periodicity; 


a second set of transmission lines, substantially orthogo- 
nal and coplanar with said first set of transmission lines, said 
second set of transmission lines being spaced with said 
periodicity, and loaded with inductors with said periodicity, 
said first and second sets of transmission lines exhibiting 
characteristics such that for an electromagnetic wave, hav- 
ing a wavelength greater than said periodicity by an order of 
magnitude, and traveling along the linear axis of said first set 
of transmission lines, the effective permittivity of said 
metamaterial is positive such that for an electromagnetic 
wave, having a wavelength greater than said periodicity by 
an order of magnitude and traveling along the linear axis of 
said second set of transmission lines, the effective permit- 
tivity of said metamaterial is negative. 


According to yet another aspect of the present invention 
there is provided a planar resonance cone metamaterial 
comprising: 

a first set of transmission lines, spaced with a first 
periodicity, and loaded with capacitors with a second peri- 
odicity; 

a second set of transmission lines, substantially orthogo- 
nal and coplanar with said first set of transmission lines, said 
second set of transmission lines being spaced with said 
second periodicity, and being loaded with inductors with 
said first periodicity whereby for an electromagnetic wave, 
having a wavelength greater than said first and second 
periodicities by an order of magnitude and traveling along 
the longitudinal axis of said first set of transmission lines, 
the effective permittivity of said metamaterial is positive and 
for an electromagnetic wave having a wavelength greater 
than said first and second priodocities and traveling along 
the longitudinal axis of said second set of transmission lines, 
the effective permittivity of said metamaterial is negative. 

According to yet another aspect of the present invention 
there is provided a near field focusing device comprising: 

a first set of transmission lines, said first set of transmis- 
sion lines being spaced with a first periodicity and loaded 
with capacitors with a second periodicity; 

a second set of transmission lines, substantially orthogo- 
nal to, and coplanar with said first set of transmission lines, 
said second set of transmission lines being spaced with said 
second periodicity, loaded with capacitors with said first 
periodicity, and shunted with inductors, said first set of 
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transmission lines intersecting said second set of transmis- 
sion lines such that for an electromagnetic wave, having a 
wavelength greater than said first or second periodicity by an 
order of magnitude, and traveling along the plane of said 
transmission lines, the effective permeability and permittiv- 
ity of said metamaterial are simultaneously negative; and 

a planar waveguide, having a flat extent, coupled to said 
transmission lines, such that said flat extent is parallel to one 
set of transmission lines. 

According to yet another aspect of the present invention 
there is provided a phase-shifting device comprising: 

a transmission line, having a linear dimension and char- 
acteristic impedance; 

capacitors loaded on said transmission line; and 

an inductor shunting said transmission line, said trans- 
mission line exhibiting characteristics such that for an 
electromagnetic wave, having a wavelength greater than 
said linear dimension by an order of magnitude and traveling 
along the axis of said transmission line, the effective per- 
meability and permittivity of transmission are simulta- 
neously negative and such that said transmission line pro- 
vides a continuous passband for said electromagnetic wave 
along said transmission line. 

According to yet another aspect of the present invention 
there is provided a near field focussing device comprising: 

a parallel-plate waveguide; and 

a negative refractive index metamaterial in line with said 
waveguide and forming an interface therewith. 

According to yet another aspect of the present invention 
there is provided a coupled-line coupler comprising: 

a microstrip line; and 

a left-handed material coupled to an edge of said micros- 
trip line. 

The present invention provides advantages in that the 
metamaterial is capable of internal positive and negative 
wave refraction, and guided wave beam formation, steering, 
and focusing over regions that are smaller than the wave- 
length of incident electromagnetic radiation. Moreover, the 
beam steering capability can be extended beyond the physi- 
cal boundaries of the metamaterial into the surrounding 
space to produce a controllable radiation pattern. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Embodiments of the present invention will now be 
described more fully with reference to the accompanying 
drawings in which: 

FIG. 1 shows phase matching at an interface between a 
right-handed material (RHM) and a generic material i.e. a 
right-handed material or a left-handed material; 

FIG. 2 is a two-dimensional (2-D) loaded left-handed 
transmission line unit cell; 

FIG. 3 shows a plane wave illuminating a RHM/LHM 
interface at 2 GHz; 

FIG. 4 illustrates the focusing effect at an interface 
between right-handed and left-handed media; 

FIG. 5 shows a point source illuminating a RHM/RHM 
interface at 2 GHz; 

FIG. 6 shows a point source illuminating a RHM/LHM 
interface at 2 GHz; 

FIG. 7 shows a focusing device including a negative 
refractive index metamaterial interfaced with a parallel-plate 
waveguide at 1.5 GHz; 

FIG. 8 shows experimental data demonstrating focal 
regions observed in the focusing device of FIG. 7 at 1.55 
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GHz and 1.65 GHz and the lack thereof at 2.55 GHz when 
operating beyond the left-handed frequency band; 


FIG. 9 shows a planar resonance cone metamaterial 
including a square-celled transmission-line network contain- 
ing inductors and capacitors oriented orthogonally and posi- 
tioned over a ground plane; 


FIG. 10 shows one side of the square-celled transmission- 
line network of FIG. 9 illustrating attached coaxial connec- 
tors; 


FIG. 11 shows an opposite side of the square-celled 
transmission-line network of FIG. 9, with chip capacitors 
and meander-line inductors in place. 


FIG. 12 shows single-stage, 2-stage, 4-stage and 8-stage 
0° phase-shifting circuits; 

FIG. 13 is a schematic diagram of a 1-D phase-shifting 
unit cell; 

FIG. 14 shows an unmatched dispersion relation for the 
phase-shifting unit cell of FIG. 13; 

FIG. 15 shows a matched dispersion relation for the 
phase-shifting unit cell of FIG. 13; 

FIG. 16 shows phase responses of a +10° phase-shifting 
device, a -350° transmission line, a —10% phase-shifting 
device and +10° L-C line; 

FIG. 17 shows phase responses of one-stage, 4-stage and 
8-stage 0° phase-shifting devices; 

FIG. 18 shows phase and magnitude responses of +10° 
and -10* 4-stage phase-shifting devices; 

FIG. 19 shows a 4-stage +10° phase-shifting device; 

FIG. 20 is a plasma parameter diagram showing elliptic 
and hyperbolic regions; 

FIG. 21 is a schematic diagram of a focusing device in the 
form of a uniform anisotropic planar L-C grid over ground, 
with corner feed and resistive edge-loading; 

FIG. 22 shows a uniform-grid moment-method simulation 
displaying corner-fed resonance cones at eight frequencies; 

FIG. 23 shows node voltage across 5062 terminating 
resistors at numbered points around the edge of the grid of 
FIG. 21, derived from the simulation data displayed in FIG. 
22: 

FIG. 24 shows a focusing device in the form of a 
non-uniform L-C grid, wherein the inductors and capacitors 
have been transposed in the upper part of the grid and 
wherein the transition region includes a row of elongated 
cells; 

FIG. 25 shows the physical layout of the grid of FIG. 24; 

FIG. 26 shows resonance cone refraction at 1.2 GHz; 

FIG. 27 shows a focusing simulation at 1.3 GHz showing 
the grid-to-ground voltage magnitude; 

FIG. 28 shows focusing measurements at 1.3 GHz show- 
ing the normalized S21 magnitude; 

FIG. 29 shows a focusing simulation at 1.7 GHz showing 
the grid-to-ground voltage magnitude; 

FIG. 30 shows focusing measurements at 1.7 GHz show- 
ing the normalized S21 magnitude; 

FIG. 31 shows a MS/LHM coupled-line coupler and 
schematic of a coupler unit cell; 

FIG. 32 shows a dispersion diagram for MS and LHM 
lines used in the coupler of FIG. 31 and photograph of a 
MS/LHM coupler and a conventional MS/MS coupler of the 
same length, line spacing and propagation constant; 

FIG. 33 shows a spatial Fourier transform of line voltages 
on the MS line and LHM line of the MS/LHM coupled-line 
coupler of FIG. 31; 
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FIG. 34 shows the coherence length of the MS/LHM 
coupled-line coupler of FIG. 31; 


FIG. 35 shows a comparison of a MS/MS coupler with a 
MS/LHM coupler of the same length, line spacing and 
propagation constant for coupled power, isolation, 
reflection, and arbitrary coupling; 

FIG. 36 shows MS/LHM branch-line couplers; 

FIG. 37 shows even/odd mode equivalent circuits of a 
type 1 MS/LHM branch-line coupler; 

FIGS. 38a to 38d show scattering parameters of type 1 
MS/LHM branch-line couplers compared to a regular 
branch-line coupler and scattering parameters of a type 2 
MS/LHM branch-line coupler; 

FIG. 39 shows a planar transmission-line left-handed 
lens; 

FIG. 40 shows the measured vertical electric field 
detected 0.8 mm above the surface of the lens of FIG. 39 at 
1.057 GHz; 

FIG. 41 shows the measured vertical electric field above 
row 0 of the lens of FIG. 39 at 1.057 GHz; 

FIG. 42 shows the measured vertical electric field at the 
source (dashed curve) and image (solid curve) planes along 
with the diffraction-limited image (solid curve with circles); 

FIG. 43 shows an antenna formed of 6 macrocells of 
resonance cone metamaterial; and 

FIGS. 44 and 45 show the grid-to-ground voltage of a six 
cell antenna operating at 1 GH, and the resulting radiation 
pattern. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


The present invention relates generally to a metamaterial 
that supports propagating backward waves and thus exhibits 
left-handedness. Such metamaterials inherently support 2-D 
wave propagation, which is desirable for antennas, antenna 
beam formers, planar spectrum analyzers, compact 
RF/microwave lenses and antennas, phase compensators, 
antenna-integrated multiplexers and other microwave circuit 
applications. 

To illustrate the concept of negative refraction, consider a 
phase-matching argument at the interface between a right- 
handed medium M1 and another generic medium M2, as 
shown in FIG. 1. The sign of the index of refraction of 
medium M2 is not a concern. Consider an incident plane 
wave in medium M1 with a wave vector k; (i.e. such that the 
x-component of k, is positive). A refracted wave with a 
wave vector k, is then established in medium M2 such that 
the tangential wave vector components k,, and k,, are equal 
across the interface. This is the basis for Snell’s Law, and it 
permits two scenarios for the orientation of k,, represented 
as Case 1 and Case 2 in FIG. 1. The conservation of energy 
also insists that the normal components of the Poynting 
vectors S, and S, remain in the positive-x direction through 
both media. If the medium M2 is a conventional RHM, then 
refraction occurs as illustrated by Case 1. However, if 
medium M2 is a medium supporting propagating backward 
waves (i.e. a LHM), it is implied that power is propagated 
along the direction of phase advance, which requires in FIG. 
1 that k, and S, be antiparallel. Consequently, the direction 
of k, is specified uniquely for backward-wave structures as 
illustrated by Case 2. Under such conditions, power is 
refracted through an effectively negative angle, which 
implies a negative index of refraction. 

Metamaterials exhibiting negative indices of refractions 
and applications therefor that enable electromagnetic radia- 
tion to be controlled and guided will now be described. 
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Planar Metamaterials 

Turning now to FIG. 2, a shunt-centered unit cell for a 
metamaterial or left-handed medium (LHM) that syn- 
thezises a negative refractive index is shown. In this par- 
ticular example, the metamaterial is in the form of a two- 
dimensional (2-D), L-C loaded substantially orthogonal, 
coplanar transmission line network. In the unit cell, Z.= 
(joC)* and Y,=(¡oLy* represent the per-unit-length 
capacitor impedance and inductor admittance, respectively. 

The unit cell dimensionality represented by Ad is pro- 
vided by the host transmission line medium. At the continu- 
ous medium limit, Ad<<A, the 2-D telegrapher’s equations 
representing the structure of the unit cell can be expressed 
as: 


Ovy ( 1 ) Ov, ( 1 ) (1) 
az A\joCAd) ðx “\joCAd 

and 

ði ðh | 1 ] (2) 
— + — = -v| —— |. 

ðz 0% jwLAd 


Combining equations (1) and (2) yields: 


1 (3) 


LEA 


ary 


ay 
+ oa +B vy =0, p= 


Ox? 


where f is the propagation constant. The phase and group 
velocities are antiparallel and are given by: 


-I 4 
Vg = A = -wW VLC Ad, Vg = ES =+wV LC Ad. K 


OW 


Subsequently, a negative refractive index can be defined as: 


c 1 


vá = ETE Ad 


(5) 


n= 


It is interesting to note that it is possible to achieve the 
same result for the phase velocity and index of refraction 1f 
an equivalent negative permittivity and permeability are 
defined as: 


1 1 


TO IE TV 


(6) 
Heg = 


so that the total stored time-averaged energy, expressed by: 


Ölet) a Oleq) (7) 
~ ðw 


W |E? + IH, 


OW 


remains positive. 

In order to model the 2-D wave equation represented by 
equation (3), metamaterial including an array of unit cells, 
each as depicted in FIG. 2, was implemented in a 
microwave-circuit simulator simulator. To simulate the inci- 
dence of waves on this LHM in a circuit environment, a 
right-handed medium (RHM) was also designed. The topol- 
ogy of the unit cells in the RHM were identical to those of 
FIG. 2, except that the roles of C and L were interchanged, 
giving rise to the well-known LC low-pass network repre- 
sentation of free-space propagation. 

The specification of the unit cell parameters in both media 
provides information about the permissible operating 
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frequencies, the relative refractive indices, and also the 
required inductance and capacitance values. In both media, 
the wave impedance is given by: 


a (8) 


ZM = P 


It is therefore reasonable to begin with the simple con- 
straint that the two media be matched, and moreover, 
matched to free space (Z,,=377Q). 

In the limit Ad<<A in equation (5), it is not possible to 
specify directly indices of refraction in the individual media, 
but it is possible to specify a relative index of refraction 
through the ratio of their respective phase shifts per unit cell 
PremAd/P rem Ad. The LHM was designed to be denser than 
the RHM, arbitrarily by a factor of 2. Specifically, phase 
shifts per unit cell of |BraarAd|=0.25 and |B; zarAd|=0.5 were 
chosen in the right-handed and left-handed media, respec- 
tively. Choosing an operating frequency of 2 GHz, the LHM 
and RHM unit cell capacitive and inductive elements were 
specified as (Cy rraq=422.5 TE, L; p7,,=60.0 nH) and (Ckam= 
52.8 fF, Lesm=7.5 nH), respectively. The corresponding 
cut-off frequencies are given by: 


1 1 (9) 
feim = ==> fo rHM = — >, 
4a Liym Cam TN Lrum Crum 


which were found to be 500 MHz and 16 GHz, respectively. 
Finally, the designed LHM and RHM arrays were appropri- 
ately terminated with matching resistors on all edges and 
simulated with a microwave-circuit simulator. 

To verify the ray picture presented in the phase-matching 
argument of FIG. 1, a RHM/LHM interface was constructed 
using 42x42 RHM and LHM unit cell arrays with 
PremAd=+0.25 and 6,7,,Ad=-0.5, yielding a relative 
refractive index of -2. The RHM unit cell array was excited 
with a plane wave, which was simulated using sequentially 
phase-shifted voltage sources along the left boundary of the 
unit cell array. FIG. 3 illustrates the plane wave illuminating 
the RHM/LHM interface at 2 GH, for an incident angle of 
Ormm=29" With the axes being labelled according to unit cell 
number and the right vertical scale designating radians. The 
steepest phase descent in the LHM is observed along the 
direction of propagation, which is 0,,,,,=-14° from the 
normal, in exact correspondence with Snell’s Law for the 
given design parameters. 

Turning now to FIG. 4, it can be seen that a RHM/LHM 
planar interface 410 can also be used to focus electromag- 
netic waves from a point source located inside the RHM, 
within the LHM. These conditions can be modelled by 
exciting a single node 400 inside the RHM and observing the 
magnitude and phase of the voltages to ground at all points 
in the LHM. The focusing effect manifests itself as a “spot” 
distribution of voltage 420 at a predictable location in the 
LHM. 

An alternative embodiment of an RHM/LHM interface 
used to generate the results of FIG. 3 will now be examined. 
In this embodiment finite length transmission line sections 
(k, Zo, finite Ad) are inserted in each LC unit cell. In order 
that the host transmission-line medium does not signifi- 
cantly alter the propagation constant predicted by equation 
(5), it is necessary to modify the loading elements C; pzas and 
L; am to compensate for the presence of the distributed 
transmission line parameters. In the final design, the lines in 
each unit cell are designed to be air-filled, with Ad=5 mm. 
From equation (5), and using the appropriately compensated 
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loading element values, the corresponding equivalent, abso- 
lute index of refraction of the LHM is approximately equal 
to —2.4. To maintain the relative refractive index of —2, the 
absolute index of refraction of the RHM is made to be +1.2. 

In the interest of completeness, cases of both positive and 
negative refraction are examined, with the host transmission 
line medium in place. In the first case, a 42x21 RHM unit 
cell array is interfaced with another 42x63 RHM unit cell 
array with a relative refractive index of +2. The plane wave 
source is placed 11 unit cells into the first RHM. Here, 
focusing is not expected since Snell’s Law for positive- 
index media predicts a continued divergence into the second 
RHM. FIG. 5 shows a point source illuminating the RHM/ 
LHM interface at 2 GH, as well as the corresponding 
magnitude and phase plots of these results with the axes 
labelled according to cell number. As can be seen, the results 
confirm that the cylindrical wave excitation diverges into the 
second medium. 

In the second case, a RHM unit cell array is interfaced 
with a LHM unit cell array with a relative refractive index 
of -2. The unit cell array dimensions and source location are 
as specified above. This arrangement is expected to show 
focusing inside the LHM, in accordance with FIG. 4. The 
paraxial limit dictates a focus in the LHM at twice the 
distance of the source from the interface, or near unit cell 44 
of the array. FIG. 6 shows the point source illuminating the 
RHM/LHM interface at 2 GH,, as well as the corresponding 
magnitude and phase results with the axes labelled accord- 
ing to cell number. As can be seen, the results show focusing 
in the LHM, manifested in increased voltage amplitudes 
(nearly 65% of the source amplitude), and also in the 
reversal of the concavity of the wavefronts at both the 
RHM/LHM boundary and the expected focal point. 

For applications in which waves are propagated only in a 
single dimension e.g. phase-shifting lines as will be 
described, the metamaterial above may be simplified to a 
1-D array using a single transmission line 1.e. a linear LHM 
metamaterial is a simplified case of the planar metamaterial. 

Since the metamaterial exhibits left-handedness and 
allows electromagnetic radiation to be guided and 
controlled, the metamaterial is useful in a number of appli- 
cations. Examples of applications for the present metama- 
terial will now be described. 

Near-Field Focusing Device 

Turning now to FIG. 7, a focusing device is shown that 
includes a 55 mmx50 mm parallel-plate waveguide serving 
as a RHM interfaced with a negative refractive index 
metamaterial including an 11x6 unit cell array around 1.5 
GHz. Each unit cell has a dimension of 5 mm. The fabricated 
11x6 unit cell areas includes 400 um wide microstrip lines 
on a 60 mil Rexolite® dielectric (€,=2.53) substrate. Shunt 
chip inductors are embedded into 1 mm holes drilled into the 
substrate at the appropriate unit cell sites. Chip capacitors 
are surface-mounted between gaps etched into the grid lines, 
and additional capacitors are placed at the array edges to 
maintain unit cell uniformity throughout. The two media 
meet along a flat border, defining their respective extents. 
The LHM extent is parallel to and displaced from the nearest 
microstrip line. The parallel-plate waveguide is excited with 
a shorted vertical probe connected to a SMA connector. 
Matching chip resistors of 100Q are used to terminate the 
unit cells at the LHM and parallel-plate waveguide bound- 
aries. The focusing device as shown measures approxi- 
mately 60 mmx95 mmx1.5 mm. 

FIG. 8 shows a sample of measured vertical E-field 
distributions over the 11x6 LHM unit cell array at 1.55 GHz, 
1.65 GHz, and 2.55 GHz. The first two frequencies lie in the 
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LH passband, whereas the last frequency occurs in a second 
(RH) passband. In accordance with theory, the field distri- 
butions at 1.55 GHz and 1.65 GHz exhibit focusing, mani- 
fested by a localized region of increased transmission 
through the focusing device. The maximum focal amplitude 
obtained was observed at a frequency of 1.65 GHz (the 
central plot of FIG. 8), where the distinction between the 
peak and the two edges of the spot was noted to be 
approximately 15 dB. Furthermore, the concavities of the 
wavefronts of FIG. 8 also indicate the convergent progres- 
sion of phase associated with focusing. As expected, neither 
phenomenon is evident at 2.55 GHz, since the second 
passband does not possess left-handed properties. As will be 
appreciated, the results demonstrate focusing of an incident 
cylindrical wave over an electrically short area, i.e. near- 
field focusing. 

Planar Resonance Cone Metamaterial 

Turning now to FIGS. 9 to 11, a planar resonance cone 
metamaterial is illustrated. In this embodiment, the metama- 
terial includes a substantially orthogonal, coplanar, periodic 
square-celled transmission line network that is analogous to 
a sheet of uniaxial plasma with permittivities of opposite 
signs in two orthogonal, in-plane directions. As can be seen, 
the transmission line network is disposed over a ground 
plate and parallel to it. Electromagnetic radiation is fed to 
the transmission line network at one corner with respect to 
the ground plate. The transmission line network is connected 
to instruments through coaxial connectors as shown in FIG. 
10 and includes chip capacitors and meander-line inductors 
as shown in FIG. 11. Resonance cone angle scans with 
frequency and with peak frequencies detected at the mid- 
points of the transmission line network sides, yielded an 
end-to-end frequency ratio of 2:1 with a transmission line 
network of only 4 cells by 4 cells. A center frequency of 1.4 
GHz was used. The commercial chip capacitive and induc- 
tive elements used to construct the transmission line network 
yielded a compact array. A larger transmission line network 
having 24 cells by 24 cells was also modelled computation- 
ally. This transmission line network displayed resonance 
cones that showed little or no near-field beam spreading with 
increasing distance from the source. When a cone beam 
encountered an edge of the transmission line network with 
insufficient resistive absorption, specular reflection of the 
cone beam was observed. 

Changing the reactive loads creates a different transmis- 
sion line network. For example, a “transpose” transmission 
line network can be created by interchanging the inductive 
and capacitive elements. 

Phase-Shifting Line Using a Linear Metamaterial 

The metamaterial in accordance with the present inven- 
tion is also suitable for use in a compact 1-D phase-shifting 
device that can be used to synthesize arbitrary transmission 
phases. Such as shifting device includes sections of LHM 
metamaterial lines cascaded with sections of conventional 
RHM transmission lines. Several embodiments of such a 
phase-shifting device, having a 1, 2, 4, and 8 stages can be 
seen in FIG. 12. The phase-shifting device offers significant 
advantages when compared to standard delay transmission 
lines. The phase-shifting device is more compact in size and 
can achieve a positive, a zero, or a negative phase shift while 
occupying the same or shorter physical length. The phase- 
shifting device also exhibits a linear, flatter phase response 
with frequency, leading to shorter group delays. 

In a LHM, the phase leads in the direction of group 
velocity, therefore incurring a positive phase shift with 
propagation away from the source. In addition, it is well 
known that in conventional RHM transmission lines, the 
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phase lags in the direction of positive group velocity, thus 
incurring a negative phase shift with propagation away from 
the source. It therefore follows that phase compensation can 
be achieved at a given frequency by cascading a section of 
a LHM with a section of a RHM to form a unit cell with a 
given phase shift. 

The unit cell of the phase-shifting device is shown in FIG. 
13 and has total dimension d,. The unit cell includes a host 
transmission line medium TL periodically loaded with dis- 
crete lumped element components, L, and C.. 

The dispersion characteristics of the unit cell can be 
determined by the following equations: 


cos(PBiochd) = (10) 
d)\ 1 Ber ee ee d A = PES 
COSMAE { 7 na tm TL laz > aL) “FLC, 
where: 


Brerocn 18 the Bloch propagation constant; and 

B,,=w0VYLC is the propagation constant of the host trans- 
mission line. 

In order to consider a series of cascaded unit cells as an 
effective periodic medium, the physical length of the unit 
cell must be much smaller than a wavelength, therefore 
restricting the phase shift per unit cell and the length of the 
transmission lines to small values (fBlochd<<1 and 
BTLd<<1). Thus, an effective propagation constant, Reff, 
can be defined for the medium by the following equation: 


1 1 (11) 
Par =+ (2 7 za Pra) 


FIG. 14 shows the dispersion relation for a unit cell with 
typical parameters C,=15 pF, L,=20 nH, Z,=50@ and Byz d= 
0.28 rad. It can be observed that the corresponding disper- 
sion diagram exhibits a band structure with two distinct 
passbands and stopbands. Expressions for the pertinent 
cut-off frequencies as indicated in FIG. 14 are as follows: 


1 


TA EE 


(12) 


fo fel 


1 1 
ANC, = InN L,C 


Equating f., and f, causes the stopband between these 
two cut-off frequencies to close and the band becomes 
continuous. This corresponds to the following matching 
condition for the LHM and RHM sections: 

Z,=VL JC =VLJC (13) 
Under this condition, 1t can be shown that the effective 


propagation constant of equation (11) simplifies to the 
expression: 


-1 (14) 
Be = OV LC + — 
j wN LoCo 


Expression (14) can be interpreted as the sum of the 
propagation constants of the host transmission line and a 
uniform LHM line. For a transmission line medium with 
periodicity d and phase shift $7, =P 7, d, the total phase shift 
per unit cell, lp, |, given that the matching condition of 
equation (13) is satisfied, can be written as: 
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af (15) 
lol = Berd = bry + 
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Thus equations (13) and (15) can be used to determine 
unique values for L, and C, for any phase shift, p.,, given a 
transmission line section with intrinsic phase shift Bz; and 
characteristic impedance Z,. 

The unit cell of FIG. 13 was implemented in coplanar- 
waveguide (CPW) technology at a design frequency of 
{=0.9 GHz using microwave-circuit simulator. The lumped 
element components and the transmission lines were 
assumed to be ideal. The transmission lines were designed 
with Z=50Q, €,=2.2, dielectric height, h=20 mils and 
length d=7.4 mm. The dispersion relation for the unit cell 
with »,=0° is shown in FIG. 15. The impedance matching 
condition of equation (13) has been satisfied and therefore, 
the stopband has been closed. It can also be observed that at 
f =0.9 GHz, the phase shift is 0°. 

Based on the above parameters a +10-degree phase- 
shifting device was designed including 4 unit cells of total 
physical length 0.11ACPW=32 mm, with loading element 
values of C,=21.66 pF and L,=54.15 nH. The resulting 
phase characteristic of the phase-shifting device is shown in 
FIG. 16. It can be observed that the phase shift is +10 
degrees at fo=0.9 GHz with a phase slope of -95.7-degrees/ 
GHz. In addition, the phase response around fo is linear with 
respect to frequency, implying a constant group delay for the 
phase-shifting device. Also shown in FIG. 16 is the phase 
characteristic of a conventional 5062 transmission line of 
length 35/36 ACPW=275.7 mm for comparison. The trans- 
mission line exhibits as expected a -350-degree phase shift 
at fo, which is equivalent to +10 degrees, with a phase slope 
of -389-degrees/GHz. In addition, its physical length is 
approximately 9 times longer than the 4 unit cell phase- 
shifting line. 

Referring back to FIG. 12, an impression of the relative 
sizes Of the two structures can be obtained. The proposed 
+10-degree phase-shifting device offers two main advan- 
tages over its equivalent transmission line implementation, 
namely a +10-degree phase shift while occupying signifi- 
cantly less physical space than a conventional transmission 
line, and a shorter group delay which is desirable for 
applications that require broadband operation. 

Also shown in FIG. 16 is the phase characteristic of a 
4-stage -10° phase-shifting device with loading element 
values of C_=29.46 pF and L,=73.65 nH. It can be observed 
that the -10° phase characteristic is similar to the +10° phase 
characteristic, with a phase slope of —72.9°/GHz. The -10° 
phase-shifting device occupies the same physical length as 
the +10° phase-shifting device and has loading element 
values that are at a ratio of approximately 1.4:1 compared to 
the ones used for the +10° phase shifting device. This 
implies that a reasonable variation of the loading element 
values using tuneable components can produce either a 
positive or a negative phase shift. 

FIG. 16 also shows the phase characteristic of a 4-stage 
+10° uniform backward wave L-C line with loading element 
values of C_=81.06 pF and L,=202.64 nH. This corresponds 
to the unit cell of FIG. 13 with the transmission line sections 
removed. Setting therefore pTL to zero in equation (15), 
implies that q,, will always remain negative, corresponding 
to a phase advance for a positively traveling plane wave of 
the form exp(-jPeffd). The absence of transmission lines 
implies that any combination of C, and L, values will 
produce a phase shift that will always be greater than 0 
degrees for the unit cell. This is verified by the phase 
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characteristic of the L-C line in FIG. 16 that stays well above 
O degrees at all times. Therefore, although the backward 
wave L-C line and the proposed unit cell of FIG. 13 can both 
provide positive phase shifts, the latter has the additional 
advantage of being able to provide a negative phase shift by 
simply varying the loading element values. More 
importantly, short, broadband 0-degree phase shift lines can 
be realized which can be used in numerous applications. 

The 1-D phase-shifting structures were constructed using 
CPW technology on a Rogers™ RT5880 substrate with 
Er=2.2, and a dielectric height, h=20 mils. Standard size 
0402 Panasonic ECJ-OEC capacitors were used for C, with 
dimensions L=1 mm, W=0.5 mm, and H=0.5 mm, and 
standard size 0603 Panasonic ELJ-RE/FJ inductors were 
used for L, with dimensions L=1.6 mm, W=0.8 mm, and 
H=0.8 mm. The 50@ transmission lines were designed to 
have a length of d=7.4 mm, and a gap of s=0.6 mm was 
created to accommodate the series capacitors, resulting in a 
unit cell of total length dj=8 mm. At 0.9 GHz the transmis- 
sion lines were designed with a center conductor width of 
w=4 mm and a gap between the center conductor and the 
ground plane of g=0.106 mm. In addition, two 5 mm 
transmission lines were added to each end of the phase- 
shifting devices in order to accommodate SMA connectors. 
A Thru-Reflect-Line (TRL) calibration was carried out in 
order to remove the effects of the connectors and establish 
the reference planes at the input and output ports of the 
phase-shifting devices. All measurements were carried out 
on a HP8753C series vector network analyzer. The simu- 
lated results were obtained by replacing the ideal models for 
the capacitors and inductors with their corresponding 
S-parameter files provided by the vendors. Since the 
S-parameter files were extracted directly from device 
measurements, they therefore contain all the parasitic values 
associated with each component. 

FIG. 17 shows the simulated ( - - - ) and measured (-) 
phase responses of 1-stage, 4-stage and 8-stage 0° phase- 
shifting devices with loading element values of C,=12 pF 
and L,=100 nH. It can be observed that the experimental 
results match very closely the simulated results, with phase 
slopes of -30.2%/GHz, -122.1°/GHz and -237.5°/GHz for 
the phase-shifting devices respectively. The measured inser- 
tion losses are 0.1 dB, 0.7 dB and 1.6 dB respectively at 
f,=0.9 GHz. It is therefore evident that any number of stages 
can be used in order to produce the desired phase shift, 
however as the number of stages increases, so does the slope 
of the phase characteristic. For broadband applications 
therefore, it is desirable to keep the number of stages to a 
minimum. 

FIG. 18 shows the simulated ( - - - ) and measured (-) 
phase responses of a 4-stage +10° phase-shifting device with 
loading element values of C,=12 pF and L,=68 nH and a 
4-stage -10° phase-shifting device with loading element 
values of C_=15 pF and L,=120 nH. It can be observed that 
the experimental results correspond very closely to the 
simulated results with phase slopes of -136.6%/GHz and 
-108.4°/GHz for the +10° and -10° phase-shifting devices 
respectively. Also shown in FIG. 18 is the magnitude 
response of the -10% 4-stage phase-shifting device. The 
simulated ( - - - ) and measured (-) results correspond 
closely, however as the number of stages is increased the 
phase-shifting device begins to radiate, and resembles a 
leaky-wave structure. Therefore the phase-shifting devices 
should be kept short in length to avoid unnecessary energy 
leakage. The measured insertion losses at f,=0.9 GHz are 0.4 
dB and 0.5 dB respectively for the +10° and -10* phase- 
shifting devices. 
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The phase-shifting devices described above use cascaded 
sections of LHM lines and conventional transmission lines 
and offer significant advantages over conventional delay 
lines and uniform backward-wave L-C lines. The phase- 
shifting devices are compact in size, can be easily fabricated 
using standard etching techniques and exhibit a linear phase 
response around the design frequency. The phase-shifting 
devices can incur a negative or a positive phase, as well as 
a 0° phase depending on the values of the loading elements, 
while maintaining a short physical length. In addition, the 
phase incurred is independent of the length of the phase- 
shifting devices. Due to the compact, planar design, the 
phase-shifting devices are easily integrated with other 
microwave components and devices making them ideal for 
broadband applications requiring small, versatile, linear 
phase shifters. 

Spectrum Analyser Using a Resonance Cone Metamaterial 

The resonance cone metamaterial is useful in spectrum 
analysis. To illustrate this, a spectrum analyser incorporating 
resonance cone metamaterial was simulated. For the repre- 
sentation of metamaterial, analyser simulations employed a 
full-electromagnetic, thin-wire moment-method program, 
permitting the insertion of lumped circuit elements in finite- 
length wire segments. The basic network simulated is shown 
in FIG. 21, and includes a 12x12 unit cell array, each unit 
cell being a 2.5 mm square, yielding a total grid size of 30 
mmx30 mm. The grid is disposed above the ground plane a 
distance of 2.5 mm. The capacitance was 2 pF per segment 
and the inductance was 5.6 nH per segment. The chosen 
capacitance and inductance values were selected for avail- 
ability as well as to achieve the desired resonance cone 
effects using existing X-Y scanning and network analysis 
equipment. The inductors used in the experiment had a 
manufacturer nominal quality factor Q of around 27. This 
was achieved in the simulation by adding a 1.6£2 resistor in 
series with each inductor. A resistor of the same value was 
added in series with each capacitor as well. Also shown in 
FIG. 21 is a 100 kQ resistor from each grid intersection to 
ground to enable deduction of the grid-to-ground voltage 
from the computed resistor current. Along the edges, 50£2 
resistors were connected to ground in place of the 100 k£2 
resistors. For this value of edge resistance, resonance cone 
specular reflection from the edges is not significant. 

Contour plots of grid-to-ground voltage magnitude and 
the Poynting vector real parts evaluated from the electric and 
magnetic fields on the ground-plane level at the center of 
each unit cell for a corner feed of 1 volt are shown in FIG. 
22. The simulated resonance cones and the way the cone 
orientation scans with frequency over the eight frequencies 
employed are illustrated. The arrows depict the Poynting 
vector real parts calculated on the ground plane. From the 
Poynting vector plot it can be seen that power flow is 
directed along the resonance cones. Apparent specular 
reflection from the grid edges is sometimes visible (for 
example at 0.7, 0.9, 1.9 and 2.3 GHz) but generally it is 
weak. As well, very weak parasitic resonance cones can be 
seen in FIG. 22 (for example at 0.9 and 2.3 GHz), probably 
caused by scattering from the inhomogeneities inherent in 
the grid structure. FIG. 23 shows the frequency response for 
the voltages across the 50Q resistors to ground at all points 
along two edges of the grid. 

Focusing Device Using Two Resonance Cone Metamaterials 

Another focusing device making use of resonance cone 
metamaterial was created using a two media plane including 
metamaterial similar to that shown in FIG. 11. By inter- 
changing (transposing) the inductors and capacitors in the 
grid in part of the media, an interface is formed, separating 
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two media. If the plasma negative and positive permittivities 
are interpreted by representing the media in terms of arrays 
of inductors and capacitors respectively, then interchanging 
the inductors and capacitors corresponds to moving the 
operating point from one hyperbolic region to the other in 
the parameter space as shown in FIG. 20. The hyperbolic 
regions characterize the relevant partial differential equa- 
tion. The vertical axis involves the electron cyclotron fre- 
quency œw, and is proportional to the square of the ambient 
magnetic field, while the horizontal axis involves the plasma 
frequency «wm, and is proportional to the ambient electron 
density. The capacitor and inductor symbols characterize the 
impedance properties of the plasma medium as they effect 
the input of impedance of a small, spherical RF probe 
immersed in the plasma medium. These two hyperbolic 
regions suggest two quite different periodic physical media 
that, when interfaced, display unusual refraction phenom- 
ena. If the inductors and capacitors are regarded as physical 
entities and not just as aids to interpretation, a physical 
inductor-capacitor (L-C) network becomes a metamaterial 
that exhibits a resonance cone phenomena. This enables a 
two-medium configuration with a linear interface between 
the original medium and the transpose medium. 

The component layout of a focusing device including 
multi-resonance cone materials is shown in FIG. 24, and its 
physical grid realization is shown in FIG. 25 in which the 
grid elements are chip-type surface-mount inductors and 
capacitors soldered together. The grid has 12 by 12 unit 
cells. Medium 1 is constituted by the lower 5 rows of the 
grid and includes inductors on the horizontal segments and 
capacitors on the vertical segments. Medium 2 is constituted 
by the upper 6 rows of the grid and includes capacitors on 
the horizontal segments and inductors on the vertical seg- 
ments. The sixth row of cells is the transition region, or 
interface, where the lower edges of the unit cell carry 
inductive loads, the upper edges carry capacitive loads, and 
the vertical segments carry a capacitor on the lower half and 
an inductor on the upper half. Therefore the boundary 
between the two media lies in the middle of the transition 
region. 

To accommodate the physical size of the chip-type induc- 
tors and capacitors, the unit cells in the transition region are 
elongated 1.e. the vertical dimension is doubled compared to 
unit cells elsewhere in the grid. The overall size of the grid 
is 30 mmx32.5 mm and the boundary is a horizontal line 15 
mm from the bottom of the grid. The grid is aligned so that 
individual vertical transmission lines run directly through 
both media and the interface. In the refraction experiments, 
the vertical E-field is picked up by an open-ended coaxial 
probe positioned sequentially just above each conductor 
intersection, and the probe signal is fed to a network 
analyzer with output S21 which, when plotted on a linear 
scale, is approximately proportional to the grid-to-ground 
voltage. 

The two-medium result for corner feed with the feed point 
being below point A in FIG. 24, is shown in FIG. 26, which 
displays clearly the negative refraction of the resonance 
cone as it traverses the transposition interface. Experimental 
results at the top exhibit contours of normalized /S21/, and 
the simulation at the bottom exhibits contours of grid-to- 
ground voltage magnitude with the arrows depicting the 
Poynting vector real parts on the ground plane. The counter 
lines in the bottom plot are at the same levels as the three 
lowest contour lines in the top plot. Notice that specular 
reflection from the interface is negligible and there is no 
visible transmission into the second medium in the same 
direction as the incident cone. This can also be seen from the 
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Poynting vectors in the bottom plot of FIG. 26, which 
displays the simulation results, where the power flow asso- 
ciated with specular reflection from the interface is negli- 
gible and no power along the original resonance cone is 
transmitted into the second medium. In order to extend the 
refraction results to include focusing, the physical set-up of 
FIG. 25 was used with coaxial feed from beneath the ground 
plane to point B on the grid in FIG. 24, near the middle of 
one of the two planar metamaterials. 

Simulation and experimental results are shown in FIGS. 
27 and 28 at 1.3 GH,. The arrows display the Poynting 
vector real ports calculated on the ground plane. Heavy 
contour is at 0.707 of focal maximum of 0.867 units of 
normalized /S21/. Simulation and experimental results are 
also shown in FIGS. 29 and 30 at 1.7 GH. In FIG. 29 heavy 
contour is at 0.707 of focal maximum of 0.708 and in FIG. 
30 heavy contour is at 0.707 of focal maximum of 0.764. In 
all cases, one can see the cones emanating from the feed 
point (the “source”), the backward refraction at the y=15 
mm interface, and the cones merging at the “focus”. Note 
that in FIGS. 27 and 29 the power flow closely follows the 
directions of the resonance cones. Furthermore, FIG. 29 
shows the power flow emanating from the source and 
following the resonance cones to converge at the focus, from 
where it diverges again into a new set of resonance cones. In 
FIGS. 29 and 30, the focal region is taken to be bounded by 
the contour that is at 0.707 of the focal region maximum, so 
this contour may be termed the “half-power” contour. It is 
worth noting, that at 1.7 GHz, the experimental focal region 
boundary lies within a square measuring sth free-space 
wavelength on a side, so the phenomenon properly may be 
termed “sub-wavelength focusing”. In contrast, at 1.3 GHz 
the focal point is too close to the upper edge of the material 
to exhibit an equally well localized focal region, and thus 
this represents a useful low-frequency limiting case for the 
particular overall grid size in use. As well, with increasing 
frequency, it should be noted that the focal region moves 
gradually toward the boundary between the two media. 
Couplers Using Linear Metamaterials 

The present metamaterial is also useful in couplers by 
combining the metamaterial with conventional microchip 
(MS) transmission lines. In particular, it has been found that 
the metamaterial is useful in both a coupled-line coupler and 
a branch-line coupler. The MS/LHM coupled-line coupler is 
realized by means of one regular microstrip line that is 
edge-coupled to a LHM line. Such a coupler excites modes 
on the two lines whose propagation constants are 
co-directional but whose corresponding Poynting vectors 
are contra-directional, leading to backward power coupling. 
Moreover, by comparison to a conventional coupled-line 
microstrip coupler of the same length and line spacing, the 
present MS/LHM coupled-line coupler offers better perfor- 
mance in terms of coupled power, return loss and isolation 
without any bandwidth degradation. The MS/LHM coupled- 
line coupler can also be designed for arbitrary backward 
coupling. 

The branch-line coupler uses LHM lines to split power 
equally between the output ports with interesting phase 
compensation characteristics. In conventional branch-line 
couplers, the through and coupled ports are -90° and -180° 
out of phase respectively with reference to the input port. 
The present branch-line coupler using an LHM line, results 
in the power emerging from the coupled port to be in phase 
with the input port and permits a choice of either positive or 
negative phase-quadrature (+90°) at the through port. 

For ease of understanding, the theory behind the coupled- 
line coupler will be described. A MS/LHM coupled-line 
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coupler can be realized by means of one regular microstrip 
line that is edge-coupled to a LHM line as shown in FIG. 31. 
The LHM is synthesized by periodically loading a host 
microstrip transmission-line (TL) medium with series 
capacitors and shunt inductors. In such a backward-wave 
transmission line, the phase velocity and power flow are 
anti-parallel. 

Coupled-line couplers rely on proximity interaction of 
fields between transmission lines to transfer power between 
them. In co-directional coupled-line couplers, the direction 
of the propagation vectors on the two lines is the same. 
When such couplers are constructed using either two regular 
or two LHM lines, the underlying propagation phenomenon 
is fundamentally similar to that on a corresponding isolated 
line of the same type. Indeed in such co-directional couplers 
including two lines of the same type, the power also couples 
co-directionally and appears at the far end of the coupler (i.e. 
away from the source). Peculiar features arise when two 
different types of lines are used. Herein it is shown that a 
MS/LHM coupler excites co-directional forward traveling 
waves but delivers power backwards as a result of the power 
flow being contra-directional. 

The analysis presented herein assumes that port 1 in FIG. 
31(a) is the excited port. The operation of coupled line 
couplers can be understood in terms of constructive and 
destructive interference of the two modes that are allowed to 
propagate. Using a coupled-mode differential-equation 
formulation, it is possible to show that the general expres- 
sions for voltages and currents on the two lines take the 
form: 


VAS VACA ARO AE A eP) (16) 
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Subscripts 1 and 2 refer to line 1 (microstrip) and line 2 
(LHM) of the coupler respectively; c and x are the two 
possible modes and the coefficients R, and R,, are the ratios 
of the voltages on line 2 to line 1 for each mode. 

To analyze the MS/LHM coupler of FIG. 31, some 
simplifying assumptions are made. First, the lines of the 
coupler are assumed to the far removed from each other so 
that the coupled-mode propagation constants B, and f,, 
correspond to the isolated propagation constants B, and B, 
respectively of each line. This implies that ($, (LHM line) 
has a negative value. Hence all occurrences of B, and f,, in 
equations (16) to (19) can be replaced by B and B, respec- 
tively. Furthermore line 1 is assumed to be the excited line 
and therefore, it is anticipated that mode 1 will be the 
dominant mode for determining the voltage on line 1. 
Second, to minimize reflections, only the case of properly 
terminated lines is considered. Thus each mode travels in 
one direction only. Mode 1, being dominant on line 1, has a 
forward phase velocity and carries power away from the 
source. The dilemma lies in the choice of the direction of the 
phase velocity for mode 2. To resolve this issue, one can 
consider the limiting case when the magnitudes of the 
isolated propagation constants of the modes are close to each 
other. As mode 1 travels forward, due to phase matching 
constraints, it is expected that the coupled mode (mode 2 in 
this case) should also travel forward. The present situation is 
the reciprocal case and therefore, power from the excited 
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regular MS line will couple backwards into port 2 of the 
LHM line (see FIG. 31(a)). In the general case when the two 
mode propagation constants are not close to each other, 
maximum power can be coupled backwards into port 2 (see 
FIG. 32(a)) only when the excited modes are co-directional. 
Hence in the following discussion, only the case of 
co-directional (phase-wise) coupled modes will be consid- 
ered. 


Lastly, it is assumed that the magnitudes of the imped- 
ances for each mode on line 1 are the same and are denoted 
by Z,; similarly for line 2 they are denoted by Z.. Caution 
must be exercised in choosing the signs of the impedances 
in the current equations 3 and 4. The impedance term in front 
of V.* and V.~ (equation 3) will be positive as usual. Since 
V, and V,7 (equation 3) actually correspond to backward 
and forward traveling waves respectively on line 1 (due to 
the negative sign of f3,), and to ensure that the power carried 
by a forward traveling wave in a regular medium is also 
forward, Z„ı should be negative. Similar arguments applied 
to line 2 (LHM line) require that the sign of Z.» be negative 
and that of Z,,, be positive to ensure that power flow and 
phase flow occur in opposite directions. 

With these assumptions, equations (16) to (19) can be 
simplified to: 


Vi=V te HP y eb (20) 
Vo=R V te FP 4 RV, ef Poe (21) 
a e 
f= Ye quier + Yr piba? E 
Zi Zi 
h=- = Vie Fz — = V- edb22 és 
To Z © 


Applying boundary conditions at port 1 (presence of 
source V, and matching source impedance Z,) and port 4 
(termination to Z,) respectively yields: 


Vi eid 4 Vie ad = Ys (24) 


RVR,V, =0 (25) 


Solving for V.~ and V,, and plugging back into equa- 
tions (20) and (21), the following expressions for the line 


voltages along the coupler can be obtained: 
V, Re 1? — Re22 (26) 
Vi (z) = > R oiid — R.o-JBod 
R,e1¢ — R €32 
V, RR (e dB? — @f22) (27) 
V2(Z) = > 


2 R,eF 14 = R e- %24 


Equations (26) and (27) confirm that port 4 (z=0) is the 
isolated port and port 2 (z=-d) is the coupled port. Expres- 
sions for power delivered to the through port (port 3) and 
coupled port (port 2) can be derived from equations (26) and 
(27): 

LV? (RcRr¥ (1 — cos((Bi + Bard) (28) 
oon AR (R2 + R2 — 2R. Rrcos((B, + B21d) 
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-continued 
re 1 /V,\? RRT (29) 
de 7717) (R2 + R2—2R¿R,cos((B1 + B2)d)) 


From equation (29) it can be seen that the power delivered 
to the through port (port 3) is minimized (i.e. the power to 
the coupled port is maximized) when the argument of the 
cosine function in the denominator takes values which are 
odd integer multiples of x. This allows the definition of the 
coherence length of the coupler, which is the optimal length 
for maximum coupling, as: 


dcoherence= TW | B 1+ Bal (30) 


Note that in the above equation (30), B, is negative. An 
interesting feature of such a coupler is that it is possible to 
achieve arbitrary backward coupling by making the magni- 
tudes of the propagation constants of the two modes close to 
each other. 

Two coupled-line couplers were constructed, namely a 
short MS/LHM coupled-line coupler and a long MS/LHM 
coupled-line coupler with arbitrary coupling. The substrate 
used to construct the couplers was a low-loss Rogers™ 
TMM4® having a relative dielectric constant €,=4.6 and 50 
mils thickness (loss tangent=0.002). The regular MS lines 
were designed using a microwave-circuit simulator, whereas 
Matlab® simulations of the dispersion relation of the peri- 
odic LHM line were performed to estimate the correspond- 
ing propagation constant at the design frequency. Moreover, 
microwave circuit simulations of the couplers were per- 
formed using a microwave-circuit simulator. 

The short MS/LHM coupled-line coupler was designed 
with a finite coherence length to demonstrate the validity of 
the theory. The long MS/LHM coupled-line coupler has 
magnitudes of the two modal propagation-constants close to 
each other. By taking a finite number of cells (the optimal 
length infinite as defined by equation 15), a comparison with 
a conventional (MS/MS) coupled-line microstrip coupler of 
the same length, line spacing, and propagation constant is 
permitted. 

Using a microwave circuit simulator the widths of the 
lines of the short MS/LHM coupled-line coupler are 
designed so that both the MS and LHM lines have an 
impedance of 5002 when placed 0.4 mm apart. The width of 
the MS and LHM lines used was 2.383 mm. Using a unit cell 
size of 5 mm for the LHM line, the choice of the loading 
elements are 2.7 nH shunt inductors and 0.9 pF series 
capacitors. Again, the microwave circuit simulator is used to 
determine the effective dielectric constant for the line seg- 
ments. This is used in Matlab simulations of the periodically 
loaded transmission-line based LHM line to extract its 
dispersion characteristics (see FIG. 32(a)). A design fre- 
quency of 2.2 GHz is selected for this configuration so that 
the magnitude of the isolated propagation constants differ 
enough (see FIG. 32(a)) to give a short coherence length 
(see equation 15). 

A spatial Fourier transform of the line voltages, extracted 
by exciting port 1 in ADS simulations, is shown for both 
lines of the coupled-line coupler at 2.2 GHz using 400 
sample points (see FIGS. 33(a) and (b)). These plots dem- 
onstrate the validity of the assumption that the propagation 
constants of the coupled modes (|8,|=85.3 m”* and |B,|=195 
m”*) are indeed close to the isolated propagation constants 
of the individual lines (compare to FIG. 32(a)). Moreover 
the Fourier spectrum demonstrates that both modes propa- 
gate forward (co-directional) and that B} is dominant on line 
1 (MS). Furthermore, the assumption of minimal reflections 


45*99850 
R698! 
AT«9o o 
Aa: 150 
R9179 


Rige 63 


Fig. 2-12. Circuit for combined VOM with a 500 A 1509 meter. 


The rectangular openings were cut out with a nibbling tool and 
the switches were mounted to the box panel with pop rivets. 

With the use of 1% resistors, there is a possible error of + 
100k (that's with all resistors in circuit for a total of 9,999,999 
ohms). 

With this circuit, there is a possible monetary advantage over 
conventional resistance substitution boxes which usually require 
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is evident from the small peaks in the negative region of the 
spectrum in FIGS. 33(a) and 33(b). In addition, using 
equation (30), the coherence length is calculated to be 28.6 
mm and can be approximated by 6 unit cells of the MS/LHM 
coupled-line coupler. By comparing the coupled power as a 
function of frequency for various coupler sizes, this is 
verified to be true as shown in FIG. 34. Moreover, the input 
power at port 1 is V,*/8Z, and the output power at the 
coupled port is given by equation (28). The implicated 
voltage ratios R, and R, can be estimated from FIGS. 33(a) 
and 33(b) and the corresponding theoretical value for the 
coupled power (S,,) amounts to -7.46 dB at the coherence 
length, which is close to the simulation results for a 6 unit 
cell long coupler (see FIG. 34). 

Fair comparison between a conventional coupled-line 
backward coupler (MS/MS) and a metamaterial long 
MS/LHM coupled-line coupler (see FIG. 32(b)) can be 
made 1f their propagation constants and line impedances are 
similar. This is because, it is always possible to slow down 
the coupled waves and improve coupling in conventional 
couplers by loading them. For this purpose, a design fre- 
quency of 2.8 GHz (FIG. 32(a)) is selected. The widths of 
the MS and LHM strips of the MS/LHM coupled-line 
coupler are taken to be 2.45 mm and 2.0 mm respectively so 
that at a line separation of 0.4 mm at the design frequency, 
the impedances of each line are close to 50Q. The loading 
elements are the same as above with reference to the short 
MS/LHM coupled-line coupler. 

A regular MS/MS backward coupler was also designed at 
the same frequency with a propagation constant of 108.2 
m”* and impedance close to 504. The widths of the strips 
were taken to be 2.122 mm in this case and the length of the 
coupler was optimized to 14.5 mm (4/4). 

From MATLAB® simulations of the periodic LHM lines 
(see FIG. 32(a)) it is found that at 2.8 GHz, the propagation 
constants for both lines of the MS/LHM coupled-line cou- 
pler are similar to those of the MS/MS coupler lines (MS and 
LHM propagation constants are 108.9 m”* and 105 m™’ 
respectively). This makes the coherence length for the 
MS/LHM coupled-line coupler very long (equation 15). For 
comparison with the designed conventional MS/MS coupler, 
the former is constructed out of 3 unit cells corresponding to 
a total length of 15 mm (see FIG. 32(b)). 

From theory (equation (15)) it is anticipated that this 
MS/LHM coupled-line coupler will have a long coherence 
length if the propagation constants of its two modes are close 
to each other. This is true at 2.8 GHz as shown in the 
dispersion diagram for the LHM-line (see FIG. 31(a)). 

For comparison with a conventional MS/MS backward 
coupler, simulation and experimental results are presented in 
FIGS. 35(a) to 35(c), involving a A/4 MS/MS coupler and a 
3 unit cell long MS/LHM coupled-line coupler, both of 
approximately equal lengths, equal spacing and propagation 
constants (see FIG. 32(b)). The return loss (S,,), isolation 
(S,,) and coupled power (S,,) for each coupler were mea- 
sured using a HP8753D network analyzer and values 
obtained were compared to microwave-circuit simulation 
results. As shown in FIG. 35(a), the coupled power of the 
MS/LHM coupled-line coupler is better than that of the 
MS/MS coupler. Furthermore, from FIG. 35(b), it is seen 
that the amount of power leaking into the isolated port of the 
MS/LHM coupled-line coupler is lower than that of the 
corresponding MS/MS coupler. In addition, at the design 
frequency, the return loss of the MS/LHM coupled-line 
coupler is lower than its conventional counterpart (see FIG. 
35(c)). Hence, the metamaterial MS/LHM coupled-line cou- 
pler exhibits superior performance in terms of the coupled 
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power, isolation and return loss when compared to a con- 
ventional MS/MS coupler of the same length, line separation 
and propagation constant. 

As expected from the dispersion analysis and the theory 
presented earlier, the MS/LHM coupled-line coupler has a 
very large coherence length. Under such conditions, arbi- 
trary coupling can be achieved as demonstrated in FIG. 
35(d). As the number of unit cells is increased, the coupled 
power improves and it is possible to achieve close to 0 dB 
coupled power. 

Overall, there is good agreement between theory, simu- 
lation and experiment. The predictions of the coherence 
length as well as the level of the coupled power agree well 
with the experimentally observed results. The coupled-line 
coupler demonstrates better performance in terms of 
coupling, isolation and reflection when compared to a con- 
ventional microstrip coupler of the same length, line spacing 
and propagation constant. 

Small discrepancies between simulation and experimental 
results can be attributed to a number of factors. The absence 
of accurate models for the inductors used and their self- 
resonance characteristics affect the design. Moreover chip 
components with finite dimensions add to the overall elec- 
trical length of the MS/LHM coupler which needs to be 
properly accounted for. 

In conventional microstrip branch-line couplers, power 
splits equally between the through and coupled ports and the 
ports are —90° and -180° out of phase respectively with 
reference to the input port. Interesting phase compensation 
effects can be achieved when some of the branches of the 
branch-line couplers are replaced by LHM lines. 

Two different branch-line coupler designs are presented 
below denoted as type 1 and type 2. The type 1 branch-line 
coupler uses regular microstrip lines for the low-impedance 
branches and LHM lines for the high-impedance branches 
(see FIG. 36(a)). The type 2 branch-line coupler is the dual 
of the type 1 branch-line coupler and utilizes LHM lines for 
the low-impedance branches and microstrip lines for the 
high-impedance branches (see FIG. 36(b)). For both branch- 
line couplers, power splits equally between the two output 
ports with a 0°-phase shift with respect to the input at the 
coupled port. Furthermore, the type 1 branch-line coupler 
offers a negative phase quadrature (-90°) while the type 2 
branch-line coupler provides a positive phase quadrature 
(+90°) at the through port with respect to the input port. 

FIG. 36(a) shows the structure of the type 1 branch-line 
coupler made of alternating MS and LHM lines. The scat- 
tering parameters of the coupler can be determined using 
even-odd mode analysis. It can be easily shown that the 
impedance looking into a segment of LHM transmission line 
of length d is given by: 


E ZL + jZotanfd 
O Z + jZ.tenfpd 


Lin i 


where: 

Z, is the load impedance at the end of the line; 

Zo is its characteristic impedance; and 

B is a negative number corresponding to the propagation 
constant. 

For the purpose of analysis, port 1 is excited by a source 
V, of internal impedance Z, and all other ports are termi- 
nated at Zo. In the even mode analysis, both port 1 and port 
2 are excited by V /2 sources. In the odd mode, the source 
at port 1 is V,/2 and the source at port 2 is -V,/2 (see FIG. 
37). 

In the even mode, looking down the LHM lines at port 1 
and port 3 (see FIG. 36(a)), one sees open A/8 lines and 
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hence (id is —11/4. From equation (31), this corresponds to 
shunt loading of the 4/4 MS line at its ends by a susceptance 
-jY, (see FIG. 37). In the odd mode, one can observe 
shorted A/8 segments of LHM lines instead, corresponding 
to shunt loading of the MS line by a susceptance ]Yo. 

By analyzing the equivalent circuits in FIG. 37, it is seen 
that the impedance looking into each port is Zo. Since the 
ports are always matched, S,,, S22, $33 and S4, are zero. As 
the waves in each port travel in only one direction, by 
superposition of the even and odd modes, S,, is zero. In the 
even mode, the signal at port 1 can be related to the signal 
at port 3 by the following transfer matrices: 


n ya (32) 
ls a Pee 
1 =J to INI 0 —fto 340 
(33) 


l Vs : even 
= —H(1-p=Vi 


V2 4 


even 


E V; 


In the even mode, the voltage at port 3 and port 4 are 
identical (see FIG. 37). In the odd mode, the transfer 
matrices are: 


e Zo (34) 
A | : Le va] 
i ae jYoV2 0 A = 
0 (35) 
ul 1 i J | 1 J Va | 
I | jYo 1 Yo 1 || VY 
2 FLO ¡Lo UT 0 Ito 4fo 
1 Y, ¡A (36) 
e youd =-— *(1 + j); Vo" = — (1 + 
3 z 7 | Ds Va oA 7. ) 


where equation (34) is the transfer matrix from port 1 to port 
3 and equation (35) is the transfer matrix from port 2 to port 
4 (see FIG. 37). The amplitude of the total incident voltage 
(odd and even) at port 1 is V /2. Hence from superposition 
of the modes, S3, and S,, are equal to -j/V2 and 1/v2 
respectively. The scattering matrix for the MS/LHM branch- 
line coupler is: 


Y 87) 


ví Go Do sj 1 
V> 1/0 0 1 -¿[|v 
vs} y2|-sj 1 0 Olly 
Va 1 -j 0 0 vi 


From equation (37), it is seen that in the MS/LHM 
branch-line coupler, the power divides equally between the 
through port (port 3) and coupled port (port 4) and they are 
90° and 0° out of phase respectively with reference to the 
input (port 1). 

To construct the type 1 branch-line coupler a substrate 
similar to that of the coupled-line couplers was used. In the 
type 1 branch-line coupler, the MS strips have an impedance 
of 50/4262 whereas LHM strips have an impedance of 509 
(using a microwave-circuit simulator). The design frequency 
is chosen to be 1.9 GHz so that each side of the coupler is 
1/4 long (from Matlab® simulations of the dispersion char- 
acteristics of the line). The MS line used is 4.018 mm wide 
and 20.603 mm long. The LHM-line strip comprises 3 unit 
cells of width 2.343 mm and length 5.2 mm each. The latter 
is loaded with 3.3 nH shunt inductors and 1.6 pF series 
capacitors. The end capacitors of each LHM line segment 
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are 2.4 pF. The terminating capacitors are chosen to be 
almost twice the value of the interior ones to preserve the 
symmetry of the unit cells making up the LHM lines (see 
FIG. 31(b)). 

During simulation, port 1 of the branch-line coupler 
shown in FIG. 36(a) is excited in a microwave-circuit 
simulation and all other ports are terminated with 50£2 loads. 
The reflected power (S,,), isolation (S,,), through power 
(S31) and coupled power (S,,) are recorded and compared to 
theoretical estimates from even-odd mode analysis. To apply 
the previously presented even-odd mode analysis, Matlab® 
simulations are performed for both lines to determine their 
dispersion characteristic. Subsequently, the corresponding 
phase shifts are used in the even-odd mode analysis. These 
theoretical results are compared with a microwave-circuit 
simulation and are presented in FIGS. 38(a) to 38(c). 

In this branch-line coupler, the input power splits in half 
between the through port (port3) and coupled port (port 4) 
as expected (see equation (22)). This is demonstrated in 
FIGS. 38(a) and 38(b). FIGS. 38a and 385 also show that at 
the design frequency, the through and coupled ports are 
matched (see S,, in FIG. 38(a)) and port 2 is isolated (see 
FIG. 38(b)). In FIGS. 38(a) and 38(b) the response of a 
commensurate, conventional, branch-line coupler is also 
included for comparison purposes. As shown, there is no 
degradation of the useful bandwidth between the conven- 
tional and the type 1 branch-line coupler. However, from 
theory the through port (port 3) undergoes a phase shift of 
-90° and the coupled port (port 4) undergoes a phase shift 
of 0° with respect to the input. This is clearly demonstrated 
from the simulation results in FIG. 38(c). 

The schematic for the type 2 MS/LHM branch-line cou- 
pler is shown in FIG. 36(b). The scattering parameters for 
this branch-line coupler can be determined in the same way 
followed for the type 1 case. Since in this branch-line 
coupler, the MS and LHM lines are switched, every occur- 
rence of j in equations (32) to (37) is replaced by -j. Hence 
the scattering matrix for the type 2 MS/LHM branch-line 
coupler is: 


Vp 0 0 j ivi (38) 
V5 1/0 01 ¿Iv 
v; | V2l|g 1 0 Oll vz 
Vi 1 j 0 O}l yy 


From equation (38), it is seen that in the type 2 MS/LHM 
branch-line coupler, the power divides equally between the 
through port (port 3) and coupled port (port 4) and the parts 
are +90° and 0° out of phase respectively with reference to 
the input (port 1). 

For the type 2 branch-line coupler, the LHM strips are 
designed with 50/4262 impedance and the MS strips with 
5062 impedance. The design frequency is chosen at 1.7 GHz 
so that again all sides are A/4 long. In this case, the MS lines 
used are 2.342 mm wide and 23.645 mm long. The LHM- 
line strip comprises 3 unit cells of width 4.017 mm and 
length 5 mm each. The latter is loaded with 2.7 nH shunt 
inductors and 2.4 pF series capacitors, with terminating 4 pF 
capacitors for the LHM lines. 

The type 2 branch-line coupler splits the input power 
equally between the two forward ports (through and 
coupled) and the backward port is isolated. As will be 
appreciated, the magnitude response is very similar to that of 
the type 1 branch-line coupler. From theory (equation (23)) 
and verified from the simulation results in FIG. 38(d), the 
through port (port 3) undergoes a phase shift of 90° and the 


US 6,859,114 B2 


23 


coupled port (port 4) undergoes a phase shift of 0° with 
respect to the input. 

A conventional branch-line coupler allows for equal 
power split between the output ports but with -90° and 
-180° phase shifts with respect to the input (see FIGS. 38(a) 
to 38(c)). As will be appreciated, the present branch-line 
couplers offer more options in the design of circuits involv- 
ing branch-line couplers. than available with conventional 
branch-line couplers. Specifically either a positive or a 
negative phase quadrature at the through port can be 
achieved, associated with a phase compensation at the 
coupled port. 

The present coupled-line coupler demonstrates superior 
performance in terms of coupling, isolation and return loss 
when compared to a conventional microstrip coupled-line 
coupler of the same length, line spacing and propagation 
constant. Moreover, it is possible to realize such MS/LHM 
coupled-line couplers to achieve an arbitrary coupling coef- 
ficient. Furthermore, MS/LHM branch-line couplers possess 
similar functionality to their conventional counterparts when 
considering the magnitude of the power transfer between the 
ports. However, new functionality is added by the ability to 
obtain phase compensation at the coupled port (0° phase 
shift with respect to the input) along with a choice of either 
a positive or a negative phase quadrature (+90° phase shift) 
at the through port. On the other hand, the corresponding 
bandwidth remains comparable to that of conventional, 
commensurate, microstrip branch-line couplers. 

Backward Leaky-Wave Antenna Using Metamaterial 

Charged particles traveling at speeds greater than the 
phase velocity of light in a medium emit coherent radiation 
better known as Cherenkov radiation. The angle of the 
radiated conical wave front is given by the velocity of the 
particle (V) with respect to the phase velocity of EM waves 
(v) within the medium in the following manner: 

(39) 


Cos(0) = v/V = ci 


where: 

no is the refractive index of the surrounding medium; 

c is the speed of light in a vacuum; and 

O is the angle between the particle velocity and the 

radiated EM wave front. 
This expression suggests that in a medium with negative no, 
the angle O becomes obtuse. This implies that radiation is 
directed backward rather than forward, as is the case in a 
RHM. 

Similarly, if a periodic guiding structure supports Bloch 
currents (moving charge) or equivalently EM waves with 
phase velocities greater than the speed of light, the angle of 
the radiated wave front is derived from equation (39) by 
letting V be the phase velocity of the EM wave along the 
guiding interface. This is due to the phase matching condi- 
tion along the interface of the guide and surrounding 
medium. If the guiding structure is a medium with an 
effective refractive index n,, and the surrounding medium 
has a refractive index no, then the angle of the radiated wave 
front is given by the following expression: 

c {no (40) 


hy 
cjn Ro 


Cos(@) = 


The above equation indicates that if the refractive index of 
the guiding medium (n,) is negative, the radiation emitted 
into a RHM will be directed backward. It is in fact the phase 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


24 


advancement (backward-wave propagation) that causes 
backward radiation into the surrounding medium. 

In order to excite backward-wave radiation from a dual 
transmission line LHM into free space, the L, C parameters 
need to be chosen such that the effective refractive index of 
the LHM, (n,), is negative and smaller in magnitude than 
one, as indicated by equation (40). Equivalently, the mag- 
nitude of the propagation constant along the guiding LHM 
needs to be designed to be smaller in magnitude than the 
propagation constant in free-space ko. 

A radiating LHM antenna at 15 GHz based on dual 
transmission lines of the type shown in FIG. 13 was created. 
The LHM antenna includes 16 unit cells, with each unit cell 
having a dimension of 4.268 mm, approximately a factor of 
5 smaller than the free-space wavelength of 2 cm at 15 GHz. 
Thus, the antenna can be treated as an effective medium. 
Commercial method of moments software was used to 
design the layout of the antenna. The LHM was fabricated 
by a mask/photo-etching technique on a 20-mil thick Rog- 
ers™ RO3203 circuit board with a relative permittivity of 3. 
The interconnecting transmission line sections were imple- 
mented in coplanar waveguide (CPW) technology. The 
transmission lines include a planar center conductor with 
two adjacent ground planes on either side. In the coplanar 
waveguide configuration, both ground planes and the center 
conductor lie in the same plane, which allows the simple 
integration of shunt inductors and series capacitors. The 
gaps in the CPW center conductor serve as the series 
capacitors and the narrow lines connecting the center con- 
ductor to the coplanar ground planes act as the shunt 
inductors. It is in fact these capacitive gaps that radiate in the 
structure and cause a backward emerging transverse mag- 
netic wavefront. On the contrary, the inductive lines are 
non-radiating due to the antiparallel currents flowing on 
each pair of inductive lines. This odd symmetry causes 
cancellation in the far field and leads to low cross- 
polarization levels. 

Although there are various radiating structures that 
exhibit phase and group velocities of opposite sign, the 
proposed structure, unlike conventional structures operates 
in the long wavelength regime and demonstrates backward- 
wave radiation in its lowest passband of operation. The 
proposed structure supports a backward-wave fundamental 
spatial harmonic that radiates. Early examples of backward- 
wave radiating structures include the helix antenna, corru- 
gated dielectric, or metallic surfaces, and periodic arrays of 
radiating elements fed by slow wave transmission line 
sections of large periodic spacing (d>A/2). These structures, 
however, radiate in higher-order passbands (exhibit higher- 
order radiating spatial harmonics) and therefore, effective 
material constants such as a refractive index cannot in 
general be defined. On the other hand, log-periodic dipole 
arrays and related uniform dipole arrays with a transposed 
feed have shown to produce backward waves even for small 
longitudinal periodic spacings. Nevertheless, the dipoles are 
resonant so element dimensions still remain electrically 
large (~A/2) and therefore effective material parameters, e 
and m cannot be defined. 

Super-Lens Formed From Metamaterials and RHM 

The present metamaterial is also suitable for use in a 
focusing device that overcomes diffraction limits, hereinaf- 
ter referred to as a “super-lens”. The super-lens includes 
two-field focusing devices of the type previously discussed 
and is formed by sandwiching the LHM between the two 
RHM at two parallel interfaces. The LHM is a planar slab 
having a grid of printed metallic strips over a ground plane, 
loaded with series capacitors C and shunt inductors L. The 
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two RHMs are two unloaded printed grids which act as 
homogeneous and isotropic media with positive indices of 
refraction. 

FIG. 39 illustrates the planar transmission line left-handed 
super-lens. The unit cell of the left-handed grid is shown in 
the top insert while the unit cell of the positive refractive 
index grid is shown in the bottom insert. The super-lens is 
fabricated on a grounded microwave substrate (Rogers™ 
RO3003) of thickness 60 mil (1.52 mm) and dielectric 
constant €,=3.00. The left-handed slab has a 5x19 grid of 
printed metallic strips (microstrip lines) loaded with series 
chip capacitors C and shunt chip inductors L to the ground. 
Each unit cell has dimensions 8.40 mmx8.40 mm and 
therefore is much smaller than the nominal operating wave- 
length of 15.59 cm at 1 GHz. Hence, the loaded periodic grid 
acts as an effective medium exhibiting a negative index of 
refraction. The left-handed planar slab is sandwiched 
between two commensurate unloaded printed grids that act 
as effective homogenous media with positive indices of 
refraction. The unloaded grid and ground plane behave like 
a dielectrically loaded parallel-plate waveguide, but in addi- 
tion allow simple measurement of the guided fields through 
proximity coupling. The left-handed grid is designed so that 
it is impedance matched and exhibits a refractive index of -1 
relative to the unloaded grids at the design frequency of 1.00 
GHz. 

The first unloaded grid is excited at a point which is 
imaged by the left-handed slab to the second unloaded grid, 
with a vertical monopole fed by a coaxial cable through the 
ground plane. The monopole attaches the center conductor 
of the coaxial cable to a point on the unloaded grid, while the 
outer conductor of the coaxial cable attaches to the ground 
plane. The vertical monopole lies along the center row (row 
0), located 2.5 unit cells away from the first interface of the 
left-handed slab. According to geometrical optics, the source 
and image should be symmetrically positioned with respect 
to the left-handed slab. This is due to the fact that the 
distance from the source to the first interface (2.5 unit cells) 
is half the left-handed slab thickness (5 cells). The set-up 
shown in FIG. 39 is a practical implementation for imaging 
a point source from one homogeneous dielectric to another 
using a left-handed slab. 

The vertical electric field over the entire structure is 
measured using a detecting probe. The field is detected 0.8 
mm above the entire surface of the structure, using a short 
vertical probe connected to a Hewlett-Packard Vector Net- 
work Analyzer model 8753D. Port 1 of the network analyzer 
is connected to the coaxial cable that feeds the exciting 
monopole. Port 2 is connected by a separate coaxial cable to 
the detecting probe that is scanned above the surface of the 
structure using a computer-controlled stepper motor. The 
measured transmission coefficient is proportional to the 
voltage of the grid nodes with respect to the ground plane. 
The best focusing results were observed at 1.057 GHz, a 
frequency slightly higher than the design frequency of 1.00 
GHz. This is primarily due to the variation of chip inductors 
and capacitors from their nominal values, as well as fabri- 
cation tolerances in printing the grid lines. The measured 
vertical electric field above each unit cell for the entire 
structure is shown in FIG. 40, at a frequency of 1.057 GHz. 
The plot is normalized with respect to the source amplitude. 
The source is located at (column, row)=(0,0) and the image 
at (10,0), whereas the first and second interfaces are located 
between columns 2 & 3 and 7 & 8, respectively. As shown, 
the enhancement of evanescent waves is quite evident at the 
second interface of the left-handed slab near the center row 
(row 0) and the results agree well with microwave-circuit 
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simulations. FIG. 41 explicitly shows the measured electric 
field along row 0 to emphasize the growing evanescent fields 
within the left-handed lens. The vertical dashed lines iden- 
tify the source at column 0 and the image at column 10 while 
the vertical solid lines identify the interfaces of the left- 
handed slab. 

Geometrical optics establish that the source and its image 
should be separated by twice the thickness of the slab 
(2x5=10 unit cells). Thus, the measured vertical electric field 
along the image column (column 10) is shown in FIG. 42. 
Plotted in the same Figure are the measured transverse 
patterns at the source column (column 0), as well as the 
theoretical diffraction-limited pattern. All patterns in FIG. 42 
are normalized to unity for comparison purposes. 
Nevertheless, the measured source and image peaks lie 
within 7% of each other. In addition, it is important to 
explain how the theoretical diffraction-limited pattern was 
computed. Due to the close proximity (0.54 effective 
wavelengths) of the source and its image, evanescent waves 
that reach the image should be accounted for. For this 
reason, the diffraction-limited pattern assumes that the 
propagating components are focused whereas the evanes- 
cent components are not neglected, but rather assumed to 
exponentially decay from the source to the image, with 
attenuation factors corresponding to a refractive index of 
n=+1. Expressions for the voltage (V) at the image plane 
(column 10) are given by the integral in equation 41 below: 


gikaP pike D piksx 
Vía) =C e de 
—o0 Ka 


(41) 


k 


Z 


1=-k =k, -k for k „<k, (propagating waves) 


k.¡=k 5=1Vk,?-k,” for k >k, (evanescent waves) 


Z 


where: 

C is a constant that normalizes V(0)=1; 

D is the width of the lens; and 

k, is the intrinsic wavenumber in all grid media. 

The half-power beamwidth of the diffraction-limited image 
shown in FIG. 42 is 129 degrees. It was found that the 
diffraction-limited image including attenuating evanescent 
waves and the image neglecting them altogether are almost 
identical. 

With this clarification in mind, a comparison of the 
images shown in FIG. 42 can be made. Clearly, the mea- 
sured image pattern is narrower than the theoretical 
diffraction-limited one. The measured half-power beam- 
width is 75 degrees. This is significantly narrower than the 
129 degrees for the diffraction-limited image. This estab- 
lishes that it is possible to overcome the diffraction limit 
when imaging from one homogeneous dielectric to another 
through a left-handed isotropic lens. This narrowing of the 
beamwidth beyond the diffraction limit can be ascribed to 
the enhancement of the evanescent waves evident in FIGS. 
39 and 40. Nevertheless, the image is still imperfect since 
the source beamwidth is narrower than that of the image. 
This is not surprising considering that slight material losses 
and mismatches at the lens interfaces lead to departures from 
the n=-1 condition and thus, degrade the ability of a 
left-handed lens to achieve perfect imaging. 

Resonance Cone Antenna 

Resonance cone metamaterial may also be used in an 
antenna, by shunting the metamaterial with inductors, at the 
transmission line intersections. FIG. 43 shows a resonance 
cone antenna 4300 constructed using metamaterial. The 
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antenna includes a 2x3 array of macrocells. Each macrocell 
includes a plurality of microcells of orthogonal pairs of 
transmission line segments joined in a substantially rectan- 
gular fashion. The segments are loaded periodically with 
lumped capacitors in one direction and lumped inductors in 
a perpendicular direction. The microcells of the macrocells 
have a shared orientation that is different from the orienta- 
tion of microcells in adjacent macrocells by 90 degrees. 
Macrocells are joined by transition regions similar to those 
described previously with reference to the focusing device. 
The transmission line segments of the transition regions 
include both lumped capacitors and inductors arranged in a 
manner consistent with FIG. 24. The device input, or feed 
point, is located at the transition region adjacent the center 
of the macrocell array. 

This arrangement of metamaterials, and input location 
allows input waves of compatible wavelength, to form a 
resonance cone patern of two squares that are multi- 
refracted within the macrocell array. This gives radiation 
patterns that can be close to the ground plane or elevated, but 
do not suffer from unwanted edge interactions as shown in 
FIGS. 44 and 45. Moreover, as the frequency departs from 
the design value, the resonance cone squares turn into 
expanding or contracting square spirals that become weak 
before reaching the grid edges due to radiation or ohmic 
losses. This phenomenon is inherently non-resonant which 
leads to broadened operating bandwidths as compares to 
patch antennas over ground. 

As will be appreciated it has been shown that negative 
refraction and focusing of electromagnetic waves can be 
achieved in metamaterials that support backward waves 
without employing resonances or directly synthesizing the 
permittivity and permeability. Schemes for fabricating such 
media by appropriately loading a host transmission line 
medium have also been described. The resulting planar 
topology permits LHM structures to be readily integrated 
with conventional planar microwave circuits and devices 
and used in a variety of applications to guide and control 
electromagnetic radiation. 

Although preferred embodiments of the present invention 
have been described, those of skill in the art will appreciate 
that variations and modifications may be made without 
departing from the spirit and scope thereof as defined by the 
appended claims. 

What is claimed is: 

1. A planar metamaterial comprising: 

two substantially orthogonal, coplanar sets of transmis- 
sion lines, said transmission lines being spaced with a 
periodicity, loaded with capacitors with said 
periodicity, and shunted with inductors with said peri- 
odicity such that for an electromagnetic wave having a 
wavelength greater than said periodicity and traveling 
along the plane of said transmission lines, an effective 
permeability and permittivity of said metamaterial are 
simultaneously negative. 

2. Aplanar metamaterial according to claim 1 wherein the 
wavelength of said electromagnetic wave is greater than said 
periodicity by an order of magnitude. 

3. A linear metamaterial comprising: 

a transmission line, having a linear dimension, and being 
loaded with capacitors, and shunted with an inductor 
such that for an electromagnetic wave having a wave- 
length greater than said linear dimension and traveling 
along the axis of said transmission line, an effective 
permeability and permittivity of said metamaterial are 
simultaneously negative. 

4. Aplanar metamaterial according to claim 3 wherein the 

wavelength of said electromagnetic wave is greater than said 
periodicity by an order of magnitude. 
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5. A metamaterial according to claim 4 wherein the values 
of said capacitors and inductor are proportioned to provide 
a continuous passband for said electromagnetic wave. 

6. A metamaterial according to claim 4 wherein said 
transmission line includes two substantially identical capaci- 
tors on either side of said inductor. 

7. A metamaterial according to claim 4 further comprising 
a plurality of substantially identical transmission lines 
arranged in series. 

8. A metamaterial according to claim 7 wherein each 
transmission line includes two substantially identical capaci- 
tors on either side of said inductor. 

9. A metamaterial according to claim 8 wherein the values 
of said capacitors and inductor are proportioned to provide 
a continuous passband for said electromagnetic wave. 

10. A planar resonance cone metamaterial comprising: 


a first set of transmission lines, spaced with a periodicity, 
and loaded with capacitors with said periodicity; 


a second set of transmission lines, substantially orthogo- 
nal and coplanar with said first set of transmission lines, 
said second set of transmission lines being spaced with 
said periodicity, and loaded with inductors with said 
periodicity, said first and second sets of transmission 
lines exhibiting characteristics such that for an electro- 
magnetic wave having a wavelength greater than said 
periodicity by an order of magnitude, and traveling 
along the linear axis of said first set of transmission 
lines, an effective permittivity of said metamaterial is 
positive such that for an electromagnetic wave having 
a wavelength greater than said periodicity by an order 
of magnitude and traveling along the linear axis of said 
second set of transmission lines, the effective permit- 
tivity of said metamaterial is negative. 

11. A metamaterial according to claim 10 further com- 
prising an input on the perimeter of said metamaterial 
coincident with an intersection of one transmission line of 
said first set and one transmission line of said second set and 
a plurality of outputs on the perimeter of said metamaterial 
coincident with intersections of transmission lines of said 
first and second sets. 

12. A planar resonance cone metamaterial comprising: 


a first set of transmission lines, spaced with a first 
periodicity, and loaded with capacitors with a second 
periodicity; 

a second set of transmission lines, substantially orthogo- 
nal and coplanar with said first set of transmission lines, 
said second set of transmission lines being spaced with 
said second periodicity, and being loaded with induc- 
tors with said first periodicity whereby for an electro- 
magnetic wave having a wavelength greater than said 
first and second periodicities by an order of magnitude 
and traveling along the longitudinal axis of said first set 
of transmission lines, an effective permittivity of said 
metamaterial is positive and for an electromagnetic 
wave having a wavelength greater than said first and 
second priodocities and traveling along the longitudinal 
axis of said second set of transmission lines, the effec- 
tive permittivity of said metamaterial is negative. 

13. A near field focusing device comprising: 

a first set of transmission lines, said first set of transmis- 
sion lines being spaced with a first periodicity and 
loaded with capacitors with a second periodicity; 

a second set of transmission lines, substantially orthogo- 
nal to, and coplanar with said first set of transmission 
lines, said second set of transmission lines being spaced 
with said second periodicity, loaded with capacitors 
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with said first periodicity, and shunted with inductors, 
said first set of transmission lines intersecting said 
second set of transmission lines such that for an elec- 
tromagnetic wave having a wavelength greater than 
said first or second periodicity by an order of 
magnitude, and traveling along the plane of said trans- 
mission lines, an effective permeability and permittiv- 
ity of said metamaterial are simultaneously negative; 
and 


a planar waveguide having a flat extent, coupled to said 


transmission lines, such that said flat extent is parallel 
to one set of transmission lines. 


14. A phase-shifting device comprising: 
a transmission line, having a linear dimension and char- 


acteristic impedance; 


capacitors loaded on said transmission line; and 
an inductor shunting said transmission line, said trans- 


mission line exhibiting characteristics such that for an 
electromagnetic wave having a wavelength greater than 
said linear dimension by an order of magnitude and 
traveling along the axis of said transmission line, an 
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effective permeability and permittivity of transmission 
are simultaneously negative and such that said trans- 
mission line provides a continuous passband for said 
electromagnetic wave along said transmission line. 

15. A phase-shifting device according to claim 14 further 
comprising a plurality of transmission lines coupled in 
series. 

16. A phase-shifting-device according to claim 15 
wherein each transmission line includes a pair of identical 
capacitors on either side of said inductor. 

17. A near field focussing device comprising: 


a parallel-plate waveguide; and 


a negative refractive index metamaterial in line with said 

waveguide and forming an interface therewith. 

18. A focussing device according to claim 17 wherein said 
waveguide serves as a right-handed medium, electromag- 
netic radiation passing through said interface from said 
waveguide being focussed in said metamaterial. 
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1 Ohm 

2 Ohm 

3 Ohm 

10 Ohm 

20 Ohm 

30 Ohm 

100 Ohm 

200 Ohm 

300 Ohm 

1k Ohm 

2k Ohm 

3k Ohm Table 2-3. Resistor 

10k Ohm Substitution Box Parts List. 

20k Ohm 

30k Ohm 

100k Ohm 

200k Ohm 

300k Ohm 

1 Megohm 

2 megohm 
R27-R28 3 megohm 
S1 through S28—SPST slide or 
toggle switches 
BPI, BP2—5-way binding posts 
Misc.—wire, cabinet, rub-on 
letters and numbers 


sixty-three resistors and seven ten-position switches to cover the 
same range. 


Capacitor Substitution Box 

This capacitor substitution box has a range of from 10 pF to 
within 10 pF of 1 uF, in 10-pF steps. That amounts to 99,999 
possible values. This is done with only twenty capacitors and 
switches. Construction of this unit is simple and straightforward. 
The capacitors are connected between a common line (B1) and one 
terminal on each switch. The other terminals on the switches are 
wired to B2. The switches are arranged in rows of four down and 
five across (Fig. 2-14 and Table 2-4). I used mica (5%) and poly- 
styrene (2%) capacitors in my unit. 

Of course, the tighter the tolerance on the capacitors, the 
more accurate the unit. 


WIDE-RANGE Rf RESISTANCE BRIDGE 


Figure 2-15 shows the wide-range bridge principle explained 
by a simple numerical example. The two legs of the bridge, R, and 
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WIDEBAND ELECTROMAGNETIC 
CLOAKING SYSTEMS 


RELATED APPLICATION 


This application claims priority to U.S. Provisional Patent 
Application No. 61/189,966, filed 25 Aug. 2008 and entitled 
“Method and Apparatus for Wideband Electromagnetic 
Cloaking, Negative Refractive Index Lensing and Metamate- 
rial Applications,” the entire contents of which are incorpo- 
rated herein by reference. 


BACKGROUND 


Much time and effort has been devoted to the quest for 
so-called invisibility machines. Beyond science fiction, how- 
ever, there has been little if any real progress toward this goal. 

Materials with negative permittivity and permeability lead- 
ing to negative index of refraction were theorized by Russian 
noted physicist Victor Veselago in his seminal paper in Soviet 
Physics USPEKHI, 10, 509 (1968). Since that time, metama- 
terials have been developed that produce negative index of 
refraction, subject to various constraints. Such materials are 
artificially engineered micro/nanostructures that, at given fre- 
quencies, show negative permeability and permittivity. 
Metamaterials have been shown to produce narrow band, e.g., 
typically less than 5%, response such as bent-back lensing. 
Such metamaterials produce such a negative-index effect by 
utilizing a closely-spaced periodic lattice of resonators, such 
as split-ring resonators, that all resonate. Previous metama- 
terials provide a negative index of refraction when a sub- 
wavelength spacing is used for the resonators. 

In the microwave regime, certain techniques have been 
developed to utilize radiation-absorbing materials or coatings 
to reduce the radar cross section of airborne missiles and 
vehicles. While such absorbing materials can provide an 
effective reduction in radar cross section, these results are 
largely limited to small ranges of electromagnetic radiation. 


SUMMARY 


Embodiments of the present disclosure can provide tech- 
niques, including systems and/or methods, for cloaking 
objects at certain wavelengths/frequencies or over certain 
wavelength/frequency ranges (bands). Such techniques can 
provide an effective electromagnetic lens and/or lensing 
effect for certain wavelengths/frequencies or over certain 
wavelength/frequency ranges (bands). 

The effects produced by such techniques can include 
cloaking or so-called invisibility of the object(s) at the noted 
wavelengths or bands. Representative frequencies of opera- 
tion can include, but are not limited to, those over a range of 
500 MHz to 1.3 GHz, though others may of course be real- 
ized. Operation at other frequencies, including for example 
those of visible light, infrared, ultraviolet, and as well as 
microwave EM radiation, e.g., K, Ka, X-bands, etc. may be 
realized, e.g., by appropriate scaling of dimensions and selec- 
tion of shape of the resonator elements. 

Exemplary embodiments of the present disclosure can 
include a novel arrangement of resonators 1n an aperiodic 
configuration or lattice. The overall assembly of resonators, 
as structures, do not all repeat periodically and at least some 
of the resonators are spaced such that their phase centers are 
separated by more than a wavelength. The arrangements can 
include resonators of several different sizes and/or geom- 
etries arranged so that each size or geometry (“grouping”) 
corresponds to a moderate or high “Q” (that is moderate or 
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low bandwidth) response that resonates within a specific fre- 
quency range, and that arrangement within that specific 
grouping of akin elements is periodic in the overall struc- 
ture—even though the structure as a whole is not an entirely 
periodic arrangement of resonators. The relative spacing and 
arrangement of groupings (at least one for each specific fre- 
quency range) can be defined by self similarity and origin 
symmetry, where the “origin” arises at the center of a struc- 
ture (or part ofthe structure) individually designed to have the 
wideband metamaterial property. 

For exemplary embodiments, fractal resonators can be 
used for the resonators in such structures because of their 
control of passbands, and smaller sizes compared to non- 
fractal based resonators. Their benefit arises from a size 
standpoint because they can be used to shrink the resonator 
(s), while control of passbands can reduce or eliminates issues 
ofharmonic passbands that would resonate at frequencies not 
desired. 

It should be understood that other embodiments of wide- 
band electromagnetic resonator or cloaking systems and 
methods according to the present disclosure will become 
readily apparent to those skilled in the art from the following 
detailed description, wherein exemplary embodiments are 
shown and described by way of illustration. The systems and 
methods of the present disclosure are capable of other and 
different embodiments, and details of such are capable of 
modification in various other respects. Accordingly, the draw- 
ings and detailed description are to be regarded as illustrative 
in nature and not as restrictive. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Aspects of the disclosure may be more fully understood 
from the following description when read together with the 
accompanying drawings, which are to be regarded as illustra- 
tive in nature, and not as limiting. The drawings are not 
necessarily to scale, emphasis instead being placed on the 
principles of the disclosure. In the drawings: 

FIG. 1 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of cylindrical shells, in 
accordance with exemplary embodiments of the present dis- 
closure; 

FIG. 2 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of shells having an ellip- 
tical cross-section, in accordance with an alternate embodi- 
ment of the present disclosure; 

FIG. 3 depicts an exemplary embodiment of a portion of 
shell that includes repeated conductive traces that are config- 
ured in a fractal-like shape; and 

FIG. 4 depicts a perspective view (photograph) of an exem- 
plary embodiment of the present disclosure. 

While certain embodiments depicted in the drawings, one 
skilled in the art will appreciate that the embodiments 
depicted are illustrative and that variations of those shown, as 
well as other embodiments described herein, may be envi- 
sioned and practiced within the scope of the present disclo- 
sure. 


DETAILED DESCRIPTION 


The present disclosure is directed to novel arrangements of 
resonators useful for obscuring or hiding objects at given 
bands of electromagnetic radiation. Embodiments of the 
present disclosure can provide techniques, including systems 
and/or methods, for hiding or obscuring objects at certain 
wavelengths/frequencies or over certain wavelength/fre- 
quency ranges or bands. Such techniques can provide an 
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effective electromagnetic lens and/or lensing effect for cer- 
tain wavelengths/frequencies or over certain wavelength/fre- 
quency ranges or bands. The effects produced by such tech- 
niques can include cloaking or so-called invisibility of the 
object(s) at the noted wavelengths or bands. 

Representative frequencies of operation can include, but 
are not limited to, those over a range of about 500 MHz to 
about 1.3 GHz, though others may of course be realized. 
Operation at other frequencies, including for example those 
of visible light, infrared, ultraviolet, and as well as microwave 
EM radiation, e.g., K, Ka, X-bands, etc. may be realized, e.g., 
by appropriate scaling of dimensions and selection of shape 
of the resonator elements. 

Embodiments of the present disclosure include arrange- 
ment of resonators or resonant structures in aperiodic con- 
figurations or lattices. The overall assembly of resonator 
structures can include nested or concentric shells, that each 
include repeated patterns of resonant structures. The resonant 
structures can be configured as a close-packed arrangement 
of electrically conductive material. The resonant structures 
can be located on the surface of a circuit board. 

The overall assemblies, as structures, do not all repeat 
periodically and at least some of the resonators are spaced 
such that their phase centers are separated by more than a 
wavelength. The arrangements can include resonators of sev- 
eral different sizes and/or geometries arranged so that each 
size or geometry (“grouping”) corresponds to a moderate or 
high quality-factor “Q” response (that is, one allowing for a 
moderate or low bandwidth) that resonates within a specific 
frequency range, and that arrangement within that specific 
grouping of like elements is periodic in the overall struc- 
ture—even though the structure as a whole is not an entirely 
periodic arrangement of resonators. The relative spacing and 
arrangement of groupings (at least one for each specific fre- 
quency range) can be defined by self similarity and origin 
symmetry, where the “origin” arises at the center of a struc- 
ture (or part of the structure) individually designed to have the 
wideband metamaterial property. 

For exemplary embodiments, fractal resonators can be 
used for the resonators because of their control of passbands, 
and smaller sizes. A main benefit of such resonators arises 
from a size standpoint because they can be used to shrink the 
resonator(s), while control of passbands can reduce/mitigate 
or eliminate issues of harmonic passbands that would reso- 
nate at frequencies not desired. 

Exemplary embodiments of a resonator system for use at 
microwave (or nearby) frequencies can be built from belts of 
circuit boards festooned with resonators. These belts can 
function to slip the microwaves around an object located 
within the belts, so the object is effectively invisible and “see 
thru” at the microwave frequencies. Belts, or shells, having 
similar closed-packed arrangements for operation at a first 
passband can be positioned within a wavelength of one 
another, e.g., Yor, YsA, VAA, YA, etc. 

An observer can observe an original image or signal, with- 
out it being blocked by the cloaked object. Using no power, 
the fractal cloak can replicates the original signal (that is, the 
signal before blocking) with great fidelity. Exemplary 
embodiments can function over a bandwidth from about 500 
MHz to approximately 1500 MHz (1.5 GHz), providing 3:1 
bandwidth; operation within or near such can frequencies can 
provide other bandwidths as well, such as 1:1 up to 2:1 and up 
to about 3:1. 

FIG. 1 depicts a diagrammatic plan view of a cloaking 
system 100 and RF testing set up in accordance with exem- 
plary embodiments of the present disclosure. As shown in 
FIG. 1, a number of concentric shells (or bands) 102 are 
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placed on a platform (parallel to the plane of the drawing). 
The shells include a flexible substrate (e.g., polyimide with or 
without composite reinforcement) with conductive traces 
(e.g., copper, silver, etc.) in fractal shapes or outlines. The 
shells 102 surround an object to be cloaked (shown as 104 in 
FIG. 1). A transmitting antenna 1 and a receiving antenna 2 
are configured at different sides of the system 100, for veri- 
fying efficacy of the cloaking system 100 and recording 
results. The shells 102 can be held in place by radial supports 
106 (while only four are shown, 12 were used in the exem- 
plary embodiment indicated). 

The shells indicated in FIG. 1 are of two types, one set 
(A1-A4) configured for optimal operation over a first wave- 
length/frequency range, and another set (B1-B3) configured 
for optimal operation over a second wavelength/frequency 
range. (The numbering ofthe shells is of course arbitrary and 
can be reordered, e.g., reversed.) 

For an exemplary embodiment of system 100, the outer set 
of shells (A1-A4, with A1 being the innermost and A4 the 
outmost) had a height of about 3 to 4 inches (e.g., 3.5 inches) 
and the inner set of shells had a height of about 1 inch less 
(e.g., about 2.5 to 3 inches). The spacing between the shells 
with a larger fractal shape (A1-A4) was about 2.4 cm while 
the spacing between shells of smaller fractal generator shapes 
(B1-B3) was about 2.15 cm (along a radial direction). In a 
preferred embodiment, shell A4 was placed between shell B2 
and B3 as shown. The resonators formed on each shell by the 
fractal shapes can be configured so as to be closely coupled 
(e.g., by capacitive coupling) and can serve to propagate a 
plasmonic wave. 

It will be appreciated that while, two types of shells and a 
given number of shells per set are indicated in FIG. 1, the 
number of shell types and number of shells for each set can be 
selected as desired, and may be optimized for different appli- 
cations, e.g., wavelength/frequency bands. 

FIG. 2 depicts a diagrammatic plan view of a cloaking 
system (or electrical resonator system) according to an alter- 
nate embodiment in which the individual shells have an ellip- 
tical cross section. As shown in FIG. 2, a system 200 for 
cloaking can include a number of concentric shells (or bands) 
202. These shells can be held in place with respect to one 
another by suitable fixing means, e.g., they can be placed on 
a platform (parallel to the plane of the drawing) and/or held 
with a frame. The shells 202 can include a flexible substrate 
(e.g., polyimide with or without composite reinforcement) 
with a close-packed arrangement of electrically conductive 
material formed on the first surface. As stated previously for 
FIG. 1, the closed-packed arrangement can include a number 
of self-similar electrical resonator shapes. The resonator 
shapes can be made from conductive traces (e.g., copper, 
silver, gold, silver-based ink, etc.) having a desired shape, 
e.g., fractal shape, split-ring shape, and the like. The shells 
202 can surround an object to be cloaked, as indicated in FIG. 
2: 

As indicated in FIG. 2 (by dashed lines 1 and 2 and arrows), 
the various shells themselves do not have to form closed 
surfaces. Rather, one or more shells can form open surfaces. 
This can allow for preferential cloaking of the object in one 
direction or over a given angle (solid angle). Moreover, while 
dashed lines 1 and 2 are shown intersecting shells B1-B3 and 
A1-A3 of system 200, one or more shells of each group of 
shells (B1-B3 and A1-A3) can be closed while others are 
open. 

With further regard to FIGS. 1-2, it should be appreciated 
that the cross-sections shown for each shell can represent 
closed geometric shapes, e.g., spherical and ellipsoidal shells. 
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As indicated previously, each shell of a cloaking system 
can include multiple resonators. The resonators can be 
repeated patterns of conductive traces. These conductive 
traces can be closed geometric shapes, e.g., rings, loops, 
closed fractals, etc. The resonator(s) can being self similar to 
at least second iteration. The resonators can include split-ring 
shapes, for some embodiments. The resonant structures are 
not required to be closed shapes, however, and open shapes 
can be used for such. 

In exemplary embodiments, the closed loops can be con- 
figured as a fractals or fractal-based shapes, e.g., as depicted 
by 302 in FIG. 3 for an exemplary embodiment of a shell 300, 
or 402 in FIG. 4. The dimensions and type of fractal shape can 
be the same for each shell type but can vary between shell 
types. This variation (e.g., scaling of the same fractal shape) 
can afford increased bandwidth for the cloaking characteris- 
tics of the system (e.g., system 100 of FIG. 1) This can lead to 
periodicity of the fractal shapes of common shell types but 
aperiodicity between the fractal shapes of different shell 
types. 

Examples of suitable fractal shapes (for use for shells and/ 
ora scatting object) can include, but are not limited to, fractal 
shapes described in one or more of the following patents, 
owned by the assignee of the present disclosure, the entire 
contents of all of which are incorporated herein by reference: 
USS. Pat. Nos. 6,452,553; 6,104,349; 6,140,975; 7,145,513; 
7,256,751; 6,127,977; 6,476,766; 7,019,695; 7,215,290; 
6,445,352; 7,126,537; 7,190,318; 6,985,122; 7,345,642; and, 
USS. Pat. No. 7,456,799. 

Other suitable fractal shape for the resonant structures can 
include any of the following: a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, a 
Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal, a contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, an 
Iypanov fractal, and a Kleinian group fractal. 

FIG. 3 depicts an exemplary embodiment of a shell 300 
(only a portion is shown) that includes repeated conductive 
traces that are configured in a fractal shape 302 (the individual 
closed traces). For the exemplary embodiment shown, each 
resonator shape 302 is about 1 cm on a side. Such resonator 
could, e.g., be used for the fractal shapes of shells B1-B3 of 
FIG. 1, in which case similar fractal shapes of larger size (e.g., 
about 1.5 cm on a side) could be used for shells A1-A4. The 
conductive trace is preferably made of copper. While exem- 
plary fractal shapes are shown in FIG. 3, the present disclo- 
sure is not limited to such and any other suitable fractal shapes 
(including generator motifs) may be used in accordance with 
the present disclosure. 

It will be appreciated that the resonant structures of the 
shells may be formed or made by any suitable techniques and 
with any suitable materials. For example, semiconductors 
with desired doping levels and dopants may be used as con- 
ductive materials. Suitable metals or metal containing com- 
pounds may be used. Suitable techniques may be used to 
place conductors on/in a shell, including, but no limited to, 
printing techniques, photolithography techniques, etching 
techniques, and the like. 

It will also be appreciated that the shells may be made of 
any suitable material(s). Printed circuit board materials may 
be used. Flexible circuit board materials are preferred. Other 
material may, however, be used for the shells and the shells 
themselves can be made of non-continuous elements, e.g., a 
frame or framework. For example, various plastics may be 
used. 
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FIG. 4 depicts a perspective view (photograph) ofan exem- 
plary embodiment of a cloak system 400 according to the 
present disclosure. As shown, the system includes a number 
of resonator shells 402 each having a close-packed arrange- 
ment of electrically conductive material (self-similar resona- 
tors 404) formed on one surface. Two different shell configu- 
rations are shown, four larger shells and two smaller shells. 
The smaller shells included close-packed arrangements of 
resonator structures in which each resonator shape (as shown 
by 302 in FIG. 3) was about 1 cm on a side. Similar fractal 
shapes of larger size (e.g., about 1.5 cm on a side) were used 
for the larger shells. 

In FIG. 4, a transmitting (source) antenna and a receiving 
antenna are shown as triangular shapes on the left and right, 
respectively (though functionally of each could of course be 
interchanged for the other). Twelve radially arrayed spacers 
are shown in FIG. 4. The system 400 is shown supported on a 
Nalgene tank and Delrin platform and Delrin supports (radial 
supports) RF absorbers were placed in the immediate vicinity 
of the set up; further RF tripods (e.g., available from ETS) 
were used; all such materials were substantially transparent at 
the RF frequencies investigated/used. The cloak system 400 
consists of six belts of fractal metamaterial (1.e., fractal-reso- 
nant structures shown in FIG. 3) on flexible Taconic EF35 
(low loss) circuit board. The belts are shown surround a 
scattering ring (object). The arrangement is supported by RF 
transparent plastics in a comb support. The entire system 400 
was shown to be easily built up and broken down within a 
minute or two. The scale in FIG. 4 is about 0.7 meters across. 
The height of each shell can of course be selected as desired 
depending on the situation/application. 

While embodiments are shown and described herein as 
having shells in the shape of concentric rings (circular cylin- 
ders), shells can take other shapes in other embodiments. For 
example, one or more shells could have a generally spherical 
shape (with minor deviations for structural support). In an 
exemplary embodiment, the shells could form a nested 
arrangement of such spherical shapes, around an object to be 
shielded (at the targeted/selected frequencies/wavelengths). 
Shell cross-sections of angular shapes, e.g., triangular, hex- 
agonal, while not preferred, may be used. 

One skilled in the art will appreciate that embodiments 
and/or portions of embodiments of the present disclosure can 
be implemented in/with computer-readable storage media 
(e.g., hardware, software, firmware, or any combinations of 
such), and can be distributed and/or practiced over one or 
more networks. Steps or operations (or portions of such) as 
described herein, including processing functions to derive, 
learn, or calculate formula and/or mathematical models uti- 
lized and/or produced by the embodiments of the present 
disclosure, can be processed by one or more suitable proces- 
sors, e.g., central processing units (“CPUs”) implementing 
suitable code/instructions in any suitable language (machine 
dependent on machine independent). 

While certain embodiments and/or aspects have been 
described herein, it will be understood by one skilled in the art 
that the methods, systems, and apparatus of the present dis- 
closure may be embodied in other specific forms without 
departing from the spirit thereof. 

For example, while certain wavelengths/frequencies of 
operation have been described, these are merely representa- 
tive and other wavelength/frequencies may be utilized or 
achieved within the scope of the present disclosure. 

Furthermore, while certain preferred fractal generator 
shapes have been described others may be used within the 
scope of the present disclosure. Accordingly, the embodi- 
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ments described herein are to be considered in all respects as 
illustrative of the present disclosure and not restrictive. 


What is claimed is: 

1. An electrical resonator system, comprising: 

a plurality of concentric electrical resonator shells, each 
shell including a substrate having first and second sur- 
faces and a close-packed arrangement of electrically 
conductive material formed on the first surface, wherein 
the closed-packed arrangement comprises a plurality of 
self-similar electrical resonator shapes and is configured 
to operate at a desired passband of electromagnetic 
radiation; 

wherein the close-packed arrangements of at least two of 
the electrical resonator shells are different in size and/or 
shape; and 

wherein a resonator in the close-packed arrangement com- 
prises a second order or higher fractal. 

2. The system of claim 1, wherein said passband is about 

2:1. 

3. The system of claim 2, wherein said passband is about 
3:1. 

4. The system of claim 1, wherein the electrical system is 
configured and arranged so that radiation incident on the 
system from a given direction has an intensity on a point-by- 
point basis such at each respective antipodal point, relative to 
an object placed at the center of the system, the radiation has 
the same or similar intensity. 

5. The system of claim 1, wherein the system is configured 
and arranged so that radiation incident on the system from a 
direction in cylindrical coordinates has the same or similar 
intensity at the antipodal point after having traversed the 
system. 
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6. The system of claim 1, wherein the plurality of shells 
comprises a first pair of shells having similar closed-packed 
arrangements for operation at a first passband, wherein the 
two shells are positioned within 4A of one another. 

7. The system of claim 6, wherein the plurality of shells 
comprises a second pair of shells having similar closed- 
packed arrangements for operation at a second frequency 
band, wherein the two shells are positioned within YsA of one 
another. 

8. The system of claim 1, wherein the plurality of shells are 
hemispherical. 

9. The system of claim 1, wherein the plurality of shells are 
cylindrical. 

10. The system of claim 1, wherein the plurality of shells 
are spherical. 

11. The system of claim 1, wherein said fractal 1s selected 
from the group consisting of a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, a 
Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal. 

12. The system of claim 1, wherein the fractal is selected 
from the group consisting of a contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, a 
Lypanov fractal, and a Kleinian group fractal. 

13. The system of claim 1, wherein the plurality of con- 
centric electrical resonator shells are configured and arranged 
for operation at K band, Ka band, or X-band. 

14. The system of claim 1, wherein the system is opera- 
tional over a bandwidth from about 500 MHz to about 1500 
MHz. 
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FIG. 3 


R,, are made up of a single variable 100-ohm two-watt linear 
potentiometer. R, is a half-watt 50-ohm carbon resistance. R, 
symbolizes the unknown resistance we wish to measure. E is a 
voltage source, and | is the meter I will measure our null with when 
the bridge is in balance. 

Without going into a lot of bridge theory and proofs that can be 
found in any textbook, all we need to know is the basic bridge 
equation for a balanced condition, which is: R,/R, = = 50/R,,. Solv- 
ing for R,, we find that R, = (R,)(50)/R, . Now, as I've already said 
that R, and R, are nothing more thana 100-ohm potentiometer, let 
us set the potentiometer near one end of its travel so that R, 1s 
equal to ten ohms. Then R, will be equal to 100— 10, or 90 ohms. 

Now, if we set the potentiometer near the end of its travel so 
that R, is equal to 90 ohms, we find that R, will be equal to 10 ohms. 
And, solving for R, we now find that R = (50)(10)/90 = 5.56 
ohms. These calculations show that a wide-range bridge design can 
be achieved quite easily. 

I know that already some of you will be saying “Why don’t you 
run the potentiometer to zero for both calculations just shown and 
come up with a bridge with a range of from zero to infinity? That isa 
very good thought, but we do run into some practical limitations. 
We would find that our bridge sensitivity would have dropped to 
zero, for one thing. And secondly, as there is no such thing as zero 
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DEFLECTIVE ELECTROMAGNETIC 
SHIELDING 


RELATED APPLICATION 


This application 1s a continuation of application Ser. No. 
14/071,235 filed 4 Nov. 2013, now U.S. Pat. No. 9,134,465, 
and entitled “Deflective Electromagnetic Shielding,” which 
(1) claims priority to U.S. Provisional Patent Application No. 
61/796,119, filed 3 Nov. 2012 and entitled “Deflective 
Shielding Via Electromagnetic Cloaking,” and (11) is also a 
continuation-in-part of U.S. patent application Ser. No. 
14/043,781 filed 1 Oct. 2013, now abandoned, and entitled 
“Radiative Transfer and Power Control with Fractal Meta- 
material and Plasmonics,” which claims priority to U.S. 
Provisional Patent Application No. 61/744,651, filed 1 Oct. 
2012 and entitled “Radiative Transfer and Power Control 
with Fractal Metamaterial and Plasmonics”; the entire con- 
tents of all of which previously-noted applications are 
incorporated herein by reference. 


BACKGROUND 


Much time and effort has been devoted to the quest for 
so-called invisibility machines. Beyond science fiction, 
however, there has been little if any real progress toward this 
goal. 

Materials with negative permittivity and permeability 
leading to negative index of refraction were theorized by 
Russian noted physicist Victor Veselago in his seminal paper 
in Soviet Physics USPEKHI, 10, 509 (1968). Since that time, 
metamaterials have been developed that produce negative 
index of refraction, subject to various constraints. Such 
materials are artificially engineered micro/nanostructures 
that, at given frequencies, show negative permeability and 
permittivity. Metamaterials have been shown to produce 
narrow band, e.g., typically less than 5%, response such as 
bent-back lensing. Such metamaterials produce such a nega- 
tive-index effect by utilizing a closely-spaced periodic lat- 
tice of resonators, such as split-ring resonators, that all 
resonate. Previous metamaterials provide a negative index 
of refraction when a sub-wavelength spacing is used for the 
resonators. 

In the microwave regime, certain techniques have been 
developed to utilize radiation-absorbing materials or coat- 
ings to reduce the radar cross section of airborne missiles 
and vehicles. While such absorbing materials can provide an 
effective reduction in radar cross section, these results are 
largely limited to small ranges of electromagnetic radiation. 


SUMMARY 


The present disclosure is directed to systems and tech- 
niques that provide for desired transfer of radiation by using 
close packed arrangements of resonators having fractal 
shapes, 1.e., “fractal cells.” Systems and techniques accord- 
ing to the present disclosure provide one or more surfaces 
that act or function as power transfer surfaces or structures 
for which at least a portion of the surface or structure 
includes or is composed of “fractal cells” (fractal shapes) (as 
antennas or resonators) placed sufficiently closed close 
together to one another (e.g., less than Yo wavelength) to 
produce substantial replication of current present in one 
fractal cell in an adjacent fractal cell. The size of the fractal 
cells can be adjusted based on or tailored to a desired 
wavelength or wavelength range of operation. 
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A fractal of such a fractal cell can be of any suitable fractal 
shape and may have two or more iterations. The fractal cells 
may lie on a flat or curved sheet or layer and be composed 
in layers for wide bandwidth or multibandwidth transmis- 
sion. The area of a surface (e.g., sheet) and its number of 
fractals determines the gain relative to a single fractal cell. 
As each cell is fed indirectly (e.g., plasmonicly) rather than 
directly, ‘dead’ or covered or out of resonance cells do not 
alter the ability of the other cells to work. The boundary 
edges of the surface may be terminated resistively so as to 
not degrade the cell performance at the edges. These sur- 
faces may be referred to as fractal plasmonic surfaces 
(FPS’s) and can provide benefits such as shielding for/ 
against electromagnetic radiation. 

Such a fractal plasmonic surface (FPS) may be used to 
transfer radiation, e.g., via evanescent wave transfer. In 
doing so such surfaces can be used to remove radiative 
power from one location to another, or divert it to another 
location. Such surfaces may be used to essentially diffuse 
power delivered to a part of the FPS and dissipate and or 
distribute it to other specific parts or globally. For example, 
a power “hotspot” supplied or hit with localized power may 
have the power spread out or diverted to other desired 
locations, e.g., different areas of a related machine or struc- 
ture. In some embodiments, a FPS on a closed or curved 
surface may act as a cloaking device to divert power (in a 
wavelength or frequency of interest) from one side of the 
device to the other. 

Exemplary embodiments of the present disclosure can 
provide techniques, including systems and/or methods, for 
cloaking objects at certain wavelengths/frequencies or over 
certain wavelength/frequency ranges (bands). Such tech- 
niques can provide an effective electromagnetic lens and/or 
lensing effect for certain wavelengths/frequencies or over 
certain wavelength/frequency ranges (bands). 

In some embodiments, the effects produced by such 
techniques can include cloaking or so-called invisibility of 
the object(s) at the noted wavelengths or bands. Represen- 
tative frequencies of operation can include, but are not 
limited to, those over a range of 500 MHz to 1.3 GHz, 
though others may of course be realized. Operation at other 
frequencies, including for example those of visible light, 
infrared, ultraviolet, and as well as microwave EM 
radiation, e.g., K, Ka, X-bands, etc. may be realized, e.g., by 
appropriate scaling of dimensions and selection of shape of 
the resonator elements. 

Exemplary embodiments of the present disclosure can 
include a novel arrangement of resonators in a lattice-like 
configuration. The arrangements can include resonators of 
several different sizes and/or geometries arranged so that 
each size or geometry (“grouping”) corresponds to a mod- 
erate or high quality factor, “Q,” (that is moderate or low 
bandwidth) response that resonates within a specific fre- 
quency range. 

For exemplary embodiments, fractal resonators can be 
used for the resonators in such structures because of their 
control of passbands, and smaller sizes compared to non- 
fractal based resonators. Their benefit arises from a size 
standpoint because they can be used to shrink the 
resonator(s), while control of passbands can reduce or 
eliminates issues of harmonic passbands that would resonate 
at frequencies not desired. 

Further embodiments of the present disclosure are 
directed to scatterer or scattering structures. Additional 
embodiments of the present disclosure are directed to struc- 
tures/techniques for activating and/or deactivating cloaking 
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structures. Further embodiments of the present disclosure 
are directed to wideband absorbers. 

It should be understood that other embodiments of FPS 
systems and methods according to the present disclosure 
will become readily apparent to those skilled in the art from 
the following detailed description, wherein exemplary 
embodiments are shown and described by way of illustra- 
tion. The systems and methods of the present disclosure are 
capable of other and different embodiments, and details of 
such are capable of modification in various other respects. 
Accordingly, the drawings and detailed description are to be 
regarded as illustrative in nature and not as restrictive. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Aspects of the disclosure may be more fully understood 
from the following description when read together with the 
accompanying drawings, which are to be regarded as illus- 
trative in nature, and not as limiting. The drawings are not 
necessarily to scale, emphasis instead being placed on the 
principles of the disclosure. In the drawings: 

FIG. 1 depicts a diagrammatic plan view of a fractal 
plasmonic surface (FPS), in accordance with exemplary 
embodiments of the present disclosure; 

FIG. 2 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of cylindrical shells, in 
accordance with exemplary embodiments of the present 
disclosure; and 

FIG. 3 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of shells having an 
elliptical cross-section, in accordance with an alternate 
embodiment of the present disclosure; 

FIG. 4A depicts an example of a fractal shield surround- 
ing or on an arbitrary object; FIG. 4B depicts exemplary 
objects for use with a fractal shield; 

FIG. 5 illustrates the robustness or anti-fragility presented 
by a FPS under conditions where some fractal cells are 
damaged or otherwise inoperative; and 

FIG. 6A depicts an example of a fractal shield dissipating/ 
transferring incident radiation; FIG. 6B shows another 
example in which directed radiation is incident on a rect- 
angular shield. 

While certain embodiments depicted in the drawings, one 
skilled in the art will appreciate that the embodiments 
depicted are illustrative and that variations of those shown, 
as well as other embodiments described herein, may be 
envisioned and practiced within the scope of the present 
disclosure. 


DETAILED DESCRIPTION 


Systems and techniques according to the present disclo- 
sure provide for desired transfer of electromagnetic radiation 
by using close packed arrangements of resonators having 
fractal shapes, 1.e., “fractal cells.” Systems and techniques 
according to the present disclosure provide one or more 
surfaces that act or function as shielding and/or cloaking 
surfaces for which at least a portion of the surface includes 
or is composed of “fractal cells” (small fractal shapes, 
functioning as antennas or resonators) placed sufficiently 
close to one another so that current present in one fractal cell 
is replicated or reproduced to an extent in an adjacent fractal 
cell. Without being limited by any theoretical explanation, 
surface plasmonic waves are believed to cause such repli- 
cation in conjunction with evanescent waves. 

A fractal of such a fractal cell can be of any suitable fractal 
shape and may have two or more iterations. The fractal cells 


15 


20 


30 


35 


40 


45 


50 


55 


65 


4 


may lie on a flat or curved sheet or layer and be composed 
in layers for wide bandwidth or multibandwidth transmis- 
sion. As each cell is fed plasmonicly rather than directly, 
“dead” or covered or out of resonance cells do not alter the 
ability of the other cells to work. The boundary edges of the 
surface may be terminated resistively so as to not degrade 
the cell performance at the edges. These surfaces may be 
referred to as fractal plasmonic surfaces (FPS’s) and they 
can function to shield structures and/or objects by conveying 
or ducting EM radiation. 

Such a fractal plasmonic surface (FPS) may be used to 
transfer radiation, e.g., via evanescent wave transfer. In 
doing so such surfaces can be used to remove or transfer 
radiative power and/or heat from one location (such as a 
location receiving incident radiation) to another location. 
Such surfaces may be used to essentially diffuse power 
delivered to a part of the FPS and dissipate and or distribute 
it to other specific parts or globally. For example, a power 
“hotspot” supplied or hit with localized electromagnetic 
power may have the power spread out or diverted to other 
desired locations, e.g., different areas of a related machine or 
structure. Thus, the structure may act as shielding for 
another structure or the structure itself. In some embodi- 
ments, a FPS on a closed or curved surface may act as a 
cloaking device to divert power (in a wavelength or fre- 
quency of interest) from one side of the device to the other. 
In other embodiments, a refrigeration or cooling effect may 
be induced by transferring heat away from a FPS. 

In some embodiments, power control may also be 
achieved through wideband absorption by placing a resistive 
sheet at the edge of the fractal cells, creating a layer adjacent 
to the cells. Impinging electromagnetic radiation will be 
absorbed and not reflected or scattered. A FPS may be used 
to wirelessly couple a device for power transmission by 
placing the power as electromagnetic radiation on the FPS 
and then physically placing the (to be) powered device 
closely to the FPS. A FPS may also work even if some of the 
cells are damaged or missing as a variety of paths exist to 
convey the plasmonic transmission. 

Exemplary embodiments of the present disclosure can 
provide techniques, including systems and/or methods, for 
cloaking objects at certain wavelengths/frequencies or over 
certain wavelength/frequency ranges (bands). Such tech- 
niques can provide an effective electromagnetic lens and/or 
lensing effect for certain wavelengths/frequencies or over 
certain wavelength/frequency ranges (bands). In some 
embodiments, the effects produced by such techniques can 
include cloaking or so-called invisibility of the object(s) at 
the noted wavelengths or bands. Representative frequencies 
of operation can include, but are not limited to, those over 
a range of 500 MHz to 1.3 GHz, though others may of course 
be realized. Operation at other frequencies, including for 
example those of visible light, infrared, ultraviolet, and as 
well as microwave EM radiation, e.g., K, Ka, X-bands, etc. 
may be realized, e.g., by appropriate scaling of dimensions 
and selection of shape of the resonator elements. 

The fractal cells of a FPS can be designed or configured 
(e.g., sized) based on the wavelength or wavelength range of 
radiation that the FPS is anticipated as working with. In 
exemplary embodiments, a fractal cell may be sized such 
that its spatial extent in a given direction (e.g., a minor 
diameter, a major diameter, a major axis, a minor axis, etc.) 
is less than a wavelength of the radiation it is intended to 
work with. For example, a fractal cell may be constructed 
that has a spatial extent (in a particular direction) that is Ys, 
or less, of the wavelength (lambda, A) of radiation that the 
cell is intended to work with. For example, considering a 


US 9,847,583 Bl 


5 


roughly hexagonal shaped fractal cell (e.g., as shown in FIG. 
1), the “flat-to-flat” distance of the hexagonal cell may be Y 
A or less of the longest wavelength of radiation foreseen for 
use with the fractal cell. The spacing between the cell and 
each of the other adjacent cells (e.g., in this case, six other 
cells) is preferably Ys A to Y20 A. When a wavelength range 
is anticipated for the cell or FPS having the cell, the 
wavelength used for design purposes can be the greatest 
wavelength of operation (corresponding to the lowest fre- 
quency of operation). Exemplary embodiments can be 
designed and built to operate to transfer radiation in the 
near-IR (NIR) wavelength range. Examples of such wave- 
lengths include but are not limited to the edge of the visible 
red spectrum (~700 nm) through 1 mm. Other embodiments 
can operate at medium and/or long-wave infrared wave- 
lengths. As stated above, the spacing between fractal cells in 
preferably sub-wavelength, e.g., 420 of a wavelength. For 
example, for a desired wavelength of operation of 1 mm 
(corresponding to 300 GHz), the spacing between adjacent 
fractal cells could be 50 microns (1.e., Yo A). 

Exemplary embodiments of the present disclosure can 
include an arrangement of resonators in a lattice-like con- 
figuration. The arrangements can include resonators of sev- 
eral different sizes and/or geometries arranged so that each 
size or geometry (“grouping”) corresponds to a moderate or 
high quality factor, “Q,” (that is moderate or low bandwidth) 
response that resonates within a specific frequency range. 

For exemplary embodiments, fractal resonators can be 
used for the resonators in such structures because of their 
control of passbands, and smaller sizes compared to non- 
fractal based resonators. Their benefit arises from a size 
standpoint because they can be used to shrink the 
resonator(s), while control of passbands can reduce or 
eliminates issues of harmonic passbands that would resonate 
at frequencies not desired. 

Further embodiments of the present disclosure are 
directed to scatterer or scattering structures. Additional 
embodiments of the present disclosure are directed to struc- 
tures/techniques for activating and/or deactivating cloaking 
structures. 

Related fractal technology is described in the following: 
(1) U.S. patent application Ser. No. 12/732,059 filed 25 Mar. 
2010 and entitled “Wideband Electromagnetic Cloaking 
Systems,” which is a continuation-in-part of (11) U.S. patent 
application Ser. No. 12/547,104 filed 25 Aug. 2009, now 
U.S. Pat. No. 8,253,639, which claims benefit of (111) U.S. 
Provisional Patent Application No. 61/189,966 filed 25 Aug. 
2008 and (iv) U.S. Provisional Patent Application No. 
61/163,824 filed 26 Mar. 2009 and entitled “Cloaking Tech- 
niques”; (v) U.S. Provisional Patent Application No. 61/163, 
837, filed 26 Mar. 2009 and entitled “Scatterer”; (vi) U.S. 
Provisional Patent Application No. 61/163,913, filed 27 
Mar. 2009 and entitled “Cloaking Techniques”; and, (vii) 
U.S. Provisional Patent Application No. 61/237,360, filed 27 
Aug. 2009 and entitled “Switching System for Cloak On 
Command”; the entire contents of all of which applications 
are incorporated herein by reference. 

For exemplary embodiments, fractal resonators can be 
used for the resonators because of their control of passbands, 
and smaller sizes. A main benefit of such resonators arises 
from a size standpoint because they can be used to shrink the 
resonator(s), while control of passbands can reduce/mitigate 
or eliminate issues of harmonic passbands that would reso- 
nate at frequencies not desired. 

Exemplary embodiments of a resonator system for use at 
infrared (or nearby) frequencies can be built from belts or 
loops having fractal cells on one or both sides. These belts 
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or loops can function to slip or duct the infrared (heat) 
energy around an object located within the belts, so the 
object is effectively invisible and “see thru” at the infrared 
frequencies. Belts, or shells, having similar closed-packed 
arrangements for operation at a first passband can be posi- 
tioned within a wavelength of one another, e.g., Yiod, aA, 
Vy, YAAK, etc. 

In exemplary embodiments, as described in further detail 
below, an observer can observe an original image or signal, 
without it being blocked by the cloaked object. Using no 
power, the fractal cloak having FPS can replicate the original 
signal (that is, the signal before blocking) with great fidelity. 
Exemplary embodiments can function in the infrared region 
(e.g., ~700 nm to ~1 mm, corresponding to ~430 THz to 
~300 GHz), providing 3:1 bandwidth; operation within or 
near such can frequencies can provide other bandwidths as 
well, such as 1:1 up to 2:1 and up to about 3:1. 

FIG. 1 depicts a deflective shield system 100 having a 
fractal plasmonic surface (FPS) 102, in accordance with the 
present disclosure. The FPS 102 includes a close packed 
arrangements of resonators having fractal shapes (e.g., 
“fractal cells”) as denoted by 110 and 120. The FPS 102 may 
be part of a larger surface or area 104. The individual fractal 
cells are separated from the adjacent fractal cells but are 
sufficiently close to one another (e.g., preferably less than 
lo wavelength) so that a surface (plasmonic) wave causes 
near replication of current present in one fractal cell in an 
adjacent fractal cell. While preferred fractal shapes are 
shown in FIG. 1 as being hexagonal or snowflake-like, any 
suitable fractal shape (e.g., deterministic) may be used and 
such a fractal may have two or more iterations. The fractal 
cells may lie on a flat or curved sheet or layer and be 
composed in layers for wide bandwidth or multibandwidth 
transmission; the fractal cells can also lie on more complex 
three-dimensional surfaces and structures of virtually any 
shape. For embodiments having layers, each layer holding a 
EPS can utilize fractal cells of different size and shape that 
those of another layer. 

Examples of suitable fractal shapes (for use for shells 
and/or a scatting object) can include, but are not limited to, 
fractal shapes described in one or more of the following 
patents, owned by the assignee of the present disclosure, the 
entire contents of all of which are incorporated herein by 
reference: U.S. Pat. No. 6,452,553; U.S. Pat. No. 6,104,349; 
U.S. Pat. No. 6,140,975; U.S. Pat. No. 7,145,513; U.S. Pat. 
No. 7,256,751; U.S. Pat. No. 6,127,977; U.S. Pat. No. 
6,476,766; U.S. Pat. No. 7,019,695; U.S. Pat. No. 7,215,290; 
U.S. Pat. No. 6,445,352; U.S. Pat. No. 7,126,537; U.S. Pat. 
No. 7,190,318; U.S. Pat. No. 6,985,122; U.S. Pat. No. 
7,345,642; and, U.S. Pat. No. 7,456,799. 

Other suitable fractal shape for the resonant structures can 
include any of the following: a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, 
a Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal, a contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, an 
Lypanov fractal, and a Kleinian group fractal. While exem- 
plary fractal shapes are shown in FIG. 1, the present dis- 
closure is not limited to such and any other suitable fractal 
shapes (including generator motifs) may be used in accor- 
dance with the present disclosure. 

With continued reference to FIG. 1, the fractal cells 110 
and 120 can be formed on the FPS 102 by any suitable 
techniques. Of course, while a space devoid of cells is shown 
between cell groups 110 and 120, such is not necessary (and 
is included in FIG. 1 merely to show the distinction between 
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the individual cells of the two groups). Such techniques can 
include additive and/or subtractive techniques. Suitable 
lithography techniques may be used for some embodiments. 
In exemplary embodiments, the fractal shapes of the fractal 
cells 110 and 120 can be conductive traces that are deposited 
on the underlying surface, e.g., a suitable substrate. Any 
suitable deposition techniques can be utilized. In other 
embodiments, the fractal cells 110 and 120 can be etched or 
engraved onto a surface. Any suitable micromachining or 
nanomachining techniques may be used. 

Exemplary embodiments of system 100 can utilize a 
material for a substrate that has low-loss characteristics in 
the infrared region to facilitate heat transfer by fractal cells 
disposed on, disposed in, or supported by the substrate, e.g., 
on a supporting surface provided by the substrate. Examples 
of suitable materials for such substrates can include, but are 
not limited to, the following: chalcogenide-glasses in gen- 
eral; high-purity As—S, As—Se, Ge—As—Se glasses; and, 
Ge3 AS) 99€39 183, glass, and the like. 

FIG. 2 depicts a diagrammatic plan view of a cloaking 
system 200 and RF testing set up in accordance with 
exemplary embodiments of the present disclosure. As shown 
in FIG. 2, a number of concentric shells (or bands) 202 are 
placed on a platform (parallel to the plane of the drawing). 
The shells include a flexible substrate (e.g., polyimide with 
or without composite reinforcement) with conductive traces 
(e.g., copper, silver, etc.) in fractal shapes or outlines, each 
separate shape representing a fractal cell (e.g., similar to 
cells 110 and 120 of FIG. 1). The shells 202 surround an 
object to be cloaked (shown as 204 in FIG. 1). A transmitting 
antenna 1 and a receiving antenna 2 are shown at different 
sides of the system 200, for the purposes of illustration. The 
shells 202 can be held in place by suitable radial supports 
206. 

The shells indicated in FIG. 2 are of two types, one set 
(A1-A4) configured for optimal operation over a first wave- 
length/frequency range, and another set (B1-B3) configured 
for optimal operation over a second wavelength/frequency 
range. (The numbering of the shells is of course arbitrary 
and can be reordered, e.g., reversed.) 

For an exemplary embodiment of system 200, the outer 
set of shells (A1-A4, with A1 being the innermost and A4 the 
outmost) had a height of about 3 to 4 inches (e.g., 3.5 inches) 
and the inner set of shells had a height of about 1 inch less 
(e.g., about 2.5 to 3 inches). The spacing between the shells 
with a larger fractal shape (A1-A4) was about 2.4 cm while 
the spacing between shells of smaller fractal generator 
shapes (B1-B3) was about 2.15 cm (along a radial direction). 
In a preferred embodiment, shell A4 was placed between 
shell B2 and B3 as shown. The resonators formed on each 
shell by the fractal shapes can be configured so as to be 
closely coupled (e.g., by capacitive and/or evanescent-wave 
coupling) and function to propagate energy by a plasmonic 
wave. 

It will be appreciated that while, two types of shells and 
a given number of shells per set are indicated in FIG. 2, the 
number of shell types and number of shells for each set can 
be selected as desired, and may be optimized for different 
applications, e.g., wavelength/frequency bands, including 
the optical bands, 1.e., infrared, visible, and ultraviolet, as 
well as x-ray. 

FIG. 3 depicts a diagrammatic plan view of a cloaking 
system (or electrical resonator system) according to an 
alternate embodiment in which the individual shells have an 
elliptical cross section. As shown in FIG. 3, a system 300 for 
cloaking can include a number of concentric shells (or 
bands) 302. These shells can be held in place with respect to 
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one another by suitable fixing means, e.g., they can be 
placed on a platform (parallel to the plane of the drawing) 
and/or held with a frame. The shells 302 can include a 
flexible substrate (e.g., polyimide with or without composite 
reinforcement) with a close-packed arrangement of electri- 
cally conductive material formed on the first surface. As 
stated previously for FIG. 2, the closed-packed arrangement 
can include a number of self-similar electrical resonator 
shapes. The resonator shapes can be made from conductive 
traces (e.g., copper, silver, gold, silver-based ink, etc.) 
having a desired shape, e.g., fractal shape, split-ring shape, 
and the like. The shells 302 can surround an object to be 
cloaked, as indicated in FIG. 3. 

As indicated in FIG. 3 (by dashed lines 1 and 2 and 
arrows), the various shells themselves do not have to form 
closed surfaces. Rather, one or more shells can form open 
surfaces. This can allow for preferential cloaking of the 
object in one direction or over a given angle (solid angle). 
Moreover, while dashed lines 1 and 2 are shown intersecting 
shells B1-B3 and A1-A3 of system 300, one or more shells 
of each group of shells (B1-B3 and A1-A3) can be closed 
while others are open. Additionally, it should be appreciated 
that the cross-sections shown for each shell can represent 
closed geometric shapes, e.g., spherical and ellipsoidal 
shells. 

As indicated previously, each shell of a cloaking system 
(e.g., system 300) include multiple resonators in one or 
multiple close-packed configurations. The resonators can be 
repeated patterns of conductive traces. These conductive 
traces can be closed geometric shapes, e.g., rings, loops, 
closed fractals, etc. The resonator(s) can being self similar to 
at least second iteration. The resonators can include split- 
ring shapes, for some embodiments. The resonant structures 
are not required to be closed shapes, however, and open 
shapes can be used for such. 

In exemplary embodiments of shell 300, the closed loops 
can be configured as a fractals or fractal-based shapes, e.g., 
as depicted by fractal cells 110 and 120 in FIG. 1. The 
dimensions and type of a fractal shape for a fractal cell can 
be the same for each shell type but can vary between shell 
types. This variation (e.g., scaling of the same fractal shape) 
can afford increased bandwidth for the cloaking character- 
istics of the system. This can lead to periodicity of the fractal 
shapes of common shell types but aperiodicity between the 
fractal shapes of different shell types. 

It will be appreciated that the resonant structures of the 
shells may be formed or made by any suitable techniques 
and with any suitable materials. For example, semiconduc- 
tors with desired doping levels and dopants may be used as 
conductive materials. Suitable metals or metal containing 
compounds may be used. Suitable techniques may be used 
to place conductors on/in a shell, including, but no limited 
to, printing techniques, photolithography techniques, etch- 
ing techniques, and the like. 

It will also be appreciated that the shells may be made of 
any suitable material(s). Printed circuit board materials may 
be used. Flexible circuit board materials are preferred. Other 
material may, however, be used for the shells and the shells 
themselves can be made of non-continuous elements, e.g., a 
frame or framework. For example, various plastics may be 
used. In exemplary embodiments, the underlying surface or 
substrate on which a FPS is formed can have low loss with 
respect to the type of radiation that the FPS is designed for, 
so as to facilitate the intended heat and/or power transfer or 
dissipation. 

Exemplary embodiments of the present disclosure can 
provide techniques, including systems and/or methods, for 
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providing a radar cross section of different sizes than as 
would otherwise be dictated by the physical geometry of an 
object. Such techniques (objects/methods) can be useful for 
implementations such as radar decoys where a given object 
(decoy) is made to appear in radar cross section as like 
another object (e.g., missile). Representative frequencies of 
operation can include those over a range of 500 MHz to 1.3 
GHz, though others may of course be realized. Other fre- 
quencies, include those of visible light may be realized, e.g., 
by appropriate scaling of dimensions and selection of shape 
of fractal elements. 

FIG. 4A depicts an example of a system 400 including an 
arbitrary object 402 surrounded by a fractal shield 404. FIG. 
4B depicts exemplary objects 402 that may be shielded by 
or with a fractal shield 404. Of course, such objects are 
merely representative and virtually any object or portion 
thereof may be shielded by EM radiation by a fractal shield 
designed (e.g., sized) for such radiation. 

FIG. 5 illustrates the robustness or anti-fragility presented 
by a FPS 500 under conditions where some fractal cells are 
damaged or otherwise inoperative. As shown, FPS 500 has 
a close-packed arrangement of fractal cells, indicated by 
circles 502. The close-packed arrangement provides many 
paths by which energy may be transferred from one area of 
the FPS to another, even in the presence of damaged or 
otherwise inoperative fractal cells (represented by the black 
squares shown). 

FIG. 6A depicts an example 600 of a FPS-based shield 
602 used to dissipate incident radiation, which may be 
directed radiation of high intensity or fluence. As shown, 
radiation that is incident on a localized area of the shield 602 
can be transferred from an area of incidence, around the 
object 604, and dissipated and/or retransmitted via plas- 
monic coupling and radiative transfer between the fractal 
cells of the FPS-based shield 602. 

FIG. 6B shows another example in which directed radia- 
tion is incident on a rectangular shield (exemplifying that a 
shield need not be circular/elliptical or have circular or 
elliptical symmetry). As shown, the incident radiation is 
ducted (indicated by flow lines) over the surface of the shield 
and around the object within the shield. 

Accordingly the subject technology in accordance with 
the present disclosure can provide protection for a desired 
object (e.g., a person or thing) from incident radiation such 
as high energy density electromagnetic waves and/or 
impulses that would otherwise tend to damage or destroy the 
object(s). Such deflective shields, or deflectors, can be used 
on or for three-dimensional surfaces in addition to two- 
dimensional surfaces. Such a deflector allows the electro- 
magnetic waves or impulses to emerge or re-form on the far 
side of the object, not passing through the object, wand with 
minimum (or reduced) absorption and reflection of the 
waves or impulses; moreover, the momentum of the incident 
radiation is not conveyed to the objected (or such convey- 
ance is reduced compared to the case where no shield is 
used). 

While embodiments are shown and described herein as 
having fractal-based EM shields in the shape of concentric 
rings (circular cylinders), EM shields in accordance with the 
present disclosure can take other shapes in other embodi- 
ments. For example, one or more shells could have a 
generally spherical shape (with minor deviations for struc- 
tural support). In an exemplary embodiment, the shells could 
form a nested arrangement of such spherical shapes, around 
an object to be shielded (at the targeted/selected frequencies/ 
wavelengths). Shell cross-sections of angular shapes, e.g., 
triangular, hexagonal, while not preferred, may be used. 
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Further, shields may be placed on or integrated with one or 
more surfaces of a particular object to be shielded. Such 
shields and shield structures may be implemented in or 
configured as conformable surfaces which adapt or conform 
to any underlying surface or structure. 

One skilled in the art will appreciate that embodiments 
and/or portions of embodiments of the present disclosure 
can be implemented in/with computer-readable storage 
media (e.g., hardware, software, firmware, or any combina- 
tions of such), and can be distributed and/or practiced over 
one or more networks. Steps or operations (or portions of 
such) as described herein, including processing functions to 
derive, learn, or calculate formula and/or mathematical 
models and geometric shapes utilized and/or produced by 
the embodiments of the present disclosure, can be processed 
by one or more suitable processors, e.g., central processing 
units (“CPU”s”) implementing suitable code/instructions in 
any suitable language (machine dependent on machine inde- 
pendent). 

While certain embodiments and/or aspects have been 
described herein, it will be understood by one skilled in the 
art that the methods, systems, and apparatus of the present 
disclosure may be embodied in other specific forms without 
departing from the spirit thereof. 

For example, while certain wavelengths/frequencies of 
operation have been described, these are merely represen- 
tative and other wavelength/frequencies may be utilized or 
achieved within the scope of the present disclosure. 

Furthermore, while certain preferred fractal generator 
shapes have been described others may be used within the 
scope of the present disclosure. Accordingly, the embodi- 
ments described herein are to be considered in all respects as 
illustrative of the present disclosure and not restrictive. 

What is claimed is: 

1. A fractal-cell deflective shield system comprising: 

a plurality of close-packed fractal cells disposed on a 
supporting surface, wherein each fractal cell includes a 
fractal shape defining an electrical resonator, wherein 
each fractal cell has a spatial extent in a given direction 
of less than of an operational wavelength of incident 
radiation, and wherein the plurality of fractal cells are 
positioned sufficiently close to one another to support 
plasmonic transfer of energy between the fractal cells; 

wherein the supporting surface has a configuration 
adapted to surround an object. 

2. The system of claim 1, wherein the object, correspond- 
ing to the configuration of the supporting surface, is a 
vehicle. 

3. The system of claim 1, wherein the object, correspond- 
ing to the configuration of the supporting surface, is a 
satellite. 

4. The system of claim 1, wherein the object, correspond- 
ing to the configuration of the supporting surface, is an 
automobile. 

5. The system of claim 1, wherein the object, correspond- 
ing to the configuration of the supporting surface, is a tower. 

6. The system of claim 1, wherein the object, correspond- 
ing to the configuration of the supporting surface, is a 
person. 

7. The system of claim 1, wherein the object, correspond- 
ing to the configuration of the supporting surface, is a vessel. 

8. The system of claim 1, wherein the object, correspond- 
ing to the configuration of the supporting surface, is an 
antenna. 

9. The system of claim 1, wherein the object, correspond- 
ing to the configuration of the supporting surface, is a 
weapon. 
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10. The system of claim 1, wherein the object, corre- 
sponding to the configuration of the supporting surface, is a 
ship. 

11. The system of claim 1, wherein the object, corre- 
sponding to the configuration of the supporting surface, is a 
rocket. 

12. The system of claim 1, wherein the object, corre- 
sponding to the configuration of the supporting surface, 1s a 
spacecraft. 

13. The system of claim 1, wherein the object, corre- 
sponding to the configuration of the supporting surface, is an 
aircraft. 

14. The system of claim 1, wherein the object, corre- 
sponding to the configuration of the supporting surface, 1s a 
piece of artillery. 

15. The system of claim 1, wherein the object, corre- 
sponding to the configuration of the supporting surface, 1s a 
radome. 

16. The system of claim 1, wherein the object, corre- 
sponding to the configuration of the supporting surface, is a 
body covering. 

17. A fractal-cell shield system comprising: 

a first plurality of concentric first shells, each first shell 
including a substrate having first and second surfaces 
and a plurality of close-packed fractal cells disposed on 
a supporting surface disposed on the first surface, 
wherein each fractal cell includes a fractal shape defin- 
ing an electrical resonator, and wherein the plurality of 
fractal cells are positioned sufficiently close to one 
another to support plasmonic transfer of energy 
between the fractal cells; 

wherein the first plurality of concentric first shells have a 
configuration adapted to surround an object. 

18. The system of claim 17, further comprising: 

a second plurality of concentric second shells, each sec- 
ond shell including a substrate having first and second 
surfaces and a plurality of close-packed fractal cells 
disposed on a supporting surface disposed on the first 
surface, wherein each fractal cell includes a fractal 
shape defining an electrical resonator, and wherein the 
plurality of fractal cells are positioned sufficiently close 
to one another to suppoli plasmonic transfer of energy 
between the fractal cells; 

wherein at least one of the second plurality of second 
shells is configured at a greater distance from the object 
than at least one of the first plurality of first shells. 

19. The system of claim 18, wherein each of the second 
shells are configured at a respective greater distance from 
the object than the first plurality of first shells. 
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20. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a vehicle. 

21. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a satellite. 

22. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is an automobile. 

23. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a tower. 

24. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a person. 


25. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a vessel. 


26. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is an antenna. 


27. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a weapon. 


28. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a ship. 


29. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a rocket. 


30. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a spacecraft. 


31. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is an aircraft. 

32. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a piece of artillery. 

33. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a radome. 

34. The system of claim 17, wherein the object, corre- 
sponding to the configuration of the first plurality of con- 
centric first shells, is a body covering. 
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Table 2-4. Capacitor 
Substitution Box Parts List. 


C20 


S1 through S20—SPST switch- 
es (slide or toggle type) 

B1, B2—5-way binding posts 
Misc.—wire, cabinet, rub-on 
letters and numbers 


resistance when the potentiometer is at the end of its travel, our 
actual bridge range is somewhat less than zero to infinity. But with 
a small transistor amplifier we can easily increase the basic bridge 
sensitivity. And this increased sensitivity also allows our exciting 
voltage to be anything from an ordinary rf signal generator, to a 
grid-dip meter, to a simple low-powered variable-frequency oscil- 
lator. If a grid-dip meter is used, a single turn coupling coil attached 
to the bridge input jack will provide plenty of excitation voltage. In 
my own case, I use a Heathkit® Model LG-1 signal generator witha 
maximum output of a tenth of a volt. This is adequate for proper 
operation of the bridge. So, if care is taken in our calibration, we 
can come up with a wide-range bridge sufficiently accurate for all 
amateur usage. 


The Actual Bridge Circuit 
The basic bridge circuit just described is used in the final 
circuit of Fig. 2-16. As in all rf circuitry, every effort should be 


made to keep the internal bridge leads as short as possible to avoid 
excessive lead inductance and capacity to ground. The input and 
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A method of constructing a concealing volume comprises 
constructing a plurality of concealing volume elements 
around a concealable volume. Each concealing volume 
element has a material parameter arranged to direct a propa- 
gating wave around the concealable volume. 
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ELECTROMAGNETIC CLOAKING METHOD 


BACKGROUND 


[0001] In order to exploit electromagnetism, materials are 
commonly used to control and direct the electromagnetic 
fields. For example, a glass lens in a camera directs the rays 
of light to form an image, metal cages are used to screen 
sensitive equipment from electromagnetic radiation, and 
various forms of “black bodies” are utilised to prevent 
unwanted reflections. One aspect of electromagnetism 
which is of particular interest, is the use of materials in the 
manipulation of electromagnetic waves such as to conceal or 
cloak objects or volumes of space from detection by an 
outside observer. 


[0002] Several known methods exist which attempt to 
achieve electromagnetic concealment of objects. For 
example, it is possible to use a series of cameras to project 
an image to an observer of what he would see if an object 
in question were not blocking his view path. As a result, the 
observer does not realise that the object is present. This 
method, however, relies on the use of active components, 
and depends heavily on the relative positioning of the object, 
cameras and observer at all times. 


[0003] Further known concealment methods include tra- 
ditional “stealth technology” and the use of low radar cross 
section structures. These are designed to minimize back 
reflection of radar or other electromagnetic waves. Whilst 
these structures can provide a reduced or altered electro- 
magnetic signature, because they involve either the scatter- 
ing of incident waves away from the target or absorbing 
incident waves, the objects which they hide are still detect- 
able in transmission. 


[0004] In their paper, Physics Rev. E95, 016623 (2005), A 
Alu and N Engheta suggest a scheme for the concealment of 
spherical and cylindrical objects through the use of plas- 
monic and metamaterial ‘cloaks’ or covers. Whilst this paper 
provides a method of reducing the total scattering cross 
section of such objects, it relies on a specific knowledge of 
the shape and material properties of the object being hidden. 
In particular, the electromagnetic cloak and the concealed 
object form a composite, whose scattering properties can be 
reduced in the lowest order approximation. Therefore, if the 
shape of the object changes, the shape of the cloak must 
change accordingly. Furthermore, this method relies on a 
resonance effect, such that 1f the frequency drifts away from 
its resonant peak, the method is less effective. It is therefore 
a narrowband method, which cannot be implemented for 
broadband applications. 


[0005] A further aspect of electromagnetism which is of 
interest is the use of materials in electromagnetic sensing 
and energy harvesting applications. Several known devices 
exist in this area, such as satellite dishes and solar energy 
panels. Whilst such prior art devices are operable to collect 
or detect electromagnetic radiation incident upon them from 
a number of different directions, and can be moveable to 
capture radiation incident from any desired direction, they 
do not have the capability to capture electromagnetic radia- 
tion incident from all directions at any given time. Problems 
therefore arise in applications when the direction of the 
electromagnetic source is initially unknown or constantly 
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changing, such as in solar energy collection and microwave 
energy beaming on mobile platforms. 


SUMMARY 


[0006] The invention is set out in the claims. According to 
a first embodiment, because a method 1s provided in which 
those rays which would have passed through a particular 
volume of space are deflected around the volume and 
returned to their original trajectory, an observer would 
conclude that the rays had passed directly through that 
volume of space. This will be the case regardless of the 
relative positioning of the observer and the concealed vol- 
ume. Furthermore, because no radiation can get into the 
concealed volume nor any radiation gets out, an object of 
any shape or material placed in the concealed volume will be 
invisible to the observer. 


[0007] In one aspect, the invention utilises a co-ordinate 
transformation approach which is independent of the sizes of 
the concealed and concealing volume and does not suffer 
from any of the fundamental scaling issues which affect 
known concealment schemes. It is also possible to use the 
transformation method for any shape of concealed or con- 
cealing volume. The wavelength of the electromagnetic 
radiation does not appear in the solution, such that the 
invention can be applied for any size structure and for any 
wavelength, and for near and far fields. 

[0008] Ina further embodiment of the invention, all elec- 
tromagnetic fields which are incident on an outer surface of 
a particular volume of space are concentrated into a inner 
core region, regardless of their direction of incidence on the 
outer surface. This enables a detector or collector to be 
placed at the inner core into which the electromagnetic fields 
have been concentrated, allowing it to interact with the 
intensified fields from all directions at that location. Because 
a method is described in which those rays which pass 
through the particular volume of space are returned to their 
original trajectory outwards of its outer surface, an observer 
would conclude that the rays had passed directly through 
that volume of space, regardless of the relative positioning 
of the observer and the volume in question. In addition, the 
present invention enables a detector placed within the inner 
core region to have its material properties matched to the 
surrounding layer such that it will also be invisible to an 
observer viewing the set up from any direction. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0009] FIG. 1 is a cross-sectional ray trajectory diagram 
for a sphere of radius r<R, cloaked within an annulus of 
radius R,<r<R,, assuming that R,>>A; 

[0010] FIG. 2a shows a field line in free space plotted on 
a Cartesian mesh; 

[0011] FIG. 2b shows the field line and background coor- 
dinates of FIG. 2a both distorted by the same transforma- 
tion; 

[0012] FIG. 3 is a cross-sectional view of the electrostatic 
displacement field lines for a sphere of radius r<R, cloaked 
within an annulus of radius R; <r<R,, located close to a point 
charge, assuming that R,<<A; 

[0013] FIG. 4a is a three-dimensional depiction of the 
diversion of electromagnetic rays around a cloaked volume, 
according to the present invention; 


Fig. 2-15. Basic wide-range bridge. 


output coax jacks are about an inch and a half apart on the chassis. 
This allowed very short leads to be used. 

A pair of binding posts, A and B, are in parallel with the output 
jack J2 so that calibration resistors and wire-connected leads can be 
easily connected without having to use clip leads or other methods 
of connection. The 1N34 diode detector rectifies the nulling volt- 
age and feeds it to the transistor amplifier through a 4.7k resistor, 
along with a couple of .01- uF bypass condensers. The transistor 
amplifier circuit was about the simplest one I know; it is a standard 
differential amplifier. 

The transistors used were a couple of surplus PNP 2N396As. 
Any standard general-purpose transistor will work as well, al- 
though it may be necessary to use another value of resistance of R4 
of Fig. 2-16. In my own case, I temporarily used a variable 25k 
resistor for R4 and adjusted its value until the amplifier gave the 
gain and stability I desired. Then the variable resistance was 
measured with an ohmmeter, and a fixed value used in its place in 
the circuit. It’s a quick and easy way to optimize a circuit. The 
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Fig. 2-16. Wide-range rf bridge. 
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[0014] FIG. 46 is a three-dimensional depiction of the 
diversion of electromagnetic rays around a cloaked surface, 
according to the present invention; 

[0015] FIG. 5 shows a front perspective view of a ‘Swiss- 
roll” metamaterial; 

[0016] FIG. 6 shows a top view of the ‘Swiss-roll’ 
metamaterial of FIG. 5; 

[0017] FIG. 7 shows a single split ring metamaterial; 
[0018] FIG. 8 shows a plan view of a split ring structure 
in a square array, lattice spacing a; 

[0019] FIG. 9 depicts the building of three-dimensional 
split ring resonator (SRR) at unit cell level; 

[0020] FIG. 10 is a prior-art negative index metamaterial 
comprising SRR’s and wires; 

[0021] FIG. 11 is a cross-sectional ray trajectory diagram 
of a concentration device of radius R, in which a spherical 
volume of space radius R, is compressed to a smaller 
volume of space radius R,; and 

[0022] FIG. 12 is a cross-sectional ray trajectory diagram 
in which rays from a point source incident on a sphere radius 
R, are concentrated into an inner sphere radius R,. 


DETAILED DESCRIPTION 


[0023] In overview, according to a first embodiment the 
invention provides a method of concealing an object or 
volume of space by means of redirecting the electromagnetic 
field lines around it. Any field lines which normally would 
flow through the concealed volume are redirected through a 
surrounding concealing volume. Outside of the cloaking 
structure, the field lines remain unperturbed. The cloaking 
structure is formed from a metamaterial, that is a material 
designed to exhibit the specific material parameters required 
for cloaking the object or volume in question. In particular, 
the electric permittivity e and magnetic permeability u and 
hence the refractive index n of the cloaking metamaterial 
can be varied effectively continuously spatially in order to 
manipulate the electromagnetic field lines and hence effec- 
tively conceal the enclosed volume. As a result of the 
invention, the concealed volume is undetectable to an out- 
side observer, and any electromagnetic radiation produced 
by an object within the concealed volume cannot escape 
from it. 

[0024] In a further embodiment the invention provides a 
method of concentrating the electromagnetic fields incident 
upon the outer surface of a concentrator device into an inner 
core region. The concentrator structure comprises a concen- 
trating volume and a collecting volume. Any field lines 
which would normally flow through the concentrating vol- 
ume are redirected into an inner collecting volume. Outside 
of the concentrator annulus surrounding the concentrating 
volume, the field lines remain unperturbed. The concentrator 
structure is formed from a metamaterial in a similar manner 
to that described above for the cloaking structure above. 
[0025] Whilst, as is outlined in more detail below, the 
transformation method described herein can be applied to 
conceal any desired volume using any desired cloaking 
structure, for simplicity it will first be described in relation 
to the simple spherical case as shown in FIG. 1. According 
to FIG. 1, the volume to be hidden is a sphere 100 of radius 
R, and the cloaking material is contained within the annulus 
102 of radius R, <r<R,. In order to create a secure, radiation- 
free volume within the sphere 100 of radius R,, all those 
electromagnetic field lines 104 which normally would flow 
through the sphere 106 of radius r<R, must therefore be 
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compressed into the cloaking annulus 102 R,<r<R,. That is, 
in order to remove the sphere 100 of radius R, from view, the 
volume within that sphere 100 plus the volume within the 
annulus 102 must all be mapped onto the annulus 102 of 
radius R,<r<R,. In the medium outside of the sphere 106 
r<R,, the electromagnetic field lines 104 must remain unper- 
turbed. 


[0026] The theory of propagation of electromagnetic 
waves is well known and so only the relevant aspects are 
summarised here in the context of the invention. In free 
space, the magnetic field strength H is related to the mag- 
netic field intensity B and the magnetic permeability of free 
space, Uo, via the equation B=u, H. The electric field E in 
free space is related to the electric displacement field D and 
electric permittivity of free space e, via the equation D=€, 
E. In a dielectric the value of e and u are modified by the 
relative permittivity and permeability value e,., u, and the 
refractive index of the invention is given by 


n, = Ven . 


As will be well known to the skilled person in the art, the 
three vectors E, H, and S are mutually orthogonal, with the 
Poynting vector S being calculable via the vector cross 
product S=ExH. The Poynting vector S gives the direction 
and magnitude of energy flow per unit area per unit time of 
an electromagnetic wave, and in a ray trajectory diagram 
such as that shown in FIG. 1, the direction of the rays of light 
correspond to the electromagnetic field lines and follow the 
direction of the Poynting vector. In order to implement this 
invention therefore, it is necessary to focus or redirect any 
of the electric displacement field D, the magnetic field 
intensity B, and the Poynting vector S so that they avoid the 
sphere 100 of radius R,, and return undisturbed to their 
original trajectories. 


[0027] As described in more detail below the approach 
further requires solution of Maxwell’s equations in relation 
to the redirected fields. For ease of depiction, redirection of 
the Poynting vector in particular will be addressed in the 
following description. 


[0028] In order to calculate the electromagnetic properties 
which a cloaking structure must possess in order to effec- 
tively implement the desired cloaking effects, the first step 
is to calculate the distortion which must be applied to the 
Poynting vector S so that the rays do not pass through the 
sphere 100 of radius R,. As shown in FIGS. 2a and 2b, this 
is achieved by recording the initial configuration of each ray, 
which would occur in the absence of a cloaked volume and 
cloaking material, on a known geometric mesh, such as a 
spherical or Cartesian mesh. For example in FIG. 2a, a 
single ray 200 is plotted on a Cartesian mesh 202: Once the 
appropriate rays 200 have been plotted on it, the Cartesian 
mesh 202 is stretched or distorted in such a manner that the 
rays plotted thereon become distorted to follow their new 
desired path, avoiding the cloaked volume. The distortions 
which are imposed on the Cartesian mesh 202 in order to 
achieve this can then be recorded as a coordinate transfor- 
mation between the original Cartesian mesh 202 and a 
second transformed mesh 204, wherein the second mesh is 
defined by: 


q1(%,y,Z), qo(X,Y,Z), q3(X,y,Z) (1) 
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[0029] In this second mesh 204, lines of constant q», q; 
define the generalized q, axis, and so on. It will be seen that 
conversely if the second mesh 204 comprised a set of points 
defined by equal increments along the g,, q», q, axes, it 
would appear distorted in the x, y, z Cartesian frame, as a 
comparison of FIGS. 2a and 2b clearly demonstrates. 


[0030] The benefit of performing this transformation is 
that, as described below, it can be shown that it is possible 
to solve Maxwell’s equations in the same form in the 
transformed geometry as in the original geometry, with only 
a corresponding transform of the spatially distributed values 
of e and u being required. This can be understood intuitively 
from the recognition that variation of the permittivity e and 
permeability values, and hence the refractive index n in a 
space, 1s equivalent to distorting the geometry of the space 
as seen by a light ray. It will be noted that the approach 
specifically addresses modification of the value of e and u 
individually rather than of the refractive index n=+Veu. In 
particular this allows reflection between interfaces of dif- 
ferent media to be removed by ensuring impedance (Z) 
matching where 


[0031] As will be known to the skilled person, Maxwell’s 
equations in a system of Cartesian coordinates take the form: 


VxE=-uuy0H/0t 
VxH=+€€0E/01 (2) 


where both electric permittivity e and magnetic permeability 
u depend on position. As described in Annex 1, when a 
coordinate transformation is applied to these equations, in 
the new co-ordinate system they take the form: 


V¿xE=-p4qudA/ot, 
V xA =+€/c0É/0t (3) 


where e and u are in general tensors, and Ê, H are renor- 
malized electric and magnetic fields. All four quantities are 
simply related to originals. In other words the form of 
Maxwell’s equation is preserved by a co-ordinate transfor- 
mation: the co-ordinate transformation does not change the 
fact that we are still solving Maxwell’s equations, it simply 
changes the definition of e, u. 


[0032] In particular, as is shown in detail in Annex 1, the 
effect of the transformation on u and e is to scale them both 
by a common factor. A generalized solution to this is shown 
in Annex 1, however in the case of an orthogonal geometry 
(Cartesian, spherical or cylindrical) but the renormalized 
values of the permittivity and permeability are: 


1 Q.0vQw (4) 
Eu a Eu Q2 , 

po 0,2,2w 
Pu = Hu NN , etc. 
EF = OFA =O ee: (5) 


where, 
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-continued 
q a (2) (E) (6) 
o:=(= A Ou E Ou 
El +) + (5) 
(5 A ea lero 


2 = (55) a) (55) 


And: 
B'uou' H’ and D' = eek’ (7) 
[0033] Referring back to the spherical case as shown in 


FIG. 1, the natural choice of mesh on which to plot the 
original ray configuration is a spherical one, which uses the 
co-ordinates r, O and q. The co-ordinate transformation 
operates by taking all the fields in the sphere 106 of radius 
r<R, and compressing them into the annulus 102 of radius 
R,<r<R,. This is achieved by any transformation of the 
form: 


; f- fO) (8) 
=R == (R -R 

O 

0 =0, 

$ =$ 


where f (r) is a monotonically increasing function of r, this 
will map the entire interior of a sphere 106 of radius R, into 
an annulus bounded by two spheres 100, 106 radii R, and R, 
respectively. There is symmetry for y and O because the field 
lines are being compressed radially only, so their angular 
positioning is not distorted. 

[0034] The simplest solution to equation (8) arises when 
f(r)=r, which simplifies to give: 


r’=R +1 Ro-R,)/Ro, 


0, 
=b (9) 
[0035] In order to ascertain the electromagnetic properties 


which will be required of the cloaking annulus 102 material 
so that it achieves the desired result of cloaking any object 
in the sphere 100 R, the transformation which has been 
imposed on r, y and @ must be applied in an analogous 
manner to e and u, as shown for the general case in Annex 
1. At each point (x, y, z) in space, e and u will have 
component (€,, €,, €,), (H H, H-) which must be transformed 
to spherical coordinate valve (e',, e's, €'9), (u,n: uO. we) in 
the transformed geometry. 


[0036] We do this in two steps: 


First transform to spherical coordinates without any com- 
pression, 
[0037] 

x=r cospsin0, y=r singsin0, Z=r cosð (Al) 


so that, as shown in equation (4) above, in the new frame, 
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2 010203 (A2) 
peg eS 


We calculate, 


[0038] 


> Ox _ t Oy o Y Oz 2 (A3) 
Q = (= = cosgsinð] + (5 = sinøsin | + (5 = 0050) =] 
r r r 


a «(Sinn a] = 
Q; = 36 = rcoscos gg oos 36 7 —rsing| =r 


OZ 


2 
— = = rsin? 
37 o] r“sin’@ 


Ax re a fd wa 
(5 = —rsingsini + = +rcos¢ésin +( 


and hence, 


E, = jt, (A4) 
0,06 Qg 
= Ey 
Q? 
7 r sin 
= 1 Ey 


= r’sine, 


r? sinó 
€, 
r2sin?0 $ 
1 


sin ¢ 


where €,, €o, €p the three components of the permittivity 
tensor in the original Cartesian frame, and we assume that 
the permittivity and permeability are equal. Note that we can 
easily extract the Cartesian view of €,, €e, €, from (A4) by 
removing the appropriate factors of r. 

[0039] In order to create a protected space inside the 
sphere radius R, we make a further transformation to a new 
cylindrical system in which the radius is compressed taking 
any ray trajectories with it. It is noted that computer pro- 
grams work in Cartesian coordinates and therefore that it is 
possible to re-express the compressed radial coordinate 
system in terms of a compressed Cartesian system, x' y' Z', 
by removing factors of r'. 
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Consider the transformation from equation (9), 
[0040] 
r'=R ,+1(R>-R )/R>, 00, Y =p (AS) 


which can be re-expressed as, 


ORDR y o, y (A6) 


We calculate, 


[0041] 


> (Or R Y (00 Y? (09 i Ra (A7) 
al tar 0) la) = [537 


QO; = (5 + -1) (3 =0) =1 
loo ag’ ð ) ` 


so that in the new frame, 
for R,<r'<R, 


E QO, Oy Oy 
r 07 
(RR), 
= —_——r 
R 
_ (KK) Es - Rı)R2 
— k R» -Ri 
Ror’ — Ry 


= Ri sins, 


sinĝs, 


2 
| sin@s, 


Ey = fg 
_ Qy Qy Oy 
A” ES 
Qg 


= Ro = R, sinbe, 


Ey = fig 
Qy Qe Os 
0%) 
Ry | 
T R -R, sino? 


= Es 


[0042] Alternatively we can reinterpret these values in a 
Cartesian coordinate frame, x'y'z', which is easily done by 
comparison with (A4), 


Ep = py a 
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-continued 
Ey = Hg 
Rz 
Ra- Rı 
Eg! = yy 
R2 
ey 
R -R * 


where we have assumed that the starting material is vacuum. 
for R,<r' 


Ey = y =r sind e, (A7b) 
Ey = Hg = sin?’ ey 


1 


Ey = My = —— Ey 
á 2 sing’ ? 


In free space, €, =p, =€g lla €, =H, =1 (11) 


for r<R, we may choose any value we please for the 
dielectric functions since radiation never penetrates into this 
region. In this region e', u' are free to take any value without 
restriction whilst still remaining invisible, and not contrib- 
uting to electromagnetic scattering. This will be the case for 
all cloaked volumes, regardless of their shape or size. 


[0043] Ifa suitable cloaking material can be implemented 
for the annulus 102 of radius R,<r<R,, this will exclude all 
fields from entering the central region 100 of radius R, and, 
conversely, will prevent all fields from escaping from this 
region. The cloaking structure itself and any object placed in 
the concealed sphere 100 R, will therefore be undetectable 
in either reflection or transmission. It will be noted that at all 
points in the medium the impedance 


such that no unwanted reflection in the medium, caused by 
impedance mismatch, takes place. 


[0044] It is noted that if the impendance z=vu/e=1 is 
achieved at all points in the metamaterial, the cloaking 
structure and concealed volume will appear to contain only 
free space, and so will be invisible if embedded in free 
space. If the cloaking structure is embedded in another 
medium the effect will differ, for example if embedded in 
water it would have the appearance of a bubble. In order to 
make the cloaking structure invisible in another medium it 
is necessary to match the ratio of u and e in the metamaterial 
to that of the surrounding medium at the interface between 
the two. As the skilled person will appreciate, whilst this 
changes the numerical values of e and u in the cloaking 
structure metamaterial, the general transformation theory 
outlined in Annex 1 remains the same. That is, because the 
present invention enables e and u to be controlled in a 
metamaterial independently of one another, it is possible to 
achieve any desired value of z, to match the impedance of 
the metamaterial to that of its surroundings. 
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[0045] Whilst in FIG. 1 the cloaking annulus 102 is 
depicted as being relatively thick, this does not have to be 
the case. The solution is not dependent on shell thickness or 
any other length scales, such that it does not suffer from any 
scaling issues. Additionally, the solution provided holds in 
both in the near and far fields, because the solution does not 
depend on the wavelength A. This is demonstrated in FIGS. 
1 and 3. For purposes of illustration, suppose that R,>>A 
where A is the wavelength so that we can use the ray 
approximation to plot the Poynting vector. If our system is 
then exposed to a source of radiation at infinity we can 
perform the ray tracing exercise shown in FIG. 1. Rays 104 
in this figure result from numerical integration of a set of 
Hamilton”s equations obtained by taking the geometric limit 
of Maxwell’s equations with anisotropic, inhomogeneous 
media. This integration provides an independent confirma- 
tion that the configuration specified by (9) and (10) excludes 
rays from the interior region 100. Alternatively if R,<<A and 
we locate a point charge 306 nearby, the electrostatic (or 
magnetostatic) approximation applies. A plot of the local 
electrostatic displacement field which results 1s shown in 
FIG. 3. 

[0046] The theoretical solution outlined above can be 
demonstrated using a ray-tracing program to calculate the 
ray trajectories. According to such a program, a specified 
material is assumed to exist around a central volume that is 
to be ‘cloaked’, or rendered invisible to the user. Using the 
specified parameters as input, the ray-tracing code confirms 
the theoretical prediction. Ray tracing programs of this type 
will be well known to those skilled in the art, although some 
existing programs will not be able to deal with the com- 
plexity of the problem for this invention. In FIGS. 4a and 4b, 
a ray tracing program has been used which was developed 
from a custom ray tracing code based on a Hamiltonian 
formulation to solve Maxwell’s equations in the geometric 
limit (ie zero wavelength limit). The results are shown for a 
spherical structure 400 and a cylindrical structure 402 
respectively, wherein the transformed parameters e and u in 
the cylindrical case are calculated in a similar manner to 
those for the sphere, as shown below: 

[0047] First transform to cylindrical coordinates without 
any compression, 


x=r cos0, y=r sin0, Z=z (A8) 


so that in the new frame, 


S 010295 ~  Q1003 (A9) 
O O 
We calculate, 
[0048] 
2 A10 
o? = (Ë = cosa} (52 = sino) +(S <0} =| e 
y on 
Q3 -(5 =-rsind) + +(3 = = +rcos0) ES = o] =r? 


lo 
C=laz=") Haz") *laz =") = 
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and hence, 


(A11) 


where €,,€,,€7 the three components of the permittivity 
tensor in the original Cartesian frame, and we assume that 
the permittivity and permeability are equal. Note that we can 
easily extract the Cartesian view of €,,€,,€7 from (A13) by 
removing the appropriate factors of r. 


[0049] In order to create a protected space inside a cylin- 
der radius R,, we make a further transformation to a new 
cylindrical system in which the radius is compressed taking 
any ray trajectories with it. It is noted that computer pro- 
grams work in Cartesian coordinates and therefore that it is 
possible to re-express the compressed radial coordinate 
system in terms of a compressed Cartesian system, x'y'z', by 
removing factors of r. 


Consider the transformation, 


[0050] 
r =R +r(R2—R¡)/R2,0 =0,Z =Z (A12) 
or, 
(=R )R , ; (A13) 
r= “PeR 0 =0, Z =Z 
We calculate, 
[0051] 
ðr R Y (00 2 (A14) 
lar) tar =?) + 
Q? Or’ R- Ri ðr’ 
Or’ Rə- Ri 
E A O e L E 
==) +(37 =!) +37 =°] = 
o (7 =0) (7 7 = =1) =1 
2 az ðZ dz) > 
so that in the new frame, 
for R,<r'<R, 
Er =Ñ, (AlSa) 
~ 0/04 Oz 
= En 3 — 
Qn 
(Ry — Ry) 
= ———ré, 
Ry 


_ (RRA RDR2, 
Ra R,-R, ” 
= (r — Rie, 


Jan. 31, 2008 


-continued 


Ey = Hg 
Le Qy Qe Qz 
ez 
Ro A 
—Ra—Ri d 
R2 Ro — Ri 
= —— ey 
Ry — Ry (7 — RR) 
1 
P-R)” 


Les 


Ey = Hz 
Qy Qg Oz 
Or 
R2 
T R-R 7 
__R> (1 — RR) 
R2-Rı RR 


= Ez 


EZ 


=| ar Lo - Ryez 


for R,<r' 


for r<R, we may choose any value we please for the 
dielectric functions since radiation never penetrates into this 
region. 


Alternatively we can reinterpret these values in a Cartesian 
coordinate frame, x'y'z', which is easily done by comparison 
with (A4), 


[0052] 

site (A16) 
= r -RI 
= 7 

Eg = Hy 
“QSR 

Ez Sp 
=| R> [2 -RI 
Ñ Ro — Ry r 


where we have assumed that the starting material is vacuum. 
[0053] FIGS. 4a and 4b show that the incident rays 404, 
406 are diverted around a central region 400, 402 and 
emerge from the cloaking region 408, 410 apparently unper- 
turbed, as predicted by the theoretical solution. 

[0054] Whilst the theoretical solution has been confirmed 
by ray-tracing methods, in order to put the invention into 
effect a suitable material to form the cloaking structure has 
been developed. 
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[0055] The material parameters of the cloaking structure 
require that the components of e' equal those of u', that e' and 
u' vary throughout space, and that the tensor components of 
e'and y' vary independently. The anticipated material is thus 
inhomogeneous and anisotropic. Moreover, the material 
parameters e' and y' must assume values less than unity and 
approach zero at the interface between the concealed region 
and the cloaking shell. Furthermore, it is noted that equation 
(6) is singular at r'=R,. This is unavoidable as can be seen 
by considering a ray headed directly towards the centre of 
the sphere 100 (FIG. 1). This ray does not know whether to 
be deviated up or down, left or right. Neighbouring rays 104 
are bent around tighter and tighter arcs closer to the critical 
ray they are. This in turn implies very steep gradients in e' 
and pu. Parameters e' and u' are necessarily anisotropic in the 
cloaking material because space has been compressed aniso- 
topically. This set of constraints is not attainable by con- 
ventional materials for example because finding matching 
values for e and u in the same waveband does not occur. 
However, given the rapid progress that has occurred over the 
past several years in artificial materials, a metamaterial can 
be practically designed that satisfies the specifications. 


[0056] Metamaterials are artificially constructed ‘materi- 
als’ which can exhibit electromagnetic characteristics that 
are difficult or impossible to achieve with conventional 
materials. From an electromagnetic point of view, the wave- 
length, A, of a wave passing through a material determines 
whether a collection of atoms or other objects can be 
considered a material and properties at the atomic level 
determine e and u. However, the electromagnetic parameters 
e and u need not arise strictly from the response of atoms or 
molecules: Any collection of objects whose size and spacing 
are much smaller than A can be described by an e and u. In 
that case, the values of e and u are determined by the 
scattering properties of the structured objects. Although such 
an inhomogeneous collection may not satisfy an intuitive 
definition of a material, an electromagnetic wave passing 
through the structure cannot tell the difference, and, from the 
electromagnetic point of view, we have created an artificial 
material, or metamaterial. This properties of metamaterials 
are explained further in “Metamaterials and Refractive 
Index”, D R Smith, J B Pendry, MCK. Wiltshire, VOL 305, 
SCIENCE 061081 (2004).which is incorporated herein by 
reference. 


[0057] One useful property exhibited by certain metama- 
terials is that of artificial magnetism. It has been found that 
structures consisting of non-magnetic arrays of wire loops in 
which an external field can induce a current consequently 
produce an effective magnetic response. One such design is 
the so-called ‘Swiss-roll’ structure, as shown in FIG. 5. The 
roll 500 is manufactured by rolling an insulated metallic 
sheet around a cylinder 504. A design with about 11 turns on 
a 1-cm-diameter cylinder gives a resonant response at 21 
MHz. The metamaterial is formed by stacking together 
many of these cylinders. In this structure, the coiled copper 
sheets have a self-capacitance and self-inductance that cre- 
ate a resonance. The currents that flow when this resonance 
is activated couple strongly to an applied magnetic field, 
yielding an effective permeability that can reach quite high 
values. No current can flow around the coil except by self 
capacitance. As is shown in FIG. 6, when a magnetic field 
parallel to the cylinder 600 is switched on it induces currents 
(j) in the coiled sheets 602, which are spaced a distance d 
apart from one another. Capacitance between the first 604 
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and last 606 turns of the coil enables current to flow. This is 
described further in “Magnetism from Conductors and 
Enhanced Non-Linear Phenomena”, J B Pendry, A J Holden, 
D J Robbins and W J Stewart IEEE Trans. Micr. Theory and 
Techniques, 47, 2075 (1999), which is incorporated herein 
by reference. 

[0058] One problem with the Swiss-roll structures is that 
the continuous electrical path provided by metal cylinders 
can cause the metamaterial to respond like an effective metal 
when the electric field applied is not parallel to the cylinders, 
hence restricting its usefulness in certain applications. An 
adaptation described in the same paper which avoids this 
undesirable effect is the split ring resonator (SRR). The SRR 
is built up from a series of split rings, as shown in FIG. 7. 
Each split ring 700 comprises at least two concentric thin 
metal rings 702, 704 of width c, spaced apart by a distance 
d, each one with a gap, 706, 708. By eliminating the 
continuous conducting path which the cylinders provide, an 
SRR eliminates most of the electrical activity along this 
direction. 

[0059] As shown in FIG. 8, it is possible to form a planar 
split ring structure 800 from a series of split rings 802, 
spaced a distance a apart. The two dimensional square array 
800 shown in FIG. 8 can be made by printing with metallic 
inks. If each printed sheet is then fixed to a solid block of 
inert material, thickness a, the blocks can be stacked to give 
columns of rings. This would establish magnetic activity 
along the direction of stacking, z-axis. 

[0060] The unit cell 900 of the stacked SRR structure is 
shown in FIG. 9 on the left. It is possible to form a 
symmetrical three dimensional structure starting from such 
a structure comprising successive layers of rings stacked 
along the z-axis. This is achievable by cutting up the 
structure into a series of slabs thickness a, making incisions 
in the y-z plane and being careful to avoid slicing through 
any of the rings. Each of the new slabs contains a layer of 
rings but now each ring is perpendicular to the plane of the 
slab and is embedded within. The next stage is to print onto 
the surface of each slab another layer of rings and stack the 
slabs back together again. The unit cell 902 of this second 
structure is shown in the middle of FIG. 9. In the final step, 
a third set of slabs is produced by cutting in the x-z plane, 
printing on the surface of the slabs, and reassembling. This 
results in a structure with cubic symmetry whose unit cell 
904 is shown on the right of FIG. 9. 

[0061] Similarly € can be governed by an array of thin 
wires as described in “Extremely Low Frequency Plasmas in 
Metallic Mesostructures”, J B Pendry, A J Holden, W J 
Stewart, I Youngs, Phys Rev Lett, 76, 4773 (1996) which is 
incorporated herein by reference. 


[0062] Hence known techniques can be applied to con- 
struct the metamaterial required to put the current invention 
as described above into practice. The materials comprise 
many unit cells, each of which is designed to have a 
predetermined value for e' and u', such that they correspond 
to the values determined by equation (4) above (or for the 
non-orthogonal case, equation (23) of Annex 1). As will be 
apparent to the skilled reader, this may involve each unit cell 
having slightly different values of e' and y' to those of its 
radially neighbouring cells. Each unit cell in the metamate- 
rial acts as a concealing volume element. The concealing 
volume elements are assembled in the correct respective 
spatial positions to form the cloaking structure, as calculated 
by the methods outlined above. The cloaking structure will, 
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as a result, possess the spatially distributed material param- 
eter values required for electromagnetic concealment of the 
enclosed volume. 


[0063] For practical implementation of the theory outlined 
above, a three dimensional cloaking structure will be nec- 
essary in most cases. A solid composite metamaterial struc- 
ture can be formed using fabrication techniques similar to 
those used to manufacture a gradient index lens. One such 
known structure 1000 is shown in FIG. 10, in which SRR’s 
and wires are deposited on opposite sides lithographically on 
a standard circuit board to provide a desired material 
response. This is described in more detail in “Reversing 
Light with Negative Refraction”, J B Pendry, D R Smith, 
Physics Today, June 2004, which is incorporated herein by 
reference. 


The unit cell structure of the metamaterial used ensures that 
anisotropy and continuous variation of the parameters, as 
required by the theoretical solution, can be achieved. Unre- 
lated to cloaking, another application of the transformation 
theory described above is a device for concentrating fields. 
FIG. 11 shows a concentrator that concentrates electromag- 
netic fields incident upon its outer surface (110) onto an 
inner core region (114). The transformation that character- 
izes the concentrator, for the spherical geometry, 1s shown in 
FIG. 11. The outer radius of the device (110) is R}. A 
concentrating volume of space (112) with radius R,<R, is 
compressed to a collecting volume (114) of radius R,. The 
shell volume (116) that lies between R, and R, is expanded 
to fill the region (118) between R, and R;, as FIG. 11 depicts. 
A simple example of this transformation that compresses the 
core (112) uniformly and stretches the shell region (116) 
with a linear radial function is given by 


R 12 
E DEP AR Ue) 
Ri 

=¿ R,-R R3 — 

i e R A eRe 

R3 Ri RR, 

r R <r 

0=0 

jag (13) 


The resulting material properties of permitting and perme- 
ability in the concentration device are then 


[0064] 


[,, ey, Ey | = [ss Hy, Hg |] (15) 


Re i 1, 1] 
Ri kd > 
= R3 — Rə (1+ 
R3—Ri 


O<r <R, 
R > Ky R3 
Rz- Ri r' 
[1,1,1] 


2 
yt] Ri <r <R; 


Ry <r 


where the material properties are given relative to the 
external environment. As with the cloaking structure, the 
external environment may be free space or any other 
medium. 
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[0065] In order to concentrate fields into an arbitrarily 
small volume, we let R,—0 and obtain 


[Ey , Eg, ey | = [ir Hg, Hy | (16) 


Ri — R R Roy 
| Ra AOS 


[1, 1, 1] 


O<r < R3 


Ry <r 


[0066] If we wish the concentration cross section of the 
sphere to equal it’s outer radius, then we let R,—R;. 


] 7. Ep er |= hi ea big tty 17 
Pees A A py, ys Hors Hg! | (17) 
[+00, 0,0] O<r! < R 
-{ [1, 1, 1] R <r 
[0067] This is the perfect field concentrator. The material 


parameters which are required in the concentrator can be 
achieved through the use of metamaterials as described in 
relation to the cloaking structure. The permittivity € and 
permeability u can be controlled independently of one 
another in each of three dimensions within each unit cell of 
the metamaterial. 

[0068] The concentrator device is unique, and different 
from focusing lenses and mirrors, in that it operates on fields 
incident from any direction. For electromagnetic sensing or 
energy harvesting applications, a detector or collector would 
be placed at the core (114) to interact with the intensified 
fields at that location. Part of the utility of this device is 
concentration of fields when the direction of their source is 
initially unknown or constantly changing e.g. solar energy 
collection or microwave energy beaming on mobile plat- 
forms. 

[0069] A detector placed at the concentrator’s core (114) 
could easily be configured to provide accurate directional 
information as well as collect the energy. This could be 
accomplished by, for example, using a spherical shaped 
detector patterned into eight quadrants. By comparing the 
energy collected from each quadrant, accurate directional 
information will be obtained. The detector need not be 
spherical. A transformation could be used that results in a 
core region that is a thin circular disk. This would make the 
concentrator compatible with common planar detectors. 
[0070] The device can also provide impedance matching 
to the detector. This is achieved by applying the inverse 
transformation to the desired detector, expanding it from the 
core radius, R,, to the radius R.. It is then possible to design 
an impedance matching layer, (between R, and R,), to match 
the transformed detector to its environment. This impedance 
matching layer is then transformed with the forward trans- 
formation expanding it to fill the region (118) between R, 
and R,. The resulting shell layer between R, and R,, 
provides both concentration and impedance matching func- 
tions. 

[0071] Like the cloak structures the concentrator (110) can 
be perfectly matched to its environment, so that if the fields 
are not disturbed in the core (114) by a detector, the device 
(110) is undetectable by external electromagnetic probing. 
This device (110) can operate in both near and far field 
regimes and at any size scale and wavelength. The basic 
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formalism of this transformation can be applied to other 
basic geometries, (e.g. cylindrical) or applied conformally to 
an arbitrarily shaped object. 


FIG. 12 demonstrates the concentration of rays or field lines 
from a point source (120) incident upon a sphere (122) 
radius R3, into an inner core region (124) radius R}. 


[0072] The co-ordinate transfer mapping theory outlined 
above has been described with respect to diverting the 
propagation of electromagnetic waves. However it is noted 
that there is a significant analogy between electromagnetic 
and other propagating waves such as acoustic waves. In 
particular, this theory may be applied to obtain specifications 
for the mechanical properties of a material such as density 
and stiffness that yield acoustic cloaking. Such a cloak may 
be used for example to conceal bodies from sonar detection. 


[0073] Whilst the description of the cloaking theory above 
is directed mainly to concealing objects, it will be appreci- 
ated that the diversion of electromagnetic disturbances from 
the cloaked volume into a cloaking shell creates an electro- 
magnetic quiet zone inside. Equation (9) dictates that any 
electromagnetic radiation produced by an object inside the 
quiet zone will not be able to emerge from it. This may be 
put to use in electromagnetic interference shielding appli- 
cations, for example inside MRI machines. Analogously, 
acoustic quiet zones may also be achieved. 


[0074] The application of the present invention is not 
limited to the cloaking and concentrator structures as shown 
in the Figures. As demonstrated clearly in Annex 1, the 
mathematical solution provided herein applies to cloak a 
structure of any shape. Furthermore, if a volume is cloaked, 
an object of any shape or material placed therein will not be 
detectable by an outside observer, either in reflection mode 
or transmission mode. 


[0075] The methods described herein can be used to apply 
any appropriate coordinate transformation between any 
appropriate co-ordinate systems and using any appropriate 
function of the co-ordinates in the original frame. The 
cloaking structure used to conceal the material within it can 
be of any shape or thickness. In particular, the cloaking 
structure does not have to follow the same shape as the 
object within that is to be concealed. It will be apparent to 
the skilled reader that the methods described herein can be 
used to transform all frequencies of electromagnetic radia- 
tion, and for a given application can be applied to radiation 
in any specific frequency range of the electromagnetic 
spectrum, including infrared, radio, visible light, x-rays, 
microwaves and radar. 

[0076] In the examples shown impedance matching has 
been achieved by the ratio 


dlr 


As will be apparent to the skilled reader, impedance match- 
ing of the sort described herein can be achieved for 
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[0077] 


where m is any real constant value. In particular, the desired 
ratio of u/e will depend on the medium in which the cloaking 
structure is to be embedded. 

[0078] While this invention has been particularly shown 
and described with references to preferred embodiments 
thereof, it will be understood by those skilled in the art that 
various changes in form and details may be made therein 
without departing from the scope of the invention encom- 
passed by the appended claims. 


What is claimed is: 

1. A method of constructing a concealing volume com- 
prising constructing a plurality of concealing volume ele- 
ments around a concealable volume, each concealing vol- 
ume element having a material parameter arranged to direct 
a propagating wave around a concealable volume. 

2. A method as claimed in claim 1 in which the material 
parameter comprises one of refractive index, electrical per- 
mittivity, magnetic permeability. 

3. A method as claimed in claim 2 in which the propa- 
gating wave comprises an electromagnetic wave. 

4. A method as claimed in claim 1 in which the material 
parameter comprises each of electrical permittivity and 
magnetic permeability. 

5. A method as claimed in claim 2 in which the concealing 
volume is a metamaterial. 

6. A method as claimed in claim 5 in which each element 
comprises at least one of a split ring and a conductive wire 
providing a respective permeability and permittivity value. 

7. A method as claimed in claim 1 in which the concealing 
volume is designed to divert incoming propagating waves 
such that outgoing propagating waves appear to be unper- 
turbed to an observer. 

8. A method of designing a concealing volume for pro- 
vision around a concealable volume comprising identifying 
a co-ordinate transform mapping a concealable volume 
space onto a concealing volume space and applying a 
corresponding transform to spatially distributed material 
parameter values in the concealable volume space. 

9. A method as claimed in claim 8 in which the material 
parameter comprises at least one of the refractive index, 
electrical permittivity, magnetic permeability. 

10. A method of constructing a concealing volume com- 
prising designing a concealing volume as claimed in claim 
8, constructing a plurality of elements having said trans- 
formed material parameter values and assembling said ele- 
ments at the respective transformed spatial positions. 

11. A method as claimed in claim 10 in which the 
assembled elements form a metamaterial. 

12. A concealing volume for concealing a concealable 
volume comprising a plurality of concealing volume ele- 
ments each having a material parameter arranged to divert a 
propagating wave around a concealable volume. 

13. A concealing volume as claimed in claim 12 in which 
the material parameter is at least one of refractive index, 
electrical permittivity and magnetic permeability. 

14. A concealing volume as claimed in claim 12 in which 
the concealing volume elements form a metamaterial. 
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15. A concealing volume as claimed in claim 12 in which 
each concealing volume element comprises at least one of a 
split ring and an electrically conductive wire providing a 
respective magnetic permeability or electrical permittivity 
value. 

16. A concealing volume as claimed in claim 12 further 
comprising a concealed volume within said concealing 
volume. 

17. A concealing volume as claimed in claim 12 further 
comprising a plurality of bandwidth enhancing elements. 

18. A computer readable medium comprising a set of 
instructions for implementing a method as claimed in claim 
1. 

19. A computer configured to operate under the instruc- 
tions of a computer readable medium as claimed in claim 18. 

20. A computer readable medium storing concealing 
volume element material parameter data derived according 
to the method of claim 8. 

21. A concealing volume as claimed in claim 12 config- 
ured for cloaking in at least one of the following electro- 
magnetic spectrum bands: visible, infrared, ultraviolet, 
x-ray, radio, radar, microwave. 

22. A computer readable medium as claimed in claim 18 
in which the propagating wave is an acoustic wave and the 
material parameter comprises at least one of density and 
stiffness. 

23. A method of constructing a concentrator comprising 
constructing a plurality of concentrator elements to form a 
concentrating volume and a collecting volume, each con- 
centrator element having a material parameter arranged to 
direct a propagating wave from the concentrating volume to 
the collecting volume. 

24. A method as claimed in claim 23 in which the material 
parameter comprises one of refractive index, electrical per- 
mittivity, magnetic permeability. 

25. A method as claimed in claim 24 in which the 
propagating wave comprises an electromagnetic wave. 

26. A method as claimed in claim 23 in which the material 
parameter comprises each of electrical permittivity and 
magnetic permeability. 

27. A method as claimed in claim 24 in which the 
concentrator is a metamaterial. 

28. A method as claimed in claim 27 in which each 
element comprises at least one of a split ring and a conduc- 
tive wire providing a respective permeability and permittiv- 
ity value. 

29. A method as claimed in claim 23 in which the 
concentrator is designed to divert incoming propagating 
waves such that outgoing propagating waves appear to be 
unperturbed to an observer. 

30. A method of designing a concentrator for provision 
around a concentrating volume comprising identifying a 
co-ordinate transform mapping the concentrating volume 
space onto a collecting volume space and applying a corre- 
sponding transform to spatially distributed material param- 
eter values in the concentrator space. 

31. A method as claimed in claim 30 in which the material 
parameter comprises at least one of the refractive index, 
electrical permittivity, magnetic permeability. 

32. A method of constructing a concentrator comprising 
designing a concentrator as claimed in claim 36, construct- 
ing a plurality of elements having said transformed material 
parameter values and assembling said elements at the 
respective transformed spatial positions. 
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33. A method as claimed in claim 32 in which the 
assembled elements form a metamaterial. 


34. A concentrator for concentrating a concentrating vol- 
ume comprising a plurality of concentrator elements each 
having a material parameter arranged to divert a propagating 
wave from the concentrating volume to a collecting volume. 


35. A concentrator as claimed in claim 34 in which the 
material parameter is at least one of refractive index, elec- 
trical permittivity and magnetic permeability. 

36. A concentrator as claimed in claim 34 in which the 
concentrator elements form a metamaterial. 


37. A concentrator as claimed in claim 34 in which each 
concentrator element comprises at least one of a split ring 
and an electrically conductive wire providing a respective 
magnetic permeability or electrical permittivity value. 


38. A concentrator as claimed in claim 34 further com- 
prising a collecting volume within said concentrating vol- 
ume. 


39. A concentrator as claimed in claim 34 further com- 
prising a plurality of bandwidth enhancing elements. 


40. A computer readable medium comprising a set of 
instructions for implementing a method as claimed in claim 
23. 


41. A computer configured to operate under the instruc- 
tions of a computer readable medium as claimed in claim 40. 


42. A computer readable medium storing concentrator 
element material parameter data derived according to the 
method of claim 30. 


43. A concentrator as claimed in claim 34 configured for 
concentrating in at least one of the following electromag- 
netic spectrum bands: visible, infrared, ultraviolet, x-ray, 
radio, radar, microwave. 


44. A method for controlling a propagating wave within a 
material comprising controlling the values of electrical 
permittivity and magnetic permeability exhibited by the 
material independently of one another. 


45. A method as claimed in claim 44 in which the material 
is a metamaterial. 


46. A method as claimed in claim 44 in which the 
propagating wave is an electromagnetic wave. 


47. A method as claimed in claim 44 wherein the propa- 
gating wave is controlled to circumvent a concealable vol- 
ume. 


48. A method as claimed in claim 44 wherein the propa- 
gating wave is directed from a concentrating volume to a 
collecting volume. 


49. A method of defining a spatial distribution of material 
parameter values of an object comprising performing a 
spatial coordinate transformation in relation to a volume 
having a pre-transformation material parameter value spatial 
distribution, and constructing an object from a metamaterial 
having a post-transformation material parameter value spa- 
tial distribution. 


50. A method of defining a spatial distribution of material 
parameter values of an object comprising performing a 
spatial coordinate transformation in relation to a volume 
having a pre-transformation material parameter value spatial 
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11 
distribution having an effect on a volume surrounding the 51. A method as claimed in claim 50 in which the effect 
object, in which the spatial transformation 1s selected so that on the surrounding volume is non-perturbation of electro- 
the post-transformation material parameter value spatial magnetic radiation by virtue of presence of the object. 


distribution achieves the same effect on the volume sur- 
rounding the object. E 


Fig. 2-17. Direct-reading bridge scale. 


variable 10k potentiometer R2 used for balancing the meter cur- 
rent to zero during the initial null was an available 2-watt poten- 
tiometer, although a small trimpot can be used if desired. R3 is a 
2-watt potentiometer-type variable resistance used as a sensitivity 
control that limits the current through the 50- pA microammeter 
when setting for initial null. Switch S1 turns the transistor 
amplifier “on” or “off”. Switch S2 allows the transistor amplifier to 
be used for other purposes, as will be described later on. The 
entire bridge is self-contained in a 7” x 5” x 2” chassis. A coat of 
gray enamel paint gives it a professional look. 1 have found that 
painting the chassis before final assembly and baking it in the 
kitchen oven for about fifteen minutes at 250 degrees Fahrenheit 
produces a hard, smooth finish. 


Calibration 

The simplest way to make the bridge direct-reading, which 
avoids the use of separate calibration curves, is to paste a piece of 
white cardboard directly on the chassis under the 100-ohm poten- 
tiometer knob. This allows actual values to be inked in when the 
calibration is made. Figure 2-17 is a theoretical calibration sheet 
illustrating the method just described. Theoretical values were 
shown, as every individual calibration will vary somewhat depend- 
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(57) ABSTRACT 


An apparatus and method of cloaking is described. An object 
to be cloaked is disposed such that the cloaking apparatus 1s 
between the object and an observer. The appearance of the 
object is altered and, in the limit, the object cannot be 
observed, and the background appears unobstructed. The 
cloak 1s formed of a metamaterial where the properties of the 
metamaterial are varied as a function of distance from the 
cloak interfaces, and the permittivity is less than unity. The 
metamaterial may be fabricated as a composite material hav- 
ing a dielectric component and inclusions of particles of 
sub-wavelength size, so as to have a permeability substan- 
tially equal to unity. 
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SYSTEM, METHOD AND APPARATUS FOR 
CLOAKING 


[0001] This application claims the benefit of U.S. provi- 
sional application Ser. No. 60/857,526, filed on Nov. 8, 2006, 
which is incorporated herein by reference. 


STATEMENT OF GOVERNMENT SUPPORT 


[0002] This application is based on research sponsored by 
the U.S. Army Research Office under 50342-PH-MUR. 


TECHNICAL FIELD 


[0003] This application relates to a system, method and 
apparatus for the modification of the scattering properties of 
an object. In particular, the effect may be achieved using 
non-magnetic materials. 


BACKGROUND 


[0004] An object may be sought to be made invisible at 
least over some frequency range. This has been termed a 
“cloak of invisibility”; the invisibility sought may be partial at 
a specific frequency, or over a band of frequencies, so the term 
“cloak of invisibility” or “cloak” may take on a variety of 
meanings. The cloak may be designed to decrease scattering 
(particularly “backscattering”) from an object contained 
within, while at the same time reducing the shadow (“forward 
scattering”), so that the combination of the cloak and the 
object contained therein have a resemblance to free space. 
When the phrase “cloaking”, “cloak of invisibility” or the 
like, is used herein, the effect is generally acknowledged to be 
imperfect, and the object may appear in a distorted or attenu- 
ated form, or the background obscured by the object may be 
distorted or partially obscured. 

[0005] In an aspect the cloak has a similarity to “stealth” 
technology where the objective is to make the object as invis- 
ible as possible in the reflection or backscattering direction. 
One means of doing this is to match the impedance of the 
stealth material to that of the electromagnetic wave at the 
boundary, but where the material is strongly attenuating to the 
electromagnetic waves, so that the energy backscattered from 
the object within the stealth material is strongly attenuated on 
reflection, and there is minimal electromagnetic reflection at 
the boundary within the design frequency range. This is typi- 
cally used in evading radar in military applications. Shadow- 
ing may not be a consideration in stealth technology. 

[0006] The materials used for the cloak may have proper- 
ties where, generally the permeability and permittivity ten- 
sors are anisotropic and where the magnitudes of the perme- 
ability and permittivity are less than one, so that the phase 
velocity of the electromagnetic energy being bent around the 
cloaking region is greater than that of the group velocity. 
[0007] Materials having such properties have not been dis- 
covered as natural substances, but may be produced as artifi- 
cial, man-made materials, where the permittivity and perme- 
ability are less than unity, and may be negative. 
Metamaterials, an extension of the concept of artificial dielec- 
trics, were first designed in the 1940s for microwave frequen- 
cies. They typically consist of periodic geometric structures 
ofa guest material embedded in a host material. Analogous to 
the circumstance where homogeneous dielectrics owe their 
properties to the nanometer-scale structure of atoms, 
metamaterials derive their properties from the sub-wave- 
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length structure of its component materials. At wavelengths 
much longer than the unit-cell size, the structure can be 
assigned parameters that may be used describe homogeneous 
dielectrics, such as electric permittivity and refractive index. 
[0008] A first experimental demonstration of a cloak oper- 
ating over a narrow band of microwave frequencies was 
recently reported. Cloaking was achieved by varying the 
dimensions of a series of split ring resonators (SRRs) to yield 
a desired gradient of permeability in the radial direction. 
However, there appear to be limits to size scaling of SRRs so 
as to exhibit magnetic responses in the optical range. Replac- 
ing the SRRs with other optical magnetic structures like 
paired nano-rods or nano-strips may be difficult, primarily 
due to fabrication issues. Moreover, optical magnetism based 
on, for example, resonant plasmonic structures is usually 
associated with a high loss factor, which may be detrimental 
to the performance of cloaking devices. 


SUMMARY 


[0009] An apparatus is disclosed, the apparatus being a 
structure formed of a material having a permittivity less than 
unity and a permeability approximately equal to unity. The 
structural material may be a metamaterial: for example, a 
material having a permittivity greater than or equal to unity, 
partially filled with a material having a negative permittivity 
at a design wavelength. The permittivity of the material may 
be anisotropic. 

[0010] Inan aspect, the apparatus is sized and dimensioned 
such that the structure is disposable between an object and an 
observer. 


[0011] A method of cloaking an object is described, the 
method including providing a structure formed of a metama- 
terial, and disposing the object to be cloaked such that the 
structure is positioned between the object and an observer. 
The metamaterial has a permittivity less than unity and a 
permittivity approximately equal to unity. The metamaterial 
may be fabricated from a dielectric with sub-wavelength 
inclusions of a material having a permittivity less than zero. 


[0012] In another aspect, method of designing a cloaking 
structure includes, selecting a dielectric material; selecting a 
filler material having a permittivity less than zero; and, adjust- 
ing at least one of a distribution, a quantity or a dimension of 
the filler material within the dielectric material such that, at a 
design wavelength, a permittivity of a composite material 
comprised of the dielectric material and the filler material 
varies with a distance such that a visibility of an object dis- 
posed within the cloaking structure is reduced, and the region 
behind the object is visible. 


[0013] In yet another aspect, a cloaked object, includes an 
object having a electromagnetic scattering property and a 
structure disposable between the object and an observer. The 
structure may be fabricated from a material having a perme- 
ability approximately equal to unity and a permittivity 
between approximately unity and approximately zero. The 
properties of the material may be selected so that a visibility 
of the object is reduced and a visibility of region behind the 
cloaked object may be substantially unaffected. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0014] FIG. 1A illustrates the coordinate transformation 
that compresses a cylindrical region r<b into a concentric 
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cylindrical shell a<r<b; and, 1B the structure of a non-mag- 
netic optical cloak, together with a portion of the inner surface 
thereof; 

[0015] FIG. 2A is a graph of the functions f, and f, as 
defined by (8) for a silver-silica composite with aspect ratios 
of 10:1, 20:1 and 50: 1, respectively; 2B, the operational point 
determined by (11) for a cloak consisting of silver wires of 
a=10.7 in silica; and, 2C, the material parameters €,., Ey and 
u_ of the cloak operating at A=632.8 nm, where the solid line 
(—) represents the exact set of reduced parameters by Eq. 2, 
and the diamond (¢ ): parameters of the metal wire compos- 
ite cloak; and 

[0016] FIG. 3 is a cross-sectional view of finite-element 
simulations of the magnetic field mapping around the cloaked 
object with TM illumination at A=632.8 nm when the object 
is surrounded by: A, a cloak with the exact set of reduced 
parameters; B, the metal wire composite cloak; and C, a 
vacuum (no cloak). 

[0017] FIG. 4 shows a comparison of the anisotropic mate- 
rial properties for of the anisotropic material properties for 
the optimal quadratic design (p=a/b*), solid lines and the 
linear transformation (p=0), dashed lines. The shape factor 
a/b is 0.31 and the diameter 2b is 4 microns. 


[0018] FIG. 5 shows the results of full-wave field-mapping 
simulations of the magnitudes of the normalized scattered 
field for a metal cylinder with: A, no cloak; B, an ideal cloak; 
C, a linear transformation non-magnetic cloak; and D, an 
optimal quadratic transformation nonmagnetic cloak; and 


[0019] FIG. 6 shows scattering patterns from the four cases 
shown in FIG. 5; where A shows the metal cylinder scatterer 
with no cloak and the cylinder with the ideal cloak; and B 
shows the cylinder with a linear nonmagnetic cloak and the 
cylinder with an optimal quadratic nonmagnetic cloak. 


DETAILED DESCRIPTION 


[0020] Exemplary embodiments may be better understood 
with reference to the drawings, but these embodiments are not 
intended to be of a limiting nature. 


[0021] When the phrase “cloaking”, “cloak of invisibility” 
or the like is used herein, the effect is generally acknowledged 
to be imperfect in practice, and the object may appear in a 
distorted or attenuated form, or the background obscured by 
the object may be distorted or partially obscured. Therefore, 
“cloak” should not be interpreted so as to require that the 
object within the cloak be “invisible” even at a design wave- 
length. 


[0022] Reference may be made in this application to sys- 
tems, apparatus, components, or techniques that are known, 
so as to enable a person of ordinary skill in the art to be able 
to comprehend the examples disclosed in the specification. 
The examples are intended to enable a person of ordinary skill 
in the art to practice the inventive concepts as claimed herein, 
using systems, apparatus, components, or techniques that 
may be known, disclosed herein, or hereafter developed, or 
combinations thereof. Where a comparison of performance is 
made between the examples disclosed herein and any known 
system, apparatus, component, or technique, such compari- 
son is made solely to permit a person of skill in the art to more 
conveniently understand the present novel system, apparatus, 
component, or technique, and it should be understood that, in 
complex systems, various configurations may exist where the 
comparisons made may be better, worse, or substantially the 
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same, without implying that such results are invariably 
obtained or constitute a limitation on the performance which 
may be obtained. 

[0023] A non-magnetic cloak structure of cylindrical 
geometry which may be operable at visible wavelengths is 
described. The cloak may be designed to be effective at other 
wavelengths, and in other geometries. 

[0024] Ina first example, a cylindrical geometry is selected. 
A coordinate transformation may be used where a cylindrical 
region r<b is compressed into a concentric cylindrical shell 
a<r<b as shown in FIG. 1A. There is no variation of permit- 
tivity or permeability along the z direction in the model geom- 
etry of this example. 

[0025] Using a linear coordinate transformation results in 
the following properties for the anisotropic permittivity and 
permeability in a cloaking shell or structure: 


aon A (1) 


Ey = Hr = ; 
r b Yr-a 
ac ae ae e=1=(5 =) F 
[0026] Mathematically, there are a variety of coordinate 


transformations that may be used, and while a linear trans- 
formation is used in this example, the optimization of a qua- 
dratic coordinate transformation is described in a second 
example. Such mathematical examples are convenient for 
discussion, but more complex transformations may be used 
and, in conjunction with electromagnetic finite-element 
analysis, to design more complex structures having differing 
properties, and include the effects of lossy materials. 

[0027] For transverse electromagnetic (TE) illumination of 
the cylindrical system with the incident electrical field polar- 
ized along the z axis, only e, u, and uy in (1) enter into 
Maxwell’s equations. The dispersion properties and wave 
trajectory in the cloaking shell remain the same as long as the 
values of the products €,, are maintained constant, where 1 
and j represent any of the two distinct subscripts among r, 8 
and z. 

[0028] For transverse magnetic (TM) illumination of the 
cylindrical system with the incident magnetic field polarized 
along the z axis is considered, only u., €, and €, may need to 
satisfy the requirements in (1), and the dispersion relations 
inside the cloak may remain unaffected as long as the product 
of LL €, and LL €, are maintained the same as the values deter- 
mined by (1). Unlike the TE case, under TM illumination only 
one component of u is of interest in the model. By multiplying 
e, and €, by the value of u,, a reduced set of cloaking shell 
parameters is obtained: 


y= (2a) 
s) M 
sae “ 
[0029] By the process of normalizing the parameters to the 


permeability such that u,=1, a material that does not exhibit 
magnetic properties within the effective frequency regime of 
the cloak may be used. The reduced set of parameters of (2) 
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results in the same electromagnetic wave trajectories as for 
materials meeting the requirements of (1). 

[0030] The ideal parameters in (1) result in a perfectly- 
matched impedance of Z= 1. /e¿=1 at r=b, while the reduced 
set in (2) produces an impedance at the outer boundary of 
7=1-R,,,, where R,,,=a/b denotes the ratio between the inner 
and outer radii. R,, may be termed the “shape factor” of the 
cylindrical structure. The level of power reflection or back- 
scattering due to using reduced parameters in the design with 
a linear transformation can be estimated as |(1-Z)/(1+Z)|7= 
[Ras/(Q—R as) 

[0031] The azimuthal permittivity e, is a constant with a 
value larger than 1, which can be achieved with the usual 
dielectric materials, although specially designed materials 
are not intended to be excluded. The cylindrical shell may be 
constructed with a desired radial distribution of €, which may 
vary from 0 at the inner boundary (1=a) of the cloak to 1 at the 
outer surface (r=b). 

[0032] The effect of using a material meeting the electro- 
magnetic and spatial requirements of (2) is to guide incident 
electromagnetic waves such that they are excluded from the 
region interior to r=a, and which exit the cloaking region with 
minimal disturbance to the originally incident ray paths. As 
such, the background behind the object may appear to be 
substantially undisturbed by the presence of the object being 
cloaked. 

[0033] Artificial dielectrics, such as metamaterials, with a 
positive permittivity €, less than unity are known. In this 
example, the characteristics of e, may be realized, for 
example, by using metal wires of sub-wavelength size dis- 
posed in a radial direction and embedded in a dielectric mate- 
rial, as shown FIG. 1B. The wires may be disposed perpen- 
dicular to the cylinder inner and outer surfaces. The spatial 
positions may not be periodic and may be random. For large 
cloaks, the wires may be broken into smaller pieces. The 
aspect ratio of the metal wires, defined by the ratio of the 
length to the radius of the wire, is denoted by a. The whole 
structure of the cloaking system may conceptually resemble a 
round hair brush (except that the “bristles” of such a “hair 
brush” may consist of disconnected smaller pieces, with 
either random or periodic distribution within the cylinder). 
[0034] The metal material may be chosen so as to have a 
negative permittivity in the wavelength regime chose for the 
design. Metals from the noble metals such as gold, silver, 
tantalum, platinum, palladium or rhodium may be used. Other 
materials are known to exhibit negative permittivity, such as 
silicon carbide. These materials may be combined with 
dielectric materials having a permittivity greater than unity, 
so as to result in a metamaterial with an effective permittivity 
between about zero and unity. 

[0035] The shape-dependent electromagnetic response of a 
sub-wavelength particle can be characterized by the Lorentz 
depolarization factor q. For an ellipsoid of semiaxes a,, a, and 
a, with electric field polarized along a,, the depolarization 
factor may be expressed by: 


F aja japds (3) 
o 2(s+ as + als + apy? 


Another commonly used parameter, the screening factor K of 
a particle, is related to q by k=(1-q)/q. A long wire with large 
aspect ratio a: results in a small depolarization factor and a 
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large screening factor, which generally indicates strong inter- 
actions between the electromagnetic fields and the wire. 
[0036] For a composite cloak with metal wires as inclu- 
sions in a dielectric, the electromagnetic properties may be- 
described by “shape-dependent” effective-medium theory 
(EMT) that describes composites with particles of different 
shapes and thus different k-factors. The effective permittivity 
€g Tor a composite material comprising metal particles with 
permittivity €„ a volume filling factor f and screening factor 
K, along with a dielectric component with permittivity e , and 
a filling factor 1-f is given by: 


Em 7 [eff 


Ed — Ee 
py (4) 
Em + KE ep 


Eq + KEeff 


For spherical particles with qg='4 and k=2, (4) reduces to the 
common EMT expression which is a quadratic equation with 
the following solutions: 


1 5 
Eef = oaths y El + ÅKEmEd } ©) 


where e=[(x+1)f-1 Je, +[x-—(x+1)f]e , The sign in (5) may be 
chosen such that €,,>0. 

[0037] When using metal wires in a composite cloak, the 
radial permittivity e, determined by (5) may exhibit a positive 
value less than 1 with a minimal imaginary part. Metamate- 
rials having a metallic component may exhibit a permittivity 
that differs from unity, while having a permeability close to 
unity, and such material may be termed substantially non- 
magnetic so as to suggest that the permittivity characteristics 
are more important in achieving the cloaking. 

[0038] For the structure in FIG. 1B, the volume filling 
fraction is inversely proportional to r. The filling fraction in 
the EMT formula for calculating e, using (5) may be f(r)=P,,- 
(a/r), with P, being the surface cover ratio of metal at the inner 
surface of the cloak (r=a). The filling fractions f at the inner 
and outer surface of the cloak are P, and P_,-(a/b) respectively, 
and the overall metal filling fraction in the whole cloak layer 
is P_,-2a/(a+b). The azimuthal permittivity €, inside the cloak 
is substantially the same as that of the dielectric material 
because a response of wires to the angular electrical field E, 
oriented normally to the wires is small and, at low metal 
filling factors, 1t may generally be neglected. 

[0039] The reduced set of cloak parameters in (2) is con- 
sistent with a smooth variation of the radial permittivity from 
0 to 1 as r varies from a to b. That is, 


bef rl Pa) =0 (6) 
ees -ajb)=1 


[0040] The gradient in €,y 
described in (2c) such that 


may follow the function 


Fái 


an? (7) 
— 


b 2 
Eef,r(Pa:a/r) = (| 


[0041] In an actual design, €, ,, may have some deviation 
from the value given by (2c) inside the cloak. For example, in 
the reported microwave cloak with a layered structure, the 
desired permeability was fulfilled at only a few discrete posi- 


ing upon the linearity of the 100-ohm potentiometer and the actual 
values of the resistance of the potentiometer at the ends of its 
travel. 

The calibration standards used were ordinary 5% tolerance 
small fixed carbon resistors. The calibration technique is very 
simple. Connect the calibration resistance selected across binding 
posts A and B. Set the balance control to about the midway posi- 
tion, and set the sensitivity control to minimum sensitivity 
(maximum resistance). Turn the power switch to the “on” position. 
Now adjust the balance control until the meter reads zero. Apply an 
rf voltage from the signal generator to J1, the input jack. The signal 
generator frequency I used was 3.75 MHz, although the frequency 
is not important since the basic bridge is not frequency-sensitive. 
The meter will read some current. Adjust the 100-ohm bridge 
potentiometer until a null is obtained. Now the sensitivity control 
can be increased to maximum sensitivity, and the output of the 
signal generator can be increased as desired. The bridge poten- 
tiometer is now rotateduntil the best null isobtained.The dial scale 
can now be marked for the calibration resistance value. As many 
calibration points as desired can be obtained in this way. The zero 
resistance point can be obtained by shorting the binding posts and 
observing the null. The infinite resistance calibration point is found 
in the same manner except that the binding posts are left open. In 
both of these instances, the null will be poorer than those obtained 
at other points on the scale. 


Actual Uses of the Bridge 


Although the bridge is normally used to measure rf resistance, 
its wide range allows it to establish other measurements where the 
actual resistance values are of secondary importance. Therefore, | 
am going to include those items which make the bridge so useful 
under these circumstances. These secondary uses are of great 
value, not only for obtaining specific data, but also in tying many 
theoretical concepts we read about to simple observations that we 
are now equipped to make. In almost all rf measurements, the 
circuit being checked is frequency-sensitive so that at resonance 
the circuit becomes a pure resistance. Knowledge of the resonant 
frequency is read from the signal generator. The resistance value 
read from the bridge will provide sufficient information for almost 
any problem that the amateur may want to solve. 

Antenna Resistance at Resonance. Connect your antenna 
coax line to J2 and apply rf voltage from the signal generator. 
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tions along the radial direction, while in the majority of the 
cloak the material was air. At the inner and outer surfaces of 
the cloak, the conditions of (6) should be satisfied as closely 
as practical, although the conditions at the inner surface may 
be relaxed where there 1s a lossy component to the material. 
This may result in impedance index matching at r=b and 
minimal leaking energy at r=a. 

[0042] To determine all the parameters of the design shown 
in FIG. 1B, the general properties of a metal-dielectric com- 
posite with thin metal wires in the radial direction as the 
inclusion are modeled. Two filling fraction functions f,(A) 
and f (à) are such that for given constituent composite mate- 
rials and for a fixed aspect ratio a of the wires, the effective 
radial permittivity is. 


Cog (And o(A))=O (8a) 
and 
Cog AS A) (8b) 


The values of fa (à) and f (A) calculated from (5) and (8) for 
a silver-silica composite with a=10, 20 and 50 at visible 
wavelengths are plotted in FIG. 2A. In the calculation the 
metal permittivity is approximated by the Drude model, and 
the permittivity of the dielectric is calculated using Sellmeier 
equation. 


[0043] Combining (6) and (8), at the design wavelength A, 


we = Pa (9) 
fia) = Pa: a/b 


[0044] 
Rash IAN (10) 


[0045] Using (10) with (2b), the operating condition of the 
cloak is obtained as: 


FiWV/Fo(A)=1- Teg), (11) 


where €,(A) is the permittivity of the dielectric material sur- 
rounding the metal wires in the cloak. Thus, the geometrical 
factors of the cloak including R,,, P, and a are determined. 
The same design may work for similar cylindrical cloaks with 
the same shape factor R,,. In FIG. 2B we show the opera- 
tional point obtained by (11) is shown for a cloak consisting 
of silver wires with a=10.7 in silica. 

[0046] A cloaking device or structure may be designed for 
operating at an operational wavelength A,,, A method of 
designing a cloaking device may include the steps of: choos- 
ing materials that are available for the metal wires and the 
surrounding dielectric, or other metamaterials; and, calculat- 
ing the values of fẹ and f, as functions of the aspect ratio al at 
ho» using, for example, the EMT model in (5). Other models 
may also be used. The desired aspect ratio forA.,, corresponds 
to the fulfillment of (12). 


From the above equations R,,,, may be expressed as: 


flop» æ) j (12) 


eda) = (aa 


Then, the structure of the cloak can be determined from (9) 
and (10). 

[0047] The “round brush” design for a non-magnetic cloak 
may permit constructing an appropriate device operating at 
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desired wavelength, which may be an optical wavelength, by 
choosing the proper materials and structures. As an example, 
the design of an optical cloak operating at the frequently-used 
wavelength of 632.8 nm (He—Ne laser), and consisting of 
silver and silica is described. 

[0048] Expressions (5), (8), and (12) yield the aspect ratio 
a=10.7, and the volume filling fractions at the two boundaries 
are {,=0.125 and f,=0.039, respectively. From (9) and (10) the 
shape factor of the cylindrical cloak 1s Rab=0.314 while the 
surface cover ratio at the inner boundary is P,=12.5%. The 
effective parameters of u., €, and €, from for this design and 
the set of reduced parameters from (2) are shown in FIG. 2C. 
As seen in FIG. 2C, u, and €, match the theoretical require- 
ments throughout the cylindrical cloak. In this example, the 
radial permittivity e,. fits the values required by (2) exactly at 
the two boundaries of the cloak, and follows the overall 
tendency relatively well inside the cloak. The imaginary part 
of er is almost zero at r=b where ¢,'(A,,,, b)=1 and reaches 
around 0.6 at the inner surface where ¢€,'(A,,,, a)=0. These 
quantities are similar to reported low-index metamaterials 
with periodic-metal-wire arrays. 

[0049] The effects of loss can be addressed in several ways. 
As an example, if the aspect ratio of the wires is varied along 
the radial direction, the imaginary part of e, may be smaller 
than 0.1 throughout the cloak. It may possible to compensate 
the loss by using a gain medium. 

[0050] ‘To illustrate the performance of the non-magnetic 
optical cloak with a design corresponding to FIG. 2C, a finite 
element method simulation using the commercial finite ele- 
ment package COMSOL Multiphysics (available from 
COMSOL, Inc. Burlington, Mass.) was performed. An ideal 
metallic cylinder with radius r=a is disposed within the 
cloaked region. The simulated results of magnetic field dis- 
tribution around the cloaked object together with the power 
flow lines are illustrated in FIG. 3 for three cases. As shown in 
FIG. 3A, the cloak with the reduced set of material parameters 
represented by the solid curves in FIG. 2C leads to a small 
perturbation of the external fields, which is limited by imper- 
fect impedance matching. FIG. 3B corresponds to a cloak 
with parameters given by the diamond shaped markers in 
FIG. 2C. Comparing the field maps in FIGS. 3A and 3B, the 
simulations for the designed cloak are in good agreement 
with the exact case. Without the cloak (FIG. 3C), the waves 
around the object are severely distorted and a clear shadow is 
cast behind the cylinder. These simulations show the capabil- 
ity of the structure described in reducing the scattering from 
the object inside the cloaked region. 

[0051] The achievable invisibility with the example 
designed cloak is not perfect due to impedance mismatch 
associated with the reduced material specifications and the 
energy loss in a metal-dielectric structure. 

[0052] In another aspect, a cloaking device can be based on 
vertical metal strips (instead of rods) placed in the radial 
directions within the cloaking structure. These strips can also 
be randomly or periodically disposed and may also consist of 
disconnected smaller strips. Chains of metal particles of vari- 
ous shapes may also be used. 

[0053] In a second example, the coordinate transformation 
applied to (1) may be a high-order transformation such as a 
quadratic instead of the linear transformation. This example 
is one of a number of different analytic coordinate transfor- 
mations which may be employed and illustrates a particular 
situation where the impedance is matched at the boundary 
between the cloaking cylinder and the assumed free space 
propagation medium of the incident electromagnetic wave. 
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[0054] By constraining the impedance of the outer bound- 
ary to be equal to that of the external propagation medium, an 
optimal quadratic coordinate transformation may be obtained 
as: 


r=[(a/b((r/b-2)+1]r'+a (13) 


[0055] The shape factor a/b should be less than 0.5 in order 
to have a monotonic transformation. When evaluating the 
material properties at the outer boundary, r=b, the material 
parameters €,, €g, HU, are each equal to unity. As such, the 
impedance mismatch at the boundary has been obviated for 
the case of reduced parameters. 

[0056] FIG. 4 compares the material properties of the non- 
magnetic cloak structures of the first and the second 
examples, where the shape factor a/b is 0.31, and the diameter 
(2b) is 4 micrometers and the wavelength A=632.8 nanom- 
eters. The object disposed inside of the cloaks is an ideal 
metal cylinder with a radius that is the same as the inner 
surface; that is r=a. This may be a worst-case condition, and 
an arbitrarily shaped object of any configuration may be 
disposed inside of the inner surface with the same, similar, or 
better results. 

[0057] The results were computed using the same finite- 
element software package as used for the first example, and 
the normalized magnitudes of the scattered fields are shown 
in FIG. 5. 

[0058] The scattered field from the cloaked metallic cylin- 
der is itself is shown in FIG. 5A. The strong forward scatter- 
ing observed at the right-hand side of the diagram corre- 
sponds to a shadow cast behind the object. An idealized cloak 
is shown in FIG. 5B, where the scattered field would be 
essentially zero in magnitude in all directions in the plane. 
These examples may be compared with the results obtained 
for the linear transformation (FIG. 5C) and the quadratic case 
(FIG. 5D). The linear case exhibits a scattering pattern from 
the outer boundary of the system, primarily due to the imped- 
ance mismatch. On the other hand, the quadratic transforma- 
tion function results in substantially less scattering from the 
cloaking system. A figure of merit for cloaking, which may be 
defined as the ratio of the scattering cross sections with and 
without the cloak, is about 10 for quadratic cloak of the 
dimensions modeled, and it increases as the size of the cloak- 
ing system increases. 

[0059] FIGS. 6 A and B. show the scattering radiation pat- 
terns corresponding to the four cases of FIG. 5. The curves in 
FIG. 6 show the energy flow in the radial direction normalized 
by the maximum value in the noncloaked case at a boundary 
outside the outer surface of the cloak structures. In the ideal 
cloaking system, the scattering energy flow is zero, which is 
indicated by the solid inner circle in FIG. 6A. 

[0060] FIG. 6B shows that the linear cloak structure with 
reduced parameters exhibits a noticeable although smaller 
scattering, and has and strongly directional scattering pattern. 
However, for the nonmagnetic quadratic cloak, the overall 
scattering is much less significant. The peak value of the 
radial Poynting vector in the quadratic cloak is more than six 
times smaller than that of the linear example. Moreover, the 
directivity in the scattering pattern is substantially sup- 
pressed. 

[0061] Inanother aspect, a cloaking device or structure may 
be a spherical or other shaped cloaking structure. The specific 
geometrical shape, the size and other design parameters of the 
structure, such as the spatial variation of permittivity, may be 
chosen using the general approach described herein so as to 


Jul. 10, 2008 


be adaptable to the wavelength, the degree of cloaking, and 
the properties of the object to be cloaked. Loss and gain may 
be introduced in various portions of the structure. 

[0062] The examples shown herein have used analytic pro- 
files for the material properties so as to 1llustrate certain ofthe 
principles which may influence design of cloaking structures. 
However, since electromagnetic simulations using finite ele- 
ment methods are commonly used in design of complex 
shapes, and have been shown herein to yield plausible results, 
the use of such simulations are envisaged as useful in design. 
[0063] Certain aspects, advantages, and novel features of 
the claimed invention have been described herein. It would be 
understood by a person of skill in the art that not all advan- 
tages may be achieved in practicing a specific embodiment. 
The claimed invention may be embodied or carried out in a 
manner that achieves or optimizes one advantage or group of 
advantages as taught herein without necessarily achieving 
other advantages as may have been taught or suggested. 
[0064] It is therefore intended that the foregoing detailed 
description be regarded as illustrative rather than limiting, 
and that it be understood that it is the following claims, 
including all equivalents, that are intended to define the spirit 
and scope of this invention. 


What is claimed is: 

1. A cloaking apparatus, comprising: 

a structure formed of a material having a permittivity less 
than unity and a permeability approximately equal to 
unity, 

wherein the material is a metamaterial. 

2. The apparatus of claim 1, wherein the structure is dis- 
posable between an object and an observer. 

3. The apparatus of claim 1, wherein the structure has a first 
surface and a second surface such that an object is disposable 
so that the second surface lies between the object and the first 
surface. 

4. The apparatus of claim 3, wherein the permittivity of the 
metamaterial varies between approximately zero at an inter- 
face with the void and approximately unity at an outer radius 
of the cylinder. 

5. The apparatus of claim 3, wherein the properties of the 
metamaterial are selected so that the power flow crossing the 
second surface in the direction of an object to be cloaked is 
minimized. 

6. The apparatus of claim 3, wherein the properties of the 
metamaterial are selected so that the backscattering coeffi- 
cient and the forward scattering coefficient of a combination 
of the structure and an object disposed such that the first and 
second surfaces are disposed between the object and a source 
of electromagnetic radiation are reduced. 

7. The apparatus of claim 3, wherein the properties of the 
metamaterial include a variation of permittivity with distance 
between the first and the second surface. 

8. The apparatus of claim 3, wherein the metamaterial has 
permittivity that is a function of the distance between the first 
surface and the second surface, and the variation of the per- 
mittivity is selected so that the impedance of the metamaterial 
at the first surface is the substantially the same as the imped- 
ance of a region outside of the structure and abutting the first 
surface. 

9. The apparatus of claim 1, wherein the structure has at 
least one axis of symmetry. 

10. The apparatus of claim 1, wherein the structure has a 
cylindrical symmetry, and an inner void. 
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11. The apparatus of claim 10, wherein an object is dispos- 
able in the inner void. 

12. The apparatus of claim 10, wherein the permittivity of 
the metamaterial varies in a radial direction. 

13. The apparatus of claim 1, wherein the permittivity is 
anisotropic. 

14. The apparatus of claim 1, wherein the metamaterial 
comprises a dielectric material having a permittivity greater 
than or equal to unity partially filled with a material having a 
negative permittivity at a design wavelength. 

15. The apparatus of claim 14, wherein the filler material is 
a plurality of sub-wavelength sized structures. 

16. The apparatus of claim 14, wherein the material having 
a negative permittivity is a metal. 

17. The apparatus of claim 16, wherein the metal is selected 
from a noble metal group. 

18. The apparatus of claim 1, wherein the properties of the 
metamaterial are selected so that an impedance discontinuity 
between the metamaterial and an external environment is 
minimized. 

19. The apparatus of claim 18, wherein a refractive index of 
the external environment is unity. 

20. The apparatus of claim 1, wherein the properties of the 
metamaterial are selected so that the backscattering coeffi- 
cient and the forward scattering coefficient of the structure are 
reduced. 

21. The apparatus of claim 1, wherein the rate of change of 
an outer geometrical shape of the structure is slow when 
compared with a value of a design wavelength. 

22. The apparatus of claim 1, wherein the metamaterial is 
lossless. 

23. The apparatus of claim 1, wherein the metamaterial has 
a permeability of unity. 

24. The apparatus of claim 1, wherein the properties of the 
metamaterial are selected so that a cloaking effect is a maxi- 
mum at a visible wavelength of light. 

25. The apparatus of claim 1, wherein the metamaterial 
includes a gain medium material. 

26. A method of cloaking an object, the method compris- 
ing: 

providing a structure formed of a metamaterial; and 

disposing the object to be cloaked such that the structure is 

positioned between the object and an observer, 
wherein the metamaterial has a permittivity less than unity 
and a permittivity approximately equal to unity. 

27. The method of claim 16, wherein the metamaterial is a 
dielectric with sub-wavelength inclusions of a material hav- 
ing a permittivity less than zero. 
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28. The method of claim 26, wherein the object is sur- 
rounded by the structure. 

29. A method of designing a cloaking structure, the method 
comprising: 

selecting a dielectric material; 

selecting a filler material having a permittivity less than 
zero; and 

adjusting at least one of a distribution, a quantity or a 
dimension of the filler material within the dielectric 
material such that, at a design wavelength, a permittivity 
of a composite material comprised of the dielectric 
material and the filler material varies with a distance 
such that a visibility of an object disposed within the 
cloaking structure is reduced, and the region behind the 
object is visible. 

30. The method of claim 29, where the energy reflected 
from a surface of the cloaking structure is substantially less 
than the energy that reflectable by the object without the 
cloaking structure. 

31. The method of claim 29, wherein an outer geometrical 
shape of the cloaking structure is slowly varying with respect 
to the design wavelength. 

32. The method of claim 29, wherein the composite mate- 
rial further includes a gain medium. 

33. A cloaked object, the object comprising: 

an object having a electromagnetic scattering property; and 

a structure disposable between the object and an observer, 

wherein the structure further comprises: 

a material having a permeability approximately equal to 
unity and a permittivity between approximately unity 
and approximately zero. 

34. The cloaked object of claim 33, wherein the properties 
of the material are selected so that a visibility of the object is 
reduced and a visibility of region behind the cloaked object is 
substantially unaffected. 

35. The cloaked object of claim 33, wherein the properties 
of the metamaterial include the variation of permittivity as a 
function of a location within the structure. 

36. The cloaked object of claim 33, wherein a design wave- 
length is within a visible light spectrum. 

37. The cloaked object of claim 33, wherein the material 
further includes a gain medium. 

38. The cloaked object of claim 33, where an outer geo- 
metrical shape of the structure varies slowly compared with a 
value of a design wavelength. 
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An apparatus and method of cloaking is described. An object 
to be cloaked is disposed such that the cloaking apparatus 1s 
between the object and an observer. The appearance of the 
object is altered and, in the limit, the object cannot be 
observed, and the background appears unobstructed. The 
cloak is formed of a metamaterial where the properties of the 
metamaterial are varied as a function of distance from the 
cloak interfaces. The metamaterial may be fabricated as a 
composite material having a dielectric component and inclu- 
sions of particles of sub-wavelength size, and may also 
include a gain medium. 


Patent Application Publication May 6, 2010 Sheet 1 of 8 US 2010/0110559 A1 


FIG. 1 


¿AMI TA REA | ds o pa MECA tree Ph 


US 2010/0110559 A1 


Lite 


May 6, 2010 Sheet 2 of 8 


wewop papnioxa — 
uewop Geayews) pajeos 


ls 


TI 


Patent Application Publication 


13 


’ 
¡ey — 


US 2010/0110559 A1 


May 6, 2010 Sheet 3 of 8 


Patent Application Publication 


t Old 


Patent Application Publication May 6, 2010 Sheet 4 of 8 US 2010/0110559 A1 


areago 


US 2010/0110559 A1 


May 6, 2010 Sheet 5 of 8 


Patent Application Publication 


Sc Old 


IPAP. ! 


GETE ¡ME 


Ri 
El s 
P o] 


Patent Application Publication May 6, 2010 Sheet 6 of 8 US 2010/0110559 A1 


FIG. 6 


Establish a first approximate null by rotating the 100-ohm poten- 
tiometer knob on the bridge. Then vary the frequency of the signal 
generator until the null is more pronounced. The final nulling 
consists of adjusting both the frequency of the signal generator and 
the variable control on the bridge. This is necessary to obtain the 
best null. At the lowest null obtained, the resistance will be the 
antenna system resistance, and the frequency will be its resonant 
frequency. I was careful to say antenna system, as this is defined as 
your antenna with the normal coax feedline attached. If for some 
reason you want to know the actual antenna resistance, then your 
feedline will have to be an electrical half wavelength long. 

Tuning Your Matching Unit. This bridge is a wonderful 
device to allow you to load your transmitter to exactly 50 ohms 
without even putting a test signal on the air. You no longer have the 
worry of inadvertently loading up into a high swr condition and 
possibly damaging your final. At the same time, you can't create 
any unnecessary QRM on our already crowded bands. And once 
you've done this for any frequencies, just note the dial settings of 
your transmitter and matching unit, and you can quickly put your 
transmitter on and be assured that you will be perfectly matched. 
First off, load up your transmitter at the desired frequency into a 
dummy load. (Normally, this is 50 ohms.) Then connect J2 to the 
input of your matching unit, and connect the output of your match- 
ing unit to your antenna system. Select the frequency you just 
tuned up your transmitter to on your signal generator. Then set the 
variable 100-ohm potentiometer on your bridge to 50 ohms on the 
calibrated scale. Turn up your bridge, and adjust your matching 
unit until the best null is obtained. You are now completely tuned 
up. You don't have to touch your transmitter tuning or loading at all. 
Just reconnect your transmitter to your matching unit input and you 
are finished. Actually, I can do the above more quickly than I’ve 
written about it. And in addition, when you are done, you can't even 
see your swr meter or reflected power meter wiggle when you put 
your transmitter on the air. It's really fun to amaze your friends by 
obtaining such a perfect match, quickly and scientifically, and 
without any QRM on the air. It’s tuning up your station in a really 
engineering fashion. 

How Good is Your Matching Unit? From the preceding 
step it is easy to go a bit further and establish the resistive 
matching limits of your tuning unit. It’s a quick method of compar- 
ing one kind of a unit against another. I’m sure we all agree that to 
define the limits of a matching unit as “being able to load into a 
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SYSTEM, METHOD AND APPARATUS FOR 
CLOAKING 


[0001] This application claims the benefit priority to U.S. 
provisional application Ser. No. 61/103,025, filed on Oct. 6, 
2008, which 1s incorporated herein by reference. 
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TECHNICAL FIELD 


[0003] This application relates to a system, method and 
apparatus for the modification of the observability properties 
of an object by a structure. 


BACKGROUND 


[0004] An object may be made effectively invisible at least 
over some frequency range. This has been termed a “cloak of 
invisibility”; the invisibility sought may be partial at a specific 
frequency, or over a band of frequencies, so the term “cloak of 
invisibility” or “cloak” may take on a variety of meanings. 
The cloak may be designed to decrease scattering (particu- 
larly “backscattering”) from an object contained within, 
while at the same time reducing the shadow cast by the object, 
so that the combination of the cloak and the object contained 
therein have a resemblance to free space. When the phrase 
“cloaking,” “cloak of invisibility,” or the like, is used herein, 
the effect is generally acknowledged to be imperfect, and the 
object may appear in a distorted or attenuated form, or the 
background behind the object by the object may be distorted 
or partially obscured. 

[0005] As will be understood by a person of skill in the art 
a “frequency” and a “wavelength” are inversely related by the 
speed of light in vacuo, and either term would be understood 
when describing an electromagnetic signal. 

[0006] In some aspects, the cloak has a superficial similar- 
ity to “stealth” technology where the objective is to make the 
object as invisible as possible in the reflection or backscatter- 
ing direction. One means of doing this is to match the imped- 
ance of the stealth material to that of the electromagnetic 
wave at the boundary, but where the material is strongly 
attenuating to the electromagnetic waves, so that the energy 
backscattered from the object within the stealth material is 
strongly attenuated on reflection, and there is minimal elec- 
tromagnetic reflection at the boundary within the design fre- 
quency range. This is typically used in evading radar detec- 
tion in military applications. Shadowing may not be a 
consideration in stealth technology. Shadowing may be 
understood as the effect of the object in blocking the obser- 
vation of anything behind the object, for example the back- 
ground, where the object is disposed between the observer 
and the background. A perfect cloak would result in no shad- 
owing. 

[0007] The materials used for the cloak may have proper- 
ties where, generally, the permeability and permittivity ten- 
sors are anisotropic and where the magnitudes of the perme- 
ability and permittivity are less than one, so that the phase 
velocity of the electromagnetic energy being bent around the 
cloaking region is greater than that of the group velocity. 
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[0008] Materials having such properties have not been dis- 
covered as natural substances, but have been produced as 
artificial, man-made composite materials, where the permit- 
tivity and permeability of the bulk material are less than unity, 
and may be negative. They are often called “metamaterials” 
an extension of the concept of artificial dielectrics, that were 
first designed in the 1940s for microwave frequencies. Such 
materials typically consist of periodic geometric structures of 
a guest material embedded in a host material. 

[0009] Analogous to the circumstance where homoge- 
neous dielectrics owe their properties to the nanometer-scale 
structure of atoms, metamaterials may derive their properties 
from the sub-wavelength structure of its component materi- 
als. At wavelengths much longer than the unit-cell size of the 
material, the structure can be represented by effective elec- 
tromagnetic parameters that are also used describe homoge- 
neous dielectrics, such as an electric permittivity and a refrac- 
tive index. 

[0010] Cloaking has been experimentally demonstrated 
over a narrow band of microwave frequencies by achieved by 
varying the dimensions of a series of split ring resonators 
(SRRs) to yield a desired gradient of permeability in the radial 
direction. 


SUMMARY 


[0011] A apparatus for modifying the visibility properties 
of an object is disclosed, including a structure formed of a 
metamaterial. The metamaterial properties are selected so 
that an electromagnetic wave incident on the apparatus is 
guided around the object at plurality of wavelengths. 

[0012] In an aspect, a method of designing a structure for 
use as a Cloak effective at a plurality of wavelengths, includes 
the steps of: selecting a design wavelength; selecting a 
metamaterial having the property of having a low loss at the 
design wavelength and at least a permeability or a permittivity 
of less than unity; and determining, for a selected shape and 
size of structure, the variation of metamaterial properties as a 
function of position in the structure so as to guide electro- 
magnetic waves of the design wavelength and polarization 
around a object disposed within the structure. A second 
design wavelength is selected and the design process 1s 
repeated for the second design wavelength. 

[0013] In another aspect, a method of modifying the 
observability of an object, includes the steps of: providing a 
structure fabricated from a plurality of metamaterials, the 
metamaterials selected so as to guide electromagnetic waves 
around an object at a plurality of wavelengths; and disposing 
the structure between an observer and the object. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0014] FIG. 1 is a representation of a transformation of a 
vector field; 
[0015] FIG. 2 is (a) an example of a general orthogonal 


cylindrical coordinate system; and, (b) a domain transforma- 
tion for a cylindrical cloaking device where the larger initial 
domain in the left panel is mapped onto a scaled smaller 
annular domain shown in the right panel, leaving the central 
domain inaccessible to light; the initial and scaled domains 
share the same exterior boundary and the common space 
beyond; 

[0016] FIG. 3 is a schematic representation of a cloaking 
system for multiple wavelengths or a finite bandwidth, with 
W,¡>w>>w, shown in (a), (b), and (c) respectively; the outer 
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and inner circles represent the physical boundaries the cloak- 
ing device, and the circle between the two refers to an inner 
material boundary for each design wavelength; 

[0017] FIG. 4 shows design constraints for constructing a 
non-magnetic cloak in the TM mode with high-order trans- 
formations; the thick solid and dashed lines represent the two 
Wiener bounds €¡($) and € | (f), respectively: the basic mate- 
rial properties for this calculation are: €, E ¿¿>-10.6+0.141 
and €,=G.,,5.=2.13 at A=532 nm; 

[0018] FIG. 5 is a perspective view of a cylindrical non- 
magnetic cloak using the high-order transformations for TM 
polarization; 

[0019] FIG. 6 is a graph of the anisotropic material param- 
eters €, and E, of a non-magnetic cloak made of silver-silica 
alternating slices corresponding to the third row (A=532 nm) 
in Table 1; the solid lines represent the exact parameters 
determined by equation 35, and the diamond markers show 
the parameters on the Wiener’s bounds given by equation 
(37); 

[0020] FIG. 7 is a perspective view of a cylindrical non- 
magnetic cloak with high-order transformations for TE polar- 
ization; and 

[0021] FIG. 8 shows a comparison of the theoretical and the 
calculated values of effective parameters u, and © fora cylin- 
drical TE cloak with SiC wire arrays at a design wavelength of 
A=13.5 um. 


DETAILED DESCRIPTION 


[0022] Exemplary embodiments of the apparatus and 
method may be better understood with reference to the draw- 
ings, but these embodiments are not intended to be of a 
limiting nature. 

[0023] When the phrase “cloaking,” “cloaking structure,” 
“cloak of invisibility” or the like is used herein, the effect may 
be imperfect in practice, and the object may appear in a 
distorted or attenuated form, or the background obscured by 
the object may be distorted or partially obscured or attenu- 
ated, or the perceived color of the background may be modi- 
fied. Therefore, “cloak” should not be interpreted so as to 
require that the object within the cloak be “invisible” even at 
a design wavelength, nor that the background be free of 
shadowing or distortion. Of course, a design objective may be 
to approach the ideal cloak at a wavelength or a range of 
wavelengths. A plurality of non-contiguous wavelength 
ranges may also be considered in a design for a structure. 
[0024] The examples disclosed herein are intended to 
enable a person of ordinary skill in the art to practice the 
inventive concepts as claimed herein, using systems, appara- 
tus, components, or techniques that may be known, disclosed 
herein, or hereafter developed, or combinations thereof. 
Where a comparison of performance is made between the 
examples disclosed herein and any known system, apparatus, 
component, or technique, such comparison is made solely to 
permit a person of skill in the art to more conveniently under- 
stand the present novel system, apparatus, component, or 
technique, and it should be understood that, in complex sys- 
tems, various configurations may exist where the compari- 
sons made may be better, worse, or substantially the same, 
without implying that such results are invariably obtained or 
constitute a limitation on the performance which may be 
obtained. 

[0025] Broadband cloaking of electromagnetic waves can 
be understood by a person of skill in the art using a simplified 
example of a scaling transformation of a general cylindrical 
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coordinate system. A generalized form of the transformation 
equations is presented so as to permit the application of this 
approach to other related designs. 


[0026] The apparatus design may use metamaterials with 
specifically engineered dispersion. Constraints on the signs 
of gradients in the dispersion dependencies of dielectric per- 
mittivity and magnetic permeability for different operation 
wavelengths may result. Some constraints may be obviated 
by gain-assisted compensation for losses or electromagneti- 
cally induced transparency (EIT) are included in the design of 
cloaking system. So, when a structure, or a portion thereof, is 
described as “transparent,” the transparency may be at a 
wavelength or a range of wavelengths, and should be under- 
stood to be achievable either by low loss materials, or mate- 
rials with loss that has be compensated by a gain medium. 


[0027] Electromagnetically induced transparency (EIT) is 
a coherent nonlinear process that may occur in some highly 
dispersive optical systems. EIT creates a narrow transparency 
window within an absorption peak. The anomalous disper- 
sion along with a low optical loss available in an EIT system 
may be used for broadband optical cloaking. Similarly, in a 
gain medium the imaginary part of the refractive index has a 
negative value, and the dispersion curve exhibits an anti- 
Lorentz line shape. This property may result in anomalous 
dispersion with a low loss. Examples of EIT systems are 
three-state lead vapors. Examples of gain media include elec- 
trically or optically pumped semiconductors, dye modules, 
and quantum structures. 


[0028] Examples of electromagnetic wave propagation in 
an isotropic bi-layer or for multilayer sub-wavelength inclu- 
sions of ellipsoidal (spheroidal or spherical) shapes in a 
dielectric host media are presented. Other geometrical shapes 
may be used. Such shapes may be known geometrical shapes, 
portions thereof, or shapes that are composites of geometrical 
shapes, including shapes that are arbitrary, but slowly varying 
with respect to the design wavelength. 


[0029] In addition to numerical and theoretical studies of 
composite materials described herein, broadband transpar- 
ency achieved by using multiphase spherical inclusions with 
appropriate layered geometries and materials is described. 
These examples are useful for estimating local electromag- 
netic fields and effective optical properties of heterogeneous 
media with binary or multi-phase inclusions, and as the start- 
ing point for more complex designs in accordance with the 
concepts described herein. 


[0030] The basics of transformation optics (TO) approach 
to designing cloaking structures described herein may follow 
from the fundamental theoretical results of Dolin (Dolin. L. 
S., Izzv. Vyssh. Uchebn. Zaved., Radiofiz. 4, 694-7, 1961) 
which showed that Maxwell’s equations can be considered to 
be form-invariant under a space-deforming transformation. 


[0031] The underlying theoretical basis for the transforma- 
tional optics (TO) approach is presented so as to enable a 
person of skill in the art to generalize the examples which 
follow. The transformation may be used at any wavelength, 
but the selection of materials and geometries may depend on 
the specific application of the design. As such, the terms 
“light,” “optics,” and the like, are understood to be inter- 
changeable with “electromagnetic wave” at an appropriate 
frequency, and not to be limited to light visible to the human 
eye, infrared light, or the like. Specific examples are provided 
at visible (to the human eye) wavelengths, and in the mid 
infrared, so as to illustrate the concepts presented herein. 
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[0032] Consider an initial material space defined by its 
radius-vector T(X, Y, Z) and an inhomogeneous distribution of 
an anisotropic material property (e.g., either anisotropic per- 
mittivity, €, or anisotropic permeability, u), given by a tensor, 
m=m(r) Suppose that the initial distribution of coupled vector 
fields, V=V(f) and t=i(f) is modified using a tensor j. The 
transformation may be formally achieved by mapping the 
initial space, using a coordinate transformation (r=r(f), 1.e. 
x=x(k, Y, Z), y=y(X, Y, Z), z=Z(X, Y, Z)) with a non-singular 
Jacobian matrix J, (1310), so that it is a one-to-one transfor- 
mation in a neighborhood of each point. The Jacobian matrix 
j 1s arranged from the columns of base vectors, 


F=( PO» (1) 


or its transposition can be arranged from the columns of 
gradients 


P=(WxVyVz). (2) 


In equation (1) and equation (2), fO and Vf=fOPK+ Ff PVs fo 
z denote a partial derivative and a gradient, respectively. The 
Jacobian determinant |j| is equal to the triple vector product, 
rrr Vectors Y and Y are have scalar components, as ¥= 
wX+ Y +vw,Z and V=V,X+V, y +V,Z, respectively. 


[0033] Thus, a general invertible field-deforming transfor- 
mation, 
tiv üu, (3) 


links the vectors of the initial vector-space V=V(f) and t=u(f) 
with the new vectors of a deformed vector-space v=v(r) and 
ti=0(f) obtained at the corresponding points of the new mate- 
rial domain. 


[0034] A solution may be sought so as to achieve a given 
transformation of the fields in equation (3). The initial mate- 
rial properties, M=M(r), are modified in order to obtain the 
required transformation of the vector fields as determined by 
equation (3). A formal connection between the expressions 
for gradients before and after the change of variables may be 
expressed as: 


X=MEVZ), RD), 22213 9,2) 

where 
Via, y, ZO Wx+f PY y+f PV z, which yields a general 
result that is analogous to equation (3) 

V=j'V. (4) 
[0035] The transformation identity for the curl can be 


derived first for pseudo-vectors p=uxv and p—úxV. The stan- 
dard vector algebra gives 


OGG) (uxv), (5) 
connecting pseudo-vectors p and f through 
pal jÐ. (6) 


[0036] To obtain a formalism that is closer to Maxwell’s 
curl equations, another product of the material tensor m and a 
vector u can be defined as (mu)=Vxv, such that for time- 
independent material properties, (mu)”=mu™. This yields: 


mu=V xy, (7) 
[0037] The right hand side of equation (7) is identical to 


p=uxv, provided that vector u is replaced with V, following 
the result shown in equation (4). The use of the same sets of 
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vector components, i.e. Vx¥=(j7u)x(j7v)=Ijlj7'(Vxv) gives 
mu”=Vxvy. Finally, using M=131*mG*y*, equation (7) can 
be rewritten as, 


MAO. (8) 


[0038] 
given by 


Then, the required transform for tensors m and m is 


m=|¡I ym? (9) 

[0039] As shown in FIG. 1, the spatial transformation of the 
vector fields performed by tensor j through equation (3) can 
be considered as a spatial transformation r=r(X, Y, Z), with j 
being its Jacobian matrix, j=(r® r” r©). 
[0040] For the divergence relationships in Maxwell’s equa- 
tions, the derivation uses a scalar product of vector v and 
pseudo-vector p, which gives a scalar q (1.e., v:p=q). Then, 
using equation (6) the scalar products yields V- 
PG v) (jl p)=ljlv-p)=ljlv-p, and an equivalent divergence 
equation is obtained through substitution of v and Y with V 
and Y, resulting in: 


Vip=|jlV p. (10) 


[0041] Equation (8) has cast the Maxwell curl equations 
VxE=-4H% and VxH=EE® into a new set of similar equa- 
tions, ¥VxE=-pH” and vxH=EE", where 


H=Gy E, E-G E, (11) 
and 
e]= ei, wali igi". (12) 


(j in (11) is a matrix of the columns of reciprocal vectors 
G7) = xr rx Ox) GIF, 

[0042] Thus, provided that the electromagnetic properties 
of the new material space follow equation (12), the Poynting 
vector in the new space, 


1 
S= 5(EXH"), 


will obey equation (6), satisfying the following transforma- 
tion of the initial Poynting vector 


so = oo ate 

S= (Ex H”) 

S=IpITyS, (13) 
[0043] An analogous result would also be valid for other 


pseudo-vectors, e.g., the time derivatives of magnetic flux 
densities B® and B®, and displacement currents, D® and 
B®, 

[0044] Ina similar way, the divergence equations ¥V-b=q 
and V-D=q would link the charge densities through equation 
(10) as 


asia. (14) 


[0045] The above conversions provide a method of design- 
ing a continuous material space for a required spatial trans- 
formation of electromagnetic vectors and, therefore, achiev- 
ing a desired functionality. That is, for the physical Poynting 
vector, S, to match the required transformation of the Poynt- 
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ing vector, S=|j|7"j8, the material properties in the new space, 
r=r(8), should satisfy E=1]17* jej? and u=1j17* jpj". 

[0046] The result of Dolin is repeated here as equation (15), 
as the original work 1s in Russian and not readily available. 
The radially anisotropic permeability and permittivity of a 
spherical material inhomogeneity may be expressed as: 


R? dr(R) à i (15) 
r?(R) d(R) 
0 a 0 
E dr(R) 
les! = Illl = Tr 
1 
: dr(R) 
dR 


corresponding to a spatial transformation from the spherical 
coordinates r, Q, j to the coordinates R (r), Q, j . A plane wave 
incident from infinity on an inhomogeneity with parameters 
in accordance with equation (15) would pass through the 
inhomogeneity without apparent distortion to the external 
observer. 

[0047] A method is described herein for the design of 
broadband cloaking apparatus and systems comprising 
binary or multiphase metamaterials, where different optical 
paths are arranged for different wavelengths inside the mac- 
roscopic cloaking structures. The cloaking design require- 
ments may be satisfied through appropriate dispersion engi- 
neering of metamaterials. 

[0048] The concept ofan electromagnetic cloak is to create 
a structure, whose permittivity and permeability distributions 
allow the incident waves to be directed around the inner 
region and be (at least ideally) emitted on the far side of the 
structure without distortion arising from propagating through 
the structure. From among simple geometries, including 
spherical, square and elliptical varieties, cloaking in a cylin- 
drical system is may be the most straightforward to describe 
mathematically, and is used for the examples herein. How- 
ever, solutions in other than cylindrical coordinate systems 
arise from the general transformational optics theory pre- 
sented herein. A person of skill in the art would understand 
that such structures may not need to be solved analytically, as 
numerical analysis methods may be effectively used. Such 
numerical analysis techniques may also be used for more 
complex structures. For some scale sizes, ray tracing in an 
inhomogeneous anisotropic medium may be used. For 
numerical analysis of cloaking devices, there are a variety of 
numerical electromagnetic approaches that can be used, such 
as the finite-element methods (FEM), the finite-difference 
time-domain (FDTD) methods, the finite integration tech- 
nique (FIT), and the method of moments (MoM). A number 
of commercial packages are widely, including COMSOL 
MULTIPHYSICS, CST MICROWAVE STUDIO, RSoft 
FULLWAVE, and others may be used to perform the numeri- 
cal analysis and design. 

[0049] A class of a general orthogonal cylindrical coordi- 
nate system (OCCS) can be arranged by translating an x-y- 
plane map (x=x(¥, €), y=y(, %)) perpendicular to itself; the 
resulting physical coordinate system forms families of con- 
centric cylindrical surfaces. Since the unit vectors are 
orthogonal, €, xé,,=e,, €,xe.=8,,, and exe, =8,., the complexity 
of TO problems in TE or TM formulations can be signifi- 
cantly reduced. 
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[0050] Consider the initial OCCS, where a 2D radius-vec- 
tor is defined by a parametric vector functionf(¥, +), anda 2D 
vector ț is defined as ú=w,€,+w,6,. The Jacobian matrix is 


the diagonal matrix, sY%=diag(s,o,S,0,), with the metric coef- 
ficients §=diag(s,,s,,) and s, Y E?” Then, the following 
scalar wave equation may be obtained from the Maxwell curl 


equations in an orthogonal cylindrical basis for a general 
anisotropic media. Thus, from 


ka © 
wlr» ~ ~ m 
sl [5,4 )J- BAJO, (1 6) 
we arrive at 
s Mo ET WOOL SH 1g yO) _oy lsiv=0, (1 7) 


where m, and m, are the only components of a diagonal 
material property tensor, 1.e., anisotropic permeability or 
amsotropic permittivity (for TM or TE polarization respec- 
tively); the scalar v is the only component of the , transverse 
field: i.e., the magnetic field, H=8,H_ (TM), or the electric 
field, E=é,E, (TE). 

[0051] Similar to equation (17), another wave equation in a 
new physical OCCS, (v, T, z), can be written as 


(sm As ys, mAs ADO wm, ls iv=0 (18) 


To mimic the behaviour of light waves obeying equation (16), 
a scaling transformation v=v(w) (with t=*, z=Z, and v'=v™) 
is introduced. Thus, to get closer to equations (16), equations 
(18) are expressed as 


1 srñrīs| Fa YA (19) 
(= — w] + 
~x 7 x (f) 
SINS S Pa MS 
(pa Lp yn) A lay = 0. 
S5ymyST | MyST m215| 


It follows that equation (19) 1s may be made to be the same as 
equation (16), provided that the ratios in the square brackets 
can be eliminated. Thus, the TO identities 


1 srmpS; cae ad SyMyST 


SyMyST 


A mls] = (20) 


v = — =], 
m215| 


V ST MTS y 


should be valid in a new material space (m,, m,, and m,) in 
order to mimic the behaviour of light in the initial material 
space (5, , M,, and Mm). The above identities define the mate- 
rial transformation requirements which may be used for 
cloaking design and other applications. 

[0052] Equations (20) are a solution to the problem of 
designing an anisotropic continuous material space support- 
ing a required electromagnetic wave behavior, which is 
equivalent to the behavior of the electromagnetic waves 
mapped back onto the initial space. Scaling transformations 
that expand the initially small domain onto a larger physical 
domain are pertinent to imaging or light concentration while 
a typical cloaking application uses scaling transforms that 
shrink the initially larger space to produce voids excluded 
from the initial domain. Such voids are therefore inaccessible 
to electromagnetic waves at least the design frequency. The 
initial virtual space shares a common exterior boundary with 
the rest of the transformed physical world. An example is 
shown in FIG. 2. 


US 2010/0110559 Al 


[0053] In the circular cylindrical coordinates (v=p, Tp), 
and s=l, sy=p, equations (20) give 


pp DP (21) 


which are the material space parameters for an exact cloak, 
which is analogous to a cylindrical free-space domain, and 1s 
defined by the following inhomogeneous and anisotropic 
material properties: 


Sa Pp Ps yay Sp 3 SIL PP"): (22) 
[0054] The constraints on the material properties may be 
relaxed in some circumstances. For example, for TM polar- 
ization with the magnetic field polarized along the z-axis, 


multiply E" and E, by u, in equation (22) to obtain the 
following reduced set of non-magnetic cloak parameters: 


SN E (23) 


[0055] Similarly, for the TE polarization, the required 
parameters for a general transformation are: 


, Hy=L, Ep Y. (24) 


In equations (22)-(24), p could be replaced by p=e(p) to 
obtain closed-form expressions. Such closed form expres- 
sions are useful to verify numerical analysis results for a 
corresponding geometrical configuration. The numerical 
analysis may then be extended to situations where the geom- 
etry of the apparatus or the complexity of the material spatial 
variations may make a closed-form solution impractical as a 
design tool. A person of skill in the art would use the numeri- 
cal analysis methods so as to extend the scope of the types of 
apparatus, materials and wavelength regimes which may be 
used in designs based on the theoretical analysis presented 
herein. 

[0056] Consider the bandwidth of a cloaking structure 
when a design fora single specific central wavelength is used. 
A broadband cloak may be designed to function in a wave- 
length multiplexing manner. Since the anisotropic constituent 
materials of a cloak for one wavelength may not be transpar- 
ent at other frequencies, cloaks for the wavelengths being 
considered should share the same outer boundary, may be is 
the physical outer boundary of the device. The inner boundary 
and the transformation for each operating wavelength is 
dependent on the wavelength. Thus, a number of different 
inner boundaries and different transformations may be used 
to provide a broadband cloaking capability. 

[0057] In practice, the registration of the outer boundaries 
of the different material layers may have some variation with- 
out appreciable degeneration of the overall effectiveness of 
the broadband guidance. This follows from simulations 
which have suggested that variations from the ideal material 
parameter profile may be tolerated. 

[0058] Moreover, as the theoretical results here and else- 
where in the description herein are obtained from analytic 
models, some adjustment of the results may be needed in 
practice to, for example, take account of the refraction of a 
signal of a wavelength that differs from the design wave- 
length, or which passes through a shell of another design 
wavelength prior to being refracted by a shell designed for the 
signal. In another aspect, while gain media may be needed in 
some cases for an exact cloaking result, some loss may be 
tolerated in the structure, depending on the application, and 


ye 


L.=(p/p)?(p 
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the sensitivity of the viewer or viewing device to changes in 
the strength of the background signal, the transmitted signal 
or the like. 


[0059] FIG. 3 is a schematic representation of a cloaking 
system for multiple wavelengths or a finite bandwidth, with 
W,¡>w>>w3, shown in (a), (b), and (c) respectively; the outer 
and inner circles represent the physical boundaries the cloak- 
ing device, and the circle between the two refers to an inner 
material boundary for each design wavelength;. 

[0060] Since the wave components at different frequencies 
go through the system following different physical paths, the 
proposed system may permit the cloaking parameters to be 
appropriately realized over a finite bandwidth without violat- 
ing basic physical laws or giving rise to a superluminal group 
velocity. As a result, a ‘colorful’ (multi-frequency) image 
would appear transparently through the cloaking device. At 
the central wavelength of each of the various designs, an 
image of the background region behind the cloaking structure 
in the design wavelength (“color”) would be seen. This would 
be the situation for each of the design wavelengths of the 
structure. 

[0061] The device may be constructed using multiple shells 
of material, where the material properties of each shell 1s 
appropriate for the wavelengths propagating therein. Further, 
1t would be understood that each shell may also be comprised 
of a number of conformal shells with material properties that 
vary with a geometric dimension such as the radius. Such a 
construction may facilitate the manufacturing process. Fur- 
ther, although not shown, some shells may be a gain material, 
or dielectric materials or various types of materials may be 
fabricated as a composite material. 

[0062] In order to better understand the limitations on 
cloaking over a contiguous band of frequencies, consider the 
TE propagation mode with material properties given in equa- 
tion (24), which allows for flexible parameters at the outer 
boundary of p=b. Assume that at frequency wọ, the material 
properties required by a TE cloak are exactly satisfied based 
on the transformation p=p(p) within the range, a=p=b; 


‘Ys Mg@o,PI=1, E-(Oo,p)=(p') 7. (25) 


Hp(@o,P)=(P/P)(P 
[0063] Dispersion needs to be considered for broadband 
performance of a cloaking system. Assuming that the cloak- 
ing materials exhibit a linear dispersion around the initial 
frequency wọ the dispersion function may be expressed in a 
Taylor series expansion: 


(op) (00,P) HL) (09 P) 000), (26) 

and 

E(,p)=E(@9,p)+E“'(Wo.P)(@-Wp), (27) 
[0064] In equations (26) and (27) the two frequency deriva- 


tives ine and €” are continuous functions ofp. Since there 
is no magnetic response along the ọ direction at œw, 1t may be 
reasonable to choose that [1(@,T)=Ug(Wo,T)=1. 

[0065] The initial formulation of the analysis is to deter- 
mine, at a frequency @,=W)+d, a combination of the trans- 
formation p,=p,(p) along with yet another inner radius a, 
such that the function p,(p) maps [0, b] onto [a,, b] with 
a<a,<b, while satisfying the boundary conditions 


P1(0)=a 1p (2)=6 (28) 
along with the monotonicity condition: 


pı >0 (29) 
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and, the material transforms of the reduced TE cloak: 
polo py ppp pr, E(@1,P)=(Pi') 7 (30) 


where p=g;7 (p), a,=p=b. 

[0066] The transformation p,(p) for 0,=0,+00 is related 
to the original transformation at wm, and the dispersion func- 
tions by: 


CAT (P Y AA OA DIO) (31) 
and 
(py Ap) HE PAN), (32) 


within the range of a, =p, =b with the boundary conditions 
mentioned above. It would appear that equations (31) and 
(32) may not be fulfilled exactly for arbitrary gradients of 
dispersion functions Wo (mp) and E (0). 

[0067] Therefore, achieving complete cloaking over a 
bandwidth involves computational methods and materials for 
dispersion management. This requirement may be expressed 
as: What physically-possible functions t (Pp) and TR 
(@,P) should be engineered to make the cloaking effect pos- 
sible at a given frequency 0,=0,+00 in addition to cloaking 
at Wy? 

[0068] After some algebra, it may be seen that equations 
(28) to (32) can be satisfied by 


AA PEA P)<0. (33) 


That 1s, equation (33) indicates that the dispersion of the 
radial permeability 1,,(w,p) and the axial permittivity €.(w,p) 
should have opposite slopes as functions of the frequency. 
[0069] The effective bandwidth of a transformation-based 
cloaking device is determined by the frequency range over 
which the material properties in equations (22)-(24) are sub- 
stantially satisfied. The curved trajectory of the electromag- 
netic waves within the cloak implies a refractive index n of 
less than 1 in order to satisfy the minimal optical path require- 
ment of the Fermat principle. However, a metamaterial with 
n<1 should be dispersive to fulfill causality. 

[0070] In practice, the bandwidth of the apparatus may 
largely be determined by the performance tolerances. That is, 
how close to the performance of an ideal cloak over a band- 
width is achieved. The needed performance may be depen- 
dent on the application for which the structure is intended. So, 
while mathematically there may be a single wavelength value 
where the cloaking conditions are exactly fulfilled, the undes- 
ired scattering and distortion arising from the cloak structure 
may remain at a low level over a finite bandwidth. As such, 
cloaks share the property of many engineering solutions in 
that compromises in performance may be accepted as a trade- 
off with respect to cost, complexity, and the like. 

[0071] Specifically engineered strong anomalous disper- 
sion may be needed as equation (33) 1s not satisfied with 
normal dispersion, where c€(w)/om>0 and cu(m)/dw>0. 
However, anomalous dispersion characteristics are normally 
associated with substantial loss. In such designs, a broadband 
cloaking solution may need additional loss-compensation by 
incorporating gain media in the structure. 

[0072] Passive materials exhibit normal dispersion away 
from the resonance band. Because anomalous dispersion usu- 
ally occurs only around the absorption bands, a wavelength 
multiplexing cloak with broadband capability may be achiev- 
able when gain materials or electromagnetically induced 
transparency or chirality are introduced to make low-loss 
anomalous dispersion possible. For example, in an active 
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medium, where the optical gain is represented by a negative 
imaginary part of permittivity over a finite bandwidth, the real 
part of permittivity around the active band will exhibit an 
anti-Lorentz line shape, as governed by the Kramers-Kronig 
relations. As a result, anomalous dispersion with relatively 
low loss can occur in the wings of the gain spectrum. Incor- 
porating gain materials into plasmonics and metamaterials 
has been proposed and demonstrated in related applications 
such as, a near-field superlens, tunneling transmittance, 
enhanced surface plasmons, and lossless negative-index 
materials. 
[0073] Wepresenttwo structures for optical cloaking based 
on high-order transformations for TM and TE polarizations 
respectively. These designs are realizable for at least visible 
and infrared light wavelengths. 
[0074] The constitutive dimensional and electromagnetic 
parameters of the cloak are determined by the specific form of 
the spatial transformation used. The parameters are usually 
anisotropic with gradient requirements that may be achieved 
using artificially engineered structures 
[0075] Two design examples of optical cloaks based on 
high-order transformations are described. Specifically: 1) a 
non-magnetic cylindrical cloaking system for TM incidence 
(magnetic field polarized along the cylindrical axis) which 
consists of a layered metal-dielectric without any variation 1n 
either material or structure along the vertical direction; and, 
11) a magnetic cylindrical cloak for TE incidence (electric 
field polarized parallel to axis) utilizing Mie resonance in 
periodic rod-shaped high-permittivity materials. 
[0076] Fora cloak in the cylindrical geometry, a coordinate 
transformation function r=g(r') from (r*, 0*, z') to (r, 8, z) is 
used to compress the region r'=b into a concentric shell of 
arb, and the permittivity and permeability tensors 
required for an exact cloak can be determined as: 

Su *eg(r)or'; EsFue=1/E,; E = =(r'/*) [Bg 

(r'yər' T! (34) 
For the standard states of incident polarization, the require- 
ment of equation (34) can be relaxed such that only three of 
the six components are relevant. For example, for TE (TM) 
polarization, only u, u, and ue(1L, €, and €ẹ) enter into 
Maxwell’s equations. As would be understood, the TM and 
the text in parenthesis are read in lieu of the TE and corre- 
sponding parameters so as to provide a compact presentation 
of the discussion 
[0077] The parameters can be further simplified to form 
reduced parameters which are more realistic for practical 
applications. Since the trajectory of the waves is determined 
by the cross product components of the € and u tensors 
instead of the two tensors individually, the cloaking perfor- 


mance is sustained as long as ny €p, and n, y Eto (No= 
vu. €, and n, =y u, €) meet equation (34). This technique 
results in a specific set of reduced parameters which allow for 
a permeability gradient along only the radial direction for the 
TE mode: 


Harry pee Nor Tpi = Rg(r'/or'T* (35) 
and can be purely non-magnetic for the TM mode: 

E=(4 113% E= Par ar TA; w= (36) 
[0078] The designs of the example electromagnetic cloaks 
herein use known structures and materials to achieve the set of 
parameters corresponding to any of equations (34)-(36). 


Recently a demonstration of a microwave cloak satisfying 
equation (35) was reported and the previously described non- 
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magnetic optical cloak in U.S. patent application Ser. No. 
11/983,228, filed on Nov. 7, 2007, and is incorporated herein 
by reference, corresponds to the case described by equation 
(36). One common aspect in the previous work is that the 
designs were based on a standard linear transformation r=g 
(r')=(1-a/b)r' +a. 

[0079] Designs based on more general high-order transfor- 
mations are described. In particular, for the TM polarization, 
a non-magnetic cloak design which may compatible with 
mature fabrication techniques such as direct deposition and 
direct etching is described; for TE incidence, a structure that 
allows for a radial gradient in the magnetic permeability 
while avoiding the use of plasmonic metallic inclusions in the 
optical range is described. 

[0080] Consider a non-magnetic cloak for the TM mode 
with parameters given in equation (36). In this case, the cloak 
material is designed to produce the required gradients in €, 
and E, using readily available materials. In an aspect, the 
design may employ the flexibility in realizing the effective 
permittivity of a general two-phase composite medium. 
[0081] When an external field interacts with a composite 
material comprising two elements with permittivity of € and 
E, respectively, minimal screening occurs when all internal 
boundaries between the two constituents are parallel to the 
electric field, and maximal screening occurs when all bound- 
aries are aligned perpendicular to the field. These two 
extremes of orientation can be achieved by using an alternat- 
ing layered structure, provided that the thickness of each layer 
is much less than the wavelength of the incident electromag- 
netic radiation. The two extreme values of the effective per- 
mittivity can be approximated as: 


EG Se +d-5He; € EE +(1-NE1) (37a, b) 


where f and 1-f denote the volume fractions of components 
1 and 2, and the subscripts || and | indicate the cases with 
electric field polarized parallel and perpendicular to the inter- 
faces of the layers, respectively. Such layered structures have 
been studied extensively in recent years for various purposes, 
especially in sub-diffraction imaging for both the near field 
and the far zone. 

[0082] The alternating layers may be a plurality of layers, 
each layer having a bulk material property appropriate to a 
particular wavelength and the shape of the cloaking structure 
being designed, and some of these layers may be, for example 
gain media so as to compensate for the loss in passive layers. 
[0083] The two extrema in equation (4) are termed the 
Wiener bounds on the permittivity, which set the bounds on 
the effective permittivity of a two-phase composite material. 
Other limits, for example those from the spectral representa- 
tion developed by Bergman and Milton (see Bergman, D. J., 
Phys. Rev. Lett. 44, 1285-1287, 1980; Milton, G. W., Appl. 
Phys. Lett. 37 , 300-302, 1980) may also apply in addition to 
the Wiener bounds, but equation (37) nonetheless provides a 
straightforward way to evaluate the accessible permittivity 
range in a composite with specified constituent materials. The 
Wiener bounds can be illustrated on a complex E-plane with 
the real and imaginary parts of € being the x and y axis, 
respectively. In this plane, the low-screening bound in equa- 
tion (37a) corresponds to a straight line between & and €,, 
and the high-screening bound in equation (4b) defines an arc 
which is part of the circle determined by the three points: €,, 
E, and the origin. 

[0084] The material properties for the cloak design corre- 
sponding to equation (36) are such that, for a non-magnetic 
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cylindrical cloak with any transformation function, ©, varies 
from 0 at the inner boundary of the cloak (r=a) to 1 at the outer 
surface (r=b), while E, is a function ofr with varying positive 
value, except for the linear transformation case where dg(r')/ 
Ər! is a constant. 

[0085] Fulfilling the parameters in equation (36) may use, 
for example, alternating metal-dielectric slices whose prop- 
erties may be estimated by equation (37). Phase 1 1s a metal 
(E,€, <0) and phase 2 is a dielectric (£,=€,>0), and the 
desired material properties of the cloak are achieved when the 
slices are within the r-z plane of the cylindrical coordinates. 
€, and €, correspond to €, and € , in equation (37), respec- 
tively. 

[0086] This situation is illustrated in FIG. 4. The thick solid 
and dashed lines represent the two Wiener bounds €¡($) and 
E(f), respectively. The constituent materials used for the 
calculation presented in FIG. 4 are silver and silica at a 
“oreen” light wavelength of 532 nm. The pair of points on the 
bounds with the same filling fraction are connected with a 
straight line for clarity. When €, varies between 0 and 1, the 
value of €, varies accordingly as shown by the arrow between 
the two thin dashed lines. Therefore, the construction of a 
non-magnetic cloak establishes the relationship between the 
two quantities ©) and €, (as functions of f) within the range 
shown in FIG. 4 that fits the material properties given in 
equation 36 for a particular transformation function: r=g(r'). 
[0087] The example design has a low loss factor. As shown 
in FIG. 4, the loss factor described by the imaginary part of 
the effective permittivity is on the order of 0.01. This is 
considerably smaller than that of a pure metal or any resonant 
metal-dielectric structures. A schematic representation of the 
structure having interlaced metal and dielectric slices is illus- 
trated in FIG. 5. 

[0088] Fora selected design wavelength, a transformation 
together with the cylindrical shape factor a/b that fulfills the 
following equation may be suitable. 


Jory? ros? (38) 
mel SOP (J eve 
and 
g(0)=a; g(b)=b; dg(r' ario (39) 
[0089] An approximate solution to the equations may be 


found using a polynomial function such as: 
r=g(r')=[1-a/b+p(r'-b)]r'+a (40) 


with Ip|<(b-a)/b? 

[0090] Such a quadratic transformation satisfies the bound- 
ary and monotonicity requirements in equation (39), and it is 
possible to fulfill equation (38) with minimal deviation from 
a theoretical profile when an appropriate shape factor 1s cho- 
sen. Table 1 sets forth transformations, materials and geom- 
etries for non-magnetic cloaks designed for several important 
central wavelengths across the visible wavelength regime 
including 488 nm (Ar-ion laser), 532 nm (Nd:YAG laser), 
589.3 run (sodium D-line), and 632.8 nm (He—Ne laser). In 
the calculations, the permittivity of silver is taken from well 
accepted experimental data (see Johnson, P. B., and R. W. 
Christy, Phys. Rev. B 6 4370-4379 ,1972), and the dielectric 
constant of silica is from tabulated data (see Palik, E. D., 
Handbook of Optical Constants of Solids, Academic Press, 
New York, 1997. The same design and transformation work 
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for similar cylindrical cloaks with the same shape factor a/b. 
When the approximate quadratic function is fixed for a given 
design wavelength, the filling fraction function f(r) is deter- 
mined by: 


Relea) — (gt (/ry (41) 
Relea — Em) 


f(r) = 


TABLE 1 


Approximate quadratic transformations and materials 
for constructing a cloak with alternating slices 


A €l E> px (b7/a) ab 
488 nm E4g =-8.15 +0.1li Ego =2.14 0.0662 0.389 
532 nm E4g = -10.6 +0.14i  Esios =2.13 0.0517 0.370 
589.3 nm Eag = 14.2 +0.19i  €sio2 =2.13 0.0397 0.354 
632.8 nm €4g = -17.1 +0.24i €sio2=2.12 0.0333 0.347 
11.3 nm Esic==7.1+0.401 Egar = 1.93 0.0869 0.356 


[0091] FIG. 6 shows the calculated anisotropic material 
properties of a non-magnetic cloak corresponding to the 
A=532 nm case. With the approximate quadratic transforma- 
tion, the effective parameters €, and €, obtained with the 
Wiener bounds in equation (37) fit with the exact parameters 
required for this transformation by equation (35) quite well, 
with the average deviation of less than 0.5%. 


[0092] Fabrication of the design 1s practical, as such verti- 
cal wall-like structures are compatible with mature fabrica- 
tion techniques such as direct deposition and direct etching. 


[0093] In another example, a cylindrical cloak for TE mode 
cloaking operable within the mid-infrared frequency range is 
described, with a gradient in the magnetic permeability, in 
accordance with equation (35). This frequency range is of 
interest as it corresponds to the thermal radiation band from 
human bodies. 


[0094] Several different approaches involving silicon car- 
bide as component of the metamaterial are described. SiC is a 
polaritonic material with a phonon resonance band falling 
into the spectral range centered at around 12.5 um (800 cm”?) 
This resonance band introduces a sharp Lorentz behavior in 
the electric permittivity. The dielectric function of SiC at 
mid-infrared may be described with the following model: 


Esc Eclo0?-0,+y0]//[0-0 77 +o] (42) 


where €.,=6.5, 0,972 cm *, 0,5796 cm”? and y=5 cm”. 


On the high-frequency side of the resonance frequency, the 
dielectric function is strongly negative, which makes the opti- 
cal response similar to that of metals, and the material has 
been already been utilized in applications such as a mid- 
infrared superlens. At frequencies lower than the resonance 
frequency, the permittivity can be strongly positive, which 
makes SiC a candidate for producing high-permittivity Mie 
resonators at the mid-infrared wavelength range. 


[0095] SiC structures may be used to build mid-infrared 
cloaking devices in a variety of physical configurations. For 
example, the needle-based structure may be used for the TM 
mode, where needles are made of a low-loss negative-€ 
polaritonic material such as, for example, SiC or TiO,, and 
are embedded in an infra-red-transparent dielectric such as, 
for example, ZnS. 
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[0096] In another aspect, a non-magnetic cloak using alter- 
nating slices of structure as previously described herein may 
be used. With SiC as the negative-s material and BaF, as the 
positive-€ slices, the appropriate transformation function and 
shape factor that fulfills the material property requirements at 
a preset wavelength may be determined. The result forA=11.3 
um (CO, laser range) is shown in the last row of Table 1. 
[0097] In yet another example, a cylindrical cloak for the 
TE mode with the required material properties given in equa- 
tion (35) is described, having a gradient in the magnetic 
permeability along the radial direction. u, may vary from 0 at 
the inner boundary (r=a) to [9g(r')/dr']°: at the outer surface 
(r=b), while the €_ changes according to [dg(r' /ar']-~. The 
magnetic requirement may be accomplished using metal ele- 
ments like split-ring resonators, coupled nanostrips or 
nanowires. However, such plasmonic structures exhibit a 
high loss. A SiC based structure provides an all-dielectric 
design to a magnetic cloak for the TE mode due to the Mie 
resonance in subwavelength SiC inclusions. 

[0098] Meta-magnetic responses and a negative index of 
refraction in structures made from high-permittivity materi- 
als have been studied extensively in recently years. Magnetic 
resonance in a rod-shaped high-permittivity particle can be 
excited by different polarizations of the external field with 
respect to the rod axis. When a strong magnetic resonance and 
an effective permeability substantially distinct from 1 are 
desired, the rod should be aligned parallel to the electric field 
to assure the maximum possible interaction between the rod 
and the external field. In the present example the radial per- 
meability has values of less than (but close to) 1, and reso- 
nance behavior in the effective permittivity € should be 
avoided for a minimal loss. Therefore, with the electrical field 
polarized along the z axis of the cylindrical system, the SiC 
rods may be arranged along the r axis and form an array in the 
-z plane. The structure is depicted in FIG. 7, where arrays of 
SiC wires along the radial direction are placed between the 
two surfaces of the cylindrical cloak. 

[0099] The effective permeability of the system may be 
estimated as follows using the approach of O’Brien and Pen- 
dry (see O’Brien, S., and J. B. Pendry, J. Phys. Condens. 
Matter. 14, 4035-4044, 2002) 


Ly Jy (kL) — tJ (kt) + aot HP (kt) — (43) 
2. agly HP (kL;) + cord (nko) /n 


Or KER Ilka [2 — ag (La 12) 


where h and q represent the periodicities along the z and 0 
directions respectively, t denotes the radius of each wire, n= 
V£sic 1s the refractive index, k=211/A, denotes the wave vec- 
tor, L,=Vhro/a and L,=(h+rop)/2 represent the two effective 
unit sizes based on area and perimeter estimations respec- 
tively. a)=[nJ,(nkt)J, (kt)-J,(kt)J, (nkt)]/[nJ,(nkt)H, (kt) - 
Ho (kt)J, (nkt)] and ec =[J (kt)-aH, (kb ]/J,(okt) are the 
scattering coefficients, and the Bessel functions in the equa- 
tion follow the standard notations. The permittivity along the 
z direction may be approximated using Maxwell-Garnett 
method. In the design disclosed herein we choose the appro- 
priate transformation geometry and operational wavelength 
such that the calculated effective parameters u, and €, follow 
equation (35) with tolerable deviations. FIG. 8 shows the 
theoretically required and the calculated u, and €, for a TE 
cloak at A=13.5 um. The parameters used for this calculation 


random wire” is not a very exact technical description. This is 
particularly true since random could mean anything from a couple 
of feet to a couple of wavelengths. I’ve found in my own case that 
my bridge has allowed me to design a wide-range matching unit, 
and quickly establish which variables are important to obtain the 
wide range 1 desired for my specific antenna needs. 

All you do is see what the resistance limits are that your 
matching will load into and still retain 50 ohms at the input jack. 
The technique is very easy. You can use your 5% calibrating 
resistors for this purpose. Just connect a resistance to your match- 
ing unit output and jack J2 of the bridge to the matching unit input. 
Set the bridge resistance knob to read 50 ohms on the scale. Now 
adjust your matching unit until you can achieve a bridge null at the 
frequency of operation you have selected on the signal generator. 
In this way you can quickly determine the upper and lower resis- 
tance loading limits of your matching unit. If the resistances you 
select are too high or too low, you will not be able to obtain a 
satisfactory null on the bridge. My home-built matching unit 
matches from about 10 to 200 ohms without any difficulty. Gener- 
ally speaking, the wider the resistance range, the wider the range 
of the matching unit for varying impedances. And you'll be sur- 
prised to find the different ranges obtained by different kinds of 
matching units. It’s an education in itself. 

Resonant Frequency of Tuned Circuits. The ease with 
which the bridge can determine the resonant frequency of a totally 
enclosed tuned circuit is quite amazing. And it will even tell you 
whether or not it is a series-tuned circuit or a parallel-tuned circuit. 
All you need is two leads from the circuit being tested. Connect the 
leads to output binding posts A and B. We know that if a circuit is a 
series one, its electrical resistance will be low. So, just to obtain 
the best null, vary the signal generator frequency and the 100-ohm 
control at the low resistance end of the scale. At the best null 
obtained, the signal generator frequency will be the resonant 
frequency of the tuned circuit. The resistance reading will be its 
equivalent series resistance. 

The parallel circuit is measured in the same way, except that 
the bridge potentiometer is at the high end of the scale. The 
resistance value measured will be the equivalent parallel resis- 
tance of the tuned circuit. And, as before, the signal generator will 
indicate the resonant frequency of the tuned circuit. I mentioned 
that the tuned circuit could be completely enclosed. This bridge 
can measure resonant frequencies where it would be impossible to 
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are a=15 um, a/b=0.35, t=1.2 um, h=2.8 um, $=10.6*, and the 
p coefficient in the quadratic transformation is 0.5a/b?. Good 
agreement between the required values and the calculated 
ones based on analytical formulae, and the imaginary part in 
the effective permeability is less than 0.06. This computation 
verifies the feasibility of the proposed cloaking system based 
on SiC wire arrays for the TE polarization. In FIG. 8 the 
magnetic parameter u, is calculated using equation (43), and 
the electric parameter € is obtained based on Maxwell-Gar- 
nett method. 


[0100] In another aspect, a cloaking device structure may 
be a spherical or other shaped cloaking structure. The specific 
geometrical shape, the size and other design parameters of the 
structure, such as the spatial variation of material properties, 
may be chosen using the general approach described herein 
so as to be adaptable to the wavelength, the degree of cloak- 
ing, and the properties of the object to be cloaked. Loss and 
gain may be introduced in various portions of the structure. 
[0101] The examples shown herein have used analytic pro- 
files for the material properties so as to illustrate certain of the 
principles which may influence design of cloaking structures. 
However, since electromagnetic simulations using finite ele- 
ment methods, for example, are commonly used in design of 
complex shapes, and have been shown to yield plausible 
results, the use of such simulations are envisaged as useful in 
apparatus design. Ray tracing programs may be effectively 
used in situations where the spatial component of the material 
properties, and of the geometry, are slowly varying with 
respect to a wavelength at the operating frequencies. In 
optics, this is termed an adiabatic approximation. 

[0102] Certain aspects, advantages, and novel features of 
the claimed invention have been described herein. It would be 
understood by a person of skill in the art that not all advan- 
tages may be achieved in practicing a specific embodiment. 
The claimed invention may be embodied or carried out in a 
manner that achieves or optimizes one advantage or group of 
advantages as taught herein without necessarily achieving 
other advantages as may have been taught or suggested. 
[0103] It is therefore intended that the foregoing detailed 
description be regarded as illustrative rather than limiting, 
and that it be understood that it is the following claims, 
including all equivalents, that are intended to define the spirit 
and scope of this invention. 


What is claimed is: 

1. A apparatus for modifying the visibility properties of an 
object, comprising: 

a structure formed of a metamaterial, 

wherein the metamaterial properties are selected so that an 

electromagnetic wave incident on the apparatus is 
guided around the object at plurality of wavelengths. 

2. The apparatus of claim 1, wherein the structure is dis- 
posable between an object and an observer. 

3. The apparatus of claim 1, wherein the structure is com- 
prised of a plurality of metamaterial layers, the layers having 
electromagnetic properties determined by one or more of the 
plurality of wavelengths. 

4. The apparatus of claim 1, wherein the structure includes 
a gain medium. 

5. The apparatus of claim 4, wherein the gain medium is a 
semiconductor capable of spontaneous emission at least one 
wavelength of the plurality of wavelengths. 
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6. The apparatus of claim 3, where the material properties 
of each layer are selected so that the outermost boundary of a 
metamaterial layer of the plurality of metamaterial layers for 
each design wavelength is substantially coincident with the 
outer boundary of the structure. 

7. The apparatus of claim 3, where each layer is formed 
from a plurality of conformal layers. 

8. The apparatus of claim 3, wherein the location of an 
innermost boundary of a metamaterial layer of the structure is 
dependent on the design wavelength. 

9. The apparatus of claim 3, wherein a least a portion of the 
structure is formed of metamaterial layers wherein proximal 
layers have a effective refractive index of less than unity for an 
orthogonal polarization of an incident wave. 

10. The apparatus of claim 3, wherein the metamaterial 
properties of the layers at a first design wavelength are 
selected such that electromagnetic waves of a second design 
wavelength may penetrate into the structure so as to be guided 
by layers having metamaterial properties suitable for guiding 
the second design wavelength. 

11. The apparatus of claim 10, wherein gain medium layers 
are included in the layers of the first design wavelength so as 
to compensate for loss of the metamaterial at the second 
design wavelength. 

12. The apparatus of claim 1, wherein the structure is a 
sphere with an interior void containing an object to be 
cloaked. 

13. The apparatus of claim 1, wherein the structure is a 
cylinder of finite length having a symmetrical cylindrical void 
therein. 

14. The apparatus of claim 1, wherein the metamaterial 
comprises a dielectric having inclusions of a polaritonic 
material. 

15. The apparatus of claim 14, wherein the polaritonic 
material is silicon carbide (SiC). 

16. The apparatus of claim 14, wherein the polaritonic 
material is rod shaped, with the rods oriented in a radial 
direction. 

17. The apparatus of claim 1, wherein the metamaterial 
comprises a dielectric having inclusions of a metal. 

18. The apparatus of claim 17, wherein the metal and the 
dielectric are disposed in wedge shapes oriented in a radial 
direction. 

19. A method of designing a structure for use as a cloak, 
comprising: 

(a) selecting a design wavelength; 

(b) selecting a metamaterial having the property of having 

a low loss at the design wavelength and at least a per- 
meability or a permittivity of less than unity; 

(c) determining, for a selected shape and size of structure, 
the variation of metamaterial properties as a function of 
position in the structure so as to guide electromagnetic 
waves of the design wavelength and polarization around 
a object disposed within the structure; 

(d) selecting a second design wavelength and performing 
steps (a)-(c) for the second design wavelength. 

20. The method of claim 19, wherein the metamaterial 

includes a gain medium. 

21. The method of claim 19, wherein at least a portion of 
the metamaterial comprises a metamaterial effective at the 
first design wavelength, interspersed with a metamaterial 
effective at the second design wavelength. 
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22. The method of claim 19, wherein the metamaterials for 
the first design wavelength and the second design wavelength 
are conformal alternating layers at least when proximal to an 
outer surface of the structure. 

23. The method of claim 22, wherein the step of determin- 
ing, for a selected shape and size of structure, the variation of 
metamaterial properties as a function of position in the struc- 
ture so as to guide electromagnetic waves of the design wave- 
length and polarization around a object disposed within the 
structure is performed iteratively to adjust the properties of 
the metamaterials at each design wavelength to account for 
the effect of the metamaterial selected for the other design 
wavelength. 
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24. The method of claim 22, wherein the thickness of the 
metamaterial layers is small compared with either design 
wavelength. 

25. A method of modifying the observability of an object, 
comprising: 

providing a structure fabricated from a plurality of 

metamaterials, the metamaterials selected so as to guide 
electromagnetic waves around an object at a plurality of 
wavelengths; and 


disposing the structure between an observer and the object. 
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inductively couple in a grid-dip meter to make a similar measure- 
ment. 

Measurement of Velocity Factor of Coax Cable. The 
technique of measuring the velocity factor of coaxial cable is simple 
when it is realized that an electrical quarter wavelength of line (or 
odd numbered multiples thereof) open at the far end acts like a 
series-tuned circuit at the near, or measured, end. Just connect 
your piece of coax cable to J2 and null the bridge at the low 
resistance end of the scale, at the same time varying the signal 
generator frequency for the lowest frequency for the best null 
obtainable. The equation for velocity factor in this case is: Velocity 
factor = (length in feet) (F,,,, )/246 for a quarter-wave section of 
line. And now, as an experiment, if you triple your signal frequen- 
cy, your line will again null the bridge. It is now acting as a 
three-quarter-wavelength line. In this way, it is very easy to 
demonstrate basic transmission line theory. 

The same principle is used in determining the electrical half of 
a line open at the far end. This condition is equivalent to a 
parallel-tuned circuit. Just adjust your bridge null at the high 
resistance end of its scale, and at the same time adjust your signal 
generator for the lowest frequency that will give you the best null. 
The velocity factor can be checked and the formula will be velocity 
factor = (length in feet) (F,,,, )/492 for a half-wave section of line. 
You can also use this method for setting up for a half-wave section 
of line if desired. 

Characteristic Impedance of Coax Cable. The charac- 
teristic impedance of a coax cable can easily be determined with 
the rf bridge. All you do is connect one end of the cable to J2 and 
connect a selected resistor across the other end of the cable. The 
selection of this resistance is such that when the signal generator 
frequency is varied there is no change in the bridge reading. At that 
point, the resistance selected is equal to the characteristic im- 
pedance of the coaxial cable. It is an easy matter to try several 
different values of resistance to terminate the cable, so that a 
variation of signal generator frequency will show no change in the 
meter reading. The null can now be obtained, and the resistance 
reading will be the characteristic impedance of the cable. The value 
read will be equal to the terminating resistance at the end of the 
line. This illustrates the basic principle that a properly terminated 
line presents a constant pure resistance to a varying input fre- 
quency. 

Reflected Resistance of Tuned Coupled Circuits. Al- 
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METAMATERIAL CLOAKED ANTENNA 


CROSS-REFERENCE TO RELATED 
APPLICATIONS 


[0001] This application claims rights under 35 U.S.C. $119 
(e) from U.S. Application Ser. No. 61/175,221, filed. May 4, 
2009, the contents of which are incorporated herein by refer- 
ence. 


BACKGROUND OF THE INVENTION 


[0002] 1. Field of the Invention 

[0003] The present invention relates to electromagnetic 
cloaking and more particularly to metamaterial cloaked 
antennas. 

[0004] 2. Brief Description of Prior Developments 

[0005] Prior art metamaterial-based cloaking techniques 
are described in the following publications, the contents of 
which are incorporated herein by reference: 

[0006] 1. J. B. Pendry, D. Schurig, D. R. Smith, Science 
312, 1780 (2006). 


[0007] 2. U. Leonhardt, Science 312, 1777 (2006). 

[0008] 3. D. Schurig, J. J. Mock, B. J. Justice, S. A. Cum- 
mer, J. B. Pendry, A. F. Starr, D. R. Smith, Science 314, 977 
(2006). 

[0009] 4. W. Cai, U. K. Chettiar, A. V. Kildishev, V. M. 


Shalaev, Nature Photonics 1, 224 (2007). 

[0010] The performance of modern and future aircraft and 
satellites strongly depends on various antennas. Typically, a 
very large number of different types of antennas are mounted 
on board aircraft, satellites or other vehicles in order to cover 
as wide a radio-frequency range and bandwidth as is possible. 
Because space is at a premium on board, the airborne anten- 
nas are usually located in close proximity to each other. This 
arrangement may cause so-called estate issues with respect to 
antenna installation. 

[0011] A need, therefore, exists for a way of reducing the 
detrimental effect of co-site interference between multiple 
antennas densely mounted on aircraft, satellites, ships or 
other vehicles. 


SUMMARY OF INVENTION 


[0012] According to the present invention, engineered 
metamaterial (MM) layers are applied to antenna surfaces to 
prevent the reflected/scattered radiation return on the active 
antenna surface. The cloaking effect is based on the ability of 
specially designed MM devices to prevent reflection of the 
electromagnetic radiation rays in such manner that the elec- 
tromagnetic waves go around the object and make the object 
essentially “invisible”. A transformational optics approach is 
used for the cloaked antenna design. An important feature of 
method of the present invention is cloaking in the near-field 
(NF) zone of an antenna. The radiation field distribution in the 
NF region of an antenna is much more complex than in the 
far-field (FF) zone. Therefore, the MM structure has to be 
designed in a different way than has been demonstrated in 
early cloaks for the FF zone. 

[0013] This invention also encompasses the method of 
improving the performance of multiple antennas mounted on 
board of the aircraft, satellite, ship, or any vehicle by sepa- 
rating the near field (NF) radiation by the metamaterial cloaks 
positioned between the neighbor antennas (see FIGS. 1 and 
2). As a result the far field (FF) radiation patterns are signifi- 
cantly improved. 

[0014] This invention also encompasses a cloaked antenna 
which directs the antenna radiation in such manner that it does 
not reach the neighbor objects and/or other antennas (see FIG. 


Nov. 4, 2010 


2). We would like to emphasize that the metamaterial cloak 
developed for the purposes of this project has a different 
configuration than to the conventional cloaks described by the 
Pendry et al. and Schurig et al. references cited above. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0015] The invention will be more closely understood here- 
inafter by reference to the drawings in which: 

[0016] FIGS. 1A and 1B show drawings of an antenna 
cloaking by the coordinate transformation method. By select- 
ing conformal coordinate transformation to curvilinear coor- 
dinate system schematically indicated by the black mesh, the 
donut-shaped region of space on the sides of the antenna is 
“eliminated”: from the point of view of the radiating antenna, 
the other antennas and/or passive sections of the aircraft 
located in the donut-shaped cloaked region are located at 
infinity. As a result, the radiation pattern of the cloaked 
antenna is insensitive to its ambient. The inset shows gradual 
change of the metamaterial parameters inside the cloak wall. 
[0017] FIGS. 2A, 2B, 2C and 2D show a COMSOL simu- 
lation of the dipole near-field distribution for a single dipole 
(a), the dipole and metallic cylinder (b), the metallic plate 
positioned between the dipole and the cylinder (c), and the 
metamaterial flat cloak located between the dipole and the 
cylinder (d). In real applications the edges of the cloak will be 
tapered in order to reduce scattering. 

[0018] FIGS. 3A and 3B show a COMSOL simulation of 
the NF H-field of the two dipole antennas separated by the 
metamaterial cloak. 

[0019] FIGS. 4A, 4B, 4C, 4D and 4F show the FF radiation 
pattern calculated for a single patch antenna (a), the active 
antenna with a neighbor passive antenna at X=0.08A (b), 
X=0.24A (c), and X=0.72A (d). The FF radiation pattern of the 
two antennas at X=0.08A with the metamaterial cloak 
between them (e). The MM clock (with the width X and the 
height H) shown green is positioned between the two patch 
antennas shown pink (f). 

[0020] FIG. 5 shows the transmission coefficient S,, of the 
two patch antennas separated by the distance X=0.08A (a), 
X=0.24/ (b), X=0.4A (c), and X=0.72A (d), as well as with the 
metamaterial cloak of the height H between the antennas at 
X=0.08A and H=0.025A (e), X=0.08A and H=0.16A (Ð). 


DETAILED DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


[0021] Based on the transformational optics approach we 
have developed a novel concept of the cloaked antenna, which 
is illustrated in FIG. 1. The transformational optics approach 
is based on the conformal coordinate transformations to a 
specially chosen system of curvilinear coordinates (X, ,y,,Z;, 
t,), which distort the length elements but keep the angles 
intact. The Maxwell equations in such a curvilinear coordi- 
nate system may be written in the usual form by introducing 
effective anisotropic dielectric permittivity €(x,,y,,z,) and 
magnetic permeability u(x,,y,,z,) tensors of free space. On 
the other hand, if the so obtained e and u distributions will be 
engineered artificially using specially designed metamaterial 
medium, electromagnetic fields in such a medium will propa- 
gate as if in normal Minkowski space described by the (x,, 
Y1>Z,,t,) coordinates. Thus, transformational optics approach 
to antenna cloaking is applicable to both near and far fields of 
a Cloaked antenna. 

[0022] The schematic drawing in FIG. 1 represents our 
conceptual approach. In real-life applications the exact con- 
figuration of the cloak needs to be tailored in order to avoid 
undesirable blind spots. The approximate dimensions in FIG. 
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1 indicate that not much of the antenna field of view will be 
obscured. Those skilled in the art will appreciate that 1f any 
particular application would require an omnidirectional field 
of view, a combination of our approach with the approach 
disclosed in the Pendry et al. reference (cited above) may be 
used, so that antenna may see behind the obscuration. 
[0023] The distinctive feature of the metamaterial for 
cloaking applications 1s that 1ts properties (dielectric permit- 
tivity c and magnetic permeability u) are gradually changed 
inside the cloak, while their ratio does not. Itis matched to the 
impedance of free space. FIG. 1 illustrates our MM cloak that 
is essentially multilayered dielectric structure (with some 
metallic particles inclusions) each layer e (and u) being 
extrapolated by the step function close to desirable e and u 
distribution. Our simulations show that significant field dis- 
tortion is observed when the radiation from the dipole hits 
metallic objects (e.g. metal cylinder or metal plate), while in 
the case of the metamaterial cloak positioned between the 
dipole and the metal object there is no such field distortion 
(compare FIGS. 25, 2c and FIG. 2d). Thus, screening the 
objects by metallic plate or cylinder does not prevent the 
radiation pattern distortion. On the other hand, two antennas 
may work independently without interference with each other 
when each antenna is cloaked, even though they are situated 
next to each other (FIG. 3). 

[0024] The general algorithm for designing the MM cloak 
is the following: 

Using the desired conformal coordinate transformation ten- 
sor we calculate the spatial variations of components of the 
permittivity e(r) tensor and the permeability u(r) tensor. From 
the so obtained e(r) and u(r) spatial distribution, the structure 
and composition of the metamaterial 1s determined. To sim- 
plify the cloak fabrication we will use the multilayered struc- 
ture (as in the inset in FIG. 1) where the e(r) and u(r) function 
are replaced by the step-like approximation. 

[0025] An underlying feature of the proposed approach is 
the use of the metamaterial cloaks to prevent the electromag- 
netic radiation from the neighbor objects (active and/or pas- 
sive ones) from hitting the emitting surface of the antenna(s). 
This returning radiation creates the phase distortion on the 
surface and deteriorates the FF radiation pattern of the 
antenna. In the conventional approach to antenna separation 
one has to position the antennas in such a way that the lateral 
distance between them is greater than the NF zone as is 
described in Handbook of Antennas in Wireless Communi- 
cations, Ch. 5, Antenna Parameters, Various Generic Anten- 
nas and Feed Systems, and Available Softwares, CRC, 2002, 
the contents of which are incorporated herein by reference, 
size dyr (dy,->>D, dy,>>A, and d,,>>2D7/r, here D is the 
antenna size and A is its wavelength). Therefore, there is a 
room for (D+d,,,)-? antennas per unit area. With the proposed 
metamaterial cloaks the distance d,,,, between the antenna 
edges could be 0.08A or less. Then we may put (D+d,,,,)* 
antennas per unit area. For d,,,,<<D the metamaterial clock 
permits the position of much more antennas than a conven- 
tional spatial separation. 

[0026] To evaluate significance of our approach the antenna 
FF radiation pattern distortion and its correction with the 
metamaterial cloak have been simulated by HFSS software 
for a set of two antennas—one is an active patch antenna and 
second is a passive patch antenna located ona distance X from 
the edge of the active antenna. 


Nov. 4, 2010 


[0027] The results presented in FIG. 4 show the radiation 
pattern of the active antenna is drastically deteriorated at low 
X, but the pattern coincides with a single antenna pattern 
when the distance X becomes larger. Meanwhile the metama- 
terial clock positioned between the antennas makes the pat- 
tern looks as a single antenna one even at X=0.08A (Compare 
FIGS. 4a, d, and e). Using HESS we have also calculated the 
S-parameters of the set of the two identical patch antennas 
located at the distance X. One may see from the results 
presented in FIG. 5 that the closer antennas the higher the 
transmission S,>5-parameter. Meanwhile the metamaterial 
cloak positioned between the antennas significantly 
decreases the S,, magnitude even at the distance as small as 
0.08A with a low value of the scattering S, , -parameter. 
[0028] Thus, our HFSS simulations demonstrate that the 
proposed metamaterial cloak of the thickness of only 0.08A 
works as the separation of the antennas by the distance of 
0.724. 

[0029] Those skilled in the art will appreciate that any 
combination of metal, dielectric, ferroelectric and/or ferro- 
magnetic materials may be used in the antenna cloak design, 
as long as the resulting metamaterial parameters would sat- 
isfy the desired spatial distribution of e and u tensors, as 
described in FIG. 1. 

[0030] While the present invention has been described in 
connection with the preferred embodiments of the various 
figures, it is to be understood that other similar embodiments 
may be used or modifications or additions may be made to the 
described embodiment for performing the same function of 
the present invention without deviating therefrom. Therefore, 
the present invention should not be limited to any single 
embodiment, but rather construed in breadth and scope in 
accordance with the recitation of the appended claims. 

What is claimed is: 

1. In the method for operating a plurality antenna having 
near-field (NF) zone mounted on a vehicle, wherein the 
improvement comprises the step of cloaking in the near-field 
(NF) zone of each of said plurality of antennas. 

2. The method of claim 1 wherein near-field (NF) radiation 
of neighboring radiation is separated by a plurality of 
metamaterial cloaks so that the far field (FF) radiator patterns 
are improved. 

3. The method of claim 1 wherein a cloaked antenna is 
provided which directs radiation in such a way that said 
radiation is impeded from reaching neighboring antennas. 

4. The method of claim 1 wherein a metamaterial cloak is 
used. 

5. The method of claim 4 wherein using a desired confor- 
mal coordinate transformation tensor the spatial variations of 
components of the permittivity e(r) tensor and the permeabil- 
ity u(r) tensor is calculated. 

6. The method of claim 5 wherein from e(r) and u(r) spatial 
distribution, the structure and composition of the metamate- 
rial is determined. 

7. The method of claim 6 wherein a multilayered cloak 
structure is used wherein e(r) and u(r) function are approxi- 
mated by a step-like approximation. 

8. The method of claim 4 wherein the metamaterial cloaks 
of the antennas prevent electromagnetic radiation from hit- 
ting emitting surfaces of the antenna. 
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though it is possible to wade through a great deal of circuit theory 
to prove that resistance can be reflected from one circuit to 
another, this easily performed experiment will show it in a manner 
in which, if once performed, it will never be forgotten. An actual 
experiment is such a wonderful way of firming up any theoretical 
proof in anyone’s mind. The principle of reflected resistance can be 
demonstrated as shown in Fig. 2-18 where a parallel-tuned circuit 
is inductively coupled to a series circuit. Loading down the secon- 
dary with a resistance generates a reflected resistance in the 
primary whose value can be determined by measuring the change 
of resistance with the bridge. Close-coupling effects can also be 
demonstrated by observing the re-tuning necessary to reestablish 
resonance when the secondary is coupled into the primary. This 
item described is an easy way to demonstrate rather complex 
principles, particularly when teaching basics to students studying 
for an amateur license. 

The Transistor Amplifier. In addition to the many uses just 
described, I found that the addition of an SPDT switch, S2, and a 
couple of binding posts, C and D, would allow me to use the 
transistor amplifier for other duties in my amateur station. One 
valuable use is as a field-strength-meter amplifier. My regular 
simple field-strength meter diode circuit is now far more sensitive, 
which allows me to make my field-strength measurements further 
away from the antenna and avoid close-field effects. This makes my 
field-strength measurements more accurate and meaningful. A 
second use is as a small experimental capacity bridge, which I built 
using the same principles as the bridge previously described. 


AC WATTMETER 
- The basic circuitry is as shown in Fig. 2-19. The formula I 
used to determine the milliammeter range is: watts + line voltage 
+ 1,414 + ratio = meter current in amps. 
To construct your unit, you will need to decide what are the 
minimum and maximum wattages you will want to measure. Since 
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Fig. 2-18. The effect of secondary resistance being reflected in primary 
circuit. 
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1 
APPARATUSES AND METHODS FOR 
MAKING AN OBJECT APPEAR 
TRANSPARENT 


RELATED APPLICATION 


This application claims the benefit of U.S. Provisional 
Patent Application Ser. No. 62/291,920 filed Feb. 5, 2016, 
the entirety of which is incorporated herein by reference. 


TECHNICAL FIELD 


The present specification generally relates to apparatuses 
and methods for making an object appear transparent and, 
more specifically, to cloaking devices for pillars of vehicles 
and methods for making pillars of vehicles appear transpar- 
ent. 


BACKGROUND 


Studies on cloaking devices that appear to make a pillar 
of a vehicle transparent have been published. Such studies 
disclose the use of metamaterials or the use of video cameras 
in combination with a display screen to allow an occupant of 
a vehicle to ostensibly “see” though the vehicle pillar, 
thereby reducing blind spots in the vehicle. However, meta- 
materials and video technology use complicated material 
designs and equipment. 

Accordingly, a need exists for alternative devices that 
appear to make a pillar of a vehicle transparent. 


SUMMARY 


In one embodiment, a cloaking device includes cloaking 
region (CR) boundary planes oriented non-planar to each 
other and each of the CR boundary planes has an outward 
facing mirror surface and an inward facing opaque surface. 
The cloaking device includes a CR at least partially bounded 
by the inward facing opaque surfaces of the CR boundary 
planes. The cloaking device includes half mirrors spaced 
apart from and generally parallel to the outward facing 
mirror surfaces such that a half mirror is spaced apart from 
and generally parallel to each outward facing mirror surface. 
An article positioned within the CR 1s not visible outside of 
the CR and light reflected from an object on one side of the 
cloaking device is redirected around the CR and the article 
positioned within the CR, and forms an image of the object 
on another side of the cloaking device. 

According to another embodiment, a cloaking device for 
cloaking an article of a vehicle includes a cloaking assembly 
with an object-side, an image-side and at least two CR 
boundary planes positioned at least partially between the 
object-side and the image-side. The at least two CR bound- 
ary planes are positioned non-planar to each other and each 
of the at least two CR boundary planes have an outward 
facing mirror surface and an inward facing opaque surface. 
A CR is bounded by the inward facing opaque surfaces of 
the at least two CR boundary planes and a vehicle article 
positioned within the CR is not visible from outside the CR. 
The cloaking assembly has at least two half mirrors posi- 
tioned at least partially between the object-side and the 
image-side. Each of the at least two half mirrors is spaced 
apart from and generally parallel to one of the outward 
facing mirror surfaces such that a half mirror is spaced apart 
from and generally parallel to each outward facing mirror 
surface. Light from an object located on the object-side of 
the cloaking assembly, and obscured by the vehicle article 
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positioned within the CR is redirected around the CR, and 
forms an image of the object on the image-side of the 
cloaking assembly such that the vehicle article appears 
transparent to an observer looking in a direction towards the 
object. 

In embodiments, the cloaking assembly has four CR 
boundary planes and four half mirrors. The four CR bound- 
ary planes are oriented generally orthogonal to each other, 
the CR is bounded by the four CR boundary planes, and each 
of the half mirrors are spaced apart and generally parallel to 
one of the outward facing mirror surfaces such that a half 
mirror is spaced apart and generally parallel to each outward 
facing mirror surface. Each of the half mirrors may be 
selected from a p-polarization half mirror or an s-polariza- 
tion half mirror. Light reflected from the object located on 
the object-side of the cloaking assembly passes through the 
cloaking assembly by reflecting off of a first outward facing 
mirror surface, a first half mirror oriented generally parallel 
to the first outward facing mirror surface, a second half 
mirror oriented generally orthogonal to the first half mirror 
and a second outward facing mirror surface oriented gener- 
ally parallel to the second half mirror. Light that passes 
through the cloaking assembly forms an image of the object 
on the image-side of the cloaking assembly. 

In embodiments, the cloaking device with the cloaking 
assembly has an end surface oriented non-planar to a half 
mirror. Light from an item located adjacent to the end 
surface passes through the cloaking assembly and forms an 
image of the item on the image side of the cloaking 
assembly. 

These and additional features provided by the embodi- 
ments described herein will be more fully understood in 
view of the following detailed description in conjunction 
with the drawings. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The embodiments set forth in the drawings are illustrative 
and exemplary in nature and not intended to limit the subject 
matter defined by the claims. The following detailed descrip- 
tion of the illustrative embodiments can be understood when 
read in conjunction with the following drawings, where like 
structure is indicated with like reference numerals and in 
which: 

FIG. 1 schematically depicts a top view of a cloaking 
device according to one or more embodiments described and 
illustrated herein; 

FIG. 2 schematically depicts top isolated views of four 
cloaking device components of the cloaking device of FIG. 
1 according to one or more embodiments described and 
illustrated herein; 

FIG. 3 schematically depicts a top perspective view of the 
cloaking device of FIG. 1 with a first object on one side of 
the cloaking device and a second object within a cloaking 
region (CR) of the cloaking device; 

FIG. 4 schematically depicts a side view of the cloaking 
device of FIG. 3 with the first object on one side of the 
cloaking device and the second object within the CR of the 
cloaking device; 

FIG. 5 schematically depicts a top view of a cloaking 
device according to one or more embodiments described and 
illustrated herein; 

FIG. 6 schematically depicts a top perspective view of the 
cloaking device of FIG. 5 with a first object on one side of 
the cloaking device and a second object and a third object 
within a CR of the cloaking device; 
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FIG. 7 schematically depicts a side view of the cloaking 
device of FIG. 6 with the first object on one side of the 
cloaking device and the second object and the third object 
within the CR of the cloaking device; 

FIG. 8 schematically depicts a top isolated view of two 
cloaking device components according to one or more 
embodiments described and illustrated herein; 

FIG. 9 schematically depicts a top view of a cloaking 
device with four cloaking device components according to 
one or more embodiments described and illustrated herein; 

FIG. 10 schematically depicts a side view of the cloaking 
device shown in FIG. 9; 

FIG. 11 schematically depicts a top isolated view of two 
cloaking device components according to one or more 
embodiments described and illustrated herein; 

FIG. 12 schematically depicts a top view of a cloaking 
device with four cloaking device components according to 
one or more embodiments described and illustrated herein; 

FIG. 13 schematically depicts a side view of the cloaking 
device of FIG. 12; 

FIG. 14 schematically depicts a top isolated view of two 
cloaking device components according to one or more 
embodiments described and illustrated herein; 

FIG. 15 schematically depicts a top view of four cloaking 
device components according to one or more embodiments 
described and illustrated herein; 

FIG. 16 schematically depicts a side view of the cloaking 
device of FIG. 15; 

FIG. 17 schematically depicts a side view of a cloaking 
device cloaking an A-pillar of a vehicle according to one or 
more embodiments described and illustrated herein; 

FIG. 18 schematically depicts a top view of a cloaking 
device according to one or more embodiments described and 
illustrated herein; and 

FIG. 19 schematically depicts a top view of a cloaking 
device with four cloaking device components according to 
one or more embodiments described and illustrated herein. 


DETAILED DESCRIPTION 


A cloaking device is provided. The cloaking device may 
have an object-side, an image-side and a cloaking region 
(CR) boundary plane having an outward facing mirror 
surface and an inward facing opaque surface. A CR is at least 
partially bounded by the inward facing opaque surface of the 
CR boundary plane and a half mirror is spaced apart from 
and generally parallel to the outward facing mirror surface. 
The half mirror may be a p-polarization half mirror or an 
s-polarization half mirror. In embodiments, an article, e.g. an 
A-pillar of a vehicle, a B-pillar of a vehicle or a C-pillar of 
a vehicle, is positioned within the CR and light from an 
object located on the object-side of the cloaking device and 
obscured by the CR is redirected around the CR and the 
article and forms the image of the object on the image-side 
of the cloaking device such that the article appears trans- 
parent. Various embodiments of cloaking devices and meth- 
ods for using the same will be described in further detail 
herein with specific reference to the appended drawings. 

FIG. 1 generally depicts one embodiment of a cloaking 
device. The cloaking device includes a cloaking region (CR) 
that is at least partially bounded by at least two CR boundary 
planes that are non-planar to each other. Each of the two CR 
boundary planes has an outward facing mirror surface and 
an inward facing opaque surface. Spaced apart from and 
oriented generally parallel to each of the CR boundary 
planes is a half mirror (e.g., a polarizing half mirror) that 
allows p-polarized light to pass through and s-polarized light 
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to be reflected or, alternatively, allows s-polarized light to 
pass through and p-polarized light to be reflected. Referring 
to the coordinate system in the figure, portions of a target 
object are located directly behind the CR in the +Y direction 
(obscured portions of the object which are otherwise not 
visible through the CR) and portions of the target object are 
located outside or beyond the CR in the +Y direction (visible 
portions of the object). Light rays (light) from the obscured 
portions of the target object travel in the -Y direction and are 
incident on a first outward facing mirror surface. The first 
outward facing mirror surface reflects the incident light from 
the obscured portions of the target object in the +X direction 
to a first half mirror that is spaced apart from and oriented 
generally parallel to the first outward facing mirror surface. 
One mode of polarized light (e.g., p-polarized light) from the 
light reflected from the first outward facing mirror surface 
passes through the first half mirror (continues traveling in 
the +X direction), while another mode of polarized light 
(e.g. s-polarized light) is reflected by the first half mirror in 
the -Y direction. The polarized light reflected in the -Y 
direction by the first half mirror is reflected into the -X 
direction by a second half mirror. The polarized light 
reflected into the -X direction by the second half mirror is 
reflected in the -Y direction by a second outward facing 
mirror surface that is spaced apart from and oriented gen- 
erally parallel to the second half mirror. An observer looking 
at the cloaking device in the +Y direction will see the 
reflection of the polarized light by the second outward facing 
mirror surface, 1.e. polarized light originating from light 
from obscured portions of the target object will be visible to 
a human eye located on an opposite side of the CR from the 
obscured portions of the target object. Also, light reflected 
from an article positioned within the CR (..e., the cloaked 
article) is not transmitted through the inward facing opaque 
surfaces and is not seen by the observer looking at the 
cloaking device in the +Y direction. That is, the cloaking 
device effectively redirects light from the obscured portions 
of the target object around the CR such that the light from 
the target object appears to pass through the cloaked article 
giving the visual impression that the cloaked article is not 
present. Light from the visible portions of the target object 
travels in the -Y direction and is incident on the first half 
mirror. One mode of the incident light (e.g., s-polarized 
light) is reflected in the +X direction by the first half mirror 
and another mode of the incident light (e.g. p-polarized 
light) is transmitted through the first half mirror and con- 
tinues traveling in the -Y direction. The transmitted polar- 
ized light traveling in the -Y direction reaches the second 
half mirror and is transmitted through the second half mirror. 
An observer looking at the cloaking device in the +Y 
direction will see the transmitted polarized light traveling in 
the -Y direction, i.e. polarized light originating from light 
from visible portions of the target object will be visible to a 
human eye located on an opposite side of the cloaking 
device from the visible portions of the target object. Accord- 
ingly, an individual will see the entire target object, both 
obscured portions and visible portions, that is located on the 
opposite side of the CR (and thus on the opposite side of a 
cloaked article) giving the visual impression that the cloaked 
article is transparent. 

Referring now to FIGS. 1-2, embodiments of a cloaking 
device include a cloaking assembly 10 with four CR bound- 
ary planes 118, 128, 138, 148. The CR boundary planes 118, 
128, 138, 148 located adjacent to each other are non-planar 
to each other. In embodiments, opposing CR boundary 
planes 118, 148 and 128, 138 may be oriented parallel to 
each other and adjacent CR boundary planes 118, 128, 138, 
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148 may be oriented orthogonal to adjacent CR boundary 
planes, e.g. CR boundary plane 118 is oriented orthogonal to 
adjacent CR boundary planes 138, 128, CR boundary plane 
128 is oriented orthogonal to adjacent CR boundary planes 
118, 148, etc. Each of the four CR boundary planes has an 
outward facing mirror surface 118a, 128a, 138a, 148a, 
respectively, and an inward facing opaque surface 1185, 
1285, 1385, 1484, respectively. The outward facing mirror 
surfaces 118a, 128a, 138a, 148a, can be made from omni- 
directional photonic crystals or mirrors such that approxi- 
mately 100% (+/-10%) of light incident on the outward 
facing mirror surfaces is reflected from the outward facing 
mirror surfaces. Accordingly, the term “mirror surface” used 
herein refers to a surface that reflects approximately 100% 
(+/-10%) of all modes of light (e.g. s-polarized light and 
p-polarized light) incident on the mirror surface. In embodi- 
ments, the CR boundary planes 118, 128, 138, 148 form a 
CR 200 bound at least partly by the inward facing opaque 
surfaces 1185, 1286, 1386, 1485. The four CR boundary 
planes 118, 128, 138 148, have a height ‘h’ (FIG. 4) in the 
Z direction of the coordinate axes in the figures and light 
reflected or transmitted within the CR 200 does not pass 
through the inward facing opaque surfaces 1186, 1285, 
1385, 1485. Accordingly, an article (e.g., a cloaked article) 
located within the CR 200 is not visible to an observer 
viewing the cloaking assembly 10 in the +Y direction. 

Still referring to FIGS. 1 and 2, spaced apart from and 
oriented generally parallel (within +/-2%) to the four CR 
boundary planes 118, 128, 138 148, are half mirrors 115, 
125, 135, 145, respectively. The half-mirrors 115, 125, 135, 
145 reflect a specific mode of visible light Specifically, each 
of the half mirrors 115, 125, 135, 145 can be an s-polarizer 
half mirror or a p-polarizer half mirror. The half mirrors 115, 
125, 135, 145 can be in the form of a diffraction grating or 
thin film polarizer that reflects the s-mode of visible light 
and allows the p-mode of visible light to pass through (a 
p-polarization diffraction grating or thin film), or in the 
alternative, reflects the p-mode of visible light and allows 
the s-mode of the visible light to pass through (an s-polar- 
ization diffraction grating or thin film). It should be appre- 
ciated that the half mirrors 115, 125 are both s-polarizer half 
mirrors or p-polarizer half mirrors and the half mirrors 135, 
145 are both s-polarizer half mirrors or p-polarizer half 
mirrors, i.e. the half mirrors 115, 125 may be s-polarizer 
mirrors and the half mirrors 135, 145 may be p-polarizer half 
mirrors; the half mirrors 115, 125 may be p-polarizer mirrors 
and the half mirrors 135, 145 may be s-polarizer half 
mirrors; or all of the half mirrors 115, 125, 135, 145 may be 
s-polarizer half mirrors or p-polarizer half mirrors. 

The four CR boundary planes 118, 128. 138 148, and the 
corresponding half mirrors 115, 125, 135, 145, may be part 
of four cloaking assembly components 110, 120, 130, 140, 
respectively. Each of cloaking assembly components 110, 
120, 130, 140 has an outward facing surface 112, 122, 132, 
142, respectively, an inward facing surface 114, 124, 134, 
144, respectively, an outer end surface 116, 126, 136, 146, 
respectively, and an inner side surface defined by the inward 
facing opaque surface 1185, 1285, 1385, 1484, respectively. 
The outward facing surfaces 112, 132 form an object-side 
102 of the cloaking device and the outward facing surfaces 
122, 142 form an image-side 104 of the cloaking device. 
One or more optical filters 125a, 1255 may be positioned on 
or adjacent to the outward facing surface 122 and one or 
more optical filters 145a, 1455 may be positioned on or 
adjacent to the outward facing surface 142. The optical filter 
125a is positioned to the right (+X direction) of the half- 
mirror 125, the optical filter 1255 is positioned to the left 
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(—X direction) of the half-mirror 125, the optical filter 145a 
is positioned to the left (-X direction) of the half-mirror 145, 
and the optical filter 1455 is positioned to the right (+X 
direction) of the half-mirror 145. The one or more optical 
filters 125a, 1256, 145a, 1455 may be quarter-wave plates 
that convert linearly polarized light into circularly polarized 
light, or in the alternative, the one or more optical filters 
125a, 1255, 145a, 1455 may be a quarter-wave plate and a 
linear polarizer that convert linearly polarized light of one 
mode, e.g., s-mode or p-mode, into circularly polarized 
light, and then convert the circularly polarized light into a 
different linearly polarized mode, e.g., p-mode or s-mode, 
respectively. 

The CR boundary planes 118, 138 are oriented at an angle 
O, relative to the outward facing surfaces 112, 132, respec- 
tively, and the CR boundary planes 128, 148 are oriented at 
an angle B, relative to the outward facing surfaces 122, 142, 
respectively. In embodiments, the angle @, is equal to the 
angle B,. In other embodiments, the angle 6, is not equal to 
the angle B. The half mirrors 115, 135 are oriented at an 
angle 0, relative to the outward facing surfaces 112, 132, 
respectively, and the half mirrors 125, 145 are oriented at an 
angle B, relative to the outward facing surfaces 122, 142, 
respectively. In embodiments, the angle @, is equal to the 
angle B. In other embodiments, the angle @, is not equal to 
the angle B,. In embodiments, the angle 0, is equal to the 
angle 0, and the angle B, is equal to the angle f,. For 
example, 0, and 0, can be generally equal to 45° (+/-1°), 
and B, and B, can be generally equal to 45° (+/-10). 

The four cloaking assembly components 110, 120, 130, 
140 are transparent to incident light (both polarized and 
unpolarized) except for the half mirrors 115, 125, 135, 145, 
the outward facing mirror surfaces 118a, 128a, 138a, 148a, 
the inward facing opaque surfaces 118, 1285, 1385, 1480, 
and optionally the outer end surfaces 116, 126, 136, 146. The 
four cloaking assembly components 110, 120, 130, 140 can 
be made from any suitable transparent material, for example 
a transparent glass or a transparent plastic. In the alternative, 
the four cloaking assembly components 110, 120, 130, 140 
can be a structure, e.g. a frame, that holds the four CR 
boundary planes 118, 128, 138, 148, and the four half 
mirrors 115, 125, 135, 145 in a desired orientation relative 
to each other with air or another gas present between the four 
CR boundary planes 118, 128, 138, 148, and the four half 
mirrors 115, 125, 135, 145. The frame may be a plurality of 
transparent glass or transparent plastic panes that hold the 
four CR boundary planes 118, 128, 138, 148, and the four 
half mirrors 115, 125, 135, 145 in a desired orientation 
relative to each other with air or another gas present between 
the four CR boundary planes 118, 128, 138, 148, and the 
four half mirrors 115, 125, 135, 145. In embodiments, 
transparent glass or transparent plastic panes form the out- 
ward facing surfaces 112, 122, 132, 142, inward facing 
surfaces 114, 124, 134, 144, and outer end surfaces 116, 126, 
136, 146, and hold the four CR boundary planes 118, 128, 
138, 148, and the four half mirrors 115, 125, 135, 145 ina 
desired orientation relative to each other with air or another 
gas present between the four CR boundary planes 118, 128, 
138, 148, and the four half mirrors 115, 125, 135, 145. 

The outer end surfaces 116, 126, 136, 146 may be 
transparent, have an absorber layer disposed thereon or be a 
half-mirror. In embodiments, the outer end surfaces 116, 
126, 136, 146 are transparent. In other embodiments, the 
outer end surfaces 116, 126, 136, 146 have an absorber layer 
disposed thereon that absorbs incident light from within the 
four cloaking assembly components 110, 120, 130, 140, 
and/or from outside the four cloaking assembly components 
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110, 120, 130, 140. The absorber layer may be made from 
any suitable material that absorbs approximately 90% (+/- 
10%) of incident light, illustratively including dark colored 
surfaces made of glass, polymers, metals, ceramics, com- 
posites, etc. In other embodiments, the outer end surfaces 
116, 126, 136, 146 are half-mirrors such that one mode of 
incident light is reflected (e.g., s-polarized light or p-polar- 
ized light) and another mode of incident light is transmitted 
through the half mirror (e.g., p-polarized light or s-polarized 
light, respectively). In other embodiments, one or more of 
the outer end surfaces 116, 126, 136, 146 is transparent and 
one or more of the outer end surfaces 116, 126, 136, 146 has 
an absorber layer disposed thereon. In other embodiments, 
one or more outer end surfaces 116, 126, 136, 146 is 
transparent and one or more of the outer end surfaces 116, 
126, 136, 146 is a half mirror. In other embodiments, one or 
more of the outer end surfaces 116, 126, 136, 146 has an 
absorber layer disposed thereon and one or more of the outer 
end surfaces 116, 126, 136, 146 is a half mirror. In other 
embodiments, one or more of the outer end surfaces 116, 
126, 136, 146 is transparent, one or more of the outer end 
surfaces 116, 126, 136, 146 has an absorber layer disposed 
thereon, and one or more of the outer end surfaces 116, 126, 
136, 146 is a half mirror. 

While FIGS. 1-2 illustrate four cloaking assembly com- 
ponents 110, 120, 130, 140, it should be appreciated that the 
four CR boundary planes 118, 128, 138, 148, and the four 
half mirrors 115, 125, 135, 145 can be contained within any 
number of cloaking assembly components. For example, in 
embodiments, the cloaking assembly components 110 and 
120 may be a single cloaking assembly component with no 
inward facing surface 114, 124, between the outward facing 
surfaces 112, 122, and the cloaking assembly components 
130 and 140 may be a single cloaking assembly component 
with no inward facing surface 134, 144, between the out- 
ward facing surfaces 132, 142. In other embodiments, the 
cloaking assembly components 110 and 130 may be a single 
cloaking assembly component and the two cloaking assem- 
bly components 120 and 140 can be a single cloaking 
assembly component. In other embodiments, three of the 
four cloaking assembly components 110, 120, 130, 140 may 
be a single cloaking assembly component assembled with a 
remaining one of the cloaking assembly components 110, 
120, 130, 140. For example, the three cloaking assembly 
components 110, 120, 130 may be a single cloaking assem- 
bly component assembled with the remaining cloaking 
assembly component 140. In other embodiments, the four 
cloaking assembly components 110, 120, 130, 140 may be 
a single cloaking assembly component. 

Still referring to FIGS. 1-2, light ‘lo’ is reflected from an 
object “O” (e.g., a target object) located on the object-side 
102 of the cloaking device, travels in the -Y direction, and 
is incident on and transmitted through the outward facing 
surfaces 112, 132. The light lo reflected from the obscured 
portions of the object “O” located directly behind the CR in 
the +Y direction is reflected by the outward facing mirror 
surfaces 118a, 138a in the +X and -X directions, respec- 
tively. The light lo reflected in the +X and -X directions is 
incident on the half mirrors 115, 135 respectively. As illus- 
trated in FIG. 1, the half mirrors 115, 135 are p-polarization 
half mirrors that reflect the s-mode (ls) of the light lo and 
allow the p-mode (lp) of the light lo to pass through. The 
s-polarized light ls reflected from the half mirrors 115, 135 
in the -Y direction is incident on the half mirrors 125, 145, 
respectively. The half mirrors 125, 145 are also p-polariza- 
tion mirrors that reflect the s-polarized light Is traveling in 
the -Y direction into the -X and +X directions, respectively. 
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The s-polarized light ls reflected in the -X and +X directions 
is incident on the outward facing mirror surfaces 128a, 
148a, respectively, and the outward facing mirror surfaces 
128a, 148a reflect the incident s-polarized light Is into the 
-Y direction. The s-polarized light reflected into the -Y 
direction by the outward facing mirror surfaces 128a, 148a, 
forms an image of the obscured portion of the target object 
located directly above the CR 200 in the +Y direction that is 
visible to an observer viewing the image-side 104 of the 
cloaking assembly 10. In embodiments, the optical filter 
1255, the optical filter 1455, or both optical filters 1256, 
1455 may be positioned on or adjacent to the outward facing 
surfaces 122, 142, respectively, as described above, and may 
convert the s-polarized light reflected into the -Y direction 
by the outward facing mirror surfaces 128a, 148a, into 
circularly polarized light or p-polarized light. For example, 
the optical filter 1255 the optical filter 1454, or both optical 
filters 1255, 1455 may be quarter wave plates that convert 
the s-polarized light reflected into the -Y direction by the 
outward facing mirror surfaces 128a, 148a into circularly 
polarized light (not shown) before forming the image of the 
obscured portion of the target object ‘O° located directly 
above the CR 200 in the +Y direction. In the alternative, the 
optical filter 1254, the optical filter 1454, or both optical 
filters 1255, 1455 may be a quarter-wave plate and a linear 
polarizer that converts the s-polarized light reflected into the 
-Y direction by the outward facing mirror surfaces 128a, 
148a into circularly polarized light (not shown) and then 
converts the circularly polarized light into p-polarized light 
before forming the image of the obscured portion of the 
target object “O” located directly above the CR 200 in the +Y 
direction. 

Light lo reflected from the visible portions of the target 
object “O” not located directly behind the CR in the +Y 
direction is incident on and transmitted through the outward 
facing surfaces 112, 132. The transmitted light lo is incident 
on the p-polarization half mirrors 115, 135. The half mirrors 
115, 135 reflect the s-mode is of the incident light lo in the 
+X and -X directions, respectively, and transmit the p-mode 
Ip of the incident light lo in the -Y direction. The p-polarized 
light lp transmitted through the half mirrors 115, 135 will be 
incident on and be transmitted through the p-polarization 
half mirrors 125, 145, respectively, in the -Y direction. The 
p-polarized light lp transmitted in the -Y direction by the 
half mirrors 125, 145 forms an image of the visible portions 
of the target object O not located directly behind the CR 200 
in the +Y direction that is visible to an observer viewing the 
cloaking assembly in the +Y direction. In embodiments, the 
optical filter 125a, the optical filter 145a, or both optical 
filters 125a, 145a may be positioned on or adjacent to the 
outward facing surfaces 122, 142, respectively, as described 
above, in order to convert the p-polarized light into circu- 
larly polarized light of s-polarized light. For example, the 
optical filter 125a, the optical filter 145a or both optical 
filters 125a, 145a may be quarter wave plates that convert 
the p-polarized light transmitted into the -Y direction by the 
half mirrors 125, 145 into circularly polarized light (not 
shown) before forming the image of the visible portions of 
the target object “O” not located behind above the CR 200 in 
the +Y direction. In the alternative, the optical filter 125a, 
the optical filter 145a, or both optical filters 125a, 145a may 
be a quarter-wave plate and a linear polarizer that convert 
the p-polarized light reflected into the -Y direction by the 
outward facing mirror surfaces 128a, 148a into circularly 
polarized light (not shown) and then convert the circularly 
polarized light into s-polarized light before forming the 
image of the visible portions of the target object ‘O’ not 
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located directly above the CR 200 in the +Y direction. 
Accordingly, an image ‘I’ of the entire target object “O” (both 
the obscured portion and the visible portions) is visible to the 
observer viewing the image-side 104 of the cloaking assem- 
bly 10. While half mirrors 115, 125, 135, 145 are described 
herein as p-polarization half mirrors, it should be appreci- 
ated that half mirrors 115, 125, 135, 145 can be s-polariza- 
tion half mirrors and the reflected and transmitted portions 
of the reflected light lo discussed above will be reversed. 
However, the human eye cannot distinguish between s-po- 
larized light, p-polarized light or circularly polarized light 
and the image ‘I’ of the entire object *O” will be visible to 
the human eye when an observer is viewing the image-side 
104 of the cloaking assembly 10. Also, it should be appre- 
ciated that the one or more of optical filters 125a, 125b, 
145a, 1455 may be positioned on or adjacent to outward 
facing surfaces 122, 142 as described above such that only 
p-polarized light forms the image ‘I’, only s-polarized light 
forms the image ‘I’, only circularly polarized light forms the 
image ‘I’, only p-polarized light and circularly polarized 
light form the image ‘I’ or only s-polarized light and 
circularly polarized light form the image ‘I’. Such manipu- 
lation of the polarized light reflected into the -Y direction by 
the outward facing mirror surfaces 128a, 128a and the 
polarized light transmitted in the -Y direction by the half 
mirrors 125, 145 may assist an observer wearing polarized 
sunglasses in viewing the image-side 104 of the cloaking 
assembly 10. Particularly, the one or more optical filters 
125a, 1256, 145a, 145b ensure that polarized sunglasses that 
block p-polarized light or s-polarized light do not prevent an 
observer wearing such polarized sunglasses from seeing the 
entire target object ‘O° when viewing the image-side 104 of 
the cloaking assembly 10. 

Referring now to FIGS. 1-4, a top perspective view and a 
side view of a cloaking device according to embodiments (as 
discussed with respect to FIGS. 1-2) are shown in FIGS. 3-4, 
respectively. Specifically, FIG. 3 is a top perspective view of 
an article in the form of a column ‘C’ within the CR 200 of 
the cloaking assembly 10 and an automobile ‘A’ located 
behind the column C on the object-side 102 of the cloaking 
assembly 10 in the +Y direction. The column C has a height 
dimension in the Z direction (increasing height in the -Z 
direction) greater than the height h of the cloaking device. 
FIG. 4 is a side view from the +Y direction of the cloaking 
assembly 10 shown in FIG. 3 and shows the portion of the 
column C that is within the CR 200 is not visible and the 
automobile A located behind the column C in the +Y 
direction is visible to an observer viewing the cloaking 
assembly 10 in the +Y direction. Accordingly, the column C 
positioned within the CR 200 is not visible to an observer 
viewing the image-side 104 of the cloaking assembly 10 and 
an image of the entire automobile A (both the obscured 
portion and the visible portions) is visible to the observer 
viewing the image-side 104. Although column C in FIGS. 
3-4 is separate from the CR boundary planes 118, 128, 138, 
148, i.e., column C is a separate object from the cloaking 
device 10, it should be appreciated that column C may be 
structurally part of the cloaking device 10 and have an outer 
surface that provides or is equivalent to the CR boundary 
planes 118, 128, 138, 148 with outward facing mirror 
surfaces 118a, 128a, 138a, 148a, respectively. 

Referring now to FIGS. 1-5, FIG. 5 shows embodiments 
of a cloaking assembly 12 with an enlarged CR 200. 
Particularly, the cloaking assembly components 110, 120, 
130, 140 are arranged such that the cloaking assembly 
components 110, 130 are spaced apart in the Y direction 
from the cloaking assembly components 120, 140, and a 
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distance ‘d’ is between the inward facing surfaces 114, 124, 
and between the inward facing surfaces 134, 144. The area 
ofthe CR 200 in the X-Y plane is increased by the width ‘w’ 
times the distance d (wxd). The volume of the CR 200 is 
increased by the width w times the distance d times the 
height h (FIG. 4) of the CR 200 (wxdxh). While FIG. 5 
illustrates four cloaking assembly components 110, 120, 
130, 140, it should be appreciated that the four CR boundary 
planes 118, 128, 138, 148, and the four half mirrors 115, 125, 
135, 145 can be contained within any number of cloaking 
assembly components. For example, in embodiments, the 
cloaking assembly components 110 and 130 may be a single 
cloaking assembly component and the two cloaking assem- 
bly components 120 and 140 can be a single cloaking 
assembly component. 

As shown in the FIG. 5, light lo is reflected from the target 
object O, travels in the -Y direction and is incident on and 
transmitted through the outward facing surfaces 112, 132. 
Light lo reflected from the obscured portions of the object 
located directly behind the CR in the +Y direction is 
reflected by the outward facing mirror surfaces 118a, 138a 
in the +X and -X direction, respectively. The reflected light 
lo in the +X and -X directions is incident on the half mirrors 
115, 135 respectively. The half mirrors 115, 135 are p-po- 
larization half mirrors and reflect the s-mode is of the light 
lo and transmit the p-mode 1p of the light lo. The s-polarized 
light Is reflected by the half mirrors 115, 135 in the -Y 
direction is incident on the half mirrors 125, 145, respec- 
tively. The half mirrors 125, 145 are also p-polarization 
mirrors that reflect the s-polarized light ls traveling in the -Y 
direction into the -X and +X directions, respectively. The 
s-polarized light ls traveling in the -X and +X directions is 
incident on the outward facing mirror surfaces 128a, 148a, 
respectively, and the outward facing mirror surfaces 128a, 
148a reflect the incident s-polarized light ls in the -Y 
direction. The s-polarized light reflected in the -Y direction 
by the outward facing mirror surfaces 128a, 148a, forms an 
image of the obscured portion of the object located behind 
the CR 200 in the +Y direction that is visible to an observer 
viewing the image-side 104 of the cloaking assembly 12. 
Light lo reflected from the visible portions of the target 
object O not located behind the CR 200 in the +Y direction 
is incident on and transmitted through the outward facing 
surfaces 112, 132. The transmitted light lo is incident on the 
p-polarization half mirrors 115, 135, and the half mirrors 
115, 135 reflect the s-mode is of the incident light lo in the 
+X and -X directions, respectively, and transmit the p-mode 
lp of the incident light lo in the -Y direction. The p-polarized 
light lp transmitted through the half mirrors 115, 135 in the 
-Y direction is incident on and transmitted through the 
p-polarization half mirrors 125, 145, respectively, in the -Y 
direction. The p-polarized light lp transmitted in the -Y 
direction through the half mirrors 125, 145, forms an image 
of the visible portions of the target object O not located 
behind the CR 200 in the +Y direction that is visible to an 
observer viewing the image side 104 of the cloaking assem- 
bly 12. Accordingly, an image I of the entire target object O 
(both the obscured portion and the visible portions) is visible 
to an observer viewing the image-side 104 of the cloaking 
assembly 12. It should be appreciated that half mirrors 115, 
125, 135, 145, can be s-polarization half mirrors and the 
reflected and transmitted portions of the reflected light lo 
discussed above will be reversed. Also, it should be appre- 
ciated that the one or more of optical filters 125a, 1256, 
145a, 1455 may be included. However, the human eye 
cannot distinguish between s-polarized light, p-polarized 
light or circularly polarized light and the image I of the 
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entire object O will be visible to an observer viewing the 
image-side 104 of the cloaking assembly 12. 

Referring now to FIGS. 1-7, a top perspective view and a 
side view of a cloaking device according to embodiments (as 
discussed with respect to FIG. 5) are shown in FIGS. 6-7, 
respectively. Specifically, FIG. 6 is a top perspective view of 
a first article in the form of a column ‘C1’ and a second 
article in the form of a column ‘C2’ within the CR 200 of the 
cloaking assembly 12 and the automobile ‘A’ located behind 
the columns C1, C2 on the object-side 102 of the cloaking 
assembly 12 in the +Y direction. The column C1 has a first 
height dimension in the Z direction and the column C2 has 
a second height dimension that is greater (in the -Z direc- 
tion) than the first height dimension of column C1. The first 
height dimension of column C1 and the second height 
dimension of column C2 are both greater than the height h 
of the cloaking assembly 12. FIG. 7 is a side view from the 
+Y direction of the cloaking assembly 12 shown in FIG. 6 
and shows the image-side 104. Portions of column C1 and 
column C2 within the CR 200 are not visible and automobile 
A located behind column C1 and column C2 in the +Y 
direction is visible to an observer viewing the image-side 
104 of the cloaking assembly 12. Although columns C1, C2 
in FIGS. 6-7 are separate from the CR boundary planes 118, 
128, 138, 148, i.e., columns C1, C2 are separate objects from 
the cloaking device 12, it should be appreciated that columns 
C1, C2 may be structurally part of the cloaking device 12 
and have an outer surface that provides or is equivalent to 
the CR boundary planes 118, 128, 138, 148 with outward 
facing mirror surfaces 118a, 128a, 138a, 148a, respectively. 

Referring to FIG. 8, embodiments of a cloaking device 
that can display additional images in conjunction with the 
images depicted in FIGS. 1, 4, 5 and 7 are shown. Particu- 
larly, FIG. 8 shows an item in the form of the number ‘1’ 
(item 1) and an item in the form of the number ‘2’ (item 2) 
located adjacent to the outer end surfaces 126, 146, respec- 
tively, in the +X, -X directions, respectively. Light lo 
reflected from item 1 and item 2 is incident on and trans- 
mitted through the outer end surfaces 126, 146 in the -X, +X 
directions, respectively. The light lo transmitted through the 
outer end surfaces 126, 146 is incident on the half mirrors 
125, 145, respectively. The half mirrors 125, 145 (p-polar- 
ization half mirrors) transmit the p-mode Ip of the light lo in 
the -X, +X directions, respectively, and reflect the s-mode is 
of the light lo into the -Y direction. The transmitted p-po- 
larized light lp in the -X, +X directions is incident on the 
outward facing mirror surfaces 128a, 148a, respectively. 
The outward facing mirror surfaces 128a, 148a, reflect the 
incident p-polarized light lp into the -Y direction. The 
s-polarized light Is reflected by the half mirror 125 in the -Y 
direction forms a reversed ‘1’ image on the right hand side 
of the outward facing surface 122 and the s-polarized light 
ls reflected by the half mirror 145 in the -Y direction forms 
a reversed *2’ image on the left hand side of the outer facing 
surface 142. The p-polarized light lp reflected by the out- 
ward facing mirror surface 128a into the -Y direction forms 
a reversed “1” image on the left hand side of the outward 
facing surface 122 and the p-polarized light Ip reflected by 
the outward facing mirror surface 148a into the -Y direction 
forms a reversed ‘2’ image on the right hand side of the outer 
facing surface 142. It should be appreciated that the display 
of additional images as depicted in FIG. 8 in conjunction 
with images as depicted in FIGS. 1, 4, 5 and 7 can be used 
as part of a heads-up display, a warning system (signal) that 
an object is located on the object side of the cloaking device, 
etc. 
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Referring to FIGS. 1-10, embodiments of a cloaking 
device with a cloaking assembly 14 having items in the form 
of ‘1’, 2”, 3”, ‘4’ adjacent to the outer end surfaces 126, 
146, 116, 136, respectively are shown in FIG. 9. FIG. 10 is 
a side view of the cloaking assembly 14 illustrated in FIG. 
9 with reversed images of item 1 and item 2, in conjunction 
with the image of the automobile A, visible on the image- 
side 104 of the cloaking assembly 14. It should be appre- 
ciated that items 1, 2, 3, 4 depicted in FIGS. 9-10 are shown 
for illustrative purposes only, 1.e. the items 1, 2 in FIG. 9 
could be oriented in the Y-Z plane in order to provide 
reversed images of items 1, 2 on the image side 104 (X-Z 
plane) in FIG. 10. It should also be appreciated that reversed 
images of item 3 and item 4 can be formed or provided on 
the object-side 102 of the cloaking assembly 14 in a similar 
manner as the reversed images of item 1 and item 2 are 
formed on the image-side 104. 

Referring to FIGS. 1-8 and 11, embodiments of a cloaking 
device that can selectively display images in conjunction 
with the images depicted in FIGS. 1, 4, 5 and 7 are shown. 
Particularly, FIG. 11 shows an item in the form of the 
number ‘1’ and an item in the form of the number ‘2’ located 
adjacent to the outer end surfaces 126, 146, respectively, in 
the +X, -X directions, respectively. Light lo from item 1 is 
incident on an s-polarizer 150. The s-polarizer 150 allows 
the s-mode is of the incident light lo to pass through in the 
-X direction. The s-polarized light Is is incident on and 
reflected by the p-polarization half mirror 125 into the Y 
direction and no light is transmitted through or beyond the 
p-polarization half mirror 125 in the -X direction. Accord- 
ingly, a reversed image of item 1 1s formed only on the right 
hand side of the outward facing surface 122. The light lo 
from item 2 is transmitted through the outer end surface 146 
in the +X direction and is incident on the p-polarization half 
mirror 145. The p-polarization half mirror 145 transmits the 
p-mode lp of the incident light lo in the +X direction and 
reflects the s-mode is of the incident light lo in the -Y 
direction. The p-polarized light lp in the +X direction is 
incident on the outward facing mirror surface 148a. The 
outer facing mirror surface 148a reflects the incident p-po- 
larized light Ip in the -Y direction. The s-polarized light Is 
reflected by the half mirror 145 in the -Y direction forms a 
reversed item 2 image on the left hand side of the outer 
facing surface 142. The p-polarized light lp reflected by the 
outer facing mirror surface 148a into the -Y direction 
provides a reversed item 2 image on the right hand side of 
the outer facing surface 142. 

Referring to FIGS. 1-8 and 11-13, embodiments of a 
cloaking device with a cloaking assembly 16 having items in 
the form of ‘1’ and ‘2’ adjacent to the outer end surfaces 126, 
146, respectively, and the s-polarizer 150 adjacent the outer 
end surface 126, are shown in FIG. 12. FIG. 13 is a side view 
of the cloaking assembly 16 illustrated in FIG. 12 with the 
reversed image of item 1 visible on the right hand side of the 
outer facing surface 122 of the cloaking assembly compo- 
nent 120 and the reversed image of item 2 visible on the left 
hand side and right hand side of the outward facing surface 
142 of the cloaking assembly components 140 shown in 
conjunction with the image of the automobile A. It should be 
appreciated that items 1, 2 depicted in FIG. 12 are shown for 
illustrative purposes only, 1.e. the items 1, 2 in FIG. 12 could 
be oriented in the Y-Z plane in order to provide the reversed 
images of items 1, 2 on the image-side (104) (X-Z plane) 
shown in FIG. 13. 

Referring to FIGS. 1-8 and 14, another embodiment of a 
cloaking device that can selectively display additional 
images in conjunction with the images depicted in FIGS. 1, 
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Fig. 2-19. Multirange circuitry. 


the meter scale is not a linear function, the meter scale will be 
compressed at the lower end. 1 settled on a multirange unit. 

The fuse should be of the household variety, since the 15-amp 
size of type 3AB is difficult to find, and the type 3AG will vaporize 
on the interior of the glass and provide no protection. 

The bridge rectifiers can be made of type 1N4001 diodes, 
since they only supply the meter movement current. 

To have a multirange instrument, you can use either multiple 
outlets, one for each range, or a heavy-duty (15-amp) switch. 

The current transformer is the heart of the instrument and 
must be wound to suit your desires, as it is not commercially 
available unless you want it custom made. To wind one yourself is 
not a big undertaking and only requires some wire, tape, and an old 
core. I used old speaker output transformers for my cores. The size 
is not too critical, since there is only miniscule wattage require- 
ment of the meter movement. You should ascertain that you will 
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4, 5 and 7 is shown. Particularly, FIG. 14 shows an item in 
the form of the number ‘1’ and an item in the form of the 
number ‘2’ located adjacent to the outer end surfaces 126, 
146, respectively, in the +X, -X directions, respectively. 
Light lo reflected from the item 1 is incident on a p-polarizer 
152 which allows p-polarized light lp to pass through in the 
-X direction. The p-polarized light lp is incident on the 
p-polarization half mirror 125. The incident p-polarized 
light Ip in the -X direction is transmitted through the 
p-polarization half mirror 125 in the -X direction and there 
is no s-polarized light is to be reflected by the p-polarization 
half mirror 125 in the -Y direction. The p-polarized light Ip 
transmitted through the p-polarization half mirror 125 is 
incident on the outward facing mirror surface 128a and the 
outward facing mirror 128a reflects the p-polarized light Ip 
into the -Y direction. Accordingly, a reversed image of item 
1 is formed only on the left hand side of the outward facing 
surface 122. The light lo reflected from item 2 is transmitted 
through the outer end surface 146 in the +X direction and 1s 
incident on the p-polarization half mirror 145. The p-polar- 
ization half mirror 145 transmits the p-mode Ip of the 
incident light lo in the +X directions and reflects the s-mode 
ls of the incident light lo into the -Y direction. The p-po- 
larized light Ip in the +X is incident on the outer facing 
mirror surface 148a. The outer facing mirror surface 148a 
reflects the incident p-polarized light lp into the -Y direc- 
tion. The s-polarized light Is reflected by the half mirror 145 
in the -Y direction forms a reversed 2 on the left hand side 
of the outer facing surface 142 and the p-polarized light Ip 
reflected by the outer facing mirror surface 148a in the -Y 
direction forms a reversed 2 image on the right hand side of 
the outer facing surface 142. 

Referring to FIGS. 1-8 and 14-16, embodiments of a 
cloaking device with a cloaking assembly 18 having items 1 
and items 2 adjacent to the outer end surfaces 126, 146, 
respectively, and the p-polarizer 152 adjacent to the outer 
end surface 126, are shown in FIG. 15. FIG. 16 is a side view 
of the cloaking assembly 18 illustrated in FIG. 15 with the 
single reversed image of item 1 visible on the left hand side 
of the outer facing surface 122 of the cloaking assembly 
component 120 and the reversed image of item 2 visible on 
the left hand side and right hand side of the outward facing 
surface 142 of the cloaking assembly components 140 in 
conjunction with the image of the automobile A. It should be 
appreciated that items 1, 2 depicted in FIG. 15 are shown for 
illustrative purposes only, i.e. the items 1, 2 in FIG. 15 could 
be oriented in the Y-Z plane in order to provide the reverse 
images of items 1, 2 on the image-side 104 (X-Z plane) 
shown in FIG. 16. 

Referring to FIGS. 1, 2, 5, 8-17, embodiments of an 
A-pillar of a vehicle being cloaked by a cloaking device are 
shown. Particularly, FIG. 17 shows a cloaking device 19 
cloaking a portion of an A-pillar P of a vehicle V. A portion 
of the A-pillar P is positioned within a CR 200 (not shown) 
of the cloaking device 19 and a portion of the A-pillar P 
extends beyond the cloaking device and is covered with trim 
T. Illustrated outside of the vehicle V is a target object O in 
the form of pedestrian. A portion of the pedestrian O is 
visible through a side window of the vehicle V and a portion 
of the pedestrian is visible “through” the A-pillar P cloaked 
by the cloaking device 19. The cloaking device 19 redirects 
light reflected from the pedestrian O around the A-pillar P 
positioned within the CR 200 of the cloaking device 19 and 
forms an image I of the pedestrian O on an image-side 104 
of the cloaking device 19 that is visible to an occupant of the 
vehicle V looking towards the pedestrian O. Accordingly, 
light from the pedestrian O appears to pass through the 
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A-pillar P and a blind spot typically created by the A-pillar 
P is not present. In embodiments, the A-pillar P itself serves 
as the CR 200, i.e. the A-pillar P has an outer surface with 
one or more outer facing mirror surfaces that assist in 
redirecting light from the pedestrian) around the A-pillar P. 
It should be appreciated that cloaking of the A-pillar P with 
the cloaking device 19 and removing the blind spot pro- 
duced by the A-pillar P is performed without the use of 
metamaterials, video images, cameras, sophisticated elec- 
tronics, etc. 

Referring to FIGS. 18-19, alternative embodiments of 
cloaking devices are shown. Specifically, FIG. 18 shows a 
cloaking device 20 with a circular CR 202 having an outer 
mirror surface 204 with half mirrors 206, 208 around the 
outer mirror surface 204 having a circular shape. In embodi- 
ments, the CR 202 1s provided by an object to be cloaked 
itself, e.g., an A-pillar, that has an outer mirror surface 204. 
The cloaking device shown in FIG. 18 can increase the field 
of view for an observer viewing the cloaking device 20 in 
the +Y direction. FIG. 19 shows a cloaking device 30 with 
a circular CR 302 having an outer mirror surface 304 with 
half mirrors 306, 308 and optical components 310, 312 such 
as lenses. In embodiments, the CR 302 is provided by an 
object to be cloaked itself, e.g., an A-pillar, that has an outer 
mirror surface 304. The cloaking device shown in FIG. 19 
allows for an external view from an object located behind 
the CR 302 (+Y direction) to be manipulated to increase a 
field of view or to normalize a distorted image. 

The cloaking devices described herein may be used to 
cloak vehicle articles such as a vehicle A-pillar, and remove 
a “blind spot” caused by the vehicle article. It will be 
understood that the term “blind spot” as used herein refers 
to an area around the vehicle that cannot be directly 
observed by a driver while operating the vehicle. The terms 
“object,” “article,” and “item” may interchangeably refer to 
a visual object or image (2D or 3D) that reflects light or 
transmits light and the team “light from” may refer to “light 
reflected from” or “light transmitted from.” The terms 
“generally,” “approximately,” and “about” may be utilized 
herein to represent the inherent degree of uncertainty that 
may be attributed to any quantitative comparison, value, 
measurement, or other representation. These terms are also 
utilized herein to represent the degree by which a quantita- 
tive representation may vary from a stated reference without 
resulting in a change in the basic function of the subject 
matter at issue. 

While particular embodiments have been illustrated and 
described herein, it should be understood that various other 
changes and modifications may be made without departing 
from the spirit and scope of the claimed subject matter. 
Moreover, although various aspects of the claimed subject 
matter have been described herein, such aspects need not be 
utilized in combination. It is therefore intended that the 
appended claims cover all such changes and modifications 
that are within the scope of the claimed subject matter. 

What is claimed is: 

1. A cloaking device comprising: 

an object-side and an image-side; 

a Cloaking region (CR) boundary plane having an outward 
facing mirror surface and an inward facing opaque 
surface; 

a CR at least partially bounded by the inward facing 
opaque surface of the CR boundary plane; 

a half mirror spaced apart from and generally parallel to 
the outward facing mirror surface; 

wherein light from an object located on the object-side of 
the cloaking device and obscured by the CR 1s redi- 
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rected around the CR to form an image of the object on 
the image-side of the cloaking device such that the light 
from the object appears to pass through the CR. 

2. The cloaking device of claim 1, wherein the half mirror 
is selected from a p-polarization half mirror and an s-polar- 
ization half mirror. 

3. The cloaking device of claim 1, further comprising an 
article positioned within the CR, wherein the light from the 
object located on the object-side of the cloaking device and 
obscured by the CR is redirected around the CR and the 
article to form the image of the object on the image-side of 
the cloaking device such that the article appears transparent. 

4. The cloaking device of claim 3, wherein the article is 
a vehicle A-pillar. 

5. The cloaking device of claim 1, further comprising: 

at least two CR boundary planes positioned non-planar to 

each other, each of the at least two CR boundary planes 
having an outward facing mirror surface and an inward 
facing opaque surface, the CR at least partially 
bounded by the inward facing opaque surfaces of the at 
least two CR boundary planes; 

at least one quarter-wave plate positioned on or adjacent 

to the image side; and 

at least two half mirrors spaced apart from and generally 

parallel to the outward facing mirror surfaces, respec- 
tively; such that a half mirror of the at least two half 
mirrors is spaced apart from and generally parallel to 
each of the outward facing mirror surfaces; 

wherein the light from the object located on the object- 

side of the cloaking device and obscured by the CR is 
redirected around the CR by the at least two outward 
facing mirror surfaces and the at least two half mirrors, 
and the image of the object is formed on the image-side 
of the cloaking device such that the light from the 
object located on the object-side of the cloaking device 
appears to pass through the CR. 

6. The cloaking device of claim 5, wherein the at least two 
CR boundary planes are positioned orthogonal to each other. 

7. The cloaking device of claim 6, wherein the light from 
the object on the object-side of the cloaking device is 
reflected by a first outward facing mirror surface, a first half 
mirror positioned parallel to the first outward facing mirror 
surface, a second half mirror positioned orthogonal to the 
first half mirror, a second outward facing mirror surface 
positioned parallel to the second half mirror, and transmitted 
through the at least one quarter-wave plate before forming 
the image of the object on the image-side of the cloaking 
device. 

8. The cloaking device of claim 7, further comprising a 
vehicle article positioned within the CR, wherein the light 
from the object located on the object-side of the cloaking 
device and obscured by the CR is redirected around the CR 
and the vehicle article to form the image of the object on the 
image-side of the cloaking device and the vehicle article 
appears transparent. 

9. The cloaking device of claim 5, further comprising an 
end side, wherein light from an item positioned adjacent to 
the end side forms an image of the item on the image-side 
of the cloaking device. 

10. A cloaking device for cloaking an article of a vehicle 
comprising: 

a cloaking assembly comprising: 

an object-side and an image-side; 

at least two cloaking region (CR) boundary planes 
located at least partially between the object-side and 
the image-side, the at least two CR boundary planes 
positioned non-planar to each other and each of the 
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at least two CR boundary planes having an outward 
facing mirror surface and an inward facing opaque 
surface; 

a CR bounded by the inward facing opaque surfaces of 
the at least two CR boundary planes; 

at least two half mirrors located at least partially 
between the object-side and the image-side, each of 
the at least two half mirrors spaced apart from and 
generally parallel to one of the outward facing mirror 
surfaces; 

at least one quarter-wave plate positioned on or adja- 
cent to the image side; 

and 

a vehicle article positioned within the CR; 

wherein light from an object located on the object-side of 

the cloaking assembly and obscured by the CR is 

redirected around the CR and forms an image of the 

object on the image-side of the cloaking assembly such 

that the vehicle article appears to be transparent. 

11. The cloaking device of claim 10, wherein the vehicle 
article is a vehicle A-pillar. 

12. The cloaking device of claim 10, wherein the light 
from the object is reflected by a first outward facing mirror 
surface, a first half mirror oriented generally parallel to the 
first outward facing mirror surface, a second half mirror 
oriented generally orthogonal to the first half mirror and a 
second outward facing mirror surface oriented generally 
parallel to the second half mirror and transmitted through the 
at least one quarter-wave plate before forming the image on 
the image-side of the cloaking assembly. 

13. The cloaking device of claim 12, further comprising 
an end surface, wherein light from an item located adjacent 
to the end surface passes through the cloaking assembly and 
forms an image of the item on the image-side of the cloaking 
assembly. 

14. The cloaking device of claim 13, wherein a p-mode or 
an s-mode of the light from the item is reflected from the 
second half mirror before forming the image of the item on 
the image-side of the cloaking assembly. 

15. The cloaking device of claim 13, wherein a p-mode or 
an s-mode of the light from the item is transmitted through 
the second half mirror and reflected by the second outward 
facing mirror surface before forming the image of the item 
on the image-side of the cloaking assembly. 

16. A cloaking device comprising: 

four cloaking region (CR) boundary planes positioned 

non-planar to each other, each of the four CR boundary 
planes having an outward facing mirror surface and an 
inward facing opaque surface; 

a CR bounded by the inward facing opaque surfaces of the 

four CR boundary planes; 

an article located at least partially within the CR; 

four half mirrors spaced apart from and generally parallel 

to the outward facing mirror surfaces, respectively, 
such that a half mirror of the four half mirrors is spaced 
apart from and generally parallel to each of the outward 
facing mirror surfaces; 

wherein light from an object on an object-side of the 

cloaking device is redirected around the CR and 
appears as an image on an image-side of the cloaking 
device and is visible to an observer viewing the image- 
side of the cloaking device, and wherein the article 
within the CR is not visible to the observer viewing the 
image-side of the cloaking device such that the article 
within the CR appears transparent to the observer 
viewing the image-side of the cloaking device. 
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17. The cloaking device of claim 16, wherein the light 
from the object is reflected by a first of the outward facing 
mirror surfaces, a first of the outward facing mirror surfaces, 
a first of the four half mirrors oriented generally parallel to 
the first outward facing mirror surface, a second half mirror 
oriented generally orthogonal to the first half mirror and a 
second outward facing mirror surface oriented generally 
parallel to the second half mirror before forming the image 
on the image-side of the cloaking device. 

18. The cloaking device of claim 17, wherein the article 
is a vehicle A-pillar. 

19. The cloaking device of claim 18, further comprising 
an end side, wherein light from an item located adjacent to 
the end side is reflected by at least one of the second half 
mirror and the second outward facing mirror surface and 
forms an image of the item on the image-side of the cloaking 
device. 

20. The cloaking device of claim 19, wherein the image 
of the item is selectively formed on the image-side of the 
cloaking device. 


10 


15 


20 


18 


US 20170227781A1 


as United States 


a2) Patent Application Publication co) Pub. No.: US 2017/0227781 A1 


(54) 


(71) 


(72) 


(21) 
(22) 


(60) 


(51) 


Banerjee et al. 


APPARATUSES AND METHODS FOR 
MAKING AN OBJECT APPEAR 
TRANSPARENT 


Applicant: Toyota Motor Engineering & 
Manufacturing North America, Ince., 
Erlanger, KY (US) 


Inventors: Debasish Banerjee, Ann Arbor, MI 


(US); Hideo Iizuka, Nissin-shi (JP) 
Appl. No.: 15/185,988 
Filed: Jun. 17, 2016 


Related U.S. Application Data 


Provisional application No. 62/291,920, filed on Feb. 
5, 2016. 


Publication Classification 


(43) Pub. Date: Aug. 10, 2017 


G02B 27/28 (2006.01) 
G02B 27/10 (2006.01) 
(52) U.S. Cl 
CPC EA G02B 27/14 (2013.01); G02B 27/283 
(2013.01); G02B 27/1086 (2013.01); G02B 
5/3083 (2013.01); B60R 13/025 (2013.01); 
BOOR 2013/0287 (2013.01) 
(57) ABSTRACT 


A cloaking device includes cloaking region boundary planes 
oriented non-planar to each other, each of the cloaking 
region boundary planes having an outward facing mirror 
surface and an inward facing opaque surface. The cloaking 
device includes a cloaking region bounded at least partially 
by the inward facing opaque surfaces of the cloaking region 
boundary planes. Half mirrors are spaced apart and generally 
parallel to the outward facing mirror surfaces such that a half 
mirror is spaced apart and generally parallel to each outward 
facing mirror surface. Light from an object on an object-side 


Int. Cl. of the cloaking device 1s directed around an article within the 
G02B 27/14 (2006.01) cloaking region and forms an image on an image-side of the 
B6OR 13/02 (2006.01) cloaking device such the article appears transparent to an 
G02B 5/30 (2006.01) observer looking towards the object. 
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104 


have ample winding space. I wound my transformers with 604 turns 
of #36 on the secondary for 117 volts line voltage. If you have 120 
volts, use 590 turns, and for 115 volts, use 615 turns. The primary 
was wound as follows: 10 turns #18 tap, 6 turns #18, tap, 2 turns 
#18, tap, 1 turn #14, tap, 1 turn #14. This gave me a total of 20 
primary turns which, with the secondary of 604 turns, resulted in 
the following ratios: 100 watts = 604:20 or 30.2, 200 watts = 
604: 10 or 60.4, 500 watts = 604:4 or 151, 1000 watts = 604.2 or 
302, 2000 watts = 604:1 or 604. 

The meter used had a fullscale value of 20 millamperes. A 
recalculation of turns ratio may be made to accommodate another 
meter range. A simple solution for the utilization of, say, a 0-1 
milliammeter is to put a 100-ohm trimmer pot across the meter 
movement and adjust it to read 100 watts for full scale deflection. 

To calibrate my units, I used several 25-50-100 watt light 
globes to provide me with loads to calibrate the meter scale. By 
using them in parallel, I was able to acquire enough plot points to 
make a new meter scale. I made my meter scale on white paper, 
then inked the marks to suit and reinstalled it. I pasted the scale on 
the reverse side of the original scale using rubber cement. 

An error of + 5% can be expected, since the line voltage will 
vary by this amount. This error should not be objectionable, since 
the equipment will be subject to the varying line voltage in opera- 
tion anyway. In order to lower the error rate, it would be necessary 
to utilize an electrodynamic meter movement, whereby the elec- 
tromagnetic field of the meter could vary with the varying line 
voltages. 


RF WATTMETER 


As the schematic (Fig. 2-20) shows, the circuit is a basic 
rectifying type rf voltmeter. The prototype was built in a small can 
of the plug-in-module variety that was scrounged from the junkbox. 
About the only critical part is the series resistor. The capacitors in 
the prototype were mica, but ceramic disks would work as well. 
The diode can be a 1N34A, 1N270, 1N52, 1N38A, or just about 


Fig. 2-20. Schematic diagram of the simple, accurate, and easy-to-build rf 
wattmeter. 


99 


Patent Application Publication Aug. 10,2017 Sheet 7 of 9 US 2017/0227781 Al 


152 


O Q 142 122 [ 


FIG. 10 


Patent Application Publication Aug. 10,2017 Sheet 8 of 9 US 2017/0227781 Al 


Patent Application Publication Aug. 10,2017 Sheet 9 of 9 US 2017/0227781 Al 


204 
206 
+Y 
ZOO 
E +A 
FIG. 18 
OG 
510 
< O 
504 
+Y 
506 
ie +h 


308“ 


US 2017/0227781 Al 


APPARATUSES AND METHODS FOR 
MAKING AN OBJECT APPEAR 
TRANSPARENT 


RELATED APPLICATION 


[0001] This application claims the benefit of U.S. Provi- 
sional Patent Application Ser. No. 62/291,920 filed Feb. 5, 
2016, the entirety of which is incorporated herein by refer- 
ence. 


TECHNICAL FIELD 


[0002] The present specification generally relates to appa- 
ratuses and methods for making an object appear transparent 
and, more specifically, to cloaking devices for pillars of 
vehicles and methods for making pillars of vehicles appear 
transparent. 


BACKGROUND 


[0003] Studies on cloaking devices that appear to make a 
pillar of a vehicle transparent have been published. Such 
studies disclose the use of metamaterials or the use of video 
cameras in combination with a display screen to allow an 
occupant of a vehicle to ostensibly “see” though the vehicle 
pillar, thereby reducing blind spots in the vehicle. However, 
metamaterials and video technology use complicated mate- 
rial designs and equipment. 

[0004] Accordingly, a need exists for alternative devices 
that appear to make a pillar of a vehicle transparent. 


SUMMARY 


[0005] In one embodiment, a cloaking device includes 
cloaking region (CR) boundary planes oriented non-planar 
to each other and each of the CR boundary planes has an 
outward facing mirror surface and an inward facing opaque 
surface. The cloaking device includes a CR at least partially 
bounded by the inward facing opaque surfaces of the CR 
boundary planes. The cloaking device includes half mirrors 
spaced apart and generally parallel to the outward facing 
mirror surfaces such that a half mirror is spaced apart and 
generally parallel to each outward facing mirror surface. An 
article positioned within the CR is not visible outside of the 
CR and light reflected from an object on one side of the 
cloaking device is redirected around the CR and the article 
positioned within the CR, and forms an image of the object 
on another side of the cloaking device. 

[0006] According to another embodiment, a cloaking 
device for cloaking an article of a vehicle includes a cloak- 
ing assembly with an object-side, an image-side and at least 
two CR boundary planes positioned at least partially 
between the object-side and the image-side. The at least two 
CR boundary planes are positioned non-planar to each other 
and each of the at least two CR boundary planes have an 
outward facing mirror surface and an inward facing opaque 
surface. A CR is bounded by the inward facing opaque 
surfaces of the at least two CR boundary planes and a 
vehicle article positioned within the CR is not visible from 
outside the CR. The cloaking assembly has at least two half 
mirrors positioned at least partially between the object-side 
and the image-side. Each of the at least two half mirrors are 
spaced apart and generally parallel to one of the outward 
facing mirror surfaces such that a half mirror is spaced apart 
and generally parallel to each outward facing mirror surface. 
Light from an object located on the object-side of the 
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cloaking assembly, and obscured by the vehicle article 
positioned within the CR is redirected around the CR, and 
forms an image of the object on the image-side of the 
cloaking assembly such that the vehicle article appears 
transparent to an observer looking in a direction towards the 
object. 

[0007] In embodiments, the cloaking assembly has four 
CR boundary planes and four half mirrors. The four CR 
boundary planes are oriented generally orthogonal to each 
other, the CR is bounded by the four CR boundary planes, 
and each of the half mirrors are spaced apart and generally 
parallel to one of the outward facing mirror surfaces such 
that a half mirror is spaced apart and generally parallel to 
each outward facing mirror surface. Each of the half mirrors 
may be selected from a p-polarization half mirror or an 
s-polarization half mirror. Light reflected from the object 
located on the object-side of the cloaking assembly passes 
through the cloaking assembly by reflecting off of a first 
outward facing mirror surface, a first half mirror oriented 
generally parallel to the first outward facing mirror surface, 
a second half mirror oriented generally orthogonal to the 
first half mirror and a second outward facing mirror surface 
oriented generally parallel to the second half mirror. Light 
that passes through the cloaking assembly forms an image of 
the object on the image-side of the cloaking assembly. 
[0008] In embodiments, the cloaking device with the 
cloaking assembly has an end surface oriented non-planar to 
a half mirror. Light from an item located adjacent to the end 
surface passes through the cloaking assembly and forms an 
image of the item on the image side of the cloaking 
assembly. 

[0009] These and additional features provided by the 
embodiments described herein will be more fully understood 
in view of the following detailed description in conjunction 
with the drawings. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0010] The embodiments set forth in the drawings are 
illustrative and exemplary in nature and not intended to limit 
the subject matter defined by the claims. The following 
detailed description of the illustrative embodiments can be 
understood when read in conjunction with the following 
drawings, where like structure is indicated with like refer- 
ence numerals and in which: 

[0011] FIG. 1 schematically depicts a top view of a 
cloaking device according to one or more embodiments 
described and illustrated herein; 

[0012] FIG. 2 schematically depicts top isolated views of 
four cloaking device components of the cloaking device of 
FIG. 1 according to one or more embodiments described and 
illustrated herein; 

[0013] FIG.3 schematically depicts a top perspective view 
of the cloaking device of FIG. 1 with a first object on one 
side of the cloaking device and a second object within a 
cloaking region (CR) of the cloaking device; 

[0014] FIG. 4 schematically depicts a side view of the 
cloaking device of FIG. 3 with the first object on one side of 
the cloaking device and the second object within the CR of 
the cloaking device; 

[0015] FIG. 5 schematically depicts a top view of a 
cloaking device according to one or more embodiments 
described and illustrated herein; 

[0016] FIG. 6 schematically depicts a top perspective view 
of the cloaking device of FIG. 5 with a first object on one 
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side of the cloaking device and a second object and a third 
object within a CR of the cloaking device; 

[0017] FIG. 7 schematically depicts a side view of the 
cloaking device of FIG. 6 with the first object on one side of 
the cloaking device and the second object and the third 
object within the CR of the cloaking device; 

[0018] FIG. 8 schematically depicts a top isolated view of 
two cloaking device components according to one or more 
embodiments described and illustrated herein; 

[0019] FIG. 9 schematically depicts a top view of a 
cloaking device with four cloaking device components 
according to one or more embodiments described and illus- 
trated herein; 

[0020] FIG. 10 schematically depicts a side view of the 
cloaking device shown in FIG. 9; 

[0021] FIG. 11 schematically depicts a top isolated view 
of two cloaking device components according to one or 
more embodiments described and illustrated herein; 

[0022] FIG. 12 schematically depicts a top view of a 
cloaking device with four cloaking device components 
according to one or more embodiments described and illus- 
trated herein; 

[0023] FIG. 13 schematically depicts a side view of the 
cloaking device of FIG. 12; 

[0024] FIG. 14 schematically depicts a top isolated view 
of two cloaking device components according to one or 
more embodiments described and illustrated herein; 

[0025] FIG. 15 schematically depicts a top view of four 
cloaking device components according to one or more 
embodiments described and illustrated herein; 

[0026] FIG. 16 schematically depicts a side view of the 
cloaking device of FIG. 15; 

[0027] FIG. 17 schematically depicts a side view of a 
cloaking device cloaking an A-pillar of a vehicle according 
to one or more embodiments described and illustrated 
herein; 

[0028] FIG. 18 schematically depicts a top view of a 
cloaking device according to one or more embodiments 
described and illustrated herein; and 

[0029] FIG. 19 schematically depicts a top view of a 
cloaking device with four cloaking device components 
according to one or more embodiments described and illus- 
trated herein. 


DETAILED DESCRIPTION 


[0030] A cloaking device is provided. The cloaking device 
may have an object-side, an image-side and a cloaking 
region (CR) boundary plane having an outward facing 
mirror surface and an inward facing opaque surface. A CR 
is at least partially bounded by the inward facing opaque 
surface of the CR boundary plane and a half mirror 1s spaced 
apart and generally parallel to the outward facing mirror 
surface. The half mirror may be a p-polarization half mirror 
or an s-polarization half mirror. In embodiments, an article, 
e.g. an A-pillar of a vehicle, a B-pillar of a vehicle or a 
C-pillar of a vehicle, is positioned within the CR and light 
from an object located on the object-side of the cloaking 
device and obscured by the CR is redirected around the CR 
and the article and forms the image of the object on the 
image-side of the cloaking device such that the article 
appears transparent. Various embodiments of cloaking 
devices and methods for using the same will be described in 
further detail herein with specific reference to the appended 
drawings. 
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[0031] FIG. 1 generally depicts one embodiment of a 
cloaking device. The cloaking device includes a cloaking 
region (CR) that is at least partially bounded by at least two 
CR boundary planes that are non-planar to each other. Each 
of the two CR boundary planes has an outward facing mirror 
surface and an inward facing opaque surface. Spaced apart 
and oriented generally parallel to each of the CR boundary 
planes is a half mirror (e.g., a polarizing half mirror) that 
allows p-polarized light to pass through and s-polarized light 
to be reflected or, alternatively, allows s-polarized light to 
pass through and p-polarized light to be reflected. Referring 
to the coordinate system in the figure, portions of a target 
object are located directly behind the CR in the +Y direction 
(obscured portions of the object which are otherwise not 
visible through the CR) and portions of the target object are 
located outside or beyond the CR in the +Y direction (visible 
portions of the object). Light rays (light) from the obscured 
portions of the target object travel in the - Y direction and are 
incident on a first outward facing mirror surface. The first 
outward facing mirror surface reflects the incident light from 
the obscured portions of the target object in the +X direction 
to a first half mirror that is spaced apart and oriented 
generally parallel to the first outward facing mirror surface. 
One mode of polarized light (e.g., p-polarized light) from the 
light reflected from the first outward facing mirror surface 
passes through the first half mirror (continues traveling in 
the +X direction), while another mode of polarized light 
(e.g. s-polarized light) is reflected by the first half mirror in 
the -Y direction. The polarized light reflected in the -Y 
direction by the first half mirror is reflected into the -X 
direction by a second half mirror. The polarized light 
reflected into the -X direction by the second half mirror is 
reflected in the -Y direction by a second outward facing 
mirror surface that is spaced apart and oriented generally 
parallel to the second half mirror. An observer looking at the 
cloaking device in the +Y direction will see the reflection of 
the polarized light by the second outward facing mirror 
surface, 1.e. polarized light originating from light from 
obscured portions of the target object will be visible to a 
human eye located on an opposite side of the CR from the 
obscured portions of the target object. Also, light reflected 
from an article positioned within the CR (..e., the cloaked 
article) is not transmitted through the inward facing opaque 
surfaces and is not seen by the observer looking at the 
cloaking device in the +Y direction. That is, the cloaking 
device effectively redirects light from the obscured portions 
of the target object around the CR such that the light from 
the target object appears to pass through the cloaked article 
giving the visual impression that the cloaked article is not 
present. Light from the visible portions of the target object 
travel in the -Y direction and are incident on the first half 
mirror. One mode of the incident light (e.g., s-polarized 
light) is reflected in the +X direction by the first half mirror 
and another mode of the incident light (e.g. p-polarized 
light) 1s transmitted through the first half mirror and con- 
tinues traveling in the -Y direction. The transmitted polar- 
ized light traveling in the -Y direction reaches the second 
half mirror and is transmitted through the second half mirror. 
An observer looking at the cloaking device in the +Y 
direction will see the transmitted polarized light traveling in 
the -Y direction, i.e. polarized light originating from light 
from visible portions of the target object will be visible to a 
human eye located on an opposite side of the cloaking 
device from the visible portions of the target object. Accord- 
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ingly, an individual will see the entire target object, both 
obscured portions and visible portions, that is located on the 
opposite side of the CR (and thus on the opposite side of a 
cloaked article) giving the visual impression that the cloaked 
article 1s transparent. 


[0032] Referring now to FIGS. 1-2, embodiments of a 
cloaking device include a cloaking assembly 10 with four 
CR boundary planes 118, 128, 138, 148. The CR boundary 
planes 118, 128, 138, 148 located adjacent to each other are 
non-planar to each other. In embodiments, opposing CR 
boundary planes 118, 148 and 128, 138 may be oriented 
parallel to each other and adjacent CR boundary planes 118, 
128, 138, 148 may be oriented orthogonal to adjacent CR 
boundary planes, e.g. CR boundary plane 118 is oriented 
orthogonal to adjacent CR boundary planes 138, 128, CR 
boundary plane 128 is oriented orthogonal to adjacent CR 
boundary planes 118, 148, etc. Each of the four CR bound- 
ary planes have an outward facing mirror surface 118a, 
128a, 138a, 148a, respectively, and an inward facing opaque 
surface 1185, 1285, 1385, 1484, respectively. The outward 
facing mirror surfaces 118a, 128a, 138a, 148a, can be made 
from omnidirectional photonic crystals or mirrors such that 
approximately 100% (+/-10%) of light incident on the 
outward facing mirror surfaces is reflected from the outward 
facing mirror surfaces. Accordingly, the term “mirror sur- 
face” used herein refers to a surface that reflects approxi- 
mately 100% (+/-10%) of all modes of light (e.g. s-polar- 
ized light and p-polarized light) incident on the mirror 
surface. In embodiments, the CR boundary planes 118, 128, 
138, 148 form a CR 200 bound at least partly by the inward 
facing opaque surfaces 1184, 1285, 1385, 1485. The four CR 
boundary planes 118, 128, 138 148, have a height ‘h’ (FIG. 
4) in the Z direction of the coordinate axes in the figures and 
light reflected or transmitted within the CR 200 does not 
pass through the inward facing opaque surfaces 1185, 1285, 
1385, 1485. Accordingly, an article (e.g., a cloaked article) 
located within the CR 200 is not visible to an observer 
viewing the cloaking assembly 10 in the +Y direction. 


[0033] Still referring to FIGS. 1 and 2, spaced apart and 
oriented generally parallel (within +/-29) to each of the four 
CR boundary planes 118, 128, 138 148, are half mirrors 115, 
125, 135, 145, respectively. The half-mirrors 115, 125, 135, 
145 reflect a specific mode of visible light. Specifically, each 
of the half mirrors 115, 125, 135, 145, can be an s-polarizer 
half mirror or a p-polarizer half mirror. The half mirrors 115, 
125, 135, 145, can be in the form of a diffraction grating or 
thin film polarizer that reflects the s-mode of visible light 
and allows the p-mode of visible light to pass through (a 
p-polarization diffraction grating or thin film), or in the 
alternative, reflects the p-mode of visible light and allows 
the s-mode of the visible light to pass through (an s-polar- 
ization diffraction grating or thin film). It should be appre- 
ciated that the half mirrors 115, 125 are both s-polarizer half 
mirrors or p-polarizer half mirrors and the half mirrors 135, 
145 are both s-polarizer half mirrors or p-polarizer half 
mirrors, 1.e. the half mirrors 115, 125 may be s-polarizer 
mirrors and the half mirrors 135, 145 may be p-polarizer half 
mirrors; the half mirrors 115, 125 may be p-polarizer mirrors 
and the half mirrors 135, 145 may be s-polarizer half 
mirrors; or all of the half mirrors 115, 125, 135, 145 may be 
s-polarizer half mirrors or p-polarizer half mirrors. 

[0034] The four CR boundary planes 118, 128, 138 148, 
and the corresponding half mirrors 115, 125, 135, 145, may 
be part of four cloaking assembly components 110, 120, 130, 
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140, respectively. Each cloaking assembly component 110, 
120, 130, 140, has an outward facing surface 112, 122, 132, 
142, respectively, an inward facing surface 114, 124, 134, 
144, respectively, an outer end surface 116, 126, 136, 146, 
respectively, and an inner side surface defined by the inward 
facing opaque surface 1185, 1285, 1385, 1485, respectively. 
The outward facing surfaces 112, 132 form an object-side 
102 of the cloaking device and the outward facing surfaces 
122, 142 form an image-side 104 of the cloaking device. 
One or more optical filters 125a, 1255 may be positioned on 
or adjacent to the outward facing surface 122 and one or 
more optical filters 145a, 1455 may be positioned on or 
adjacent to the outward facing surface 142. The optical filter 
125a is positioned to the right (+X direction) of the half- 
mirror 125, the optical filter 1255 is positioned to the left 
(-X direction) of the half-mirror 125, the optical filter 145a 
is positioned to the left (-X direction) of the half-mirror 145, 
and the optical filter 1455 is positioned to the right (+X 
direction) of the half-mirror 145. The one or more optical 
filters 125a, 1255, 145a, 1455, may be quarter-wave plates 
that convert linearly polarized light into circularly polarized 
light, or in the alternative, the one or more optical filters 
125a, 125b, 145a, 145b, may be a quarter-wave plate and a 
linear polarizer that convert linearly polarized light of one 
mode, e.g., s-mode or p-mode, into circularly polarized 
light, and then convert the circularly polarized light into a 
different linearly polarized mode, e.g., p-mode or s-mode, 
respectively. 


[0035] The CR boundary planes 118, 138, are oriented at 
an angle 0, relative to the outward facing surfaces 112, 132, 
respectively, and the CR boundary planes 128, 148 are 
oriented at an angle B, relative to the outward facing 
surfaces 122, 142, respectively. In embodiments, the angle 
9, is equal to the angle f$,. In other embodiments, the angle 
O, is not equal to the angle B. The half mirrors 115, 135, are 
oriented at an angle 0, relative to the outward facing 
surfaces 112, 132, respectively, and the half mirrors 125, 145 
are oriented at an angle 0, relative to the outward facing 
surfaces 122, 142, respectively. In embodiments, the angle 
6, is equal to the angle B,. In other embodiments, the angle 
O, is not equal to the angle f,. In embodiments, the angle 0, 
is equal to the angle 0, and the angle B, is equal to the angle 
6,. For example, 0, and 6, can be generally equal to 45° 
(+/-1°), and B, and B, can be generally equal to 45° (+/-1°). 
[0036] The four cloaking assembly components 110, 120, 
130, 140, are transparent to incident light (both polarized 
and unpolarized) except for the half mirrors 115, 125, 135, 
145, the outward facing mirror surfaces 118a, 128a, 138a, 
148a, the inward facing opaque surfaces 1185, 128b, 1385, 
1485, and optionally the outer end surfaces 116, 126, 136, 
146. The four cloaking assembly components 110, 120, 130, 
140, can be made from any suitable transparent material, for 
example a transparent glass or a transparent plastic. In the 
alternative, the four cloaking assembly components 110, 
120, 130, 140, can be a structure, e.g. a frame, that holds the 
four CR boundary planes 118, 128, 138, 148, and the four 
half mirrors 115, 125, 135, 145 in a desired orientation 
relative to each other with air or another gas present between 
the four CR boundary planes 118, 128, 138, 148, and the 
four half mirrors 115, 125, 135, 145. The frame may be a 
plurality of transparent glass or transparent plastic panes that 
hold the four CR boundary planes 118, 128, 138, 148, and 
the four half mirrors 115, 125, 135, 145 in a desired 
orientation relative to each other with air or another gas 
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present between the four CR boundary planes 118, 128, 138, 
148, and the four half mirrors 115, 125, 135, 145. In 
embodiments, transparent glass or transparent plastic panes 
form the outward facing surfaces 112, 122, 132, 142, inward 
facing surfaces 114, 124, 134, 144, and outer end surfaces 
116, 126, 136, 146, and hold the four CR boundary planes 
118, 128, 138, 148, and the four half mirrors 115, 125, 135, 
145 in a desired orientation relative to each other with air or 
another gas present between the four CR boundary planes 
118, 128, 138, 148, and the four half mirrors 115, 125, 135, 
145. 


[0037] The outer end surfaces 116, 126, 136, 146, may be 
transparent, have an absorber layer disposed thereon or be a 
half-mirror. In embodiments, the outer end surfaces 116, 
126, 136, 146, are transparent. In other embodiments, the 
outer end surfaces 116, 126, 136, 146, have an absorber layer 
disposed thereon that absorbs incident light from within the 
four cloaking assembly components 110, 120, 130, 140, 
and/or from outside the four cloaking assembly components 
110, 120, 130, 140. The absorber layer may be made from 
any suitable material that absorbs approximately 90% (+/- 
10%) of incident light, illustratively including dark colored 
surfaces made of glass, polymers, metals, ceramics, com- 
posites, etc. In other embodiments, the outer end surfaces 
116, 126, 136, 146, are half-mirrors such that one mode of 
incident light is reflected (e.g., s-polarized light or p-polar- 
ized light) and another mode of incident light is transmitted 
through the half mirror (e.g., p-polarized light or s-polarized 
light, respectively). In other embodiments, one or more of 
the outer end surfaces 116, 126, 136, 146, is transparent and 
one or more of the outer end surfaces 116, 126, 136, 146, has 
an absorber layer disposed thereon. In other embodiments, 
one or more outer end surfaces 116, 126, 136, 146, is 
transparent and one or more of the outer end surfaces 116, 
126, 136, 146, is a half mirror. In other embodiments, one or 
more of the outer end surfaces 116, 126, 136, 146, has an 
absorber layer disposed thereon and one or more of the outer 
end surfaces 116, 126, 136, 146, is a half mirror. In other 
embodiments, one or more of the outer end surfaces 116, 
126, 136, 146, is transparent, one or more of the outer end 
surfaces 116, 126, 136, 146, has an absorber layer disposed 
thereon, and one or more of the outer end surfaces 116, 126, 
136, 146, is a half mirror. 


[0038] While FIGS. 1-2 illustrate four cloaking assembly 
components 110, 120, 130, 140, it should be appreciated that 
the four CR boundary planes 118, 128, 138, 148, and the 
four half mirrors 115, 125, 135, 145 can be contained within 
any number of cloaking assembly components. For example, 
in embodiments, the cloaking assembly components 110 and 
120 may be a single cloaking assembly component with no 
inward facing surface 114, 124, between the outward facing 
surfaces 112, 122, and the cloaking assembly components 
130 and 140 may be a single cloaking assembly component 
with no inward facing surface 134, 144, between the out- 
ward facing surfaces 132, 142. In other embodiments, the 
cloaking assembly components 110 and 130 may be a single 
cloaking assembly component and the two cloaking assem- 
bly components 120 and 140 can be a single cloaking 
assembly component. In other embodiments, three of the 
four cloaking assembly components 110, 120, 130, 140 may 
be a single cloaking assembly component assembled with a 
remaining one of the cloaking assembly components 110, 
120, 130, 140. For example, the three cloaking assembly 
components 110, 120, 130 may be a single cloaking assem- 
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bly component assembled with the remaining cloaking 
assembly component 140. In other embodiments, the four 
cloaking assembly components 110, 120, 130, 140 may be 
a single cloaking assembly component. 


[0039] Still referring to FIGS. 1-2, light ‘lo’ is reflected 
from an object “O” (e.g., a target object) located on the 
object-side 102 of the cloaking device, travels in the -Y 
direction, and 1s incident on and transmitted through the 
outward facing surfaces 112, 132. The light lo reflected from 
the obscured portions of the object ‘O° located directly 
behind the CR in the +Y direction is reflected by the outward 
facing mirror surfaces 118a, 138a in the +X and -X direc- 
tions, respectively. The light lo reflected in the +X and -X 
directions is incident on the half mirrors 115, 135 respec- 
tively. As illustrated in FIG. 1, the half mirrors 115, 135 are 
p-polarization half mirrors that reflect the s-mode (Is) of the 
light lo and allow the p-mode (Ip) of the light lo to pass 
through. The s-polarized light Is reflected from the half 
mirrors 115, 135 in the -Y direction is incident on the half 
mirrors 125, 145, respectively. The half mirrors 125, 145 are 
also p-polarization mirrors that reflect the s-polarized light Is 
traveling in the -Y direction into the -X and +X directions, 
respectively. The s-polarized light Is reflected in in the -X 
and +X directions is incident on the outward facing mirror 
surfaces 128a, 148a, respectively, and the outward facing 
mirror surfaces 128a, 148a reflect the incident s-polarized 
light Is into the -Y direction. The s-polarized light reflected 
into the -Y direction by the outward facing mirror surfaces 
128a, 148a, forms an image of the obscured portion of the 
target object located directly above the CR 200 in the +Y 
direction that is visible to an observer viewing the image- 
side 104 of the cloaking assembly 10. In embodiments, the 
optical filter 125b, the optical filter 1454, or both optical 
filters 1255, 1455 may be positioned on or adjacent to the 
outward facing surfaces 122, 142, respectively, as described 
above, and may convert the s-polarized light reflected into 
the -Y direction by the outward facing mirror surfaces 128a, 
148a, into circularly polarized light or p-polarized light. For 
example, the optical filter 1255 the optical filter 1455, or 
both optical filters 1256, 1455 may be quarter wave plates 
that convert the s-polarized light reflected into the -Y 
direction by the outward facing mirror surfaces 128a, 148a 
into circularly polarized light (not shown) before forming 
the image of the obscured portion of the target object ‘0’ 
located directly above the CR 200 in the +Y direction. In the 
alternative, the optical filter 1255, the optical filter 1454, or 
both optical filters 1255, 1455 may be a quarter-wave plate 
and a linear polarizer that converts the s-polarized light 
reflected into the -Y direction by the outward facing mirror 
surfaces 128a, 148a into circularly polarized light (not 
shown) and then converts the circularly polarized light into 
p-polarized light before forming the image of the obscured 
portion of the target object ‘O’ located directly above the CR 
200 in the +Y direction. 


[0040] Light lo reflected from the visible portions of the 
target object “O” not located directly behind the CR in the +Y 
direction is incident on and transmitted through the outward 
facing surfaces 112, 132. The transmitted light lo is incident 
on the p-polarization half mirrors 115, 135. The half mirrors 
115, 135 reflect the s-mode is of the incident light lo in the 
+X and -X directions, respectively, and transmit the p-mode 
Ip of the incident light lo in the -Y direction. The p-polarized 
light lp transmitted through the half mirrors 115, 135 will be 
incident on and be transmitted through the p-polarization 
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half mirrors 125, 145, respectively, in the -Y direction. The 
p-polarized light lp transmitted in the -Y direction by the 
half mirrors 125, 145 forms an image of the visible portions 
of the target object O not located directly behind the CR 200 
in the +Y direction that is visible to an observer viewing the 
cloaking assembly in the +Y direction. In embodiments, the 
optical filter 125a, the optical filter 145a, or both optical 
filters 125a, 145a may be positioned on or adjacent to the 
outward facing surfaces 122, 142, respectively, as described 
above, in order to convert the p-polarized light into circu- 
larly polarized light of s-polarized light. For example, the 
optical filter 125a, the optical filter 145a or both optical 
filters 125a, 145a may be quarter wave plates that convert 
the p-polarized light transmitted into the -Y direction by the 
half mirrors 125, 145 into circularly polarized light (not 
shown) before forming the image of the visible portions of 
the target object ‘O’ not located behind above the CR 200 in 
the +Y direction. In the alternative, the optical filter 125a, 
the optical filter 145a, or both optical filters 125a, 145a may 
be a quarter-wave plate and a linear polarizer that convert 
the p-polarized light reflected into the -Y direction by the 
outward facing mirror surfaces 128a, 148a into circularly 
polarized light (not shown) and then convert the circularly 
polarized light into s-polarized light before forming the 
image of the visible portions of the target object “O” not 
located directly above the CR 200 in the +Y direction. 
Accordingly, an image ‘IT’ of the entire target object ‘O’ (both 
the obscured portion and the visible portions) is visible to the 
observer viewing the image-side 104 of the cloaking assem- 
bly 10. While half mirrors 115, 125, 135, 145 are described 
herein as p-polarization half mirrors, it should be appreci- 
ated that half mirrors 115, 125, 135, 145 can be s-polariza- 
tion half mirrors and the reflected and transmitted portions 
of the reflected light lo discussed above will be reversed. 
However, the human eye cannot distinguish between s-po- 
larized light, p-polarized light or circularly polarized light 
and the image ‘I’ of the entire object *O” will be visible to 
the human eye when an observer is viewing the image-side 
104 of the cloaking assembly 10. Also, it should be appre- 
ciated that the one or more of optical filters 125a, 125b, 
145a, 1455 may be positioned on or adjacent to outward 
facing surfaces 122, 142 as described above such that only 
p-polarized light forms the image ‘I’, only s-polarized light 
forms the image ‘I’, only circularly polarized light forms the 
image ‘I’, only p-polarized light and circularly polarized 
light form the image ‘I’ or only s-polarized light and 
circularly polarized light form the image ‘I’. Such manipu- 
lation of the polarized light reflected into the -Y direction by 
the outward facing mirror surfaces 128a, 128a and the 
polarized light transmitted in the -Y direction by the half 
mirrors 125, 145 may assist an observer wearing polarized 
sunglasses in viewing the image-side 104 of the cloaking 
assembly 10. Particularly, the one or more optical filters 
125a, 1255, 145a, 145b ensure that polarized sunglasses that 
block p-polarized light or s-polarized light do not prevent an 
observer wearing such polarized sunglasses from seeing the 
entire target object “O” when viewing the image-side 104 of 
the cloaking assembly 10. 


[0041] Referring now to FIGS. 1-4, a top perspective view 
and a side view of a cloaking device according to embodi- 
ments (as discussed with respect to FIGS. 1-2) are shown in 
FIGS. 3-4, respectively. Specifically, FIG. 3 is a top per- 
spective view of an article in the form of a column ‘C’ within 
the CR 200 of the cloaking assembly 10 and an automobile 
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‘A’ located behind the column C on the object-side 102 of 
the cloaking assembly 10 in the +Y direction. The column C 
has a height dimension in the Z direction (increasing height 
in the -Z direction) greater than the height h of the cloaking 
device. FIG. 4 is a side view from the +Y direction of the 
cloaking assembly 10 shown in FIG. 3 and shows the portion 
of the column C that is within the CR 200 is not visible and 
the automobile A located behind the column C in the +Y 
direction is visible to an observer viewing the cloaking 
assembly 10 in the +Y direction. Accordingly, the column C 
positioned within the CR 200 is not visible to an observer 
viewing the image-side 104 of the cloaking assembly 10 and 
an image of the entire automobile A (both the obscured 
portion and the visible portions) is visible to the observer 
viewing the image-side 104. Although column C in FIGS. 
3-4 is separate from the CR boundary planes 118, 128, 138, 
148, 1.e., column C is a separate object from the cloaking 
device 10, it should be appreciated that column C may be 
structurally part of the cloaking device 10 and have an outer 
surface that provides or is equivalent to the CR boundary 
planes 118, 128, 138, 148 with outward facing mirror 
surfaces 118a, 128a, 138a, 148a, respectively. 


[0042] Referring now to FIGS. 1-5, FIG. 5 shows embodi- 
ments of a cloaking assembly 12 with an enlarged CR 200. 
Particularly, the cloaking assembly components 110, 120, 
130, 140 are arranged such that the cloaking assembly 
components 110, 130 are spaced apart in the Y direction 
from the cloaking assembly components 120, 140, and a 
distance ‘d’ is between the inward facing surfaces 114, 124, 
and between the inward facing surfaces 134, 144. The area 
of the CR 200 in the X-Y plane is increased by the width ‘w’ 
times the distance d (w x d). The volume of the CR 200 is 
increased by the width w times the distance d times the 
height h (FIG. 4) of the CR 200 (w x d x h). While FIG. 5 
illustrates four cloaking assembly components 110, 120, 
130, 140, it should be appreciated that the four CR boundary 
planes 118, 128, 138, 148, and the four half mirrors 115, 125, 
135, 145 can be contained within any number of cloaking 
assembly components. For example, in embodiments, the 
cloaking assembly components 110 and 130 may be a single 
cloaking assembly component and the two cloaking assem- 
bly components 120 and 140 can be a single cloaking 
assembly component. 


[0043] As shown in the FIG. 5, light lo is reflected from 
the target object O, travels in the -Y direction and is incident 
on and transmitted through the outward facing surfaces 112, 
132. Light lo reflected from the obscured portions of the 
object located directly behind the CR in the +Y direction is 
reflected by the outward facing mirror surfaces 118a, 138a 
in the +X and -X direction, respectively. The reflected light 
lo in the +X and -X directions is incident on the half mirrors 
115, 135 respectively. The half mirrors 115, 135 are p-po- 
larization half mirrors and reflect the s-mode is of the light 
lo and transmit the p-mode Ip of the light lo. The s-polarized 
light ls reflected by the half mirrors 115, 135 in the -Y 
direction is incident on the half mirrors 125, 145, respec- 
tively. The half mirrors 125, 145 are also p-polarization 
mirrors that reflect the s-polarized light Is traveling in the -Y 
direction into the -X and +X directions, respectively. The 
s-polarized light ls traveling in the -X and +X directions is 
incident on the outward facing mirror surfaces 128a, 148a, 
respectively, and the outward facing mirror surfaces 128a, 
148a reflect the incident s-polarized light Is in the -Y 
direction. The s-polarized light reflected in the -Y direction 
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by the outward facing mirror surfaces 128a, 148a, forms an 
image of the obscured portion of the object located behind 
the CR 200 in the +Y direction that is visible to an observer 
viewing the image-side 104 of the cloaking assembly 12. 
Light lo reflected from the visible portions of the target 
object O not located behind the CR 200 in the +Y direction 
is incident on and transmitted through the outward facing 
surfaces 112, 132. The transmitted light lo is incident on the 
p-polarization half mirrors 115, 135, and the half mirrors 
115, 135 reflect the s-mode is of the incident light lo in the 
+X and -X directions, respectively, and transmit the p-mode 
Ip of the incident light lo in the -Y direction. The p-polarized 
light lp transmitted through the half mirrors 115, 135 in the 
-Y direction is incident on and transmitted through the 
p-polarization half mirrors 125, 145, respectively, in the -Y 
direction. The p-polarized light lp transmitted in the -Y 
direction through the half mirrors 125, 145, forms an image 
of the visible portions of the target object O not located 
behind the CR 200 in the +Y direction that is visible to an 
observer viewing the image side 104 of the cloaking assem- 
bly 12. Accordingly, an image I of the entire target object O 
(both the obscured portion and the visible portions) 1s visible 
to an observer viewing the image-side 104 of the cloaking 
assembly 12. It should be appreciated that half mirrors 115, 
125, 135, 145, can be s-polarization half mirrors and the 
reflected and transmitted portions of the reflected light lo 
discussed above will be reversed. Also, it should be appre- 
ciated that the one or more of optical filters 125a, 125b, 
145a, 1455 may be included. However, the human eye 
cannot distinguish between s-polarized light, p-polarized 
light or circularly polarized light and the image I of the 
entire object O will be visible to an observer viewing the 
image-side 104 of the cloaking assembly 12. 


[0044] Referring now to FIGS. 1-7, a top perspective view 
and a side view of a cloaking device according to embodi- 
ments (as discussed with respect to FIG. 5) are shown in 
FIGS. 6-7, respectively. Specifically, FIG. 6 is a top per- 
spective view of a first article in the form of a column ‘C1’ 
and a second article in the form of a column ‘C?’ within the 
CR 200 of the cloaking assembly 12 and the automobile ‘A’ 
located behind the columns C1, C2 on the object-side 102 of 
the cloaking assembly 12 in the +Y direction. The column 
C1 has a first height dimension in the Z direction and the 
column C2 has a second height dimension that is greater (in 
the -Z direction) than the first height dimension of column 
C1. The first height dimension of column C1 and the second 
height dimension of column C2 are both greater than the 
height h of the cloaking assembly 12. FIG. 7 is a side view 
from the +Y direction of the cloaking assembly 12 shown in 
FIG. 6 and shows the image-side 104. Portions of column C1 
and column C2 within the CR 200 are not visible and 
automobile A located behind column C1 and column C2 in 
the +Y direction is visible to an observer viewing the 
image-side 104 of the cloaking assembly 12. Although 
columns C1, C2 in FIGS. 6-7 are separate from the CR 
boundary planes 118, 128, 138, 148, i.e., columns C1, C2 are 
separate objects from the cloaking device 12, it should be 
appreciated that columns C1, C2 may be structurally part of 
the cloaking device 12 and have an outer surface that 
provides or is equivalent to the CR boundary planes 118, 
128, 138, 148 with outward facing mirror surfaces 118a, 
128a, 138a, 148a, respectively. 


[0045] Referring to FIG. 8, embodiments of a cloaking 
device that can display additional images in conjunction 
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with the images depicted in FIGS. 1, 4, 5 and 7 are shown. 
Particularly, FIG. 8 shows an item in the form of the number 
*1” (item 1) and an item in the form of the number ‘2’ (item 
2) located adjacent to the outer end surfaces 126, 146, 
respectively, in the +X, -X directions, respectively. Light lo 
reflected from item 1 and item 2 is incident on and trans- 
mitted through the outer end surfaces 126, 146 in the -X, +X 
directions, respectively. The light lo transmitted through the 
outer end surfaces 126, 146 is incident on the half mirrors 
125, 145, respectively. The half mirrors 125, 145 (p-polar- 
ization half mirrors) transmit the p-mode lp of the light lo in 
the -X, +X directions, respectively, and reflect the s-mode is 
of the light lo into the -Y direction. The transmitted p-po- 
larized light lp in the -X, +X directions is incident on the 
outward facing mirror surfaces 128a, 148a, respectively. 
The outward facing mirror surfaces 128a, 148a, reflect the 
incident p-polarized light lp into the -Y direction. The 
s-polarized light 1s reflected by the half mirror 125 in the -Y 
direction forms a reversed ‘1’ image on the right hand side 
of the outward facing surface 122 and the s-polarized light 
ls reflected by the half mirror 145 in the -Y direction forms 
a reversed ‘2’ image on the left hand side of the outer facing 
surface 142. The p-polarized light lp reflected by the out- 
ward facing mirror surface 128a into the -Y direction forms 
a reversed ‘1’ image on the left hand side of the outward 
facing surface 122 and the p-polarized light lp reflected by 
the outward facing mirror surface 148a into the -Y direction 
forms a reversed ‘2’ image on the right hand side of the outer 
facing surface 142. It should be appreciated that the display 
of additional images as depicted in FIG. 8 in conjunction 
with images as depicted in FIGS. 1, 4, 5 and 7 can be used 
as part of a heads-up display, a warning system (signal) that 
an object is located on the object side of the cloaking device, 
etc. 


[0046] Referring to FIGS. 1-10, embodiments of a cloak- 
ing device with a cloaking assembly 14 having items in the 
form of ‘1’, 2”, *3”, *4” adjacent to the outer end surfaces 
126, 146, 116, 136, respectively are shown in FIG. 9. FIG. 
10 is a side view of the cloaking assembly 14 illustrated in 
FIG. 9 with reversed images of item 1 and item 2, in 
conjunction with the image of the automobile A, visible on 
the image-side 104 of the cloaking assembly 14. It should be 
appreciated that items 1, 2, 3, 4 depicted in FIGS. 9-10 are 
shown for illustrative purposes only, 1.e. the items 1, 2 in 
FIG. 9 could be oriented in the Y-Z plane in order to provide 
reverse images of items 1, 2 on the image side 104 (X-Z 
plane) in FIG. 10. It should also be appreciated that reverse 
images of item 3 and item 4 can be formed or provided on 
the object-side 102 of the cloaking assembly 14 in a similar 
manner as the reversed images of item 1 and item 2 are 
formed on the image-side 104. 


[0047] Referring to FIGS. 1-8 and 11, embodiments of a 
cloaking device that can selectively display images in con- 
junction with the images depicted in FIGS. 1, 4, 5 and 7 are 
shown. Particularly, FIG. 11 shows an item in the form of the 
number ‘1’ and an item in the form of the number ‘2’ located 
adjacent to the outer end surfaces 126, 146, respectively, in 
the +X, -X directions, respectively. Light lo from item 1 is 
incident on an s-polarizer 150. The s-polarizer 150 allows 
the s-mode is of the incident light lo to pass through in the 
-X direction. The s-polarized light ls is incident on and 
reflected by the p-polarization half mirror 125 into the Y 
direction and no light is transmitted through or beyond the 
p-polarization half mirror 125 in the -X direction. Accord- 
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ingly, a reversed image of item 1 is formed only on the right 
hand side of the outward facing surface 122. The light lo 
from item 2 is transmitted through the outer end surface 146 
in the +X direction and is incident on the p-polarization half 
mirror 145. The p-polarization half mirror 145 transmits the 
p-mode Ip of the incident light lo in the +X direction and 
reflects the s-mode is of the incident light lo in the -Y 
direction. The p-polarized light lp in the +X direction is 
incident on the outward facing mirror surface 148a. The 
outer facing mirror surface 148a reflects the incident p-po- 
larized light lp in the -Y direction. The s-polarized light Is 
reflected by the half mirror 145 in the -Y direction forms a 
reversed item 2 image on the left hand side of the outer 
facing surface 142. The p-polarized light lp reflected by the 
outer facing mirror surface 148a into the -Y direction 
provides a reversed item 2 image on the right hand side of 
the outer facing surface 142. 


[0048] Referring to FIGS. 1-8 and 11-13, embodiments of 
a Cloaking device with a cloaking assembly 16 having items 
in the form of ‘1’ and ‘2’ adjacent to the outer end surfaces 
126, 146, respectively, and the s-polarizer 150 adjacent the 
outer end surface 126, are shown in FIG. 12. FIG. 13 is a 
side view of the cloaking assembly 16 illustrated in FIG. 12 
with the reversed image of item 1 visible on the right hand 
side of the outer facing surface 122 of the cloaking assembly 
component 120 and the reversed image of item 2 visible on 
the left hand side and right hand side of the outward facing 
surface 142 of the cloaking assembly components 140 
shown in conjunction with the image of the automobile A. 
It should be appreciated that items 1, 2 depicted in FIG. 12 
are shown for illustrative purposes only, i.e. the items 1, 2 in 
FIG. 12 could be oriented in the Y-Z plane in order to 
provide the reverse images of items 1, 2 on the image-side 
(104) (X-Z plane) shown in FIG. 13. 


[0049] Referring to FIGS. 1-8 and 14, another embodi- 
ment of a cloaking device that can selectively display 
additional images 1n conjunction with the images depicted in 
FIGS. 1, 4, 5 and 7 is shown. Particularly, FIG. 14 shows an 
item in the form of the number ‘1’ and an item in the form 
of the number ‘2’ located adjacent to the outer end surfaces 
126, 146, respectively, in the +X, -X directions, respec- 
tively. Light lo reflected from the item 1 is incident on a 
p-polarizer 152 which allows p-polarized light Ip to pass 
through in the -X direction. The p-polarized light Ip is 
incident on the p-polarization half mirror 125. The incident 
p-polarized light lp in the -X direction is transmitted 
through the p-polarization half mirror 125 in the -X direc- 
tion and there is no s-polarized light is to be reflected by the 
p-polarization half mirror 125 in the -Y direction. The 
p-polarized light Ip transmitted through the p-polarization 
half mirror 125 is incident on the outward facing mirror 
surface 128a and the outward facing mirror 128a reflects the 
p-polarized light lp into the -Y direction. Accordingly, a 
reversed image of item 1 is formed only on the left hand side 
of the outward facing surface 122. The light lo reflected from 
item 2 is transmitted through the outer end surface 146 in the 
+X direction and is incident on the p-polarization half mirror 
145. The p-polarization half mirror 145 transmits the 
p-mode Ip of the incident light lo in the +X directions and 
reflects the s-mode Is of the incident light lo into the -Y 
direction. The p-polarized light Ip in the +X is incident on 
the outer facing mirror surface 148a. The outer facing mirror 
surface 148a reflects the incident p-polarized light lp into the 
-Y direction. The s-polarized light Is reflected by the half 
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mirror 145 in the -Y direction forms a reversed 2 on the left 
hand side of the outer facing surface 142 and the p-polarized 
light lp reflected by the outer facing mirror surface 148a in 
the -Y direction forms a reversed 2 image on the right hand 
side of the outer facing surface 142. 


[0050] Referring to FIGS. 1-8 and 14-16, embodiments of 
a cloaking device with a cloaking assembly 18 having items 
1 and items 2 adjacent to the outer end surfaces 126, 146, 
respectively, and the p-polarizer 152 adjacent to the outer 
end surface 126, are shown in FIG. 15. FIG. 16 is a side view 
of the cloaking assembly 18 illustrated in FIG. 15 with the 
single reversed image of item 1 visible on the left hand side 
of the outer facing surface 122 of the cloaking assembly 
component 120 and the reversed image of item 2 visible on 
the left hand side and right hand side of the outward facing 
surface 142 of the cloaking assembly components 140 in 
conjunction with the image of the automobile A. It should be 
appreciated that items 1, 2 depicted in FIG. 15 are shown for 
illustrative purposes only, 1.e. the items 1, 2 in FIG. 15 could 
be oriented in the Y-Z plane in order to provide the reverse 
images of items 1, 2 on the image-side 104 (X-Z plane) 
shown in FIG. 16. 


[0051] Referring to FIGS. 1, 2, 5, 8-17, embodiments of an 
A-pillar of a vehicle being cloaked by a cloaking device are 
shown. Particularly, FIG. 17 shows a cloaking device 19 
cloaking a portion of an A-pillar P of a vehicle V. A portion 
of the A-pillar P is positioned within a CR 200 (not shown) 
of the cloaking device 19 and a portion of the A-pillar P 
extends beyond the cloaking device and is covered with trim 
T. Illustrated outside of the vehicle V is a target object O in 
the form of pedestrian. A portion of the pedestrian O is 
visible through a side window of the vehicle V and a portion 
of the pedestrian is visible “through” the A-pillar P cloaked 
by the cloaking device 19. The cloaking device 19 redirects 
light reflected from the pedestrian O around the A-pillar P 
positioned within the CR 200 of the cloaking device 19 and 
forms an image I of the pedestrian O on an image-side 104 
of the cloaking device 19 that is visible to an occupant of the 
vehicle V looking towards the pedestrian O. Accordingly, 
light from the pedestrian O appears to pass through the 
A-pillar P and a blind spot typically created by the A-pillar 
P is not present. In embodiments, the A-pillar P itself serves 
as the CR 200, i.e. the A-pillar P has an outer surface with 
one or more outer facing mirror surfaces that assist in 
redirecting light from the pedestrian) around the A-pillar P. 
It should be appreciated that cloaking of the A-pillar P with 
the cloaking device 19 and removing the blind spot pro- 
duced by the A-pillar P is performed without the use of 
metamaterials, video images, cameras, sophisticated elec- 
tronics, etc. 


[0052] Referring to FIGS. 18-19, alternative embodiments 
of cloaking devices are shown. Specifically, FIG. 18 shows 
a cloaking device 20 with a circular CR 202 having an outer 
mirror surface 204 with half mirrors 206, 208 around the 
outer mirror surface 204 having a circular shape. In embodi- 
ments, the CR 202 is provided by an object to be cloaked 
itself, e.g., an A-pillar, B-pillar, C-pillar, D-pillar, etc., that 
has an out outer mirror surface 204. The cloaking device 
shown in FIG. 18 can increase the field of view for an 
observer viewing the cloaking device 20 in the +Y direction. 
FIG. 19 shows a cloaking device 30 with a circular CR 302 
having an outer mirror surface 304 with half mirrors 306, 
308 and optical components 310, 312 such as lenses. In 
embodiments, the CR 302 is provided by an object to be 


FULL-SCALE READING, W 
5 a 0 : 


=e eee 
co x A 


‘o 
E 
: 
5 
Y 


Se SS SN E ER ES 
A O ER 


a ee MERES E Oo ESOS TN E A A f DA A i 
ee NE ee ae i i E E 


METER READING, mA 


ot 
ani 
a 


Fig. 2-21. Logarithmic plots for determining power. The upper Curve gives 
resistance values for determining what the full-scale meter deflection will 
be (remember to multiply the series resistance value shown on the chart by 
12 kQ). The lower curve will allow you to determine your precise power out 
if you use a O—1 mA meter. 
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anything else. Use the old ham’s rule of thumb: “When in doubt, try 
it out!” 

Two sockets might prove more convenient rather than one 
with a coaxial tee as shown. Conventional minibox construction or 
building into a new or existing rig will be more than adequate. 
Point-to-point wiring is used to permit compactness and reduce 
lead length. 

“Fine,” you say, “but I don’t have a huge mound of test 
equipment. How do I calibrate it?” That is the beauty of it—you 
don’t! If the series resistor is accurate, the meter will be self- 
calibrating to a log scale. Remember, you know R and Z, and the 
full-scale W. Now assume a half-scale reading, I = 0.0005, and 
calculate W for half-scale. Plot these two points at 1.0 and0.5mA 
on Fig. 2-21, and connect by a straight line, which you may extend 
the length of the graph. 
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cloaked itself, e.g., an A-pillar, B-pillar, C-pillar, D-pillar, 
etc., that has an out outer mirror surface 304. The cloaking 
device shown in FIG. 19 allows for an external view from 
an object located behind the CR 302 (+Y direction) to be 
manipulated to increase a field of view or to normalize a 
distorted image. 

[0053] The cloaking devices described herein may be used 
to cloak vehicle articles such as a vehicle A-pillar, B-pillar, 
C-pillar, D-pillar, etc., and remove a “blind spot” caused by 
the vehicle article. It will be understood that the term “blind 
spot” as used herein refers to an area around the vehicle that 
cannot be directly observed by a driver while operating the 
vehicle. The terms “object,” “article,” and “item” may 
interchangeably refer to a visual object or image (2D or 3D) 
that reflects light or transmits light and the team “light from” 
may refer to “light reflected from” or “light transmitted 
from.” The terms “generally,” “approximately,” and “about” 
may be utilized herein to represent the inherent degree of 
uncertainty that may be attributed to any quantitative com- 
parison, value, measurement, or other representation. These 
terms are also utilized herein to represent the degree by 
which a quantitative representation may vary from a stated 
reference without resulting in a change in the basic function 
of the subject matter at issue. 

[0054] While particular embodiments have been illus- 
trated and described herein, it should be understood that 
various other changes and modifications may be made 
without departing from the spirit and scope of the claimed 
subject matter. Moreover, although various aspects of the 
claimed subject matter have been described herein, such 
aspects need not be utilized in combination. It is therefore 
intended that the appended claims cover all such changes 
and modifications that are within the scope of the claimed 
subject matter. 

What is claimed is: 

1. A cloaking device comprising: 

an object-side and an image-side; 

a Cloaking region (CR) boundary plane having an outward 
facing mirror surface and an inward facing opaque 
surface; 

a CR at least partially bounded by the inward facing 
opaque surface of the CR boundary plane; 

a half mirror spaced apart and generally parallel to the 
outward facing mirror surface; 

wherein light from an object located on the object-side of 
the cloaking device and obscured by the CR is redi- 
rected around the CR to form an image of the object on 
the image-side of the cloaking device such that the light 
from the object appears to pass through the CR. 

2. The cloaking device of claim 1, wherein the half mirror 
is selected from a p-polarization half mirror and an s-polar- 
ization half mirror. 

3. The cloaking device of claim 1, further comprising an 
article positioned within the CR, wherein the light from the 
object located on the object-side of the cloaking device and 
obscured by the CR is redirected around the CR and the 
article to form the image of the object on the image-side of 
the cloaking device such that the article appears transparent. 

4. The cloaking device of claim 3, wherein the article is 
selected from the group consisting of a vehicle A-pillar, a 
vehicle B-pillar and a vehicle C-pillar. 

5. The cloaking device of claim 1, further comprising: 

at least two CR boundary planes positioned non-planar to 
each other, each of the at least two CR boundary planes 
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having an outward facing mirror surface and an inward 
facing opaque surface, the CR at least partially 
bounded by the inward facing opaque surfaces of the at 
least two CR boundary planes; 

at least one quarter-wave plate positioned on or adjacent 

to the image side; and 

at least two half mirrors spaced apart and generally 

parallel to the outward facing mirror surfaces such that 
a half mirror is spaced apart and generally parallel to 
each outward facing mirror surface; 

wherein the light from the object located on the object- 

side of the cloaking device and obscured by the CR is 
redirected around the CR by the at least two outward 
facing mirror surfaces and the at least two half mirrors, 
and the image of the object is formed on the image-side 
of the cloaking device such that the light from the 
object located on the object-side of the cloaking device 
appears to pass through the CR. 

6. The cloaking device of claim 5, wherein the at least two 
CR boundary planes are positioned orthogonal to each other. 

7. The cloaking device of claim 6, wherein the light from 
the object on the object-side of the cloaking device is 
reflected by a first outward facing mirror surface, a first half 
mirror positioned parallel to the first outward facing mirror 
surface, a second half mirror positioned orthogonal to the 
first half mirror, a second outward facing mirror surface 
positioned parallel to the second half mirror, and transmitted 
through the at least one quarter-wave plate before forming 
the image of the object on the image-side of the cloaking 
device. 

8. The cloaking device of claim 7, further comprising a 
vehicle article positioned within the CR, wherein the light 
from the object located on the object-side of the cloaking 
device and obscured by the CR is redirected around the CR 
and the vehicle article to form the image of the object on the 
image-side of the cloaking device and the vehicle article 
appears transparent. 

9. The cloaking device of claim 5, further comprising an 
end side, wherein light from an item positioned adjacent to 
the end side forms an image of the item on the image-side 
of the cloaking device. 

10. A cloaking device for cloaking an article of a vehicle 
comprising: 

a cloaking assembly comprising: 

an object-side and an image-side; 

at least two CR boundary planes located at least par- 
tially between the object-side and the image-side, the 
at least two CR boundary planes positioned non- 
planar to each other and each of the at least two CR 
boundary planes having an outward facing mirror 
surface and an inward facing opaque surface; 

a CR bounded by the inward facing opaque surfaces of 
the at least two CR boundary planes; 

at least two half mirrors located at least partially 
between the object-side and the image-side, each of 
the at least two half mirrors spaced apart and gen- 
erally parallel to one of the outward facing mirror 
surfaces such that a half mirror is spaced apart and 
generally parallel to each outward facing mirror 
surface; 

at least one quarter-wave plate positioned on or adja- 
cent to the image side; 

and 

a vehicle article positioned within the CR; 
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wherein light from an object located on the object-side of 
the cloaking assembly and obscured by the CR is 
redirected around the CR and forms an image of the 
object on the image-side of the cloaking assembly such 
that the vehicle article appears to be transparent. 

11. The cloaking device of claim 10, wherein the vehicle 
article is selected from the group consisting of a vehicle 
A-pillar, a vehicle B-pillar and a vehicle C-pillar. 

12. The cloaking device of claim 10, wherein the light 
from the object is reflected by a first outward facing mirror 
surface, a first half mirror oriented generally parallel to the 
first outward facing mirror surface, a second half mirror 
oriented generally orthogonal to the first half mirror and a 
second outward facing mirror surface oriented generally 
parallel to the second half mirror and transmitted through the 
at least one quarter-wave plate before forming the image on 
the image-side of the cloaking assembly. 

13. The cloaking device of claim 12, further comprising 
an end surface, wherein light from an item located adjacent 
to the end surface passes through the cloaking assembly and 
forms an image of the item on the image-side of the cloaking 
assembly. 

14. The cloaking device of claim 13, wherein a p-mode or 
an s-mode of the light from the item is reflected from the 
second half mirror before forming the image of the item on 
the image-side of the cloaking assembly. 

15. The cloaking device of claim 13, wherein a p-mode or 
an s-mode of the light from the item is transmitted through 
the second half mirror and reflected by the second outward 
facing mirror surface before forming the image of the item 
on the image-side of the cloaking assembly. 

16. A cloaking device comprising: 

four CR boundary planes positioned non-planar to each 

other, each of the four CR boundary planes having an 
outward facing mirror surface and an inward facing 
opaque surface; 
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a CR bounded by the inward facing opaque surfaces of the 

four CR boundary planes; 

an article located at least partially within the CR; 

four half mirrors spaced apart and generally parallel to the 

outward facing mirror surfaces such that a half mirror 
is spaced apart and generally parallel to each outward 
facing mirror surface; 

wherein light from an object on an object-side of the 

cloaking device is redirected around the CR and 
appears as an image on an image-side of the cloaking 
device and 1s visible to an observer viewing the image- 
side of the cloaking device and the article within the CR 
is not visible to the observer viewing the image-side of 
the cloaking device such that the article within the CR 
appears transparent to the observer viewing the image- 
side of the cloaking device. 

17. The cloaking device of claim 16, wherein the light 
from the object is reflected by a first outward facing mirror 
surface, a first half mirror oriented generally parallel to the 
first outward facing mirror surface, a second half mirror 
oriented generally orthogonal to the first half mirror and a 
second outward facing mirror surface oriented generally 
parallel to the second half mirror before forming the image 
on the image-side of the cloaking device. 

18. The cloaking device of claim 17, wherein the article 
is selected from at least one of a vehicle A-pillar, a vehicle 
B-pillar and a vehicle C-pillar. 

19. The cloaking device of claim 18, further comprising 
an end side, wherein light from an item located adjacent to 
the end side is reflected by at least one of the second half 
mirror and the second outward facing mirror surface and 
forms an image of the item on the image-side of the cloaking 
device. 

20. The cloaking device of claim 19, wherein the image 
of the item is selectively formed on the image-side of the 
cloaking device. 
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Install the meter through a coaxial tee at your antenna connec- 
tor, or through some other predetermined means, and terminate 
with a dummy load. Apply power and read the meter. That's it! The 
meter can be used with an antenna if your swr is below about 1.2: 1. 


CAPACITY METER | 


The generator is a 555 oscillating at approximately 200 kHz. 
The frequency is adjusted by R2 when calibrating prior to use or 
during use, if a reading is doubtful. 

The output of 1C1 is used for the 0-to-100 pF range and is also 
used to clock the first 74LS90. The output of 1C2 (pin 11) is the 555 
frequency divided by 10. This frequency is used for the .001 
full-scale range. The remaining 74LS90s operate similarly. Each 
division by 10 is the frequency for the next larger decade of 
capacity. The 74LS00 was added as a buffer. Since it would be 
wasteful with the other gates doing nothing, the LED circuit was 
added to give a visual indication that the clock and all dividers are 


12-105 WIRED SIMILAR 


Fig. 2-22. All resistors are Y4 watt except as noted. 
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CONVERSIÓN. OF ATMOSPHERIC ELECTRIC ENERGY. 


“Application filed Ji anuary as 1921. 


h T 0 aio it may concern: 


E sthonian subject, residing in Hamburg, 
Germany, have: invented certain new and 
useful Improvements in ‘he Conversion of: 
_ Atmospheric Electric: Energy, of which | the — 


Be it known that J, HERMANN DTN, 


following is a specification.” 


10 


- ready. kñown. . 


15 


: 20 


30 


"faces. E 
~ (by Radio active means: and. the like may 
be easily applied internally. or externally ;- 
whereby the ionization is considerably 1n- 


40. 


failure. 


Methods: of obtaining atmospheric As 


tricity by means of metallic nettings set with 


spikes which are held by, means of ‘ordinary 
- or anchored kite balloons made of fabrics: 
“and filled with hydrogen, are in theory al- - 
_ Atmospheric electricity ob- 
tained in this way has been suggested to be’ 
used in the form of direct current. for the 
` charging: of accumulators. | 

‘however is at present only theoretical as the 
- conversion in practice has hitherto been a 
No mans are known of protecting - 
the apparatus from destruction by lightning. 
~ The balloons used for ‘collecting the charge: 
’ must also be made of very large size in order- 
to be able to support: the weight of the:me-. 


- tallic netting ane the heavy. cable” connec: 


- This knowledge 


tions. on 


Instead ofti using. heavy metalli¢ netting: 26 
. collectors attached: to single: air. balloons of | 
. . non-conducting materials ‘which are liable to. 
‘be torn’ andare permeable to the gas, it is 
proposed to use metallic balloon Collectors - 
which have: the following us eee advan- E 


tages— | 


- (a) The metallic cases, are. “impenetr able- 
to helium'and hydrogen; the 7 


large metallic” weather- -přoof 


creased and therewith also. the quantity of 


. atmospherj ic electricity capable of being col- 
: lected. | 


45 


(e) Such balloon ¿ollectors of light metal 
_. do not require to be of large size as they | 
-intő mechanical energy, or finally converted - 
~ by special machines into alternating current 
_ of low frequency or even into direct curr ent te 


have to carry only their own moderate 


weight, and that of the conducting. cable or 


pe wire. 


50 


(d) The entire system therefore offers it. . 
“tle surface for the action of storm and wind ry e. 
“scribed with reference to the Accompanying | 


ae and i is resistant and stable. | 
diagrams in which :-— 


(e) Each balloon can bé easily raised and 


TE lowered by means of a winch so that all re- 
` pairs, recharging and the like can be.carried 


“put; without danger dun ing the o 


frequency vibrations. 


also represent 
collecting | SUr- - 


‘Serial No, 437, 107, 


Tt i is s further bed a usea » collectinirá 


heer network of several separate collectors 
spread out in the air.above the earth, which _ | 
collectors are - interconnected, by electrical * oe ae 
conductors.. > 
-According to: this: invention: char ges: -of a TE 
-mospheric. electricity. are not directly: con- 
verted into mechanical. energy, | “and this; :> 
forms the main difference from’ previous in- =... 
ventions, but the static electricity which rung: 
to earth through aerial. conductors. in the 65: . 


form of direct current: of very high. ‘voltage 


BS pos 


and low current strength ‘is converted into“, :./ 
-electro-dynamic energy in the form ofthigh = 
. Many advantages are * 

thereby . obtained | and. al disadvantages. 


70: Ya f 
.avolded. tee 


The very" eh voltage of static ceci = 


of a low ¿yrrent. strength can be' converted... 
by this invention to voltages more suitable") 
for technical purposes and of greater ‘cur- 75 . 
rent strength. . By- the use of-closed oscilla- °° 


tory circuits it is possible to obtain. electro: - 


“magnetic waves of various amplitude and- T 
-= thereby to increase the degree of resonance: _ 


o of such current. Such resonance allows ya- 80 | 


rious * values . of inductance’ to be chosen ` 


whereby again the. governing of the starting": 

and stopping of machines driven thereby by 
simply tuning the resonance between coils. 
of the machine and the: transformer circuit. Š 
forming the resonance can easily be ob- >>. 
tained. Further, such’ currents have the. - 
property of being directly available for va- 
rious uses, even without employing them for © 
- driving motors, of which-thére may be par- 


ticularly. mentioned, lighting, » production of dE E 


heat and use in electro- chemistry... a 
+ Further, with such currents a series of ap- ian 
paratus may be fed without ‘direct current - . 
supply through conductors - and” also the- 9: 
` electro-magnetic. high - frequency: currents 
may be converted by 1 méans of special motors © 


adapted for. electro-magnetic - oscillations 


of high potential. . 


: 100 


The: invention is more ‘partic ularly de- o 


Figure 1 isan explanatory figure. 


| Figure 2 18 ‘a. diagrammatic view. of the E eS 
simplest one | i ee oe 


105 , 


ar 


10 


15 


40 


l electr: ode enclosed ‘in a vacuum chamber. 


2 


Figure 3 shows a method of converting 


atmospheric electrical energy for use with 


motors. 

Figure 4 is a diagram showing the use of 
protective means. 

Figure 5 ig a diagram of an arrangement 
for converting large ‘current strengths. 

Figure 6 is a diagram of an arr angement 
including controlling means, 


Figure 7 shows means wher 'eby the spark 


gap length can be adjusted. 

Figure 8 shows a TUDOM: connection for 
the motor. 

Figure 9 shows à weak coupled system 
suitable for use with small power motors. 

Figures 10, 11 and 12 show modified ar- 
rangements. 

Figure 13 shows a form of inductive cou- 


pling for the motor circuit. 


Figure 14 is a modified form of Figure 13 
with “inductive coupling. ` 

Figure 15 is an arrangement with non- 
inductive motor. 

Figure 16 is an arr angement with. cou- 
pling by condenser. 

Figures 17, 18 and 19 are diagrams sof fur- 
ther modifications. 


Figure 20 shows a saple form in which 


the aerial network is combined: with ido 
collectors. 

Figure 21 shows a an ar- 
rangement suitable for collecting large 
quantities of energy. 

Figure 22 is a modified arr angement hav- 
ing two rings of collectors. | 


Figure 23 shows the connections for three; 


rings sof collectors. 

Figure 24. shows a collecting balloon and 
diagram of its connection of condenser bat- 
teries. 

Figures 25 and 26 show modified col: ector 
balloon ar rangements. 

Figure 27 shows a second method a con- 
necting conductor for the balloon aerials. - 

Figure 28 shows an auto- transformer 
method of connection. | 

Figure 29 shows the simplest form of con- 
struction with incandescent: cathode. 

Figure 30 shows a form with cigar shaped 


| balloon. 


- Figure 31 is a modified arrangement. 
_ Figure 32 shows a form with ‘cathode and 


Figure 33 is a modified form of Figure 32, 
Figure 34 shows an arc light collector. 
Figure 35 shows such an arrangement for 


alternating current. 


60 . 


Figure 36 shows ai maient collector | 


with Nernst lamp. 
Figure 37 shows a form with a gas flame. 
Figure 1 illustrates a simple diagr am for 
converting static electricity into “dynamic 
energy of a high number of oscillations. 


For the sake of clearness i in the drawings an 


influence machine 1 is assumed to be employed 
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and not an aerial ‘antenna. ~18-and 14 are 


combs for collecting the static electricity of 


the influence machine. 7 and 8 are spark 
discharging electrodes, 6 and 5 condensers, 
9 an inductive primafy coil, 10 secondary 
coil, 11 and 12 ends of conductors of the sec- 


“ondary coil 10. When the disc of the static 


influence machine is rotated by mechanical 
means, the combs collect the electric charges 


- one the positive and the other the negative, | 
and charge the condensers 5 and 6 until such 


a high potential is formed across the spark 
gap 1—8, that the spark gap is jumped. As 


the spark gap 1—8 forms a closed circuit 
with condensers 6 and 5, and inductive re- 


sistance 9, as is well known, waves of high 
frequency electromagnetic oscillations will 


pass in this circuit. z 
The high frequency. of the oscillations 


produced in the primary circuit induces 
waves ‘of the same periodicity in the sec- 
ondary circuit. Thus in the primary cir- 
cuit electromagnetic oscillations are formed 
by the passage of the spark over the spark 
gap and these waves are maintained by fresh 


charges of static electricity. 
By suitably selecting the ratio between the. 


number of the coils in the primary and sec- 
ondary circuits with regard to a correct ap- 


plication of the co-efficients of resonance 


(capacity, inductance, and resistance) the 
high voltage of the primary circuit may be 
sultably converted into low. voltage and high 
current strength. 

When the ii dischar ‘ges in the pri- 
mary circuit becomes weaker or entirely 
cease, the condensers are charged again by 
the static electricity until the accumulated 
charge again breaks down the spark gap. 


All this is repeated as long as electricity is 


produced by the static machine by employ- 
ing mechanical energy. 

‘An elementary form of -the invention 15 
shown in Figure 2 in which two spark gaps 
in parallel are used one of which may be 


_ termed the working gap 7 in Figure 2, whilst. 


the second serves as a safety device for ex- 
cess voltage and consists of a larger number 
of spark gaps than the working section, 
which gaps are arranged in series and are 


80 


Ot? 


100 


110. 


br idged by very small capacities as is illus- | 


trated in a,, b,, ¢,, Figure 2 which allow of 


- uniform sparking in the safety section. 


In- Figure 2 A is the aerial antenna. for 
collecting charges of atmospheric electricity, 
13 is the earth connection of the second part 
of the spark gap, 5 and 6 are-condensers, 9 a 
primary coil. Now when through the aerial 


. A the positive atmospheric electricity seeks 


to combine with the negative charge to earth, 
this is prevented by (the air gap between) 
the spark gaps. The resistance of the spark. 
gap T is, as shown in the drawings, lower 
than that of the other safety section which 
consists-of three - aes gaps connected in 


eN series, aid consequentl Y 
` alr peste is offere 


Dae 


ES 


a 


20 


25 
30 


< 835 


40: 
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a RT ea greater 
by the latter. 
So Jong’ thereforé, as the. resistance of 


‘the spark gap 7 is not overloaded, so that . 
_ the other spark gaps have an equal resist- ` 
-ance with it the discharges take place only: 
-. over spark gap. 7. Should however the' 
voltage be increased. by ‘any influences so >, 
that" it might be dangerous for charging © 
the condensers 5 and 6 or for: the coil in- 
_ «sulation 9 and 10 in. consequence of break’ 
down, by a correct regulation of this spark 


gp the second spark gap can discharge free 


rom inductive effects direct to earth with-. 


out endangering the machine. > 
o Without this second spark gap, arranged 


¿in parallel having a: higher resistance than 
“the working spark gap it is impossible to . 


collect .and render available large quantities: - 
. charges .will- for the sake of. simplicity. be 


. diagrammatically indicated by two semi- 
circles 1::and 2 and the. rotor of the motor |: 
by a ring M. (Figure 3.) A is a vertical — 

aerial or áerial network. 
choke” or electromagnet with coil O as may: 
be seen is connected with the aerial A. Ad- 
jacent the electromagnet: S the aerial con- 
ductor is divided into three. circuits, the 
circuit: 8 giving the safety spark gap, the 


of electrical energy. | 
- The action ‘of this’ closed oscillation cir- 
it consisting “of spark’ gap.7, two condens- 


ers $ and 6, primary coil 9, and also sec-_ 
_ ondary , coil. 40 is exactly the. same as the 
one described in Figure 1 with the arrange- 
ment of the static induction machine with 
the, only difference: that here the second” 


spark gap is provided. The electromagnetic 


high frequency alternating current obtained | 
can be tapped off from the conductors 11. 
. and 12 for e and heating. purposes. 
Special kinds of motors adapted for work- 
. Ing with: these peculiar: electrical charges | 
«may be connected at 14 and 15 which can. 
work with static electricity charges or with 
high frequency oscillations, | 
+ In addition ‘to the: use of. spark gaps + 

in ‘parallel a second measure of security is 


also necessary for taking off the current. 


-This precaution. consists according to: this : 
- invention, in the introduction of and method . 


«of connecting certain protective electro- 


e 


55 


i A 
: 


transformer. 


_ “magnets or choking coils in the aenal cir- 


` cwt as shown by S-in Figure”3. 
45 


A single electromagnet only having a; core 


of the thinnest possible separate laminations: 


is connected with the aerial.. 


‘In the case of high voltages in the aerial. 
“network or at places where there ‘are fre- 
` quent. thunder storms,- several such magnets 


may however be connected in series. . . 


In the case of large units or plants sev- 
eral electromagnets can be employed: in par- ' 
* oscillations. . 


allel or in series parallel. - 
_Thé windings of © these -electtomagnets 


- may be simply connected in series’ with the 
aerials. In this case the winding’ preferably 
consists of several thin parallel wires, which, 


make up together, the necessary section. 
The winding. may be made of primary 
and secondary. windings in the form of a 
-The primary ‘winding will be 
then cónnécted in series with the aerial net- 


work, and the secondary. winding more. or.’ 
less short-cit remited ¢ over a a regulating resist- 


ance -or an induction coil. 
case it'is, possible to regulate to, a certain , 


«surfaces. 


extent the effect of the choking” coils. ` In 


In des Jattor E 


q 


the further. description, of the connecting ~— 


and constructional. diagrams the aerial eleo- i 


tromagnet choke coil is indicated byt 


simple ring S. 


Figure. 3 shows the simplest way ‘of con- Ey 


verting atmospheric electricity into electro- ' 


‘magnetic wave energy by the use of special 75 . 


motors adapted for high. oscillatory cur- -` 


rents or ‘static charges of electrical energy. 


Recent. improvements in motors for work- : 
ing with static charges and motors working 
- by resonance, that is to say, having groups 


80 


of tuned electromagnetic cooperating cir- — 


circuit 7 with the working spark gap, and 
then a-circuit including the stator terminal 


A, the rotor and stator terminal 2 at which. | 
~The - ' 
two spark gaps. are also connected metal- | 
lically with the earth wire. 
working these diagrams is as follows: 


a connection is made to the earth wire: 
“The. method of 


The positive atmospheric ‘electric. shards, 


collected tends to combine with the negative | 
electricity (or earth electricity) connected. o 


with the earth wire: It--travels along the 


Fur ther, its 


“S the. safety 


cuits render: this possible. but such . do not 
form part of the. present invention. 
A motor. adapted to operate with. static 


85 a 


90 


100 


aerial A- through the electromagnet S with- A 
out being checked as it flows in the same di- | 
-rection as the direct current. 
“progress is: arrested by. two ‘sparks gaps 
placed' in the way: and the stator. condenser 110 — 
The stator condenser surfaces are" | 
charged until the: charge is. greater than. 
the resistance of the spark | gap a whereupon a 
a spark springs over the:spark gap.7 andan 

oscillatory: charge -is obtained -as by means 1 
“of the motor M, “stator surfaces 1 and-2, and - 
spark gap 7, a closed oscillation circuit is 
obtained for producing. the electromagnetic | 
-The motor here forms the ca- - 
pacity and the necessary inductance and re~ 
sistance, which, as is well known, are neces-' 


sary. for converting: static electricity into. 7 


electromagnetic wave energy. 


: The discharges formed are conver ted o 

«mechanical ener gy in special motors and:can ' 
not reach the aerial network by reason of. 
‘the electromagnet or choke. m 
when a spark: springs over the spark gap Ts 


Tf, however, 0 


a greater quantity of atmospheric dletirioity o 


tends to flow to. earth, a counter: voltage ise 


induced in the electromagnet, which is 


flow of current direct to the earth is. 


greater the more rapidly and strongly e 
y 


- the formation of this opposing voltage a 


10 


15 


20 


sufficiently high resistance is offered to the 


flow of atmospheric electricity direct to 
earth to prevent a short circuit with the’ 


earth. - 
The circuit containing spark gap 8 having 
a different wave length “which is not in reso- 
nance with the natural frequency of the 
motor, does not endanger the motor 
ser ves as security ag ainst excess voltage, 
which, as practical experiments have shown, 
may still arise in certain cases, but can be 
conducted direct to earth thr ough this spark 
gap. | 
In the diagram illustr ated in Figure 4 the 
spark gap Ti is shunted across condensers 5 
and 6 from the motor M. This construction 
affords mainly a better insulation of the 


- motor against excess voltage and a uniform 


25 


30 


a e 


35 


iva | 
ns | 
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excitation through the spark gap 7. 

In Figure 5 a diagram is illustrated for 
transforming large current strengths which 
may be employed direct without motors, for 


example, for lighting or heating purposes. 


The main difference is that here the spark 
gap consists of a star shaped disc 7 which 
can rotate on its own axis and is rotated by 
a motor opposite similarly fitted electrodes 
7*, When separate points of stars face one 
another, discharges take place, thus forming 
an oscillation circuit over condensers 5 and 
6 and inductance 9 for oscillatory discharges. 
It is evident that a motor may also be “di- 
rectly connected to the ends of the spiral 9. 

The construction of the diagram shown 
in Figure 6 permits of the oscillation circuit 
of the motor being connected. with an in- 
duction coil. Here a regulating inductive 


resistance is introduced. for counter- acting 


excess voltages in the motor. By cutting the 
separate coils 9 (coupled inductively to the 


5. aerial) in or out the inductive action on the 


motor may be more or less increased or 
variable aerial action may be exerted on the 
oscillation circuit. ` 


- In Figure 7 the oscillation circuit is don 


The spark 


through” the earth (E and E,). 
gap 7 may be prolonged or shortened by 
more or fewer spark gaps being successively 
connected by means of a contact arm 7. 
- Diagram 8 shows a unipolar connection of 
the motor with the aerial network.’ Here 
two oscillation circuits are closed through 
the same motor. The first oscillation circuit 


passes from acrial A through electromagnet 


S, point x, inductance. 9? to the earth con- 
denser 6 and further, over spark. gap 7 to 


the aerial condenser 5 and back to æ. The 


second oscillation circuit starts from the 
aerial condenser 5 at the point æt over the 
inductance 9 to the earth condenser 6 at the 
point xv and through the condenser 6 over 


and. 


nections of the motor. 
rectly metallically connected with the oscil- 


1,540,908 


the spark gap 7 back to æt. The motor itself 
is inserted between the two points of the 
spark gap 7. From this arrangement slight- 
ly damped oscillation wave cur rents are pro- 
duced. 
In the diagram illustrated in Figure 9 a 


loosely coupled system of connections is il- | 


lustrated which is assumed to be for small 


motors for measuring purposes. A indi- 
cates the aerial conductor, S the electromag- 
net in the aerial conductor, 9 the inductance, 
7 the spark gap, 5 and 6 condensers, E the 
earth, M the motor, and 1 and 2 stator con- 
The «motor is di- 


lation circuit. 

In Figure 10 a purely inductive coupling 
ls employed for the motor circuit. The mo- 
tor is connected with the secondary wire 10 
as may be seen in Figure 11 in a somewhat 
modified diagram connection. The same 
applies to the diagram of Figure 12. 


The diagrams hitherto described prefer- 


ably. allow of motors of small and medium 
strength to be operated. For large aggre- 
gates, however, they are too inconvenient as 


a 


80 


90 


tha construction of two or more oscillation . 


circuits for large amounts of energy is diffi- 
cult; the governing is still more difficult and 


the danger 3 in ‘switching on or off is greater. 9 


A means of overcoming such difficulties is 
shown in Figure 13. The oscillation circuit 
here runs starting from the point æ over con- 


T and the two segments (3* and 4°) form- 
ing arms of a Wheatstone bridge, back to a. 


If the motor is connected by brushes 3 and 


4 transversely to the two arms of the bridge 


‘denser 5, variable inductance 9, spark gap- 
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as shown in the drawings, electromagnetic * 


oscillations of equal sign are induced in the 
stator surfaces 1 and 2 and the motor does 
not revolve. 
4 are moved in common with the conduct- 


If however, the brushes 3 and’ 


ing wires 1 and 2 which connect the brushes | 


with the stator poles a certain alteration or 


displacement of the polarity is obtained and 
the motor commences to revolve. 
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The maximum action will result if one E 
brush 3 comes on the central sparking con- : 


tact 7 and. the other brush 4 on the part a. 


They are however, usually in practice not 
brought.on to the central contact 7 but only 


held in the path of the bridge segments 4° 
and 3* in order not to connect the spark gaps 
with the motor oscillation circuit. 


As however, the entire oscillation energy 


.can thereby not act on the motor it is better 


to carry out the same system according to the 
diagram 14. The diagram 14 differs from 
the foregoing only by. the motor not being 
directly metallically connected with the seg- 


ments of the. commutator, but only a pri- 
_ mary coil 9 which induces in a secondary 


coil 10, current which feeds the motor M 
and takes the place of the rotor. 


By this 
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10 


arrangement a good transforming action is 
obtained, a loose coupling and also añ os- 


to. 
CN 
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cillation circuit without a spark gap... = 


-In Figure 15 the motor is not purely -in-- 
ductively as in 14, but. directly metallically 


branched off from the primary coil (at. x 
and æ*) after the principle of the auto-trans- 


In Figure 16 instead of an inductance a. 
condenser. 6 is in similar manner, “and for 
- the same object inserted between’ the. seg- — 
ments 3* and 4%. 
“that the segments 3* and 4* need not bea 
of solid metal but may-consist. of spiral coils: 
whereby a more exact regulation is possible . 
- and further motors of | 
be employed. : -* 0... > es 
The arrangements of Figures 17, 18 and 
_ 19 may be employed for use with resonance. 
20 and particularly with induction. condenser 
+. motors; between the large. stator induction 
_ condenser surfaces, small reversing pole con- : 
` densers are connected, which, as may be seen. 
from Figures 17, 18 and 19 are led together 
to earth. Such reversing poles have. the. 
advantage that with large quantities of ' 
electrical energy the spark. formation: be- 
tween the separate oscillation circuits ceases. 
' Figure 19 shows a further method. which: 
prevents electromagnetic oscillations of high 


This has the: advantage 


number of alternations formed in the oscil- 


lation circuit striking. back to the aerial con-. 
ductor. It is based on the well, known prin- 


ciple that a mercury lamp, one électrode of 


which is formed of mercury, the other of 
solid metal. such as steel allows an electric. 


_ charge to pass in only one direction from 


tlie mercury to the steel and not vice versa. 


œ The mercury electrode of the vacuum tube 
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charges can pass only from the aerial 
through the vacuum tube to the oscillation. 
circuit, but not vice versa. „Oscillations 
‘which are formed on being transformed in’ 
the oscillation circuit cannot pass to the- 


- danger of lightning. A 
_ As regards the use of spark gaps, all 
arrangements as used for wireless teleg- 


ox 
ve 


N -is therefore connected with the aerial ` 
conductor and the steel electrode with the 


oscillation circuit. * From this it results that 


aerial conductor. — a, a 
In practice these vacuum tubes must be 


connected behind an electromagnet as the ' 


latter alone affords no 


` a fe 


protection against; the 


raphy may be used. Of course the spark. 


gaps in large machines must have. a suffi- 
_ ciently large surface. In very large stations 


they are cooled in liquid carbonic acid or 


better still in liquid nitrogen or hydrogen ; 


60. 


e 


In most cases the cooling mav also take 


. place by means of liquefied low homologues 
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of the"metal series or by means of hydro- 
carbons the freezing point of which liés at 
between: —90° C. and —40° C. The spark 
gap casing must also be insulated and be of 


; sufficient strength to be able 
pressure which may arise: Any undesirable -. 


jade 


high inductance. may 


: conductor: action.’ 


effect is substantially increased. 
In practice however, very high towers: 


must be automatically let off, I have em- 


ployed with very good results mercury elec- 


walls. ~> 


+ Figúre 20 is one of the simplest forms of 


. pez 


nections rùn. © ~ -0 a Sh 


to resist any. 


? ‘oo = 
4 


z €xcess super-pressure which may be formed _ 


10 


“trodes which were frozen. in liquid carbonic +` a 
acid, the cooling being maintained during oe 
the operation from. the outside through the © >. 
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construction. of an-aerial network in com- ``- 
—<Bination with collectors, transformers and ` 
the like illustrated diagrammatically. E is. 
here the earth wire, 8'the-safety spark gap, - 
T the working spark gap, 1 and 2 the stator 
„surfaces of the motor, 5'a condenser battery, 
-S the protective magnet which is connected — 
with the coil in the aerial conductor, Al to: . . 
A” aerial antenne, with-collecting balloons, | 

-N horizontal collecting or connecting wires 


80. 


BB. 


The- “actual. collectors “consist of | metal = 


. sheaths preferably made of an aluminium - 
Magnesium alloy, and are filled with hydro- 


gen or helium and are attached to copper 


the balloon aluminium spikes, made ' and 


gilded in a special manner hereinafter de-.- 


scribed, are arranged in order to produce a 
; . Small quantities of 
radium. preparations,’ more _ particularly 


-polonium-ionium or mesothorium prepara- 
tions considerably increase the 1lonization, — 

and therewith the action of these collectors. ` 
«In addition to’ metal balloons, fabric bal- 


loons which are superficially metal coated 


according to Schoop’s metal spraying proc- 
ess, may however also be employed. A 
metallic surface may also be produced ‘by ` 


lacquering with metallic bronze powders in 
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‘plated ‘steel wires. The size of the balloon ' 
is. selected, so that the actual wéight of the - 

“balloon “and the weight of the conducting i 
wire is supported thereby. On the top of 


05 a 
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lacquering with metallic bronzes, preferably. 
according to Schoop’s spraying process or 


two electrical series of widely different. 


metals, because thereby 


the collecting effect 


is considerably increased. — 


. Instead of the ordinary round balloons, 
elongated cigar shaped ones may be em- 


ployed. . In order also to utilize the fric- 


tional energy of the wind, patches or strips 


of non-conducting. substances which pro- 


duce electricity by friction, may be attached 
to the metallized balloon surfaces. ' The 
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wind will impart a portion of its energy in | 


the form .of frictional electricity, to. the 
balloon casing, and thereby the collecting 


(up to 300 metres is fully admissible) may 
be employed ‘as antennæ. In these towers 


copper tubes rise freely further above the' 


top of the tower. A gas lamp secured, 
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against the wind is then lit at ie point of 


the copper tube and a netting is secured to 


-. the copper tube over the flame of this lamp 


20 
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nected with a horizontal conductor. 


to form a collector. The gas is conveyed 


through the interior of the tube up to the 


summit. The copper tube must be abso- 
lutely protected from moisture at the place 
at which-it enters the tower and also rain 
must be prevented running down the walls 
of the tower which might lead to a bad 
catastrophe. This is done by bell shaped en- 
largements which expand downwards, being 
arranged in the tower in the form of high 
voltage insulators of Siamese pagodas.. 


Special attention must be devoted to the 


foundations of such towers. They must be 
well insulated from the ground, which may 
be obtained by first embedding a layer of 
concrete in a box form to a sufficient depth 
in the ground and inserting in this an 
asphalt lining and then glass bricks cast 
about 1 or 2 metres in thickness. Over this 
in turn there is a ferro-concrete layer in 
which alone the metal foot of the tube is 
secured. This concrete block must be at 
least 2 metres from the ground and be fully 


protected at the sides by a wooden covering, 


from moisture. In the lower part of the 
tower a wood or glass house for the large 
condenser batteries or for the motors may 


be constructed. In'order to lead the earth 


connection to the ground water, a well in- 
sulated pit constructed of vitreous bricks, 
must be provided. Several such towers are 
erected at equal distances apart and con- 
The 


` horizontal connecting wires may either run 
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directly from tower to tower or be carried 
on bell shaped insulators similar to those in 
use for high voltage conductors. The width 


of the network may be of any suitable size. 


and the connection of the motors can take 
place at any suitable places. 


In order to collect large quantities of: 


electricity with few aerials it is well to pro- 
vide the aerial conductor with batteries of 
condensers as shown in two methods of con- 
struction in Figures 21 and 22. In Figure 
21 the batteries of condensers 5 are con- 


nected on the one hand with the aerial elec-. 
tricity collectors Z by the aerial conductor 
_ A, and on the other hand interconnected in 


serles with an annular conductor from 
which horizontal conductors run to the con- 
necting points C to which the earth wire is 
connected. 

Figure 22 shows a similar arrangement. 
Should two such series of antenne rings be 
shown by a voltmeter to have a large ` dif- 
ference of potential (for example, one in the 


"mountains and one in the plain) or evén of 


different polarity these differences may be 
compensated for by connecting sufficiently 
large condenser batteries (5, 53, 5 5) by means 
of Maji star conductors D and Dt. In Fig- 


poles directly to the aerial conductors. 
improved diagram of the connections for 


«work, 


curr ent up to and beyond 500 volts. 
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ure 23 a connection of three such rings of 


collectors to form a triangle with a central 
condenser battery is illustr ated. 


The condenser batteries of such large = 
stallations must be embedded in liquefied T 


gases or in liquids freezing at very low 
temperatures. 
the atmospheric energy must be employed 
for liquefying these gases. It is also-prefer- 
able to employ pressure. By this means the 
condenser surfaces may be diminished, and 
still allow for large quantities of energy to 
be stored, secure against breakdown. For 
smaller installations the immers' ng of the 
condensers in well insulated oil or the like, 
suffices. Solid substances on the other hand 
cannot be employed as insulators. 

The arrangement in the diagrams hitherto 
described was always such ‘that the con- 
denser batteries were connected with both 


An 


= 


In such cases a portion of . 


obtaining ‘atmospheric electricity. for the — 


condenser batteries has however, been found 


to be very advantageous, this arrangement 
consists in that they are connected by only 
one pole (unipolar) to the collecting, net- 
Such a method of arrangement is 
very important, as by means of it a constant 
current and an increase of the normal work- 
ing pressure or voltage is obtained. If for 


‘example a collecting balloon aerial which is 


allowed to rise to a height of 300 metres, 
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shows 40,000 volts above earth voltage, in . 


practice it has been found that the wor king 


voltage (with a withdrawal of the power 


according to the method hereinbefore de- 


scribed. by means of oscillating spark gaps 
and the'like) is only about 400 volts. If 
however, the capacity of the condenser sur- 
faces be increased, which capacity in the 
above mentioned case was equal to that of 
the collecting surface of the balloon aerials, 
to double the amount, by connecting the 
condenser batteries with only one pole, the 
voltage rises under an equal withdrawal of 
This 
can only be ascribed to the favourable action 
of the connecting method. 

In addition to this substantial im prove- 
ment it has also been found prefer aie to 
insert double inductances with electromag- 
nets and to place the capacities prefer ably 
between two such electromagnets. Jt has 
also been found that the useful action of 
such condensers can be further increased if 
an induction coil be connected as inductive 
resistance to the unconnected pole of the 
condenser, or still better if the: condenser 
itself be made as an induction condenser. 
Such a condenser may be compared with a 
spring which when compressed carries in 
itself accumulated force, which it again 
gives off when released. In charging, a 
char ge with reversed sign is farmad at the 


working. There is a definite pulsating of the LED, so the user is 
sure that the circuit is working. 

The accuracy of the instrument is very dependent upon the 
tolerance of the calibration capacitor, C3. Prior to use, C3 is 
switched into the circuit and the frequency of 1C1 is adjusted by R2 
until the meter reading is equal to the value of C3. Figure 2-22 
shows C3 as being 5100 pF, 1% tolerance. Actually, any conve- 
nient value could be used, but the tap on the range switch would 
have to be changed to make sure the correct frequency is being 
applied through C3. 

The condition of the battery can be checked by pressing S3. 
When making a battery test, ensure that there isn't a signal path 
through a capacitor to the meter, as this would give a higher battery 
voltage reading than really exists. The multiplier resistor will give 
a reading of .9 on a full scale of 1. 


Construction 


I like sockets. It makes troubleshooting easier if a chip must 
be removed, but sockets are not necessary. All 74L590s are wired 
the same as IC2. The range switch is wired to make 5 ranges 
available. The additional position is used as the calibrate position. 
A separate switch can be used for calibration, but the user has the 
chance of damaging his meter if the calibration capacitor is a .005 
and the range switch is in the 0-to-100 range position. The ICs can 
be replaced by 7490s and 7400s, but the current drain is rather high 
for a 9-volt battery. If a power supply is used, there is no problem 
using the TTL chips. The meter rectifiers are run-of-the-mill 
diodes. The meter is a 50 A meter with a 0-to-1 scale marked off 
in .1 readings. 

Use 

Prior to use, the meter should be calibrated to compensate for 
those variables that cause errors. After calibration, the unknown 
capacitor is placed across the test terminals and read. A word of 
caution is offered: Use this meter as you would a voltmeter in a 
strange circuit. Start on the high range and work down until you get 
a reading. This prevents pegging the meter and possibly damaging 
it. 


AUDIBLE TRANSISTOR TESTER 


If this sad experience has happened to you, it may be because 
you are like many experimenters who routinely use an ohmmeter 
to test transistors and diodes. Though this method is effective, it 
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- conductor network, which in fact charges 
_ with opposite signs to that at the freé con- 

| The new induced charges havé. 1 
of course the same sign as the collector net- . 
work, . The whole voltage. energy in the: 
aerial is thereby however increased. In the 
-~ “same space of time. larger quantit: es of | 
- energy are accumulated -than is the case 
without such inserted condenser batteries. |” 
Tn. Figures 24 and 25 two: different dia- 

- grams’ of connections are more exactly 1llus-. 
trated, Figure 24 shows a collecting balloon: + 
“and the diagram of- the connections to earth. ` 
Figure 25 four collecting balloons and the. 
parallel connection of. the condenser’ bat- : 
teries, belonging thereto. ` 
A is the collecting balloon: cade! oF an 


Pa _ denser pole.’ 


10 
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os . ‘ilies fis eee pole, and if thr otigh ù the. 
spark gap a short circuit. results, the accu- 


mulated. energy is again given back since 
now new quantities. of energy are induced 
at: the condenser pole connected with the 


- aluminium magnesium alloy (electron metal, 


2° 
Sr. 


—magnalium) of a specific gravity of 1.8 and 
a thickness of plate .0.1 to 0.2 mm. -Inside : 


there are eight strong vertical- ribs. of T 


oU 


ribs. 


r + 
ea 
Le 
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_ external surface is obtained. 
or coppered aluminium plated steel wir esrun 
from each rib to the fastening ring 2. | Fur- 
the coppered steel ha, wser L pr efer ably 


_- dotted lines in Figure 24) and which rust» 
ae be. long enough to allow the-balloon to rise . 
in the desired height, leads to.a metal roller. 
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elasticity. 


“0 well insulated from the earth. | | 
this winch, the balloon, which i is filled with 
hydrogen, or helium, can be allowed to rise 
to a suitable. height (300 to: 5 
and brought to the ground for recharging A 


shaped section about 10 to 20 mm. in height 


and about 3 mm..in thickness with:the pro- 
jecting part directed inwards (indicated by. : 
a,b,c, d and so forth) they are riveted to- 
géther to form a firm skeleton and are stiff-... 
ened in a horizontal direction. by two cross 
The ribs are further connected with — 


one another internally and transversely by 


means of thin steel wires, “hereby: the bal- 
loon obtains. great power of resistance and 
Rolled plates df 0.1 to 0,2 mm. in .. 
-tiickness made of magnalium alloy are then’: 
either soldered: or riveted. on this skeleton 


so that a fuly metallic casing: with smooth 


t! Er, 
twisted out of separate thin wires (shown i in 


or, pulley 3 and from thence to a winch W, 


000 metres) 


or repairs. 
The actual current is ee aes 


through a friction contact from the metal 
roller 3 or from the wire, or even from the 
: winch or simultaneously from. all three by 
means of brushes (3, 3? and 3°). 


Beyond 
the brushes the ‘conductor is. divided; the 
paths being -—firstly over 12 to the safety 
spark gap 8, from thence to the‘earth con- 


ductor “Ex, and secondly over electromagnet 
2 $1, point 13, to a second loose electromagnet 


- ductor. EZ; - 


21,3 


ductor than would. otherwise be the case. 
< has also been found that such a back a 


Well sil vered 


trated. by 1i); 


By means af p 


of light metal. 


7 


a an ai coil DS da to the. | 


spark. gap Y and to the. second. earth con- 
‘The actual working «circuit ‘is: 
formed through.the spark gap. me condensers’ - 
53 and 6, and. through: the. primary coil 9; 
here the static electricity formed by. oscil. i 
latory discharges is accumulated and. con- ~ 


erted into high frequency electromagnetic. 


oscillations. 
and S? at the crossins point 13, four con- 


Between the electromagnets a 
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denser batteries are: introduced: which: are 


Two of 


‘only. indicated diagrammatically in the — 

-drawings-each by one condenser. 
these batteries. (16 and 18) are made as plate 
- condensers and prolonged by regulating im- 
duction. coils.or spirals‘17 and 19 while the 
‘two others (21 and 23) are induction «on- 
~densers. As may he seen from the dra wings | 
eath of the: four. condenser batteries 1€, ÍS, ie 
23:is connected only by one pole. to the € 


E aerial. or to: the . collector conductor. -The e 


second -póles 17, 19; 22, 24 are. open. In the, -- 


resistance an induction coll is inserted.’ 


` case of plate’ condensers haying no inductive ` 


The- 
ae 


object of such a ‘spiral or coil is the displace- a 
ment of phase of the induction current by 14. | 


collector aerial the back inductive. action. of 
maintained. in the aerial | collecting 
action 


wear of the contacts. 


periods, whilst’ the charging current of the a 
condenser poles which lie free in: the air, 0°: 
works back to.the collector. aerial, 
“sequence of this is that in discharges in the . 


The. eoh- > 
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-the free poles allows a higher voltage to be h 
COn- 


It 
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has an extremely favourable effect. on the 
Of course the indue- > - 
tive effect may be regulated at will within - 
the limits of the size “ot. the induction coil, ` 
the length of the coil in action being: ad: <] 


justable by. means of wire connection. with- ome 


‘out induction. (see Fig. 24, No. 20). : 


-S* and:S? may also be pr ovided with sich: 
regulating devices in the case of S? (illus- — 


able apparatus, 
be dangerous for the other apparatus. 


The action of these condenser batteri ies hi as 115 
alr eady been hereinbefore described. 


Tt excess voltage be formed 
itis. conducted. to earth thr ough the wire 12- 
and spark gap 8 or through any other sitit- 
since this. formation would | 


The small circles‘on the collector halon = 


indicate places at which zinc amalgam. or - 


gold amalgam or other photoelectric acting — 


metals in the f form of small patches in ex- 


tremely thin layers (.01 to .05 mm. in 


129 _ 


thickness) are applied to-the balloon casing | 


Stich metallic patches may 3 


also be applied to the entire balloon as'well 
as in greater thicknéss to the conducting 12: 


netw ork. 


The greatest. possible effect in col- 
lecting may be obtained by polonium amal- 
gams “and the like. * 


On the surface of the 


The capacity of the collector is | 
thereby considerably strengthened at the 
surface.. 
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ID 
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ro 
Ut 


have a rough surface. 


8 


collector, balloon metal points or spikes are, 


also fixed along the ribs, which spikes serve 
particularly for collecting the collector 
charge. Since it is well known that the re- 
sistance of the spikes is less the sharper the 
spike is, for this purpose it is therefore ex- 
tremely important to -employ as sharp 
spikes as possible. Experiments made as 
regards. these have-shown that the forma- 
tion of the body of the spike or point also 
plays a large part. for example, spikes made 
of bars or rollers with smooth surfaces, 
have a many times greater point resistance 
as collector accumulatot spikes than those 
with rough surfaces. Various kinds of 
spike bodies have been experimented with 
for the collector balloons hereinbefore men- 
tioned. The best results were given by 
spikes which were made in the following 
wav. Fine points made of steel, copper, 
nickel, or copper and nickel alloys, were fas- 
tened ‘together in bundles and then placed 
as anode with the points in a suitable elec- 
trolyte (preferably in hydrochloric acid or 
muriate of iron solutions) and so treated 
with weak current at 2 to 3 


ness of the spikes or pins the points become 
extremely sharp and the bodies of the spikes 
The bundle can then 
be removed and the acid washed off with 
water. The spikes are then placed as 
cathode in a bath consisting of solution of 
gold, platinum, iridium, paladium or wolf- 


ram salts or their compounds and coated- 


- at the cathode galvanically with a thin layer 


a0 
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of precious metal, which must however be 
sufficiently firm to protect. them from at- 
mospheric oxidation. _ 

Such spikes act at a 20 fold lower voltage 
alinost as well as the best and finest points 
made by mechanical means. 


forming the protective layer or coating. 


Such pins have a low resistance at their 
points and even at one volt and still lower 


pressures have an excellent collector action. 
In Figure 24 the three unconnected poles 


are not connected with one another in par- 
That is quite possible in practice 


allel. 
withont altering the principle of the free 
pole. It is also preferable to interconnect 


in parallel to a common collector network, 


a series of collecting aerials. 
Figure 25 shows a diagram for such an 
installation. Az A? A3, As are four metal 


collector balloons with. gold or platinum. 


coated spikes which are electrolytically 
made in the presence of polonium emana- 
tions or radium salts, which spikes or nee- 
dles are connected over four electro-magnets 
S1, 52, S$, S*, through an annular conductor 
R. 
run over four further electromagnets -S°, 


Ə volts pressure. 


After 2 to 3 hours according to the thick- injured. 


Still better re- 
sults are obtained if polonium or ‘radium 
salts are added to the galvanic bath when: 


From this annular conductor four wires 
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Th ere 


SP, § se Sa, to the cameti point 13. 


the conductor i is divided, one branch passing 
over 12 and the safety ‘spark gap 8 to the. 


earth at Et, the other over inductive resist- 
ance J and working spark gap 7 to the earth 
at E? The working circuit, consisting of 
the condenser 5 5 and 6 
motor or a condenser motor M, such as here- 
inbefore described, is connected in prox- 
imity round the sparking gap section 7. 
Instead of directly connecting the con- 


denser motor of course the primary circuit 


for high frequency oscillatory current’ may. 
also be inserted. 
The condenser batteriés are connected by 


one pole to the annular conductor R and can 


be either, inductionless (16 and 18) or made 
as induction condensers as shown by 21 
and 23. . The free poles of the inductionless 


-condensers are indicated by 17 and 19, those 


of the induction condensers by 22 and 24, 


ine a resonance 


we 
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As may be seen from the drawings all these - 


poles 17, 22, 19, 24 may be interconnected 
in parallel through. a second annular con- 
ductor without any fear that thereby the 
principle of the free pole connection will be 


already set forth the parallel connection 


also allows of an equalization of the work-. 


ing pressure in the entire collector network. 
Suitably constructed and calculated induc- 
tion coils 25 and 26 may also be inserted in 
the annular conductor of the free poles, by 
means of which a cirenit may be formed 
in the secondary coils 27 and 28 which al- 
lows current produced in this annular con- 


ductor. by fluctuations of the charges or the. 


like appearances to be measured or other- 
wise utilized. 

` According to what has been hereinbefore 
stated separate collector balloons may be 
connected at equidistant stations distributed 
over the entire country, either connected di- 
rectly with one another metallically or by 


‘means of intermediate suitably connected 


condenser batteries through high voltage 
conductors insulated from earth. The 
static electricity is converted through a 
spark gap into dynamic energy of a ‘high 
number of oscillations and may in such form 
be coupled as a source of energy by means 
of a suitable method of connecting, various 
precautions being observed, and with spe- 
cial regulations. The wires. leadine from 


the collector balloons have hitherte been 


connected through an annular conductor 
without this endless connection, which can 
be regarded as an endless induction coil, be- 
ing able to exert any action on the whole 
conductor system. 

It has now been found that if the network 
conductor connecting the aerial collector bal- 
loons with one another is not made as a 
simple annular conductor, but preferably 


‘short circuited in the form oe coils over a 


In addition to the advantages. 


og 
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sca 
_ balloons, 5, 6, 7, 8 their metallic aerial con- 
. ductors and I the actual collector network. 
This consists of five coils and is mounted on 
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| condenser battery or spark gap or through | 


thermionic tubes or valves or audions, then 


the total collecting network exhibits quite 


new properties. The collection of atmos- 


_pheric electricity is thereby not only in- 
creased but an alternating field may be eas- 


ily produced in the collector network. 


Further, the atmospheriéelectrical forces. 


showing themselves in-the higher regions 
may also be directly obtained by induction. 
In Figures 26 and 28 a form of construction 


- As shown on the basis of which. the further 
. foundations of the method will be: more par-. 


ticularly explained. Bo Ba BE cee S 
_ In Figure 26 1, 2, 3, 4 are metal collector 


high voltage insulators in the ‘air, on high 


voltage masts (or with a suitable construc- 
tion of cable embedded in the earth). One. 


coil has a diameter of 1 to 100 km. or more. 


S and S? are two protective electromagnets, 
F- the second safety section against excess 
voltage, E its earth conductor and E the 


earth conductor. of the working section. 


. When an absorption of static atmospheric 


electricity is effected through the four bal- 
loon collectors, the current in order to reach 


the earth connection E* must flow spirally. 


through the collector. network over the elec- 


tromagnet S, primary induction coil 9, con- 

_ ductor 14, anode A of the audion tube, in- 
candescent cathode. K, as the way over the. | r distance. VW 1th | 
| | of the spiral it is ‘possible to connect large 

surfaces and thereby to take up also. large 


electromagnet and.safety spark gap F offers 


considerably ‘greater resistance. Owing to. 


the fact that the accumulated current flows 
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_ points on' the balloon and the surrounding ~ 
atmosphere are ‘produced. The. result ‘of. 
this is a considerably increased collector ef- rou 
| A spopthern lights are constantly present, large - 

A second effect which could not be ob- 
tained otherwise is obtained by the electro- 
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In one direction, an electromagnetic alter- 
nating field is produced, ini the interior of- 


the collector network coil, whereby the whole 


free electrons are directed more or less into. 


the interior ‘of the coil. “An increased ioni- 


zation of the atmosphere is therefore pro- 
- duced. ` In consequence. of this the points 


mounted on the collector balloon show a 
considerably. reduced resistance and there- 
fore increased ‘static: charges between the 


fect. 


magnetic alternating field which running 
parallel to the earth surface, acts more or 


less with a diminishing or. increasing éffect: 
on the earth magnetic field, whereby in the’ 
case of fluctuations in the current a return 
induction current of reversed sign is always 


produced in the collector coil by earth mag- 


_ netism. - Now if, however, a constantly pul- 


sating continuous alternating field is pro- 


duced as stated in the above collector net- 


work I, an alternating current: of the same 


periodicity is produced also in the collecting 


network coil. As the same alternating field 
is further transmitted to the aerial balloon, 
ponte is thereby. con-~ 
ilst the collector ac- — 


the resistance of its 
siderably reduced,. w | "ac: 
tion is cónsiderably increased. A- further 


advantage is that positive electrons which 
collect on the metal surfaces during the con- * 
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version into dynamic current produce a so- — 


called. drop of potential: of the collector 


area. As an alternating field is present, the 
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negative ions surrounding the collector sur- | 


` faces, when discharge of the collector. sur- 


faces takes place produce by the law of in- 


duction, an induction of reversed sign on | 


the collector: surface and so forth (that is 


to say again a positive charge). In addi- 
‘tion to the advantages hereinbefore set forth 
the construction of connecting conductors in 


3 


coil form when. of sufficiently large diam- 


eter, allows of a utilization of energy aris- g: 
Ing in higher regions also in the simplest 
way. „As is well known electric discharges. 


frequently take place'at very great eleva- 


tions. which may be observed, such as St. 


Elmo’s fires, or: northern lights. These 


energy quantities have not been able to be 


80 


utilized up to now. By this invention all . 


these kinds of energy, as they are of an 
electromagnetic. nature and the direction of 


the axis of the-edllector: coils stands at- right- 
angles to'the earth’s surface, can be more or 
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less absorbed in-the same way as A receiver | 
1n wireless telegraphy absorbs waves coming — 
from a far distance. With a large diameter 


quantities of energy. 
+ It is well 


tions in* the summer months, and also in 
the tropics are very frequently unable to 


receive the signals in consequence of inter- 


ruptions which are caused by atmospheric 
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known that large wireless sta- 
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. electricity, and this takes place with vertical 


coils of enly 40 to 100 m. diameter. If on > 


the contrary horizontal coils of 1 to 100 km. 
diameter be employed very strong currents 


tter: in the polar regions where the 


with ‘several 
ngs 1 - In similar 
manner any alteration of the earth mag- 
netism should act inductively on such a coil. 


It is not at all unlikely that earthquakes 


and spots on the ‘sun will also produce an 
induction in such collector coils of sufficient 
size. In similar manner this collector. con- 


-ductor will react on earth currents more _ | 
cd when they are near the surface _ 


of the earth or.even embedded in the earth. 
By combining the previous kind of current 


collectors so far as they are adapted for 1 
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may be obtained through discharges which _ 
are constantly ‘taking place in the atmos- 
pee | eed in the tropics or still 
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“quantities of energy may probably be ob- 
tained in this way. A. coil 
‘windings should act ‘the best. 
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_ the improved system with the improved pos- 


sibilities of obtaining current the quanti- 
ties of free natural energy which are to be 
obtained in the form of electricity are con- 
siderably increased. — .. . a ih 

In order to produce in the improved col- 
lector coil uniform current oscillations of 
an undamped nature so-called audion high 


vacuum or thermionic tubes of suitable con- 


nection are employed instead of the. pre- 


viously known spark gaps (Fig. 26, Nos. - 


9-18). The main aerial current flows 
through electromagnet S (which in the case 
of a high number of alternations is not con- 


nected here but in the earth conductor -E*) 


and may be conveyed over the primary coils 


in thé induction winding through wire 14 
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to the anode A of the high vacuum grid 
tube.. Parallel with the induction resistance 


9 a regulating capacity of suitable size, such . 


as condenser 11 is inserted. In the lower 
part of: the vacuum grid tube is arranged 
the incandescent filament or the cathode K 
which is fed through a battery B. From 


the battery. B two branches run, one to the- 


earth conductor E* and the other through 
battery B* and secondary coil 10 to the grid 
anode g in the vacuum tube. By the method 
of connections shown in dotted lines, a -de- 
sired voltage at the grid electrode g .may 
also be produced through the wire 17 which 
is branched off from the main, current con- 
ductor through switches 16 and some small 


._ condensers (a, b, c, d) connected in series, 
2 and conductor 18, without the battery Bt 


being required. | 


The action of the entire system is some-. 
what as follows :— ya A 


On the connecting conductor. of the aerial 
collector network being short circuited to 


- earth, the condenser pole 11 is charged and 


slightly damped oscillations are formed in 
the short circuited existing oscillation cir- 


cuit formed of the condenser 11 and self 


inductance 9. In consequence of the cou- 
pling through coil-10, fluctuations of voltage 
take: place in the grid circuit 15 with the 
same frequency, which, fluctuations in turn 


influence the strength of the electrode cur-: 
rent passing through the high vacuum am-. 


plyfying tube and thus produce current fluc- 


tuations of the same frequency in the anode 
circuit. A permanent supply of energy to the- 


oscillation circuits 9 and 10 consequently 


takes place, until a condition of balance is — 


set up, in which the consumed oscillation 
energy is equal to that. absorbed. Thereby 
constant undamped oscillations are now pro- 
duced in the oscillation circuits 9-11. 

For regular working of such oscillation 
producers high vacuum strengthening tubes 
are necessary and it is also necessary that 
the grid and anode voltages shall have a 


phase difference of 180° so'that if the grid 
is negatively charged, then the anode is 
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positively charged and vice versa. This 


necessary. difference of phase may be ob-. 


tained by “most varied connections, for ex- 
ample, by placing the oscillation circuit in 


- the grid circuit or by separating the oscil- 
latión circuit and inductive coupling from 
_the anodes and the grid circuit and so forth. 


A second important factor in this way of 
converting static atmospheric electricity into 
undamped oscillations 1s that care must be 
taken that the grid and anode voltages have 
a certain relation to one another; the latter 
may be obtained by altering the coupling 


and. a suitable selection.of the self induction 


in the grid circuit, or as shown by dotted 


lines 18, 17, 16 by means of a larger or 


smaller number of condensers of suitable 
size connected in series; in this case the 


able selection of the grid potential a glow 
discharge takes place between the grid g 
and the anode A, and accordingly at the 
grid there is a cathode drop and a dark 


space is formed. The size of this cathode 


drop is influenced by the ions which .are 
emitted in the lower space in consequence 
of shock ionization of the incandescent 
cathodes K and pass through the grid in 
the upper space. On the other hand the 
number of the ions passing through the grid 
is dependent on the voltage between the grid 
and the cathode. Thus if the grid voltage 


undergos periodic fluctuations (as in the 


present case) the amount of the cathode 
drop at the grid fluctuates and consequently 


‘the internal resistance of the tube corre- 


spondingly fluctuates, so that when a back 


- coupling of the feed circuit with. the: grid 


circuit takes place, the necessary means are 
afforded. for producing undamped oscilla- 


tions and of taking current, according to re- 


quirements from the collecting conductor. 

-The frequency of the undamped oscilla- 
tions produced is with a suitably loose cou- 
pling equal to the self frequency of the 
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battery Bt may be'omitted.. With a suit- | 
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oscillation circuits 9 and 10. By a suitable ~ 


selection of the self induction of the coil 9 
and capacity 11 it 1s possible to extend from 


frequencies which produce electromagnetic 


oscillations of only a few metres wave 
length down to the lowest practical alter- 
nating current frequency. For large instal- 
lations a suitable number of frequency pro- 
ducing tubes in the form of the well known 

igh vacuum transmission tubes of .5 to 2 
kw. in size may be connected in parallel so 
that in this respect no difficulty exists. 

The use of such tubes for producing un- 
damped oscillations, and also the construc- 
tion and method of inserting such trans» 


mission tubes in an accumulator or dynamo 


circuit is known and also that such oscilla- 
tion producing tubes only work. well at-volt- 
ages of 1,000 up to 4,000 volts, so that on 
the contrary their use at lower voltages is 
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considerably more difficult. By- the use of 


_ high voltage static electricity this method 
_ of producing .undamped oscillations as com- 


pared with that through spark gaps must 


be regarded, as an ideal solution particu- - 
larly for small installations of outputs of. 


- from 1 to 100 kw. 


“15 


. 20 


25 


By the .application of safety spark gaps, 


with interpolation of electro-magnets, not 


only is short circuiting avoided but also 
the taking up of current is regulated.. Os- 


cillation producers inserted in the above way 


form a constantly acting electromagnetic © 
alternating field in the collector coil, where- 


by as already stated, a considerable accumu- 


lating effect takes place. The withdrawal | 
wire or working wire is connected at 12 and > 


13, but current may ‘be taken by means of 
a secondary coil which is firmly or movably 


mounted in any suitable way inside the large 
collector coil, i. e. in its: electromagnetic 
alternating field, so long as the direction. of - 
its axis runs parallel with that of the main. 


current collecting coil: _ 
In producing undamped 
high frequency (50,000. per second and 


more) in the oscillation circuits 9 and 11, 


electromagnets S and Si must be inserted if 


the high frequency oscillations are not to 
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penetrate the collector coil, between .the os- 
cillation producers and the collector coil. 


In all other cases they are connected shortly 


before the earthing (ás in Figs. 27 and 28). 


loon aerials is illustrated in the form of a 
coil.: The main difference consists: in that 
in addition to the connecting conductor I 


another annular conductor: II is inserted l 
parallel ‘to the former on the high voltage. 
masts in the air (or embedded as a cable in - 
the earth) but both in the form of a coil. ° 
~ The connecting wire of the balloon aerials 
-. is Indicated as a primary conductor and also. 


as a current producing network; the other 
is the consumption network and is not in 


= unipolar connection with . the current, pro- 
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ducing network. 2 | 
In. Figure 27 the current roducing net- 
work I is shown with three balloon collec- 


tors 1, 2, 3 and aerial conductors 4, 5, 6; it is 
short circuited through: condenser 19 and 


inductance 9. The oscillation forming cir- 
cuit consists in this diagram of spark gap 
f, inductance 10, and condenser 11; the 
earth wire E, is connected to earth over 
electromagnet St. F is the safety spark gap 


which is also connected to earth through a 


second electromagnet S at E. On connect- 


ing up the condenser circuit 11 this is. 


charged over the spark gap f whereby an 
oscillatory discharge is ‘formed. This dis- 


charging: current acts through inductance 
10 on the inductively coupled secondary 9, 
whereby. in the producing network a modi- 


but it is advisable to insert a 


oscillations of a ' 


fication of the potential of the condenser 19 | 


is produced. The consequence of this is 


that ‘oscillations arise in: the coil shaped 


producer network. These oscillations in- 


duce a current in the secondary circuit II, ' 


which has a smaller number of windings 


and a less resistance, the voltage of which, 
according to the ‘proportion of the number 
of windings and of the ohmic resistance, 


is considerably lower whilst the current 


Strength is greater. a | | 
In order to convert the current. thus ob- 


ce 


tained into current of an undamped char- 


acter, and to tune its wave lengths, a suffi- 
ciently large regúlatable capacity 20 is in- 
serted between the ends 12 and 13 of the 


secondary conductor II. Here. also: current 


T : 
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may be taken without an earth conductor, 


gap E* ‘and to connect this 
over an electromagnet S2. — 


The producer network may be connected 
with the working network IT over an induc- 
_tionless condenser 21 or over an induction. 


condenser 22, 23. In this case the secondary 


conductor is unipolarly connected with the 
energy conductor. = = © 7 
- In Figure 28 the connecting conductor be- 
tween the separate accumulator balloons is 
carried out according to ‘the - autotrans- ` 
‘former principle. The collecting coil con- 
pects four aerial balloons-1,2,-3,4, the wind- 
| ings of which are not made side by side but 
In Figure 27 a second method of construc- | 
tion of the connecting conductor of the bal- 


one above the other. In Figure 28 the-col- 


lector coil I is shown with a thin line, the - 
metallically connected prolongation coils II 


with a thick line. Between the ends I! and 


II" of the energy network I a regulating | 


capacity 19 is inserted. The wire I! is.con- 
ected with the output wire and with the 
spark gap F. ess cas | 


safety spark - 
with the earth $ 


As transformer of the atmospheric elec- . 
tricity an arrangement is employed which - 
consists in-using rotary pairs of condensers 
in which the one stator surface B is con- 
nected with the main current, whilst. the 
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other A is connected with the earth nole. _ 


the alternating current formed in ‘the rotor 


can act, in this improved method of con- 
‘nection described in this invention, through — 
coils 10 on the inductance. 9, an increase or: 
diminution of the feed current in I can be 


obtained according to the direction of the 


Between these pairs of short circuited: con- ` 
densers are caused to rotate from which the , 
converted current can be taken by means of ` 
_two collector rings and brushes, in the form 

of an alternating current, the frequency of 
which is dependent on the number of bal- 
loons and the revolutions of the rotor. As. 


current by back induction. . Current oscil- 


lations of uniform rhythm thereby result in 


the coil shaped windings of the producer : 


net-work, - , 7 
As the ends of this conductor are short cir- 
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cuited through the regulatable condenser 19 
these rhythms produce short circuited: un- 


damped oscillations in the energy conductor, 


the periodicity and wave lengths of which 
oscillations can be adjusted according to 
desire by altering the capacity 19 to a given 
wave length and therewith also to a given 
frequency. These currents may also be em- 
ployed insthis form directly as working cur- 


‘rent. through the conductors -IF and LI. 


By. inserting the condenser 20 a connection 
between these conductors may also be made, 


By this means 
quite new effects as regards current distribu- 
tion are obtained. The withdrawal of cur- 
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tions distributed over the entire country or: 


may be connected by interpolation of suit- 
able condenser batteries by means of high 


voltage conductors. The static electricity 1s 


energy of a high number of oscillations, and | 


whereby harmonic oscillations of desired 
wave length are’ formed. 


rent can even take place without direct wire 


connection if, at a suitable point in the in- 


terior of the producing network {quite 1m- : 


materially whether this has a diameter of 
1 or 100 km.) a coil tuned to these wave 


lengths and of the desired capacity is firmly | 


or movably mounted in the aerial conductor 


in such a way that its axial direction is 1n 


parallel with that of the collector coil. In 
this case a current is induced in the produc- 
ing network, the size of which is depend- 
ent on the total capacity and resistance and 


also on the periodicity employed. A possi- 
bility is thereby afforded in future, of tak- 


ing energy from the producer network by 
wireless means. As thereby in addition to 
atmospheric electricity also magnetic earth 
currents and the energy from the higher at- 
mosphere (at least partially) may be simul- 
taneously ‘obtained, this last system for col- 
lecting the atmospheric energy is of particu- 
lar importance for the future. | 
. Of course everywhere instead of spark 
gaps suitable grid vacuum tubes may be em- 
ployed as producers for undamped oscilla- 
tions. The separate coils of the producer 
net-work with large diameters may be con- 
nected with one another through separate 
conductors all in parallel or all in series or 
in groups in series: By regulating the num- 
ber of oscillations and also the extent of the 
voltage more or less large colleetor coils of 
this kind may be employed. The coils may 
also be divided spirally over the entire sec- 
tion. The coils may be carried out in annu- 
Tar form or also in triangular, quadrangular, 
hexagonal or octagonal form. e 
Of course wires may be carried from a suit- 
able place to the centre or also laterally 
which serve the current waves as guides. 
This is necessary when the currents have to 
be conducted over mountains and valleys 
and so forth. In all these cases the current 
must be converted into a current of suitable 
periodicity. 
As already 
rate collecting balloons may be directly me- 


hereinbefore mentioned sepa-. 


converted through a spark gap into dynamic 


could then ‘in such form, with a suitable 
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arrangement: of the connections, observing - 
various measures of precaution, be employed | 


as source of energy after separate or special 


regulation. 


- According to this invention in order to in- 
erease the collecting effect of the balloon in- 


the aerial collector conductor or in the earth 
wire, radiating collectors are employed. 


These consist either of incandescent metal 


or oxide electrodes in the form of vacuum 


grid tubes, or electric arcs (mercury and the 


like electrodes) Nernst lamps, .or finally 
flames of various kinds may -be simply con- 


nected with the respective conductor. 
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It is well known that energy can be drawn - 


off from a cathode consisting of an incan- 
descent body opposite an anode charged 
with positive electricity (vacuum grid tube). 
Hitherto however, a cathode was always first 
directly placed opposite an anode, and sec- 
ondly the system always consisted of s 
closed circuit. _ Ea 

Now if we dispense with the ordinary 


ideas in forming light or flame arcs in which - 


a cathode must always stand directly oppo- 
site an anode, and if we place an incandescent 
cathode opposite an anode charged to a high 
potential or another body freely floating in 
the air, or regard the incandescent cathode 


‘only as a source of unipolar discharge 


(which represent group and. point dis- 
charges in electro-static machines similar to 


unipolar discharges) >it may be ascertained 


that incandescent cathodes and Jess perfect- 
ly all incandescent radiators, flames and the 
like admit of relatively large current densi- 
ties-and allow large quantities of electric 
energy to radiate into the open space in the 


form of electron streams as transmitters. 


The object of this invention is as described 
below, if such incandescent oxide electrodes 
or other incandescent radiators or flames are 
not freely suspended in space but connected 
metallically with the earth so that they can 
be charged with negative terrestrial elec- 


tricity, these radiators possess the property 


of absorbing -the free positive electrical 
charges contained in the air space surround- 
ing them (that is to.say of collecting them 


‘and conducting them to earth). They can 


therefore, serve as collectors and have, in 
comparison to the action of the spikes, or 
points, a very large radius of action R; the 
effective capacity of these collector is much 
greater than the geometrical capacity (Ro-) 


| í calculated in an electro-static sense. | 
tallically interconnected at equidistant ‘sta- | 


Now as our earth 15 surrounded as is well 
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_ known, with an electro-static field and the 
-. difference of potential © S 


of the earth. field according to- the latest 


investigations, is in summer about 60 to 


100 volts and in winter 300 to 500 volts per 


metre of difference in height (34), a simple 


calculation gives the result that when such a 


radiation collector or. flame collector 18 ar- 


_ ranged for example on the ground; and a 


second one is mounted vertically over it at 


a distance of 2,000 metres and both are con- 
nected by a conducting cable, there is a dif- 


_ ference of potential in summer of about 


2,000,000 volts and in winter even of 6,000,- 


000 volts and more. ` 
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_ ing space a periodic fall of potential 8V jt 
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an electric total work of 
10% kilowatt years. 


radiation, t 


coe to Stefan Boltzmann’s law of 


e quantity of energy which an 


incandescent surface’ (temperature T) of 1. ES 
Sq. cm. radiates in a unit of time into the E O O He a 
| | From this it must be concluded that if the — 

(Tz). sinks, the total 


the following formula: es | 
-S=8 (IT) watt/sq. em. 


and’ the universal radiation constant 6. is 


open air (temperature T,) As expressed by 


_., according to the latest researches of Ferry 
4, (Annales de Chimie et-de physique 17 Page. 


` 


267 (1909) ) equal to 6:30 102 watt/sq. cm. - 


Now if án-incandescent surface of 1 sq. 


cm. shows, as compared with:the surround- 


radiates (independent of the current direc- 


tion, that is to say of the nen) in accord- 
_ ance with the above formula, for 


a temperature of 3725° 


Now as carbon electrodes at the temperature 


of the electric. arc support on the current 
basis a current density up to from 60 to 65 
amperes per sq. cm. no difficulties will result 
in this direction in émploying radiating col- -t 
| in the atmospheré as technology requires; 
the radius of action of the flame collectors 


lectors as accumulators. ON 
If the earth be regarded as a cosmically 


insulated condenser in the sense of geometri- . 


cal electro-statics œ there results from the 
geometric (compare Ewald Rasch, “das 


elektrische Bogenlicht”- (The electric are 
light) page 169) capacity 


cording to Chwolson: — 


For negative charging 1.810% Coulomb | 


For negative potential V—10X108 volts. 
From this there results however, EJT==24.7 
X10% watt/Sec. Now if it is desired to 
make a theoretic short circuit through an 
earthed flame collector this would represent 
about 79,500 


regarded as a rotating mechanism which is 
thermo - dynamically, — electromagnetically, 


- and also kinematically coupled with the sun 


and stars system by cosmic radiations and 


case as the earth 


earth. temperature 


_. The -incandescent 


earth electricity 
example at 
C. an energy of 1.6. 
Kw.. per sq. cm. per second. As. for. the 

radiation the same value can be: calculated 
for the collection of energy, but reversed. 


of the:earth ac- 
aon _ the atmosphere: 


As the earth must be’ 


e 


€nergy of the earth field is not to be feared. 


The energies which the incandescent col- 


l _lectors would withdraw from the earth field. - 


can only cause by the withdrawal of motor. 


work a lowering of the earth temperature 


{temperature 1,300) and reduce this to 
that of the world space (T=O) by using 
the entire energy. | 
does not represent a cos- 
mically entirely insulated system. On the 


radiation from the sun an energy of 18,500 


gravitation a dimimition of the electric. 


(DN 


This is however not the. 
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contrary there is conveyed_to-the same ace. 
cording to the recent value corrected by | 
Ferry for the solar constants through the 


so 


X10% kw. Accordingly any- lowering of — 


the earth temperature ( Ts) without a simul- 


taneous .lowering of the sun's temperature 


(Ts) would contradict; Stefan Boltzmann’s _ 


law of radiation. 

| ce S-6 (TAT), 

radiation S absorbed by the earth increases, 
and further. also that the secular speed of 
on that of 
nected most closely: with these. 


may, according to this ‘invention, be em- 


ployed for collecting atmospheric electricity | 
if they (1) are charged with the negative. 
(that is to say when they - 


are directly connected by means of-a metal- 


‘lic conductor with the earth) and (2) if | 
S „(metal surfaces) charged | 
with- electricity are mounted -Opposite them 
As positive poles in the air. 


large capacities 


This is regard- 
ed as the main feature of the present in- 
vention as without ‘these inventive ideas it 
would not be possible to collect with an in- 
candescent collector, 
tities of the electrical charges ` contained 


would also be. too small, especially if it be 
considered that the very small surface den- 
sity (energy density) (6 about=2X7 . 10° 

t. E. per sq. em.) does not allow of large 
quantities of charge'being absorbed from 


w) Calculated according to Poisson's cal- 
culations = a? pt | 
AV=—4n8; as here the alteration of the 
potential or potential gradients only takes 


cooling of the earth is directly dependent : E 
on th the sun and the other radiators | 

cosmically coupled with the sun and is con- 
radiation - collectors - 
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sufficiently large quan- _ 
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place in the direction of the normal, this 


calculation assumes the simple form 
E TA 


Tt has indeed already been: 


mospheric electricity and it is known that 


roposed to 
employ flame collectors for co ecting at- | 
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their collecting effect is substantially great- 
er opposite the points. It is however, not 
known that the quantities of current which 
could hitherto be obtained are too small for 
technical purposes. 
periments the reason for this is to be found 
in the too small capacities of the collector 
conductor poles. If such flame or radiat- 
ing collectors have no or only small posi- 


tive surfaces, their’ radius of action for 
large technical purposes is too small. If 


the incandescent collectors be constantly 


kept in movement in the air they may co!- 


lect more according to the speed of the 


movement, but this is again not capable of 


being carried out in practice. | 

By this invention the collector effect is 
considerably increased by a body charged 
with a positive potential and of the best 
possible capacity being also held floating 
(without direct earth connection) opposite 
such an incandescent collector which 1s held 
floating in the air at a desired height. 11 
for example, a collecting balloon of sheet 
metal or of metalized balloon fabric be 
caused to mount to 300 up to 3,000 metres 
in the air and as positive pole it is brought 
opposite such a radiating collector con- 
nected by a conductor to earth, quite differ- 
ent results are obtained. a 

The metallic balloon shell (with a large 
surface) is charged to a high potential by 
the atmospheric electricity. This potential 
is greater the higher the collecting balloon 


5 is above the incandescent collector. The 


positive electricity acts concentratedly on 


the anode floating in the air as it is attracted, 
through the radiation shock ionization, pro-' 
ceeding from the incandescent cathode. 
The consequence of this is that the radius 


of action of the incandescent cathode col- 
lector is considerably increased and thereby 


also the collecting effect of the collecting 
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balloon . surface. Further the large ca- 
pacity of the anode floating in the air plays 
therefore an important part because it al- 
lows of the taking of large charges, and 


thereby a more uniform current is obtained 
even “when there is a large consumption: 


this cannot be the case with small surfaces. 


In the present case the metallic collect- 


ing balloon is a pos'tive anode floating in 
the air and the end of the earth conductor 
of this balloon serves as positive pole sur- 
face opposite the surface of ‘the radiating 


incandescent cathode, which in turn is: 
charged with negative earth electricity be- 


ing conductingly connected to earth. 
The process may- be carried out by two 


such contacts (negative incandescent cath- 


ode and anode end of a capacity floating in 
the air) a condenser and an inductive re- 


sistance being switched on in parallel, 


whereby simultaneously undamped oscilla- 
tions may be formed. 


According to my ex- 


collectmg effect. 
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In very large installations it is advisable 
to connect two such radiating collectors in 
series. Thus an -arc light incandescent 
cathode may be placed below on the open 
ground and an incandescent cathode which 
is heated by special electro-magnetic currents 
be located high in the air. Of course for 
this the special vacuum Liebig tubes with or 
without grids may also be employed. An 
ordinary arc lamp with oxide electrodes may 
be introduced on the ground and the posi- 


tive pole is not directly connected with the. 


collecting balloon, but through the upper: 
incandescent. cathode or over a condenser. 
The metho1 of connecting the incandescent 
cathode floating in the air may be seen in 
Figs. 29-38. © 7 | 

B is the air balloon, K a Cardan ring 
(connection with the hawser) C the bal- 


loon, L a good conducting cable, P a posi- *: 


tive pole, N negative incandescent cathode, 
and E earth conductor. | . 
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Fig. 29 represents the simplest form of 7 


construction. If electric oscillations are 


produced below on the ground by means of ‘ 


a carbon arc lamp or in other suitable way 
a considerably greater electric resistance is 
opposed to that in the direct way by in- 
serting an electrical inductive resistance 9. 


pane aie between P and N a voltage is 
3 


formed, and as, over N and P only an induc- 
tionless ohmic resistance is present, a spark 
‘will spring over-so long as the separate in- 
duction co-efficients and the like are cor- 
rectly calculated. The consequence of this 
is that the oxide electrode (carbon or the 
like) is rendered incandescent and then 
shows as incandescent cathode an increased: 
The positive poles must 
be substantially. larger than the negative in 
order that they may not also become incan- 


. descent. As they are further connected with 


the large balloon area which has a large 
capacity and is charged at high voltage, 
an incandescent body which is held floating 
in the air and a positive pole which can col- 
lect large capacities is thereby obtained in, 
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the simplest way. The incandescent cathode — 


is first caused to: become incandescent by 
means of separate energy produced on the 
earth, and then maintained by the energy 
collected from the atmosphere. . | 


` Fig. 30 only shows the difference that in- ` 


stead of a round balloon a cigar shaped one 
(of metal or metalized fabric) may be em- 
ployed and also a condenser 5 is inserted 
between the incandescent cathode and the 
earth. conductor so that a. short circuited 
oscillation circuit over P. N 5 and 9 is ob- 
tained. This has the advantage that quite 
small quantities of electricity cause the 
cathode to become incandescent and much 


larger cathode bodies may be rendered in- 


candescent. 
In this form of construction both the in- 
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candescent cathode and also the positive 


electrode -may be enclosed in -a` vacuum 


e 


= 
—_ 
— 


. metallic positive pole of the 
. g with the incandescent 
- electrode) N is 


=- employed. As in such collectors only small - 


` chamber as may be seen in Fig. 32. A cable 
L is carried well insulated through the 
cover of a vessel and ends in a condenser. 


disc 5.. The cover is arched in order to 
keep off the rain. The vessel 1s entirely or 


partially made of magnetic metal and. well’ 
Opposite the. 
this again a 7 
vacuum tube 
cathode (oxide 
| is arranged. The negative. 
electrode is on the one hand connected with 
the earth conductor E, and on the other 
: hand with the inductive. resistance 9 which’ 
- 18 also connected with the cable L with the 
positive pole and wound round the vessel in 
coils.: The action: is exactly the same as 


insulated inside and outside. 
disc 5 another disc 6 and -on 


that in Fig. 29 only instead of an Open .in- 
candescent cathode one enclosed in vacuo is 


- bodies can be brought to incandescence in 


30 


_to one another. 


large installations a plurality. of such 


vacuum tubes must be inserted in- proximity - 
According to the previous 


constructions Figs. 31 and 33 are quite self 
evident without further explanations. — 


Figs. 34-37 represent further. diagrams 


of connections over radiating and flame col- 


lectors, and in fact, how they are to be ar- 


. ranged on the ground. 
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Fig. 34 shows an arc light collector with ` 
oxide electrodes for direct,current. and- its 
connection; Fig. 35 a similar one for alter- 


nating current, Fig. 36 an incandescent col- 
lector with a Nernst lamp and Fig. 37 a 


similar one with a gas flame. | 
The positive pole 1 of the radiating col- 


lectors is always directly connected to the : 


aerial collecting conductor A.. In Fig. 34 


this is further connected over the condenser - 


battery 5 with'a second positive. electrode 
3. The direct current dynamo b produces 


- current which flows over between the elec- 


trodes 3. and 2 as an are light. On the for- 
mation of an arc the negative incandescent 


electrode 2 absorbs electricity from the posi-: 


tive poles standing opposite it and highly 
charged with atmospheric. electricity. and 


conveys the-same to the working: circuit. 
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The spark gap 7, inductive resistance 9 and 


induction coil 10 are like the ones previous- 


_ ly described: The protective electromagnet 
55 8 
cuiting, the safety spark gap 8 from ex- 


guards. the installation against earth cir- 


cess voltage or overcharging. na | 
. In Fig. 35 the connection is so far altered 
that the alternating current’ dynamo feeds 


the exciting coil 11 of the induction: con- 


denser. 12 is its negative and 13 its posi- 
tive pole; if the coil 3 on the magnet core 
of the dynamo is correctly calculated and 
the periodicity of the alternating current is 


sufficiently high an arc light can be formed 


way as in Fig. 34; the working spark 


15 


between the two poles 1 and 2. As the - 
cathode 2 is connected with the negatively. 


Charged earth, and therefore always acts:as. 


a negative pole, a form of rectification of .- 


the alternating current produced by thé 
dynamo 3 is' obtained, the second half of- 
the period is always suppressed. The work- 


ing circuit may be carried out in the same 


may however be dispensed with, and in- 
stead thereof between the points 7 and m a 


-condenser 5 and an induction resistance 9 
may be inserted from which the current is 


taken inductively. __ in, | of, p 
Fig. 36 represents a form of construction 


an arc lamp a Nernst incandescent body 


gap 


T5 o 


80 
similar to Fig. 34 only that here instead of. 


is employed.. The Nernst lamp is fed - 


through the battery 3. . The working section 
is connected: with the negative pole, the 
safety spark gap with the -+ poles. The 
working spark gap 7 may also be dispensed : 


with and the current for it taken at 12 


over the oscillation circuit 5, 11 (shown in. 
‘dotted lines). — ` | eae 
_ Flame collectors (Fig. 37) may also be 
employed according to this invention, The. 


-i 
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wire network 1 is connected with the aerial — 


collector conductor A and the burner with 
the earth. “At the upper end of the latter, ' 


long points are provided which project into e 
the flame. The positive electrode is connect- 


ed with the negative over à condenser 5 and 


-the induction cvil 9 with the earth. . 


The novelty in this invention is firstly, 
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the uše of incandescent cathodes opposite ` 


_ positive poles which are connected with _ 
‘large metallic capacities as automatic col- - 


lecting surfaces, (2) the connection. of the 


incandescent cathodes with the earth where- r 
_by, in addition to the electricity conveyed 
to them from the battery or machine which 
causes, the incandescing, | 
charge of the earth potential is conveyed, 


and (3) the connection of the positive and 
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also the negative — 


negative poles of the radiating collectors - 


over a condenser circuit alone or with the 


introduction. of a suitable inductive resist- l 
ance, whereby simultaneously an oscillatory 


oscillation circuit may be obtained. The ` 
collecting effect is by these methods quite 


considerably increased. 


I declare that what I claim is:— OR ee 


1. An electrical energy generating system, 


comprising a conducting surface: for stati 
charges, means to support same at a distance _ 


above the earth, a conductor leading to the 


earth level; a spark gap associated with said 
conductor to convert electrostatic charges . 


into electromagnetic high frequency oscilla- 


115 


tions means to supply said electromagnetic — 


energy to a net work, and a spark gap of 
greatly increased relative resistance in paral- 
lel therewith. 


- 2. An electrical energy geners tio systern ? 


10 


Lo 
QQ 


165 


comprising.a conductor, means to support 
same above the earth level, an inductance 
therein, a spark gap associated with said 


conductor, a second spark gap of much 


higher relative resistance in parallel there- 
with and an energy receiving circuit coupled 
with the spark gap of lesser resistance. 

“3. An electrical energy generating system 
comprising a collecting surface, means to 
support same above the earth level, a con- 
ductor connecting said ‘collecting surface 
with the earth level, a choke in said con- 
ductor, an electromagnetic resistance con- 
verting electrostatic energy to electromag- 


netic energy, a safety higher resistance in 


parallel therewith and a net work coupled 


-with the conversion resistance of lesser | 


value. | | 
4. An electrical energy generating system 


comprising electric conductors spaced above - 


the earth to form electromagnetic oscillat- 


‘ing circuits, conductors connecting to earth 


level, electrostatic to electromagnetic energy 
conversion means therein, a safety high elec- 
trostatic resistance in parallel therewith and 


‘means to alter the electromagnetic charac- 


teristic of the circuits. | | 
5. An electrical energy generating system 


comprising in combination a static collect- 


ing surface arranged above the earth, con- 
ductors connecting to earth level, a pair of 
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spark gaps in parallel of different electro- 
static resistance, a utilization net work 
shunted across the spark gap of lesser re- 
sistance and an electromagnetic choke in said 
conductors. E 


6. An electrical energy generating system 


35 


comprising an open circuit energy collecting 


aerial, a pair of sparking gaps in parallel 


of widely different resistance, connected 


thereto and a closed electric oscillation cir- 
cuit in shunt across the gap of lesser re- 
sistance. a | | 

7. An electrical energy generating system 


aerial. 

In witness whereof, I -have hereunto 
signed my name this 30 day of Dec., 1920, 
in the presence of two subscribing witnesses. 


HERMANN PLAUSON. 


Witnesses: | 
H. F. ARMSTRONG, 
W. H. BEESTON. 
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can also cause the instant death of low-current semiconductor 
devices. The typical ohmmeter can, on some scales, apply a rather 
high voltage and current across the test leads, which may cause the 
destruction of some semiconductor devices. Another fault of the 
ohmmeter method is that the instrument must be checked visually; 

this can lead to erroneous results or damage to equipment if a test 
lead slips while making continuity checks. What is needed is a low 
current (under 1 mA) device which gives an audible indication of 
continuity. Such a device should also be low in cost (for those of us 
who are cheapskates or poor) and simple to assemble. Figure 2-23 
shows such a device using a single 555 IC timer as a square wave 
oscillator and an NPN general purpose transistor for switching. 
Any method of construction can be used, as there is nothing critical 
about the circuit, but the most convenient method is perfboard and 
a socket for the IC. The checker can be assembled as shown in Fig. 

2-23 for use as a continuity tester or, if desired, the device can also 
be used as a code practice oscillator. If it is desired to use the 
device as a CPO, it would be advantageous to be able to vary both 
the tone and volume, although this will run the cost up a couple of 
dollars unless the builder has the required parts in the junk box. 
The two potentiometers can be added to the circuit as indicated in 
Fig. 2-24. 


VERSATILE TRANSISTOR TESTER 
Many of the new transistor testers appearing on the market 
today provide two unique features: 


1. Random lead connection. 
2. Identification of transistor leads. 
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PRELIMINARY PLANS TO RUN YOUR CAR ON TAP WATER! 


IT ALSO WORKS ON YO UR 
TRUCK / RV / MOTORCYCLE / AIRPLANE (ETC) 


Will This Work? 


These plans were sent to the Spirit of Ma'at anonymously, from someone who does not 
want his or her name printed (for obvious reasons). 

We have had them checked by anexpert who believes that they are real. 

We also have talked with another individual who has patented a similar device, and we know 
by personalexperience that the technology is sound. 

So although we cannot guarantee it, we believe these plans will enable you to build a car 
that runs on water. If you test it out, though, do as the writer suggests and use an old car 
that doesn't represent a loss of value if you can't make it work, And leave everything 
intact so that you can always reconnect back to gas if you have to. 


But if you do get it working, please send us your experience for our readers. You could be 
a national hero and help save our country and our world. 


We know for certain that an automobile will run on water.So this could be an interesting 
project for you mechanical types, with a great reward of never having to purchase gasoline 
for the rest of your life - and helping humanity at the same time. 


Ke The Need to Rustproof Your Exhaust System 


It is possible to make a hybrid of both gas and water (a system that is being tested now in 
Mexico), which would eliminate the need to open the head and remove the exhaust system. 
Just a thought. It takes only a small amount of gas to keep the system dry. 


The text sent from the anonymous individual was edited slightly for better reading. The 
following is his/her words and drawings, which has been given into the public domain. 
- Spirit of Maat LLC 


Introduction 


It is suggested you try this out to begin with on a second vehicle you own, one that you 
don't need to live with everyday, until you perfect this technology. 


Do-it-yourself plans allow the individual (that's you and me, folks) to make a difference. 


This is the easiest and lowest-cost way to convert your car to run on (relatively) free 


energy. 


Now, with existing technology, anyone can stand up and make a difference by reducing the 
local automotive pollution, eliminate gasoline expenses, help restore our atmosphere, and 
breathe a little easier. 


In putting these plans into operation, you will be making use of your entire existing system 
except for the fuel tank and the catalytic converter. 


The Plan 


Build and install a low-cost alternative method for running your vehicle (internal 
combustion engine) on tap water, using off-the-shelf components. 


This is simply an efficient way to convert ordinary tap water into gaseous hydrogen and 
oxygen, and then burn these vapors in the engine, instead of gasoline. 


This "minisystem" runs easily from your existing battery and electrical system, and it 


plugs into your carburetor with simple off-the-shelf fittings. 


You will be installing a plastic water tank, a control circuit, a reaction chamber, a hi- 
pressure carb/Fl fitting, and 3 gauges, and then hooking into your existing carb/Fl. 


The simplicity comes from its being an "on-demand" system requiring no fancy storage or 
plumbing. You crank the gas pedalor throttle, and you electrically create more vapor for 
immediate consumption, on demand; low-high flowrate as needed, from idle to maximum 
power. The only real change is that you are using tap water as fuel, instead of the 
traditional petroleum-based fuel. 


Given a choice, which way would you choose? 
Frequently Asked Questions 


Q: Does it really work ? 

A: Yes; this is well-established technology dating back to stainless steel. But be sure to 
follow these instructions using the proper mechanicaland electricalassembly techniques, 
as this plan incorporates the best qualities of several techniques. 


Q: How does it qualify as "free energy"? 

A: If you're paying someone for the water you use, then it is not strictly free. But the 
alternative is to keep buying into expen$ ive gas oline and its resultant hydrocarbon 
pollution. 


Q: Is it safe? 

A: Technically, it is safer than running on fossil fuel because you are no longer choking on 
your own emissions (health-wise). In general, it is practically as safe as your current 
gasoline arrangement. You will be installing a few simple safety devices, using current 
automotive standards. 


Q: What Kind of performance can I expect? 

A: Properly adjusted, your modified vapor-only fuel system will run cooler, and at a 
modestly higher power level. The mileage performance expected from this design ranges 
from 50-300 mpg (of water), depending on your adjusting skills. 


Q: Can I do the modification myself? 

A: Why not? If you don't have any mechanical skills, and you know someone with basic 
mechanical and/or electrical skills, you can even delegate some of the construction. If you 
are using a fuel-injected engine, you may have to get a mechanic's opinion. [There will have 
to be an adapter inserted into the fuel-injection system, just as you would have to do if 
you were going to run on propane, hydrogen, or natural gas. Ed.) 


Q: What is the environmentalimpact that my vehicle will have? 

A: It will be producing H20 steam (water vapor) and unburnt 02 (Oxygen). Hence, it will be 
cleaning the environment, rather than dumping nauseous toxins into it. Plus you will be 
helping to save our dwindling supply of atmospheric oxygen. Any excess vapor in the 
reaction becomes either steam or oxygen. You can also expect to be receiving more than 
casualinterest from those around you. 


Q: Isnt this really a steam engine ? 
A: No. Really. Exceedingly high temperature and pressure are not used. This is strictly an 
internal-combustion engine (burning orthohydrogen) with residual steam in the exhaust as 


a by-product. 

There are afewthings you should know about gasoline: 
Gasoline as a fuelis not necessary; it is optional. 
Gasoline versus Water 


There is alot of thermochemicalenergy in gasoline, but there is even more energy in 
water. The DOE (Department of Energy) has quoted about 40%, so it is probably much 
more than that. 


Most people are unaware that "internal combustion" is defined as "a thermo-vapor 
peop 
process” - as in 'no liquid in the reaction." Most of the gasoline in a standard internal 


combustion engine is actually consumed, (cooked, and finally, broken down) in the catalytic 
converter after the fuel has been not-so-burnt in the engine. Sadly, this means that most 
of the fuel we use in this way is used only to cool down the combustion process, a pollution- 
ridden and inefficient means of doing that. 


How It Works 


Exceedingly simple. Water is pumped as needed to replenish and maintain the liquid level in 
the chamber. The electrodes are vibrated with a 0.5-54 electrical pulse which breaks 
2(H20) =>2H52 +02. When the pressure reaches say 30-60 psi, you turn the key and go. 
You step on the pedal, you send more energy to the electrodes, and thus more vapor to the 
cylinders; i.e. fuel vapor on demand. 


You set the idle max-flow rate to get the most efficient use of power, and you're off to 
the races. 


Inthe big picture, your free energy is coming from the tap water in an open system, as 
the latent energy in the water is enough to power the engine and hence drive the 
alternator and whatever belt-driven accessories. And the alternator is efficient enough to 
run the various electrical loads (10 - 20 amps), including the additional low current to run 
this vapor reaction. No extra batteries are required. 


STEP BY STEP CONSTRUCTION (Please refer to diagrams at the end of this document) 
OVERVIEW - Here is the suggested sequence of steps: 


1. Install the CHT (or EGT) gauge and measure your current operating temp range 
(gasoline), for comparison. 


2. Build and test the controller to verify the correct pulse output. 

3. Build the reaction chamber and test it with the controller (i.e pressure out). 

4. Install the tank, controller, chamber, and pressure fittings. 

5. Run engine and adjust the control circuit as necessary for best performance. 

6. Install the stainless steel valves and get the pistons/cylinders coated with ceramic. 


7. Coat the exhaust system with ceramic without the catalytic converter (or let it rust out 
and then replace the whole dang thang with stainless steel pipe sections). 


YOU WILL NEED 


plastic water tank with pump and level sensor. 

control circuit, wiring, connectors, and epoxy. 

reaction chamber with electrodes and fittings. 

3/8" stainless steel flex-tubing, fittings and clamps. 

carb/FI vapor-pressure fitting Kit. - pressure, CHT (or EGT), e le vel gauges. 
stainless steel valves. 

copper mesh junction. 

ceramic surface treatment for cylinders & pistons. 

stainless steelor ceramic treated exhaust assembly. 


BASIC TOOLS 


drill, screwdriver and pliers 
hole cutter 
wire-wrap, solder-iron and clippers 


DVM and oscilloscope. 
REACTION CHAMBER. 


Construct as shown in the diagrams. Use a section of 4" PVC waste pipe with a threaded 
screw-cap fitting on one end and astandard end-cap at the other. Make sure to drill-and- 
epoxy or tap threads thru the PVC components for all fittings. Set and control the water 
levelin the chamber so that it wellsubmerses the pipe electrodes; yet leave some 
headroom to build up the hydrogen/oxygen vapor pressure. Use stainless steel wires inside 
the chamber or otherwise use a protective coating; use insulated wires outside. Ensure 
that the epoxy perfects the seal, or otherwise lay downa bead of water-proof silicone 
that can hold pressure. 


The screw fitting may require soft silicone sealant, or a gasket; its purpose is to hold 
pressure and allow periodic inspection of the electrodes. No leaks, no problems. Make sure 
you get asymmetric 1-5mm gap between the 2 stainless steel pipes. The referenced 
literature suggests that the closer to Imm you get, the better. You will want to get your 
chamber level sensor verified before you epoxy the cap on. 


Make your solder connections at the wire/electrode junctions nice, smooth, and solid; then 


apply a water-proof coating, e g. the epoxy you use for joining the pipes to the screw cap. 
This epoxy must be waterproof and be capable of holding metal to plastic under pressure. 
You will want to get your chamber level sensor verified before you epoxy the cap on. 


CONTROL CIRCUIT 


The diagrams show a simple circuit to control and drive this mini-system. You are going to 
make a 'square-pulse' signal that 'plays' the electrodes like a tuning fork; which you can 
watch on an oscilloscope. The premise given by the literature is: the faster you want do go 
down the road, the 'fatter' you make the pulses going into the reaction chamber. Duty 
cycle will vary with the throttle in the vicinity of 90% MARK 10 WS PACE (OFF/ON). 


There is nothing sacred about howthe pulse waveform is generated; there are many ways 
to generate pulses, and the attached diagrams showa few. The diagram shows the NE555- 
circuit approach from the referenced patent. The output switching transistor must be 
rated for 1-5 amps @ 12VDC (in saturation). 


Go with a plan that works for you or your friendly neighborhood technoid or mechanic, and 
go get all the circuit elements from your local electronics store, such as Radio-S hack or 
Circuits-R-Us, including the circuit board, IC sockets, and enclosure/box. 


DigiKey has better selection, service, and knowledge; plus they have no minimum order. Be 
sure to use acircuit board with a built-in ground plane, and to accommodate room for 
mounting 2 or 3 of the gauges. Mounting the reaction chamber in the engine compartment 
will require running a stub to your pressure gauge where you can watch it. 


You can easily make 30-gauge wire-wrap connections between the socket pins and thru- 
hole discrete components having wire leads. Also make sure to get spec sheets onany IC 
you use. More details of the best circuits to use will be announced pending prototype 
testing. You will want to get your chamber levelsensor verified before youepoxy the cap 
on. 


Throttle Control 


If you have a throttle position sensor, you should be able to access the signal from the 
sensor itself OR from the computer connector. This signal is input to the circuit as the 
primary control (i.e. throttle level = pulse width = vapor rate). 


If you don't have such a signal available, you will have to rig a rotary POT (variable 
resistor) to the gas linkage (i.e. coupled to something at the gas pedal or throttle cable 
running to the carb or FI. If you make the attachment at the carb/ FI, be sure to use a 
POT that can handle the engine temp cycles. Don't use a cheezy-cheapy POT; get one 


rated for long life and mechanical wear; mount it securely to something sturdy and 
stationary that will not fall apart when you step on the gas. 


Control Range. The full throttle RANGE (idle -max) MUST control the vapor rate, ie. pulse - 
width (duty). The resistor values at the throttle signal must allow the throttle signal 
voltage, say 1-4 Volt swing, to drive the VAPOR RATE. You will be using this voltage swing 
to generate a 10% ON 'square' pulse. The patent implies using a 'resonant' pulse in the 10- 
250 KHz frequency range; but it is not explicitly stated so. 


In this circuit, you will simply tune to whatever frequency makes the most efficient vapor 
conversion. You will have to get into the specs for each IC you use, to insure you connect 
the right pins to the right wires, to control the frequency and pulse width. You can use 
spare sockets to try out different discrete component values. Just Keep the ones that are 
spec-compatible in the circuit, and get the job done. 


You crank up the throttle signal and put more electrical energy (fatter pulses) into the 
electrodes; verify you can get 10% duty on the scope (2 - 100 usec on the horizontal time - 
base). Your averaging DVM will display the 90%-10% DC voltage across the output 
transistor (Vce or Vds or Output to Ground). Set and connect DVM in the supply current 
and measure .5 - 5 amps, without blowing the DVM fuse. Now verify that you got 
everything you wanted. 


Verify your wiring connections using your DVM as a continuity detector. Check your wiring 
lat atime and yellow line your final sche matic as you go. You can best use board-mount 
miniature POTs for anything you want to set-and-forget. The LEDs are there to give you a 
quick visual check of normal vs abnormal operation of your new creation. You will want to 
get your chamber level sensor verified before you epoxy the cap on. 


CARB/FI CONNECTION 


The diagram also shows that fittings are required to the carb/FlI l. There are ready-made 
Kits (such as by Impco) available for making your pressure fittings to the carburetor or 
fuel-injector as the case may be. You will necessarily be sealing the built-in vents and 
making a 1-way air-intake. 


The copper mesh comprises the inadvertent backfire' protection for the reaction 
chamber. Make sure that all vapor/duct junctions are air-tight and holding full pressure 
without leakage. Your new 'system' is considered successful and properly adjusted when 
you get the full power range at lower temp and minimum vapor flow without blowing the 
pressure safety valve. 


CHT (or EGT) 


Monitor your engine temp with the CHT (cylinder head temp) or EGT (exhaust gas temp) 
instead of your original engine temp indicator (if any). Your existing gauge is too slow for 
this application and will not warn you against overheating until after you have burnt 
something. Make sure that your engine runs no hotter than in the gasoline arrangement. 
VDO makes a CHT gauge with a platinum sensor that fits under your spark plug against the 
cylinder head (make sure it is really clean before you re-install your spark plug (as this is 
also an electrical ground). 


ENGINE/EXHAUS T TREATMENT 


Get the valves replaced with stainless steel ones and get the pistons/cylinders ceramic- 
treated ASAP when you have successfully converted and run your newcreation. Do not 
delay as these items will rust, either by sheer use or by neglect (i.e. letting it sit). You 
could make max use of your current exhaust system by using it with your new deal until it 
rusts through, then have your mechanic or welder friend to fit a stainless steel exhaust 
pipe (no catalytic converter is required). But it could be easier and cheaper to send your 
existing exhaust system out for the ceramic treatment, and then simply re-attach it to 
the exhaust ports. 


GENERAL 


1. Do not discard or remove any of the old gasoline setup components, e g. tank, carb/ Fl, 
catalytic converter, unless necessary. Better to always leave an easy way to revert back to 
something that at least runs, just in case. Some people are leaving their gasoline setup 
completely intact, and switching back and forth at will just to have a backup plan. 


2.S5et your throttle circuit so that you get minimum vapor flow at idle, and maximum vapor 
flow at full power without blowing the pressure relief valve. In this way, you control how 
'lean' your mixture is by the strength of the pulse (i.e. “fatness” at the optimum pulse 


frequency). 


3.If youjust don't get enough power (at any throttle setting), it means that you need to 
(1) change the pulse frequency, (2) change the gap between the electrodes, (3) change the 
size (bigger) electrodes, or (4) make a higher output pulse voltage (last resort). Always use 
an output transistor, such as a MOS FET, that is rated for the voltage and current you 
need to get the job done. OKso you might have to play around with it some. Isn't that 
where all the Fun is anyhow? 


4. If you get any engine Knock our loud combustions (not compensated by adjusting the 
timing), it means that you need to install an additional coil in the chamber, and drive the 
coil with an additional pulse signal (about 19 Hz on the .1sec time base (see diagram). Here, 


you will be slowing down the burn rate just enough so that the vapors burn thru out the 
power stroke of the piston. Be sure to include a board-mount POT to set the correct 
strength of this 2nd pulse signal into the coil. This is a stainless steel coilof about 1500 
turns (thin wire) that you can arrange like a donut around the center pipe (but NOT 
touching either electrode), directly over the circular 1-5mm gap. You want no Knocking at 
any power/throttle setting; smooth power only, but also no excess hydrogen leftover from 
the combustion. 


5. Build the canister(s) as tall as you can without compromising your ability to mount them 
conveniently near the dash panel, or in the engine compartment, as the case may be. This 
way, you can always make the electrodes bigger, if necessary without undue hardship. 
Remember that anything in the engine compartment should be mounted in a bullet-proof, 
vibration and temperature tolerant fashion. 


6. If you have to drill a thru-hole for wiring or plumbing thru metal, make sure to also 
installa grommet for protection against chafing. Always watch your chamber pressure 
range from IDLE (15-25 psi) - FULL POWER (30-60 psi). Set your safety-pressure relief- 
valve to 75 psiand make sure it's rated for much higher. 


7. Shut OFF the power switch and pull over if there is any malfunction of the system. Your 
engine will last longest when it still develops FULL PO WER+ at some minimum temperature 
that we are sure you can find, by leaning back the Royal Vapor Flow and/or by making use 
of the water-vapor cooling technique (see diagram). Keep good mpg performance records, 
and periodic maintenance/inspection. Keep it clean; save some money; clean the air; heal 
the planet; happy motoring; tell a friend; enjoy your freedom and self-empowerment. 


8. There lacks documented material for perfecting this vapor system thru a fuel injector; 
there may be some details you will discover on your own as working prototypes progress. 
For example, you may be restricted to inject the hydrogen/oxygen vapor without any 
water vapor, as it may rust the injectors. If engine temp and CHT is a problem, then you 
will want to re-think your plan, e.g. ceramic-coating the injectors. There is always 
‘replacing the FI system with a Carb.” 


9. If you install the water-vapor system (for lower operating temp/stress), you will want 
to lean the mixture (vapor/air) for minimum vapor flow rate to achieve any given throttle 
position (idle - max). Make sure that you get a minimum flow for IDLE and a modestly 
sufficient flow for MAX, that does the cooling job without killing the combustion. 


10. If you cannot find stainless steel pipe combinations that yield the 1-5mm gap, you can 
always regress back to alternating plates of +/- electrodes. 


11. If you are concerned about the water freezing in your system, you can (a) add some 


98% isopropyl alcohol and re-adjust the pulse frequency accordingly; or (6) install some 
electric heating coils. 


12. Do not let ANYONE ever compromise your dream, your freedom, your independence or 
your truth. 
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Fig. 2-24. Code practice oscillator, 


With these features, the test procedure is greatly simplified, 
and the person performing the test is assured that the test leads are 
always connected correctly to the transistor under test. The advan- 
tages become immediately obvious when you are culling through a 
large assortment of surplus transistors or when performing in- 
circuit tests on a crowded circuit board where it is often difficult to 
identify the leads on a transistor. 

The principle on which this circuit operates is simple. There 
are only six possible ways in which the leads can be arranged on the 
base of a transistor. See Fig. 2-25. 

By the simple expedient of interposing a 3-pole, 6-position 
switch between the test leads and the transistor, it is possible to 
present to the input of the tester, one by one, all six of the possible 
lead arrangements. The circuit for this switch is shown in Fig. 
2-26. 

Up to this point we have accomplished the goal of random lead 
connection. To identify the transistor leads, it is necessary to color 
code the wires from the switch to the transistor. Next, prepare a 
chart which correlates the switch position with the colored wires 
and their corresponding connections to the input terminals of the 
tester. See Table 2-5. 

For convenience, this chart can be attached to the box in which 
the switch is mounted, or it can be affixed to the transistor tester 


NV (2) C2) C2) (7 


Fig. 2-25. Possible transistor leads. 
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itself. One thing which should be mentioned is that the leads from 
the switch to the input of the tester should be connected exactly as 
shown on the schematic in Fig. 2-26. If these leads are changed 
around, you will still retain the random lead connection feature, but 
you will no longer be able to identify the transistor leads. 

When using this switch for the first time, you will notice that 
there is more than one position which will give an up-scale reading 
on the meter of your tester. This presents no particular problem in 
the interpretation of the test results, once you understand why this 
happens. 

To illustrate this, select a good transistor on which you can 
positively identify the leads, and connect it to your tester. After 
you have made the initial adjustments on your tester, press the gain 
button and observe the beta. Now reverse the emitter and collector 
leads on the transistor, and repeat the test. You should observe 
that the transistor still has a forward gain, but the beta will be lower 
than that obtained previously. Why does this occur? 

Actually, nothing strange or contrary to the laws of transistor 
physics has occurred here. The emitter and collector of any tran- 
sistor are made of the same type of material and, from a theoretical 
standpoint at least, we could say that the designation of the emitter 
and collector are purely arbitrary. 

In the real world of transistor design, however, the physical 
structure of the emitter and collector are different. These differ- 
ences are dictated by design considerations such as input-output 
capacitance, collector heat dissipation, and forward gain require- 
ments. From a practical standpoint, all of these factors add up to 
one thing when testing a transistor. The connection of the emitter 
and collector test leads which give the highest beta reading on the 
meter positively identifies the emitter and collector leads on the 
transistor. 

On some testers, a collector-base reversal will give an indica- 
tion on the meter during the initial setup and adjustment of the 


Table 2-5. Color Codes. 


Switch position Collector Emitter 
#1 red black 


red yellow 
yellow black 


black yellow 
black red 
yellow black red 


105 


To my Mom and Dad who 
always took the time to answer 
my questions 


Original CAD drawings 
and photographs by 
Matthew J. Roddy 


Cartoon drawings by 
Mike Noon 


Special thanks to 
Kevin E. Curtin 
Matthew J. Roddy 
Mike Noon 


WARNING 


The author of this book is not a professional engineer 
nor has he had formal training in the design or operation 
of high voltage devices. The author is an amateur but 
has been successful in building and operating the de- 
vices discussed herein. 


The methods that he used and describes are presented 
merely as guidelines for other amateurs in developing 
similar devices. These devices can be dangerous, possi- 
bly even lethal, and dangers have been pointed out 
wherever possible. Since the author is nota professional 
in this field, there may well be other dangers involved in 
the building and operation of the devices described. 


The author hereby disclaims any liability for injury to 
persons or property that may result while using this 
project book, and the author does not intend by this 
publication to explain all dangers known or unknown 
that may exist in the building and operation of this 
project. 


Lindsay Publications Inc has not built this project nor 
does it endorse the methods described. Lindsay Publi- 
cations Inc assumes no liability for injury to person or 
property that may result form used of this information. 
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Electroplating Terminals RUE ENS 


Every text I've seen on the subject of electrostatics seems to begin 
with a history of the subject. A. D. Moore, one writer whose works I 
particularly enjoy, said that if cavemen had cats that rubbed up 
against them then they mustcertainly have been aware of the presence 
of static electricity. There are theories now going around the scientific 
community that claim lightning triggered the formation of the first 
chains of DNA. I'll take that one step further and guess that lightning 
began the evolutionary process that created our species. 

Static electricity is one of the most fascinating and possibly most 
overlooked fields of modern electronics. Weall take static for granted. 
Before I began experimenting with static electricity it would have been 
very difficult to convince me that it was easy to get 3500 volts froman 
old plastic bottle or 10,000 volts and more from a rubber band! Even 
now as I watch one of these tiny generators in action it is difficult to 
imagine that it is producing these voltages. 

As you learn about electrostatics you will find many strange and 
wonderful experiments to perform. Forexample, itis possible to mys- 
teriously levitate objects, blow a candle flame to one side with an 
invisible wind, and to light neon bulbs without wires. 

There are motors thatcan be built to run on static electricity! Well- 
made electrostatic motors are so sensitive that they have been pow- 
ered by the earth's natural electrical charge alone! Connect your motor 
to an antenna, and off it goes! 

In addition to the many curiosities static electricity makes pos- 
sible, there is also the potential for serious research with many as- 
tounding possibilities. 

Consider the work of Professor John G. Trump, formerly of the 
Massachusetts Institute of Technology. Professor Trump points out 
that electrostatic forces are the most powerful forces known in nature 
-stronger by far than gravity or magnetism. Professor Trump demon- 
strates the practical application of electrostatic generators with the 
following illustration: 


Consider two conductive plates, 100 square inches in area, facing 
each other and separated by aninsulator. If the plates are each charged 
oppositely to 300 volts per centimeter the force of attraction between 
them will be one 2,000th ofa pound. Increase this charge to 30,000 volts 
per centimeter and the attraction escalates to half a pound. Now 
increase this voltage to the order of three million volts per centimeter 
and the force of attraction jumps to 5,700 pounds! As Trump has said 
“Force of this order has more than a passing interest for power engi- 
neers.” Trump and his colleagues had been pursuing the creation of 
electrostatic generators they hoped would one day rival modern 
electromagnetic generators. 

Just how much electrostatic energy is theoretically possible? 
Consider an aluminum cube only one centimeter square. Imagine that 
all the electrons in that cube were removed and kept one meter away. 
The cube has only positive charges, and the electrons one meter away 
only negative charges. Since positive and negative charges attract, 
what would be the force of attraction generated between them? The 
answer turns out to be an astounding thirty-two million million 
million pounds! Professor A.D. Moore, an expert in electrostatics, 
points out that this force would be equal to the weight of a steel cube 
76 miles high! 

Of course, as much fun and as inspiring as it is to ponder the 
theoretical world of electrostatics, back in the real world we find that 
electrons don’t leave home so easily. The most useful electrostatic 
inventions to date make use of the ‘little’ forces of electrostatics. But 
keep that cube in mind and let everyone wonder why you have that 
curious smirk on your face whenever you run your generator. 

What voltages are possible for the experimenter? The four easily 
assembled generators shown in the following text will give you an 
idea, Each one intentionally operates ona slightly different principal 
of gathering an electrostatic charge. If you build them, or just simply 
become familiar with them, you will develop a understanding of the 
most popular ways of generating static electricity. 

lam confident that if you become acquainted with these machines 
you will have no difficulty at all in constructing many others of your 
own design. The reason that I am so confident is that I designed and 
constructed all of these machines to teach myself about electrostatics! 
Each machine represents the best of my thoughts at the time I con- 


structed 1t. 

You will soon find that it is easily possible to construct a static 
generator capable of producing 50 to 100 thousand volts! If you area 
craftsman, 200 thousand volts and more can be obtained by optimiz- 
ing the designs of the higher power generators such as the Van De 
Graaff shown later in the text. 

Electrostatic generators are also remarkably inexpensive. With a 
little foraging through the surplus bins, no generator in this text cost 
me more than $30 to build! I know of no other way to approach these 
voltages for such a low cost. 


A Little History of the First Practical Generators 


The first electrostatic generators produced their voltage with 
friction. Towards the end of the 17th century Otto von Guericke, an 
amateur physicist from Magdeburg, developed the first practical 
electrical machine — an electrostatic generator. What follows are his 
own instructions for building one: 

“Secure one of the glass globes which are called phials, about the size of 
ayoungster's head; fill it with sulfur, ground in a mortar and melted by the 
application of flame. After it freezes, break the phial, take out the sulfur globe 
and keep it in a dry place, not a moist one. Perforate it with a hole so that it 
can spin upon an iron axle. Thus the globe ts prepared. 

“To demonstrate the power developed by this globe, place it with its axis 
on two supports in the machine—a hand's breadth above the baseboard — and 
spread under it various sorts of fragments such as bits of leaves, gold dust, 
silver filings, snips of paper, hairs, shavings, etc. Apply a dry hand to the globe 
so that it is stroked or grazed two or three times or more. Now it attracts the 
fragments and, as it turns on its axis, carries them around with tt. 

“When a feather is in contact with the globe, and afterwards in the air, 
it puffs itself out and displays a sort of vivacity ... and if someone places a 
lighted candle on the table and brings the feather to within a hand's breadth 
of the flame, the feather regularly darts back suddenly to the globe and, as it 
were, seeks sanctuary there.” 

Otto Von Guericke goes on to describe experiments by which he 
produced both light and sound from his amazing globe! 

The instructions for von Guericke’s globe are simple enough for 
any experimenter today to follow. The only note that I would add is 


that in casting my own globe | found that large quantities of sulfur 
would become much smaller pools when melted, and thatif the globe 
were not filled on the first pouring it would not appear nearly as 
attractive when finished. So, remember to begin with a large amount 
of sulfur. 


THE ELECTROPHORUS 


Many generations passed and many ingenious machines were 
developed without great change using materials and processes simi- 
lar to von Guericke’s globe. The most important historically was 
Alessandro Volta’s electro perpetuo known now as the electrophorus. 
Withitwecandramatically demonstrate thatelectrostatic charges are 
much like magnetic forcesin that like charges repel one another while 
opposite charges attract. 

An electrophorus is very easily assembled. It consists simply of a 
rectangular block of insulating material such Lucite or, better yet, 
polyethylene and a metal disk which is attached to an insulating 
handle (Figure 1). 

When the Lucite is rubbed with a woolen cloth, electrons are 
removed from the cloth and held on the Lucite. This happens because 
the cloth will hold its electrons less tightly than the Lucite. An 
insulating material, in this case Lucite, by its nature, will notallow the 
electrons to move around freely. The charges are therefore ‘static’ or 
held in place by the insulating material. The Lucite will now havea 
negative charge, and the wool will pick up a positive charge, respec- 
tively. 

Next, the metal disk with the handleis set on top of the Lucite. The 
negative charges on the Lucite are attracted to positive charges on the 
metal disk, so, the positive charges in the metal disk move to the side 
of the metal plate facing the Lucite. The negative charges are similarly 
repelled to the back of the metal disk. Now, your hand or, better yet, 
a ground wire are touched briefly to the top (handle side) of the metal 
disk and then removed. In this way the negative charge is transferred 
to your hand (or ground) leaving only a positive charge. The metal 
plate will now have a positive charge, and the plastic negative. 

If you have achieved a large enough charge, the Lucite can be 
picked up by the metal disk! 


The Lucite block is 
rubbed with a 
piece of wool. 


The plate and handle assembly 
is placed on 
the the Lucite. | 


The bottom of the plate 
The top of the plate will be positivel 
is grounded charged. The top of the plate and Lucite 
to remove block will acquire a negative charge. 
the negative 
charge. 
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Figure 1 


Slowly remove the metal plate by the handle, drawing it away 
from the Lucite atan angle. The metal plate now holds the charge you 
seek. Having charged your electrophorus, you can perform the experi- 
ments with Von Guericke’s globe mentioned above including attract- 
ing hair, styrofoam and other small objects. 

Because the charged surface of the electrophorusis flat, a startling 
demonstration can be performed wherein the electrophorus disk is ac- 
tually floated above the Lucite by electrostatic forces. Performing this 
trick takes some practice. Make a second metal plate and handle. 
Remember that if the plate is to float above the other it must be very 
light weight. (Figure 2) 

Now, we have the challenge of charging both the disk and the 
Lucite witha like charge so that they willrepel eachother. Charge your 
first disk with a positive charge as described above, and then bring it 
close to, but not touching, the second disk. This will charge the second 
disk by attracting a negative charge to the front of the disk. Next, 
ground the handle side of the second disk to bleed off the positive 
charge. The second disk is now negatively charged. The Lucite is also 
negatively charged, so, provided everything has been accomplished 
and the weight is not too great, the second disk will now float above 
the Lucite block! 

Electrophoruses act a great deal like capacitors discussed later on 
and can be used for many surprising experiments including charging 
a Leyden jar and flickering a neon bulb in a darkened room! 


Special Notes on Friction Generators 


Before we move on to the more powerful friction generators, there 
are a number of things you should be aware of that will help you in 
both troubleshooting and designing generators. 

My first bit of advice is to avoid humidity. It makes air more 
conductive, Moisture in the air can have a devastating effect on the 
charges stored by electrostatic devices. 

I was given a first rate example of this shortly after building my 
first two generators, Both machines, only days old in their construc- 
tion, were whirling away in my shop. I was doing “careful scientific 
study” —in other words, I was zapping everything in sight to see what 
would happen. Suddenly, and most mysteriously, both generators 


tester, but the transistor will not have any forward gain. In this 
case, the emitter-base junction is forward biased, as it should be, 
and it is this current that you see indicated on the meter in the first 
part of the test. The collector circuit, however, is also forward 
biased, and, therefore, the transistor will not have any forward 
gain. 

SEMICONDUCTOR TEST 


GADGET—USE WITH YOUR SCOPE 


Transistor testers come in many assorted kits and variations 
providing confusing data such as BV, , BV. , BV „y R2D2, C3 
and so on. All I want to know is if the maido or diode i is good o or 
bad. 

This transistor/diode tester tells you just that. With a glance 
at an oscilloscope face, you can see shorts, opens, and leakage be- 
tween collector and emitter and determine the overall quality of 
the transistor in a matter of seconds. 

All you need is an oscilloscope that works reasonably well, a 
110/6.3-volt transformer, 2 resistors, an SPST switch, anda set of 
probes. See Fig. 2-27. 

The transformer provides low power to the transistor or diode 
to be tested and is read directly on the oscilloscope face. 
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stopped producing a charge. I couldn’t imagine why both, each being 
very differentin construction, might fail atexactly the same time. Then 
the culprit made itself known! Just outside the door the automatic 
lawn sprinklers had come on and extremely humid air was coming 
through my door! 

Another good example of this problem is demonstrated by walk- 
ingacross a padded carpet. When therelative humidity is 20% orless, 
charges of up to 35,000 volts can be obtained by shuffling one's feet 
along the carpet. However, raise the humidity to60% or more, and the 
maximum charge will plummet to a mere 1,500 volts! If you live in a 
humid region, you may not be able to get the same performance from 
a generator that someone living in the desert might. Hopefully, 
humidity will only bea seasonal problem for you. Dry winter days are 
best. 

There are fascinating static generators which are more or less 
immune to humidity. These rely on generating a charge by induction 
rather than by friction. These machines will also be discussed in detail 
later on. 

Be careful in selecting paint for your generator. I have found that 
many spray paintscontain ingredients that will conduct static electric- 
ity. For the most part I have had few problems with this, although in 
a darkened room I have seen the telltale blue corona glow of escaping 
electrons coming from painted plastic surfaces on a generator. To 
correct the problem I simply coated the nearby metal surfaces that 
were losing their charges to the paint with high resistance “corona 
dope” sold in T.V. and better electronic stores. 

Avoid using wood to build generators. Although we think of 
wood as an insulator, in reality it becomes an excellent conductor of 
very high voltages. In the machines that follow, you'll see polyvinyl 
chloride (pvc) pipe used extensively. If you can get acrylic or phenolic 
tubing, use it. It offers much better dielectric strength. 

Dust can bleed away a charge. Dust on a high potential terminal 
can reduce your generator's efficiency by a whopping 40%. Because 
your high potential terminal carries a charge, dust will be attracted to 
itin much the same way that dust accumulates on the front of a T.V. 
screen. I have actually seen a tiny particle of dust prevent an eighth 
inch spark from arcing. Keeping your terminal clean is important. 

On the other hand, the attraction of dust to your generator can be 


quite entertaining. One way that I enjoy cleaning my generator is to 
ground myself and then pass my hand over the high potential termi- 
nal. The dust which has been sitting there has acquired a high voltage 
charge and jumps to your hand which it sees as ground. The effective- 
ness of this method for really getting your generator clean is doubtful 
since after a few seconds the dust in your hand looses its charge and 
heads back for the generator, but it’s lots of fun. 

Once during a rare Southern California thunderstorm l observed 
a particularly confused particle of dust. Apparently the storm had 
charged the air, and my generator had charged a large particle of fluff. 
The fluff couldn’t decide where it wanted to be and would repeatedly 
fly around my bench only to return to the generator and then again off 
into the air. It was an astounding sight. 


SUPER FRICTION GENERATOR - ROTOSTATIC 


Now that you understand the basics of how a charge is picked up 
by friction, doesn’t it seem that it would be possible to design a 
mechanical means to make and store a charge automatically and 
continuously? One solution to the problem is what | call a “rotostatic” 
generator, so named for an old magazine article that called a similar 
device a “rotostat.” I said earlier that it was possible to get 3500 volts 
from an old plastic bottle, and I wasn’t kidding. All you have to dois 
build the “rotostat”. 

These generators are extremely simple to build and may be hand 
cranked or operated by a small electric motor. They consist simply of 
a plastic drum -an old plastic jar works great — and a rubbing block 
- wool, nylon, asbestos, leather. When the bottle is rotated against the 
rubbing block a charge is developed on the plastic and on the block. 

We need to attach some metallic brushes to the side of the plastic 
drum opposite the block to pick up the charges as they are generated. 
The brushes are attached to a metal sphere where the charges can be 
stored. Á complete schematic of a rotostatic generator is shown in 
figure 3. 

There is an infinite variety of possible configurations for such a 
generator, but keepin mind in designing yours that for static voltages 
even wood is a good conductor. Itis most important to remember to 
keep your high potential components well insulated from ground. 
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Figure 3 


If your generator is well made it will generate enough power to 
light a neon bulb (Ne2 type), levitate styrofoam, and arc a spark 
perhaps as long as 1/16 to 1/8 inch — all of this while still being 
perfectly safe to touch. When touched, your generator will give your 
finger only a very light “pop” much like a very small static discharge 
from a doorknob. As an interesting side note, if you can feel a static 
charge at all, it will be at least 3,500 volts! 

Though static machines deliver these high voltages, their rapid, 
low current discharges make them unusually safe. Even generators 
producing 100,000 volts or more rarely presenta danger, though I for 
one would not intentionally take a shock from one. A later chapter on 
capacitors (energy storage devices) will give you an equation for 
finding out when a charge has become dangerous. 


Building a Film Case Rotostatic Generator 


In my rotostatic generator design I have attempted to maximize 
the output and storage capacity of this type of machine. I am sure that 
there are still many improvements that can be made. This device 
works extremely well, is reliable, and very easy to construct. A 
schematic and a photograph are shown in figure 4. 
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I used a surplus AC tape recorder motor to drive the unit. I like to 
use tape recorder motors in many projects because they are quiet and 
often have threaded axles that are very easy to mount components 
onto. In this case, I wanted to be able to switch plastic drums easily so 
I could experiment with a wide variety of materials. If you are unable 
to find such a motor, something similar can be used. A breakdown of 
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Fig. 5 — The complete Rotostatic Generator uses only a small plastic drum 
and a few common parts, and yet will light a hand-held 90 volt neon lamp! 


AC and DC motors and their suggested hookups are shown in detail 
in the next chapter. 

Assembly is straightforward and simple. The motor is mounted 
securely with wood screws to the base — in this case a section of 2x4. 
Make sure this connection is secure since in experimenting with 
different drums you will undoubtedly have some which will wobble 
due to imbalances in the drum or in the mounting. Also, remember to 
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select a motor with plenty of power. Tiny D.C. toy motors can work, 
but they have little torque and can stall, and that can be frustrating. 
The drum can be mounted to the motor ina variety of ways. If the 
motor axle is hollow as the tape recorder axles are, you can simply use 
a screw to secure the bottle cap directly to the motor axle. If the axle is 
solid, you will probably want to extend the axle all the way through 
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To mate the motor axle to the axle running through your drum, 
glue progressively larger pieces of plastic tubing to the smaller axle 
until the tubing size matches that of the larger axle, then slip the tubing 
over both axles. Tubing used as fuel line on model airplanes, aquarium 
tubing, compressor hose, and the insulation stripped from wire can 
be used to make excellent adapters. Heat shrink tubing can also be 
used, however, after it has been shrunk it tends to become somewhat 
brittle. 

As long as the pieces of tubing fit tightly over one another, any 
glue can be used to hold them together. I like cyanoacrylate (Super 
Glue) because it seems to hold rubber tubing nearly as well as it does 
skin. If you have used “Super Glue” for any length of time will know 
what I mean by this. 

This method of connecting a motor to an axle also has the benefi- 
cial effect of acting as a “universal” joint. That is, your motor can 
actually power your axle from a variety of angles since the tubing will 
flex without difficulty. This is useful when using a variety of motors 
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to drive a variety of unusual drums. 

The drum must be very well centered on the motor axle, but 
fortunately, this is surprisingly easy to do. Most plastic pill bottles, 
film cases etc. already have a little nub right on the center of the lid. 1 
assume this is some natural artifact of the process by which they are 
formed. Justhuntaround a bitand use a bottle with this built-in center 
mark, and you'll have no difficulty here. 

Personally, I like to mount the lid from the bottle to the axle so that 
the bottle can be easily removed and replaced. 

Therubbing block shown in figure 6 turned outto bea very handy 
design. By looping a piece of wool against the Lucite as shown, the 
block makes excellent contact with the drum. A variety of rubbing 
materials can be tried by simply slipping them in between the block 
and the drum. I think that leather or nylon probably provided the best 
results when used with the film case. To make these experiments 
easier, use “loose pin” hinges for mounting the rubbing block. 

Rather than use steel brushes to collect the charge from the drum, 
I came up with what I call “riders.” These are formed by wrapping a 
short length of wire around the copper wire conductor coming from 
the globe. These wires should be loose enough to dangle down onto 
the drumand “ride” along its surface. Riders have many advantages. 
They are very tolerant of wobble in the drum. You may be able to 
change drum types and sizes without adjusting them in any way. You 
can improve the efficiency of “riders” by coating unusued surfaces 
with corona dope. 

The PVC tube and collecting ball are easily mounted by drilling a 
tight hole in the 2x4 to accommodate the PVC tubing, by applying a 
little Silicone glue to the base, and by tapping it into place with a 
hammer. A large copper wire is run through the tubing as shown and 
is connected to the collecting ball with a brass screw. The ball, itself, is 
then mounted with a bead of Silicone glue. 


Testing and Operation 


Turn on the static generator’s motor and allow it to run for 20 to 
30 seconds. Ittakes some time to build up a charge. Next, hold one lead 
of a Ne2 neon bulb, available at electronics stores for about 49 cents, 
and bring the other lead near the brass bulb. When the free lead is 
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nearly touching the bulb, the lamp should flicker or flash. Though the 
shock from this tiny generator can barely be felt, keep in mind that it 
takes nearly 90 volts to light the bulb! 

Nextspread some small, dry, pieces of styrofoam on the top of the 
ball. By bringing your hand close to the styrofoam you can actually 
cause them to move mysteriously toward your hands. 

Touching this generator is perfectly safe. Under good conditions 
you should feel and heara light static “pop” when you touch the fully 
charged top terminal. If you have trouble feeling the “pop” with your 
fingers try using your nose. I don't know why, but bringing your nose 
near the ball brings on a very subtle and strange electric sensation. 

With this generator you can do many of the experiments men- 
tioned later including charging up capacitors and energizing spark 
gaps. So experiment and enjoy. 


REMEMBER! 

If you are using yourself as ground, as described in the above 
experiments, you might find that generator performance seems to 
decrease after several experiments have been performed. What has 
actually happened is that by repeatedly touching the ball, you have 
charged yourself up to the same degree of charge as that of the ball, 
giving the electricity no desire to jump to you! This is simply reme- 
died. Just touch a cold water pipe or other ground from time to time 
while you experiment. 

One minor problem that can pop up is motor speed. Your motor 
may run too fast. We'll discuss a motor speed control a little later on. 
Don’t worry if the riders hop around a bit. This is usually OK and 
won't cause problems. 

Although a plastic film canister appears in the photos, jars with 
semi-transparent finishes perform. PVC might also make an exellent 
drum. Experiment! 


A Useful List of Materials for Friction Generators 
What followsisa useful list of materials thathavea predisposition 


for taking ona negative or positive charge. By choosing materials that 
are far apart on this list you can increase the efficiency of a generator. 
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This listisexcerpted from Nature's Electricity TAB books No. 2769 
and is called “The TriboElectric Series.” 


POSITIVE CHARGE 


Air 

Human hands 
Asbestos 
Glass 

Mica 
Human hair 
Nylon 

Wool 

Fur 

Lead 

Silk 
Aluminum 


Hard rubber 
Nickel, Copper 
Brass, Silver 
Gold, Platinum 
Sulfur 

Acetate 
Polyester 
Styrofoam 
Orlon 

Saran 
Polyurethane 
Polyethylene 
Polypropylene 
Vinyl (PVC) 
Silicon 

Teflon 


NEGATIVE CHARGE 
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An in-circuit or out-of-circuit switch is provided so that the 
transistor or diode does not have to be removed from the circuit to 
be checked. However, I feel the transistor is checked best if 
removed; this is a matter of personal preference. 

At the in-circuit position, both resistors are in series provid- 
ing the lowest current applied to the circuit. This low current, 1 
mA or less, should not harm surrounding components associated 
with the transistor or diode being tested. 

This transistor/diode tester is to be used on deenergized 
circuits only. I have not used it on an energized circuit, but I feel it 
will be of no real value there. 

After the tester is installed, touch the probes together. The 
scope will go from its normal horizontal line to a vertical line. 
Adjust the horizontal and vertical gains so that the line will be the 
same length both vertically and horizontally. Adjust the centering 
of both vertical and horizontal positioning so that the line will be in 
the center of the scope. You are now ready to check transistors and 
diodes. 

Select a transistor from the junk box; determine if it is silicon 
or germanium and hold one probe on the base and touch the other 
probe to the collector or emitter. If the transistor is good, the 
screen should show a right angle. (If it is inverted, it doesn’t 
matter; just turn your probes around.) Now read from collector to 
emitter. A straight line should show. This is a good silicon transis- 
tor. 

Germanium transistors give a reading that will be slightly 
different. From collector to emitter only, they will give some type 
of right angle. With germanium transistors, I recommend that you 
compare them with others of the same number out of the circuit. 
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Figure 7 — Cats make good friction generators, 
but it's up to you to talk them into it! 


THE “CAT-O-STATIC” GENERATOR 


The last friction generator that I want to mention is what I call my 
Cat-O-Static generator. From the name you can probably already 
guess that the key component to this generator is your cat. 1 really 
would not mention this as a generator if it didn't work so remarkably 
well! 

For the most part cats enjoy being electrostatic generators, the 
trick is to make them think they are being petted, and not used as a 
science experiment. (The cat commandments state somewhere: “Thou 
shalt allow thyself to be petted only when it suits your purposes and 
not those of another.”) 

First, you will need a rubbing material. The very best material I 
found for this purpose was the artificial leather used in cheap motor- 
cycle gloves. It’s actually a type of vinyl. You can secure a pair of these 
gloves for 5 or 10 dollars at any motorcycle shop. Some are called 
“man-made leather.” 
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The next thing you will need is a metal flea comb and a length of 
PVC tubing. You will also need a Leyden jar to store the charge built 
up by your Cat-o-stat. Leyden jar construction is described in detail 
later on. The metal flea comb is held at the end of the PVC tubing by 
a slit cut in the tubing and some glue. A wire is attached from the flea 
comb to the top of the Leyden jar. 

Puta glove on one hand and hold the PVC tubing with the other. 
Coax you cat into your lap, and tell him wonderful things about 
himself. This never fails to distract them. Pet him with the glove, and 
follow the glove with the metal comb to pick up the charge. 

With my cat’s fur and my particular gloves I am able to build up 
a charge so large that it will penetrate my vinyl gloves with a strong 
prickling! However, keep in mind that this type of generator will 
usually run off and hide beforea large Leyden jar can be fully charged. 
Of course, if you have several cats, use them all to the charge the jar! 


AC vs DC Motors and Controls 


As we move on to the higher power generators, a little discussion 
is in order with regards to AC (alternating current) and DC (direct 
current) motors, and some good ways to control them. 

In the generators I’ve built and discuss here, I have used both AC 
and DC motors. AC motors have advantages in that usually no 
external transformers or circuitry are required. They develop plenty 
of torque - so much so in fact, that you rarely have to worry about 
stalling the motor. Most AC motors have no brushes or other compo- 
nents to short or wear. They will generally run for years and years, 
often until the bearings themselves wear out! In general, I prefer using 
AC motors over DC motors whenever possible. 

The major shortcoming of an AC motor is low rpm. The high 
performance Van-De-Graaff-type generators describe below work 
best at around 5,000 rpm. If the motor runs faster than this, electrons 
can literally be “blown” off of the carrying belt, and performance 
suffers, At lower rpm, leakage can impede the build up of high 
voltage. Since AC motors donot usually develop highrpm, DC motors 
should be considered for these high performance generators. 

Unlike AC motors, DC motors are portable when battery powered 
and achieve high rpm easily. Keep in mind that a DC motor rated at 
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6500 rpm may not achieve that speed when driving your device. The 
rpm rating is usually the maximum no load speed of the motor. 
Although not always necessary, you will probably find that you 
will want a motor with speed control as part of your DC static 
generator design. A number of dependable methods are shown in 
figures 8 through 12. 
Figure 8 shows a piece of high resistance wire soldered or tied 
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between two copper posts. One side of the wire is tied to a 12v (or 
similar) power supply. A wire coming from your motor is attached to 
an alligator clip which can be moved along the wire to increase or 
decrease the motor speed. This method works extremely well. How- 
ever, be aware that the wire can become red hot when supplying 
current to the motor! Make sure to house it safely. 

High resistance wire is easily obtained from a variety of sources. 
You can use the NiChrome wire that comprises the heating coilsinan 
old toaster, hair dryer, or similar heating device. You can also pur- 
chase NiChrome wire from any well-stocked hardware store. Keep in 
mind thata fairly long piece may be required. Another variation that 
can be tried is to usea high wattage rheostat, or even the speed control 
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handle from a “slot car” set. 
Figure 9 shows the use of power resistors to slow a DC motor. 


10 ohms 


Parallel Series 
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Total Resistance Total Resistance 

is 5 ohms is 20 ohms 
Figure 9 


Power resistors are inexpensive, and if you buy a handful of different 
values you can connect them in parallel or series to get a wide variety 
of different values, Keep in mind that resistors have two ratings, the 
power handling capacity measured in Watts, and the resistance 
measured in Ohms. 

An Ohm isa measure of the opposition to current flow. A resistor 
of 10 Ohms will oppose current flowing through it twice as much as 
a resistor of five Ohms. 

Wattage is simply the amount of power your resistor can handle 
without being destroyed by overheating. In general, I'd say the higher 
the wattage rating the better. The Winter’s Ring generator shown next 
required a 25 watt, 10 Ohm resistor, but had to be water cooled to 
increase its power handling capacity above the 25 watt air cooled 
rating. 

Resistors oppose current flow and in doing so, convert electrical 
energy into heat. It’s normal for them to become very warm. If your 
resistor gets too hot, its resistance can increase well above its stated 
value. A change in resistance can cause your motor to run at uneven 
speeds. You will either need to buy a resistor of a larger wattage, or use 
some means to cool it such as water (shown and discussed later). As 
a rule-of-thumb, don't use a resistor of less than 10 watts unless you 
have a very small or efficient motor, 
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Figure 10 Figure 10 shows a very 

7 7 accurate and stable means of 
controlling a DC motor. An 
integrated circuit and power 
transistor are used to send a 
stream of pulses to the motor. 
As the pulse rate increases, 
the motor speed also in- 
creases, By simply turning the 
potentiometer, you can adjust 
motor speed at any time. For 
mid-sized DC motors a very 
large heat sink or water cool- 
ing is required for the transis- 
tor. 

I have found that DC 
motors operating at high 
speeds can behave strangely. 
Slight variances in the motor’s 
speed can set up an oscillation 


Motor Speed within the belt being driven. 
Because one side of the belt is 
on iral being “pulled” and the other 


Figure 11 — Solid State Motor Control 
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is being “pushed”, uneven tensions react with the belt's flexibility to 
produce a “flying” belt that makes only intermittent contact with the 
rollers or pulleys. This can cause a belt to fly off, bend brushes, or just 
make a lot of noise. Also, if ball bearings are not used in the rollers, an 
oscillation can occur among the bushings of the upper roller, the axle, 
and the belt. All of these problems can be easily solved by using a 
versatile speed control. 


Component Cooling 


You may to have to improvise methods of keeping electrical 
components cool. If you are using a fairly large, high RPM, DC motor 
which will need sizeable amounts of electrical power, components in 
the speed control are going to get hot. Itmay seem a little unorthodox, 
but water makesa fantastic heat sink forelectrical components! Power 
resistors and even power transistors can berun well beyond ordinary 
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heat sink tolerances when submerged in water. (Figure 12) 
Distilled water is a very poor conductor of electricity and will not 
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short out most components. Tap wateris usually OK for resistors, but 
minerals and other gunk will cloud the water after a short time. 

As long as the circuit is submerged in water, you know that the 
temperature of the water must be below 212 degrees Fahrenheit (100 
Celsius) atnormal atmospheric pressures. Above this temperature the 
water will boilaway. Many electronic components work quite well up 
to 212 degrees. Just remember to add a little water now and then to 
compensate for evaporation. 


AN EXTERNAL VAN DE GRAAFF USING 
“WINTER’S RING” 


If you built the last generator described, you know that I wasn’t 
exaggerating when I said you could get 3500 volts (or more) from an 
old film canister. Although interesting, this simple rotostatic genera- 
tor won't keep you satisfied for long. There are higher voltages to 
conquer! So let’s move on to the next type of generator and try for 
10,000 volts (and possibly several times that amount) from a rubber 
band. 

[ call the following generator an “external” generator because all 
of the components of the generator have been mounted externally in 
such a way as to make construction and experimental modifications 
fast and easy. Since all of the workings are exposed, this generator is 
great for the experimenter who wants to quickly try different materi- 
als and configurations in developing his own generator design, or for 
someone who wants to whip together a simple generator to demon- 
strate. 

The high voltage terminal of this generator consists of a metal 
ring, or toroid, of exceptional efficiency. I call ita “Winter's Ring” 
although such rings have been traditionally made of wood. They’re 
rarely used anymore. As with other parts of this generator, the 
Winter’s Ring may be quickly replaced by a more traditional spheri- 
cal-shaped terminal or many others you might wish to try. Why not 
keep several on hand for demonstration? 

Despite the fact that, as we’ ve discussed, electrostatic principles 
have been well know for thousands of years, it wasnotuntil as recently 
as 1928 that a truly practical machine for generating high static 
voltages was perfected. Robert J. Van de Graaff, a young Rhodes 
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scholar working at Princeton, designed his first machine to generate 
the high potential needed to power a particle accelerator to bombard 
atomic nuclei as part of his experiments in nuclear research. 

Although it can be difficult, it is not impossible for the home 
experimenter to make his own atom smasher! A Van de Graaff 
generator such as described here is an integral part of such an 
apparatus. If you are interested in taking on a project of epic propor- 
tions, find a copy “The Amateur Scientist” by C. L. Stong which is now 
out of printand very difficult to find, but worth the effort. Or write for 
similar information from Information Unlimited, P. O. Box 716, 
Amherst NH 03031. 

The Van de Graaff is so simple and obvious in design that it 
amazes me that is wasn't developed sooner. I have always thought 
that this is a good example of just how inventions don't have to be 
extremely complex to have a significantimpacton society. How many 
other simple devices are there waiting to be designed and built? It 
could be you that dramatically changes the world! 

The easiest way to understand the Van de Graaff is to refer to the 
schematic diagram in figure 13. A Van de Graaff generator consists of 
a belt, two pulleys, a motor, brushes, a high and a low potential 
terminals. 

In newer machines the bottom pulley is plastic while older ma- 
chines used an insulator covered by wool or similar rubbing material. 
The top pulley must be of a conductive material such as metal or even 
wood which is not a good insulator at high voltages. 

When the machine is in operation, a small motor attached to the 
bottom pulley drives the belt that is lightly stretched between the 
pulleys. Friction occurs between the surfaces of the beltand the plastic 
wheel, putting an electrostatic charge on the belt. The charge is carried 
by the belt toward the upper terminal. A grounded wire brush makes 
contact with the lower portion of the belt and bleeds off some of the 
negative charge. The brush at the top of the belt accepts the positive 
charge remaining and distributes it on the high potential terminal. 
(Note: It is possible to make a Van de Graaff generator that develops 
a negative charge on the high potential terminal.) 

As the beltmoves, charge builds up on the high potential terminal. 
Theoretically, this charge could increase forever. However, leakage 
into the air from the upper terminal limits the maximum potential to 
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about 50 to 100 thousand volts typically. 
Asimple way tocalculate the theoretical maximum fora “perfect” 
spherical top potential is to figure a voltage 70,000 times the smallest 
radius of the curvature of the high potential terminal. For example- 


most spheres are sold with reference to their diameter. For a 12 inch 
diameter sphere, we divide 12 by 2 to get the radius, or 6 inches. We 
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multiply 6 by 70,000 to | 
get a theoretical voltage 
of 420,000 volts. 

Because your termi- 
nal will never be a per- 
fect sphere, and because ff” 
there will be leakage into | 
the atmosphere, theoreti- 
cal voltages won’t be 
reached. You might find 
these ball-park calcula- 
tions interesting, none- 
theless. 

A photograph of my 
external Van De Graaff 
and its schematic are 
shown in figures 14 and 
15. I found this to be an 
extremely simple and in- 
expensive design. In op- 
eration it will produce a 
reliable voltage in the 
range of 10 to 30 thou- 
sand volts using an ordi- 
nary rubber band. It will 
produce a solid and ex- 


hilarating “pop” when it 
discharges to your hand. — 14 - - External Van de Graaff Generator 


It can throw sparks to ground more than an inch in length. Neon bulbs 
such as a Ne2 will glow brightly and continuously when near the 
generator. A blue corona glow can be readily observed from the 
collecting brushes in a darkened room once your eyes have adjusted 
to the dark. Negative and positive corona can also be identified by 
their appearance using this device as discussed later. 

The external Van De Graaff shown has some minor performance 
limitations due to the relatively high friction of the top wheel (no ball 
bearings) and excessive flexing of the rubber band. A rubber band 
should be used as a belt only for demonstration purposes. For more 
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Figures 2-28 and 2-29 will give you an idea of what to expect 
on your oscilloscope. Some of them can be confusing when check- 
ing transistors or diodes at the in-circuit position; this is why I feel 
that out-of-circuit is best used to check transistors and diodes. 
However, after some experience using this device and a little 
circuit tracing to find resistors and capacitors used in conjunction 
with the transistor or diode, you should be able to determine with 
some degree of accuracy if the circuit is operational. 


BARGAIN ZENER CLASSIFIER 


The circuit is as simple as they come. Follow Fig. 2-30 and 
you should have no problem building a useful gadget which comes 
in very handy almost 90% of the time you build a new project. 
Looking at the schematic, you'll notice the power transformer is 
very important as it isolates the circuit from the ac line for safety. 
Next, the diode rectifies the ac into pulsating dc. The following 
120k resistor drops the voltage to the potentiometer. The elec- 
trolytic capacitor smoothes out the dc ripple to provide a dc voltage 
of about 30 volts to the alligator clips. (It’s the next thing to an 
instant project.) 

Place the cathode (the end with the band) of the zener that you 
wish to classify in the plus voltage alligator clip, connect the vom, 
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serious experimenting, replace the belt with a less flexible belt suchas 
made from a bicycle inner tube or, ideally, neoprene. Also, without 
ball bearings, the top wheel required occasional lubrication that 
frequently brought about the risk of oil contamination. Except for 
these minor problems, this generator has proven to bean excellentand 
reliable performer. It still remains the most easily modified and 
observed of the Van de Graaff designs I'll describe. 

The construction of the external Van De Graaff is so simple and 
straightforward thatlittle description is required outside of the draw- 
ing. A few tricks can simplify and improve construction. 

An easy way to get your motor, roller and belt in alignment is to 
run your generator while holding the motor with your hand, experi- 
menting until you find the right position for it. If your belt slips off, 
shift the motor slightly to change its attack or grip on the belt. 

When connecting a belt between two rollers in any Van De Graaff 
type generator, itis natural toassume that pulleysshould have flanges 
on their edges to provide a groove in which the belt will run prevent- 
ing it from slipping off the driving wheel. Surprisingly enough, the 
belt will have a tendency to stay centered on the pulleys even when 
they are somewhat out of alignment! I assume this has something to 
do with the way the pressures change in the belt as it approaches the 
edge of a pulley. You may find thatasmall “hump” in the drive wheel 
can even be helpful at high rpm. Once aligned, you should have no 
problems at all with belts slipping off. 

Use the largest diameter of copper tubing that you conveniently 
can for the top terminal. The problem is that when larger diameter 
copper tubing is bent into small diameter circles, undesireable ripples 
form. Larger gauge tubing must be bent into larger diameter circles 
forcing you to compromise between size and efficiency. 

When soldering the two ends of the copper tube into the “T” 
connector, first clean them with extra fine steel wool, then coat (tin) 
them with a little solder before inserting them. This will give an 
exceptionally strong and smooth bond. You can use any ordinary 
propane torch for heating and soldering the tube. 

If you use the same type of brushes as shown in the drawing, it 
might be tempting to shorten the copper wires leading to them from 
the PVC tubing or otherwise alter this mounting. Don’t do it! Itis the 
flexibility in these long copper wires that provides the “spring” 
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needed to keep the brushes flat against the belt. 

The plastic bottom pulley is simply one of the white plastic wheels 
used on cheap furniture casters. It is attached to the motor shaft by 
carefully drilling out the wheel's center hole to a size slightly smaller 
than the diameter of the motor axle. You then apply a few drops of 
super glue to the axle and press or tap the wheel into place. 

If the hole in the wheel is larger than the diameter of the axle, glue 
progressively larger diameter pieces of rubber tubing to the motor 
axle until the wheel fits snugly in place. 

One last note: Since your top terminal is copper which quickly 
tarnishes, you might want to apply a little Silicone cleaner / protectant 
suchas that sold for cleaning chrome automotive parts. This will keep 
your top terminal bright and shiny at all times. It also seems to limit 
leakage and produce an interesting double “pop” when touched. 


The Evils of Oil 


The only major problem that I encountered in building and 
operating Van De Graaff generators regardless of design is oil con- 
tamination. Since a Van De Graaff generator relies on friction between 
the plastic wheel and rubber belt to producea charge, you can imagine 
the devastating effect oil or any lubricant can have on belt perform- 
ance. Even the oil from your fingers can reduce the charge carried by 
the belt. Handle your belts sparingly, and hold them only from the 
outside edges as you might a record album. 

The worst lubricant is a petroleum-based oil such as used to 
lubricate motor axles and bearings. Angular momentum from the 
motor axle can actually pull a drop of oil all the way along the axle, 
along the side of a wheel, and outontoa belt. Therefore, Do not oil your 
motor or bearings excessively. 

If you want a graphic demonstration of this effect, place a drop of 
fast drying super glue on your motor's axle. Before it has a chance to 
dry, run your motor for several seconds. If your motoris like mine, you 
will have a little trail of super glue from the axle to the outside of the 
wheel where it will form a little blob. 

Once your belt and wheels are contaminated, they can be very 
difficult to clean. The best way to clean the belt isnot to cleanitall, but 
to throw it in the trash and get another belt. 
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The conductive metal toproller can be cleaned witha residue-free 
cleanerlike ammonia, followed by alightsanding withextra fine sand 
paper and then by another ammonia cleaning. 

Cleaning the plastic wheel is the most difficult. The plastic wheel 
usually builds up a static charge of its own during the time the 
generatorisrun. Thischargeseems to actlike a sponge for oil! The only 
way I have found to remove itis it by attaching a wire to ground and 
running the motor while dragging the wire along the outside of the 
wheel. After discharging the pulley in this way, ground a piece of 
metallic sand paper and again run the motor while sanding away 
some of the outside of the wheel. This is accompanied with or followed 
by ammonia cleanings. Other solvents may work, but watch out for 
those that may dissolve the plastic. I realize this procedure may sound 
extreme, but I have even tried soaking the plastic wheels in industrial 
degreasers not available to the general public and have had no luck at 
removing this oil in any other fashion. If you are careful in your use 
of oil you will never encounter this problem. 


A Few Words On Brushes 


In both of the Van De Graaff generator designs described in this 
book, I used a simple tuft of wire soldered to the end of a thicker solid 
copper wire spring which provides the force necessary to keep the 
brush riding firmly against the belt. By far the biggest problem you are 
likely to encounter will be in keeping the brush riding solidly on the 
belt. If your brushes are not well placed, or your belt has undue 
flexibility, the brushes may have to be readjusted frequently. 

Many configurations, some very elaborate, have been tried in an 
attempt to perfect a fool-proof brush assembly. I haven’t found one 
yet. You may want to try a hinge, a spring, a piece of metal screen, or 
even a conductive rubber or foam such as those use to package 
integrated circuits. In designing a brush assembly, keep in mind that, 
ideally, it should be comprised of many fine points like the ends of 
wires because the density of electrons in a fine point is higher and 
electron transfer is more likely. Nevertheless I have had very good 
luck with non-pointed objects such as conductive foams. Most texts, 
and my own experience has shown thata good old tuft of wire usually 
wins out, but, as mentioned, this is not a perfect solution to the 
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problem. So, experiment. And have fun! 
A Few Words On Belts 


A good belt can be made from virtually any insulating material. 
Rayon, Dacron, rubber, paper, silk, plastic and even ordinary cloth 
have been used with success. Wear is probably the most important 
factor to consider in choosing a material. Rubber, for instance, rots in 
my home town due to the ozone contained in the smog here. Cloth will 
fray athigh speed, although have coated cloth with an extremely thin 
coating of Silicone rubber and have made good belts. Neoprene, 
joined with a diagonal splice is a long-time favorite. 

In my opinion, the easiest all-around belt is made from an old 
bicycle inner tube, or even better, the rubber “liner” that covers the 
heads of spokes under the rim. One of these belts can be carefully 
spliced with inner tube cement from a tire patch kit. Even a little 
“Super Glue” will work if the splice is clamped. 

In fabricating a belt also remember that the wider the belt, the 
faster a charge accumulates (within reason). And, you may also want 
to give a little thought to the noise generated by certain materials. At 
5000 rpm a poorly made belt will make considerable noise. 

One last belt option is to purchase a ready made belt from a 
scientific supply house such as Analytical Scientific, Post Box 675, 
Helotes, TX 78023. Such companies can often supply many different 
sizes and types of belts. I would suggest ordering the thickest, and 
strongest belt offered for a home-made generator. I find the price of 
commercial belts a bit too expensive for my bank account, but you 
might find their prices more acceptable depending on your project. 


THE HIGH POWER “CLASSIC” VAN DE GRAAFF 


Although these voltages are impressive, keep in mind that the 
classic Van De Graaff will easily produce 60 to 100 thousand volts or 
more and is only slightly more difficult to build. 

The classic design for the Van De Graaff is shown in photograph 
16. The one minor concession I made in my design was to use two 
stainless stee] bowls for the high potential collector instead of the 
traditional sphere. I did this simply because I could not readily find a 
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Figure 16 — Classic Van de Graaff Generator in Operation — This long- 
exposure photograph clearly shows the remarkable energy generated by 
this simple device. 
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sphere of the proper dimensions. Besides, twobowls allow easy access 
tothetoprollerand brushes, and I wanted to testmy hunch thatalmost 
as much power could be obtained from the bowls if the edges were 
heavily doped and insulated as could be obtained from a traditional 
spherical terminal. 

All of the experiments to be described can be performed with this 
unit. Itis an all-around solid machine and is fun to operate. If you plan 
to build only one generator from this book, and are wondering which 
generator to select, this machine is the best all-around performer. If 
carefully built, this design will exceed a voltage of 100,000 volts. It will 
arc thick, blue sparks well over four inches to an outstretched hand 
and deliver an invigorating, if not slightly uncomfortable, shock. 

This generator is capable of charging up a person's body toa high 
voltage. It makes possible many experiments suchas causing a person’s 
hair to stand on end, or the rapid charging of large capacitors. The 
device will even produce an ominous “crackling” as your hand 
approaches the high potential terminal. 

By standing on a large plastic insulator such as an overturned 
detergent bucket, a friend of mine was able to charge her body tosuch 
a high potential that her hands would “crackle” any time she pointed 
toa person nearby in the room. I think a physics or chemistry teacher 
would have little trouble keeping his/her students attention if the 
mere pointing of their hands produced this ominous cracking! 

Though I am certainly not recommending the following ap- 
proach, this generator was also inadvertently useful in training a dog 
in a single lesson not to jump on people. My dog, Merfi, had the bad 
habit of greeting people by jumping all over them. Nothing, itseemed, 
could discourage this behavior. One afternoon some friends and I 
were standing around a completed Van De Graaff and commenting on 
what an unusually large charge we had managed to bestow upon a 
person. Suddenly Merfi bounded into the shop. Despite our pleas, 
Merfi shot across the shop with his usual enthusiasm and leapt nose 
first into my highly charged friend, no doubt, intending to bestow 
upon him his traditional greeting. 

We could do nothing but watch as a large blue spark jumped to 
Merfi’s moist, waiting nose. Merfi stumbled back, temporarily lost 
control of his bladder, and then slunk out the door. A few moments 
later everyone was petting and reassuring Merfi, yet, to this day we 
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Figure 18 - “Merfi” — (An accidental 
a 5 i electrostatic participant) 
Things to keep in mind 


The edges of the bowls are relatively sharp, even though the edges 
have been folded over. To prevent the charge from leaking through 
these sharp edges, they are coated with a special paint called “corona 
dope” which can be purchased in most T.V. and well-stocked elec- 
tronic stores. It is available in both spray and brush-on forms. Corona 
dope has a high dielectric strength, and will prevent a charge from 
leaking off into the air. It can be used on any spots suspected of leakage 
on any of your high voltage projects. Keep in mind that the thicker the 
coating of corona dope, the better it will shield. I used around eight 
thick coats on my Van De Graaff and should have used more. Sparks 
fly right through it! 

As with the last generator, the lower pulley is a white plastic wheel 
taken from an inexpensive furniture caster. It was mounted in the 
same way as was done in the external Van de Graaff. 

The upper pulley is the front hub of a 10 speed bicycle wheel. I 
tried several different methods to reduce the friction of the hub bear- 
ings to make it turn more freely. I tried a variety of lighter oils and even 
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as shown in Fig. 2-31, run the voltage up until the vom needle 
stops, and that's the zener regulating, or breakdown, voltage. 1f 
you connect the zener backwards in the circuit, you should get very 
little, if any, indication on the vom meter because the diode is 
conducting and presents a short circuit to the tester. This circuit 
passes very little current through the zener under test, so you 
shouldn't have any problems with zener burnouts. 

If, after classifying all your diodes, you still don't have the 
correct value, try putting two or three of them in series. When I 
built my power supply, I needed a 12-volt to 13-volt zener. I put an 
8.2-volt and a 4.3-volt zener together in series to obtain 12.5 volts 
and, because of this, 1 could also tap at the junction of the zeners to 
obtain a regulated 8.2 volts. 

You'll find that regular diodes and transistors have a zener 
action as well. Although voltage values will be random and current 
capabilities small, they can often be used in place of a regular 
zener diode. When the transistor is bad anyway, it beats throwing 
it away. 

You'll notice all parts have a wide tolerance, so you can use 
any of the old parts you may have in your junk box. See Fig. 2-32. 


IC AUDIO FREQUENCY METER 


The 555 timer integrated circuit can easily be made into an 
inexpensive linear frequency meter covering the audio spectrum. 
The 555 is used in a monostable multivibrator circuit. The mono- 
stable puts out a fixed time-width pulse, which is triggered by the 
unknown input frequency. 

Referring to Fig. 2-33, transistors Q1 and Q2 are used as an 
input Schmitt trigger. The unknown frequency input is clipped 
between 9 volts and ground by these transistors. Positive feedback 
is used to insure the waveforms have fast, clean edges. The output 
of Q2 is a square pulse with the same frequency as the input signal. 
The output of Q2 is differentiated by C2 and R2 to provide a short 
pulse for the 555. A small signal diode is connected across the 
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removed the rubber covers that pro- 
tect the ball bearings from dirt con- 
tamination. I found that lighter oil 
works well, but because of the risk of 
oil contamination as discussed ear- 
lier, I ended up using grease. Remov- 
ing the covers also helps, but when 
the generator is running and the roller 
is spinning, a sizable charge builds 
up on its surface, and every dust 
particle in the area is attracted to it! 
Although you may want to experi- 
ment, [ have come to the conclusion 
that the hub should be 
left pretty much as it is 
when it comes off the 
bike. 

The two top bowls 
can be hinged together 
from the inside with a 
wide strip of black tape, 
or can be bolted together 
by some nylon screws 
through the lip. Keep in 
mind that you want the 
surface of these bowls to 
remain as smooth as 
possible to prevent elec- 
trons from leaking off. 
Don’t use metal hinges 
or any sharp objects in 
attaching them. 

The main body tube 
is fabricated from three- 
inch diameter PVC drain 
pipe. (Remember that 
acrylic or phenolic pipe 
might be superior to 


Figure 21 — Terminal Removed 
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PVC.) A slotis cutinto the lower portion of the tube to allow the motor 
and plastic drive wheel to be inserted through wall. The PVC pipeis 
supported by a metal L-bracket and a U-bolt. Depending on the size 
of your motor, you may want to cut a notch into one side of the L- 
bracket to provide enough clearance for the motor to fully enter the 
bottom of the tube. Since this “L” bracket will support your whole 
generator, make sure itis sturdy and of a heavy gauge. You may even 
wish to add a metal brace as I did to increase rigidity. 
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When you have completed this generator, you will be able to 
perform any of the experiments that follow. This easy-to-build, high 
performance generator is a very exciting machine to own! 


AN EXTREMELY HIGH POWER VAN DE GRAAFF 


Before we move on to other types of static generators, I'd like to 
briefly describe one of the highest performance Van De Graaff genera- 
tors I have ever seen. Shown in figure 24 is a design for an extremely 
high power Van De Graaff generator. 1 have not constructed this unit. 
I am providing details on this machine should you want to explore 
machines beyond the limits of my humble designs. This schematic will 
provide the essential design details. 

At maximum efficiency this design could generate voltages ex- 
ceeding 1,000,000 volts without using an auxiliary storage capacitor! 


Figure 23 — Ten million volt Van de 
Graaff generators were built in the 
1930's. One generator here is nega- 
tively charged, and the other is 
positive. Generators of this size are not 
recommended as a first project. (Per- 
haps not even as a second! ...but call 
me if you build one!) 


Voltages of this order can be dangerous, possibly lethal. This is not a 
toy and should only be constructed by a serious and cautious experi- 
menter. Because of its high output, I think this unit would make an 
outstanding laboratory power source for a homemade atom smasher. 

The high power unit uses an external high voltage power supply 
to “spray” an initial charge on the rubber belt. Notice in the schematic 
that the ends of the spray wires are pointed. A rectified high voltage 
source between 5,000 to 10,000 volts is ideal. For low cost and ease of 
assembly you may want to try using an automotive coil as a trans- 
former. For details see Lindsay Publications “Build a 40,000 Volt 
Induction Coil.” (Written by an author who is generally a good sort.) 

In this design, both top and bottom rollers are metal. The top roller 
itself is insulated from the high potential sphere. Charge is sprayed 
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onto the carrying belt as it passes through the corona discharge 
between the high voltage power supply and the lower roller which is 
grounded. A second set of points located just inside the upper high 
potential terminal picks up the charge and conducts it to the upper 
pulley. Once highly charged, current flows to the high potential 
terminal through the current regulating resistor. This configuration 
can also include a corona gap as shown near the inside surface of the 
high potential terminal. 

An additional set of spray points, labeled “charging corona rod” 
on drawing, connect directly to the high potential terminal and are 
situated directly above the pulley. 

According to The Amateur Scientist, “The difference in potential 
between the upper pulley, made ‘live’ by the voltage drop across the current 
regulating resistor and corona gap, and the high-voltage terminal causes 
these points to ‘spray a charge of opposite sign onto the downward run of the 
belt,” ” 

The value of the current-regulating resistor can be computed 
roughly by Ohm's law. In small machines it is usually on the order of 
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40 megOhms. 

Optimum belt speed for a high power unit is between 4,000 and 
6,000 feet per minute. Most high power units use belts made from 
rubberized fabric. 

Ifyour designis to exceed 200,000 volts, charge distribution along 
the insulating column becomesimportant. Machines using belts more 
than four inches wide should be equipped with equipotential rings as 
shown spaced every two inches. 

A large Van DeGraaff generator intended toreach the million volt 
range is often sealed in a steel tank containing inert gases such as 
carbon dioxide and kept at many atmospheres of pressure. Keeping 
thegasesathigh pressure serves toincrease their insulating properties 
and improves both the voltage and current output of the generator. 

Owning a generator of this size would be incredible! 


INDUCTIVE ELECTROSTATIC GENERATORS 


Wouldn’tit be wonderful to have a generator that could produce 
almost 90,000 volts while being virtually immune to changes in 
humidity? What if that same generator could be run extensively 
without concern for wear or maintenance? What if the same generator 
could be “daisy chained” to other generators to increase their output? 
What if it could be run as a motor, operating on electrostatic charges, 
justasacommonD.C. generatorcanalsobyrunasa motor? Well, what 
we would certainly have is a Dirod generator. 

The Dirod generator is another invention of Mr. A. D. Moore. The 
Dirod getsits name from the maincomponents of the generator: a high 
grade Plexiglas disk and a series of metal rods. “Dirod” is short for 
disk and rods. Its operation is most easily understood by observing a 
schematic representation of its workings. 

Figure 26 showsa schematic ofa basic Dirod generator. A number 
of metal rods are attached to an insulating disk (Lucite, glass, plastic, 
etc.) whichis mounted ona bearing thatallowsitto rotate. In the center 
of the disk is an axle which is stationary, and attached to this axle is a 
wire with two brush ends as shown. As the disk rotates, each pair of 
metal rods is momentarily electrically connected to the stationary 
brushes as the rods pass by them. 

Outside of the wheel we have two smooth metal plates each with 
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an electrode attached as shown and each having a pair of metal 
brushes as well. Positive and negative charges will form on these 
plates in the following manner. When the wheel begins its rotation, 
plate A and plate B will havesimilar amounts of negative and positive 
charges — similar, but of course, not exactly the same! Let's say that 
plate B has a slightly negative charge, and plate A has a slightly 
positive charge. Now, asa metal rod moves by the electrode from plate 
A, itis momentarily connected to the rod moving past the electrode 
from plate B, connected by the stationary brushes from the center axle 
as shown in figure 27a. At this point, since plate B has a slightly 
negative charge, the positive charges in the two bars rush into the bar 
closest to plate B (negative and positive charges attract), and the 
negative charges rush into the bar closest to plate A. This is compa- 
rable to one electrophorus charging the other without having them 
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Figure 27a 


Figure 27c 


Induction Generator Operation 


actually touch. 

Asthe disk continues torotate, the two bars move past the brushes 
and break electrical contact. Now we have one bar with a mostly 
positive charge and one with a mostly negative charge. Figure 27b 

Asthe bars continue to revolve around to the opposite plate, they 
briefly make a connection with the brushes from that opposite plate 
and bestow upon that plate their charge. Figure 27c. Now the plate has 
an even higher charge than it did originally. It charges the next rod 
passing by it even more forcefully. In this fashion the plates rapidly 
build up a larger and larger charge. 

When you consider how fast these rods can be spun, and how fast 
these charges double, you realize how quickly this generator can 
produce high voltage! 

To be a little more technical in describing the difference between 
our previous friction generators and an induction generator of this 
type, remember that friction generators charge by contact between 
two bodies and by the sharing of electrons from the resulting contact. 
Inductive generators make no demand on free electrons, but on the 
field they produce. This field causes electronsin the charging material 
to veer from their orbits. This displacement sets up or inducesa charge 
in the formerly uncharged material. The series of figures 27a through 
27c show not only how the machine moves but also how charges are 
built up during each step of the charging process described. 

Itis important to understand these simple principles of induction 
since they are critical to understanding and building the electrostatic 
motors that follow. 

It is interesting to note that the Dirod generator is virtually the 
same as the world's first electric motor known as the “Franklin” motor 
for its inventor, Benjamin Franklin, and discussed later on. 


Construction of the Dirod Generator 


Construction of the Dirod generator is, again, straightforward 
and simple when viewing the drawings. Keep in mind that the metal 
rodscan be mounted horizontally as shown or vertically, radiating out 
from the center. Vertical mounting is much trickier. However it is 
much less stressful on the Lucite disk allowing higher rotational speed 
to be achieved. 
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Also very important in achieving maximum voltages is a corona 
shield which is not shown in the drawing. A corona shield can be 
fabricated simply by placing a small sheet of Plexiglas between the 
metal spheres and the rotating rods. I would suggest that you first try 
your generator without a corona shield, and then with. If your design 
is optimum, your voltages will increase with the shield. 

Because the brushesin this type of design can really take a beating 
I strongly suggest using a conductive foam such as the foam inte- 
grated circuits are packaged in ora conductive rubber brush. If forced 
to use a metal brush, use a metal that is very springy. 

I built an induction generator by modifying the Franklin motor 
shown later on, Byadding brushesand twostainless steel collectors to 
the Franklin motor, I had both an electrostatic motor and generator! 
Although I plan to build a much larger, more traditional Dirod 
machine, this small motor/generator still holds my fascination and 
continues to teach me the principles I will need to employ in devising 
the larger unit. 


MEASURING VOLTAGES AND POLARITY 


WARNING: As mentioned before, the 
electrostatic voltages produced by the gen- 
erators in this text are generally safe for the 
experimenter even should he be accidentally 
shocked. The operation of the following 
devices is described for use with electrostatic 
devices. Should you choose to measure the 
voltage of other devices, more stringent safety 
precautions should be taken. Use extreme 
caution at all times. 
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Fig. 2-31. Unit with a zener diode being tested and showing proper hookup 
to the VOM. Note that the VOM is indicating 8.6 volts even though the 
tester voltage output is 28 volts. Don't forget to set the VOM to measure dc 
voltage. It doesn't show up very well in the photo, but! used red wire for the 
plus alligator clip and black for the negative. These wires were then 
inserted into 2 phone tip jacks on the top of the case. 


differentiator to insure that the 555 input never exceeds 9 volts. 
The 555 is connected in the standard monostable circuit. Since a 
Schmitt is used to trigger the monostable, square, sine and ramp 
type waveforms may be used at the input to the frequency meter. A 
nominal voltage-of 1 volt rms is required to trigger the Schmitt 
circuit. 

The range scale timing resistors R3, which determine the 
monostable pulsewidth, are small potentiometers mounted di- 
rectly on the circuit board. These pots are used to calibrate each 
frequency scale. 

The output of the monostable is a fixed width pulse. Every 
time a zero crossing of the unknown frequency occurs, the mono- 
stable is triggered. Thus, as the frequency of the trigger pulse 
increases, the monostable output has a greater and greater duty 
cycle. The frequency limit on any one range is determined by the 
R3C3 time constant chosen. As the input frequency becomes too 
great, the monostable output will never return to zero, because of 
constant re-triggering, and a constant 9 volts will appear at the 
output, 

The monostable output is a pulse with a duty cycle dependent 
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Information in this chapter is useful not only in the field of 
electrostatics, but can also be valuable to those who work with Tesla 
coils, Oudin coils, induction coils, or other high voltage power genera- 
tors. One of the most surprisingly difficult things to do with a high 
voltage is to accurately measure it. I was frustrated to find that text 
after text said simply that measurement of high voltages was impos- 
sible for the amateur. As a result of experimentation and having 
studied the writings of extraordinary experimenters such as Professor 
A.D. Moore, I can show you several methods of measuring high 
voltage that seem quite dependable and accurate. You can also use one 
of several means to determine the polarity of a high DC voltage — 
something which is rarely mentioned in any text. 


Finding Polarity and Simple Voltage 


There are several very simple means for determining the polarity 
of a high potential. The first, and by far the most sensitive is an FET 
based “electroscope.” Figure 45 shows an electroscope of my own 
design. The device is simple to assemble and is shown in both 
schematic and component layout forms. The device works extremely 
well. 

I highly recommend that you build one of these. It can show you 
the polarity of both very high voltages as well as low electrostatic 


Figure 45 — The FET Electroscope 


voltages. In fact, this electroscope will respond to the static build up 
found in clothes taken from a dryer, or the charge that builds up on a 
hard rubber comb, 

You may want to modify my design. You should consider replac- 
ing the 10 megohm resistor with one of a smaller or larger value. It 
controls the sensitivity of the circuit. The larger the resistor used, the 
more sensitive the device becomes, the smaller the resistor, the less 
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sensitive — within reason, of course. The resistor can also be removed 
all together for maximum sensitivity, but the device becomes unreli- 
able because even stray radio emissions will be picked up. 

When properly adjusted, the FET scope will light when placed in 
contact with a positive static charge. Keep in mind that the FET 
transistor, which is the heart of the circuit, could be damaged by an 
extremely high voltage, however, I have used my scope without 
difficulty to more than 30 thousand volts (30 Kv). This voltage was 
measured by placing the scope directly against the Van de Graaff with 
an appropriate spark gap. 
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A MECHANICAL ELECTROSCOPE 


A mechanical version of the electroscope can be made quite easily 
from a glass jar, a little wire, and some aluminum foil. A mechanical 
electroscope is shown in figure 32. 

When the top electrode on this scope is touched to a static voltage 
source, the aluminum leaves in the jar will separate. This happens 
because the foil in the jar takes on a uniform charge. Since like charges 
repel each other, the two leaves of foil are forced apart. 

The demonstration of an electroscope can be quite impressive. 
Although it would be difficult, if not impossible, to calibrate, a 
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mechanical electroscope of this type can also be used to measure 
voltage. Heavier leaves require greater voltages to separate them. 
Therefore, the distance the leaves move away from one another 
indicates a relative voltage. 


The Neon Lamp Bank 


Another less sensitive but much simpler way to measure low 
electrostatic voltages is with the use of a neon lamp bank. Figure 33 
shows the assembly of such a bank. Ne2 neon lampsare wired in series 
along a Plexiglas panel as shown in the drawing. Since each lamp fires 
at about 70 volts, five bulbs wired in series will read a voltage of up to 
350 volts. You can quickly see how larger or smaller banks can be 
easily built. The cost of these bulbs is quite low, so even fairly large 
banks can be built without great cost. 


When con- bank of neon lamps 
connected in series 
nected to a source 


of high voltage, it is 
quiteeasy to see which 
bulbs are lit. Some- 
times, however, you 
may have to darken 
theroom to geta more 
accurate reading. 
Neon lamps are not 
always easy to see. 

You can increase insulating plastic 


visibility by leaving a strip with mounting screws 
small gap between the Figure 33 
lamp bank and your Neon Lamp Bank 


high voltage source. 
Letting a spark periodically jump the gap will trigger the lamp bank. 
Attaching the bank directly to generator can draw enough current 
from the generator (load it down) such that it never reaches peak 
voltage. With a small Van de Graaff a steady stream of bright flashes 
will occur every two or three seconds. 

Though this means of voltage measurement is crude, you could 
improve it somewhat by using bulbs with very close firing voltages. 
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The best way to find 1 meg 
such bulbs is with the ener 
circuit such as shown... 
in figure 34. Note that wales 
a volt-ohm meter can 
also be connected 
across the leadsshown 
in order to gauge the 
exact voltage at which 
the bulbs will fire. By 
slowly bringing up the 
input voltage to a set 
of bulbs wired in par- 
allel you can find 
which bulbs fire to- 
gether and at what 
voltage. Figure 34 
A neon bank can 
also be used very effectively to determine 
polarity. After carefully observing a string 
of flickering bulbs you will notice that 
only one of the two inside leads is actually 
lighting. This lead willrepresent the nega- 
tive electrode. 


schematic 
diagram 


Corona and Polarity 


Another interesting way to determine additional 
polarity is by observing corona discharge lamps 
from your high voltage potential. Corona 
discharge is that strange very faint blue 
glow that surrounds portions of your high potential terminal. To 
observe it, you will need to be in a darkened room with your eyes fully 
adjusted to the dark and your generator running. 

One might assume that positive corona and negative corona look 
the same, but this is not true! Positive corona is even and uniform in 
appearance while negative corona is bushy, often with streaks or 
streamers that move around. 
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I first noticed this while using my external Van de Graaff, the same 
one described earlier. Not having had much experience with this 
generator, I immediately assumed that the light blue glow I was 
seeing in the darkness was due to arcing in the D.C. motor. It was too 
dark to see where the corona was coming from. Fearing the contacts 
in the motor would eventually be damaged, I tried every method I 
could think of to stop motor arcing, but the pesky blue glow went on 
unabated, Finally, I reached out in the darkness thinking I was going 
to touch the motor, but much to my surprise ended up touching the top 
of the generator! I had not expected to observe a corona discharge on 
this machine. 

Another interesting fact is that negative corona can be heard! If 
you find that a hissing sound is coming from your generator, this will 
be generated by the negative corona discharges! 


Using Spark Gaps To Determine Voltage 


A spark gap is the best way I know of to accurately measure high 
voltage without having to resort to very expensive laboratory equip- 
ment. 

Figure 35 shows the basic configuration of a “sphere gap” capable 
of accurately measuring up to 90,000 volts. A sphere gap consists 
simply of two hollow stainless steel spheres 1/2 inches in diameter 
whichare attached toa length of threaded rod with epoxy glue that has 


stainless steel balls glued 
to screws with epoxy which 
has been made conductive 


lastic or 
rubber knobs 


metal 
| “L” bracket 


wia electrical | 
lead under the 
head of the 


mounting screw Spark Gap 


Figure 35 
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been made conductive by some additive or has been coated with a 
little silver paintin order to make electrical contact between the sphere 
and the rod. The rod is threaded through a metal stand, and plastic 
handles are added to allow the spheres to be turned while the device 
is operating. The spheres must beat least 3 sphere diameters above the 
base to prevent distortion of the electrical field which can give inaccu- 
rate results. 

Another type of gap you can build is a rod gap consisting of two 
aluminum rods 3/4 inch in diameter. The rods are lined up with each 
other just like the sphere gap. The ends of the rods are rounded by 
turning ona lathe. Precision is important. The ends of the finished rods 
must be as close to hemispherical in shape as possible and must be 
highly polished. A rod gap of this type will give fairly accurate 
measurements up to 60,000 volts. 

Unfortunately, there are too many variables to give a simple 
equation for determining at what voltage a spark will bridge a given 
gap. The only practical solution is to either calibrate your gap by using 
devices that generate known voltages, or to use a setof measurements 
which have already been taken. 

What follows is a chart of known values for the apparatus de- 
scribed. These charts are excerpts from Electrostatics by A.D. Moore. 


kV Rod gap Sphere gap 
AAA AR 0.288 

aa wri A E AA, 
a 0.430 
ROT 0.625 


Note: Gaps listed are in inches. 
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One limitation of measuring high voltages with a sphere gap is 
that you will loose accuracy dramatically if the gap between the 
spheres becomes larger than the diameter of one sphere. Because of 
this, you mightneed a general way to calculate voltages for spheres of 
different sizes. Also, you may not be able to find a sphere of the exact 
size mentioned and will need to have a reference for adjusting your 
figures. 

What follows is a listing of spark gaps for spheres of several 
different sizes. By using these numbers and plotting along a curve, 
you can remain fairly accurate in determining the characteristics of 
spheres whose sizes fall between those shown. 


Gap Distances in Inches 
for a variety of voltages and sphere sizes 


sphere sizes in cm 
kV 20 3 4 5 10 


THE “NOON” ION HIGH VOLTAGE METER 


OK, I have to admit that itis terribly arrogant for me to name one 
of my devices after myself, but what the heck. For the record, I won't 
complain if you affix your name to one of your inventions! I think that 
you will find this meter which has solved so many of my voltage 
measuring problems to be an extremely useful tool in experimenting 
with high voltage. 
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As we have discussed, the surfaces of a high potential terminal 
should be smooth and round, ideally spherical, in order to prevent 
electrons from flying off into space. If we intentionally direct these 
electrons onto a sharply pointed terminal, the density of electrons will 
increase to the point where they begin to jump outinto the atmosphere 
that surrounds the terminal. As these electrons stream away, the 
pointed terminal movesinan opposite direction by virtueofNewton's 
second law of physics (ie. for every action there is an equal and 
opposite reaction.) 

This reaction is extremely small. However, itis measurable, and 
caneven drive a small motor (described later) or,as have discovered, 
push the pointer on a standard panel meter! Since the strength of the 
reaction is directly related to the voltage accelerating the electrons, it 
is possible to construct a meter capable of measuring high voltage. 

One difficulty with this meter is that, if constructed from off-the- 
shelf parts, no two meters will read exactly the same due to variations 
in the exact dimensions of the pointed terminal and the meter itself. It 
is necessary to use other methods to initially calibrate your meter such 
as comparing meter readings to voltages ascertained by the spark gap 
method. 

When using your meter remember to keep it well clear of ground 
or any object that might attract the ions streaming off your high 
voltage generator. Anything that upsets the stream of electrons can 
affect the meter reading. 


HIGH VOLTAGE AND SAFETY 


Because storage devices can accumulate enough electrical charge 
to be lethal, we must discuss safety. 

Most texts simply warn the experimenter tostay away froma high 
voltage discharge, and, of course, this is a good idea. No shock is 
completely safe, and people have been injured and even killed by 
remarkably small voltages. 

Even low voltage can deliver high damaging current. A capacitor 
carrying just a few volts has been known to melt the end of a 
screwdriver that accidentally bridged its terminals! 

If your experiences with electricity are anything like mine, no 
matter how careful you try to be, electricity will occasionally find 
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upon the input frequency. Thus, by intergrating or averaging the 
output waveform, a dc voltage is developed. This voltage is di- 
rectly related to frequency. Resistor and capacitor R4C4 is used as 
a pulse averager, important on the lower range setting. As the 
input frequency increases, the panel meter itself can act as a 
waveform averager. Input frequencies greater than 50 Hz will be 
averaged by the meter fairly well; however, at lower frequencies 
the meter will respond to each cycle of the unknown frequency 
input. The meter is used as a high impedance voltmeter. A 1 mA 
meter could be substituted with a change of resistor R5. Fora 1mA 
meter, R5 should be about 9.1k and R4C4 should be changed 
appropriately. R4 should be a factor of ten less than R5, and the 
same R4C4 time constant should be kept. This would make C4 a 
very large value, so R4C4 could be left out if the lower frequencies 
are of little interest (less than 50 Hz). 


Fig. 2-32. Interior view. All the parts came from my ink box with the 
exception of the case and power transformer which are Radio Shackstock 
items. A small piece of perfboard was used to mount the parts, and spacers 
were used to lift the perfboard off the metal chassis. 
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some clever way to zap you when you aren'tlooking. Because of this, 
you should know how to determine when any source of high voltage 
you are experimenting with is safe, 

The U.S. Atomic Energy Commission helps us by telling us thata 
discharge to the human body of 10 joules is known to be hazardous to 
life. A discharge of a mere 1/4 joules will deliver a heavy shock. 

Use the following equation for figuring the charge in Joules: 


Joules = “cv? 


where: 
C = Capacitance in Farads 
V = Voltage in Volts 


What follows (again from A. D. Moore) isa short list of capacitors 
and the number of kilovolts needed to store up a dangerous 10 joule 
charge. 


microfarads (uF) kilovolts (kV) 
0.002 100 
0.20 10 
20 1 
80 a 
320 25 
2000 .1 


From this you'll see that even small capacitors can store lethal 
amounts of electrical charge. Just because you may be dealing with 
less than 10 Joules does NOT mean you are safe! Again, remember that 
no shock is completely safe. If you are careful and use good judge- 
ment, you will have little to fear from electricity. 

Most of the generators in this book will produce more than 
enough power to run any of the experiments outlined directly. High 
voltage static electricity is safe because there is so little current avail- 
able. A Van de Graaff machine moving 50 square inches of belt per 
second generates only one microampere. Although the voltage (the 
pressure behind current) can be very high, there is very little current 
to be accelerated. Power is the product of voltage times current. One 
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microampere would have to be accelerated by one million volts to be 
able to deliver one watt of power. With such low currentlevels, power 
levels are necessarily low and relatively safe. 

If, however, small currents accelerated by high voltage are stored 
ina capacitor or bank of capacitors, itis possible to accumulate enough 
charge at high voltage that when it quickly discharges it can produce 
deadly levels of current. Some commercial high power static genera- 
tors go as far as to present the warning “Do not attach capacitors.” If 
you are experimenting with larger capacitors than those described, 
remember that itis no longer safe to verify static charges by touching 
terminals! Capacitors can store charges from minutes to months de- 
pending on the dielectric! Careless or thoughtless use can prove fatal! 

Electrostatic generators are unusually safe. Most generators will 
produce no worse a shock than a good jolt resulting from shuffling 
across the carpet. However, in coupling your generators to energy 
storage capacitors you're moving into dangerously high voltages. Be 
very careful! 


ENERGY STORAGE WITH THE LEYDEN JAR 


A Leyden jar is simply a capacitor, that is, a device that stores 
electrical energy. Like all capacitors it consists of two conducting 
metal plates separated by an insulator. Figure 36 

A brass knob such as those used on the handles of bathroom 
drawers is attached to an insulator, in this case, a flat piece of Lucite. 
You could also use cork, plastic, wax, or almost any insulator, The 
Lucite is cemented to the lid of a jar with a little Silicone glue. A large 
hole cutin the lid of the jar allows a wire to pass from the bottom of the 
knob to the bottom of the jar. The inside and outside of the jar are 
coated with a layer of aluminum foil. The foil should be worked with 
your fingers until it smoothly conforms to the sides of the jar. A wire 
is attached to the outside foil, and the entire outside is then wrapped 
with black tape. 

To use the Leyden jar, the wire lead coming from the outside foil 
is attached to ground. A cold water pipe makes an excellent ground. 
The brass knob is connected to the output terminal of your generator. 

Leyden jars can be assembled in any size, larger jars having larger 
capacitance. My personal favorite Leyden jar was made from a 5 
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gallon white plastic pail that had contained detergent. This huge 
capacitor has been charged by the “Classic Van de Graaff” generator. 
Under good conditions it yields a very heavy, thick, multi-colored, 
spark of more than 4 inches accompanied by a “crack” that could be 
heard for some distance. 

A word of warning: | made the error of touching this capacitor 
when I had thought it fully discharged, and though it was partially 
discharged at the time, I received a remarkably painful shock. This 
capacitor should be treated with respect. Youcan never be too careful. 


Leyden Jar Tool 


One tool you should build for your Leyden jar isa discharge rod. 
After experimenting with your Leyden jar, you will always want to be 
sure that it is fully discharged before handling or storing it. This isa 
very good habit to get into to avoid getting zapped when you are ina 
forgetful mood. 
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Electricity often seems to find some way to get into the jar without 
telling you. I wasonce shocked by a Leydenjarthatwasstandinga few 
feet from a generator. It was not until I observed the generator and 
Leyden jar in a completely darkened room that I noticed a blue glow 
around a length of wire which had been acting as an aerial above the 
Leyden jar and had partially charged it although it was not even 
directly connected to the generator! 

To make a discharge rod, simply take a length of heavy copper 
wire and bend it ina “U” shape. This “U” should cover the distance 
between the brass ball and the aluminum side of your Leyden jar. 
Attach an insulating handle to the center of the “U”. Make sure this 
handle is long enough thata spark won't find its way along the handle 
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to your hand. Holdingit by the plastic handle, you can bridge the gap 
between the brass ball and side of the Leyden jar, and safely discharge 
it. 

Discharging a large Leyden jar with this tool can be lots of fun 
since a large noisy spark can be safely produced. This provides a 
terrific demonstration for those who doubtthe powerof staticelectric- 


ity! 
THE WATER CAPACITOR 


Believe it or not, ordinary water and plastic bowls can be used to 
form an extraordinarily high dielectric, and make a good capacitor. 
Figure 38. A water capacitor is nothing more than two plastic bowls 
set inside one another each being partially filled with tap water. Any 
tap water will be somewhat conductive like the metal plates of the 
Leyden jar because of impurities. Dissolved salts in the water form 
positive and negative ions which move readily. The plastic wall of the 
inside bowl forms the dielectric while the waterin each bowl forms the 
electrodes. A small capacitor of this type having 53 inches of useful 
surface area has a capacitance of approximately 100 pF. 

This type of capacitor was supposed to have been a favorite of 
inventor, Nikola Tesla. Tesla, itis said, would wire together banks of 
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insulated metal trays which were filled partially with water. By 
connecting these water capacitors in parallel, Tesla could reach very 
large storage potentials with a minimum of effort. 


Plate Capacitors 


As you have undoubtedly gathered, all that is required for a 
simple capacitor to hold a charge are two conductive plates with an 
insulator (dielectric) in between. There are an infinite number of 
configurations to be experimented with. Figure 39 shows what is 
probably the simplest useful capacitor possible. 

The largest plate capacitor I attempted during the writing of this 
text was one made from aluminum foil and my sliding glass door. As 
soon as I became interested in electrostatics, and making high voltage 
capacitors, I started seeing the makings of capacitors everywhere. 
Every day I looked at my sliding glass door, and every day it looked 
less like a door and more like a capacitor. Finally I broke down and 
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bought a large roll of aluminum foil and some tape. After a thorough 
cleaning, I transformed my door into a giant capacitor, by taping 
sheets of foil to each side of the glass. But alas! The results were 
disappointing. Temperature differences between the inside and out- 
side of the glass caused condensation and all the problems that 
moisture brings, and the large sharp edges of the foil which I at- 
tempted to insulate bled off charge rapidly into the air. The foil did 
odd things such as crinkling and making sounds when charged, but 
failed to yield an interesting spark or hold a charge for any length of 
time at all. 

l'm sure you'll come up with as many ideas as I do. Mostrecently, 
a television special showed the huge metal domes on buildings in 
Moscow square giving me visions of tremendous high potentials. As 
[ watched, the buildings kept looking more and more like high 
potential tops of Van de Graaff generators and less and less like 
buildings. I think this high voltage stuff is affecting my mind! I think 
it’s a good thing that I don’t live in Moscow. 


Calculating Capacitance 


Once you begin designing and building capacitors, you will 
undoubtedly want to know what charges they are capable of storing. 
Capacitance is fairly easy tocalculate, although homemade capacitors 
will be much less than perfect and probably perform more poorly than 
calculations might indicate. The following equations will give you a 
good idea of what can be expected from your designs. 

Airis a good dielectric, and is accounted for in calculations. If we 
have two metal plates standing parallel to one another with air 
between, the equation for finding capacitance in picofarad is: 


C = .08854 “a 
S 
Where 


A is the area of one side of one plate in square centimeters 
S is the distance between plates in centimeters. 


The same equation can also be revised for inches: 
A 
& pa 2249 5 


Note that these equations remain fairly accurate as long as the 
smallest dimension of the plate is ten or more times “S”. In other 
words, the area of the plate should be much, much larger than the 
distance between them. 

Different materials have different insulating capabilities which 
are reflected in their dielectric constant. Since you will want to use 
materials other than air as a dielectric, you will need to look up the 
dielectric constant from standard tables. You'll find that Plexiglas 
provides about four times the dielectric strength of air. A capacitor 
built from two conducting plates would have four times the capaci- 
tance of an air capacitor. 

Another example: We might calculate from the equation above 
that a capacitor with a desired plate size has a capacitance of 100 pF 
using air as the dielectric. Using the chart below we see that if dry 
paper were substituted for air, the capacitance will be raised to 200 pF. 

Shown below are some typical dielectrics relative to air borrowed 
from Attwood’s book Electric and Magnetic Fields: 


Dielectric Constant Material 
1 Air 
25 Ethyl alcohol 
25 Transformer oil 


4.5 -7 Various types of glass 
6.8-8.4 Plate Glass 
8.0 Window Glass 


4.1-6.1 Pyrex 
5.4-5.8 Bakelite 
2 Dry paper 


23 Paraffin 
4 Plexiglas 
25 Pure rubber 
4 Wood 
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Capacitors can be connected in parallel or in series. Parallel 
connection increases total capacity. The total capacity is the sum of the 
individual capacities. 


Crota = Cy + Co+ C3 +... 


For example, three capacitors having capacity of 10,20 and 30 pF 
each would act as one capacitor having 60 pF when connected in 
parallel. The breakdown voltage of the combined capacitors is only as 
great as the lowest breakdown voltage of any single capacitor. 

Calculating the capacitance of capacitors connected in series is 
more complicated, being the reciprocal of the sum of the reciprocals of 
the individual capacitances. 


In series you would figure: 


1 
Sted. = -II 


Cr + Cr + C3 Fon 
For example, three capacitors have capacitance of of 2, 4 and 4 pF. 
When connected in series, the total capacitance would be 1 pF. 
Although capacitance has decreased, the maximum working voltage 
has increased. If each capacitor had a maximum working voltage of 


10,000 volts, the series connection would have a maximum working 
limit of 30,000 volts. 


Power Capacitors 


You can build a very powerful capacitor by creating a stack of 
alternating sheets of dielectric material and metal plates. On a large 
sheet of dielectric place a metal plate, then another sheet of dielectric, 
another metal plate and soon. The plates must be absolutely clean and 
free of even the tiniest contaminant or the capacitor will not work. To 
complete the capacitor connect alternating metal plates to one lead 
and the remaining metal plates to another. 

For your first attempt, build a power capacitor with 5 sheets of 
dielectric and 3 metal plates. Connect the top and bottom metal plate 
to one lead, and the middle metal plate to another lead. 
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Benjamin Franklin — The Turkey Killer 


Benjamin Franklin, an incurable prankster, was an ardent experi- 
menter with electrostatic machines. Amazing asit may seem, accord- 
ing to his biography, the major reason Ben Franklin tried his danger- 
ous kite experiment was that he was tired of charging his Leyden jar 
by hand cranking his static electricity generator. He wanted tocharge 
it with lightning which he was able to do without getting himself 
killed! (Note: this method of charging a Leyden jar is not recom- 
mended for those other than “founding fathers” and other experi- 
menters who seem to have a supernatural gift for avoiding harm. In 
other words, don’t you try it.) 

Franklin’s hand-cranked static machine was large enough when 
coupled to Leyden jars to produce a lethal voltage. In fact, Franklin 
often used his static machine to kill his Thanksgiving turkey. In his 
own words ”... to the amazement of many... A turkey is to be killed for our 
dinner by electrical shock, and roasted by the electric jack, before a fire kindled 
by the electric bottle...” 

Franklin’s pranks were not without risk. Just a short time before 
his famous kite experiment Franklin accidentally took the full force of 
his turkey killing device. He wrote, “Being about to kill a turkey by the 
shock from two large glass jars, containing as much electrified fire as forty 
common phials, I inadvertently took the whole through my own arms and 
body, by receiving the fire from the united top wires with one hand while the 
other held a chain connected with the outside of both jars. The company 
present (whose talking to me, and to one another, I suppose occasioned my 
inattention towhat I was about) say that the flash was very great and the crack 
as loud as a pistol; yet, my senses being instantly gone, I neither saw the one 
nor heard the other; nor did I feel the stroke of my hand.... I then felt what I 
know not well how to describe: a universal blow throughout my body from 
head to foot, which seemed within as well as without; after which the first 
thing I took notice of wasa violent quick shaking of my body, which gradually 
remitting, my sense gradually returned.... That part of my hand and fingers 
that held the chain was left white,as though the blood had been driven out, and 
remained so eight to ten minutes after, feeling like dead flesh; and I had a 
numbness in my arms and the back of my neck that continued till the next 
morning...” 
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Fig. 2-33. 555 timer frequency meter. 


The range scales are set up in decades. To calibrate each 
scale, a standard input frequency is connected to the input. About 1 
volt rms is needed to trigger the first stage. The monostable output 
pulse period must be less than the maximum input frequency to be 
measured on each scale. With the maximum input frequency 
applied, each range potentiometer should be adjusted until the 
value of the input frequency corresponds to the full scale meter 
reading. The duty cycle of the monostable should be roughly 90% 
at the maximum frequency input for each scale. This will give the 
maximum dynamic range on each scale. This will give the 
maximum dynamic range on each scale setting. If, for a 90% duty 
cycle, the meter will not read full scale, meter resistor R5 should 
be lowered accordingly. Each scale setting should be calibrated by 
adjusting the respective R3 potentiometer. 

During operation, when the scale reads off scale on any range, 
the scale should be changed to the next higher setting. Once 
calibrated, this frequency meter should read within 5% of full 
scale. The useful frequency range of the meter is from tens of hertz 
to well over 50 kHz. Although decade ranges are shown, the ranges 
between the decades can easily be added to give as many frequency 
ranges as deemed necessary. 


EFFECTIVE RADIATED FIELD METER 


The construction of the meters is very basic and quite flexible. 
As you design rf meter for higher frequencies such as the VHF 
bands, you should place components so that lead lengths in the rf 
circuitry are as short as possible. The enclosures I used were 
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Franklin’saccountofhisownmishap should certainly give thought 
to those who do not take the dangers of static electricity seriously! 


ELECTROSTATIC EXPERIMENTS 


The experiments here are divided into two categories. The first 
group describes electrostatic experiments that can be performed for 
an audience. In other words they're merely for entertainment. 

The second section features experiments which possible useful 
applications of electrostatics which are not often discussed. Many of 
these “useful” experiments could be or are being developed into very 
real, marketable industries and should be particularly interesting to 
the serious experimenter. 


Hair Raising Experiences 


Using electrostatic voltages to make a person's hair stand on end 
is a classic experiment every audience should see. It can be done in a 
number of ways. Find a subject with hair that is light and clean. With 
some experience you will be able to recognize the best subjects 
immediately. Next, convince the subject that the ominous apparatus 
thatthey havejust seen throwing four inch sparks will not harm them. 

You may want to explain why the experimentis perfectly safe by 
describing the “skin effect” of high voltages. This effect refers to the 
strange fact that voltages of this order travel only on the outside or 
“skin” of the object they pass over and will not travel through the 
inside of a body where they could do any harm. For alternating 
currents this is a true skin effect, but for direct currents there is a 
similar effect that occurs probably because of the repulsion of like 
charges rather than due to a true skin effect. 

The subject should stand within reach of the generator and should 
be well insulated from any ground. This is accomplished by having 
the subject stand on a large insulator such as an overturned plastic 
bucket, or,asa joke, a stack of college textbooks since they are usually 
very dry. Instruct the subject to place one hand on the high potential 
terminal, and then turn the generator on. Remember to remind a 
nervous subject not to remove his hand from the terminal until the 
experiment is completed since removing his hand could provide a 
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Figure 40 — The author's hair is usually flat and combed somewhat back. 
After a few minutes connected to a running Van de Graaff generator, and 
he's ready for a punk-rock concert! 


shock. Depending on the output of your generator you may need to 
allow it to run for several minutes before your subjects hair will begin 
to rise. Having your subject shake his head occasionally with speed up 
the process. 

During this whole procedure the subject will not feel the electric- 
ity passing over him other than perhaps a light tickling as his hairs 
stand on end. What is happening is that the subject's hair and whole 
body is taking on a charge from the generator. Since all of the hairs 
have the same charge whether it be positive or negative, and because 
like charges repel each other, every hair is repelled from every other 
hair and any nearby parts of the body. Warnings: 1) Don't use 
capacitors. 2) Hairspray is flammable. 3) Voltages over 500,000 are 
unsafe. 

Strangely enough, your generator will actually have a higher 
potential with someone is touching it than when it is operated alone 
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sinceitcan now use the person's body asa high potential collector. The 
success of this experiment depends largely on the subject's hair. Some 
women with short frizzy hair will have their hair stand out nearly 
straight from their head! 

After theexperimentiscomplete, have your subjectremain stand- 
ing on the insulator. This will allow the charge accumulated in their 
body to bleed off and will reduce the possibility of a large spark 
occurring when they eventually touch something that is grounded. 

There are a few simpler although perhaps less dramatic ways to 
perform the same experiment. One is to make a wig out of fuzzy yarn 
and to place it over the generator’s high potential terminal. You can 
place it on the spherical terminal of a Van de Graaff generator to 
simulate a person’s head. Some Mr. Wizard impersonators even like 
to puta pair of plastic sun glasses under the wig to give the generator 
a little character. After the generator hasrun fora time, the hairs of the 
wig will stand on end. 

A very quick way todemonstrate this effect is to simply takea few 
hairs froman old hair brushand place them on the generator’s surface. 
They will immediately stand on end, and will often fly off the genera- 
tor all together! Many different light weight materials can be used for 
these type of experiments. Bits of styrofoam work extraordinarily 
well. 


The Magic Wand 


As discussed, smooth, round objects tend to hold their charges 
while sharp pointed objects will allow electrons to fly off in a stream 
sometimes referred to as an “electric wind.” The effects of this wind 
can easily be seen. Connecta short lengthof wire to your high potential 
terminal and hold the free end of the wire with a handle made of an 
insulating materials such as plastic. Point the end of the wire toward 
alighted candle, and observe the flame. The flame will bend mysteri- 
ously away from the invisible “electric wind.” In a well darkened 
room withoneseyes well adjusted the “wind” may actually be visible. 

Another interesting experiment is to use the wand to chase a soap 
bubble. Because there are two forces acting on the bubble, the outcome 
of the experiment may be unpredictable. One force is the charge of the 
generator itself which draws the bubble toward the wand. The other 
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force is the electric wind from the wand that pushes the bubble away. 
How the bubble will act is anyone’s guess! It depends on which force 
is dominant. 

A little later on we'll use this surprisingly powerful wind to create 
a small pinwheel motor. 


Levitation 


There are a number of ways that you can levitate lightweight 
materials using your generator. The easiest ways to demonstrate this 
is to simply spread very small shavings of styrofoam along the top of 
your generator. When the power ison, the pieces will take on the same 
charge as the surface of your generator and be repelled by it since like 
charges repel one another. The bits of styrofoam will levitate off into 
the air after the generator has been on a few seconds. 

Anentertaining experiment can be done by placing a number of 
tiny styrofoam balls in a short section of clear glass or plastic tubing 
about 2 1/2 inches in diameter and a few inches in length setting on 
your high potential terminal. Cover the top of the tubing witha metal 
plate, and connect it to ground. When your generator is turned on, the 
balls become charged and levitate to the top of the plastic tube. When 
they touch the metal plate at the top of the tube they lose their charge 
to ground and fall back to the generator again. The balls will oscillate 
between the ends of the tube until the generator is shutoff. Youshould 
coat these balls with a conductive paint for a more complete charge 
transfer. 

If you enjoy reproducing electrostatic experiments as they were 
originally done, you might want to try making your own old-fash- 
ioned pith balls instead of using styrofoam. Pith balls were used for 
these experiment before modern products like styrofoam were avail- 
able. Pith balls are made by removing, shaping, and drying theinsides 
of certain plants such as dandelions. Details can be found in old 
physics textbooks before 1900. I'll stick with good old styrofoam. 

Place larger bits of styrofoam on your generator, and turn your 
generator on while touching the bits with your hand. The styrofoam 
will assume that you are ground and that your generator is a high 
voltage source. One side of the styrofoam will be charged one way, 
and the other side of the styrofoam the other. After removing your 
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hand, a number of things can happen. The styrofoam may flip over 
and be stuck to your generator like a magnet. The styrofoam may stick 
to your hand like a magnet. Or you may find thestyrofoam floating on 
end as the hair did in the last experiment. 

An interesting trick can be performed by passing your hand over 
thestyrofoam remaining on your generator terminal, As you doso, the 
electrical charges in the foam and in your hand will cause the styro- 
foam to jump about. 

I have meant for some time to place a metal plate on a table 
underneath a table cloth and to energize that plate from a hidden 
electrostatic machine. I could then sit at the table and “mysteriously” 
move light weight objects such as bits of hair, sawdust, styrofoam or 
other similar materials around the table simply by passing my hands 
over them. I think this would make a very convincing illusion of 
mental telekinesis. Try it. 


Lighting Without Wires 


If you or your friends doubt the power of your generator, have on 
hand a supply of Ne2 neon bulbs which are available for less than a 
dollar at any electronics store. Remind those onlooking that it takes at 
least 70 volts to light a neon bulb. Hold one lead of the neon bulb in 
your hand and move the bulb toward your generator. Within inches, 
or even feet, the bulb will flicker or light. I have seen some experiment- 
ers hold the bulb in their mouth while reaching toward a generator 
with their hand. Seeinga 70 volt bulb light in a persons mouth with no 
wires attached is an impressive demonstration. 

You may want to try large florescent bulbs as well. When my 
generator has been running I have seen flickersin the florescent lights 
in the ceiling of my home. These bulbs are many feet above the top of 
my generator yet respond well in a darkened room. 


Perpetual Motion 
Anything that people assume can’t be done interests me. Many of 
the greatest inventions of all time would never have come into being 


if theirinventors hadn'tatone point been told thatit couldn’tbe done. 
Currently, perpetual motion qualifies as such. 
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Figure 41 
“Perpetual Motion” 


The following device doesn't really qualify as perpetual motion, 
but it appears to be! Figure PI shows the device. The idea is simple. A 
few light-weight conductive balls are released onto a U-shaped track 
on which the balls rock back and forth. It is normal to assume that the 
balls will slowly lose their energy and come to a stop in the center of 
the track. Instead, because of the electrodes in the track,the balls 
continue back and forth indefinitely and even pick up some speed 
along the way. 

What has happened is that you have constructed simple electro- 
static motor. As the balls pass over the foil strips they pick up the 
charge from that strip. Having the same charge as the strip, they are 
repelled by that strip and are simultaneously attracted to thenext strip 
which has a dissimilar charge. Inertia will cause the balls to roll over 
the dissimilarly charged strip and on to the next. The electrostatic 
forces replace the energy lost in rolling friction. In this manner the 
balls will remain in motion for as long as power is supplied. 

If you wish toreally complete the illusion given by this device you 
will naturally want to hide the foil strips from view. To do this you 
could either use a conductive material other than foil that blends into 
the background, or, if your generator is powerful enough, you could 
probably bury the foil strips under the ramp material and still transfer 
a sufficient charge. 
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Trick Gun 


We know that like charges repel one another. This has been 
demonstrated with the ‘hair’ experiments and others. What would 
happen if we introduced a charge into a liquid, and then shot that 
liquid out in a stream? We can find out with the use of a squirt gun. 
Purchase an inexpensive water gun that stores its water in the handle. 
Drill a small hole into the handle and twist a brass sheet metal screw 
into the hole. You may wantto puta little Silicone glue around the top 
of the screw to make sure that this point will not leak when the gun is 
later filled with water. The brass screw provides electrical contact 
between your hand and the water. 

Fill the gun with water, and pump outa few squirts. The water will 
come out in its customary straight stream probably covering the 
length of the room. Then stand on an insulator and charge yourself up 
as described earlier. When you squeeze the trigger, a stream of 
scattered droplets will be ejected only a few feet. What has happened 
is that all water droplets have a similar charge so each droplet is 
repelled by every other droplet. Other than being just an interesting 
way togetan unsuspecting friend wet, this mechanism can be applied 
anywhere that a liquid must be atomized. 

l've wondered about making an electrostatic chamber on the 
carburetor of my car to see if better atomization of the fuel would 
result in better combustion. But first I need to check into the dangers 
of a spark occurring! I don’t really want to blow myself up! 


An Jon Motor 


There are several different electrostatic motors that can be run by 
your generator, the simplestbeing anion motor. You can make one by 
simply bending a length of light weight wire intoa “Z”. At the center 
of the “Z” shape, place a conductive bearing. Nothing fancy is re- 
quired. In fact, just looping the center of the Z around an axle may 
work. Make sure however, that the Z will rotate very easily. A simple 
schematic of the ion motor can be seen in figure 42. 

When power is applied to ion motor electrons stream off the 
pointed ends of the wire creating an electric wind. The force of the 
wind pushes the wire in the opposite direction. Again, for every action 
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Plastic Toy Airplane Propellor 
Figure 42 


there is an equal and opposite reaction. If 
your rotor is well balanced and the bearing 
friction is very low, your motor can and 
will achieve speeds of several thousands 
revolutions per minute! Of course, the 
torque generated by this motor will be 
very, very small. Nevertheless, it is fasci- a 
nating to watch a motor propelled by a Figure 43 -Simple Ion 
stream of electrons! Motor 
Although the thrust of this motor is 
very small, I am certainly not the type of experimenter to let this hard- 
earned stream of electrons get away without doing some useful work 
along the way. I have attached one of my pinwheel motors to a tiny 
plastic airplane propeller as shown to blow a little air cool air my way. 
I think this is probably one of the few fans that I know of that must be 
connected to 100,000 volts or so to operate! 
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Another thought that I had for this fan was to drive it with a 
negative charge. Negative ions are thought to have many health 
benefits, and to cut down on pollutants in the air. Negative ions 
apparently attach themselves to specks of airborne dust and cause 
them to fall from the air. There area number of negativeion generators 
being marketed for this purpose. I thought that a spinning propeller 
of this sort would be an absolutely outstanding way of both distribut- 
ing and producing negative electrons in a room environment. 

Ion motors also have serious applications in space travel. The 
Soviets have used ion motors to propel some of their long range 
probes. The problem with these motors is that the thrustis very small. 
However, ion motors offer at least two enormous advantages. First, 
they can be powered by a nuclear or solar electrical source which can 
provide power far longer than conventional chemical rockets. Second, 
anion motor can provide higher velocity thrust than current chemical 
rockets because the nozzle velocity of a rocketis limited by the internal 
pressures that can be safely generated inside the rocket motor. An 
efficient ion motor can accelerate ions to speeds approaching the 
speed of light! Although the thrust is small, over time the space craft 
could itself approach the speed of light, at least, in theory. 

A few tips for getting the best operation out of your ion motor— 
Make sure that your rotor is well balanced especially if you want your 
motor to be self-starting. Your rotor should spin easily for several 
seconds when tapped lightly by your finger. The more freely your 
rotor can spin, the faster it will revolve. The bearing used in a 
radiometer would make an excellent ion motor bearing. 

Run your generator/motor in an area free of objects that might 
provide sources of ground. My first ion motor was well built and 
carefully balanced, yetitrefused tospin. When] reached down togive 
ita tap to getitstarted,itrefused to move. In factit feltasthoughit were 
being held in place by a magnet. It was then that I realized that one of 
the arms of the rotor must have been attracted to an object with an 
opposite charge. That object turned out to be me! When I moved a 
short distance away, the ion motor sprang to life and immediately 
whirled up to several hundred RPM. 

For this motor, voltage is more important than current. The motor 
will run and do useful work on currents under a microampere. 
Electrostatic motors have been run with currents of less than .001 
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microamperes, and have even from the earth’s electrical charge itself. 

Another interesting use that I have found for an ion motor is that 
of a primitive high voltage meter. The higher the voltage, the greater 
the thrust from the motor. This may be used to move a pointer such as 
in a panel meter or may be used simply to a relative indication of 
voltage. 

I like to place a small ion motor on top of my Van de Graaff 
generator when I am charging capacitors. When the capacitors are 
charging, the motor will not move since the charge is being bled off 
from the generator to the capacitors. When the capacitors are fully 
charged, they stop drawing current from the generator. The terminal 
voltage rises, and the motor begins to spin. This is a very useful 
application of the ion motor since it is usually impossible to tell when 
a capacitor is fully charged any other way. 

I am told that ion motors have been used in scientific toys such as 
those that can influence a balsa airplane in flight. Gustave LeBon’s 
electrified rocket wasa small aluminum foil rocket thatcould actually 
fly on electrostatic forces (Patent No. 2,018,585). I have not seen these 
devices, but they sound like something worth investigating. 
Experimenting with “micro” sources of power can bring out the 
engineer in everyone. 


An Ion Blower 


The last experiment uses a stream of ions to propel a small rotor. 
Since in essence what we really have is a little jet engine, why not put 
our blower into a tube and see if we can pulla little air along with it. 
Figure 44 shows one possible configuration. 

One end of a small, clear tube such of glass, Plexiglas, or other 
insulating material is fitted with a sharp metal point. A metal screen 
covers the other end. Electrons reach a high density at the metal point, 
break free into the air, and stream through the tube to the screen at the 
far end. As they move rapidly through the tube, they pull some of the 
air inside the tube with them. Obviously, a blower of this type has very 
low efficiency probably in the neighborhood of 1% under ideal condi- 
tions, Nevertheless, a puff of smoke at the intake side of the tube will 
easily be drawn through. 
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Universal Meter Cases but most any type chassis or small cabinet 
will be adequate. The enclosure ought to be metal as the circuitry 
should be shielded. To shield the Universal Meter Case, I used 
some roof valley aluminum to enclose the rear opening. It can be 
easily cut to size with hand scissors. You will find this available at 
most lumber yards or hardware stores. 


Instrument Sensitivity 

Sensitivity of the instrument is determined by the full scale 
deflection of the meter chosen. The smaller the full scale deflec- 
tion, the greater the sensitivity; for example, a 0-50 A meter will 
be more sensitive than a 0-1 mA meter. I used a 0-1 mA meter for 
the untuned meter and a 0-200 wA for the tuned meter. 

The length of your reference antenna will also affect sensitiv- 
ity: the longer the antenna, the greater the sensitivity. Also, dc 
resistance of the rfc will affect sensitivity. Choose an rfc with low 
dc resistance for maximum sensitivity. 


Instrument Application 

Once you have your field strength meter constructed and 
operating, you can begin making some reference measurements for 
future use. 

What 1 do is install a small reference antenna outside the 
immediate area of the transmitter; it does not have to be a great 
distance from it. The important item is not to change the location or 
length of the reference antenna once you start basic measure- 
ments. 

For measurements with a beam, | note and record on paper 
degrees of rotation “direction” and power input into antenna 
transmission line. With a dipole or fixed array, direction need not 
be recorded, but you must record input. Next, I proceed to mea- 
sure field strength with the meter. I record in my log the relative 
reading for future reference, and if I suspect a problem antenna or 
otherwise, I immediately go back to my original readings and make 
a measurement. If you have significant energy loss in your ERF, it 
will show. 

You will also find the “ERF” meter a valuable instrument for 
mobile or portable operation See Figs. 2-34 and 2-35. 


SIMPLE BRIDGE FOR MEASURING METER RESISTANCE 


There comes a time in every ham’s life when he must seek that 
unknown meter resistance. Here’s a simple solution to that age-old 
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Clearing The Air 


Before moving on, here’s another interesting smoke experiment 
you can try. Geta clear plastic or glass jar having no metal parts. Drive 
a pointed nail through the center of the lid. Blow a little smoke into the 
jar, and seal the jar with the lid. Next, connect the head of the nail to 
the output terminal of one of your high voltage generators. 

As charge is applied to the smoke, it will begin to swirl. Soon the 
smoke will seem to disappear, although in reality ithas been redistrib- 
uted along the sides of the jar. 

Variations of this effect are used in industry to place very fine 
films on surfaces. Similar electrostatic methods are being used to make 
sandpaper. When the tiny metallic abrasive particle are distributed 
along the surface of the sand paper they are given a charge that causes 
them to stand on end creating sandpaper witha better abrasive action. 
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Figure 45 - Franklin Motor — Using large sling-shot balls 
and a simple Lucite disk, this little motor quickly speeds to 
over 600 rpm on less than 1 microampere of current! 
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THE FRANKLIN ELECTROSTATIC MOTOR 


The Franklin motor, named after its inventor Benjamin Franklin, 
is often said to be the first electric motor ever made. Its construction is 
simple, and, in fact, it is very similar in operation to the Dirod 
generator described earlier which can be run as a motor although 
inefficiently. Figure 47 shows the basic Franklin motor. 

A series of lightweight spheres is glued in place along the outside 
of an insulating disk of Plexiglas, glass, etc. As these spheres rotate, 
they pass through the corona emanating from a highly charged high 
potential terminal at each side of the disk. One terminal is charged 
negatively and the other positively. As a sphere passes a terminal, it 
picks up a charge that will be attracted to other terminal causing the 
whole assembly to turn until the high voltage is removed. 

One modification that you might like to experiment with is to 
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make the Franklin motor self-starting. This can be accomplished by 
adding points on the high potential sources to create an electric wind 
that gives the spheres just enough of a nudge to start the rotor 
revolving. 
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Figure 48 
Poggendorff's Corona Motor 


Franklin's motor works by charging a series of spheres as they 
pass by alternating high potentials. It is also possible to alternately 
charge an insulating surface asit passes near high potential terminals. 
Plexiglas, glass, and probably other materials will work. A drawing of 
Poggendorff's motor is shown in figure 48. 

Here is how it works. Notice that there are two sets of brushes or 
combs with sharply pointed ends mounted at an angle. One brush 
sprays a negative charge onto the disk and the other a positive charge. 
As the disk continues to revolve, the charges on its surface find 
themselves attracted to the entire oppositely charged comb — not just 
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the tiny spray points. Itis important that the brushes be mounted atan 
angle, so that charges on the disk may be attracted to the comb of 
opposite polarity before they are replaced with an opposite charge as 
the disk rotates under the points of the comb. Understanding how a 
motor like this works is simple. Getting one balanced well enough to 
be self-starting and smoothly running takes quite a bit of patience. It 
is nonetheless an exciting and interesting project. 


Atmospheric Electricity 


The earth itself is a huge electrostatic generator. In the air at any 
time there are some 200 volts of electricity encircling you all of the 
time. The reason that wearen’t being zapped all the time issimply that 
we are all at roughly the same potential. That is we all have the same 
level of charge, so, the electricity has no reason to move from one point 
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Figure 49 


Earth's Atmosphere 


electrical parameters 


Between the earth and the electrically conductive ionosphere, 
both of which store electrical charge, exists an electrical potential. The 
same sort of buildup exists between clouds and the earth. When the 
potential builds to a level great enough, the air ionizes, loses its 
insulating capacity and becomes an excellent conductor. The result is 
a huge arc of static electricity we call lightning. As current flows 
between the cloud and the earth, the potential is reduced until the arc 
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can no longer be sustained, and the lightning bolt is extinguished. It 
fascinates me to think that I live on one of two highly charged 
electrodes. 

As an electrostatic generator the earth is fairly impressive. Be- 
tween two and six thousand thunderstorms are in progress at any one 
time. Worldwide, a hundred bolts of lightning strike the earth every 
second. It is estimated that this gives the earth a high voltage potential 
of approximately 360,000 volts between ground and ionosphere with 
anaverage lightning bolt conducting 1800 amperes. The density of the 
electric field decreases as altitude increases. Near the earth's surface, 
however, the field is estimated to be approximately 100 volts peryard 
of height. 

I say that the earth is fairly impressive because for all its size it is 
limited to these voltages by the fact that the atmosphere is relatively 
conductive having a resistance of approximately 200 Ohms. This is a 
relatively low resistance which quickly bleeds away charges. 

Although it can take a significant amount of time depending on 
weather conditions, any conductive material insulated from ground 
can acquire charge from the surrounding air, and become charged to 
a high potential. Although the charge accumulated is usually negative 
in polarity, thunderstorms and other atmospheric conditions may 
create a positive potential with respect to ground. Radio antennas and 
flag poles insulated from ground have been known to throw hefty 
sparks and even start fires. 


Plugging In To The Earth’s Charge 


If you’re as curious as lam, you're asking yourself, “Can tap into 
this charge?” The answer is yes! The first order of business is to 
measure and verify that a charge is present. If you area skeptic like me, 
you've “gotta see that needle move” before you are going to believe 
there is something there! 

The best antenna for capturing atmospheric charge is a metal 
structure, insulated from ground, pointing straight up into theair. The 
simplest, and probably easiest way to accomplish this is to simply 
attach a length of very light, bare, copper wire to a large helium 
balloon. This can be dangerous! Remember to avoid power lines and 
airports if you plan to launch such an energy-gathering balloon! 
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Having your bare copper wire come in contact with a high-tension 
power line is nota pleasant way to die! Thunderstorms are extremely 
dangerous. (Ben Franklin was lucky to have survived his experiment.) 

The bottom of the wire should be attached to a high quality 
insulator well above ground. Attach one lead of a extremely sensitive 
meter to ground. Occasionally attach the other lead to the vertical 
metal conductor. Be careful! Do not take for granted that the potential 
will be harmless! If left unchecked it could easily reach a level that will 
bite you. You may find that it can take an hour or more to build up a 
significant charge, however. 

At one time I tried using a kite flown with bare copper wire but 
had mixed results. I experienced significant difficulty with the wire 
kinking as I let it out and reeled it in, in response to changing winds. 

Another time I hooked a diode into the line and got surprising 
voltages, but I had been fooled. The diode and coil in the meter had 
made a primitive crystal radio. 1 was extracting power from the 
atmosphere that had been placed there by radio broadcasting stations. 
Although this is not static electricity, it is nonetheless interesting 
because it is a demonstration of wireless transmission of power that 
Tesla was trying to perfect. 

An antenna of this type has been used quite adequately to runa 
corona motor from the natural potential that exists between the earth 
and its atmosphere! A motor of this type must be extremely well built 
having great sensitivity and very low friction bearings. I have seen 
such a motor run, but have notrun one of my motors from this charge. 

Because of weather, it can take a long time to build the potential 
up to a level capable of doing useful work such as moving a sensitive 
meter or a small corona motor. Several methods have been devised to 
speed up the charging process. Early experiments devised by Lord 
Kelvin used an insulated metal tank filled with water suspended 
above the ground constructed in such a way so as to allow a steady 
stream of water droplets to reach the ground. Appropriately, he called 
the setup a “water dropper.” He reasoned that the surface of each 
water drop would be an extension of the surface of the water in the 
tank at the moment it dropped away. As it did, the drop would carry 
charges away with it. This continues until equilibrium was reached 
between the tank and the air. 

Using this same idea, charging time can also be reduced by 
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spraying a fine mist of water along a bare copper wire a hundred feet 
or more in length which is insulated from and suspended above 
ground. The falling water droplets can help to charge this wire to a 
measurable level in less than a minute’s time. 

Another method of speeding up the charging process is to in- 
crease the number of ions in the vicinity of the wire itself. A flame 
applied to the wire will increase the number of ions in the area of the 
flame and can bring a wire up to the same potential as the air around 
itina matter of seconds. To accomplish this easily, wrap the wire with 
a flammable substance such as string or paper soaked in lead nitrate, 
and ignite it. It is also possible to get good results by simply waving 
a torch lightly across the wire. 


In Conclusion 


I hope that you will enjoy experimenting with electrostatics as 
much as I have! I find few subjects more fascinating than high voltage 
and its generation, Asa technically minded person, you will undoubt- 
edly see many improvements that can be made in my designs. I know 
that this is true because at times it seemed I might never complete this 
text because there was always one more improvement to make and 
one more experiment to try. No doubt, you will conceive of dozens of 
new ways to apply the basic principles of electrostatics. Like all 
experimentation, every change, every test, every improvement will 
suggest many more questions to be answered and new improvements 
to be made. You'll probably devise many new inventions! 

Electrostatics is also a subject that everyone is absolutely fasci- 
nated by — even those who can't change flashlight batteries,. When I 
was experimenting with different friction generator materials, I pur- 
chased quite a number of little swatches of material from a local fabric 
store. The young ladies working in the store demanded to know what 
the fabric was for, and, were so fascinated by the idea of generating a 
spark that I emerged from the store piled high with swatches of 
material which they insisted be tried on the generator. 

My own mother, who despises anything technical, shocked me to 
no end by demanding that I explain to her the workings of the atom 
immediately after seeing the classic Van De Graaff in operation. I do 
not think anyone can watch a powerful Van De Graaff generator at 
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work and not be curious about the forces at work. (And you and I will 
always want control of those forces!) 
So dig in, get to work! Mysteries await! 
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Fig. 2-34. Untuned circuit. M1 — Dc meter (see text). Ri — Sensitivity 
control. 


problem. The schematic is shown in Fig. 2-36. It's equivalent 
circuit is shown in Figs. 2-37A and 2-37B. 

In Fig. 2-37B, R2 is equal to R2, and is the equivalent 
parallel resistance of branch 1 and branch 2. Neglecting R,,, the 
current through R2 would be 1.5 (E)/1500(R) = .001 A or 1 mA, 
the full-scale reading of most meters. Thus, when we reinsert Rap 
we know that the current is less than 1 mA. This keeps the current 
through each branch (Fig. 2-36) less than 1 mA, protecting both 
meters. 

In Figs. 2-36 and 2-37B, when the resistance of branch one is 
equal to the resistance of branch two, the currents through both are 
equal. Thus, you know that when the reading on the meter under 
test and the current reading on your meter are equal, the resis- 
tances of the two branches are equal. 

The resistance of branch one is equal to the resistance of M1 
(which must be known) plus R1, a potentiometer with a calibrated 
dial. If we select Rx so that it is equaltoR,,,, then, when R1 is equal 
to Rex the resistances of the branches are equal. If the resis- 


Fig. 2-35. Tuned circuit. M1 — Dc meter (see text). L1 and Ci — Resonant 
combination to cover frequencies you desire. 
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ADDENDUM 
Electroplating High Potential Terminals 


As you have certainly realized by now, a tremendous amount of 
your generator's efficiency rests in the quality of your high potential 
terminal and in your ability to effectively store the charges produced. 
I think you will be very happy with the performance of any of the 
classic generators and storage devices described earlier. However, for 
those of you seeking to go beyond these boundaries of performance, 
I'd like to let you in on new area of experimentation: electroplating. 

Electroplating is simply a process wherein metal salts such as 
copper sulfate or nickel ammonium sulfate dissolved in an acidic 
aqueous solution can be deposited as elemental metal on conductor by 
applying an electrical current. This means simply that any conductive 
object can be covered through the process of electrodeposition with a 
layer of metal! 

Since electrostatic charges can be distributed quite nicely on even 
very thin conductive surfaces, this is a perfect system for making a 
flawless Leyden jar or a huge high potential terminal. Iam currently 
working on creating very large, near-perfect high potential terminals 
by plating large plastic globes sold in many lighting stores for under 
$15.00! 

Anything can be plated — plastic, glass, pvc, etc. The only trick is 
in making their surface conductive initially so that a current can be 
applied. 

The basic procedure for producing a perfect Leyden jar is as 
follows. 

Begin by making the glass jar extremely clean. No fingerprints, 
water, or oil of any kind can remain. Use masking tape to cover the top 
20% of the jar to prevent plating in this area and to preserve a well- 
proportioned jar. Paint the exposed glass with a resin such as white 
shellac thinned with denatured alcohol, if necessary. I’ve even used a 
spray lacquer. 

From here there are several routes that you can take. The easiest 
method is to take a finely powered metal such as iron or aluminum 
(something around 400 mesh) and sprinkle it on thesticky, wet shellac. 
Since these finely powdered metals will float in the air much like 
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talcum powder, I usually put the metal powder and jar in a box and 
shake the two around around. Remember! These metals SHOULD 
NOT BE INHALED! Wear a safety mask, and if working with heavy 
metals, wearing protective clothing is a good idea. The metal powder 
should create a beautiful, even, light coating over the painted surface 
of the jar. Allow the paint to fully dry, and repeat the procedure on the 
inside of the jar. This is a little trickier, but not impossible. 

At this point you can actually stop, and use the jar quite success- 
fully. The tiny sandpaper edges of this powder metal coating will 
bleed off a stored charge when the jar is not in use. This makes a good 
natural safety feature. 

The only drawback to the powdered-metal approach is that if you 
choose to copper plate it, the copper plating will be just as bumpy as 
the powdered metal surface itself. Asa result, this method will always 
allow some leakage. 

Another simple method of making the jar conductive is to cover 
the shellac with powdered graphite. This can be rubbed smoothly 
onto the surface when the shellac is partially dry and will provide a 
smoother surface which in turn will produce smoother plating. On the 
other hand, graphite surfaces often require considerably longer plat- 
ing times and the process is less reliable. 

Although both of the above methods work well and have merits, 
the very best way to make the jar or any non-conductor conductive is 
to allow the shellac to dry completely, then paint or dip it ina solution 
of 


1/2 ounce silver nitrate 
4 ounces distilled water 
6 ounces alcohol 


While this is still wet, suspend the jar inside a larger jar or other 
acid-proof non-metallic vessel, and place a few lumps of potassium 
sulfite or iron pyrite in the bottom of the larger jar. Cover this with a 
solution made up of one part sulfuric acid and eight parts distilled 
water, and close the lid. You now havea jar covered with silver nitrate 
solution hanging above the potassium sulfite-acid solution in a sealed 
vessel. This will produce hydrogen sulfide fumes that will convert the 
nitrate to a sulfide which is a conductive coating for you jar. Within a 
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A glass jar for the Leyden jar The jar is masked off and coated 
capacitor is selected and thoroughly with conductive graphite. 
cleaned. 


few minutes the chemical reaction will stop, and your jar will be ready 
to be plated. 

Now that the outside of the jar has been made conductive, it can 
easily be plated with copper. In an appropriate acid-proof vessel, 
make a solution of 


25 ounces copper sulfate 
6 ounces sulfuric acid 
1 gallon distilled water 


Use warm water when mixing to dissolve the copper sulfate more 
quickly. Do not allow this solution to touch your skin or clothes. 
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After a few hours, the deposit of | The plated jar is ready to be cleaned 
copper is easily seen. up and put into use. 


Attach a wire from the negative lead of a 2 to 5 volt battery or 
transformer to the conductive part of your jar. A rubber band works 
well for this. Immerse the portion of your jar to be plated in the cop- 
per sulfate solution. Finally, attach a wire from the positive lead of 
your power source to a copper electrode having a large surface area 
such as a thin copper sheet. Set this electrode in your solution. 

Al that you have to do now is watch the jar as the plating takes 
place. Be sure you keep the solution warm, or the plating will proceed 
very slowly. I like a thick copper coat and usually allow my plating to 
take place overnight. However in a fairly short period of time you 
should see a reddish copper coating forming on the outside of your jar! 
Simply repeat this process for the inside of your jar. 
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A twelve inch plastic sphere has been coated 
with graphite and is ready to be plated. 


Very large spheres and other shapes can also be plated by scaling 
up this process. 1 have seen many inexpensive large glass and plastic 
globes since I began experimenting with this process that would lend 
themselves to this technique. For more information, refer to books on 
electroplating and electroforming that can give you advanced details 
on plating superior finishes. 

As you can see, simple electroplating can make possible a vast 
number of new shapes and designs for high voltage terminals! 
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12/30/2018 Get power from a telephone line without disturbing it | EDN 


An idle telephone line tempts designers to use its 48V potential as a power source. However, Part 
68 of the US Federal Communications Commission's telecommunications regulations states that 
any device that connects to the phone line and is not actively communicating must present a 
resistance of at least 5 MO (Reference 1). To meet this requirement, a device's continuous- 
current drain must not exceed 10 UA. Fortunately, many devices that connect to the phone line do 
not require continuous power and can remain off for long intervals, awakening only for a short 
time before relapsing into power-off mode. Providing power for these applications from the phone 
line presents obvious advantages by eliminating the need for a battery or another power source 


and the cost of battery maintenance. 


The circuit in Figure 1 charges a 1.5F supercapacitor, C4, from the 
phone line through a diode bridge and a 5.6-MQ resistor. A Maxim 
MAX917 nanopower comparator, | Cy, consumes only 0.75 pA from 
its power supply. Resistors Ry and Rx halve the voltage across C4 
and apply it to IC,'s positive input voltage at Pin 3 for comparison 


Click here to 
find out how to 
submit your own 
Design Idea. 


with its built-in 1.245V reference. For voltages across Cy that do not exceed 2.49V, IC,'s output at 
Pin 6 remains low. When C,'s voltage reaches 2.5V, Pin 3's voltage exceeds the reference 


voltage, and IC,'s output goes high, turning on Q, and Q3. 


CONTROL 
INPUTS O IM 
ON OFF 


https://www.edn.com/design/power-management/4315670/Get-power-from-a-telephone-line-without-disturbing-it 


2/11 


12/30/2018 Get power from a telephone line without disturbing it | EDN 


Figure 1 This power-conversion circuit delivers intermittent bursts of regulated voltage from a 
supercapacitor charged by a trickle of current from a telephone line. 


Several days must elapse before C, becomes fully charged, given its huge capacitance and a 
charging current of less than 10 pA. The voltage on Cy can never exceed 2.5V because, once it 
reaches 2.49V, Q, and Q; turn on, connecting Cy to a switched-mode-power-supply circuit. 
Because the power-supply current exceeds the charging current, the voltage across C, starts to 
decrease when Q> turns on. Transistor Q} holds Q» on when C,'s decreasing voltage causes Q} 
to turn off. 


The switched-mode-power-supply circuit comprises a Linear Technology LTC3459 micropower 
boost converter, IC», and its associated components, which deliver 5V at 10 mA. A fully charged 
C4 can supply power to a 10-mA load for approximately 40 sec. With no load, the circuit can 
sustain its 5V output for more than 10 hours. For greater output current and shorter operating 
time, select another boost converter that can operate at a low input voltage. 


Mechanical switches, open-drain MOSFETs, open-collector transistors, or a READ MORE 
microcontroller's open-drain output pins can drive two external control inputs to designideas 
force the circuit on and off. Pulling the On input low forces Q, to turn on and 

deliver power from Cy to the power converter, and pulling the Off input low turns off Q, and 
removes power from the converter. Note that the power converter's output-return line connects to 
the telephone line and thus should not connect to an earth ground or to grounded equipment. 


Reference 


1. "Part 68," Federal Communications Commission. 
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not in use, this is a constant DC signal (about 50-60 volts). When the phone rings, the 
signal is a 20 hertz AC signal (about 90 volts). When in use it is a modulated DC 


signal (between 6 and 12 volts). Download Favorite 


The phones lines even have power during a blackout in most cases. This is because 
the phone company maintains their own backup power system. Your phone lines may 


be powered even if you dont have a land line service set up. 
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Step 2: Check the Phone Line With a Multimeter 


i Fi Download ' Favorite 


Chart Tithe 


2 More Images 


Before you try to tap into the electricity in the phone line, you should check it with a 


multimeter to see what you are working with. 


Start by cutting open a phone cord and separating the internal wires. In most cases 
you will have one red wire and one green wire. Strip the insulation off the ends. Then 
plug the cord into a phone jack and use a multimeter to measure the output voltage. 


(htto://en. wikipedia.org/wiki/Open-circuit_voltage) of 52 volts DC. 


AAA 


tances of each branch are equal, the currents through them are 
equal. 

To find the meter resistance, one must plug in the meter 
under test and rotate R1 until the currents through both meters are 
equal. Then we know that R1=1R,,, and its resistance can be 
read directly off the calibrated dial. 

The smaller the value of potentiometer R1, the more accurate 
is the measurement of R, This is because the dial can be 
calibrated in smaller units. 

As an option, a more accurate circuit is shown in Fig. 2-38. A 
rotary switch can select different values of resistance to be added 
to R1. Thus, R1 can be made as small as you wish. Ry exe 1S NOW 
equal to R1 plus the switched-in resistance. 

Let's say you wanted to measure a meter's resistance using 
only R1 (Fig. 2-36). If your dial was calibrated with 100 notches, 
the result would be 5 ohms per notch. If we use the circuit in Fig. 
2-38, the potentiometer is only 200 ohms, leaving 2 ohms per notch 
on the same calibrated dial. Thus, we see how there is more 
accuracy in a circuit such as the one shown in Fig. 2-38, 

I would suggest that you choose a meter with a low resistance. 
Also, if you prefer, you can use an ohmmeter toread the resistance 
of R1, thus saving yourself the trouble of finding a calibrated dial. 

As you can see, the circuit is a flexible one and can be 
customized by the builder. All that is needed is a pen, paper and E 
= IR. 


test* 


Fig. 2-36. Bridge schematic. 


A Ri 
-METER UNDER Test 2008 


115 


Then | hooked up various resistors to see what the output would be with different 

loads. | determined that the supply voltage isn't regulated. This means that the ndiii EAG 
voltage changes depending on the resistance of the circuit that it is powering. After 

some calculating, | worked out that the base signal coming out of my phone 

jack pretty closely resembles a 52 Volt DC source 

(htto:/en wikipedia.org/wiki/Voltage_source) with a 628 ohm internal resistance 

(htto:/en wikipedia.org/wiki/Internal_resistance). 


Basically this means that | can run a 12V circuit at 64mA, a 9V circuit at 68mA, or a 


DV circuit at /bmA. This isn'ta lot. But it is enough to charge a cell phone. 
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Step 3: Construct a Simple Voltage Regulator Circuit 


7805 78L05 
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We know that the phone needs 5 volts in order to charge. But 
much current it draws or it's equivalent load resistance 

(htto:/en wikipedia.org/wiki/Electrical_load). So we can't charg 
from the phone line. We need to use a voltage regulator 
(htto:/en wikipedia.org/wiki/Voltage_regulator) to bring the out 


down to 5 volts and keep it there. A LM7805 5 volt regulator — 


To make this simple phone line adapter you will need the phon pee oad: | Favorite oie 
been working with, the 5V voltage regulator and a USB connector cable with a female 

end. Just connect the red wire from the phone line to the first lead on the regulator 

and connect the green wire from the phone line to the second lead. Then connect the 

black wire from the USB cable to the second lead on the regulator and connect the 

red wire from the USB cable to the third lead on the regulator. If you can't solder the 

wires together (because the power is out), you can just wrap the wires around each 

lead. If you do this, you should bend the leads of the regulator away from each other. 


This will help you avoid accidentally crossing the wires. 


This simple regulator circuit is able to safely convert the base phone signal into 
something that can be used to charge your phone. However, many voltage regulators 
are not able to handle the AC signal that they would receive if the phone rang. So if 
you are worried that you might receive a call while your regulator is hooked up to the 
phone line , then you may wish to add a diode between the red wire from the phone 
line and the first pin on the voltage regulator. This will protect your circuit from 


problems that may be caused by reverse polarity. 
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Step 4: Use Other Regulators for Other Output Voltages 


LM317 FLM338 'LMS50 


A 7805 regulator will work if you need an output of 5 volts but other kinds of voltage 
of voltage regulators are also available. Other voltages in the /8xx series include 6V, 
ƏV, OV, 10V, 12V, 15V, 18V, and 24V. In addition to these fixed value regulators, 
there are also variable regulators that let you set the voltage level with the use of a 
few external components. One such variable voltage regulator is the LM317 
(htto://www. ti. com/lit/ds/symlink/Im117.pdf). These are what you would use if you 
needed a different output voltage. 
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Step 5: Finished Phone Line Adapter Tool 
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Fig. 2-37. Equivalent circuits. j 


FIELD STRENGTH METER 


The manual for my rig suggests that a “better procedure” for 
loading it up is to use an swr bridge on forward or a field strength 
meter to peak plate and loading controls for maximum output 
power. The field strength meter seemed the easy way out, since a 
bridge costs fifteen dollars. The meter would cost me next to 
nothing to build considering the present status of my junk box. 
Therefore, I decided on the junk box approach to measure output 
power. 


Fig. 2-38. A more accurate bridge. 
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BUILDING A DIY VIDEO TRANSMITTER 


WHAT YOU NEED 

- Blank PCB Copper Plate (¡ameco.com part #169279) 
- Capacitors: 2x 0.1uf 

1x 100u 

2x 6-70pf Variable Caps (jameco.com part #32855) 
- Resistors: 2/7kOhm 

10kOh 
- Transistor-MPSA18 (jameco.com part #210681) 
- 1k potentiometer 
- Small amount (-4”) of magnet wire 24 AWG or close (¡jameco.com part #2098419) 
- Sand paper 
- Stranded hookup wire 
- Hacksaw or dremel tool 
-Headphones with 1/8” plug (from iPod or MP3 player) 
- Hot glue or super glue 
- Soldering Iron 
- CRT “tube” TV with an antenna (the transmitter won't transmit to newer flat screen TV's) 
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INTRODUCTION 
This micro video transmitter was designed by the DIY radio and micro TV artist Tetsuo Kogawa. His 
website (http://anarchy.translocal.jp/) is full of great info on DIY radio, and all credit for this circuit goes 
to him. The transmitter can be used to transmit a relatively clear video signal or abstract visualizations, 
depending on the desired output. It will usually function at a distance of about 20 feet. If you have any 
previous experience with electronics or circuit building, you will notice that this method of building is 
different. The circuit is constructed on top of a copper “ground plate” which is common in radio applica- 
tions. This tutorial uses step-by-step sketches and photos created based on Tetsuo Kogawa's design. 
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BUILDING THE TRANSMITTER 
1. PREPARING THE COPPER PLATE 


- Take the bare copper plate and cut off 1inch of material using a dremel tool or hacksaw. 
- Use this material to cut out 6 square 1⁄2 in. x 72 in. pieces. 
- Arrange the 6 pieces on the larger copper plate as shown in the image below... 
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**NOTE** Be sure to arrange them so that all the component leads will be able to reach the 
squares. Look ahead to see what components will go where so you know exactly how to space 
them. 


- Once you have them arranged, put a dab of hot or super glue on the bottom of each square and 
stick them in place on the copper plate. 
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2. ADDING THE 100uF CAPACITOR (the cylinder with “100uF” written on the side) 
- Melt a blob of solder onto the two squares furthest to the right. To do this, apply your iron to each 
square to transfer heat for an extended period of ne until the oe flows onto the surface. 


reheat solder blobs and put the 
capacitor into place 


h Wi T 
i -a 


e, ya i 
Wal AAS anat 
- Bend the TE out of the 100uf capacitor and straddle them between the two squares making 
sure that the leads are only touching the two small squares (not touching the ground plate). 
- Cut the excess off of the leads. 
- One at a time, re-heat the solder blobs and place the capacitor leads into them, allowing them 


to cool down until they stay in place. 


a 
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***NOTE*** - This capacitor is polarized meaning that it has to be facing in the appropriate direc- 
tion. Make sure you solder the NEGATIVE lead to the LOWER of the two squares. The negative 
side has the shorter lead and a vertical stripe along the side of the capacitor. 
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3. ADDING THE .1uF CAPACITORS (the two discs with “104” written on them) 
- These capacitors will be positioned between the upper and lower left most squares and the 
ground plate. Melt a blob of solder on these two squares and two blobs on the ground plate be- 
side each. (Reference the pictures for exact positioning). 
- Re-heat the blobs and position the capacitors accordingly as in step 2. 


ony 
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4. ADDING THE RESISTORS (10k and 27k) 
- Solder the 10k resistor (brown, black and orange stripes) between the bottom left square and 
ground. 
- Solder the 27k resistor (red, violate and orange stripes) between the two left squares. 
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5. ADDING THE COIL 
- Cut about 4” of the magnet wire (24 AWG or close) 
- Use the plug from your headphones to wrap the wire around. Make 5 turns. 
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- With the wire still wrapped around the headphone plug, take a small piece of sand paper 
and rub off the colored insulation of each end until the bare copper is exposed (If the copper 
is not exposed, you won't be able to make a connection). 
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- Solder the coil into place bridging the two squares as seen below 


6. ADDING THE VARIABLE CAPACITORS 
*NOTE* Once the component leads start to pile up on each other on each square, it helps to add 
additional solder. 
- The first variable capacitor will be soldered between the top square of the three that make up 
the bottom triangle and the ground plate. 
- Solder the “nose” of the capacitor (the lead that is different from the other two) to the square, 
and the other two side leads to the ground plate. 
*NOTE* You will have to bend the leads in a certain way in order to get everything positioned 
properly. Just play around with it till you get it. 
- The second variable capacitor will bridge between top and right squares of the triangle. Only 
two leads are needed here so use your clippers to remove one of the side leads, leaving the 
nose and only one side. (See the pic below) 
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Fig. 2-39. Field strength meter 
schematic. 


While building the field strength meter, 1 consulted an article 
in the July, 1976, issue of 73. The article dealt with building the 
world's smallest field strength meter. The design given was stan- 
dard and allowed wide margins for parts substitution. Recently, 
another ham wrote 73 about an rf choke that cost four dollars, 
adding that amount to the cost of his otherwise free field strength 
meter. I just thought P'd mention that all parts in my field strength 
meter came from junked PC boards, with the exception of the 
meter movement. 

When you go scounging parts for this project, remember about 
the choke. Anything that will choke rf works. So, substitute freely, 
but don't change from a diode to a resistor. 

As I said, the design is standard, but the antenna is quite 
unconventional. Instead of using a piece of twelve gauge bare 
copper or coat hanger wire, I used twenty-two gauge tinned copper 
wire bent into the form of my initials. 

Select the amount of wire you feel necessary to complete your 
initials or whatever. Straighten the wire with a vise and a pair of 
pliers. Starting at the top of the left initial, make a bend to form the 
beginning of the antenna. Try to use one continuous piece of wire to 
make the antenna. To insure this, draw your idea on a piece of 
paper first. If you use one piece of wire the antenna will look a lot 
better, and you will eliminate having to solder on extra pieces of 


1 diode, 1N914 or just about 
anything else 
| 150 uA meter 


| 1 rf choke | 
Table 2-6. Parts List tpn or thereabouts (| have a | 
e gth Meter. 1 .00l uF capacitor 


1 mini box 


| 1 banana plug 
1 banana jack 


| 2 shouldered washers 
Plenty of twenty-two gauge wire 
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The variable capacitors soldered into place... 
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7. ADDING THE TRANSISTOR (MPSA18) 
*NOTE* This transistor is sensitive to heat and can be destroyed by the heat from your iron. Be 
sure to follow the necessary precautions below. But don't worry if you do kill one, they are only 
~$.10 a piece. 
- The three leads of the transistor all do specific things and must go to the appropriate places. 
Here is a pic of the orientation of this transistor... 
C=Collector B=Base E=Emitter 


- Each lead from the transistor will be soldered to the three different squares that make up the 

triangle, so you will have to bend the leads accordingly. 

- The B lead (base) goes to the left square of the triangle, the C lead (collector) goes to the top 
quare, and the E dize (emitter) goes to the right square, as in the image below. 
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- Before you solder the transistor in place, you need to have a “heat sink” attached to protect 
it. This will draw some of the heat from the transistor to something else. To do this, simply 
take an alligator clip and attach it to the lead you are soldering... 
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8. ADDING THE 1k POTENTIOMETER 
- Put a bit of super glue or hot glue on the bottom of the potentiometer and stick it to the upper 
right corner with the leads facing towards the left of the plate. 
- Take a small amount of stranded hookup wire and strip both ends. Solder one side to the upper 
most lead and the other side to the ground plate. 
- Repeat the process by connecting the middle lead of the potentiometer to the upper most of 
the two right squares. Then connect the lower lead of the potentiometer to the right most square 
of the triangle. 
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9. ADDING THE INPUT WIRES 
- Cut two small lengths (-4-5”) of your stranded wire and strip both sides 


- Solder one of the wires to the ground plate (this will be the ground input from your video 
source) 


- Solder the other wire to the bottom square of the two right squares. (This will be the signal input 
from your video source) 


NN F. 
gro n 


ey ts 
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10. ADDING THE BATTERY INPUT WIRES 
- Just like the last step, cut two shot pieces of wire and strip both ends. 
- Solder one of the wires to the ground plate (this will be the negative input from your 9volt bat- 
tery). 
- Solder the other wire to the upper left square (this will be the positive input from your 9volt bat- 
tery). 
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11. ADDING THE ANTENNA 
- Cut about 2 feet of wire and strip one end. 
- Solder the wire to the right most square of the triangle. 
: AA ] pl e ore 
| Nov24 long SS 
e 


OPERATING 
- Find a video source (DVD player, VHS player, iPod etc.) that has a composite video output. 
- Use an alligator clip lead to connect the ground from your video source to the ground input 
of the transmitter. Using another alligator clip lead, attach the signal output from your 
source to the signal input of the transmitter. 
- Use two more alligator clips to connect the positive and negative of a 9v battery to the 
positive and negative battery inputs of the transmitter. 
- Turn on a CRT “tube style” TV and tune it to channel 2 or 3. 
- Turn your potentiometer to somewhere around 50% 
- Using a small screwdriver, tune the upper most variable cap slowly until you see the TV 
make a flicker or change. 
- Tune the second variable capacitor until you start to see some strong signal coming through 
- Tune the potentiometer and the two variable capacitors until you get the imagery you wan 


Send any comments, questions or suggestions to yaktronix.online@gmail.com 
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10/26/2017 Started prototyping receiver to go with Michigan Mighty Mite Transmitter - Interest Groups / Amateur Radio - Dallas Makerspace Talk 


Started prototyping receiver to go with Michigan Mighty Mite Transmitter 


wandrson Jul '16 
In August, there will be . The second clasalstil) as four tickets available, so if 
interested email me to reserve your seat! 

1/2 

Jul 2016 


In preparation for a couple of classes in September, | started prototyping a matching radio receiver for that transmitter. It will be a very basic direct conversion 
receiver with crystal control to match the frequency of the transmitter. With luck I will have the prototype completed by the first class on August 3rd 


While waiting for some parts, | started assembling the front end to the receiver on some scrap pcb material. 


Tones Gr Bud 


May 17 


When working with projects like this, it is best to test (and if nescessary) fix the project in stages. So the first stage is a simple tuned front end (inductor-capacitor 
tank circuit). To ensure | did the math correctly, | plugged one of the crystals into a test oscillator | have and fed that into the antenna input and hooked up my scope 
to both the input and output of the tuned circuit as shown below. 


https://talk.dallasmakerspace.org/t/started-prototyping-receiver-to-go-with-michigan-mighty-mite-transmitter/11120 1/2 


10/26/2017 Started prototyping receiver to go with Michigan Mighty Mite Transmitter - Interest Groups / Amateur Radio - Dallas Makerspace Talk 


The circuit is aligned by using a ( @artg_dms the Electronics committee could use a couple of sets of ) to rotate the little 
trimmer capacitor to maximize the amplitude of the output. 


Here is a short video demonstrating the process: 


If this kind of thing interests you, please sign up for the class (we can/will offer repeats of the transmitter class if there is interest) and come out to our monthly 
special interest group meetings for the Amateur Radio SIG! 


% Dallas Makerspace Show and Tell - August 2017 


zmetzing May 17 


wandrson: 


If this kind of thing interests you, please sign up for the class (we can/will offer repeats of the transmitter class if there is interest) and come out to our monthly 


I'm interested. a 


Another interesting design for a 80m/40m receiver is here: 


https://talk.dallasmakerspace.org/t/started-prototyping-receiver-to-go-with-michigan-mighty-mite-transmitter/11120 2/2 


wire. The joints make bulges in the antenna which just don't look as 
nice on the finished meter. Solder a few spots to hold this thing 
together. While the iron was still hot, I also attached a banana plug. 

With the antenna done, I built the rest of the meter. The 
easiest way to go is to mount the pot and use its terminals as tie 
points. The wiring is the easiest you'll ever do. My only problem 
was mounting the banana jack, which 1 solved by using two shoul- 
dered washers. See Fig. 2-39 and Table 2-6. 

Taking a lead from modern art, you can make just about 
anything for an antenna on your FSM. You've got to admit, now that 
we have an alternative, that bare copper does look a bit uncouth! 
This meter may not be the best or the smallest, but it does have 
class! 
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CRYSTAL SET 
CONSTRUCTION 


SIMPLE INSTRUCTIONS FOR MAKING 
NINE CRYSTAL SETS 


by B. B. BABANI 


There is to-day a marked revival of interest in cryst 
receivers, and this book has been specially prepared to introduce 
the home constructor to the design and building of the various types. 
The text is simple and free from technicalities, so that even the. 
young reader may confidently embark on the construction of any of . 
the receivers shown. 


CONTENTS 


a ARRIN | 9. HIGH SELECTIVITY RECEIVER 
2 EARTHS. 10, BATTERY AIDED CRYSTAL 
). CRYSTAL DETECTORS RECEIVER, 
4 COILS. it. MEDIUM AND LONG BAND 
$. BEGINNERS CRYSTAL RECEIVER, 
RECEIVER. ; 12. ULTRA SENSITIVE ALL WAVE 
6, FRAME AERIAL RECEIVER. RECEIVER, 
7. LONG DISTANCE RECEIVER. 13, AN ADVANCED CRYSTAL DIODE 
8 RECEIVER. 
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|. Aerials. 


One of the essentials for satisfactory reception with crystal sets is an efficient 
acrial. Four different types are suggested and are shown in Fig. 2. | 

There are several important points to be noted when erecting an aerial for 
a crystal set. 

(1) See that it is suspended as high as possible and is not screened by tall 
buildings, obstructions, etc. | 

(2) The aerial itself and the lead-in from the aerial must be adequately 
insulated. Be sure that the porcelain or plastic insulators do not permit the 
aerial or lead-in to touch the building, tree, or post from which they are 
suspended. The lead-in shouid be brought into the house through an insulated 
rod 


0) It is exceedingly important to use insulated copper wire, either single 
or multi-stranded, for both the aerial and the lead-in, 


2, Earths. 


An adequate and efficient earth contributes to the good performance of any 
well-designed crystal set and Fig. 3 shows the best method of obtaining an 
efficient earth where there is a garden or patch of ground available at a short 
distance from the receiver, 

Obtain a 3-ft, length of }-in. galvanised iron pipe and at one end drill a 
hole nght through. Insert a bolt with spring washer and locking nut in the hole. 
Connect the earth lead-in wire to the bolt; the other end of the lead-in to the 
earth connection on the receiver. Leave both ends of the pipe open. Insert 
the end opposite the bolt into the ground vertically until only 3-in. are showing 
above the surface of the surrounding earth. 

It is important to sec that the surrounding ground is kept damp, if necessary 
by occasionally pouring a pint or two of water down the open projecting end 
of the pipe. 

Ready-made copper earthing rods with a pointed end for easy hammering 
into the carth are sometimes obtainable from radio dealers. 

Should a garden not be available, an alternative earth is a cold water pipe 
coming from a rising main. Simply file very lightly the pipe at the back of the 
tap and wind the copper wire earth lead-in round the filed part and cover the 
joint with insulating tape. 

in no circumstances should a gas pipe be used for an earth. 


3. Crystal Detectors. 


Most radio dealers can supply very efficient permanent or semi-permanent 
crystal detectors of proprietary makes. However, there are always avajlehla 
quite a number of ex-Government surplus units which are called crystal valves 
and, though these were originally designed for a very different use in service 
equipment, they are easily adaptable and will give extremely efficient results 
when used in circuits designed for them. To enable the constructor to purchase 
suitable types for this purpose—and they cost very little—the following list 
gives the Government reference numbers. 

CV 101, CV 102, CV 103, CV Mi, CV 112, CV 113, CV 226, CV 241, CV 246, 
CV 247, CV 253, CV 291, CV 351, CV 361, CV 364, CV 367, CV 727, CV 749, 
and CY 1785. 

One of the satisfactory proprietary makes of this class of crystal detector 
is the BTH CS7A, which, incidentally, is the commercial equivalent of the CV 253, 

For all these Government types, one connection should be made to each 
end by arranging a holder to fix them into or by carefully soldering the appropriate 
connecting wires to each end. 
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4. Coils. 


In Fig. 3 two methods are shown of fixing the coil to the chassis. Rowever, 
the ingenious constructor may evolve another arrangement. 

The important thing to remember is that the coil should be fixed so that it 
is completely insulated from the metal chassis that may be used, 

It is also important to remember that if a metal chassis is used, one must 
see that all components and wiring, with the exception of earth connections, 
are adequately insulated from this chassis so as to make sure that no short 
circuits take place. It is recommended that ali crystal sets should be buih 
on a panel, and that both panel and chassis should be of bakelite, paxolin or 
perspex, as these three materials are efficient insulators in themselves. 


5. The Beginners’ Crystal Receiver. 


The popularity of the crystal receiver among beginners is undoubtedly due 
to the very modest outlay necessary, and the ease with which such receivers 
may be built. It is not always appreciated that, to obtain worth while results, 
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far more care in avoiding losses is necessary than with a three or four valve 
receiver, One reason for this is the fact that the crystal receiver can offer no 
help by way of amplification and it is therefore dependent on an efficient aerial; 
earth system, low loss design within the receiver itself, and the use of sensitive 
headphones. The experience gained is well worth the time expended since, 
when more ambitious receivers are attempted, the constructor will remember 
the benefits gained by efficient construction and installation with the result that 
each receiver attempted will be an instrument capable of giving a first class 
performance. 

Losses within the receiver itself may be considerably reduced by efficient 
coil design. Unfortunately, selectivity is a factor which must not be overlooked; 
it is this factor which governs the sharpness of the tuning and permits the separa- 
tion of adjacent powerful stations. The greater the selectivity, the greater the 
ease with which signals may be separated; but at maximum selectivity the 
received signals are at minimum strength. In Fig. 4, the coil is tapped at four 
points, which enables the best point between selectivity and sensitivity to be 
chosen, The nearer the aerial tap to the earth end of the coil, the greater the 
selectivity. The pre-set condenser CI also aids selectivity; at minimum capacity 
the selectivity is high, and vice versa. 

Used in conjunction with the coil taps, the constructor should have no 
difficulty in selecting a condenser setting and tapping point which permit the 
*eception of strong signals and at the same time effect the required separation 
of powerful stations, 

The coil is constructed on a former 3-in. diameter x 2-in,, and consists 
of SO turns 36 S.W.G, enamelled wire close wound and tapped at every tenth 
turn. These taps are brought out in the form of loops twisted firmly so that 
there is no actual break in the winding continuity, After completion the 
winding may be painted with Durafix to prevent any movement, and the taps 
and two free ends cleaned with emery cloth to remove the enamel. The layout 
and wiring is shown in Fig. 4. The headphones should have a resistance of 
tome 4,000 ohms or more and should be of reputable manufacture. Any of 
fee serials previously described are suitable for use with this receiver. 


C2 0005 variable condenser. 2 oz, 30 S.W.G. enamelled copper 
. £1 0002 pre-set condenser. Wire. 
C3 .001 mica condenser. . 1 Cou tormer 3-in. dia. x 2-in. 
1 Crystal detector, semi-permanent 1 Ebonite or Bakelite panel 6-in. x 
pattern, S-in, x fin. 


4 terminals, connecting wire, etc. 


o. Frame Aerial Receiver for Local Station use 
on Medium wave bands. 


This 1eceiver was specially designed for constructors who are within 
§ to 10 miles of a powerful station and who have no facilities for constructing 
a good outdoor aerial. 

The frame itself consists of two }-in. x 4-in. square section wooden rods 
each 36-in. in length. These are placed together at their centre fine to form a 
cross; they are fastened by a nut and bolt and these in turn pass through au 
upright pièce of wood ¿-in. x 1-in. section 2-ft. in length. This upright support 
is then screwed into a baseboard 8-in. x 8-in. x 1-in, thick. At each of the 
arms of the 36-in, cross a din. strip of $-in. square section wood is placed. 
Reference to Fig. 5B will give the details of the construction of this aerial 
quite clearly. 

It will be noted that approximately 85-ft. of 20 S.W.G. double cotton- 
severed ‘wire are required for the inductance to cover the medium wave broadcast 
band, The wire should be wound around the four crossbars, thereby creating 


+ 
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FIG.4 THE BEGINNERS CRYSTAL RECEIVER. 


@ square wire frame, and each turn of the wire should be spaced approximately 
3-in, The best way to effect this spacing accurately is to file on the 4-in. crossbars 
a number of small nicks at 4-in. intervals. The two ends of the wire should 
then be brought down on the two terminals which may be screwed into the 
ware baseboard and two leads taken from there to the crystal set itself. 

The actual set may be constructed on a small ebonite, paxolin or perspex 
panel 8-in, x S-in. which may be screwed to one side of this base supporting 
piece of wood, thereby making the set virtually self-contained except for the 
earphones, Fig. 5A shows the circuit of the receiver, 

To obtain the best results with this receiver, the aerial should be rotated by 
hand until the signals become loudest. 


Il Semi-permanent crystal detector. 1 pair of high sensitivity earphones. 

C1 1.0005 mfd. variable condenser. 854t, to 90-ft. of 20 5.W.G. double 

C2 1 0005 mfd. fixed condenser, cotton covered wire, (80z.) 

t condenser dial marked 0 to 100 or Sufficient connecting wire for wiring 
Oto 180, purposes. 


7. Long Distance Receiver. 


This receiver has been specially designed to achieve high sensitivity, With 
a ee good outdoor aerial effective reception has been obtained up to 
150 miles. 

The circuit is quite straightforward, as can be seen from Fig. 6 and the 
only special point is in winding the coil LI, 

This coil consists of a 24-in. diameter former on which are wound a total 
of 5] turns using 24 S.W.G. double cotton wire. Starting at one end, tap every 
two turns until there are eight taps; wind a further 15 turns and tap; then 
a further 10 turns and tap; finally, add 10 turns to end the winding. The wire 
‘should be close wound, he., with turns touching. 

To obtain the best results, the two crocodile clips A and B should be tried 
on the various cil taps until the loudest reception is obtained. It may be 
found in use that the loudest reception of any particular station causes anothei 
station to be heard at the same time: care should, therefore, be taken to select 
the appropriate tapping point to separate any two powerful stations that may 
interfere with one another. 


4 oz. 24 5.W.G. DCC copper wire. 1 Permanent crystal detector. 

Coil former 2}-in, dia, x 3-in. C3 .001 fixed condenser, 

* 1-2 single variable condensers 1 pair of high sensitivity earphones 
00035 mfd. (preferably between 4,000 ohms 

2 Condenser dials marked from and 8,000 ohms impedance). 
Oto 100 or 0 to 180, 2 Crocodile clips. 


8. High Gain Receiver. 


This receiver has been designed to give good reception up to 50 miles distance 
from any normal power broadcasting station in the medium band. It is a very 
selective circuit and will therefore enable the user to separate closely situated 
stations. 

It will be noticed in the circuit (Fig. 7) that the variable condenser C1, has 
an on/off switch Sl to throw it out of circuit if necessary, It is used to increase 
the selectivity of the receiver and, in operating, it should be tried with this 
condenser either in or out of circuit on the various tappings on the coil L1. 

Li consists of 90 turns of 22 S.W,G, double cotton covered wire wound 
on a 2-in. diameter former and tapped every ten tums. L2 separately wound 
on a 2-in. former, consists of 90 turns of 22 S.W.G. double cotiee ce~sred 
wire, also tapped as LI. The components required are given on page 3 
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C1-2 Single variable condensers | Pair of high sensitivity earphones. 


00035 méd. 8 oz. 22 §.W.G, DCC, 
Si Single pole single throw switch. 2 Dials for variable condenser 
CS .0001 preset condenser. | marked 0 to 100 or O to 180, 


- | Permanent crystal detector. 
(34 .001 mfd. fixed condenser. 


?. High Selectivity Receiver, 


This circuit (see Fig. 8) is for use in high saturation strength areas where it is 
desired to separate powerful stations, The circuit is not complicated and is 
extremely effective. 

It wili be noted that Cl and C2, each .00035 mfd. capacity, are 2 gang unit. 

The only special point in this set is the design of coils L1, 2 and 3, which 
are constructed as follows: L1, 60 turns of 22 S$.W.G. double cotton covered 
wire ona3 x 4 inches former tapped every five turns; L2, 15 turns of 22S.W.G. 
double cotton covered wireon a 3 x 6 former: and L3, 85 turns of 22 S.W.G. 
double cotton covered wire wound on the same former as L2, the two windings 
being separated by approximately }-in. (see Fig. 8). : 

Note that the aerial lead is brought down to one of the tappings on wire Ll. 
This should be tried on each of the tappings and the one giving the required 
selectivity should be used. 

(1.2 2-gang variable condenser C3 0005 fixed condenser. 

00035 mfd. I Semi-permanent crystal detector. 

2 3-in. formers for coils L1-2-3, 
§ oz, 22 S.W.G. DCC. 


10. Battery-aided Crystal Receiver, 


Fig. 9 shows a design which utilises a 9-volt grid bias battery to improve 

ormance. 

The charge built up in the .02 mfd. fixed condenser is changed to a positive 
current when it passes through the coil LI. This, in turn, is superimposed on 
the positive charge that is commencing to be rectified by the crystal detector 
and thereby increases the signa] strength. 

Coil L1 consists of a 4-in. diameter former wound with 85 turns of 24 S.W.G. 
double cotton covered wire tapped at 5, 25, 45 and 65 turns from the earth end. 
The earth end and these four taps are brought out to five small sockets and the 
comnection from the earth is taken to a small socket. The plug should be tried 
in each of the five positions to find which one gives the greatest signal strength, 

The 9-volt battery is connected across the .02 mfd. condenser and special 
care should be taken to see that the battery is connected correctly, $e. negative 
pole to earth. 


1 Permanent crystal detector. C3 Fixed condenser .02 mfd, 

1 4-in. dia. x 3-in, former. i pair of high sensitivity headphones. 
8 oz. 20 8.W.G. DCC copper wire, | Clix plug, 

Cl Variable condenser .0005 mfd. 5 Clix sockets. 

C2 Fixed condenser .005 mfd. 1 9-volt grid bias battery. 


Il. Medium and Long wave band Receiver. 


This set has been designed for reception on two wave bandas. 

Care must be taken in winding the coils LI, 2, 3 and 4. Thess are wound 
on a single 3-in. diameter former, Li consists of 30 turns of 28 S.W.G, DCC: 
tapped at 8, 16 and 24 turns, 1,2, 60 turns of 32 S.W.G. DCC. L3, 40 turns of 
28 S.W.G. DCC, and LA, 80 turns of 32 S.W.G. DCC. All are close wound 
and are separated from each other as follows: hetween Li and L2, 3/16-in.j 


9 


Chapter 3 
Special Test Equipment 


Not everyone is going to need each and every piece of special test 
equipment in this chapter, but it sure would be great if you had 
them all! Even if you only build one of these projects you can save a 
bundle, not only on the piece of test equipment itself, but also 
every time you use it. 
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between L2 and L3, 1-in.: and between L3 and L4, 3/16-in. See Fig. 10. 


Cl-2 single variable condensers C3 .001 mfd. fixed condenser. 

-0005 mfd. 1 Pair of high sensitivity earphones. 
2 Variable condenser dials marked I 3-in. dia. x 8-in. former. 

O to 100 or 0 to 180. 202 of both 28 and 32 S.W.G. 
1 Clix plug. double ‘cotton covered wire to 
3 Clix sockets. make these 4 coils, 
51 Single pole double throw switch. | Permanent crystal detector, 


In use, the plug should be tried in each of the three sockets to find the point 
which gives the best results, The switch is used as a wave band change switch. 


12. Ultra Sensitive All Wave Receiver. 


The receiver shown in Fig, 11 is for long distance reception. It is a novel 
circuit and, though apparently complicated in construction, it is really very 
simple to assemble with the minimum of tools and labour. 

It will be seen from the circuit diagram that there are two banks of sockets, 
five black and six red. When using this set the appropriate black and red plugs 
should be inserted in whichever of the similar coloured sockets give the best 
results. The coil is quite easy to construct and consists of a primary winding 
which is inserted at the earth end of the secondary winding. For the medium 
wave band, the secondary winding L2 consists of $4 turns of 20 S.W.G. enamelled 
or cotton covered wire, This coil has four taps in addition to the starting point 
and the end connection, and these taps are taken at six turns, 14 turns, 27 turna 
and 40 turns from the earth end. The taps are taken out and a connection is 
made to an appropriate socket, as shown in the diagram, 

The coil is wound on a 3-in, diameter former which may be a paper tube, 
bakelite, paxolin or perspex, and spacing is approximately 17 turns to the inch, 

For short wave work down to about 30 metres, L2, the secondary coil, will 
consist of the same diameter former wound with 15 turns of the same gauge wire, 
the four taps being taken at 3, 6, 9 and 12 turns from the earth end. 

Ll, the primary coil, is used for both wave bands and consists of 11 turns 
of similar gauge wire to that used for L2, wound on a 2-in. x l-in. former, the 
winding to be spaced the same as L2. The coil is then inserted at the earth end 
of whichever secondary coil L2 is being used, 

The crystal detector may be one of the semi-permanent types freely available 
to-day; the old-fashioned cat's whisker pattern; or one of the silicon permanent 
detectors which are sold by many surplus dealers. 

The "phones should be of a standard type 4,000 ohms impedance although 
"phones of other values wil] probably operate quite satisfactorily with this 
powerful receiver. It should, however, be stressed that the better the head- 
hones used, the more satisfactory the reception. 

Coils for other wave bands may be experimentally designed by the con- 
structor, remembering that four tappings are advisable for the secondary coil L2. 

A long aerial is very desirable with this receiver, placed as high as possible. 
It is recommended that a minimum length of 70-ft. be allowed, to include the 
aerial and lead-in. 

The values of the components are shown in the following components list. 
The constructor should experience no difficulty in obtaining excellent results 
from this cleverly designed receiver. 


CT .0005 variable condenser. į lb. 20 S.W.G. enamelled or DCC 
C2 .002 fixed condenser, copper wire. 

| semi-permanent crystal detector. 6 red wander plug sockets. 

| coil former 3-in. dia. x 44-in. 6 black wander plug sockets. 

| coil former 2-in, dia. x l-in, Y red and 1 black wander plug. 


Headphones, terminal, “innecting wire 
11 
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13. An Advanced Crystal Diode Receiver. 


The modern crystal diode of the radar type does not require any adjustment 
and thus has a distinct advantage over the ordinary crystal detector which needs 
delicate adjustment—even the semi-permanent type. 

Such crystals are now obtainable on both the regular and the surplus 
er a = a popular type is the B.T.H. CS7A silicon crystal (also coded 
as : E 

A rather different circuit from the usual crystal set arrangement is needed 
to suit the characteristics of a crystal diode. The diode must be tapped on to 
the tuning coil, and it is found that the tuning circuit itself gives best results if 
a series-tuned acceptor circuit is used. The circuit of a radar crystal receiver is 
shown in Fig. 12, The type of aerial used with this circuit has a very great 
bearing on the behaviour of the receiver for, in effect, the tuned circuit, with a 
Series resistance equivaient to the reflected crystal load resistance, is in series 
with the capacitance of the aerial to earth and the aerial's effective series 
resistance. : 

At resonance-—-when the combination is tuned to any particular signal— 
the inductance resonates with the capacitances of the tuning condenser and the 
serial in series, and the final effect is that the reflected load of the crystal, in 
series with the coil's R.F. resistance, is paralleled across the aerial’s series 
resistance. 
| For maximum power transfer, the crystal load resistance must be made 
«qual to the sum of the serial series resistance and the coil R.F. resistance, and 
so the method in which the crystal is tapped into the tuning coil, and the exact 
capacitance required to tune the receiver to any required signal, must depend 
to a very great extent on the aerial itself, | 

At the same time the crystal resistance varies with the signal strength, the 
resistance being high for weak al ánd dropping by ás much as 50 per cent. 
wd more for strong signals, so that this effect also has a bearing on the correct 
soil tap. The output impedance of the crystal alzo varies similarly, affectin 
the matching of the headphones into the crystal diode, and so for any set o 
conditions, the receiver requires to be matched up to both the aerial and the 
signal being received for best results. This would mean a series of coil tapa 
and (theoretically, not practically) a matching transformer between the diode 
and the headphones; but in practice it will be found that a receiver using standard 
parts can be built up to give very good results under various conditions. 

It has been shown already that the tuning of the receiver depends to a great 
extent on the characteristics of the aerial, aná while a .0005 mfd. variable 
capacitor is shown in Fig. 12 as the tuner, the constructor must be prepared 
to experiment with different capacitance values until the required station is 
tuned in. The range of reception given by the receiver is quite good, if a really 
long and high aerial, and a good earth connection, are used; but no more than 
the local station signal can be expected, and the tuning therefore must be adjusted 
ta suit the station frequency. 

it must be mentioned that the headphones are shown parallel connected. 
High resistance headphones of the 4,000 chm type must be used, and if two of 
these are connected in parallel rather than in the more usual series method, they 
wii provide a roughly accurate match to the crystal. If more than one pair of 
headphones are to be connected in, then the pairs of headphones may be left 
series a in the usual manner, the sets of headphones being connected 
in parallel. 

The capacitor across the headphone terminals completes the crystal R.F. 
circuit, and any value between about 0.001 and 0.005 mfd. will serve. The higher 
capacitance will, of course, by-pass some of the higher audio frequencies, so 


13 


that if good steady reception ts obtained some experiment with this condensef 
is also worth while. 
C1, .0005 mfd. variable condenser. M.R.1 CV 253 Crystal diode. 
C2, .005 mfd. fixed condenser, Coil former !}-in. dia, x 44-in. 
á0z. 265,W.G. enamelled copper wire. 

Coil details are as follows: 150 turns of 26 S.W.G. tapped at 20, 25, 30, 
35, 40 and 45 turns from the earth end. At cach tapping-point the wire should 
be twisted up into a loop and the winding then continued without breaking the 
wire: when the coil is completed and the ends anchored the tapping loops an 


== SS Ee el e e a o 


= e 


a P E 


m e: oy es fo Os ease eee ea 


BERNARDS RADIO BOOKS 


Radio Acríal Handbook 
Ultra-Shortrata Handbook 
Radio Hints Manual +41 
Sound Equipment Manual! 
e ia Modelation Receivers’ Manual 
Equipment Manual as 
Rade iustiraments and their Construction ee oe nae 
Crystal Set Constrection dá a na ‘oe jik 
Ona Valve Recelror cee ae 
A Comprebensive Radio Valve Guide, Book 1 
“‘Radiofelier™ A, The Master ee y Index tor Radio sad r.¥. 


Four VYalra Cirrus a inä Ei oi i P = 
A Comprehensive Radio ‘Valve ‘Guide, Hook 2 i 
*"Radiofelder’’ F, The Reginaes* Pushk-Pul Ave pliller sate 
Bey: Beck of Crystal Sois sad Minplo Cleculta ... 
Universal Grom Motor Speed Indicator ae 

F.M. Tuner Constraction — ... 

All Dry Battery Portable Comstraction 

How to Make E.M. end Math Aeigh, Bande 1, 2 and q 
A Comprenengive Radio Valve Guide, Book 3... 
Handbook of AM/FM Circula and Compia 

High Fidelity Loodspeaker Enclosuros r 
Practical Tape Eccording Handbook 

Practical Transistor eii Kook i 

Practical ek ae 


A Comprehensive Radio Valve Guida; Book 4 


Radio, Television, Industrial Tubes, Semiconductor and ] Diode 


Equivalents Handbook = Patos) dde wae 
ae High Fidelity . Bie ae a 1 
ae Tetevisiom ood Electronics Data Manual 
High Fidelity Stereo ir ot JE isi 
Transistor Circuits Maaual, No. 2 Le 
High Fidelity Tape Recorder for ae Home Constrnetor 
Hartley on Hi-Fi, Book 1, Radio Tumers ... sE eas 
Peblic Address Sreteme 
Transhtor Circuits Manual, Ne. > 
Tramintor Circuits Maznal, No, 4... a 
Hi-Fi Tramestor F.M., Tuner for the Home Constructor 
Transistor Circuits for Radio Controlled Medus ma 
Saper Seuasitive Tramalsiorised Pocket Set Construction 
International Radio Stations List ksi 
Practica] Tramalitor Audio Amplifiers... O 
Frongator Sobminizstare Receivers Handb ook 
Trensistotised Test Eq aa and semeng Manusi 
Tramtiator Audio Am wal. 

Modera Trassistor C aits for Rezinmers 
Comprehearive Radio Valve Golde, Book 
Tranmalitor Circeis Manual No. 5... 


Britab Semiconductor Surrey . 

23 Tested Clecults Uria Micro Alloy ‘Transition 

“At A Gluace'" Redio Yalve & T.¥. Tobe Equ 

How to Recelre Forelga T.Y. vii cenas on your our Teivilok Set by 
mpk Modifications ste 

Restor Colour Code Dise Calculator. 

E * Reference T 


Intormational Radio ` Tube Encyclopaedia—ard Edition 


Frice 


A Simple Crystal Radio Set 


Whether you are a beginner or a seasoned expert, you would probably agree that there is nothing quite like 
using this simple design to make a crystal radio and enjoying it, listening to stations both near and far. Add 
to this the "something for nothing" advantage of not having to power this set with batteries or AC line and 
you can see why this simple design will be used and enjoyed for a long time to come. Almost like magic... Let’ 


build one! 


Al 
C1 D1 
High 
L1 C2 Rit impedance 
® Headphones 


=a A Simple Crystal Design 


Components: 


below) 


A1- 50-100 foot longwire antenna 

C1 - 50 pf ceramic capacitor OSE p/n CD-5 

C2 - 365 pf variable capacitor OSE p/n BC14400 
D1 - 1N34A diode OSE p/n 1N34A 

G1 - Ground (see instructions below) 


L1 - 100 turns of #20 AWG enamel coated copper wire OSE p/n MW20, adjustable tap (see instrctions 


e Ri -a 100k ohm resistor OSE p/n RQ100K 
e Crystal Earphones OSE p/n CE748 
e Fahnestock clips OSE p/n 2090 


file://C:\Ocean State Electronics\Nino 021102\Under Technical Information\Simple...\Simple Crystal Set 2.ht 
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To Antenna Clips [dal 


G1 ToGround Layout ona “Breadboard” for 


the Simple Crystal Tuner 
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The Choccy Block Crystal Set Radio Kit 
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l've sold quite a few of these now and people are having success with them. If you're thinking of 
buying one of the commercial plastic sets without an aerial coupling coil, output transformer and with 
an untested earphone, please consider this one instead. | can confirm that it is much better and you 
won't risk the 40% chance of getting a dud earphone that are the current odds. (See The Problem 
With Crystal Earphones) 


A kit of electronic parts is available on Ebay here: Useful Components Ebay Shop 


This is a small crystal radio which can be constructed without soldering using 3A terminal strip or 
"Choccy Block." It's best to read right through the page first before starting out. 


How To Build The Radio 


Here is a pdf electronic schematic diagram. If you're familiar with electronics this will be helpful. If 
not, you can just look at the pictures. In addition to the parts provided in the picture you will need a 
screwdriver for the terminal block, some pliers, some wire cutters and some form of wire stripper. To 
make the paper tubes for the coils you will need some paper, glue, scissors and sticky tape. 


Schematic Diagram 


Choccy Block / Terminal Connector Crystal Radio. 


All parts shown are in production as of 2011. 
The design is optimised for good sound level on poorer aerial connections. 


The tuning range is about 750 to 1600kHz MW AM 


vonnection: A 
Long wire, bedframe, chimney or other metal structure. 


L2 
Small, plastic, variable Schottky a rmanium LT44 Transistor Interstage Transformer 
L1 tuning capacitor detector 


Y1 
= —60 Ceramic / Crystal Earpiece 


= 50 tums on 3/8" ferrite alongside 
3 tums for antenna input coupling. 


e 
GND 


Ground connection: Radiator or water pipe 


Link to Schematic Diagram of Choccy Block Crystal Set Radio 
BLL Oi Merterials e 
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* LT44 transformer L2 

variable ceapa citor El 

2 M2.5 4mm screws 

3 M2.5 20mm screws 

US DUES 

5 M2.5 washers 

BAT48 Schottky diode DI 

AO ceramic disc capacitor C1 
ceramic / crystal earpiece Y1 

30SWG / 0.315mm enameled copper wire 4m 
Im yellow aerial connection wire 

lm green earth connection wire 

1 yellow insulated crocodile clip 

L wisSsein da sil eco. EJ coa Le ells 
Control knob os slo shart 

100mm long, 9.5mm diameter ferrite rod 
100mm single core red hookup wire 
100mm single core black hookup wire 


A A IA E A 


AS 
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General Connections 


Link to Large Photo of Choccy Block Crystal Radio Wiring 
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In the photo above you can see each component and where it is connected quite easily, using the 
large wiring picture if needed. You need to cut a group of two terminals from one end of the block for 
the connections to the earpiece. The red and black link wires, the aerial and earth wires, and the 
crystal earpiece wires need to be stripped of plastic insulation where they connect into the terminal 
block. The coil wire ends need to have the enamel insulation scraped off where they connect in. The 
LT44 transformer should be connected so that the outer two wires of the end with three wires are 
connected to the earpiece wires. You can leave the middle wire disconnected. The transformer is best 
butted right up against the terminal strip which gives it a little bit of support to stop the wires bending. 
The same applies to the variable capacitor. 


The Variable Capacitor Connections 


Looking at the variable capacitor from the bottom side, the side without the control shaft, you will see 
two trimmer screws and the three strip connections. The two trimmer screws add extra fixed 
capacitance to the variable elements. They should be adjusted as shown in the third photograph for 
minimum extra capacitance. This is the position where the semi-circular moving plates attached to the 
screws are clear of the lower metal plates. 


The middle strip is the common ground for the two capacitors and the outer strips are the remaining 
connections. The variable capacitor is actually two capacitors which are connected together in the 
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SIGNAL GENERATOR 


The electrical circuit of the generator is shown in Fig. 3-1. 
One FET is used as the basic oscillator in a Hartley-type circuit. 
The second FET is lightly coupled through the 5 pF capacitor in its 
gate lead to the oscillator. This stage functions as source follower 
isolation stage. The last stage, the 2N3866, is designed to boost 
the signal level up to about 1 volt output on most bands. This level 
is far more than what is required for most receiver-type work, but 
the increased level comes in handy when doing transmitter exciter 
work, where the generator might substitute for a vfo. The output of 
the 2N3866 stage can be regulated by the 500 ohm carbon poten- 
tiometer, which will provide about a 30 dB variation in output 
level. A 47 ohm resistor can also be switched in across the output, 
so a true nominal 50 ohm generator source impedance can be 
simulated for tests such as receiver sensitivity. The switching in of 
this resistor also serves as a high-low output level selector for the 
generator. 

Although the generator is not complicated electrically, its 
true potential will not be achieved unless it is carefully con- 
structed. Fortunately, no elaborate construction work is required, 
but attention should be paid to the few details mentioned here. All 
of the circuitry is mounted on a single-side copperclad board 
measuring about 2% by 2% inches, as shown in Fig. 3-2. The board 
is wired point-to-point, using the isolated pad technique, starting 
with the oscillator stage toward the back panel of the enclosure and 
progressing forward to the 2N3866 stage towards the front panel. 
There is nothing critical about the wiring, whatever technique is 
used, but the circuitry should just be stretched out to provide 
maximum separation between the oscillator and 2N3866 output 
stage. 

The heart of the signal generator lies in the band-switched 
oscillator coil assembly and the variable tuning capacitor. The 
tuning capacitor is readily available broadcast receiver type, which 
contains a single section AM section of about 300 pF and a single 
section FM section of about 25 pF. Such capacitors can often be 
found with built-in tuning shaft drive reductions of 3:1 to 6:1. A 
simple alternative to the AM/FM type is the even more readily 
available standard dual section AM type, where one section, de- 
signed for local oscillator usage, has fewer plates. Remove more 
plates from the oscillator section, so it is left with 4 stator plates 
and 3 rotor plates. 
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terminal strip circuit. As supplied, the connection strips exit at the side of the top face of the 
capacitor. To fit it into the terminal strip you need to remove the transparent plastic case of the 
variable capacitor, and unfold the strips so that they go out of the holes in the bottom face, as shown 
in the picture sequence. 


Making the Coils 


To wind the coils you need the wire supplied, some sellotape, scissors, ordinary paper and some 
glue. The process in shown in the pictures. You first need to make two paper tubes by cutting a piece 
of paper 25mm wide and about 100mm long and another about 20mm wide by 100mm long. The 
tubes are formed by applying glue to two thirds of the length of the paper and wrapping it loosely 
around the ferrite rod. The tubes need to be able to slide up and down on the rod, so don't wrap it too 
tightly. It's best to leave the glue to dry before winding the wire on so that the tube doesn't crush and 
bind on the rod. The wire is secured at one end of the paper former with a thin strip of tape and then 
for the larger main coil, wind 50 turns onto the tube. The aerial coupling coil requires just 30 turns. It 
is better to turn the tube rather than winding the wire around by hand, because winding it around puts 
a twist in the wire. Again, you need to wind the turns just tightly enough to stay in place so that the 
coil and tube can still move on the rod afterwards. Atthe end of each coil, another thin strip of tape 
holds the far end of the wire in place. If you lose exact count of the number of turns don't worry. It 
need only be approximate. 


Update: The ferrite rod provided is now 100mm long, so it's a bit easier to handle and you can make 
the paper tubes a bit wider. You still want to be able to slide the antenna coil close up to the tuning 
coil though. 
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Connecting to the Crocodile Clips 
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The crocodile clips are much more convenient for connecting to aerials and earth connections than 
bare wires. You need to strip the ends of the yellow and green wires first, then remove the insulating 
boot from the clips as shown. The metal flaps on the ends of the clips can then be crushed down on 
the folded-back stripped wire ends to make a firm connection before putting the boot back on from the 
other end of the wire. To remove and replace the insulating boot, hold the jaws open by clipping them 
onto some small object. 


Finishing Off 


It is worth checking that all of the wires are trapped under each screw correctly and that none of them 
will pull out. When everything is wired as in the main picture, the control knob can be fitted to the 
shaft of the variable capacitor and you are ready to test. 


Testing and Operation 


Connect the green earth wire to your earth connection and the yellow aerial wire to your aerial. With 
the coils in about the position shown, turn the tuning knob until a station is heard. You may find that 
you can increase the loudness of a particular station a bit by moving the coils around on the ferrite 
rod, but the adjustment is not critical. There's very little to go wrong, so troubleshooting should be 
confined to checking that the connections are made as shown. That concludes the building 
instructions and should get you going. Once it's working you can fix the terminal strips down to a 
wooden board by carefully banging in nails down through the holes or using the M2.5 screws 
provided. If you decide to fix the variable capacitor to a front panel, only use the very short 4mm 
screws provided. These are guaranteed short enough not to foul the insides of the capacitor. 


If you want to get on and build it, that's all you need to know but there's more information below which 
might be useful and some technical discussion. 


More Information 
Aerials and Earths 


| have successfully used this to pick up the main MW station in the UK just by connecting to a central 
heating radiator for the earth and to the outer casing of a television antenna cable, disconnected from 
the TV, for the aerial. This is not ideal because the TV cable is nailed to the house which both blocks 
and drains away a lot of the MW radio signal. It is much better if you can erect a long wire high up in a 
garden and there are many places online which will show you how to do that, taking the usual 
precautions against lightning strikes and going near to power cables. Not everyone has a garden 
though, and you don't want the TV aerial being disconnected on a regular basis, so there are other 
interesting ways to get an aerial and earth. 


Farm and Other Fences 
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While out walking | wondered if there were any useful MW signals being picked up on farm fences. 
They are not good aerials for a number of reasons, but they can be quite long which can make up for 
that. You need to connect the earth clip to the lowest wire and the aerial clip to the highest wire. They 
will always be a bit corroded so you have to wiggle the clips to get a good connection. If you find a 
fence in good condition, outside of a deep valley which has dry posts and isn't covered in wet bushes, 
you will almost always get reception of one or more station. Station pickup depends on the direction 
of the fence as well, so it's worth trying a few if you are out walking. 


Some fences are electrified and it will be pretty clear which those are, those being a single wire with 
insulated posts. Obviously, | have to say it: Don't use those. 


Update September 2011: If you get a high-ish spot and a decent dry fence this can work even better 
than | expected. | walked up Clee Hill in Shropshire recently and attached the set to an ordinary fence 
with the ground wire clipped to the standard square mesh below and the barbed wire on top. | wasn't 
expecting much because the mesh and wire sections have little separation, only a few inches. Signals 
from Absolute radio, Five Live and another station were good and loud. | needed to move the aerial 
coupling coil away from the main coil on the rod to help separate the stations. The air traffic radar 
station in the background is coincidental. 

Update October 2011: The New Forest campsite at Holmsley is neither particular high, nor is the 
fence all that uncluttered; Still | picked up three stations from there and found that it was best using 
either myself holding the green clip for the ground or the very bottom fence wire which was partially 
buried. 


Other Structures 


lf you see any two metal structures which are not obviously connected together you can see if there is 
reception available from them. For example at various times in the past, crystal radios have been 
used in prisons connected to a water pipes for an earth and a bed frame for an aerial. Always stay 
away from using the electrical mains earth and avoid connecting to household appliances. 


Boxing it Up 


If you want to carry this around on walks, it's a bit inconvenient in the basic form which was intended 
to be the easiest way to build it up. If you want to put it in a small box, the first thing to do is to change 
the variable capacitor connection strips back around so that they once more exit at the same side as 
the shaft. You can then fit the variable capacitor into the terminal strip upside down so that the shaft 
faces downwards, or outwards from your box, and the terminal strip and transformer will all be flush 
with the same surface. I've shown an example below where | have used an old cassette case. This 
isn't very good because the transformer is too big so you have to cut a hole for it in the back. It 
doesn't matter which terminal strip connection along the block each circuit node connects into, so you 
can shuffle the parts along towards the left to save space, and cut off the unused terminals. The 
tuning Knob is specially selected as one which works well with this tuning capacitor: The grub screw is 
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quite near to the bottom of the knob and it has a recess underneath which clears the mounting 
screws. This allows it to fit well on the short tuning shaft. 
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Soldering 


If you're happy soldering the wires directly together it is possible to squeeze things up even further. If 
you shorten the ferrite rod and wind the coils in a small pile you can just about fit the whole thing into 
an old 35mm film canister. The tuning knob sits neatly at one end. Something a bit like this was used 
in the Maze prison in the early 1980s. If you want to shorten the ferrite rod to fit it in a box, first use a 
hacksaw to cut a shallow notch in it. Then wrap the rod in a tea towel and snap it into two pieces at 
the notch by hand. 
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Further Technical Discussion 
Circuit Operation - Earpieces 


Anyone who's played with crystal sets a bit will see that everything in the circuit is pretty standard. 
There are some small points to note. The beige coloured ceramic / crystal earpieces are quite 
sensitive and in circuit model terms appear much like a 26nF capacitor in series with some lossy 
resistance. 26nF is about 6K Ohms impedance at 1kHz. The LT44 is used in reverse to provide a 
higher impedance audio match to the top of the tuning coil via the diode. Looking into the diode side 
of the transformer, the impedance actually increases when the the earpiece is connected due to a 
fortunate broad resonance with the earpiece and transformer leakage inductances. The result is 
audio which is a bit restricted on bandwidth but which has a fairly good match and efficiency. Some of 
the ceramic earpieces in the supply chain are very poor at the moment and | recently sent back 67 out 
of an order of 100 as completely dead on arrival. The ones supplied with the kit are 100% tested. 


Diodes 
You can use a 1965 Mullard OA81 or OA91 germanium point contact diode if you really want to. In 
this circuit I've found that the modern low Vf silicon Schottkys work as well as the best germanium 


diode out of the junk box, and a lot better than a poor one of which there were plenty. 


Coils 
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CRYSTAL ENERGY 
RECEIVER? 


F 


Build Your Own Crystal Energy Receiver© Make your 


own fuel... 
Crystal Energy Receiver© „from water! 


MS 


FROM THIN AIR! 


mponent list. 
(2) Ceramic eCa apacito s (104) 
(4) Germanium Di odes ibe N34A) 


(2) Elec rolytic c Capacitors (lOOuF SOV) 


"Free energy from the air? Yea, right!" 
Sardonic skepticism was my first reaction to this unusual concept, as well. 


Though, its not so far out there, in fact. Light can be converted to DC current with solar panels, 
electricity can be converted to magnetism as | did in my last article, in a microphone sound 
waves are converted (by vibrating a magnet near a coil) to an electrical signal, solar rays can 
even be focused and converted to heat in devices like this. When we think about it, energy is all 
around us and can be harvested in an enumerable many of ways. 


Today, we are going to take a rather novel approach to this venture. The earth is magnetic and 
anyone who has ever used a compass knows this. Magnetic bodies in motion produce electricity, 
we can see this in any alternator, like the one in your car. So, therefore the earth is electric as 
well as magnetic, by their very definitions. 


Can we detect this energy? Yes, we sure can! Ever turn on a radio in the middle of nowhere and 
heard static? That is your radio picking up naturally occurring energy in the RF spectrum! 


Can we use this energy to do work? Absolutely! This has been known for a long time. Crystal 
radios have been around since before the 1930's and can run with no input energy other than the 
radio signal. Even when completely isolated, but from the atmosphere, a crystal radio will 
produce a voltage in the earpiece resulting in a sound (albeit and undesirable one). 


Well, this is where it gets interesting... 


Can we replicate this effect? Yea, and with modern components like the high quality crystals 
found in germanium diodes, we can even increase efficiency. By applying this concept as a 
contemporary crystal energy receiver, we can also take advantage of a wide range of energetic 
frequencies rather than tuning in to just one. Can we scale it up? Definitely. Things like micro 
germanium diodes, high efficiency antennas and compact contemporary capacitors make the 
components that are required to build a crystal receiver fit in the palm of your hand. While there 
may or may not be a more efficient way, this renewable energy solution is simple to employ and 
can be scaled up, or down, indefinitely. 


It sounds like we can build a Crystal Energy Receiver. Let's give it a shot... 


What You'll Need 


Get the Kit 


One of the reasons this particular renewable energy harvesting method is so viable is the 
relatively few and easy to obtain materials required. 


The simplest crystal receiver design needs no power and can be built with only three parts: a coil, 
a crystal and a resistor. We're going to optimize that design in order to produce a cleaner and 
more reliable output signal by first polarizing the input amplitude, then rectifying and filtering the 
signal. Then we'll add an antenna, case and connections. 


The parts for the circuit include: 

(1) Circuit Board 

(1) 10-18 gauge Copper Wire 

(2-12+) Ceramic Capacitors (matched) 

(2-6+) Electrolytic Capacitors (matched) 

“note various types of capacitors can be used 
(4) Germanium Crystal Diodes (1A+) 

Total Cost: +/-$0.40 (USD, scaled for volume) 


In addition, you'll probably want to get: 

(1) Project box (optional) 

(1) Antenna (a loop antenna or elevated antenna is recommended and can be made with copper 
wire) 


Get the Kit 

The tools you'll need are: 
Soldering Iron/ Solder (optional) 
Multimeter 

Oscilloscope (optional) 


That's it. Yup, that's all. Once we've got it all, let's begin. 


Build the Circuit 


We're going to build the simplest version of this circuit variation in order to understand how each 
component interacts and as a proof of concept. 


There are three simple systems at work in the circuit that are composed of capacitors, which 
store energy, and diodes that direct it. 


Energy in the band of radio waves, among others, will vibrate a wire antenna on an atomic level, 
sending a discernible signal to its lead. This signal will then meet the junction between two 
ceramic capacitors wired in series. This junction will force positive charge from the wave to travel 
in one direction and negative charge in the other direction which, when collected again, makes 
the signal uniform and polar. Connecting the two capacitors in series creates leads on each end; 
the now positively charged side of one and the now negatively charged side of the other creates 
a two cell battery. This stage of the circuit takes a signal with a net value of zero, adds the 
absolute values of the positive and negative amplitudes with respect to the origin and produces a 
positive integer. This concept can be thought of as taking: 


(+1) + (41) + (+1) + (1) =0 
and converting it to: 
| (+1) + (+1) | = 2 
=} 


| (-1) + (-1)] | = 2 
=4 


Isn't math fun? 


To each of these leads from our two capacitors in series, we will connect two crystal diodes, one 
facing each direction, to form what is called a bridge rectifier. A bridge rectifier is a configuration 
which will convert an alternating current to a direct one by cleverly rerouting the signal. 


By connecting the bridge rectifier as shown in the circuit diagram, this direct current from the 
diodes then charges the electrolytic capacitors. This stage normalizes the amplitude, making the 
current constant and usable. 


Components can easily be twisted together for testing and then soldered to a circuit board to 
secure. 


Test and Optimize 


ae 


The coils for the six bands can either be purchased or con- 
structed from a mixture of home brew and commercial coils. As a 
completely purchased set, one can use the Conar CO-69 through 
CP-74 series. These are replacement coils for an old-fashioned 
National Radio Institute tube-type signal generator, but they work 
just fine in the FET oscillator described in this article. The coils 
are available from Conar, National Radio Institute, Washington, 
D.C. 20016. 

Another alternative is to just purchase the coils for the lower 
frequency bands, which would be almost impossible to home brew, 
and wind the other coils. In this case, for the first three frequency 
ranges one can use prewound J.C. Miller-type coils, which have 
the necessary tapped windings. The types are 9015, 9013, and 
9013. For the highest three frequency ranges, one can self-wind 
the necessary coils on %” diameter slug-tuned forms. The wind- 
ings necessary and the tap points for each of the three coils are as 
follows: 15 turns tapped at 4 turns from the ground end; 7 turns 
tapped at 3 turns; and, 4% turns tapped at 2 turns. The latter coil is 
wound using #18 wire while the other two coils use #24 wire. 

The coils can be mounted directly on the 3P6T rotary 
bandswitch, as shown in Fig. 3-3. The coils are secured to the 
bandswitch with epoxy cement and wired in place. In order to 
ensure a good ground connection for the coils, a piece of sheet 
copper was cut out to resemble a 6-legged starfish and placed over 
the bandswitch shaft, so one of the “legs” could be soldered to each 


Fig. 3-1. Schematic of the generator. Only one of the six oscillator coils is 
shown for clarity. The FETs are HEP802 or MPF102 types. The output 
transistor is a 2N3866 or 2N706. Other details are covered in the text. 
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Note: Photos depict tests performed in an open-air urban environment. 


To test and analyze our circuit, we'll be using a digital voltmeter and oscilloscope. 


Then, by connecting a voltmeter to the output, we'll immediately begin to see a small voltage 
climbing in the 10-100mV range. If not, we'll want to check our connections and make sure the 
circuit is not isolated from the environment by taking it outside to a clear area. 


By connecting an oscilloscope to the outside leads of our two ceramic capacitor bank, we will see 
the the polarized signal being captured from the air around us. We can then connect after the 
diodes to see our varying direct current and then to after the electrolytic capacitors to see a 
normalized, usable direct current at our output. 


We can then optimize the input resistance in two ways. Firstly, we can add additional ceramic 
capacitors in parallel to our original two and make sure our soldered connections are consistent 
and thick in this area. 


We can optimize the circuit's capacity by adding electrolytic capacitors in parallel to our original 
two which will allow this circuit to charge slightly when not in use. For this purpose, a charging 
circuit can also be added here in order to incorporate an optional battery bank. 


We can optimize the antenna by attaching loops and coils of copper wire in various positions, 
store-bought antennas or by stringing some wire up to the highest point you can reach. 


We don't have to stop there, either. We can now connect multiple circuits in series to increase 
voltage or in parallel to increase current. This can be done indefinitely. 


Add a Case and Antenna 


After choosing an antenna in the last step we'll now want to permanently wire it. Whether you 
choose a compact antenna for portability or a tall fixed antenna for power and range, we will wire 
it in the same manner according to the diagram in the previous step. Note that the input on the 
configuration here is grounded to the metallic case, and thus the users hand, and incorporation of 
longer antennas will require proportionally more substantial grounding. 


We will then attach a terminal to the output to allow us to connect this circuit to an electrical 
device or charging circuit and battery bank. 


Next, we will add a case, making sure to isolate exposed leads with non-conductive material 
especially if mounting in a conductive case. A piece of cardboard secured with glue is sufficient 
for the circuit's bottom and shrink wrap or electrical tape can be used in the case of any 
additional exposed leads. Drill two holes in your enclosure, one for the antenna or antenna lead 
and another for your output terminals. You can then insert your components, fasten the enclosure 
and your device is ready to use! 


Your Crystal Energy Receiver? is Complete 


It is hour 11:59; the energy revolution is upon us! 


Your Crystal Energy Receiver® is now complete and ready to use! 


| built a portable version, for proof of concept and demonstration purposes. However, you can go 
as big as you want- to passively charge batteries or run equipment remotely; or go as small as 
you want- to power sensors, RFID devices, small electronics and more. 


| used this harvested energy to easily power a low-consumption quartz clock, a digital 
chronograph with integrated circuits and LCD and was even able to momentarily rotate a small 
dc motor. 


Because of its simplicity this device is a durable, efficient and reasonably effective method of 
harvesting radiant energy in a simple, replicable and sustainable way. | humbly hope that the 
contributions made here, and by those reading, can be one day used by people worldwide to 
conveniently capture free energy. 


Want to build it? Get the Kit! 


See more Projects 
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Please take caution. User is responsible for safe operation of components. 
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Crystal Energy Receiver? „from water! 


JINVOLVES CRYSTALS AND 
DANGEROUS VOLTAGES! 


antenna in 


RFto DC 
Circuit Diagam (simplified) 


Component list: 

(2) Ceramic Capacitors (104) 

(4) Germanium Diodes (IN34A) 

(2) Electrolytic Capacitors (100uF SOV) 
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"Free energy from the air? Yea, right!" 
Sardonic skepticism was my first reaction to this unusual concept, as well. 


Though, its not so far out there, in fact. Light can be converted to DC current with solar panels, 
electricity can be converted to magnetism as | did in my last article, in a microphone sound 
waves are converted (by vibrating a magnet near a coil) to an electrical signal, solar rays can 
even be focused and converted to heat in devices like this. When we think about it, energy is all 
around us and can be harvested in an enumerable many of ways. 


Today, we are going to take a rather novel approach to this venture. The earth is magnetic and 
anyone who has ever used a compass knows this. Magnetic bodies in motion produce electricity, 
we can see this in any alternator, like the one in your car. So, therefore the earth is electric as 
well as magnetic, by their very definitions. 


Can we detect this energy? Yes, we sure can! Ever turn on a radio in the middle of nowhere and 
heard static? That is your radio picking up naturally occurring energy in the RF spectrum! 


Can we use this energy to do work? Absolutely! This has been known for a long time. Crystal 
radios have been around since before the 1930's and can run with no input energy other than the 
radio signal. Even when completely isolated, but from the atmosphere, a crystal radio will 
produce a voltage in the earpiece resulting in a sound (albeit and undesirable one). 


Well, this is where it gets interesting... 


Can we replicate this effect? Yea, and with modern components like the high quality crystals 
found in germanium diodes, we can even increase efficiency. By applying this concept as a 
contemporary crystal energy receiver, we can also take advantage of a wide range of energetic 
frequencies rather than tuning in to just one. Can we scale it up? Definitely. Things like micro 
germanium diodes, high efficiency antennas and compact contemporary capacitors make the 
components that are required to build a crystal receiver fit in the palm of your hand. While there 
may or may not be a more efficient way, this renewable energy solution is simple to employ and 
can be scaled up, or down, indefinitely. 
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It sounds like we can build a Crystal Energy Receiver. Let's give it a shot... 


What You'll Need 


Get the Kit 


One of the reasons this particular renewable energy harvesting method is so viable is the 
relatively few and easy to obtain materials required. 


The simplest crystal receiver design needs no power and can be built with only three parts: a coil, 
a crystal and a resistor. We're going to optimize that design in order to produce a cleaner and 
more reliable output signal by first polarizing the input amplitude, then rectifying and filtering the 
signal. Then we'll add an antenna, case and connections. 


The parts for the circuit include: 

(1) Circuit Board 

(1) 10-18 gauge Copper Wire 

(2-12+) Ceramic Capacitors (matched) 

(2-6+) Electrolytic Capacitors (matched) 

“note various types of capacitors can be used 
(4) Germanium Crystal Diodes (1A+) 

Total Cost: +/-$0.40 (USD, scaled for volume) 
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Fig. 3-2. The oscillator circuitry is mounted on a 2%2-inch square circuit 
board, and the components associated with the zener regulator are ona 
terminal strip on the rear panel of the enclosure. At this point, the 
bandswitched coil assembly has not been installed. 


coil. This arrangement is probably a bit overdone. Ground connec- 
tions from the coils to several ground lugs, equally spaced around 
the shaft of the bandswitch, should suffice just as well. 

The generator is assembled in a standard commercial enclo- 
sure, which measures about 5 inches on each side. The dimensions 
were based on the size of the bandswitched coil assembly, turning 
capacitor and circuit board. With a bit of effort, one should be able 
to fit the generator into the more readily available 4” x 5” x 6” 
aluminum enclosure. 

The generator can be powered either from the ac line or froma 
12-volt battery source, making it ideal for both fixed and portable 
applications. The power supply for the generator is mot included in 
the same enclosure as the generator, and this seems to contribute 
significantly to the total lack of ac hum on the output signal. The ac 
power supply is an ac wall plug-mounted 12-volt dc battery re- 
placement supply of the type commonly sold to power transistor 
radios. 

Within the generator enclosure there is only a diode to protect 
against reverse voltage polarity, a 1000 mF filter capacitor, and a 9 
V zener regulator. For portable application, 12 V from a battery 


122 


11/5/2017 CRYSTAL ENERGY RECEIVERO 


In addition, you'll probably want to get: 

(1) Project box (optional) 

(1) Antenna (a loop antenna or elevated antenna is recommended and can be made with copper 
wire) 


Get the Kit 

The tools you'll need are: 
Soldering Iron/ Solder (optional) 
Multimeter 

Oscilloscope (optional) 


That's it. Yup, that's all. Once we've got it all, let's begin. 


Build the Circuit 
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We're going to build the simplest version of this circuit variation in order to understand how each 
component interacts and as a proof of concept. 


There are three simple systems at work in the circuit that are composed of capacitors, which 
store energy, and diodes that direct it. 


Energy in the band of radio waves, among others, will vibrate a wire antenna on an atomic level, 
sending a discernible signal to its lead. This signal will then meet the junction between two 
ceramic capacitors wired in series. This junction will force positive charge from the wave to travel 
in one direction and negative charge in the other direction which, when collected again, makes 
the signal uniform and polar. Connecting the two capacitors in series creates leads on each end; 
the now positively charged side of one and the now negatively charged side of the other creates 
a two cell battery. This stage of the circuit takes a signal with a net value of zero, adds the 
absolute values of the positive and negative amplitudes with respect to the origin and produces a 
positive integer. This concept can be thought of as taking: 


(+1) + (41) + (+1) + (1) =0 
and converting it to: 
| (+1) + (+1) | = 2 
=} 


| (-1) + (-1)] | = 2 
=4 


Isn't math fun? 

To each of these leads from our two capacitors in series, we will connect two crystal diodes, one 
facing each direction, to form what is called a bridge rectifier. A bridge rectifier is a configuration 
which will convert an alternating current to a direct one by cleverly rerouting the signal. 
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By connecting the bridge rectifier as shown in the circuit diagram, this direct current from the 
diodes then charges the electrolytic capacitors. This stage normalizes the amplitude, making the 
current constant and usable. 


Components can easily be twisted together for testing and then soldered to a circuit board to 
secure. 


Test and Optimize 


jm“ 
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Note: Photos depict tests performed in an open-air urban environment. 


To test and analyze our circuit, we'll be using a digital voltmeter and oscilloscope. 


Then, by connecting a voltmeter to the output, we'll immediately begin to see a small voltage 
climbing in the 10-100mV range. If not, we'll want to check our connections and make sure the 
circuit is not isolated from the environment by taking it outside to a clear area. 


By connecting an oscilloscope to the outside leads of our two ceramic capacitor bank, we will see 
the the polarized signal being captured from the air around us. We can then connect after the 
diodes to see our varying direct current and then to after the electrolytic capacitors to see a 
normalized, usable direct current at our output. 


We can then optimize the input resistance in two ways. Firstly, we can add additional ceramic 
capacitors in parallel to our original two and make sure our soldered connections are consistent 
and thick in this area. 


We can optimize the circuit's capacity by adding electrolytic capacitors in parallel to our original 
two which will allow this circuit to charge slightly when not in use. For this purpose, a charging 
circuit can also be added here in order to incorporate an optional battery bank. 


We can optimize the antenna by attaching loops and coils of copper wire in various positions, 
store-bought antennas or by stringing some wire up to the highest point you can reach. 


We don't have to stop there, either. We can now connect multiple circuits in series to increase 
voltage or in parallel to increase current. This can be done indefinitely. 


http://www.drewpauldesigns.com/crystal-energy-receiver.html 8/13 


11/5/2017 CRYSTAL ENERGY RECEIVERO 


Add a Case and Antenna 
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After choosing an antenna in the last step we'll now want to permanently wire it. Whether you 
choose a compact antenna for portability or a tall fixed antenna for power and range, we will wire 
it in the same manner according to the diagram in the previous step. Note that the input on the 
configuration here is grounded to the metallic case, and thus the users hand, and incorporation of 
longer antennas will require proportionally more substantial grounding. 


We will then attach a terminal to the output to allow us to connect this circuit to an electrical 
device or charging circuit and battery bank. 


Next, we will add a case, making sure to isolate exposed leads with non-conductive material 
especially if mounting in a conductive case. A piece of cardboard secured with glue is sufficient 
for the circuit's bottom and shrink wrap or electrical tape can be used in the case of any 
additional exposed leads. Drill two holes in your enclosure, one for the antenna or antenna lead 
and another for your output terminals. You can then insert your components, fasten the enclosure 
and your device is ready to use! 


Your Crystal Energy Receiver? is Complete 
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Your Crystal Energy Receiver® is now complete and ready to use! 


| built a portable version, for proof of concept and demonstration purposes. However, you can go 
as big as you want- to passively charge batteries or run equipment remotely; or go as small as 
you want- to power sensors, RFID devices, small electronics and more. 


| used this harvested energy to easily power a low-consumption quartz clock, a digital 
chronograph with integrated circuits and LCD and was even able to momentarily rotate a small 
dc motor. 

Because of its simplicity this device is a durable, efficient and reasonably effective method of 
harvesting radiant energy in a simple, replicable and sustainable way. | humbly hope that the 
contributions made here, and by those reading, can be one day used by people worldwide to 
conveniently capture free energy. 


Want to build it? Get the Kit! 


See more Projects 
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pack, or even 9 V from a transistor radio-type battery, can be used. 
The 250 ohm variable resistor before the zener is adjusted for the 
maximum resistance value that still allows the zener to maintain a 
constant 9 V output. 

Because of the lack of a frequency readout scale, there is not 
the usual need to try to adjust the low and high frequency range 
excursions on each band. However, they should be checked with a 
counter to see that sufficient overlap exists between ranges. The 
slug tuning of the coils suffices to correct the tuning on each range. 
Although one has some latitude to adjust the frequency coverage on 
each band to suit individual preferences, Table 3-1 shows a typical 
arrangement, starting with the lowest frequency band. 

The stability of the oscillator proved to be good enough on all 
ranges except the highest, so that temperature compensation was 
not needed. This is probably due to the low power operating 
requirements of the circuit and to the fact that the power supply is 
mounted externally to the generator. Since the highest band was 
not used extensively, it was not temperature compensated. But, by 
selection of small value NPO capacitors placed across the small 
section of the tuning capacitor and by watching the output fre- 


Fig. 3-3. The bandswitch coil assembly is preassembled and then mounted 
in place. Individual coils are fastened to the switch by epoxy cement and 
wired in place. 
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Abstract—This paper presents an efficient rectifier for 
Radio Frequency (RF) energy harvesting applications in FM 
band (88MHz to 108MHz). The proposed rectifier is based on 
Modified Greinacher Rectification topology. The circuit is 
designed on Keysight Advance Design System (ADS) and 
realized on a 1.6mm thick FR4 sheet with 35um of copper 
cladding. Schottky diode, HSMS2850 is used as rectification 
element and lumped components are used for impedance 
matching. Power levels of interest are from -30dBm to 0dBm. 
The rectifier operates optimally for a load range of 10kQ to 
75k Q with maximum RF to DC conversion efficiency of 74.8% 
for 5dBm input power at 96 MHz.The conversion efficiency for 
entire FM band for -10 dBm input is around 50% which is the 
typical input power level of ambient wireless signals. 
Measurements show excellent agreement with the simulated 
results. The proposed rectifier has harvested 12.77 uW of DC 
power from an input of -14.2dBm channel power with an 
overall efficiency of 33.59% in FM band. 


Keywords—Ambient sources; FM band;impedance 
matching; rectifier; RF energy harvesting 


I. INTRODUCTION 


With the advent of Wireless Sensor Networks (WSNs), 
development of self- sustainable battery-less sensor nodes 
has become an active research area. Different mechanisms 
are being investigated to supply wireless power to the sensor 
nodes of WSNs and replace batteries from them which will 
save the maintenance cost and labor. Long range coverage 
and omnipresence of ambient RF signals make RF Energy 
Harvesting as one of the most suitable ways to achieve this 
objective [1]. Investigations have been done to design 
various rectennas to harvest DC power from different RF 
bands present in the ambient environment. The authors in 
[2] have featured a dual band rectenna that harvested DC 
voltage from GSM1800 and UMTS2100 bands. By using 
the multiband approach in [3] a stacked RF energy harvester 
was proposed which can harvest energy from GSM900, 
GSM1800, UMTS2100 and Wi-Fi bands. Authors in [4] 
have featured a novel six-band rectenna which also 
incorporated lower bands of 550MHz and 750MHz along 
with the four others published in [3]. 

FM band is used to broadcast radio channels throughout the 
world. Its omnipresence, lesser free space path loss, easier 


circuit design and cheap electronic components are 
attractive features to use it for RF energy harvesting but in 
these recent developments FM band is not utilized. Authors 
in [5] have proposed a RF energy harvester for FM band 
with a bandwidth of 3MHz (81.9 MHz to 84.7MHz). 
According to the best of authors’ knowledge no rectifier 
design has been reported which can operate at low power 
levels for the entire bandwidth of FM band (88MHz to 
108MHz). This paper focuses on development of a highly 
efficient, low threshold and wideband rectifier to harvest 
DC power from ambient FM band signals. The rest of the 
paper is organized as follows: Section II describes the 
design of the rectifier, Section III analyzes the performance 
of the proposed design, Section IV shows the results of 
measurement and Section V concludes the paper. 


II. | DESIGN OF RECTIFIER 


A. Topology of Rectifier 


Voltage multipliers are considered as best choice for RF 
energy harvesting because of their high efficiency and simple 
designs [1]. Due to the same merits, a Modified Greinacher 
Rectifier topology (shown in Fig.1) was chosen in this study. 
Two voltage doublers are differentially connected to form 
this topology. Modified Greinacher Rectifier has smaller 
input impedance as compared to simple voltage doubler 
which results in ease in impedance matching [6]. The 
differential configuration results in reduced harmonic 
content, better power handling capability and lesser loss in 
capacitors [6]. The diode used for rectification is HSMS- 
2850 by Avago Technologies. 


Matching 
Network 


D2 


Vout 


Input 


D3 


Network 
D4 
Fig. 1 Modified Greinacher Rectifier Topology with Impedance Matching 


B. Impedance Matching 


Impedance matching is a crucial stage in rectifier design 
because of the non-linear behavior of rectifier. If the 
impedance of the rectifier is not matched to the antenna 
(which is generally 500) the incident wireless signals will 
be reflected to the environment which shall result in 
decrease in efficiency of the RF energy harvester. The input 
impedance of a rectifier is function of frequency of 
operation, input power and load connected at the output. To 
get a better insight of this non-linear behavior a Modified 
Greinacher Rectifier was designed in ADS. Non-linear 
model of the diode HSMS2850 was imported in design from 
HF Diode Library of ADS. Chip capacitors (C1 and C2) of 
100nF were used in this design and were modeled by using 
SPICE files provided by Murata. The layout for rectifier 
was designed in Momentum and was co-simulated to 
include the non-linear effects. The circuit was simulated 
using Harmonic Balance (HB) simulation controller. Real 
and imaginary values of impedance were noted for power 
levels -30dBm to OdBm in the desired frequency range 
(88 MHz to 108MHz). A third order lumped component 
based matching network shown in Fig. 2 was chosen for 
each branch. Initial parameters of the matching network 
were calculated for the following values of input 
impedance; 1636-j1298Q @8&8MHz and 1378-1325 Q for - 
20 dBm and 1685-1622/Q(w 88MHz and 1346-1585jQ 
(1108 MHz for -30 dBm input power for a load resistor of 
10kQ using Smith Chart Utility in ADS. In the next step 
network was optimized for entire power range (-30dBm to 
OdBm) and load range (10KQ to 75Q) using Optimization 
Utility in ADS. The optimized values for components of 
matching network are shown in Table I. The realized 
prototype of the proposed rectifier is shown in Fig 3. 
c3 
L1 


Bi ji a 


Fig. 2 Proposed Impedance Matching Network for each branch 


Fig 3. Fabricated Prototype of the Proposed Rectifier 


TABLE I 
OPTIMIZED PARAMETERS FOR THE PROPOSED MATCHING 
NETWORK 


Upper Branch 


8.2pF 47000pF 


C3 
820nH 820nH 
2.7pF 


II. PERFORMANCE ANALYSIS 


The simulated and measured reflection coefficients (S11) for 
the proposed rectifier are shown in Fig. 4. It can be seen in 
fig.4a that the proposed rectifier is matched in FM band for 
multiple power levels (-10dBm to-30 dBm) and hence it can 
be used with ambient FM band signals which always have a 
varying power level. Fig4b shows that the proposed rectifier 
is matched for a diverse load range (10KQ to 75kQ) and it 
can supply DC power to variety of wireless sensors and 
loads. Both traits make the proposed rectifier a perfect fit for 
RF energy harvesting applications. 


Meas. -10dBm 
=æ Meas. -20dBm 


e e Meas. -30dBm 
= - Sim. -10dBm 
=œ Sim. -20dBm 
e= = Sim. -30dBm 
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Fig. 4 S11(dB) of the proposed rectifier (a) measured and simulated for 
multiple input power levels when R¡=10KQ (b) simulated for multiple loads 
when Pin=-15 dBm 


The key performance indicator of a rectifier 1s 1ts RF to DC 
conversion efficiency (Nconv) Which is described in “equation 


(1)”. 


It shows the capability of a rectifier to produce output DC 
power. 


Meonv = Pout/Pin (1) 


Where, Pin is the input power to the rectifier and Pou is the 
output DC power generated by the rectifier and is described 
by “equation (2)” 


Pag = (V out.Lout)/ Rroad (2) 


Vout is output voltage across the load resistor and Iou is the 
current through it. 


The simulated and measured conversion efficiency of the 
proposed rectifier is shown in Fig 5. It can be seen that in 
fig.Sa that the conversion efficiency is almost constant for 
entire FM band at different power levels and hence it can 
maintain excellent performance at different frequencies and 
varying power levels and is fit for real world conditions. The 
conversion efficiency is around 50% for entire FM band at - 
10dBm power level which implies that it is very efficient at 
low power and makes it a very good candidate for energy 
harvesting applications. Fig5b shows that the maximum 
conversion efficiency of the proposed rectifier is 74.8% for 
5dBm input power. This implies that the proposed rectifier is 
also efficient for higher power levels and it can also be used 
for RF to DC conversion in applications which involves 
dedicated power sources and wireless power transfer. The 
efficiency reduces at higher power levels (above 5dBm) due 
to the break-down of the diode. 


The literature available for RF to DC conversion in FM 
band is very limited because it hasn’t been investigated for 
RF energy harvesting. Table II shows comparison of this 
work with some related designs and in terms of varying 
power level, bandwidth of operation and output load range 
the proposed rectifier is better than the other published 
designs because they haven’t reported the performance 
under changing power levels, output loads and are not 
matched for entire FM band. 


TABLE II 
COMPARISON WITH THE RELATED WORK 


Ref Bandwidth Power 
Levels of 
Interest 
[5] 81.9 to 84.7 
MHz 


Efficiency at 
Pin=-10 dBm 


53% @ 90MHz 


(Max. Efficiency 
74% (a 5dBm 
input power) 


[This 88 to 108 -35dBm to 
Work] MHz 0dBm 


* NR: Not Reported 


Conversion Efficiency (%) 


80 85 90 95 100 105 110 115 
Frequency (MHz) 


= Sim. 96 MHz 
— Sim. 88MHz 
e e Sim. 108 MHz 
= - Meas. 96 MHz 


Conversion Efficiency (%) 


= e Meas. 88 MHz 
= = = Meas. 108 MHz 


Pin (dBm) 


(b) 


Fig.5 Conversion Efficiency of the proposed rectifier (a) Conversion 
Efficiency vs Freq (b) Conversion Efficiency vs Input Power for Multiple 
Frequencies 


IV. MEASUREMENT WITH ANTENNA 


Having optimized the rectifier to work with low power 
signals of FM band and for a wide output load range the 
proposed rectifier was tested with an antenna to analyze its 
performance with wireless signals. First, ambient signal 
strength of FM spectrum was measured on top of a building 
with a handheld spectrum analyzer (PSA-2702). The 
received spectrum is shown in Fig. 6. The received spectrum 
received was exported to MATLAB for calculating the 
channel power using the ‘bandpower’ function. The total 
channel power residing in FM band was -14.2 dBm. The 
ambient signal strength is always varying because the 
incident signals are suffering various multipath reflections. 
To test the proposed rectifier and analyze its performance, 
FM spectrum with similar channel power was emulated in 
lab using Rhode and Schwarz Vector Signal Generator. A 
general-purpose antenna, PSA Ant2 (gain 2.15 dBi) was 
connected to the rectifier and it was placed at 10m distance 
from the transmitting end. The total transmit power was 
20dBm which was distributed in 8 tones at multiple 
frequencies. The spectrum received at 10m distance from the 
transmitting end is shown in fig.6. At this distance, the 
channel power received by the antenna was roughly the same 
as measured in ambient environment and the output voltage 


measured was 0.619V (shown in Fig. 7) across a 30kQ 
resistor. The total DC power harvested was 12.77uW with an 
overall efficiency of 33.59%. The harnessed DC power can 
be used to power a variety of low power sensors. 


Lab Gen. Spectrum 
Meas. FM Spectrum 


Power (dBm) 


85 90 95 100 105 110 
Frequency (MHz) 


Fig. 6 Measured FM band spectrum in ambient environment and lab 
generated FM band for testing of the proposed rectifier 


Fig. 7 Measurement of output voltage generated by proposed rectifier for - 
14.2 dBm input power 


V. CONCLUSION 


A highly efficient and low threshold rectifier 1s presented 
for harnessing DC power from ambient wireless signals of 
FM band. The proposed design is optimized for operation in 


various conditions such as varying power levels of signals 
and wide range of loads. The rectifier operates optimally at 
lower power levels and maintains a flat efficiency of 50% at 
-10dBm input power level for all the frequencies of FM 
band (88MHz to 108MHz). The proposed design has an 
excellent power handling capability it has a maximum RF to 
DC conversion efficiency of 74.8% for 5dBm input power 
at 96 MHz. To the best of authors’ knowledge this work is 
the first study which has proposed a rectifier which 
maintains excellent performance in various conditions for 
entire FM band. This work will pave the way for developing 
various real world wireless energy harvesting circuits and 
battery-less sensor modules for wireless sensor networks. 
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Construí tu propia radio 
Galena 


Construcción radio Galena 


Si te gustan las radio, este proyecto es muy educativo y entretenido, con la 
“Radio Galena” podrás recepcionar frecuencia de AM y es la base de la 
radio recepción, además es una radio que no requiere energía proveniente 
pilas, baterías ni fuente de alimentación. Ya que funciona gracias a la 
energía que propaga las emisoras, aparte se presta para experimentar 
mucho, solo busca en google “radio galena” encontraras muchísimas 
variantes. 

Como punta pie puedes leer un poco más sobre el tema aquí 
http://100ciaencasa.blogspot.com.ar/2014/01/radio-sin-pilas.html y aqui 
http://es.wikipedia.org/wiki/Radio_a_galena 


El circuito es por demás sencillo 


Diodo detector. 


Capacitor variable 


Antena 


Bobina 
> | | 
| i | Pi Auriculares o audifono 


Tierrá 


Lista de materiales 

1-Diodo de germanio aquí usamos el 1N60 (podrás usar otros siempre y 
cuando sea detector) 

1-auricular de alta impedancia (son un tanto difícil de conseguir, pero 
puedes usar otro de teléfonos viejos o a la salida puedes conectarle un 
pequeño amplificador) (no te pierdas próximamente el proyecto 
Amplificador portátil de bajo coste con LM386) 

1-Tandem o capacitor variable, (se lo puede comprar o conseguirse de una 
radio vieja) 

Unos metros de cable para bobinado o cable magneto, yo recicle el 
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bobinado de un motor quemado cuyo cable esmaltado es de .045 milímetro 
(casi % milímetro de espesor) 
1-base de madera para hacer el montaje medidas 13x13 cm aprox. 


1-tubo de pvc de 4 cm (1,5 pulgadas) por 9 cm de largo (se lo consigue en Comenzar aq ui 
ferreterías es el que se usa para desagúe) 


1-una varilla o alambre de unos 15 cm. aproximadamente (tips se puede 
usar un rayo de bicicleta) 
Como siempre necesitaras estaño, soldador, alicates, algunos tornillos o 


clavitos, algún pegamento 3 pasos sencillos 


1) Haga clic en "Comenzar 


Diodo de germanio 1N60 


aquí" 


2) Descargue desde 
nuestro sitio web 


3) Obtenga el conversor de 


archivos gratis 


Audífonos alta impedancia 


@EasyPDFCombine” 


Base madera de 13x13 cm aprox 


Cable esmaltado para bobinado o cable magneto 
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Tandem o capacitor variable y bobina montado en base. 


Vallamos a la construcción 


Lo primero que vamos hacer es la bobina de nuestra radio, para ello 
usamos el tubo de pvc fijamos en un extremo del cable esmaltado dejando 
un excedente de unos 10 cm. para hacer las conexiones luego, podemos 
usar una cinta adhesiva o como en mi caso una gotita de cianocrilato. 
Empezar el bobinado en el sentido que quieras (en este caso sentido de las 
agujas del reloj), solo ten en cuenta que las espiras estén bien prolijas y lo 
más juntas posibles sin que se encimen unas con otras, realizar 130 espiras 
y asegurar el otro extremo dejando también 10 cm. para la posterior 
conexión. 


Después montamos según diagrama citado arriba, recuerda que el cable 
esmaltado de la bobina tienes que pelarlo ayudándote con una lija fina para 
sacar el esmalte sino el mismo no hace contacto ni se suelda ya que la 


película esmaltada es aislante. 


Fotos de galena terminada 
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Para la recepción: 

Conectamos el audífono de alta impedancia o en su defecto el mini 
amplificador 

A tener en cuenta 

vamos a lijar una sección del esmalte a lo largo de la bobina (ver figura) , la 
antena esta conectada a una varilla, “recepción gruesa” por así llamarlo con 
ella limitaremos la cantidad de espira de nuestra bobina para poder 
sintonizar varias estaciones de radio a modo de derivaciones, si todo 
funciona bien tendremos sintonía quizás algo mezclada y de no muy buena 
calidad, entonces hacemos el ajuste fino moviendo el tándem o capacitor 
variable. 

Una de las cosas más importante y tener en cuenta en este tipo de radio es 
la antena y puesta a tierra, la antena se aconseja unos 10 metros como 
mínimo, pero no te asustes, puedes usar como en mi caso un alambre 
extendido como lo que usan para colgar la ropa y la puesta a tierra una reja 
que esté haciendo contacto con la tierra o cañería metálica como la de una 
bomba de agua vieja 


Detalle de conexiones. 
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À Varilla selectora 
lijar suavemente hasta 
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| 
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a la varilla 


e: 


2 
f Diodo detector 
e 


a % 
salida de audio 
i , ; audifonos o amplificador 
Tandem o capacitor variable 
Sintonia 


Nota: se puede experimentar con el tamano del nucleo de la bobina como 
asi también la cantidad de espiras y espesor del cable esmaltado de la 
bobina o cable magneto, yo he realizado para este proyecto unas 5 bobinas 
diferentes aunque todas recepcionaban alguna emisora, pero el que mejor 
me resulto es el que aqui describo. También puedes experimentar con largo 
de antena y todo los cambios que se nos ocurran, este es un buen proyecto 
para la experimentación, también como detector en vez del diodo de 
germanio, se puede usar la piedra galena que es la que le da el nombre al 
modelo (un tanto difícil de conseguir), con un transistor conectando solo 
dos terminales, hasta como hicieron en la segunda guerra mundial con una 
hoja de afeitar y una punta de un lápiz, es cuestión de que investigues un 
poco y que experimentes. En mi caso llego a funcionar sin el capacitor 
variable y con recepción muy buena de las estaciones potentes. 

Bueno espero te animes ya que es muy gratificante cuando sale 
funcionando. 

Si quieres puedes mandarme o dejarme un comentario con las fotos de tu 
Galena. 


Saludos y hasta pronto 


Los invito a pasar por mi blog mi blog: 
http://cachivacheselectronicos.blogspot.com.ar/ 
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Table 3-1. Frequency Coverage. 


High end 
570 kHz 
1400 kHz 
4.5 MHz 


17.0 MHz 
39.0 MHz 
75-80 MHz 


quency change on a counter, it should be possible to achieve 
excellent frequency stability on the highest range also. 

Tone modulation can be added to the generator by the circuit 
shown in Fig. 3-4. The circuit provides a single frequency tone 
modulation, which is useful to identify the presence of the rf signal 
when working with a receiver having only an envelope (AM) 
detector. By placing the output of the audio oscillator on the gate of 
the second FET (instead of on the base of the 2N3866 as Fig. 3-4 
indicates), a slight FM modulation of the oscillator will occur. So, 
the signal generator can be utilized with SSB/CW, AM or FM 
receivers. 

A sweep frequency capability can also be added to the 
generator, by means of a varactor diode connected across the gate 
terminal of the oscillator FET to ground, and driven by a suitable 
sawtooth of triangular waveform. 


SIGNAL TRACER 

For this project you'll need a small transistor radio, a resistor 
and a capacitor. The modification to the pocket radio involves four 
steps. First, find the earphone jack and the earpiece and cord that 
plug into it. Inside, the jack will have three wires connected to it: a 
ground, a lead to the speaker, and another one trailing off to the 
innards of the radio somewhere. This last wire actually goes to the 
secondary winding of the audio output transformer (see Fig. 3-4). 

Leave the ground wire undisturbed. Unsolder the wire to the 
speaker and the one to the innards, both at the jack, and note which 
went where. Solder the ends of these two together and tape them. 
Now the radio is permanently connected to its built-in speaker. 

The second step involves finding the point where the diode 
detector connects to the volume control. This can be found by 
tracing back from the center pin of the volume control along the foil 
until you find the glass diode. Unsolder the end of this diode which 
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Radio a galena FM 


per la “banda commerciale” 88 - 108 MHz 


Figura 1: Radio a galena a montaggio ultimato. 


Sono passati gia otto anni da quando decisi di sperimentare con il primo ricevitore a galena. Lessi come 
costruirne uno proprio da questo sito (Realizza il tuo Primo Ricevitore a cristallo) e decisi di montarlo 
pensando di continuo che non avrebbe mai potuto funzionare veramente. La sorpresa nel “sentire qual- 
cosa” da un vecchio auricolare telefonico e stata grande, e da allora la Vecchia Signora ha rapito la mia 
passione per l'elettronica, dirottandola verso la radiotecnica. Nonostante questa galena fosse pensata 
per ricevere segnali ad onde medie (come tutte le prime galene che si rispettino) e interessante notare 
che, gia allora, quell'unica stazione che riuscivo a ricevere ho scoperto poi appartenere alla gamma delle 
onde corte... perché non e da pochi anni che le onde medie sono in crisi! 

Stazioni abbastanza potenti per permettere un ascolto soddisfacente in cuffia da qualsiasi punto del 
Pese sono ormai quasi esclusivamente disponibili in onde corte, gamma che di sera offre segnali fortis- 
simi provenienti da posti anche al di lá del globo. Ma la radio a cristallo era pensata per permettere 
l'ascolto “dell'emittente locale”, e non di segnali provenienti da chissà dove, ed in chissà quale lingua! 
Sono cambiati i tempi, dunque... cambiamo anche la radio a glena, no? Eppure oggi le moderne tecno- 
logie ed il pitt basso costo dei materiali permettono di realizzare ricevitori a cristallo di grandi presta- 
zioni, proprio quando, paradosso, il tempo della radio a galena e da considerarsi ormai concluso. 
L’unico territorio abbastanza inesplorato e quello della gamma broadcasting F.M., e ció ha spinto gli 
appassionati amministratori e lettori di questo sito a sperimentare con le VHF, come e stato possibile 
notare dai progetti di radio a cristallo per FM che hanno fatto capolino da qualche anno ad oggi. Se si 
vuole sperimentare, d’altro canto, bisogna farlo subito giacché si sente parlare sempre di piú di D.A.B. 
e di digitalizzazione... 

E possibile ascoltare una radio a galena in FM solo se si abita nelle immediate vicinanze di un ripetitore; 
circa 10km di aperta campagna e di costa marina (ho provato) sono troppi per un ricevitore a cristallo. 


Il caso ha voluto che andassi ad abitare in una città dove ci sono dei ripetitori, e questo mi e bastato per 
decidermi a sperimentare, rispondendo all’appello lanciato su questo sito qualche anno fa. 

Questo articolo, gia comparso nei numeri di giugno e di luglio-agosto della rivista Radiokit Elettronica, 
nasce come proposta di realizzazione del circuito presentato dal lettore Carlo Bramanti su questo sito 
(Galena per FM). Ad ogni modo il progetto da me proposto differisce alquanto dall’originale per la 
cruciale scelta del diodo rivelatore, del quale presento un piccolo “lavoro di ricerca”, e per la presenza 
di un nuovo componente. 


1. Schema elettrico 


Il circuito elettrico della galena FM, riportato in Figura 2, risponde all'esigenza di essenzialità tipica di 
ogni ricevitore a cristallo. Lo schema elettrico deve essere semplice, soprattutto se si vogliono ricevere 
deboli segnali, per di più nella banda delle onde ultracorte. 


150 cm 


Figura 2: Schema elettrico della radio a galena FM. 


I componenti adoperati sono: 
e  L1=vedi testo (sezione Bobine L1 e L2); 
e L2=0.1374H, vedi Figura 7; 
e CV1 = Johnson 160-211-1 (2.7 — 10.8)pF' per sezione; 
e  CV2= trimmer tubolare da (5 + 15)pF; 
e D1 = diodo Schottky Skyworks modello SMS7630-001; 
e D2 = diodo di segnale 1N 4148; 
e R1=47k0, 1/4W: 
e Cl =100pF ceramico a disco; 
e Cu =cuffie ad alta impedenza (2k o superiore); 
e ATX = connettore ATX femmina e header pin; 
e Due connettori banana femmina. 


Il segnale ricevuto dall’antenna e inviato alla bobina L1 che, insieme all'induttanza L2, forma un tra- 
sformatore RF in aria. L’induttore L1 e quindi il classico “primario aperiodico” il cui accoppiamento 
alla bobina di sintonia L2 e variabile a piacere. Il circuito accordato per la sintonizzazione delle stazioni 
e completato dall’ancor più classico condensatore variabile CV1 e dal correttore CV2, indispensabile 


per la taratura del ricevitore. Seguono poi il diodo rivelatore D1 ed il filtro di deenfasi, costituito dal 
resistore R1 e dal condensatore C1. 

Un componente piuttosto insolito, presente nella mia radio, e il diodo D2, in parallelo all'uscita; del 
tutto assente nelle classiche galene, questo diodo serve per proteggere il rivelatore, ed il motivo della 
sua presenza verra spiegato piu avanti. 

Un paio di cuffie ad alta impedenza Cu completano il tutto, e possono essere sostituite da un qualsiasi 
amplificatore (va bene anche l'ingresso del microfono di un PC). 


2. Realizzazione 


Come in tutti i ricevitori a cristallo la realizzazione e sempre un passo importante; ottime saldature e 
collegamenti cortissimi sono la chiave per ottenere una radio a galena funzionante. Di seguito vi riporto 
nel dettaglio le varie fasi del montaggio arricchite di consigli empirici e note pratiche in parte sperimen- 
tate per la prima volta con questo ricevitore. 


2.1. Antenna 


Per questa radio le antenne possibili sono tante, ma ho condiviso la scelta del dipolo ripiegato gia pro- 
posta da Carlo Bramanti per diversi motivi: Perché ha una resistenza di irradiazione di circa 3009, mag- 
giore rispetto a quella del classico dipolo (754), quindi tensioni di segnale più alte ai capi dell’antenna; 
perché e piuttosto compatta (basta con le antenne chilometriche ed ingombranti!) ma, soprattutto, per- 
ché ho trovato un modo facile e veloce per realizzarla. Sono riuscito a reperire una piattina per i vecchi 
impianti elettrici (una rimanenza di una ferramenta) che comprendeva pure il conduttore di messa a 
terra. Dopo averlo eliminato ho ritagliato la piattina in tre parti, di lunghezza indicata in Figura 2, per 
realizzare cosi un dipolo ripiegato ed un cavo di discesa. L'antenna a montaggio ultimato si presenta 
come in Figura 3. In pratica ho spelato i due conduttori alle estremita di uno dei pezzi da 150cm per poi 
saldarli tra loro. 


Figura 3: Dipolo ripiegato a montaggio ultimato. 


Ho poi tagliato al centro uno dei due fili per realizzare la presa centrale per “il cavo di discesa”, quello 
che termina con il connettore header pin (Figura 3). Il particolare della presa e visibile in Figura 4. 
Chi non riuscisse a reperire una piattina (ormai non più in commercio) può sempre acquistare un dipolo 


Figura 6: Esempio di impiego del di- 
polo ripiegato. 


Figura 4: Particolare della presa per il cavo di discesa. 


Figura 5: Particolare dei cordini fissati alla canalina. 


ripiegato gia pronto all'uso, di quelli venduti per i sintonizza- 
tori degli impianti stereo domestici. Di solito anche queste an- 
tenne sono realizzate con una piattina di colore rossiccio/rosa 
trasparente. 

Per poter mantenere l'antenna sempre “in piedi” ho pensato 
di fissarla su una canalina da 2cm di diametro, e lunga 152cm 
(poco più del dipolo, insomma). Per il fissaggio (peccato che 
non si possano usare viti metalliche...) ho adoperato degli 
spezzoni di tubo di gomma termorestringibile bianchi, lunghi 
circa 10cm, e disposti a distanza quasi regolare, come visibile 
in Figura 3. 

La presa centrale (Figura 4) e stata invece fissata con della colla 
termica trasparente. Sempre dalla Figura 3 si puo notare anche 
una matassina di cordino bianco; è una corda da 1.5mm di dia- 
metro, di polipropilene (abbastanza anti ingarbugliamento) ri- 
tagliata in tre pezzi lunghi ciascuno due volte la lunghezza del 
dipolo. Economica, questa corda mi ha permesso di fissare 
l'antenna in qualsiasi punto di una stanza, realizzando dei ra- 
pidissimi tiranti. Basta fare un paio di nodi ed il dipolo ripie- 
gato si mantiene in piedi, come si puo vedere dalla foto di Fi- 
gura 6. Questa soluzione, tanto semplice quanto funzionale, 
permette anche di appendere l'antenna, per fissarla in punti 
più in alto, lontani dalle pareti e dal pavimento. Ai non addetti 


ai lavori preciso che e indispensabile che l'antenna sia posizionata verticalmente, come di Figura 6, per- 
ché verticale e la polarizzazione dei segnali irradiati dai ripetitori FM che si vogliono ricevere; posizio- 
nando l'antenna orizzontalmente (ho anche provato!) non si riceve nessuna stazione. Per assicurare i 
cordini alla canalina ho praticato tre fori, come in Figura 5, ed ho unito le tre corde in un unico grosso 
nodo, riscaldato poi alla fiamma. Ho stampato in 3D anche una piccola base (il disco bianco di Figura 
6), che contribuisce alla stabilita del dipolo, anche se non e strettamente necessaria. Chi non ha una 
stampante 3D puo sostituire la base magari con un piatto di plastica (di quelli rigidi) ed un tappo di 
sughero... 

Il dipolo così realizzato è accordato circa al “centro banda”. Ricordando infatti che in un dipolo ripiegato 
i nostri 150cm rappresentano meta della lunghezza d'onda del segnale che si vuole sintonizzare, la fre- 
quenza corrispondente e data dalla relazione: 


c 3-10m/s 
= — = ———— = 100MA 
ae aac 


75cm rappresentano quindi un quarto della lunghezza d'onda relativa al segnale a 100MHz. 

Per trasportare facilmente l'antenna e la radiolina ho pensato di interrompere il cavo di discesa con un 
connettore header pin maschio, che andra poi innestato ad un connettore ATX, di quelli usati negli 
alimentatori dei PC per portare i 12V alla scheda madre. Ho adoperato questo tipo di connettore perché, 
oltre che essere robusto, presenta una distanza tra i due conduttori che é simile a quella della piattina, 
e magari il disadattamento introdotto lungo la linea del cavo di discesa é ridotto al minimo (trascurando 
la discontinuità dell'isolante). 


2.2. Bobine L1 e L2 


La piattina del cavo di discesa termina direttamente con la bobina L1. Questa è stata realizzata con un 
filo di rame argentato da 1.6mm, avvolta a formare una sola spira circolare di circa 9.5cm di diametro. 
A fine realizzazione la ho subito protetta con dello spray di vernice trasparente, che ha la funzione di 
preservare il prezioso metallo dall’ossidazione pur non coprendone il colore originale. 

Questa bobina così fatta è molto bella a vedersi; l'attenzione per l'estetica è una delle linee guida che ho 
cercato di seguire per realizzare questa radio, ed è una diretta conseguenza del tipo di montaggio scelto: 
scatola in plexiglass per avere tutto il circuito in vista. In ogni caso la sua induttanza non è molto im- 
portante; le prove che ho fatto hanno confermato che l'importante e che il diametro della spira sia pari 
o superiore al diametro medio della bobina L2. Non è neanche necessario che la bobina L1 sia accordata 
con un condensatore in serie, perché ci ho provato e non ho ottenuto migliorie. 


Ho realizzato poi la bobina L2 piegando in una sola spira circolare un tubo di rame da 7mm di diametro; 
tutte le sue dimensioni sono indicate nell'immagine di Figura 7. 


Questa e una delle soluzioni possibili per avere un’induttanza con un alto fattore di merito (purtroppo 
ad oggi non ho un Qmetro funzionante, e quindi non ho potuto misurarlo). L'induttore ottenuto ha 
quindi delle ridotte capacitá parassite (una sola spira) ed un ridotto effetto pelle, avendo a disposizione 
un amplia superficie di conduttore. Il tubo che ho adoperato infatti e cavo, di quelli impiegati per gli 
impianti dei climatizzatori, e reperito ad un brico. Vi auguro di trovarne uno con un diametro inferiore 
al mio, perché gia 7mm e il massimo possibile per realizzare un'induttanza da 0.137uH. 

Per diametri maggiori, infatti, il tubo diventa veramente difficile da lavorare. Lo e stato gia il mio, che 
sono riuscito a sagomare aiutandomi con una piccola morsa, dopo averlo piegato gradualmente su sup- 
porti di diametro decrescente. Al fine di ridurre l'effetto pelle è indispensabile che il rame non sia mini- 
mamente ossidato. Teoricamente, se non si tocca il tubo con le mani (il sebo della nostra pelle poi a 


contatto con l'ossigeno ossida il metallo) quindi adoperando i guanti, e se si riesce a lavorarlo in poco 
tempo, per poi subito proteggerlo con della vernice, sarebbe possibile evitare che si ossidi. In realta cio 
e difficile a farsi; il tubo e gia molto difficile da piegare afferrandolo con le mani nude, figuriamoci con 
i guanti! ... ma con un po’ di pasta abrasiva si puo eliminare tutto l'ossido ripristinando la lucentezza 
tipica del rame. Ed e questa la soluzione che ho usato per rendere bella la mia realizzazione, spruzzando 
quattro mani di vernice trasparente acrilica sulla bobina, dopo averla lucidata. 


di=42mm d2=6.4mm 
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Figura 7: Dimensioni della bobina realizzata. 


Per calcolare il valore dell'induttanza L2 ho faticato davvero tanto (con mia grande sorpresa!) a trovare 
la formula. Sono riuscito a trovarne una approssimata sul Radio Engineering Handbook (F. E. Terman) 
e, anche se non è di facile impiego, ve la riporto qualora doveste ottenere un'induttanza da 0.1374 H con 
un tubo di diametro minore del mio (cosa che continuo ad augurarvi). Con riferimento alla Figura 7, 
l'induttanza di un tubo ripiegato a forma di Q e: 


8-D d? di d 
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e L=induttanza in micro Henry; 

e D = diametro medio della spira in pollici (come al solito!); 
e d, = diametro interno in pollici; 

e d.,. = diametro esterno, sempre in pollici. 


Scusate per i pollici, ma se avessi incluso anche il fattore di conversione, la formula sarebbe diventata 
illeggibile. In ogni caso vi ricordo che, per passare dai pollici ai centimetri, basta dividere i centimetri 
per 2,54. Con un foglio Excel od una calcolatrice scientifica si puo provare a variare il diametro D, fino 
ad ottenere il valore di induttanza voluto; il Terman consiglia comunque la possibilita di semplificare 
la formula per frequenze molto alte, come segue: 
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2.3. Condensatore variabile, rivelatore e filtro di deenfasi 


Il condensatore variabile CV1 collegato in parallelo alla bobina L2 e del tipo ad aria con rotore a farfalla, 
ad alto fattore di merito, pensato per alte frequenze. È composto da due sezioni identiche, ma io ne ho 
usata una soltanto (avevo solo questo nel cassetto!). Considerando che il montaggio introduce una ca- 
pacita parassita di almeno 10pF (e un valore molto ottimistico, lo so, ma con collegamenti cortissimi ci 
si può riuscire), e che il trimmer CV2 ha una capacità minima di 5pF, e possibile sintonizzarsi sull'intera 
gamma FM con il variabile scelto. Il segnale radio così sintonizzato viene poi demodulato dal diodo D1 
con la tecnica del classico “rivelatore a pendenza”. 

Il circuito RC-parallelo formato da C1 e R1 costituiscono, come gia accennato, il filtro di deenfasi. Tale 
filtro deve essere del primo ordine, e con frequenza di taglio di 3.2kHz circa. Ho calcolato quindi i valori 
di R1 e Cl ipotizzando di collegare all’uscita del circuito un amplificatore ad alta impedenza (maggiore 
di 47kQ, nel mio caso). A rigore avrei dovuto calcolare il condensatore C1 sulla base dell'impedenza di 
4kQ offerta dalle mie cuffie, ma la qualita del segnale ascoltato non permette di apprezzare queste dif- 
ferenze. Ho provato infatti a collegare in parallelo alle cuffie un condensatore di valore idoneo, piu alto, 
ma sono rimasto deluso nel non sentire alcuna differenza! Ho preferito allora lasciare valori bassi di C1, 
anche perché questo shunta a massa il segnale RF residuo, quindi e bene che sia ceramico, di piccola 
capacita. Il resistore R1, d’altronde, essendo collegato in parallelo all'uscita, tenderebbe a cortocircuitare 
il gia debole segnale che si vuole ascoltare, quindi è bene che il suo valore sia più alto possibile. 


2.4. Diodo di protezione 


l"1N4148 serve da protezione per il delicato diodo rivelatore. Data la bassa tensione di soglia dell SMS 
7630 - 001, dal datasheet si legge che la massima tensione inversa applicabile Vr e di circa 1V. Peccato 
che le tensioni a vuoto indotte dalle cuffie, quando le si urtano un po’ tra loro (o semplicemente le si 
appoggiano sul tavolo) sono di circa 6V,,,, durata 1ms circa, e possono arrivare anche a 20V,,,! Le cuffie 
infatti, come ogni trasduttore, possono funzionare “al contrario”, fungendo da microfono, e generando 
segnali di valore elevato, data la loro alta impedenza. Per questo motivo, in parallelo all’uscita (quindi 
alle cuffie) ho inserito un “veloce” 1N4148, che tosa tutti i picchi maggiori di circa 0.6V, impedendo 
quindi la rottura del rivelatore. Il lettore attento avrá certamente notato che il diodo “di protezione” 
potrebbe tosare anche il segnale radio che si vuole ascoltare; in realtà ció non può mai accadere poiché, 
con le cuffie inserite, il segnale di uscita ha un valore massimo di picco di circa 250mV,, . Questa condi- 
zione sarebbe comunque da verificare, giacché la tensione del segnale di uscita dipende molto dalle 
cuffie adoperate. Il massimo valore di 250mV,, è assicurato dato che, per ottenere questa misura, ho 
collegato alla radio direttamente l'uscita dell'oscillatore modulato, che quindi mi ha fornito i segnali piu 
ampi possibili sintonizzabili con la galena. La presenza del diodo D2, in ogni caso, introduce una capa- 
citá trascurabile in parallelo al filtro (circa 5 pF’), dunque la sua frequenza di taglio non viene alterata. 
Un paio di connettori a banana completano il tutto, permettendomi di calzare le mie Siemens da 4k2) e 
godermi l'ascolto di qualche stazione (cuffie ad alta impedenza sono strettamente necessarie dati i de- 
bolissimi segnali in gioco). Ai meno esperti raccomando di collegare in parallelo all’uscita un'induttanza 
da 100mH o superiore, qualora decideste di optare per un paio di auricolari piezoelettrici (es. buzzer) 
al posto delle classiche cuffie ad alta impedenza, che magari non avete a disposizione. Tale induttanza 
servirebbe per cortocircuitare la tensione continua che altrimenti si accumulerebbe ai capi del conden- 
satore Cl, polarizzando il diodo e bloccandone l'azione rivelatrice, impedendovi quindi di sentire al- 
cunché. Il resistore R1, comunque, dovrebbe gia assolvere a questo compito, ma, a mio avviso, sarebbe 
opportuno verificare caso per caso. 


2.5. Cablaggio 


Per il cablaggio del circuito ho usato del filo di rame smaltato da 2mm di diametro per collegare la 
bobina L2 e lo statore del CV1, mentre per il diodo rivelatore è bastato un filo da 1,8mm. Come e possi- 
bile notare dalla foto del montaggio (Figura 8) i collegamenti sono ordinati e corti, con fili che non sono 
mai piegati ad angolo retto, cosa da evitare assolutamente in alta frequenza. 


Figura 9: Particolare del diodo sulla basetta 
millefori. 
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Figura 8: Vista posteriore del cablaggio 


Il filo di rame smaltato più chiaro e più sottile che si allunga verso il basso, visibile in Figura 8, serve 
per collegare un capo della bobina d’antenna con quello che e stato scelto come il riferimento del cir- 
cuito. In questa maniera si puo fare a meno della presa di terra per assicurare un percorso di ritorno per 
il segnale, ottenendo gli stessi risultati. Questo filo serve anche per mantenere la bobina d’antenna nella 
posizione scelta per realizzare l'accoppiamento voluto con la bobina di sintonia. 

Il diodo rivelatore che ho impiegato nel mio circuito ha un contenitore tipo SOT-23, quindi pensato per 
il montaggio in SMD. In realta il diodo non e troppo piccolo per essere saldato con una punta standard 
di un saldatore qualsiasi, quindi mi e bastato ritagliare una striscetta di una fila di basetta millefori, con 
quattro piazzole. Dalla Figura 9 si puo vedere che il diodo occupa lo spazio tra una piazzola e la suc- 
cessiva; gli altri due reofori esterni sono stati usati per saldare i due fili che mi sono serviti per provarlo. 
I collegamenti del diodo al resto del circuito sono visibili in Figura 10. 


Figura 10: Cablaggio del diodo rivelatore. 


A montaggio ultimato, nella sua scatola di plexiglass da 3.5mm di spessore, la radiolina appare come 
nelle immagini di Figura 11, Figura 12, Figura 13 e Figura 14. 


Figura 11: Vista frontale. Figura 12: Vista laterale sinistra. 


Figura 13: Vista posteriore. Figura 14: Vista laterale destra. 


La realizzazione di un mobile con questo materiale e da sconsigliare per chi, come me, non ha un labo- 
ratorio attrezzato con apparecchi di precisione per il taglio e la foratura. Il plexiglass mette molto in 
risalto i minimi graffi, ed e piuttosto difficile da lavorare e “tagliare dritto”. Tuttavia non ho rifatto la 
scatola avendo impiegato molto tempo per realizzarla. Per fissare 1 vari pannelli tra loro ho adoperato 
un metodo che mi ha permesso di ottenere un montaggio solido: ho forato il plexiglass con una punta 
da 2mm, per poi inserirvi delle viti autofilettanti dal diametro poco superiore. Il risultato estetico otte- 
nuto non e un granché (a parer mio), perché nei pannelli si vedono delle protuberanze biancastre al 
posto delle “viti affogare nel vetro”, effetto che speravo di ottenere. In ogni caso il contenitore comple- 
tamente trasparente ha il suo fascino, anche se costringe a posizionare i vari fili di collegamento in un 
certo modo, che possa essere insieme bello da vedere e fatto per ridurre al minimo le capacita parassite 
e la lunghezza dei collegamenti. 

Con questo credo di avervi raccontato tutto... della complicata teoria dice che i segnali FM ricevuti sono 
molto deboli quindi, per realizzare una soddisfacente radio a galena su questa gamma bisogna avere 
l'antenna migliore (spero di averla!) le bobine con il più alto fattore di merito (le abbiamo) un buon 
condensatore variabile e delle cuffie ad alta impedenza (non credo ce ne siano da più di 44). Ma se il 
segnale e debole, ci vuole un ottimo diodo rivelatore, con bassissima tensione di soglia, e magari a basso 
rumore (e piccole capacitá parassite). Ad una fiera dell’elettronica trovai degli strani diodi, venduti 
come “diodi tunnel”. Avevano i terminali cortissimi, per essere innestati in degli appositi connettori, 
con un contenitore cilindrico plastico, marrone. Erano gli 1N82A; ne presi un po”, convinto che un 
giorno li avrei usati per chissa quale strana applicazione. Dopo aver visionato il datasheet scoprii che 
erano in realta dei diodi mixer adatti per le bande VHF/UHF. Avevo a disposizione anche i classici 
OA90, OA95, AA117, e 1N542. Dopo aver montato un primo prototipo di galena ho provato tutti questi 
diodi, scoprendo che la situazione era talmente tanto critica che solamente due degli esemplari di 
1N82A permettevano un ascolto soddisfacente in cuffia. Nel tentativo di fare tutte le prove possibili per 
migliorare al massimo la mia radio, ho deciso di acquistare un po’ di diodi RF, del tipo “mixer” o “zero- 
bias”, a bassa tensione di soglia, e di cercare il migliore tra questi. 


3. Alla ricerca del “diodo migliore” 


Per riuscire in questa impresa ho pensato di non fare 
troppe cerimonie, testando magari il diodo in “circuiti 
equivalenti” a quelli della mia radio, ma di fare alcune 
misure collegando il diodo nello stesso circuito nel quale 
poi l'avrei usato: la mia radio, appunto. Per provare age- 
volmente tutti i rivelatori candidati ho saldato dei cocco- 
drilli come in Figura 15. Dopo qualche prova preliminare 
con l'oscillatore modulato mi sono subito reso conto che 
la misura del segnale rivelato dopo il filtro di deenfasi era 
tutt’altro che banale, perché il segnale BF ai capi delle cuf- 
fie era molto distorto e rumoroso, oltre che “piccolo”. 
Dopo tante prove sono pervenuto all’allestimento del 
banco di misura illustrato in Figura 16 e Figura 17, e sche- 
Figura 15:Particolare dei coccodrilli montati maticamente rappresentato in Figura 18. 
per provare i candidati diodi 
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Fig. 3-4. Audio oscillator which can be added to the basic signal generator 
to aid in identification of the rf signal. 


goes to the volume control, but leave the other end connected. 
Solder a piece of insulated hookup wire to the free end of the diode. 
The other end of this wire is soldered to the pin on the earphone 
jack that was formerly connected to the speaker. Solder another 
piece of insulated wire to the point on the circuit board where the 
free end of the diode used to be. The other end of this wire is 
connected to the remaining pin on the earphone jack that used to be 
connected to the innards. Now, without a plug in the earphone jack, 
the pocket radio will play normally, since the diode detector is 
connected to the volume control once again, although now through 
the contacts of the earphone jack (see Fig. 3-5). 

For the third step, cut the earpiece off the end of its cord. Strip 
the ends of the wires, and with an ohmmeter or continuity checker, 
find out which of the wires goes to the inner pin of the jack, and 
mark it. The other lead is the ground connection, which can be 
connected to an alligator clip. Solder one lead of a 1 uF capacitor to 
the “hot” lead. This capacitor will keep stray dc voltages out of 
your pocket radio, thus preventing premature trauma. The free end 
of the capacitor is the probe tip, and is to be connected to the 
equipment under test, wherever you suspect audio should be. With 
the earphone plug inserted in the jack, and the probe connected to 
the circuit under test, you should now hear the desired signal. The 
lead with the capacitor can be built into the plastic end of a 
discarded ballpoint pen, to make a neater probe tip. The voltage 
rating of this capacitor must be higher than any voltage you have in 
the equipment under test. For tube type receivers, 600 volts is 
usually adequate, while a 50 volt capacitor is adequate for transis- 
tor receivers and hi-fi gear. 

If you're going to run the pocket radio from its own battery, 
this step may be omitted. If you would like to run the pocket radio 
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Figura 16: Banco di misura. Figura 17: Vista superiore del banco di mi- 
sura. 


Le impostazioni degli strumenti, in parte gia presenti in Figura 18, sono: 
e Generatore di funzioni: segnale di uscita sinusoidale, ampiezza 400mVpp (con uso dell'attenua- 
tore di 30 dB), frequenza 1kHz, senza offset; 
e Oscillatore modulato: ingresso per modulazione esterna selezionato, frequenza (misurata con 
l'oscilloscopio) di 88 MHz, attenuatore regolato per la massima ampiezza del segnale d'uscita; 
e Noisemeter: amplificazione 1mV fondo scala, filtro CCIR inserito. 
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Figura 18: Schema del banco di misura messo a punto. 


Gli accorgimenti che mi hanno permesso di ottenere un segnale rivelato pulito sullo schermo dell’oscil- 
loscopio sono stati: 


e La sistemazione dei cavi di collegamento lontano dalla galena. 


e La scelta di un segnale di modulazione esterno perché quello generato internamente e distorto. 


L’ampiezza del segnale modulante è stata scelta la massima possibile per non avere sovramo- 
dulazione; 


e La scelta di un segnale di 88MHz per l'oscillatore modulato perché il segnale dello strumento a 
quella frequenza e più ampio. In ogni caso non sarei mai riuscito a sintonizzarmi sull’estremo 
alto della gamma con le capacità parassite aggiunte dai coccodrilli di Figura 15; 

e Il doppio filtraggio del segnale audio ottenuto sia con un circuito accordato alla frequenza di 
1kHz, collegato all’uscita della radio, sia con il filtro CCIR del noisemeter. La frequenza di lk Hz 
e stata scelta perché la curva CCIR non amplifica né attenua a questa frequenza. Ho prediletto 
poi questo filtro del noisemeter perché é quello che presenta il maggior filtraggio della banda 
audio. 


Figura 19: Vista frontale dell’accoppiamento fisso Figura 20: Vista laterale dell’accoppiamento fisso delle bo- 
delle bobine. bine. 


Prima di eseguire le misurazioni ho atteso piu di 20 minuti per permettere a tutti gli strumenti di “ri- 
scaldarsi”. 
Per ottenere delle misure coerenti tra un diodo e l’altro ho agito in questo modo: 

e Per prima cosa ho fissato la bobina d’antenna alla bobina di sintonia per mezzo di tre spezzoni 
di tubetto di plastica (ex contenitore di inchiostro di penna Biro) incollati con colla termica, come 
indicato nelle foto di Figura 19 e Figura 20. In questa maniera l'accoppiamento tra L1 e L2 e stato 
sempre lo stesso per tutti i diodi; 

e Ho inserito nel circuito dapprima il diodo 1N82A, che ho scelto come riferimento; mi sono ac- 
certato che il massimo segnale udito in cuffia durante l'operazione di sintonizzazione corrispon- 
desse alla massima ampiezza del segnale sinusoidale misurato con l'oscilloscopio e con il noise- 
meter; 

e Ho eliminato le cuffie perché tendevano a sporcare il segnale; dopo di che ho misurato tutti gli 
altri diodi; 


e Ogni volta dopo aver inserito un nuovo diodo ho risintonizzato il ricevitore fino ad ottenere la 
massima deviazione dell'indice del noisemeter; 

e Prima di misurare un nuovo diodo ho rimisurato l'1N82A per accertarmi di riottenere lo stesso 
valore letto dopo la prima misurazione; 

e Ho eseguito le misure una di seguito all'altra, senza toccare i cavi di collegamento e restando 
seduto sempre nello stesso punto, onde evitare di variare gli accoppiamenti capacitivi tra il mio 
corpo e la radio ed 1 cavi; 


Vi faccio presente che l'ingresso del noisemeter è ad alta impedenza (1 MQ), quindi tutte le misure della 
Tabella 1 rappresentano i valori del segnale ad 1kHz misurato all’uscita della radio come se fosse “a 
vuoto”. L'inserzione di un resistore da 4.7kf2 per simulare il carico introdotto dalle cuffie ha avuto come 
effetto quello di ridurre troppo l'ampiezza del segnale in uscita, rendendolo ancora più rumoroso; 
quindi non l'ho usato. In ogni caso il filtro passivo ad 1kHz, che idealmente non avrebbe dovuto “cari- 
care” il circuito, ha ridotto di molto l'ampiezza del segnale rivelato, segno che, in realtà, un piccolo 
carico era comunque introdotto. Per questa ragione, onde visualizzare un bel segnale sullo schermo 
dell’oscilloscopio, ho adoperato l'uscita del noisemeter, che può essere usato come amplificatore cali- 
brato. Un esempio del segnale demodulato si può intravedere sullo schermo dell oscilloscopio nelle foto 
di Figura 16 e Figura 17. Ho adoperato anche l'oscilloscopio perché il Radford e un voltmetro a vero 
valore efficace, e avrebbe potuto fornirmi un massimo di tensione laddove in realtà l'ampiezza picco- 
picco del segnale rivelato non era massima. Con l'uso del noisemeter e dell’oscilloscopio ho potuto con- 
trollare volta per volta che il massimo segnale rivelato (Vpp) coincidesse con la massima deviazione 
dell'indice dello strumento. 

Ad essere rigoroso avrei dovuto adattare l'impedenza di uscita dell’oscillatore modulato (509) all'im- 
pedenza della piattina, che si aggira intorno a 3000. Ho deciso di non farlo perché l'adattatore d'impe- 
denza fornito insieme all’oscillatore modulato, essendo passivo, riduceva di molto l'ampiezza del se- 
gnale generato. Il ricevitore ha comunque funzionato bene anche senza adattatori, segno che il disadat- 
tamento del circuito era trascurabile. 

Nella Tabella 1 ci sono tre colonne, ed ogni colonna si riferisce alla misura di un esemplare del diodo 
indicato nella corrispondente riga. Questo perché, laddove il portafogli me lo ha consentito (alcuni di 
questi diodi sono piuttosto costosi) ho acquistato tre esemplari dello stesso diodo, sulla scorta del fatto 
che dei sei diodi 1N82A che avevo, soltanto tre hanno funzionato a dovere, mentre soltanto due erano 
utilizzabili come rivelatori. Ho rieseguito le misure per più di una volta, ed i valori riportati sono da 
intendersi con una “precisione” (accuratezza) di 0.05mV, sp in più o in meno. 

Le misure riportate mi sono servite quindi per vedere quali tra i diodi provati mi fornisse, nelle stesse 
condizioni degli altri, un segnale rivelato più ampio; non si deve quindi andare a guardare il decimo di 
milliVolt in più o in meno. Inoltre può essere accaduto che, per i diodi dei quali ne ho acquistato un solo 
esemplare, me ne sia capitato uno un po” sordo, ma non è detto che questa sia una prerogativa di quel 
particolare modello di diodo. 

Dopo aver eseguito le misure ho guardato la tabella, ed il vincitore come miglior diodo rivelatore si è 
rivelato essere il... SMS7630-001! Meno male, dovrei dire, perché 1'1N23A, 'MA423A e I’1N405A costano 
15 euro l'uno! L” SMS7630-001 invece mi è costato solo 1 euro. In realtà questo era il risultato che speravo 
di ottenere, perché dimostra che, per realizzare un'ottima galena, possono andare bene dei diodi di 
moderna concezione, e che quindi non si deve andare alla ricerca di chissà quale esoterico surplus da 
chissà quale negozio e/o fiera. 


| IN82A | 080 | 085 |  - | 
| DDC2353 | 100 | 097 | - | 
| ND4991 | 100 | 097 | - | 
| SMS7630-001 | 150 | 150 | - | 
| BATIZ04 | 0 | 0 | 0 | 
| OA | 010 | 010 | - | 
| 1IN94 | 0 | 0 | - | 
| N68 | 0158 | - | - | 
| IN7%A | 080 | - | - | 
| IN23A | 080 | - | - | 
| MA423A | 07 | - | - | 
| IN405A_ | 087 | - | - | 


Tabella 1: Misure del segnale rivelato con i diodi. 


Guardando poi i datasheet dei diodi della Tabella 1 risulta chiaro perché 1'5SMS7630-001 sia il migliore: 
e quello che presenta la più bassa tensione di soglia, ma anche la più bassa tensione inversa! Cosa che 
mi ha costretto ad aggiungere un 1N4148 in parallelo all’uscita. Ho aggiunto questo diodo dopo aver 
fatto “il servizio fotografico” alla radio, ed e per questo motivo che non e presente nelle foto. 


4. Taratura e messa a punto 


Per poter sintonizzare tutta la gamma FM 
bisogna eseguire una piccola taratura 
agendo sul trimmer tubolare. Per fare cio 
ho aperto la scatola da uno dei lati, come 
in Figura 21, ho collegato l'uscita dell’ oscil- 
latore modulato ad un filo di un metro 
circa, che poi ho avvicinato all’antenna. 
Dopo aver impostato lo strumento per ge- 
nerare un segnale modulato di 87MHz, con 
il condensatore variabile tutto chiuso, ho 
avvitato il trimmer con un tubetto di colla 
termica, per non toccarlo con le mani, fino 
ad ottenere il massimo segnale in cuffia. Il 
ricevitore e così tarato e “pronto all’uso”. 


Figura 21: Taratura del ricevitore. 


5. Prova d'ascolto 


Usare la radio è molto semplice; basta montare l'antenna come per esempio in Figura 6, collegarla alla 
radio avendo cura di posizionare in orizzontale il cavo di discesa, cosicché non possa fungere da se- 
conda antenna, calzare le cuffie e ruotare il condensatore variabile. Separare le stazioni interferenti e 
sempre possibile grazie al sistema di accoppiamento tra la bobina d'antenna e quella di sintonia, che 
permette di posizionarle anche ad angolo retto e ad una distanza di ben 5cm, come e possibile notare 
nelle foto di Figura 22 e Figura 23. 


Figura 22: Esempio di accoppiamento lasco ottenibile Figura 23: Esempio di accoppiamento minimo otteni- 
tra le bobine L1 e L2. bile tra le bobine L1 e L2. 


I risultati ottenuti variano molto in base alla posizione del radiotecnico rispetto all'antenna ed all’instal- 
lazione del dipolo ripiegato. In ogni caso con l'antenna montata nella mia stanza sono riuscito a ricevere 
un paio di stazioni, la piu forte delle quali aveva un'ampiezza di circa 60mV,,,. Con la stessa antenna 
sono riuscito a ricevere quattro stazioni collegando al posto delle cuffie un amplificatore. Con un'instal- 
lazione migliore, sul balcone, sono riuscito a ricevere cinque stazioni, tre delle quali ben udibili. 

Chi non ha gia sperimentato con una radio a galena non puo immaginare la gioia di poter ascoltare 
delle stazioni in lingua italiana, a qualsiasi ora del giorno e senza il bisogno del classico impianto an- 
tenna-terra. Un’antenna lunga almeno 10 metri e spesso difficile da installare, mentre una buona presa 
di terra e spesso impossibile da trovare, e puntualmente costringe il radiotecnico a posizionarsi in un 
punto scomodo della propria abitazione sia durante le sperimentazioni che durante le sessioni d'ascolto. 
Con un antenna compatta come il dipolo ripiegato, che include anche la presa di terra, la radio a galena 
diventa un oggetto portatile, come in effetti lo è sempre stato il circuito del ricevitore in sé. Sperimentare 
con le VHF può essere sicuramente difficile ma, a conti fatti, credo proprio che i vantaggi ottenuti com- 
pensino ampiamente le avversita con le quali ogni sperimentatore e chiamato a scontrarsi. 

Con questo non mi resta che augurarvi un buon ascolto con tante sperimentazioni attorno ad una galena 
simile alla mia e alle altre gia presentate su questo sito, sperando di esservi stato d’aiuto nel darvi molte 
idee per la realizzazione, e che la mia galena, insieme alle altre, vi abbia convinto ad avventurarvi in 
questa difficoltosa quanto gratificante impresa. 

Per eventuali ulteriori chiarimenti resto sempre a disposizione; potete contattarmi all’indirizzo email 
damiano.cirielli@gmail.com. 


Damiano Cirielli, 4/09/2017 
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Print out this page and have a go at building a crystal radio set yourself! * 


INTRODUCTION 

If you're stuck inside ona 
Saturday afternoon with a junk 
box full of electronic parts and 
nothing much to do, you can 
spend an hour or so and build 
this very simple but effective 
Crystal Radio receiver. Often, the 
satisfaction of building these 
simple radios is lost amidst the 
latest computer program or the 
latest digital marvel chip! 
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THEORY 

Briefly, a Crystal Radio receiver 
derives it energy from. the 
radiated power from the AM radio stations in your area, This energy travels in waves, and is 
induced into your Aerial/Earth wire system (more about safe Aerial and Earth wires later on) and 
then fed into the coil/capacitor circuit. This coil/capacitor combination is known as a "tank" 
circuit, because it. stores radiated energy. The coil stores this energy in a pulsating electro- 
magnetic field, while the. variable capacitor stores energy in 'an electro-static field between its 
fixed and moving sets of plates. 


The Ferrite Rod acts as a bar magnet for radio waves. concentrating them inside the turns of the 
coil. When.you turn the knob of the variable capacitor you change the value of thisdevice. 
Changing the value of the capacitor will vary the frequency at which"the Crystal Radio receives. 
When you tune into a local AM radio station, the tank circuit experiences what is called 
"resonance". This is like a musician using a tuning fork to tune up the strings of his instrument. 
Each string will 'resonate' with the chosen tuning fork when they are both pitched at the same 
frequency. 


In the same way, when a radio station and the Crystal Radio are tuned into the same frequency, 
resonancetakes place. This state of resonance allows for maximum signal transfer between 
transmitter and receiver. The selected frequency is then fed into the Germanium Diode detector. 
This corn portent separates (rectifies) the radio station's "carrier wave" from the program signal 
(voice and music). The rectified signal is thenfed in the Crystal Earpiece where it is converted 
into sound waves that we can hear. 


OVERLAY FOR CRYSTAL SET 


Parts List 
Dick Smith Electronics 


CONSTRUCTION 

Our radio set can be made up on a square of wood or plastic around 10cm by 12cm by 1cm. If 
you or a parent can solder, then feel free to drive nickel plated nails into the wooden baseboard. 
Then you can "tin" these with a bit of solder and use each nail head as a tie point to interconnect 
the component leads. BE VERY CAREFUL with soldering tools - wear eye safety glasses at all 
times. Alternatively, you can use a screw/washer combination with the DSE plastic baseboard. 
These should be the #4x9mm screws and the washers around 5mm in diameter (see parts list). 
If you decide to solder, take special care with soldering the Diode and the solder tags from the 
Variable Capacitor. The Diode should only be soldered by using a heat sink ( a simple device that 
will draw any excess heat away from the Diode itself) and this can be a crocodile clip attached to 
either end of the Diode's leadouts (close to the glass bulb) during soldering. The caseing of the 
Variable Capacitor is made of plastic, and any excessive heat applied during soldering may well 
melt a part of this fragile case. 


You can use other coils in this simple Crystal Radio design. You can either wind an air-cored coil 
(if you can't get hold of a Ferrite Rod easily) as shown below (comprised of the same number of 


http://www.angelfire.com/biz2/radiosets/fwrae.htm 


1/2 


11/13/2017 


BUILD A FREE WEBSITE ON - 


Angelfire é, 


design by the manikin 


Crystal Radio Sets on the Net! - Fun with Radio and Electronics! 


turns -70) wound on a paper roll tube complete with taps (at 15 turns and 25 turns) or you can 
retrieve a factory made coil from an old, disused transistor radio. This coil actually has two 
windings, and you can tune the Crystal Radio by wiring a 120pF capacitor (instead of the 
variable capacitor) across the main winding (usually 'white and black wires) and sliding the 
square Ferrite Rod up and down inside the coil former to tune in local stations (see diagram 


below). 


AERIALS AND EARTHS 


The best Aerial is one that is at least two metres high off the ground (higher if possible) and at 
least ten metres long. You MUST stay well clear of overhead power and telephone cables for 
safety's sake. The safest Earth wire is one that's connected to a cold water pipe that is 


embedded in moist soil. A garden tap fitting just outside a window is ideal. Do NOT use the earth 


pin of a 240 volt power outlet, nor a hot water pipe, nor a gas pipe, as these are all unsafe to 
use as Earth connections, and may well result in electrical shocks or explosions occuring. 


to O £ A tags 
on wad 


Diode tap 
25 turns 


Aerial tap 
15 turns 


to G on VC1 E 
ne Et | Earth/Earpiece 
secas connection 


open or “air cored” coil former 
with windings - paper roll tube 
(30mm diam x 80mm in length) 


DO NOT operate this Crystal Radio receiver during an electrical thunderstorm. 


side the 
Ferrite Rod 
to tune 


to Aerial 


Ceramic 
Capacitor 


to 
to Earth Earpiece 


factory made coll retrieved 
from old transistor radio 
(R5100 from DSE) 
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Just for Fun: Crystal Radios 


Many years ago, one of my sons asked how a radio worked, and | suggested that the best way to answer his question was for us to build a crystal radio, as | had when | was 
about his age. As it turned out, it wasn't quite as easy as | had remembered, largely because some of the key components are much harder to find now. But, we found the 
parts, had a lot of fun and learned some things. 

A couple of years after we built our first radio, we learned about a great organization, the X-tal Set Society (http://www.midnightscience.com). The Society has a web site, 
publishes books and a newsletter with lots of plans, and sells many of the hardest to find parts, as well as complete kits. If you are at all interested in crystal radios, be sure to 
visit the web site and buy some books and parts! 

Here is some of what we learned and plans for the radio we came up with: 


What does this have to do with proteins”? 


The truth is that many distinguished protein scientists have had very successful careers without knowing much about crystal radios! But, there is a bit of a connection. NUR 
spectroscopy, which is one of the most powerful modern tools for studying protein molecules, uses some of the same technology as radio communication. In fact, the circuitry 
of an NMR probe is almost identical to that of the tuning circuit for a radio, as described below. 

Now, this may not be a sufficient motivation for you to learn about crystal radios, especially if you found this web site in the hopes of learning something about proteins. In this 
case you should probably take a look at some of our scientific publications (publications.html). 


Introduction 


The distinguishing feature of a crystal radio is that it requires no electric power: The sound is generated from the energy of the radio waves themselves, without any 
amplification. The audio signal is weak and is only powerful enough to drive earphones, but the sound can be wonderfully clear. 

In the early years of the 20' century, crystal sets were the first radios in many homes. Even after radios with vacuum tubes (and then transistors) became widely available and 
relatively inexpensive, building a crystal radio was a very common introduction to electronics for many kids. 


The Crystal 


As suggested by the name, the key component is a crystal. Originally, the crystal was a mineral called galena. When a metal wire is brought into contact with galena, a 
rectifying junction is formed. That is, electricity flows through the connection with lower resistance in one direction than in the other direction. This provides a way of converting 
the high frequency AM radio signal into the much lower frequency audio signal that is then converted into sound in the earphones. Extracting the audio signal from the 
modulated radio signal is called "detection", and the crystal with the wire that touches it (called a "cat's whisker") is a "detector". The picture below shows a crystal detector | 
built, along with its modern equivalent, the diode. 


This is not an exact reproduction of an antique detector, but it is similar in style and serves the same functions of holding the crystal steady and allowing the cat's whisker to be 
carefully positioned. Not every position on the crystal will work, and it takes lots of patience to find a good spot and carefully adjust the cat's whisker for the best signal. Each 
crystal is different, and some work better than others. When radios were first installed on ships, each operator would often have his own favorite crystals that he would carry 
with him from one ship to another. 

In the 1920's crystal detectors were largely replaced with vacuum tubes, which amplified the signal as well as detected it. During World War II, however, the crystal detector 
was brought back to prominence as a key component in the very high frequency circuits necessary for radar. Through a great deal of fundamental research in solid-state 
physics, methods were developed to reliably produce efficient detectors that did not require any of the fiddly adjustment of the original devices. Solid-state diodes became 
essential components of nearly all electronic devices, and most crystal sets are now built using readily available germanium diodes, like the one shown above. (A package of 
10 can be bought at Radio Shack for about a dollar.) If, though, you would like to build a radio with a real crystal, galena crystals and wire for the cat's whisker can be 
purchased from the X-tal Set Society. 

After World War II, the diode and the knowledge of solid state physics that was gained in developing it became the basis for the first transistors. Transistors, in turn, led to 
integrated circuits, and integrated circuits, of course, led to inexpensive computers and all of the other electronic marvels we now take for granted. The simple crystal detector 
is the direct ancestor of modern solid-state electronics. 


The Tuning Circuit 


The second major requirement for a radio receiver is a means of separating out signals with different frequencies, i.e. tuning in different stations. The simplest efficient circuit 
for this purpose consists of just a coil of wire and a capacitor connected in parallel, as shown below using the standard symbols for electronic components. 
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Capacitor 


Coil 


Typically, the coil for a crystal radio is formed by wrapping a single layer of enamel-coated copper wire over a cardboard or plastic tube a few inches long and an inch or two in 
diameter. The coil has a very important electronic property: Although direct current passes through it with low resistance, its resistance to a current that rapidly changes 
direction (an alternating current) increases as the frequency of the reversals increases. (The resistance to an alternating current is more properly called "impedance".) The 
impedance depends on the dimensions of the coil and the frequency of the current. 

As indicated by its schematic symbol, a capacitor in its simplest form is composed of two metal plates separated by air or some other non-conducting material. This may seem 
like an odd arrangement for an electronic component, since it doesn't look as though electricity could pass through it. Indeed, direct current can't. But, an alternating current 
can. The impedance of a capacitor decreases as the frequency increases; exactly the opposite of the effect of a coil. 

Now, think about what would happen if the circuit was connected to currents of different frequencies. At a very low frequency, the current will pass readily through the coil, but 
not the capacitor. At very high frequencies, the current passes through the capacitor but not the coil. For a given combination of coil and capacitor, there will be a magic 
frequency at which the impedance of the circuit is a maximum. At this frequency, electrical charge alternately builds up on the two plates of the capacitor and flows back and 
forth through the coil. The circuit is said to "resonate", just as a weight on a spring will resonate at a characteristic frequency. 

In a radio, one side of the tuning circuit is connected to an antenna. For maximum efficiency, the other side of the circuit is connected to a metal rod or pipe buried in the 
ground. Radio waves are converted into alternating electrical currents in the antenna. Signals with frequencies that are higher or lower than the resonant frequency pass 
through the tuning circuit to the ground. (If the radio has a means of amplifying the weak signal from the antenna, as all modern radios do, the ground connection isn't 
necessary.) If, however, there is a signal that matches the resonant frequency, the energy of this signal can be drawn off to create the audio signal. In a simple crystal radio, 
the crystal detector and headphones are connected to the tuning circuit as shown below: 


ZN Antenna 


SEs eS 
Headphones 


Ground 


Detailed instructions for building a radio based on this circuit can be found below. 

If the radio is to receive signals of more than one frequency, there has to be a means of adjusting either the coil or the capacitor. An adjustable coil can be made by scraping 
the enamel insulation off of the wire along a section of the coil running along its length and then arranging a slider that can be moved to contact the coil wire at different points. 
This is the method used in our radio, as shown in the picture below: 


There are also adjustable capacitors. These usually have two sets of metal plates, one of which is mounted on a shaft that is turned to adjust the overlap between the two 
sets, as shown below: 
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Capacitors suitable for AM radios aren't so easy to find anymore, but the X-tal Set Society (http://www.midnightscience.com/catalog5.html) has found someone to manufacture 
them, and they are available for a quite reasonable price. Using one of these, you can build a crystal radio without having to make a slider, or you can build a set with both 
components adjustable. The latter option makes it possible to cover a wider range of frequencies and can increase the sensitivity of the set. 


Headphones 


The final critical component of a crystal set is a suitable earphone or pair of headphones. This isn't a easy as it might appear: The readily available headphones for portable 
radios, tape players, CD players, etc. won't work. At all. The reason is that these modern headphones are designed to be used with amplifiers and have a low impedance. A 
crystal set requires an earphone with a high impedance to match the other components of the circuit. 

There are two major alternatives. The least expensive is a small earphone that uses a piezo-electric crystal to convert the electrical signal into sound. Most earphones in 
stores are not of this type, but crystal earphones can be found at some shops that sell electronic parts for hobbyists or ordered from the X-tal Set Society, as shown on the left 
in the picture below: 


This type of earphone is found in most inexpensive crystal radio kits. Some seem to work better than others. 

Better results can be obtained using a pair of high-impedance electromagnetic headphones, as shown on the right side of the figure above. These used to be quite common, 
but, like variable capacitors, are much less so now. But, you may be able to find a pair in someone's attic or at an Army-Navy Surplus store. | bought the pair shown above at 
a surplus store in San Diego. Suitable headphones will have a DC resistance, which you can measure with a simple Ohm meter, of about 2000 Ohms. With a good set of 
headphones, the sound from a crystal set can be plenty load and surprisingly clear. 


Plans 


Here are instructions for building the crystal radio shown above, in a pdf (Adobe Acrobat) file: Crystal Radio Instructions (./downloads/radiolnstructions.pdf) 
These instructions were included in a book entitled "Crystal Radio Projects" (http://www.midnightscience.com/projbook.html) published by the X-tal Set Society. The book 
includes lots of other radio plans, most of which are more elaborate than this one. 
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DETECTOR Ly EXTERNAL 


from the volge in the gear under test, this formula can be used to 

find the right value of dropping resistor: 

(Available Voltage) — (Voltage Needed) 
Receiver Current 

For example, if your pocket radio needs 9 V to operate, and 12 V is 


available, and the pocket radio draws an average of about .010 A, 
then by plugging the numbers in: 


Resistance = 


129 _ 3 
SL Si = 3000 resistance needed 

The wattage needed for the resistor can be figured by the 
formula IR = P; that is, the current multiplied by itself, times the 
resistance, gives the needed power rating in watts. In the example 
above, it would be (.01) x (.01) x 300 = .03 watts. A % watt 
resistor would give a more than adequate safety margin. If you’re 
planning to use a 150 V supply to run the pocket radio, a 14.1 kQ at 
1.4 watts is the calculated value, and 15 kQ at 5 watts is adequate 
and a practical common value. This resistor is connected between 
the positive terminal of the battery holder and the supply voltage 
point, as shown in Figs. 3-6 and 3-7. Also, see Fig. 3-8. 

Once completed, the pocket radio can be used normally, and, 
by just plugging in the earphone plug/test probe, it becomes a 
signal tracer or audio amplifier. 


AN AUDIBLE LOGIC PROBE 

The most serious short-coming of conventional logic probes is 
the need to watch for signs of a change. It's not always convenient 
to be watching the probe during a test. 

This unit gives an LED indication of the static state of the line 
under test. When the LED is lit, the line is logic state “1.” Any 
logic transition which lasts at least 50 nanoseconds is detected, and 
an audio beep is generated. Both a “1” to “0” and a “0” to “1” 
transition are detected. 


Construction 


My unit is built on a perforated epoxy board. Discrete compo- 
nents are mounted on a 16-pin header which plugs into an IC 
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JC Bose patents radio wave detector, September 50, 1901 


Jessica MacNeil -September 30, 2017 


1 Comments 
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wavelengths in the 1860s, and in 1888 Oliver Lodge and Heinrich Hertz verified it, along wires 
and in free space. After reading about their experiments, JC Bose, a professor of physics at 
Presidency College in Calcutta, India, reduced the waves to about 5mm to study them. 


He developed the use of galena (lead sulfide) crystals contacted by a metal point for detecting 
millimeter electromagnetic waves, and filed patent 755840, for a "Detector for electrical 
disturbances" in 1901. It was the first device to use a semiconductor junction to detect radio 
waves. 


Bose created a portable device to study the optical properties of short waves, which incorporated 
the earliest waveguide and horn antenna. lt would be more than 30 years before more research 
and analysis was done with the now widely-used horn antennas. His use of dielectric lenses, 
polarizers, prisms, and semiconductors at frequencies as high as 60 GHz, were also well ahead 
of his time. 
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Bose's 60-GHz microwave apparatus at the Bose Institute in Kolkata, India. 
Source: Wikipedia user Gangulybiswarup 


Ina 1895 demonstration, he used electromagnetic waves to ignite gunpowder and ring a bell from 
a distance, reported to be nearly a mile. In 1897 Bose presented his microwave experiments at 


the Royal Institution in London (see the photo and diagram below). 


ei ` 
. $ 
a: ay = 


{ 
: a 


R, radiator ; S, spectrometer-circle ; M, plane mirror ; C, cylindrical mirror; p, totally 
reflecting prism; P, semi-cylinders; K, crystal-holder; F, collecting funnel 
attached to the spiral spring receiver ; £, tangent screw, by which the receiver is 
rotated ; V, voltaic cell ; r, circular rheostat ; G, galvanometer. 


He founded the Bose Institute in 1917 in Calcutta where some of his original instruments and 
devices are displayed. Bose spent much of his later career studying the effects of electromagnetic 


radiation on plants. 
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Much of Bose's component technology would eventually be used to develop microwave radio 
transmission. For his pioneering work in quasi-optic millimeter wave research, IEEE has called 
him the father of radio science. According to a 1997 Microwave Symposium Digest publication, 
"He developed an elegant millimeter wave spark transmitter, self recovering coherer detector, wire 
grid polarizer, cylindrical diffraction grating, dielectric lens and prism, rectangular waveguide, horn 
antenna and microwave absorber, for the studies of reflection, refraction, absorption and 
polarization of millimeter waves and its application to wireless remote control for firing a gun." 


References 


1. The work of Jagadis Chandra Bose: 100 years of mm-wave research 
2. Semiconductor Rectifiers Patented as "Cat's Whisker" Detectors, Computer History 
Museum 


Also see: 
e Popov demonstrates radio receiver, May 7, 1895 
e Tesla gives 1st public demonstration of radio, March 1, 1893 
e Teardown: Maxwell's equations 


For more moments in tech history, see this blog. EDN strives to be historically accurate with 
these postings. Should you see an error, please notify us. 


Editor's note: This article was originally posted on September 30, 2013 and edited on September 
30, 2017. 
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J.C.Bose was really a wonderful genius! He was 
ahead of time with most of his ideas. 

The sad part is that he worked in India, then a British 
colony. This fact caused that his wonderful work was 
"out of sight" in Europe nd the U.S. Then most of his 
ideas if ever found were stolen and copied. Others 
gained money while he used his modest wealth to 
establish the first college in India where math and 
physics were taught. 
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Introducing the Traveler If AM Band Crystal Radio 


Traveler Il Traveler Il 
Special Edition 


The Traveler II and the Traveler II SE are electronically the same radio. The only 
mechanical differences between the two sets are: 


l. 


The Special Edition model uses an 8:1 planetary drive capacitor for the detector tuner, 
whereas the Traveler II uses a direct drive unit. 


The Special Edition model uses a 6:1 dual-gang planetary drive capacitor for the antenna 
tuner, whereas the Traveler II uses a direct drive dual-gang unit 


. The Special Edition unit uses dial pointers and more expensive new old stock (NOS) knobs 


to take advantage of the additional band spread of the planetary drive capacitors. 


Both Sets have the following features: 


l. 


For portability, they are built in a tough ABS box that measures approximately 7-7/8" x 4- 
1/4" x 2-1/2". An assembled unit weighs approximately 1 pound and 10 ounces. 


A cast acrylic dial plate that is reverse engraved (engraved on the back side of the dial plate 
so that there is no ink to wear off. 


. The high quality plated binding posts will accept many ways of making connections, 


including holes that will accept pins from the old-style magnetic headphones. 
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. The 1/4" phone jack automatically switches the audio output from the binding post circuit, 
containing a 47 K resistor, to the phone jack when the headphones are plugged in. The 
binding posts work great for very high impedance headphones, such as the included ceramic 
earphone, while the phone jack can be used for lower impedance headphones or even a 
speaker — for those extra strong signals. 


. These sets use high Q ferrite Litz coils that are wound with 175/46 Litz wire and have a 
quality factor of 620 @ 790 KHz 


. The Traveler uses the very popular Tuggle front-end circuit that is valued for its fine 
selectivity. 


. Variable inductive coupling is provided, a feature seldom found on a receiver of this size. 


. Crystal Radio Supply's exclusive 2:1 reduction gear box provides a full 180 degrees of 
variable coupling for a 90 degree change in coil orientation. It is made from high quality 
Delrin gears and a marine-grade HDPE housing with all-brass hardware and a spring-temper 
bronze brake. This provides precise tuning as well as resetting of your inductive coupling 
when you return to a station. 
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Fig. 3-6. Battery terminals with 
added dropping resistor. 


socket. Sockets are mounted by installing printed circuit board 
eyelets under pins 7 and 14. Each eyelet is peened in its hole by 
using opposing automatic center punches. The sockets are 
mounted, and pins 7 and 14 are soldered to the eyelets. The rest is 
a simple wirewrap job. 

It is possible to run the device from batteries, although the 
current is a bit high (about 70 mA). Rather than use batteries or 
steal power from the circuit under test, I decided to include a small 
power supply. Everything is mounted in a small phenolic box. 


Operation 

There is no special procedure. Simply connect the input to the 
line to be monitored, and a ground between this device and the one 
under test. Once connected, an audible beep will be heard 
whenever the line pulses or changes state. The LED indicates the 
line’s static state. 


Theory 
The input is squared by (Schmitt) IC1A, which is also the LED 


i P PITA LAS E ES 


Fig. 3-7. This photo shows the dropping resistor connected to the positive 
battery terminal, and the lead from the volume controltothe external jack. 
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Care of the Front Panel 
The Front Panel on your Traveler II Crystal Radio Set is made from High Quality "Cast 
Acrylic". This grade of Acrylic 1s superior over other grades of acrylic and will still look 
beautiful after many years of service if the following simple precautions are observed: 
1. Do not use paper towels to clean your front panel as this may cause scratches. 


2. Use a soft cotton fabric such as that from a cotton T-shirt. 


3. To remove fingerprints and smudges, clean your panel with isopropyl alcohol (rubbing 
alcohol) that can be found at most pharmacies. 


4. Do not use detergents. 


5. Do not touch the front of your panel; only handle it by the edges. 
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Assembly Instructions for the Traveler II Crystal Radio 


Capacitor identification and preparation 


Step 1. Step 2. | 
On the bottom of C1, install a #6 solder lug On the back of C2, mount a #6 solder * 
using a #6 fillister head screw. Fillister head lug on top of a 1/4" long nylon spacer 
screws are the ones with the thick round heads. using a 3/8" long +6 nylon screw. 

Step 3. 


In the bottom center hole on the back of C2, install a 
#6 solder lug using a +6 fillister head screw. Bend the 
solder lug up slightly as shown. 
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Step 4 
Use two 3/16" long +6 flat head screws to mount each 
capacitor 


aft in the center hole of ine ; 
x Es screw with a lock | 
her and nut in the anes hole j 


use a 1-1/2" flat head brass screw 
with a lock washer and the threaded 
nylon spacer in the top hole. 


te 
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In the steps below, when handling the dial plate do not touch the face. Only handle by the edges 


Set the lid assembly on top of the box while you perform the next step. 


Step 6. 

Place the dial plate on the box lid as shown and start two 1/4" #6 round head screws in the bottom 
capacitor holes. These screws will secure the bottom of your dial plate to the box lid. Leave these screws 
loose for now; do not tighten. 


Step 7. 

Install the binding posts as shown on page 1. Observe the dissembled binding posts above. The large 
section goes on the top side of the lid and all the other parts are installed on the bottom of the lid in the 
order shown from left to right. Do not install the last two parts on each binding post until after the next 
step. (The solder lug and one of the nuts.) 


Page 8 


The Traveler ll Crystal Radio - Kit Instruction Manual 


Step 8. 
As shown above insert a small screwdriver thru the holes in the binding posts and hold them in the above 


vertical alignment while you tighten the nut on the bottom of each binding post. 


You can also tighten the bottom capacitor screws at this time. Be careful and do not over-tighten as you 
may damage the dial plate. 


Step 9. 
Now install a #10 solder lug and brass nut on each binding post and tighten them down with the solder 


lugs pointed in the directions shown above. 
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Installation of knobs and pointers. 


Step 10. 
Make sure the two coils are parallel to each other then install the "Coupling" knob with the line pointed at 
the “100” mark on the dial. 


Step 11. 

Fully close the tuning capacitors C1 and C2 and for the Traveler II SE, install the dial pointers as shown, 
pointed at the zero mark on the dial plate. (If you have the Traveler Il, instead of the dial pointers, install 
the knobs with the white line aligned to the zero marks.) 

Do not over tighten the dial pointers. Only tighten them enough to keep them from slipping. 


Once the dial pointers are installed, Traveler II SE owners can install their tuning knobs. (These knobs 
have no white mark.) 


The knobs and binding post will help protect the dial panel during the remainder of the assembly process. 
However, it is a good idea to lay the assembly on a soft cloth such as a cotton T-shirt. 


If you do use a cloth under the assembly, be careful and do not let it catch fire from soldering. 
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Step 12. 


Install the phone jack in the ABS box as shown with the long part of the phone jack on the bottom. Secure 
with the hardware provided. 


Step 13. 


Prepare two lengths of #24 gauge TEST LEAD wire by cutting each to the length of 3-1/4" and by 
removing 1/4" of insulation from each end. 


Prepare the following lengths of #26 gauge solid-strand hookup wire by cutting to the desired length and 
by removing 1/4" of insulation from each end. 


2 wires 4" long 
l wire 4-1/2" long 
2 wires 6" long 
l wire 6-1/2" long 
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This end of the coils This end of the coils The top coil is L2 
have lead #2 have lead #1- The bottom coil is L1 


Refer to page 6 for 
capacitors solder lug 
locations 


SAAT ALELLA 


SIA 


Step 14. Check off when each number is finished. 


Do not bend the soldered ends of the wires of coils LI and L2, as they are brittle and may break. Just 
place them in the solder lug holes and allow the solder to hold them in place. 


1. Make sure lead #1 of coil L2 is attached to the top hole of SL1 that is mounted on the coil tuning 
shaft. 


2. Make sure lead #2 of coil L2 is attached to the top hole of SL2 that is mounted on the coil tuning 
shaft. 


3. Connect one end of a 3-1/4" long Test Lead Wire to SL4 of capacitor C2 and the other end to SL1 
on the coil tuning shaft. Solder both ends including coil lead #1 from coil L2. 


4. Connect one end of a 3-1/4" Test Lead wire to SL6 on the back of capacitor C2. Do not solder. 


Connect the other end of this wire to SL2 that is mounted on the coil tuning shaft and solder this 
connection along with the coil lead #2 from coil L2. 
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. Connect coil lead #1 from coil L1 to solder lug #5 of capacitor C1 and solder. 


. Connect coil lead #2 from coil L1 to solder lug SL2 on capacitor C1, but do not solder at this time. 


Connect a 4" solid strand hookup wire to SL1 of capacitor C1 and connect the other end to the 
solder lug on binding post #2 and solder and solder both ends. 


Connect one end of a 4-1/2" long hookup wire to SL2 of Cl and solder two wires. Connect the other 
end to the solder Lug on binding #1 and solder. 


. Connect one end of a 4" hookup wire to SL6 of C2 and the other end to the solder lug of binding 


post #3. Do not solder at this time. 


. Connect one end of the 47 K resistor to the solder lug on binding post #3 and solder. Connect other 


end to the solder lug on binding post #4. Do not solder. 


. Connect one end of a 6-1/2" hookup wire to the solder lug of binding post #4 and solder two wires. 


Connect the end to solder lug #3 of the phone jack and solder. 


Connect one end of a 6" hookup wire to solder lug #6 of C2 and solder three wires. Connect the 
other end to solder lug #1 on the phone jack and solder. 


. Connect one end of a 6" hookup wire to solder lug #2 on the phone jack and solder. Connect the 


other end to the outside hole of SL5 on C2. Do not solder. 


Connect the banded end of the 1N34A diode to the bent up solder lug SL2 of C2 and the other end 
to the inside hole in SL5 and solder both ends. 


Congratulations! You have just finished wiring up your crystal radio. Just mount the lid on the box 


with the four black screws and you are done and ready to fire it up. You will be amazed at its 
accurate tuning of the full broadcast band and its outstanding ability to separate adjacent stations 
using various degrees of coupling and fine-tuning of the antenna and detector capacitors. 
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Basic Tuning Procedures 
| 


To tune across the band, set the coupling at about 50 and set both capacitors at zero. 


Slowly rotate both capacitors simultaneously keeping both pointers at approximately the same place on 
the dial. When a station is found, adjust both the capacitors and the inductive coupling for best reception. 


The less coupling, the better the selectivity. Just take your time and you will master the tuning quickly 
and will be amazed at the stations that you can dig out of nowhere. 


The Traveler II is a quality hi-performance crystal radio. However, without a good outdoor antenna and 
ground system you will never realize it's full potential. The ceramic earphone that came with the Traveler 
II is very sensitive. However they are cheap little things and do not last very long. So if you intend to use 
them, spares are recommended. 


It is recommended that you purchase a pair of high-impedance headphones so that you can use both ears. 
A unit with an impedance of 2000 ohms or more is recommended. Normally headphones of the magnetic 
type can be purchased used or NOS. 


Typical Antenna Installation 


Antenna rope: 


Leave slack, so 
tree can sway in 
the wind. 


Antenna wire as long 
and as high as possible. mulao 


Insulator \ 
Antenna rope ; 


N Antenna lead-in to radio antenna connection. 


_~ Ground lead-in to radio ground connection. 
y 


Ground rod 


Metal cold water pipe may be used instead of 
a ground rod. (Do not connect to gas line.). 


For safety purposes, a lightning arrestor must be installed in the lead-in wire. If not, remove the lead-in 
wire from the house when not in use or at least during thunderstorms. 


To increase your antenna’s length, you can extend it to additional insulated supports — it need not run in a 
straight line. The length of your antenna greatly affects the performance of your set. A 100 ft or more 
antenna 1s considered very good. However, everyone does not have room for a long antenna. In most 
cases, you just put up the best antenna you can and that 1s the performance that you get. If you can only 
get up a short antenna, you can help match it to the radio by adding a coil of wire to the lead-in wire. 
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Fig. 38. This photo shows the , diode detector (nestled snugly between Wio 
i-f cans) and its lead (going to the jack). 


the exclusive OR gate, IC2. When the input changes state, the two 
signals applied to the exclusive OR gate will be different for a 
period equal to the delay through IC1B and IC1C. The gate will 
pulse low for this time. After inversion by IC1D, the positive pulse 
is applied to the first half of the NE556. (1C3). This half is wired as a 
one shot with a duration of approximately one half second. The 
output of this one shot is applied to the second half of IC3, which is 
wired as an audio oscillator. When the one shot is active, it turns on 
the oscillator, which in turn drives the speaker. Changing C1 will 
adjust the duration of the beep; C2 determines the output tone. 


Troubleshooting 

During initial wiring, leave out the jumper between pin 5 of 
IC3 and pin 10 of 1C3. Che Check the power supply to be sure it is +5V. 
Plug in 1C3. The oscillator should be heard running. This is a good 
time to vary C2 if you would prefer a different tone. After the tone 
is working properly, connect the jumper between pin 5 and pin 10 of 
IC3. Plug in IC1—but not 1C2. Touch pin 12 of IC1 momentarily to 
ground. The oscillator should beep for approximately one half 
second. Cl can be adjusted to vary the beep duration. 

The LED should be lit. Touching pin 2 of 1C1 to ground should 
make the LED go out. Insert 1C2 and test the complete unit. Short 
the input (pin 2) of IC1 to ground. The LED should go out and the 
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Traveler II & Traveler HI SE Schematic 


Antenna 
WV 


BP 


Parts List 


BP — Binding post 
C1 — 365 pf, two-gang antenna capacitor 
C2 — 400 pf, detector tuning capacitor 
L1 — 240 uH antenna coil 
V BP? L2 — 240 uH detector coil 
D1 — 1N344 germanium diode 
Ri — 47 K resistor 
J1 — Headphone jack with normally-closed switch 
H1 — 2000 ohm ormore magnetic headphones 


Ground 


Hi-impedance headphones, such as the included ceramic earphone, can be connected across BP3 and BP4 
where R1 provides better sound quality. This resistor can be omitted or altered in value to optimize 
performance with other headphones. 


I Page 15 


11/4/2019 Crystal Radio Kit 


A note before getting into the crystal radio story. 


After | experimented with the Heathkit CR1 crystal radio and built the radio described below, | got out my old regenerative radio | 
made in 1958 and was once again astounded by how much better it performed than even the CR1. | have now come to the conclusion 
that anybody who wants to build an ultra-simple radio really should consider my Armstrong "Crystal" Radio first. 


Recently added to my website 


If you are looking to build a little radio that is as simple and as easy to build as a basic crystal radio, but 
performs many, many times better than even the best and most complex crystal radio, | highly recommend 
building my Armstrong "Crystal" Radio. There is a link to the Armstrong Radio project at the very bottom of 
the following crystal radio story. Please scroll down for the link, but I invite you to look over the pictures and 
headings to see if there isn't something that might interest you. 


If you are determined to build a tiny crystal radio with no amplification or are just interested in reading about my crystal radio and how 
| built it for its entertainment and especially for its educational value, please read on. 


A miniature, but selective and high performance 
CRYSTAL RADIO KIT 


The description of a project intended for advanced science students and hobbyists 
and containing personal and controversial opinions and thoughts that you can skip 
by John Fuhring 


A 
My tiny, but selective and sensitive crystal radio. 


Introduction 

Not long ago | rebuilt and put into operation a Heathkit CR1 crystal radio. | hadn't built a crystal radio since | 
put together my first radio when | was 10 years old, nor had | used a crystal set since | was 13. During the 
period of the mid to late 1950s, | owned at least three crystal radios of varying performance. With the Heathkit, | 
now had a crystal radio that performed far better than any of the radios that | remember using as a kid and once 
again | was struck by the magic of building and operating such an utterly simple and basic radio receiver. 
Suddenly it occurred to me that it might be fun to try my hand at designing and building my own crystal set from 
scratch. Besides that, a former grammar school teacher I'm friends with suggested to me that school aged kids 
would have a lot of fun learning about radio theory if they could build a working crystal radio and he asked me to 
come up with such a radio.. Of course, this strongly reminded me of how, in 1955, my aunt gave me crystal radio 
kit to build and how that experience lead to my lifelong interest in radio and my career in electronics. The 
memories flooded back and awoke in me that desire | think we all have and that is to pass along to others those 
things that have helped us. 


Well, | have given a lot of thought to crystal radios lately and | have concluded that the ultra-simple, very 
poorly performing crystal radios that most teachers have their classes construct are just not worth building. 
Rather than try to force kids who are just not interested in how their technological world actually works -- and 
after all, most of us only want to use technology, not design or even understand it -- | think that building a crystal 
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set should be limited to only those students who show a genuine interest in this sort of thing. In my opinion, the 
only students who should build something like this are the kids | call a school's "the scientific elite" (but who 
others would call "the nerds"). | think that building a crystal radio should be done as an individual science 
project, but not as a class project. However, and this is most important, any radio anybody builds should be 
worth building and should at least approach the performance of the Heathkit CR1. 


It soon became my goal to design a low cost, but good performing little radio that would not only be easy and 
practical to build, but would be something a young person would be proud of and want to keep and use. Of 
course, this applies to adults too, even old geezers like me. So, the following paragraphs will describe the little 
radio | have come up with. Please be aware that because the little radio is very compact, it requires some very 
careful, precision soldering using a dangerously hot soldering iron. Additionally, winding 7 feet of wire on each of 
two toroid forms is tedious and requires manual dexterity and skill. Because of these difficulties, | am very much 
of the opinion that this little radio is not a project for very young (under 12) kids. You must use your own 
judgment regarding whether or not this project is practical for you or your student(s) to build. 


Design considerations for a simple but good performing crystal radio 
Before | begin the technical phase of this article, please note that | performed several experiments with 
different kinds of wire and different detectors before | finalized the design that | will be presenting. What I'm 
presenting here is how and with what materials and components | think a builder should use for optimum 
performance. 


Here then are my design criteria: 


Any crystal radio worth building should have good selectivity. That means that you should be able to hear a 
station without the audio of an adjacent station in there too. Of course, the selectivity of any crystal radio is such 
that, if you listen closely, you will always hear a powerful nearby station in with your station, but that unwanted 
signal should be very faint. 


Any crystal radio worth building should have good sensitivity. That means that you should be able to hear 
even relatively distant and weak stations. Of course, crystal radios have no amplification and depend entirely on 
capturing enough radio energy to operate the earphone to produce sound waves. The radio must have efficient 
tuning coils, tuning condensers and a efficient detector so that the tiny amounts of energy that is picked up by the 
antenna is not wasted or lost in the radio any more than absolutely necessary. If the radio is designed properly 
with low-loss components, the human ear, with its amazing ability to hear even very low energy sound waves, 
will do the rest. 


Any crystal radio worth building should be in a pleasing enclosure or chassis that makes mounting the 
components easy, makes connecting to the antenna and ground easy, makes it easy to plug in the earphones 
and makes operating the tuning controls convenient. When the project is complete, the builder should have a 
radio that looks like a radio and something (s)he is proud of and proud to show to others. 


Certainly, the Heathkit CR1 fits these criteria extremely well and | think that the little radio | will present on this 
page fits the criteria well too. In some respects, if | may say so myself, my radio fits some of them even better 
than the CR1. 


An update as of June 21, 2017 
After exchanging some email with a reader, | have revisited my little project and have rethought some things. | 
then went in and made some simple modifications and | am extremely pleased with the results. The 
modifications work so well, | am redrawing the schematics and the improved version of this radio is what | will 
present. 


Building the radio 
List of parts: 


1) Two each, T80-15 toroid cores. ** 
2) Two each, dual section 335 X 335 PF variable tuning capacitors (670 PF total each). *** 
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3) Two each, knob and shaft extension for the above tuning capacitors. 
4) Four each, 2.5 X 5 MM countersink screws to mount the tuning capacitors. 
5) One 1N34A diode. 
6) One piezoelectric earphone (or high Z magnetic earphones) with a miniature phone plug. 
7) One panel mount miniature phone jack (to match item 6 above). 
8) One, panel mount RCA type jack. 
9) One RCA type plug with item 10 wire leads soldered to it to match item 8 above. 
10) Two each, 6" 20 Ga. colored (red & black) insulated wire leads for the antenna and ground. (Use black 
for ground) 
11) Two each, small alligator clips. Solder to the end of the above insulated wires for antenna and 
ground connections. 
12) Two pieces of 40/46 litz wire each 7 feet long. No. 30 (or larger) magnet wire can be used but 
not recommended. 
13) One 6" section No. 24 ga magnet wire for the interconnecting link. Litz wire can be used, but stiffer wire 
may be preferred. 
14) One 24,000 ohm (24K) resistor. A 1/4 or 1/8 watt resistor is recommended to more easily fit in the 
limited space. 
) One L1 coil made of 6 turns of litz wire wrapped around a wooden match stick. Cut off unused wood. 
) One 12 coil made of 12 turns of litz wire wrapped around a wooden match stick. Cut off unused wood. 
17) A single pole double pole miniature switch. 
) A small tube of RTV type adhesive. Do not use an adhesive that becomes hard because you may want 
to change coils. 
19) Metal or plastic box to mount the components. 
20) Antenna 60 + feet or as long as practical and mounted as high up as practical. 


** Use only toroids made with the -15 material. Other cores will greatly complicate winding and/or degrade 
performance. Smaller cores may be used, but the number of turns will have to be adjusted. 

*** You can use smaller values for finer tuning. For large chassis projects, conventional 360 PF air variable 
condensers are excellent and will probably give you higher 'Q' and lower signal losses. Ganging the two 
sections of the miniature condensers as | have done gives a greater tuning and antenna trim range. Since the 
tuning of a crystal radio is so broad, condensers ganged this way are still easy to adjust for maximum signal and 
minimum interference from stations off to the side. 


Total cost of parts will be about $25 -$30. 


qa LONG WIRE ANTENNA 


CRYSTAL RECEIVER 
SCHEMATIC BY JOHN FUHRING 
SELECTIVITY 


HIGH IMPEDANCE 


POWDERED IRON 
TOROID CORES 


ANTENNA 
TUNER 
GTOPF = 
STATION 
i TUNER 
E A DESCRIPTION OF EACH TORROID IS 
FOUND IN THE TEXT OF THE STORY 
GROUND 


Crystal radio schematic diagram. 


Notes 
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| originally wound the coils with No. 30 magnet wire, but was 
dissatisfied with the selectivity and sensitivity. | had never used the 
stuff before, but | Knew that a special kind of "woven" multi-strand wire 
worked best for radio coils operating at broadcast frequencies. Of 
course, l'm talking about litz (German for woven) wire that reduces 
something called the "skin effect." Because of the magnetic field that 
is generated by AC flowing in a conductor, electron flow is forced out 
to the "skin" or outermost part of the conductor. This is an undesirable 
feature of conductors carrying AC current but at 60 Hz it is hardly 
noticeable. The skin effect gets worse the higher in frequency you go 
and at radio frequencies, it is really bad causing high resistance in 
coils and ruining their 'Q' or "quality factor.” Litz wire, because it is 
made of several wires woven together, noticeably increases a coil's 'Q' 
and allows it to tune much sharper. Litz wire also reduces a coil's 
resistive losses, thereby allowing the radio to pick up faint signals. | 
rewound both coils with litz wire and as expected, noticed a big 
improvement in both selectivity and sensitivity. 


Next | experimented with detector diodes to see which kind gave the 
better sensitivity. Originally the radio used a BAT-46 Schottky diode for 
its detector. | even experimented with biasing the Schottky for 
additional sensitivity, but in the end, | replaced the Schottky detector 
with an ordinary 1N34A point contact diode. In my radio with its 
particular configuration, the old technology 1N34A diode gives 
superior performance. 


| further experimented with with the the radio's selectivity by varying 
the coupling between the two toroid coils. With toroids, it is impossible 
to get a coupling lighter than a single turn unless you put a coil, a 
capacitor or a resistor in series with the coupling loop. To get the 
maximum selectivity out of one of these radios, it is necessary to have 
fairly light coupling between the antenna and the tuning toroid coils so 
at first | tried a resistor and it worked - sort of. When | put a little coil of 
Litz wire (wrapped around a bit of wooden match stick) in series with a 
single linking coil, | noticed a profound improvement to the overall 
selectivity of the set, but not much loss of sensitivity. A second coil 
was put in with twice as many turns on its matchstick and one or the 
other is selected by a little toggle switch. When this "larger" coil is 
selected, it very noticeably improves selectivity over the smaller coil, 
but it does cut down a little on the radio's sensitivity. 


The station (detector) tuning coil is tapped 30 turns from the top so 
that 2,000 ohm magnetic headphones can be used without loss of 
selectivity. 


In my radio's present configuration, its selectivity now matches the 
Heathkit CR1, but although very good, it isn't quite as sensitive. 


Suggest layout and building instructions. 


http://www.geojohn.org/Radios/MyRadios/CRKit/CrystalKit. html 4/15 


11/4/2019 Crystal Radio Kit 


SUGGESTED PANEL HOLE DIAMETERS AND SPACING 


Measurements are approximate 


All measurements are in inches. 


Steps in building the radio 
First, shop around and pick out a suitable chassis box to put the radio in. A small box such as shown above 
will accommodate the miniature tuning condensers and the jacks for the earphone and antenna/ground RCA 
jack, however the parts will be crowded as shown in the pictures. A larger box will make assembly and soldering 
somewhat easier. A plastic box will make drilling and mounting the components extremely easy. A small 
wooden box that could be lacquered and polished might be very handsome. 


The two capacitor extension shafts should be filed down for an overall length of 0.4 inches with the mounting 
screw cut to 0.48 inches. You can leave them their original length, but the knobs won't be flush with the panel. 


This radio uses two T80-15 toroid cores that are each wound with 7 feet of 40/46 litz wire. Three turns on 
each side form a coupling link between the toroids. The station tuner coil is tapped 30 turns from the top. At 
what will be the top of this coil and with an inch of wire sticking out, square knot tie the wire to the toroid (to hold 
it in place) and then begin winding the coil while counting each turn. At 30 turns, stop winding and create a tap. 
Tapping is accomplished by simply twisting the wire for about a half inch. Carefully start winding again and 
continue to wind until all the wire is used up (about 70 more turns). When finished winding, the twisted wire at 
the tap and the wires at the ends of the coils are heated with a soldering iron until the insulation melts and then 
"tin" the wires with hot solder. 


Note that the diagram that accompanies the tuning condensers shows which of the long metal tabs are 
connected to the stator (ground) and the rotor sides of the units. These condensers have 4 trimmers built into 
them, but we will not use any trimmers so ignore (or cut off) their tabs. 


With the photos and schematic as a guide, perform the following: 
1) For the antenna tuning condenser, bend the rotor tabs over at a 90 degree angle and solder them together. 
) For the station tuning condenser, bend the rotor tabs over at a 90 degree angle and solder them together. 
) Extend the ground tabs (stators) of the two condensers until they touch and then solder them together. This 


the ground bus. 
4) Solder short pieces of bare wire from the outer shells of the RCA and phono jacks to this bus. 
5) Trim the leads to fit and solder one side of the 24K resistor to this bus. 
6) Place the other lead of the 24K resistor into the mounting hole of the ungrounded side of the phone jack. 
7) Trim the leads of the detector diode to fit and place one lead in the same hole of the phone jack with the 
24K resistor. 
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8) Solder the detector diode and 24K resistor leads from steps 687 to the phone jack. 

9) Place the station tuning coil on top of the station tuning condenser and perform the following: 

10) Solder the top of the station tuning coil to the station tuning condenser's rotor tabs. 

11) Solder the bottom of the station tuning coil to the ground bus. 

12) Place the antenna tuning coin on top of the antenna tuning condenser and perform the following: 

13) Solder the top of the antenna coil to the ungrounded lug of the RCA jack. 

14) Solder the bottom of the antenna coil to the rotors of the antenna tuning condenser. 

15) Glue the two toroids to the tops of their tuning condensers as shown. Use a silicone rubber adhesive and 
allow it to set. 

16) L1 With a 4 inch section of litz. wire, wind 6 turns on a wooden match stick and glue them down. Leave 
one end with a long pig-tail and the other end a little shorter. Trim off the excess wood. 

17) L2 With a 4 inch section of litz. wire, wind 12 turns on a wooden match stick and glue them down. Leave 
one end with a long pig-tail and the other end a little shorter. Trim off the excess wood. 

18) Solder the short end of L1 to the "wide" terminal of the switch. No stripping is necessary with litz wire. 

19) Solder the short end of L2 to the "wide" terminal of the switch. No stripping is necessary with litz wire. 

) Thread the two L1 and L2 long wires through both toroids as shown and bring them out together to the 
center terminal of the switch. Twist them together and solder them on. Remove excess wire. 

18) Solder the other side of the detector diode to the tap of the station tuning coil as shown. 

19) Solder two 3-6 inch pigtail leads on to the RCA plug for the antenna (red) and ground (black) and solder 
alligator clips to their ends. 

20) Connect the alligator clips to a long wire antenna and suitable ground, plug in the earphone and tune to a 
local station. Recheck wiring if you fail to detect a station. 


Refer to the schematic diagram and the photos below to make sure you have wired everything correctly. 
Remember that a schematic diagram is not exactly as a radio is wired, but is electrically correct and actual 
wiring must make all the connections (and no others) as shown. As long as the leads are kept short and if all the 
connections are made properly and there are no shorts to other parts of the circuit, the radio will work It is up to 
you to figure out the best routing and lead lengths for all the connections shown in the schematic. Keep in mind 
that external connections such as to the earphone, the antenna and the ground go to the earphone jack and the 
antenna jack respectively. If you are not familiar with schematic diagrams and how to wire something up using 
such a diagram, this is an excellent project for you to start learning how this is done. 


Finally, the RCA jack and the phono jack normally uses the outside shell connected to ground so that when 
they are bolted to a metal panel, they are at the right potential. If you are using an insulated panel to mount 
these jacks, it doesn't matter if the outside shell is grounded, but | recommended that you connect it this way. 
You may notice that the detector diode is shown in the schematic as "forward biased," however, it makes no 
difference (in this case only) which way you connect the diode. 


Tools you will need 

1) A low wattage soldering iron. A temperature controlled soldering station is ideal, but an ordinary iron will 
work fine. 
) A very fine needle nose plier or (better yet) a fine hemostat. 
) A small wire cutter. 
) Drill, bits and countersinking tool for cutting holes in the panel. 
) Screwdrivers to fit the various screws. 
) Pliers or wrenches for tightening the jack's mounting nuts. 
Do not over-tighten screws or nuts. 
Photos of the completed project in its tiny box 
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Plastic lid with all components mounted. The toroids are mounted with a drop of RTV. 
Silicone rubber mounts the toroids quite securely, but allows for future changes. 
Miniature tuning condensers have dual sections, each 335 PF and are ganged for 670 PF. 
The long ground tabs of the two condensers are soldered together and make a very convenient 
ground bus that the other components can attach to. 
Also shown here are L1 and L2 which are turns of litz wire wrapped on match sticks. 
This little radio will tune to the LF band below the broadcast band, but | doubt you 


will find anything down there to listen to. 
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Looking down with the phone jack at the center bottom and the RCA antenna jack on the top. 
Notice a ground bus runs in the center connecting the two condensers and that the 
other components are soldered to it. 
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The front panel. Antenna tuning on the left, station tuning on the right. 
The toggle switch controls wide or narrow selectivity tuning. 
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The completed project with a RCA plug at aching the antenna and ground. 
| think you will agree that this is a very neat little package. 
The tiny size belies its rather excellent performance. 
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Here's a picture of both my radio and the 
Heathkit CR1 showing their relative sizes 
This is an old photo before the wide/narrow 
selectivity switch was installed. 


The way this radio works is as basic as it is possible to get 
and here's how it all works: 


The setting: 

Imagine that there is a radio station 10 miles away and that it that is broadcasting radio waves at 1,400 KHz. 
Imagine that our radio station is broadcasting hundreds of watts of energy into space and that if we could 
capture just a tiny amount of this energy, it would be possible to hear what was being broadcasted. 
Imagine that we have a crystal radio like the one above connected to a long wire antenna. 


(1) The passing radio wave from our station induces a tiny high frequency voltage on our antenna wire. The 
antenna is connected to the antenna coil (coil on the left of the diagram) with its antenna tuning capacitor to 
the left and below it. 


(2) When the antenna capacitor is tuned just right so that the inductance of the coil is matched by the 
capacitance of the tuning capacitor, a tiny current from the antenna flows in the antenna coil to produce an 
oscillating (or varying) magnetic field inside the toroid core on the left. By carefully adjusting the antenna 
tuning capacitor, this oscillating magnetic field will be right in tune with 1,400 KHz and 1,400 KHz only. This 
is important because it helps separate our 1,400 KHz signal from all the others on the AM band. 


(3) The oscillating magnetic field created by currents in the antenna coil causes a voltage to be developed in the 
turns of the link coil through the principle of mutual inductance. The oscillating voltage in the link creates a 
oscillating magnetic field in the right side core the core that has the station tuning coil wound on it. The link 
isolates the two circuits so that unwanted signals are not coupled between them. 


(4) The 1,400 KHz signal that has been coupled to the station tuning coil is contained in a "tank circuit" that is 
made up of the station tuning coil and the station tuning capacitor (shown to the coil's right). 


(5) By carefully adjusting the station tuning capacitor so that its capacitance exactly matches the coil's 
inductance, a so-called tank circuit is formed. This tank circuit "resonates" or "tunes in" the 1,400 KHz signal 
and that means that it further separates our 1,400 KHz signal from all the other nearby signals. We now 
have just the radio signal we want, but we need to do more because it is impossible for our ears to hear 
radio frequency signals. 


(6) To "detect" the presence of the radio frequency signal that is resonating in the_tank circuit, the station tuning 
coil is wired to one side of the 1N34 detector diode. 
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oscillator should beep. Remove the short and another beep will 
occur. 

If you want to test its ability to capture a pulse, I suggest 
wiring a one shot (such as an SN74121) as a switch deglitcher. This 
device will capture the pulse every time the switch is pushed. See 
Figs. 3-9 and 3-10. 


TV TEST UNIT 

This is to describe a device of considerable value to the many 
hams that service TVs either in the shop or at home. It has not, so 
far as I am aware, been used or suggested by anyone else. It is 
simply a regenerative receiver set on 15.75kHz, the TV horizon- 
tal oscillator frequency. 

With it the horizontal oscillator frequency can be set correctly 
without a signal and the adjustment made in seconds without any 
doubt as to whether to increase or decrease the oscillator fre- 
quency. Many of us have spent valuable time in the shop blindly 
turning the slug in and out without the slightest idea where it 
should be for the correct frequency. If the oscillator is not working, 
there will be no signal regardless of adjustment. Adjustment of the 
horizontal oscillator in the usual manner only brings the frequency 
near enough that the sync pulse can lock it in step and thus is no 
assurance that in the free-running state it is on frequency. 

This receiver may be built into any small case such as that 
from a defunct transistor radio. lts variable condenser, audio 
amplifier and speaker may also be used if good. It may be made 
small enough to carry in a shirt pocket. 

To conserve space and avoid hand capacity effect, an 88 mH 
toroid coil was used rather than a regular horizontal oscillator coil 
which would have required some shielding. See Fig. 3-11. 


Fig. 3-9. 101: SN74132N. IC2: SN7486N. IC3: NE556. All resistors are Ya 
watt, except for the one whichis 12 watt, 39 Ohms. Power supply current is 
approximately 70 mA. 
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(7) The 1N34 diode chops off the negative part of the radio frequency wave. The detector needs to do that or 
the negative part of the wave would cancel out the positive part of the wave and nothing would be heard. 


(8) When the diode detector chops off part of the radio frequency signal, direct current audio frequency 
undulations are all that are left over from the original radio wave. These direct current audio frequency 
undulations correspond to the sound being transmitted by the station and when the wires of a very sensitive 
earphone are connected to the detector, these undulations of direct current cause the mechanism inside the 
earphone to vibrate in step with the undulations and it is those vibrations that we hear as sound. 


Here is a graphical representation of what's going on when a 
radio frequency signal is detected (turned into sound): 
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A RADIO FREQUENCY WAVE MODULATED BY A MUSICAL TONE 
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A DIRECT CURRENT UNDULATING AUDIO FREQUENCY WAVE PRODUCED BY THE 
DIODE DETECTOR. A EARPHONE WILL RESPOND AND PRODUCE A MUSICAL TONE. 


Graphs of the various waveforms seen at the tuner stage (top 
two) and at the detector stage. Unmodulated carrier waves are 
also called "continuous waves" and can't be heard by a crystal 
detector except as a kind of a very faint humming noise and a 
quiet spot on the tuning dial. AM radio stations try to avoid 
sending out unmodulated carrier waves (called "dead air") and 
so this waveform is rarely seen. More common is the 
waveform showing lower frequency sound waves 
superimposed on the carrier wave. 


The thick black line is where the voltage is zero as a carrier 
wave crosses from positive to negative. As shown here, the 
negative going parts of the wave are stopped by the detector 
diode so that positive to zero to positive undulations remain. If 
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you reverse the diode, the direct current undulations will be 
negative to zero to negative, but the same musical tone will be 
heard in the earphone. 


Crystal radios use only one half of a radio frequency's wave 
because full wave rectification is unnecessarily complicated 
and results in reducing the selectivity with little or no increase in 
sensitivity. 


The importance of a good antenna and ground system 

These radios are not connected to your house's AC power and they use no batteries. A crystal radio has no 
amplifying circuits and yet they output sound and sound is energy. Where do they get the energy to make 
sound? Do they somehow use mysterious and occult "free energy from space" or something goofy like that? 
The energy needed to run these radios doesn't cost you anything directly, but it isn't free or mysterious. The 
energy is from a tiny fraction left over from the hundreds of watts of radio frequency energy a station broadcasts 
out to space. The vast, vast majority of the energy a broadcast station radiates out of its antenna system is lost, 
but a tiny fraction of it may be picked up by an antenna at somebody's house. 


Antennas for listening to AM stations can range from tiny "loop" antennas that are extremely inefficient, but 
good enough for amplified radios, all the way to elaborate "long wire" systems dozens and dozens of feet long 
and high up in the air. The general rule was discovered by Marconi over a hundred years ago that the longer 
and higher the antenna, the better it is at capturing some of that energy that is passing by. To capture enough 
passing energy so that it can be processed by the crystal radio's components and then come out as sound 
energy strong enough to vibrate the mechanism inside the earphone, the antenna needs to be as long and as 
high as is practical. Practical is what you have room for and how high you can safely go. Practical antennas can 
be strung between poles located at the ends of a roof or from the house out to a distant tree or pole. It is true 
that antennas longer than 60-100 feet and higher than 25 feet do capture more energy, but things soon get very 
difficult and for very little extra gain at distances and heights beyond what is practical. 


In addition to a really good long wire antenna (as long as is practical as mentioned), this radio must have a 
good ground. Right now, | am using my house's wiring as a ground and it seems to work well. Water pipes, 
when available to connect to, are supposed to work even better. When using house wiring, it would be a deadly 
mistake to connect to anything but the AC ground, so be careful. 


Tuning this radio for maximum sensitivity and selectivity 
The trick to tuning this radio is to first locate a strong local station of Known frequency and tune it in with both 
the antenna tuner and the station tuning controls. Both controls should be used to peak the signal for maximum 
loudness. Once you have an idea where on the dial your station is located, move both controls to about where 
you guess the weaker station you want to listen to might be. Once there, slowly and carefully adjust the station 
tuning until you hear something and then peak it up with the antenna tuning control. You may have to go back 
and forth a few times to get maximum volume with minimum interference from nearby and stronger stations. 


The best time of the day to have fun with these kinds of radios 

During the daytime and during the summer months, about all that can be received with a little set like this, at 
least around here, is the trash in English that the local broadcasters pander to and a couple of Mexican language 
and music stations, but in the evening, electrified layers way up high in the outer fringes of the atmosphere allow 
radio waves to be bent back down to earth so that interesting stations worth listening to, but which are 200 to 300 
(sometimes even more) miles away may be heard loudly and clearly. This long distance "refraction" or bending 
of the radio waves back to earth (a process called "skip") makes it possible to hear these distant stations, but it 
isn't like listening to the station next door. This "skipping" of radio waves off electrically charged layers in the 
upper atmosphere makes these signals subject to all kinds of things including interference from even more 
distant stations, fading in and out, some strange sounding distortions and sometimes there is even an echo 
effect. These so-called "propagation effects" can be annoying, but if you just wait a few seconds or minute or so, 
the signal generally returns. 


| think that listening for yourself, to hear what Nature is doing to these signals way up in the sky, is part of 
what makes listening to the Broadcast Band at night so interesting. There is a certain randomness to this skip 
that is explained to some degree by solar astronomy and physics. Scientists and engineers all over the world 
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closely monitor our local star and measure it for electrical and magnetic activity. Reports and prediction tables 
are compiled by various scientific agencies and all this stuff is available on the Internet. When you can test these 
predictions for yourself by listening for "skip," you are participating in a scientific observation in your own little 
way. 


Building and operating a crystal radio gives insights into science and technology 
Listening to far distant stations with a crystal radio like this one shows you how ships like the Titanic could 
communicate with other ships and to shore stations hundreds of miles away with nothing more than crystal radio 
receivers. Speaking of the Titanic, two thirds of all the people on her died and only about 700 were rescued, but 
without early radios, very much like this crystal set, everybody would have died. In the 100 years since the 
Titanic disaster, just imagine how radio has connected ships, airplanes, space missions and your cellphone with 
the rest of the world. 


If you make one of these radios and actually put it to use, you will see how, with a good antenna and good 
sharp tuning circuits, individual radio signals can be picked out from the mass of signals out there and a station 
you might want to listen to can be heard from a long way off under the right conditions. For me, this is a very 
wonderful thing, especially when | consider that these radios do not amplify their signals, but use the tiny 
amounts of electrical energy that is picked up by the antenna to make sound. Such is the extreme sensitivity of 
human hearing and the amazing efficiency of the circuits, the detector crystal and the earphone, that microwatts 
of power, originally coming from a station hundreds of miles away and landing on my antenna wire, can be heard 
clearly. 


How far we have come 

When you think about it, it seems that such basic radio technology represented by this little crystal radio is 
quite old, but in fact, the first Fleming Valve and crystal radios were invented just a little over 100 years ago. 
When my mother was a girl, people were building crystal sets so that they could listen to the wonderful new 
radio broadcasts from the big cities. In a relatively short span of time, the time since my grand parents were 
young in the 1890s to my parent's time, to this very moment, consider just how far we have come with radio, 
television, GPS, cell phones, satellite broadcasting, wireless Internet, interplanetary missions to space and so 
much other allied radio technology. 


A totally irrelevant comment 

| Know that the following is irrelevant to this article, but I'd just like to say that compared to the one tube 
(valve) Armstrong regenerative radio | built in 1958 while in the 8th grade (and without any adult help or 
supervision and the story of which is found elsewhere on my website), both the Heathkit and this little crystal 
radio really suck. It is no wonder that the crystal radio was quickly superseded by valve radios (starting about 
1919 and using Armstrong's designs) even though the early vacuum tubes (valves) were extremely expensive, 
ate up expensive batteries and quickly burned out. Yes, even by 1920 the crystal radio was technically obsolete 
and their owners started to become just a tiny fraction of the listening public that they are today. Nevertheless, 
crystal radios did not completely disappear. They have remained popular all these years and years and years 
because these little radios are easy and cheap to build and they have provided endless hours of fun and 
precious education to uncounted numbers of people over the decades. 


Why you might want to have second thoughts about building this radio 
(These are my personal opinions that you are not obliged to agree with and you may skip down if you wish) 

There is something that should be considered when thinking about having your young people build any kind 
of AM radio and what I'm referring to is the unpleasant realization that, in many places in the U.S., there is 
absolutely nothing on AM radio that is (in my opinion) good for young, developing minds to listen to. Many local 
broadcasters pander to the most disgusting right-wing propaganda and Fundamentalist religious crap. Anyway, it 
is my opinion that persons wishing to direct young people into building a simple AM radio should carefully 
monitor their local AM broadcasting for the kind of trash I'm taking about. If the local airwaves are full of this 
trash, they must ask themselves: would building this kind of a project likely help or harm their young people”? | 
think building an AM radio can have the potential to do more harm than good if your area is dominated (as mine 
is) with this sort of trash broadcasting. Now, on the other hand, if you actually WANT your kids to be exposed to 
religious or political propaganda before before their minds are sufficiently developed to resist brainwashing, then 
ignore this warning. 


Of course, this applies to adults wishing to build one of these radios too. Is it really worth the expense and 
especially the effort to build a crystal radio when there is nothing to listen to? | did it strictly for the technical 
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challenge, but certainly not to listen to local entertainment. 


All this aside, if you decide build this radio or (better yet) my Armstrong "crystal" radio, | think you will have a 
lot of fun and will learn a lot. Just remember that for about the same money you can get a MP3 player with an 
FM radio and 8 gigs of memory. While the MP3 player is a better deal, listening to it won't teach you anything 
about electronics. However, the horrible trash that's on AM radio has a well deserved reputation for making its 
listeners stupid and crass while listening to classical music through your MP3 player just might make you smarter 
and highly cultured, but it's your choice. 


Other considerations 

Finally, there are some serious downsides to building this radio you should be aware of. One downside is the 
extreme tediousness of winding the toroid coils. Let's face it, few of us have toroid winding machines and putting 
100 turns (about 7 feet of wire) on one of these cores is time consuming and boring with many a tangled wire. 
Mounting the tiny components wasn't all that difficult because the plastic box lid was very easy to drill, but it was 
fine work and time consuming. The most serious downside is the very fine and very careful soldering that must 
be done to connect up all the very tiny parts. If | would have chosen a larger box to put everything in, the 
soldering wouldn't have have required so much patience and expertise, but it would still be, in my opinion, 
beyond the skill of most middle school (and younger) kids to do except under the most close and individual 
supervision especially when you consider that the young person would be handling a hot soldering iron that 
could burn him/her badly if mishandled. 


A final word 
| have to admit that with the exception of the Heathkit CR1 radio, this is the best crystal radio | have ever 
made or used and I'd say the project was a success. I'm sure that people will tell me that there are some ultra 
high performance crystal radios out there that have very sophisticated low loss coils, high quality tuning 
Capacitors and superior detectors with that could outperform this and the CR1, but | have no desire to go to the 
trouble to try to build them. 


By the way, if you build a crystal radio based on what has been presented here, please drop me a line and 
describe it to me and, if you can, attach some pictures. I'd sure appreciate it if you would tell me how much you 
look over my story of the Armstrong "Crystal" Radio before you decide to build this or any crystal radio. 

Good luck. 


The End 
Having arrived this far, obviously you have a superior attention span and reading ability that far exceeds 
that of the 
majority of web users. | highly value the opinion of people such as yourself, so | ask you to briefly tell 
me: 


Did you enjoy this article or were you disappointed? 


Or you can contact me by E-mail directly if you have any questions or comments. 


If you liked this article, perhaps you would like to read about the radio my radio is based on. 


EN o” 


The high performance Heathkit CR1 crystal radio 
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model VEC-121K 


Relive the experience of ao o; 
early radio pioneers. a o- 
Wire up the earliest o . 
radio circuit and listen 

to the magic of radio that 
needs no power. This is 
a lot more than just a E E 
nostalgic novelty -- this ==. 
little baby really works! — 
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e No soldering needed! Great educational project for kids! 


e You wind your own inductor and wire up the earliest radio 
circuit just like the early radio pioneers. 


* This humble crystal radio set uses a crystal diode detector 
designed nearly 50 years ago -- you’ll get performance that our 
earliest radio pioneers would envy. 


* Put up an antenna, connect a ground, and you’ll be amazed at 
the stations you?!l pull in and hear. 


* Includes all hardware and parts needed to build a working 
erystal radio set plus wire for an antenna and a sensitive 
earphone. 


Simple: No soldering. Requires a small 

screwdriver, wire-strippers, cutters. You 
wind your own coil. Doesn't require test 
equipment for final adjustment of tuning. 


High-performance electronic kits ... fun to build and use! 


IMPORTANT WARRANTY INFORMATION! PLEASE READ 


Return Policy on Kits When Not Purchased Directly From Vectronics: Before continuing 
any further with your VEC kit check with your Dealer about their return policy, If your Dealer 
allows returns, your kit must be returned before you begin construction. 


Return Policy on Kits When Purchased Directly From Vectronics: Your VEC kit may be 
returned to the factory in its pre-assembled condition only. The reason for this stipulation 1s, 
once you begin installing and soldering parts, you essentially take over the role of the device's 
manufacturer. From this point on, neither Vectronics nor its dealers can reasonably be held 
accountable for the quality or the outcome of your work. Because of this, Vectronics cannot 
accept return of any kit-in-progress or completed work as a warranty item for any reason 
whatsoever. If you are a new or inexperienced kit builder, we urge you to read the manual 
carefully and determine whether or not you're ready to take on the job. If you wish to change 
your mind and return your kit, you may--but you must do it before you begin construction, and 
within ten (10) working days of the time it arrives. 


Vectronics Warrants: Your kit contains each item specified in the parts list, 


Missing Parts: If you determine, during your pre-construction inventory, that any part is 
missing, please contact Vectronics and we'll send the missing item to you free of charge. 
However, before you contact Vectronics, please look carefully to confirm you haven't misread 
the marking on one of the other items provided with the kit. Also, make certain an alternative 
part hasn't been substituted for the item you're missing. If a specific part 1s no longer available, 
or if Engineering has determined that an alternative component 1s more suitable, Vectronics 
reserves the right to make substitutions at any time. In most cases, these changes will be clearly 
noted in an addendum to the manual. 


Defective Parts: Today's electronic parts are physically and electrically resilient, and defective 
components are rare. However, if you discover an item during your pre-construction inventory 
that's obviously broken or unserviceable, we'll replace it. Just return the part to Vectronics at 
the address below accompanied with an explanation. Upon receipt, we'll test it. If it's defective 
and appears unused, we'll ship you a new one right away at no charge. 


Missing or Defective Parts After You Begin Assembly: Parts and materials lost or damaged 
after construction begins are not covered under the terms of this warranty. However, most 
parts supplied with VEC kits are relatively inexpensive and Vectronics can replace them for a 
reasonable charge, Simply contact the factory with a complete descnption, We'll process your 
order quickly and get you back on track. 


Factory Repair After You Begin Assembly: <Aifs-in progress and completed kits are 
specifically excluded from coverage by the Vectronics warranty. However, as a service to 
customers, technicians are available to evaluate and repair malfunctioning kits for a minimum 
service fee of $18.00 (4 hour rate) plus $7.00 shipping and handling (prices subject to change). 
To qualify for repair service, your kit must be fully completed, unmodified, and the printed 
circuit board assembled using rosin-core solder. In the event your repair will require more than 
an hour to fix (or $36.00, subject to change), our technicians will contact you in advance by 
telephone before performing the work. Defective units should be shipped prepaid to: 


Vectronics 
300 Industrial Park Road 
Starkville, MS 39759 


When shipping, pack your kit well and include the minimum payment plus shipping and 
handling charges ($25.00 total). No work can be performed without pre-payment. Also, 
provide a valid UPS return address and a day time phone number where you may be reached. 
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INTRODUCTION 


Relive those bygone days of radio--a time almost 90 years ago, when early radio 
pioneers experimented with crystal radio receivers! Wind your own “inductor” 
coil, wire up the earliest radio circuit: and, there's no soldering needed! 
Everything is assembled on a pine “breadboard”, just like great, great granddad 
did when he was a youngster. Learn about basic radio theory. Put up an 
antenna (wire included), connect a ground, and experience the magic of a radio 
that needs no power. A special high-sensitivity earphone allows you to hear 
AM Broadcast signals from many miles away; this little baby really performs. 
The VEC-121K is a fascinating project for youngsters of all ages! 


The VEC-121K features a modern “fixed detector”, eliminating the need for 
frequent and frustrating catwhisker adjustments. A large. Hi-Q antenna coil. 
and a modern miniature Hi-Q tuning capacitor, are used for best sensitivity and 
selectivity. The high-impedance parallel-resonant tuning circuit allows a short 
receiving antenna to deliver maximum signal to the set. 


TOOLS AND SUPPLIES 


Having the right tool to do a job always makes things go better. There is no 
soldering required, and only a few basic hand tools are needed to assemble your 
VEC-121K crystal radio set. 


This 1s a list of the tools you will need: 


SAFETY EYEGLASSES or GOGGLES! Working with wires, tools and 
radio parts 1s a lot of fun. but please, safety first! Your local hardware store 
carries inexpensive safety goggles. Before you are going to be cutting or 
working with wires. hammering. handling any chemicals, or using any tools. 
put on your safety eye wear first! 


l. Phillips screwdriver. There are eight Phillips head screws included in the 
kit, and we will use this tool when it is time to mount parts on the wood 
board. Try to find a screwdriver with a shaft (the distance between the tip 
and start of the handle) that 1s at least 3” long. 


2. Long-nose pliers. These pliers have a long and tapered nose and are used 
by electricians, The long slender nose makes it easy to hold or bend a wire 
that is being worked on. 


3. Wire cutters. These special pliers have sharp cutters to cut wires. Some 
long-nose pliers styles feature built-in wire cutters. Wire cutters are 
sometimes called “nippy cutters’ or “diagonal wire cutters —depending on 
how they re made. 
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4. Ruler or tape measure. A small 12” ruler or flexible tape measure will 
do. 


5. Small penknife. A penknife, or small Exacto'" knife, is needed to scrape 
off wire insulation. If you aren't old enough to use a knife, a small section 
of sandpaper will do. 


6. Small Hammer. [t will be used with a finishing nail to mark where the 
screw holes are placed on the pine board. 


7. Small-Screwdriver or Hex-Tool. Size to fit the set screw in the tuning 
knob--depending on which type of knob is supplied with your kit. 


Radio Shack carries many inexpensive small hand tools for electronics work. 
Here are some items that will come handy: 
l. Masking tape. 


2. Cyanoacrylate adhesive. This is the fancy name for contact cement. 
which is sold as “Super Glue™” or “Crazy Glue™ ”. You'll use the contact 
cement to hold the coil windings in place. These adhesives are very strong. 
and can instantly glue your fingers together if you are not careful! If you are 
not old enough to work with contact cements, have someone who is older 
help you when gluing is directed in the instructions. The glues used to 
assemble plastic model airplanes are safer to work with and may also be 
used instead of super glue. However, they will require a longer time to dry. 
Always have an adult advise and supervise your use of any chemicals! 


WOODWORKING AND FINISHING (OPTIONAL 


Perhaps this is your first kit building experience, or your first homemade 
receiver project. If so, your VEC-121K crystal receiver will be a source of pride 
for many years to come. Before assembling this kit, you might wish to consider 
sanding and staining the pine board—this will bring out the beauty of the 
wood, and make your project look as if it was done by an “old pro”. Many 
early radios were built in what was called “breadboard” fashion. The radio 
parts were laid out on a small section of wood board. 


Early radio parts were very expensive. even a simple crystal radio set could cost 
a week's pay! Most experimenters had to improvise. Often an old breadboard 
(used to roll out bread dough) was used as a base to mount radio parts. If you 
were well-to-do, your “breadboard” was probably a fine piece of mahogany or 
walnut board! 
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Sanding: Before applying a stain finish, carefully sand the pine board using 
200 grit sandpaper. When sanding the surfaces, always sand in the direction of 
the grain to avoid scratching the wood. The two board edges that expose the 
end grains of the wood will be rather rough to the touch, and will require some 
extra sanding to produce a smooth even surface. You may have to use a 150 
grit in the beginning on the end grains. Sanding is best done outdoors. Wear a 
disposable paper dust mask while sanding. 


Finishing: Your local hardware store stocks small cans of woodworker stains. 
Either a walnut or mahogany wood stain finish is a good choice. Both oil- 
based and water-based stains are available. We suggest using a water-based 
stain for this project—it is easier to work with and easier to clean up 
afterwards. You will need a clean cloth, or staining cloth, to apply the stain. 
Follow the manufacturers directions very carefully, and read the safety 
information on the label. Use disposable latex gloves when handling stain. If 
you re too young to safely work with wood stains, ask an adult for assistance 
with this portion of the project. Always handle any chemicals with great care! 


Important Note: Once the stain is dry to the touch, the assembly work may 
begin. Before attaching the tuning capacitor with the double-sided adhesive 
tape, the board should be allowed to dry for a few days. This will allow the stain 
to fully cure, or dry, so it does not interfere with the tape adhesive. 


BEFORE YOU START BUILDING 


Your work area: Use a good workbench with good lighting so you can see 
what you are doing. At times we will need to set items aside to allow glue to 
dry; or you will need to stop working on your project for other activities. Your 
work area should be in a place where your project does not interfere with 
others. 


Keep your work area clean and free of clutter. Kit parts should be kept in the 
box until you need to use them. When you are finished for the day, return the 
tools to their proper place. Put unused kit parts back in the box so you will not 
lose them. If you are old enough to use glues and wood stains, you may have 
younger brothers and sisters who aren't! Keep chemicals out of the reach of 
younger children. 


Following directions: Kits are built in “steps”. These steps follow a logical 
order, that means following the instructions will make your kit building 
experience easier and ensures that your project will work first time when 
finished. 
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You will notice a check box U as each instruction gives you a simple task, or 
direction, to follow. When the task is finished. make a small check mark in the 
box to show that part has been completed. This will allow you to keep track of 
where you left off when returning from a break. 


For example, a direction may read: 


O Tighten the screw until snug, this will make a good electrical connection 
between the Fahnstock clip and wire. 


When finished following the directions. “check off” that the step has been done. 


M Tighten the screw until snug, this will make a good electrical connection 
between the Fahnstock clip and wire. 


Don’t rush! 


Have you ever noticed that when you try to rush doing something, 11 never turns 
out right? Don’t try to build the crystal set receiver in one day! The time spent 
building a kit is most of the fun. We will be “breaking down” the kit assembly 
into several phases. For example, the first phase is preparing the “breadboard”. 
The next kit phase involves winding the coil. 


Working with wire: 


Unspooling: Your kit includes a 100-foot roll of 18 AWG enamel-coated wire. 
This wire is used to wind the tuning coil, for your receiver's antenna, and 1s 
also to be used for making connections between the radio components. Do not 
remove the wire tie from the roll of wire until you are ready to use it. There is 
a right and wrong way to remove wire from the spool! Never allow the wire to 
uncoil, like a Slinky™ toy! Doing so will cause the wire to twist and make 
kinks when you try to use it. Instead, hold the spool of wire in both hands, and 
carefully unroll the wire from the spool. Re-tape the unused portion when 
finished. 


Removing insulation: Electrical connections are made by removing the 
insulation from the enamel wire. When you need to make an electrical 
connection, you will be instructed to remove the wire insulation. We will tell 
you where the insulation should be removed, and how much to remove. This 
can be done by using a small piece of 150 grit sandpaper. Fold the sandpaper 
in half so the “sandy” sides face together. Place the wire into the sandpaper 
fold. and slide the sandpaper back-and-forth over the wire while applying a 
gentle pressure. Turn the sandpaper every so often to fully remove all of the 
insulation. Gently scraping the insulation with a small penknife will also work. 
Lay the wire on a piece of scrap board, and draw the knife blade over the 
insulation to scrape it away. Always scrape in a direction away from your 
body! 
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INPUT 
CIA (2) 
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i: SHOT = 5 seco. IL 


Fig. 3-10. Timing diagram. 


This circuit using the collector at ground potential for rf was 
chosen to simplify the audio takeoff. R5C5 provides additional 
filtering to keep rf out of the audio output. Use the audio amplifier 
in the original case, if convenient. If you must build your own, a 
small IC is suggested for compactness. 

A regenerative receiver is most sensitive when not oscillating 
at full strength, so it is a good idea to use variable resistors to 
determine the best values for reliable but not excessive feedback, 
replacing them with the nearest fixed small resistors. While I used 
a 2N706 transistor, it is safe to assume that at least a hundred other 
types, requiring different bias resistors, etc., may do as well or 
even better. 

C1 is made up of one or more fixed mica condensers in parallel 
with a small variable condenser or mica compression trimmer; the 
latter is definitely second choice. The total capacity required 
should be around .0018. Marked values are seldom correct. Tem- 
perature sensitive condensers are to be avoided for tuning. Silver 
micas are preferred. The temporary use of an external variable 
condenser of considerable capacity will expedite finding the proper 
value and frequency. 

With this receiver’s antenna near the horizontal area of an 
operating TV, listen for the 15.75 kHz signal when you are sure the 
receiver is oscillating. When zero-beat is obtained, with final 
tuning condensers in place in the final assembly, no further adjust- 
ment 1s required and it is ready for use. 

With no signal or antenna on the TV to be serviced and with 
front panel control, if any, set at midrange, adjust the horizontal 
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All of the insulation must be removed to make a good electrical connection. 
The bare area of the copper wire should be bright and shiny when you are 
finished. 


Making connections: 


The directions will tell you to make one of two types of connections: “End” 
connections or “through” connections. 


End Connections: End connections are made when the end of a wire is 
connected. To make an end connection, you will have to remove about 1” of 
insulation from the wire and form the end into a “fishhook” shape, as shown 
below. 


In the following drawing. a wire end connection is used to make an electrical 
connection to one of the Fahnstock clips mounted on the pine board. Note we 
show the wire as a “dotted line” where it passes under the Fahnstock clip. 
When the Phillips screw is tightened, a good electrical connection is made. 
The drawing shows how the wire hook is placed between the Fahnstock clip 
and board. 
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Through connections are used when the wire goes to a electrical connection at a 
Fahnstock clip, and then continues on to make one or more connections to 
other points. The directions will tell where to make a through connection on a 
wire, and how much insulation needs to be removed. 


The wire insulation 1s removed where shown in the directions, and made into a 
half loop as shown above. 


The above drawing shows a through connection being made to a Fahnstock 
clip. The dotted line shows where the wire runs under the clip body. 
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PARTS LIST 


You are just about ready to begin your kit building adventure! But first, let's 
take a few minutes to make sure everything needed is present and accounted 
for. If any parts are missing or damaged, you'll need to refer to the directions 
given in the Vectronics kit warranty section of the manual. 


Part Description 


Qty 


Phillips head screws 

5 inch length of white 2-1/2” diameter PVC plastic pipe 
100 foot spool of 18 AWG enamel coated wire. 
Fahnstock clips. 

Tuning capacitor shaft extension 

Tuning capacitor 

Tuning knob 

Double-sided foam tape 

Earphone 

Pine board , 3/4” high by 5-1/4” deep by 6” wide 
Insulated stranded wire, 7 feet long 

27K resistor (red-violet-orange-gold) 

IN34A germanium diode 


OOOOodoogcoOoOOODOO0 DO 


Fahnstock clips 
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Tuning capacitor. 


Resistor: 


Germanium diode: 
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STEP-BY-STEP CONSTRUCTION 


Before starting any construction, please read the Vectronics warranty. Kits that 
have been started cannot be returned for credit. Make sure this kit is within 
your skill level before starting assembly! 


Phase 1: Breadboard preparation 


0 


O 


Find the pine board. Look it over carefully, and select which side you wish 


to use for mounting the parts. Chose the side that has the fewest 
imperfections, and has the nicest looking grain pattern. 


Locate the drawing that shows the screw hole pattern for the pine board. 


Place the screw hole pattern guide over the board, be sure the board edges 
line up with the outline on the drawing. Use masking tape to hold the 
pattern to the board. 


Using a finishing nail and small hammer, make a small punch mark at 
each of the eight screw hole locations. These marks will show you where 
the screw holes are located on the board. Don't drive the nail into wood! 
We need only make small indentations, about 1/8”, to mark the screw 
locations, and to provide pilot holes for the wood screws. 


Remove the paper pattern guide. 
Find one of the eight Phillips head screws and a Phillips head screwdriver. 


At each of the eight screw hole locations marked by the finishing nail, 
screw the Phillips head screw fully into the board, stopping when its head 
reaches the board surface. Make sure the screw remains perfectly straight, 
and not tilted, when doing each of the eight holes. 


Return the screw to the parts bag. 
Find the 5-inch length of PVC pipe. The tuning coil will be wound on this 
section of plastic pipe. It is called a coil form. 


There are six holes drilled through the pipe. look for the two outer. and 
larger sized, mounting holes. 


Ol 
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Now, make sure that the two screw pilot holes on the pine board for 
mounting the coil form are correct. Refer to the drawings in the manual 
that show the placement for the Fahnstock clips and coil form. 
Temporarily mount the coil in its proper location using two Phillips head 
screws. You do not need to fully tighten the screws, we are just checking 
to see that things fit properly. 


Important Note: You will need to use a screwdriver with a long shaft (about 
three inches) for these two screws because of the large diameter of the coll 
form. 


a 


If the coil form mounting holes align properly with the breadboard 's 
mounting holes, you may remove the coil and return the screws to the parts 
bag. If things don’t match up just right, you will have to mark the correct 
position for the breadboard pilot hole with a pencil, and remove the coil. 
Make a new pilot hole by using the hammer and finishing nail to make a 
small indentation to start the screw. Run a screw into the pilot hole until 
the head reaches the board surface. Remove the screw and return it to the 
parts bag. 


This completes Phase 1. There should be eight screw holes in the pine 
breadboard at this point. If so. the mounting holes have been properly located. 
marked, and the screw holes are ready for parts installation! 


If you haven't already done so, this 1s an excellent time to stain the board (if 
you are planning to do so). 


We are ready to begin Phase 2. 
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Phase 2: Winding the tuning coil 


This portion of the assembly involves winding about 66 turns of 18 AWG 
enamel coated copper wire over a 2/%” area of the PVC plastic coil form. This 
will take time, patience, planning and practice! Here are a few suggestions to 
help you along. 


You will be directed to unwind a length of wire from the 100-foot coil of 
enamel wire in several of the following steps. Always unspool the wire, never 
allow it to uncoil in Slinky’ toy fashion. The unspooled length of wire should 
be laid out in a straight line—do not allow it to simply pile onto the floor, or 
you will end up with a hopeless tangle of wire. After unwinding a length of 
wire, use two strips of masking tape to secure the remaining wire on the coil. 


The winding on the coil should be smooth and even—with no gaps or kinks. If 
the copper wire kinks during handling. smooth it out as best you can before 
trying to wind it. We are going to wind a single-layer coil, this is called a 
solenoid winding. The winding is done in several steps. You will be instructed 
to stop winding after a certain amount of wire is wound. If you have a friend 
who is willing to help, ask him to give you a hand winding the coil. Four 
hands can be very helpful! 


O0 Remove several 5-inch lengths of masking tape from the roll of tape. Keep 
them within arm's reach while winding the coil. 


O Find the PVC coil form and the 100-foot hank of coil wire. 


O Unspool about 15° of wire from the 100-foot coil of wire. Leave wire 
attached to the spool—do not cut it! Tape the remaining wire so it will not 
unwind and become tangled. 


O First, secure the wire at the starting point of the winding. Insert about 16” 
of wire into the starting hole. and loop it back out of the adjacent wire hole 
and pull tightly. Either end of the form may be used as the starting point. 
This will secure the wire. The illustration below shows how to do this: 


VEC-121K Owner's Manual o Crvstal Radio Set Kit 


16° wire tail 


Tuck the 16° wire tail back inside of the coil form. so it will be out of the 
way during winding. 


Hold the coil form in your left hand. The wire coming from the 100-foot 
coil should be between you and the form. Insert the middle and index 
finger of your left hand into the coil form. Place your left thumb over the 
wire at the starting hole. 


Use your right hand to help turn the PVC coil form while winding the coil. 
This takes a little practice, but you will quickly master the technique once 
vou Start. 


Wind several turns of wire by turning the form. Use your left hand thumb 
to guide the wire, and keep enough pressure on the wire with your thumb 
so that the windings are tight, even, and spaced together. 


After several turns are completed, examine your work. (Keep your thumb 
in place so the wire doesn't loosen on the coil form!) The wire windings 
should be even and spaced so the wire of each turn is firmly pressed 
against the next. The windings should be tight. There should be no gaps 
between the wire turns. You can squeeze the windings together to remove 
small gaps. 


The first several turns of the winding form the foundation for the rest of 
the windings. If you didn't quite get it right the first time, unwind the coil 
and try again. 


Once you are satisfied with your work, grab a piece of masking tape with 
your right hand, and tape across the windings to hold them securely. Note: 
Tape across and over the windings—the tape should follow the 5” width of 
the coil. 
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Using its dispenser tip, put a small drop of contact adhesive on the winding 
at its beginning and end point. Smear any excess back over adjacent 
windings using the dispenser tip. Draw a very light bead of adhesive 
across the full width of the winding. Very little adhesive is needed for 
these tasks! Let the coil sit until the contact cement has fully cured! (You 
may use the glue sold for assembling plastic models for these tasks. 
Remember, it will take several hours for the glue to harden.) 


Now. finish winding the tuning coil. It takes about 3 feet of wire to do four 
full turns. It takes about 66 turns of wire to fully wind the coil over the 
2.5” coil span; so you will use about 52 feet of wire for the entire winding. 
Don t bother trying to count turns as you go. A few extra or missing turns 
will not affect the performance of the crystal set. What is important is to 
have the winding cover the full 2.5” inch span, without gaps. 


Unspool another 20 feet of 18 AWG enamel coated wire. Remove the 
masking tape from the coil form. Continue winding until the 20 feet of 
wire is used. Tape the new windings to hold them in place. 


Again, inspect the new windings you have just completed. Are they tightly 
wound, and free of gaps between adjacent windings’? Squeeze the newer 
windings towards the starting windings to close up any gaps. When you re 
satisfied, use masking tape to secure the turns, and then fix the windings in 
place using contact cement or model glue. 


Important Note: As you continue adding windings, you will reach a point 


where your left hand fingers will no longer reach inside of the PVC coil form. At 
this point, you will need both hands on the form as you work, and you will be 
using both thumbs to guide the wire and keep the proper tension. 


Continue by unspooling 20 foot lengths of wire at time, winding the coil 
until you reach the "finish" point on the coil form. Securely tape the coil 
windings, and glue the new windings in place. 


At the end of the winding, mark off an additional 16” of wire, and cut the 
wire at this point. 


Insert the 16” inch wire tail into the “finish” wire hole in the PVC coll 
form. Bring the wire back out through the adjacent hole and pull with 
enough force so the wire is snug. Secure the end point of the winding with 
a very small drop of contact cement. 


Fish the wire end for the starting point of the winding out of the form. 
Your coil should now resemble the illustration below: 
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16” wire tails 


O Rewind any excess wire back onto the supply spool. 


Congratulations! You have just wound an inductor that has about 217-uH of 
inductance! Put the coil aside for now, you'll be mounting it on the breadboard 
soon. 


Phase 3: Mounting the parts 


[J Locate the six Fahnstock clips, and six of the eight Phillips screws supplied 
with the kit. 


Refer to the positioning guide below for the following steps. 


In the following several steps, we will mount the six Fahnstock clips. 


O Place a Fahnstock clip at the point shown as GND in the drawing. Align 
the clip so its rounded over edge faces the board edge. 


secure the clip to the board using one of the Phillips head screws. Tighten 
the screw until snug, so it holds the clip firmly. Do not over tighten. 
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slug for zero-beat with the receiver and you are finished with that 
part of the job—no guesswork! If the sync doesn't take control, 
then that is a different problem, and there is no need to twiddle with 
the horizontal oscillator. 


POWER SUPPLY TESTER, USING A LOAD BANK 


The first question asked might be, “What is a load bank?” The 
term is taken from the electrical power industry to explain a device 
to simulate a load on various power sources in order to check the 
load performance of those sources. 

Using the basic ideas presented here, load banks for most any 
type of low voltage power supply can be built. 

In order to properly evaluate the performance of a power 
supply (whether home built or commercially built), the supply 
must be tested at various degrees of loading—that is, no load, half 
load, full load, etc. The major requirement for a suitable load bank 
is that it be capable of providing these various load conditions. 
Thus, several load elements are required, or at least one large 
variable element is required, in order to cover several different 
load conditions. These load elements would typically be large fixed 
or variable power resistors. If the power supply is of any size, the 
load elements have to be of high power rating (10, 25, or even 50 
watt). A look at a parts catalog will show that power resistors get 
expensive as the power rating goes up and the different ohmic 
values available go down. Also, power resistors present the prob- 
lem of how to get rid of the heat and how to conveniently mount the 
resistors. 

Instead of using the regular power resistor in the design of 
these load banks, automotive bulbs and pilot lamps were used. 


ANTENNA 
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For the remaining steps, align the Fashnstock clips as shown in the drawing. 


O Mount a second clip at the ANT position on the breadboard using a Phillips 
screw, 


O Mount a clip using a Phillips screw at the DETI position on the 
breadboard. 


O Mount a clip using a Phillips screw at the DET2 position on the 
breadboard. 


O Mount a clip using a Phillips screw at the £4R2 position on the 
breadboard. 


O Mount a clip using a Phillips screw at the KARI position on the 
breadboard. 

The six Fahnstock clips should all be mounted at this point. 

O Find the coil and the remaining two Phillips head screws. 


O Mount the coil to the board using the two Phillips head mounting screws. 
Before tightening the screws, make sure the two 16” coil lead wires are 
oriented towards the front of the breadboard. You may now tighten the 
screws so the coil is mounted snugly against the board. NOTE: Over- 
tightening the screws may damage the coil form, or cause the screws to 
strip the pine board. 


Your crystal receiver should resemble the following drawing: 


You have finished Phase 3 of your crystal set receiver project. In Phase 4, we'll 
be doing the wiring between the crystal set's components. 
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Phase 4: Wiring the crystal set 


In phase 4, most of the wiring will involve using the two 16” coil wires. For 
clarity, we are only showing the components we are going to be working with. 


You need to know where the wire leads need to be sanded to make connections. 
Route the coil wire. as shown in the following diagram, by loosening the 
Phillips screws mounting the two Fahnstock clips labeled ANT and DETI (as 
shown): 


z 


O 


O 
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Measure and mark the coil wire lead at the left-hand side of the crystal set 
at 3.5 inches. The measurement is taken from the point where the wire 
exits the form. 


Remove about 1” of insulation at the 3.57 mark. 


Form the wire so the area stripped of insulation forms a through 
connection. 


Loosen the Phillips head screw for the ANT Fahnstock clip. 


Route the fhroueh-connection loop so it passes between the ANT Fahnstock 
clip and breadboard. 


Tighten the ANT clip mounting screw so it Is snug. 
Measure and mark the wire lead emerging from the antenna clip at 2.5”. 


At the 2.5” point, remove 1” of wire insulation, and form a second 
through-connection half loop. 


Loosen the Phillips screw mounting the DET] Fahnstock clip. 


Route the second through connection so it passes under the DET] 
Fahnstock, loops around the screw shank, and exits as shown in the 
drawings. 


VEC-I2]1K Owner's Mi anual 


Crystal Radio Set Kit 


O Tighten the Phillips screw for the DET? clip so it 1s snug. 


O 


Several inches of wire should remain from the DETI clip connection, this 


will be used later. Do net cut the wire until told to do so! 


In the next few steps you will be working with the right-hand coil wire. Refer 
to the drawing below for the following steps: 


Mark the left-hand coil wire at 5” from where it exits the coil. 

At the 5” point, remove 1” of insulation from the wire. 

Form the area stripped of insulation into a fhrowgh-connection half loop. 
Loosen the Fahnstock clip mounting screw for the FAR2 clip. 


Pass the fhrough-connection between the £4AR2 clip and breadboard, with 
loop going around the Phillips screw shank, as shown above. 


Tighten the mounting screw for the £4R 2 clip until snug. 


Measure the wire exiting from the £42 connection, and at the 5.5” point 
remove 1” of insulation from the wire. 


Form the area of wire stripped of insulation into a second through- 
connection half loop. 


Loosen the Phillips screw that mounts the Fahnstock clip used for the GND 
connection. 


Pass the threwgh-connection between the GND clip and breadboard, with 
the loop going around the Phillips screw shank, as shown above. 


Tighten the GND Phillips mounting screw until snug. 
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O Several inches of wire should remain from the GND connection. Do not 
cut this wire until instructed to do so! 


This completes Phase 4, You've come a long way since first opening the kit. 
Your little crystal receiving set is really starting to look like something. 


Phase 5: Final wiring 
Only a few more steps remain, and the set will be finished. 


Refer to the drawing below for the last wiring steps. 


E decos n 


O Cuta 44” length of 18 AWG enamel wire from the wire spool in the kit. 


L] Remove 1” of insulation from each end. 


J] Form each end of the wire into an end connection. 


O Loosen the screws mounting the Fahnstock clips DET? and FART. 


O Take one of the wire end connections and place between the DET2 clip and 
breadboard. 


1s 


CJ 


O 
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Tighten the mounting screw for the DE 72 clip until snug. 


The remaining end connection is placed between the FAR! clip and 
breadboard. 


Tighten the mounting screw for clip EARI until snug. 


The wire should be routed so it crosses over the wire from the right end of 
the coil without the wires touching each other. 


Find the 27K ohm resistor (it has the Red-Violet-Orange-Gold colored 
bands) and form the leads as shown below: 


Important Note: It makes no difference which lead is used for either 


connection. 

O The ends of the resistor leads are formed into little half loop hooks. 

O Loosen the two Phillips screws for FARI and £4R2 clips. 

[] Put one of the half loop connections between the top of the clip body, and 
the bottom of the screw head for the £4R7 clip. Adjust the size of the loop 
so it fits snugly around the shank of the screw. 

O Tighten the mounting screw for clip EARI until snug. The resistor lead 
should remain firmly attached. 

O Place the remaining loop between the screw head and body of the clip 
EAR2. Re-form the loop so it fits snugly around the screw body. 

Tighten the screw for clip EAR2 until snug. The resistor lead should 
remain firmly attached. 

O Find the germanium detector diode. Form the leads as shown below. 
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A 3/8” length of each of the diode's lead ends is sharply folded back on 
itself. This is done because the diode will be mounted in the DETI and 
DET2 Fahnstock clips. The diode lead wires are a very small diameter. 
and may not be held tightly enough by the clip unless the leads are made a 
bit thicker. 


Follow the diagram below, and clip the diode's anode lead into the DETI 
Fahnstock clip, and the cathode lead (the lead with the band close to it) 
into the DE72 Fahnstock clip. Gently pressing down on the clip opens the 
jaw, permitting the wire lead to be inserted. 


Find the tuning capacitor. Refer to the drawing below for the following steps. 
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Stator 


Rotor lug 
(narrow) 


This is the correct orientation for installing the capacitor. Note that the 
narrower rotor lug must be at the left hand side! 


Variable capacitors have two sets of plates. One set of plates remain stationary. 
and are called the “stator” plates. The tuning shaft is attached to another set of 
plates that rotate as the shaft is turned. They are called the “rotor” plates. As 
the shaft 1s turned, the plates are either meshed or unmeshed. changing the 
capacitance value. This 1s how the tuning capacitor works. 


The tuning capacitor will be mounted at the front center of the breadboard 
using the double-sided foam tape. The remaining enamel wire lead coming 
from the GND Fahnstock clip will be connected to the narrow rofor /ug 
terminal on the tuning capacitor. The remaining enamel wire lead from the 
DETI Fahnstock clip will be connected to the round stator stud on the front of 
the capacitor. 


The above drawing shows how the wires will be routed to the tuning capacitor 
connections. 
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Connecting the stator lead 


O 


O 
[] 


Temporarily place the tuning capacitor as shown in the drawing. Be sure 
the narrowest stator lug is at the left hand side! 


Cut the free enamel wire lead from the GND clip to a length of five inches. 
At the end of the wire, remove 2” of insulation. 


Route the enamel wire from the GND clip so it reaches to the capacitor 
body. At that point, the wire goes up to the middle of the capacitor, and 
then makes another sharp bend towards the front of the board. 


Study how the capacitor is made. If you look into the capacitor through its 
clear plastic housing, you can see how the narrow rotor lug continues to the 
rear of the capacitor. At that point, there is a tiny opening in the plastic 
capacitor housing. 


O 


a 
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Take the wire from the GND clip and insert it into this capacitor opening. 
Carefully feed the wire so it passes through the capacitor body (it will be 
between the plastic housing and narrow metal strap) and finally emerges at 
the front end of the capacitor. 


Continue feeding the wire until 1” of bare enamel wire clears the front 
opening in the capacitor. 


Using your long nose pliers, carefully wrap the enamel wire around the 
narrow rotor lug until two or three full turns are made. Trim off the excess 
wire. 


Gently, but firmly, squeeze the turns wrapped around the rotor lug, using 
the long nose pliers, until they are compressed tightly--making a good. 
tight electrical connection. 
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Important Note: |f for some reason the narrow rotor lug is damaged while 
trying to attach the lead, use the wider rotor lug as an alternate connection 
point. 


Making the stator connection 


o 
O 


O 


Temporarily place the capacitor at its mounting location. 


Route the free enamel wire coming from the DETI Fahnstock clip so it 
follows the breadboard. and comes up and over the top of the capacitor 
until it reaches the stator stud. (Refer to the drawings to identify the 
proper stud.) 


Trim the wire coming from the DETI clip to a length of 4145”. 
Remove 1'2” of insulation from the wire end, 


Wind the wire over the stud to form three fight/vy wound turns. See the 
following drawing. Use enough wire so when finished you have a small 
/2 pigtail remaining. 


You need a good, tight electrical connection. Slide the turns off of the 
stud—note how they make a little coil. Gently tighten the coil by twisting 
the coil so it is smaller. 


The coil should slide back on with some difficulty—otherwise the turns are 
to loose. 


To make an even tighter connection. take the pigtail, and wrap it back over 
the wire in a half-loop. 


O 
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Using the long nose pliers, gently twist the half loop to take up wire slack 
and tighten the wire wraps made over the stud. 


Important Note: |f the stator stud is damaged beyond use, the stud located 
directly beneath it may be used as a backup. The two right hand studs may not 
be used. 


Ol 


0 
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Place the capacitor at its mounting location at the center front of the board. 
The body of the capacitor should sit about 1/8” back from the board edge. 
Use a ruler to center the capacitor body at 3” from either outside board 
edge. 


Mark the capacitor body outline by tracing its outline onto the breadboard 
with a pencil. 
Find the double-sided foam tape. 


Remove one of the protective covers from one side of the tape. Place the 
sticky side over the capacitor outline on the breadboard. Firmly press the 
tape to set the adhesive. 


Remove the protective cover over the top of the tape. 


While being careful to keep the capacitor centered on the board. and 
parallel to the front edge of the board. press it to the foam tape. Apply 
gentle. but firm. pressure to set the adhesive. 


Find the 4” diameter aluminum tuning shaft extension. Align the 
threaded screw end with the opening in the capacitor tuning shaft. Screw 
the extension into the tuning capacitor. 


Unscrew the tuning shaft about 1 or 2 turns, to open a gap between the two 
shafts. 


LOAD BANK [38V (5) 24 AMPS 
SECTION B 


Fig. 3-12. All bulbs #1073. All wire #14 TW. A, B, C, D—10 amp relay 
contacts or 10 amp switches (optional since connections can be made 
directly). 


These are readily available at auto parts stores, electronic parts 
houses, and even department store electrical parts sections. Bulbs 
are selected on the basis of voltage and current requirements and 
typically work out very nicely in regard to both values. The prob- 
lem of power dissipation is very minimal and mounting can be very 
simple. With the load elements decided, the actual construction of 
the load bank can begin. 

The first load bank requirement was for a rather large 13.8 
volt de 24 amp dc supply. It was decided to check one third, two 
thirds, full load, and 133% of full load. Voltage and ripple were 
observed under the various load conditions. The #1073 automo- 
tive bulb was selected with a nominal rating of 12.8 volts @ 1.8 
amps. Since the power supply voltage was to be a volt higher, the 
current at that voltage was approximated to be about 2 amps. This 
is a fine feature of these bulbs—the voltage can be increased up to 
20% of nominal rating without any problem in this application. 

The bulbs were arranged in four groups or sections of four 
each. See Fig. 3-12 for the circuit diagram. Each group presents a 
load of about 8 amps at nominal voltage to simulate four load 
conditions. In order to keep costs down and construction simple, 
the wires consisting of #14 TW wire were soldered directly to the 
bulb bases. The start and end of each section wire were wrapped 
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O Using the dispenser, allow a small drop of contact adhesive to flow into the 
gap and onto the threaded portion of the extension. Quickly screw the 
extension back into the tuning capacitor to close the gap. If you are using 
model airplane cement, unscrew the shaft extension, and lightly smear a 
small amount of glue over the threads. Quickly screw the extension back 
into the capacitor shaft. 


O Allow time for the glue to harden. 


O Using a small screwdriver or hex tool, install the tuning knob on the shaft 
extension. 


This completes the construction of the VEC-121K crystal set receiver. 


TESTING AND ALIGNMENT 


l. Turn the capacitor shaft in a counter clockwise direction until the stop is 
reached. 


2. Loosen the tuning knob set screw. and align the tuning indicator on the 
knob so it corresponds to the 9 o clock position. 


3. Tighten the set screw, 


4. Verify that the knob indicator properly corresponds to the capacitor stops at 
the 9 and 3 o clock positions. 


OPERATING INSTRUCTIONS 


l. Use the hookup shown in the following diagram to make the antenna 
(aerial), ground, and earphone connections. 


WV 


aerial 


Tuning knob 


/ ground 


2. Connect the earphone wires to the Fahnstock clips at the right hand side of 
the radio. 
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La) 


. Connect a good ground connection to the crystal receiver. Use the 7 foot 
length of stranded hookup wire supplied with the kit to make the ground 
connection between a good earth ground and the Fahnstock clip on the 
receiver. 


4. Connect a long wire antenna to the Fahnstock clip on the receiver. 


ÍA 


Carefully tune the tuning knob while listening for signals in the earphone. 
You should be able to copy at least one, and maybe several, stations without 
difficulty, 


What can I hear? You should be able to hear local stations without much 
difficulty. The crystal set tunes the entire broadcast band from 530 kHz to 1700 
kHz. The antenna and ground system are the keys to success when using 
crystal sets. Where you live affects how well you receive signals. If you live in 
a salt marsh, or along the shore, you may experience exceptional reception. 
The fellow living in an arid area with poor soil moisture may have much poorer 
reception. 


When to listen? You should hear local stations at any time of the day. At 
dusk, radio signals propagate over greater distances. Listening just before the 
sun goes down may yield some pleasant surprises! Also, as the seasons change, 
you may find you can hear different distant stations at sundown. Keep a simple 
log of new stations when you receive them. Note the time, call letters and 
frequency. It's always fun to add a “new one” to the list. 


Erecting a good antenna 


Your radio will work only as good as the antenna and ground 1t is connected to 
do. The best antenna for a crystal set is located outdoors, it is between 100 and 
30 feet long, and is mounted high and in the clear. Your kit includes enough 
wire to make an outdoor 40 foot wire antenna and short lead-in wire to the 
crystal set receiver. 
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This diagram shows an aerial going between a pole (or tall tree trunk) and 
location where the receiver is located. A small length of lead-wire connects the 
antenna to the crystal set inside of the house. (Make sure the lead-in wire 
makes good electrical connection to the antenna wire!) Note the insulators 
between the antenna wire and the supporting structures. A good earth ground 
is provided by a short ground rod driven into the earth outside of the window 
where the crystal set is located. You may make your own insulators from 
scraps of 1” plastic pipe, or small sections of 1” by 6” Lexan'™ or Plexiglas™ . 
Drill holes at the ends of the insulators for tie-points for the antenna wire and 
support rope. Clothesline is a good way to tie the insulator to the supporting 
Structures. 


The antenna wire should not be allowed to touch leaves or rub against 
branches. Doing so will affect your reception. Keep your antenna wire away 
from power lines. 


Finding the elusive ground 


Several feet of insulated stranded hookup wire is included in your kit. This is 
provided to connect a ground to the crystal set. But, what is a good ground and 
how can you make or find one? 


Ground rods. Many times a crystal set will work quite well without a ground 
connection, especially if a very good antenna is being used. The most effective 
ground is a 10 foot ground rod driven into the earth. If you have a TV antenna 
on your home, it should be connected to a ground rod for lightning protection. 
If it is near your operating position, you may be able to tie a wire between your 
crystal set and the TV antenna ground rod. Even four or five feet length of old 
copper pipe driven into the earth will do in a pinch! But, be sure you use some 
sandpaper to remove any corrosion on the pipe that would prevent making a 
good electrical connection to your ground wire lead 11. 


Water pipe grounds. If you live in an older home that uses metal instead of 
plastic plumbing, you have a good ground point at the nearest water pipe or 
radiator. Connect a short wire between the crystal set ground and the water 
pipe. Remember that the pipe must be free of corrosion or paint to make a good 
electrical connection. 


Counterpoise grounds. The reason the crystal set needs a ground is because a 
single wire antenna is really only one-half of a complete antenna! The ground 
makes up for the missing half of the antenna, and gives the wire antenna 
something to “work against”. If you have 50 or 60 feet of scrap wire laying 
about. you can make what is called a “counterpoise” to serve as a ground for the 
crystal set. Simply run the wire out on the ground in a straight line. The wire 
needn t be buried, it will “couple” to the earth due to “stray capacitance”. 
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Connect one end of the counterpoise wire to the ground Fahnstock on the 
crystal set, and you re in business! 


IN CASE OF DIFFICULTY 


This crystal set almost has to work, if it was built according to the directions. 
If you can not hear any stations at all, go back over the assembly instructions 


Perhaps you missed removing the insulation from the wire at a connection. Or. 
a Wire 1s in the wrong place. Have a friend check your work. It’s very easy to 
look over a mistake, and a fresh pair of eyes will often quickly find mistakes 
that elude your detection. Factory repair is available for assembled kits that do 
not work. Consult the warranty for information regarding factory service. 


Here's a quick check list of common problems. 


The set receives several signals at once. This is normal for crystal sets. They 
don't have the ability to separate signals that very are strong or close in 
frequency. 


The tuning control has no effect. Check that the connections to the tuning 
capacitor are tight, and that the proper connection points to the tuning 
capacitor were used. 


Signals are verv weak, or I can only hear one station. Again. this may be 
normal. if there are no strong signals in your area. Check your ground and 
antenna connections. A longer antenna or better ground may improve things. 


Set works intermittently. This sounds like a poor connection. Check that the 
Fahnstock clips are making good connections to the antenna, ground and 
earphone wires. If a clip wont grip the wire properly, remove the wire and 
bend the clip upwards slightly. This should restore the clasping action of the 
clip"s jaw. 


There is a local station at the high or low end of the dial that I can’t hear. 
The VEC-121K is designed to tune the entire broadcast band. However, there 
will be certain antenna lengths that will behave in unexpected manners at 
certain frequencies. Also. because of the way the antenna and ground are 
coupled to the receiver tuned circuits, they will also have some effect on the 
tuning range limits. 
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THEORY OF OPERATION AND SPECIFICATIONS 


The tuning capacitor and coil form a parallel resonant circuit that tunes from 
about 530-kHz to over 1.6 MHz. The antenna and ground are directly applied 
across the resonant circuit. Thus, the set is optimized for use with short, high- 
impedance antennas under 100” long. The parallel resonant circuit acts like a 
very low impedance path to signals off resonance. (Signals that are not tuned 
in see a “short circuit”.) At resonance, the parallel circuit becomes a very high 
impedance (offers little resistance to a signal it is tuned too). 


Signals that are “tuned in” are “rectified” by the germanium detector diode. 
The radio signal is simply a high-frequency AC voltage. During rectification. 
better called detection, the signal is broken down into two components: a DC 
voltage and a AC signal that corresponds to the information being carried by 
the Amplitude Modulated signal. The AC signal maybe voice, music, or 
whatever program material the radio station 1s broadcasting. 


Because the audio recovered from the radio station AM carrier 1s a very, very, 
small voltage, the ear piece must be very sensitive. The high-impedance crystal 
earpiece supplied with the VEC-121K meets those requirements. Because the 
crystal earpiece has almost no resistance, a 27K ohm resistor is placed across 
the earphone clips to provide a path for the detector diode current. 

Tuning RAPE aiii 230-1700 KHz (typical) 

Detector diode ............. O eres ac Fixed germanium, 1N34A or equiv. 
Headphone impedance... ......2000-ohms or higher 
A ANV TOCEIYET 


SCHEMATIC 
ENF | } 

ANTI 

D1 
1N34A 

) — 01 

7) 965, > RI 

 217uH = | HEADSET 
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High-performance electronic kits... fun to build and use! 


Kit building is a super fun way to spend a quiet evening or weekend. You'll 
find it extremely satisfying to build your own electronic equipment. You'll 
have a useful electronic gadget that you can show off once you're through. 
You'll cherish it for years because you built it yourself. From shortwave 
converters to aircraft receivers and ham radio kits to an old fashioned crystal 
radio kit, you'll find many fun items in the VECTRONICS kit line for you. 

VECTRONICS kits work! They're created by engineers who are hobbyists- 

at-heart to give you what you want -- a professional product at a hobby price. 
Each kit features a professional quality epoxy glass PC board with solder mask 
and screen printed component legend, simple step-by-step instruction manual and 
the highest quality components. Kit assembly is easy, and they work the first time. 

Don’t forget about our custom cabinets -- they turn your kit into a fabulous 
show piece that your friends won’t believe that you built. 

With VECTRONICS kits you get satisfaction, relaxation, and a super-fun 
product you'll be proud to use .. . because you built it yourself! 

VECTRONICS has a worldwide reputation of building the finest quality 
amateur radio products made. You can trust our 30 years of experience to deliver 
super quality, high-performance kits. 

All VECTRONICS electronic hobby kits are designed and kitted in the 
USA ... and built by you! 


VEC-101K 
Shortwave Converter 
VEC-131K 

Aircraft Receiver 

|I VEC-201K 

ICW Keyer 
VEC-221K 

CW Memory Keyer 
VEC-412K 

Fast Battery Charger 
VEC-422K 

SCA Decoder 
VEC-820K 

CW Filter 
VEC-821K 

Super CW Filter 


OTHER VECTRONICS hobby KITS: 


VEC-830K VEC-1010K 

super 55B Audio Filter 10 Meter Receiver 
VEC-841K VEC-1120K 
Tunable CW Audio Filter 20 Meter Receiver 
VEC-920K VEC-1130K 

20 M QRP Amplifier 30 Meter Receiver 
VEC-930K VEC-1140K 

30 M ORP Amplifier 40 Meter Receiver 
VEC-940K VEC-1180K 

40 M ORP Amplifier 80 Meter Receiver 
VEC-980K VEC-1202K 

80 M QRP Amplifier 2 Meter FM Transmitter 
VEC-1002K VEC-1220K 

2 Meter Receiver 20 Meter Transmitter 
VEC-1006K VEC-1230K 


6 Meter Receiver 


30 Meter Transmitter 


VEC-1240K 

40 Meter Transmitter 
VEC-1280K 

80 Meter Transmitter 
VEC-1290K 

AM Radio Transmitter 
VEC-1294K 

TV Transmitter 
VEC-1402K 

2 Meter Preamplifier 
VEC-1422K 

220 MHz Preamplifier 
VEC-1444K 

440 MHz Preamplifier 
VEC-1402DK 

Super 2 Meter Preamp 


A LADYBIRD BOOK 
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A crystal set — the tuned circuit 


A crystal set, the simplest form of radio receiver, is 
the first stage of our radio. It can operate entirely on 
its own as a radio receiver, even if no further stages 
are added. 


As we have read on page 6, an aerial picks up all the 
radio signals (the radio frequency carrier waves) in its 
path. But we need only signals of a certain frequency — 
those sent out by a particular transmitter. We therefore 
need some sort of filter—to allow only one radio station 
to be received at once. A tuned circuit is this filter, 
because it can be tuned to any frequency we want, and 
can select one of the many radio frequency carrier 
waves reaching the aerial. 


A tuned circuit consists of a coil of wire and a tuning 
capacitor. On the opposite page you can see a circuit 
diagram for a tuned circuit, and beneath are shown the 
actual components—a coil and tuning capacitor. 


The particular radio frequency waves which a tuned 
circuit selects depends on the number of turns of wire 
on the coil and the ‘value’ of the capacitor. Since it is 
inconvenient to keep changing the number of turns of 
wire on the coil, the capacitor is made with movable 
plates so that the tuning can be varied and the signals 
we want selected. 


10 


- Tuning 
Capacitor 


uning Capacitor 
00005 uF 


A crystal set — the crystal diode 


After the tuned circuit has selected the particular 
carrier wave frequency required, the audio frequency 
signal which it carries must be extracted from it. The 
crystal (sometimes referred to as a diode) is a simple 
device that does this by allowing current to pass only 
one way. It is used in the crystal set as a ‘detector’. 
The action is a complex one, but we can simply say that 
it detects from the radio frequency carrier wave the 
electrical waves of the same frequency as sound (audio) 
waves and which a loudspeaker or headphone can 


convert into sound. 


On the opposite page you will see a circuit diagram 
showing the tuned circuit mentioned on the previous 
page but with the symbols for the diode and the ear- 
piece included. With the addition of the aerial and earth 
symbols, we now have a circuit diagram for a complete 


working radio set. 


Also illustrated are a typical earpiece and a crystal 
diode. 


man 


around a nail which was driven into the wooden base board. This 
eliminated expensive sockets and, after all, a load bank is not a 
device that is normally on display in the shack. 

Since this load bank was to be used for a considerable amount 
of testing and since four surplus relays were available, each load 
section was wired through relay contacts. Any combination of 
loading can be quickly selected. This extra feature can be elimi- 
nated with just the use of solder connections or switches with 
proper current rating. The switching feature is certainly handy if 
considerable testing is to be done, but adds considerably to the 
parts cost if the junk box is not well stocked. 

The second load bank was for a much smaller dc power supply 
with a rating of 5 volts @1 amp. Following the same design features 
of the previous load bank, a #502 bulb was selected as load element 
in four sections with two bulbs in each section, giving 30%, 60%, 
90%, and 120% of full load. Since the current requirements were 
much less, about 0.3 amps per section, regular #22 solid hookup 
wire was directly soldered to the bulb bases and toggle switches 
(or even slide switches) used for controlling the load sections. A 
small wood base board was again used for mounting the bulbs and 
wiring with a small Y inch pressed board panel (nailed to the edge) 
to support the switches. This supply is most useful for checking 
logic power supplies used with ICs. Overload or current foldover 
characteristics can be checked on supplies designed with that 
feature. See Fig. 3-13 for the circuit. 

There are many advantages to these simple load banks be- 
sides the cost and ease of construction. The bulbs present a large 
amount of light under full load to leave no doubt that the supply is 
working. Also, there are no burn marks from power resistors on 
the workbench or, even worse, the dining room table. Buying the 


LOAD BANK 5v@ | AMP 


SECTION A SECTION 8 SECTIONC SECTION 0 ash 


Load 
30% 
60% 


A, B,&C 90% 
A,8,C,&D 120% of full 


POWER SUPPLY CONNECTIONS 


Fig. 3-13. All bulbs #502. All wire #22 solid. A, B, C, D—0.3 amp switches, 
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Tools for radio construction 


Simple radio construction, of the sort described in 
this book, requires few tools. Most of these can be found 
in a normal household toolbox or are inexpensive to 
buy. 


During the building of the radio, wires have to be 
bent into place and sometimes cut to the correct length. 
Some components are joined by P.V.C. covered copper 
wire which has to be cut to size and its covering removed 
from the ends to make the connection. The most useful 
tool for this is a pair of pointed-nose pliers. These will 
also strip the plastic from the wire before the connec- 
tions are made. A pair of wire cutters may also be used 
to cut and strip wire. 


It is possible to buy an inexpensive little tool called a 
“wire-cutter and stripper’ to do both jobs. A pocket 
knife is useful for scraping the ends of the wire to 
clean them before the connections are made. Sandpaper 
or the rough edge of a matchbox can also be used to 
clean wires before they are connected. A medium-sized 
screwdriver will be needed for making the connections. 


This radio is to be built on a wooden base, so a few 
simple woodworking tools—handsaw, gimlet, brace 
and bit—are also required. 
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Gimlet or Bradawl 


Screw to adjust Stripper 
for different wire sizes 


CLEANING WIRES 
ISS AS O 


Fixing the components 


In electronic construction it is usual to solder the 
components into their places in the circuit. This radio 
is designed for the beginner, so a non-soldering method 
of connection is used. For those who wish to solder the 
connections, the technique is explained on the inside 
back covers of this book. 


A simple method of connecting the components 
uses woodscrews and washers. The screws are No. 6 
brass countersunk, half inch screws and the washers 
are No. 6 brass screwcups. Two dozen of each are 
required. All are obtainable from your local iron- 
monger. 


The method is explained in the diagram opposite, but 
remember the following tips: (1) Make sure the wire 
to be connected is scraped clean until it shines. (2) Where 
several wires are trapped under one washer, do not 
finally tighten the screw until all the wires are in place. 


It is possible to test a connection with the simple 
battery and bulb arrangement in the diagram, Touch 
the two leads onto some of the bare wire either side of 
the connection. If the connection is good, the bulb will 
light up. 


HA - 
Trapped Wire 
No. 6 Brass Screwcup 
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TESTING A CONNECTION 


Making the circuit board 


In the early days of radio, receivers were made on a 
baseboard sometimes called a ‘bread board’. We are 


using a form of bread board mounting. 


Softwood is used for the base. Mount the screws and 
screwcups, used for connections, at one inch intervals 
in two rows of eight. The rows should be an inch-and- 
a-half apart. This is shown in the drawing facing this 
page. The two large holes are made with a brace and 


bit and are for mounting the control components. 


The accuracy of the measurements is not vitally 
important, but it would be helpful to follow those given 
as closely as possible. Not all the screws are used in 
building the first part of the radio; the additional 
screws are needed later as the radio is completed. 
Although this board is very simple to make, it is 
important to try to get the screws in straight so that the 


screwcups press firmly onto the wires. 


Counter-bored hole Screw centres Counter-bored hole 
centre centre 


4’ xt" ciel softwood | | 


2" lang 
pam Draw in pencil these lines, 


letters and figures R 
14 | | 


With a $ bit, drill from the marked side Withaz bit drill from the other 
until the point of the bitjustappearson side, half way through the board 
the other side. (Do not drill right through) 
MAKING THE HOLES 
Marked | te 
side o | 
| Pencil 
board | lines 


| "Use a PE or bradawl 
Section of the counter: to make holes for the screws, (Do not 
bored holes fully tighten the. screws at this stage) 
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The completed radio 


Winding the coil 


Before the crystal set can be built, we must wind a 
tuning coil for the tuned circuit. This is done on a piece 
of # inch diameter ferrite rod. Ferrite is iron dust 
stuck together. Usually ferrite rods are 6 inches long, 
so cut a notch all round the centre and smartly snap the 
rod in half (Figs. | and 2). 


Wrap about 14 inches of sticky tape around the centre 
of the rod en which to wind the coil (Fig. 3). 


Obtain some 36 s.w.g. (standard wire gauge) enamel- 
led copper wire from your radio or electrical dealer. 


Leaving about 3 inches of wire, secure one end of the . 


wire with sticky tape (Fig. 4) and wind 5 turns, side 
by side, onto the rod (Fig. 5). Pull out a 3 inch loop 
and twist the wire until it is tight up to the rod (Fig. 6). 
Then wind a further 45 turns, side by side, securing the 
final end with tape. The whole coil can be covered with 
tape to keep the windings secure. 


Remember to leave about 3 inches of spare wire at 
both ends and at the twisted wire (the ‘tapping’ point). 
Later the enamel must be scraped off so that connections 
can be made. 


The illustrations opposite will guide you through 
each stage. 


20 


1) Cut a deep notch all 2) Sna ou 
de DE NA E Snap the rod by holding close to 
the way around the rod the notch with forefingers ana 


dl 
thumbs AGRE IRE IS it may splinter) 


3) Wind the tape in separate parallel 
bands, slightly overlapping. (If spirally _ 
| bound the tape will wrinkle) 


kere ee 5) Form the coil, 
Twist the wire — either by winding the 
| yli AAA wire or rotating the rod, | 
ES, whic ver you find easier | 

; | 
| 

| 


AA 


A 


a == l 


6) Twist the tapping point with a finger 
| in the loop, holding the rod still with 
| the wire trapped under finger 
and thumb l 


=.= =r 
p- ee 


vo The finished coil _ 


= SYMBOLS 


Fig. 3-14. Block diagram. 


bulbs by the box reduces cost, and automotive type bulbs are 
readily available, even at gas stations. 

The purists may argue that the bulb is not a constant load 
resistance due to the filament characteristics. This sudden heavier 
than normal load when voltage is first applied to the bulb is very 
short in duration and provides an even stricter load test of the 
supply being tested. 

The load bank ideas presented here can be extended to other 
sizes and types of load banks by changing the bulb types and the 
number of bulbs ina section, and even the number of load sections. 

These load banks have been used to check voltage and ripple 
conditions on a variety of home brew and commercial supplies. The 
cost is certainly cheap if proper shopping around is done on the 
choice and source of bulbs. 


FREQUENCY COUNTER 

My original goal in designing this counter was to produce an 
inexpensive, no frills, reasonably accurate, minimum parts design. 

High impedance FET input, .2 to 30 MHz frequency range, 
sensitivity = 60 mV RMS across most of its range, and compact 
packaging are some of its features. Also, two modes of timebase 
operation are possible:~xtal controlled with an accuracy of +20 
PPM +1 count and line frequency (+.05%). The heart of the 
counter (less readout and power supply) is mounted on 2 PC boards 
( = 3” x 5”. The cost of the boards filled with parts (for line 
frequency operation) plus the 6 Minitron readouts will run you 
about $40. An additional $8 pays for the xtal controlled timebase, 
and of course you'll need a power supply. Any junk box parts 
substitute will naturally reduce your costs. 
Operation 

The block diagram of Fig. 3-14 shows the signal flow and 
control. Referring to Fig. 3-15 Q1 to Q4 shape the incoming signal 
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Building the crystal set 


Having made the coil, the ferrite rod can be mounted 
on the baseboard by twisting a loop of stiff wire around 
each end and screwing the wire under two screwcups, 
as shown opposite. 


Next the tuned circuit can be completed by the addi- 
tion of the tuning capacitor. You can buy one from 
your local radio dealer and you should ask for a 
0:0005uF solid dielectric type. The illustration opposite 
shows how it is mounted on the baseboard, the capacitor 
spindle passing through the + inch hole. The wiring 
connections are made to the two terminal nuts on the 
back of the capacitor. The connecting wire used should 
be PVC covered copper wire, the ends being bared 
before they are trapped under the screwcups. 


The illustration also shows how the diode is included 
in the circuit by means of the screwcups. The earpiece 
is also shown inserted. When purchasing this, you 
should ask for a crystal earpiece. A pair of high 
resistance headphones could be used in place of an ear- 
piece, and may give even better results. Resistance is 
discussed on page 32, in the section headed ‘Resistors’. 


On the following two pages there is some useful 
information about the aerial and earth. 
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The crystal set — its aerial and earth 


The aerial is the part of the receiver which ‘picks up’ 
the radio signals. Unlike our crystal set, many modern 
transistor radios are sufficiently sensitive to pick up 
enough signal from the ferrite core of the tuning coil. 
, Although the final radio which we will make will not 
need an aerial and earth, the crystal set relies on the 
electrical current set up between a good aerial and earth 
to work well. 


A suitable aerial can be made from inexpensive PVC 
covered copper wire. The idea is to suspend as much 
of this wire as possible, as high as possible. The far end 
can be attached to a tree, the top of a pole or even the 
eaves of a friendly neighbour's house, but this can be 
dangerous and is best done by an adult or under the 
supervision of an adult, The wire should be fastened 
onto a large screw eye or hook. The near end of the wire 
may be taken in the top of an upstairs window and 
connected to the aerial connection on our radio. 


For the aerial to be effective, the other side of the 
tuned circuit has to be connected to earth. The simplest 
method is to attach the earth lead to the nearest house- 
hold water pipe. These pipes lead to the ground. If 
your water pipes are plastic, make your own earth by 
driving about a yard of copper pipe into soft earth and 
connecting the earth wire to the top. 


DP a a eee tE V 
Aerial Wire 
Tree 


or Pole 


Aerial Wire 


‘ Support Wire 
7 (A permanent aerial should have an 


insulator at each end) 


Earth Wire 


A PS Serabe pipe clean 
at point of contact 


EARTH CONNECTION 
TO A METAL WATER PIPE 


EARTH PIPE 
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An experimental P.O.W. radio 


During the last war, some prisoners in prison camps 
used home-made radios to keep in touch with events 
in their native lands. Often, all the components had to 
be made from items picked up within the camp. Diodes 
were almost impossible to obtain, so several ingenious 
home-made alternatives were tried. 


The diagram shows one simple method of improvising 
a diode. Take a small piece of wood, about | inch thick, 
and a piece of washed coke about the size of a pea. 
Mount the coke on the wood as shown, using a screw 
and screwcup, and taking a lead from beneath the 
screwcup. Wind about a foot of steel wire—a length of 
piano or guitar wire is ideal—around a number 4 or 6 
knitting needle, leaving about | inch on each end. The 
wire should now be slightly springy. Fasten one end to 
the board with a screw and screwcup, taking another 
lead from this screwcup. Stretch the wire until the free 
end lightly touches the coke. 


Remove the diode from the crystal set and screw the 
wires in its place. It should be possible to hear some 
local stations by adjusting the tuning capacitor. If 
nothing is heard, keep moving the position of the wire 
on the coke until a signal is heard. 
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The transistor 


To most people the word TRANSISTOR means a 
small radio set, but a transistor is really a single electronic 
component. The transistor is one of the most important 
inventions of the last 25 years. It has helped to make 
electronic equipment smaller and less dependent upon 


high voltages. 


A transistor is like two diodes working together inside 
one case. Most transistors have three leads, emitter, 
collector and base. A transistor can be damaged unless 
the correct leads are used when connecting it into a 
circuit. The base lead is usually the middle wire and the 
collector lead is set slightly apart from the other two 
wires. The transistors we are to use also have a red 


spot painted on the casing to indicate the collector lead. 


We shall be using transistors as amplifiers; that is, 
to make electrical signals stronger. Transistors are 
designed so that a small, changing current between the 
base and emitter produces a large current change 
between the collector and the emitter. So small signals 
applied to the base will appear amplified (or made 
bigger) at the collector. Our first transistor will be used 


to make louder the sound coming from the crystal set. 
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Adding a transistor 


The circuit diagram shows how a simple transistor 
amplifier is Inserted where previously we had the ear- 
piece. Compare this diagram with the circuit diagram 


of the crystal set on page 23. 


The transistor used is an OC7l, and other extra 
components for this stage are a 2-7K resistor and a 9- 
volt battery. The battery is the small transistor radio 
type PP3, for which can be obtained an inexpensive 
snap connector, Resistors are discussed on the next page. 
This resistor forms an output ‘load’ for the collector, 


and the earpiece is connected across the resistor. 


Take care to connect up the circuit as shown in the 
drawing. The connections of the transistor are im- 
portant. Join the emitter to screw 5, the base to E and 
the collector to F. The earpiece is removed and re- 
connected to F and G. Connect the red battery con- 
nector lead to screw 5, and the black lead to screw G. 
The radio is switched on by pushing the connector into 


place on top of the battery. 


This one transistor should make a big improvement 
to the crystal set; the same stations will be heard but 


they will be much louder. 
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to produce TTL compatible levels. A precise 100 ms gate (at IC19 
pin 2) is then “or”ed together with the signal (1C19 pin 3). This 
gated signal is counted down and displayed on the readouts. The 
trailing edge of the 100 ms gate triggers the one shot 1C24. A pulse 
is generated that strobes the quad latches IC7 to 1C12. The stored 
data is transferred to the decoders and readouts. The trailing edge 
of the one shot triggers another one shot 1C25 to produce the reset 
pulse to counters [C13 to 18. All counters are reset to zero until the 
next gated input is counted. Thus the sequence is: gate, count, 
transfer, reset. 


Construction 


As mentioned earlier, the heart of the counter is mounted on 
3” x 5” PC boards (actually 3” x 5-3/16”). You can package these 
boards any way you like. Just allow sufficient ventilation in any 
enclosure you use. One of the drawbacks of laying out small boards 
is that you can't get all the circuit connections on them that you'd 
like. So we're going to have to add some jumpers. Refer to Fig. 
3-15 and Figs. 3-16A & B. After all the components are mounted, 
jumper 1C19 pin 2 to 1C24 pin 3. Also jumper point “A” to the pad 
right above it (for line base operation). That’s all the jumping we 
need for the Input and Control board. 


MD 
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Resistors 


Resistors are very common components in electronic 
construction. Look at most pieces of equipment and 
you will see several small, wire-ended tubes with brightly 
coloured bands. These are called resistors because they 
‘resist’ the flow of electrical current in the circuit. 
This is done to adjust the voltages and flow of current 
at various places in a circuit. 


The little tubes are filled with a carbon composition, 
and the coloured bands give the value of the resistor. 
This value is called the resistance and is measured 
in ohms. When one knows the colour code opposite, 
it is easy to work out the resistance from the coloured 
bands. The tolerance of the resistor, that is, how close 
one can expect it to be to the value, is sometimes in- 
dicated with another coloured band. Our radio can use 
resistors of any tolerance, so this band may be ignored. 


The symbol for resistance is the Greek letter omega 2. 
Quite often, very high resistances are used —sometimes 
thousands or millions of ohms. To reduce the number 
of noughts, we call thousands K 2 (Kilo ohms) and 
millions M Q (or Mega ohms). The ohm sign is usually 
omitted from circuit diagrams when the Kilo (K) and 
Mega (M) signs are used. 
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First Number I 
Second Number | 
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—_ SSE ie i dí 8 = iš = —— > e a 
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3 5 8 
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for 4 noughts) WHITE | for 9 noughts) 
bel F 
TOLERANCE COLOURS 
: puna aa: — — 
i SILVER 10" SALMON 20%, 
; po E ae A 


YELLOW, il ORANGE 


=47000 or 47k 


Biasing the transistor 


The transistor amplifier we have built is the simplest 
arrangement possible. If a transistor is to be used effi- 
ciently, one has to supply the correct voltages to its 
various parts; this is called biasing. In our simple 
arrangement the signal from the diode provided a 
voltage to bias the base of the transistor. Resistors can 


be added to make the biasing correct. 


The circuit shows how the transistor is biased with 
two resistors. (33K ©—orange, orange, orange, and 
150K 2—brown, green, yellow.) They give the correct 
voltages between the collector, base and emitter. Take 
care to connect the resistors in the places shown or the 


effect will be ruined. 


This addition to the radio will not increase the volume 
in any noticeable way, but the biasing is essential be- 


fore the next stage is added. 


The wire ends of resistors, like any other components, 
can become dirty and greasy, so scrape the wires clean 


before screwing them into place. 
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Adding a second transistor 


Before we can add another transistor to our radio, 
two new components must be introduced—a poten- 
tiometer and a capacitor. 


The potentiometer is a variable resistance. Look at 
the drawing on the opposite page and you will see that 
it has three contacts. The outer two are each end of a 
circular carbon track. The centre tag is joined to a 
movable contact which slides over the track when the 
shaft is rotated. By moving the shaft, which is usually 
fitted with a plastic knob, any part of the resistance can 
be used and tapped off through the centre tag. Poten- 
tiometers are often used, as In this case, as volume 
controls. | 


A capacitor is a component which allows the signal 
to pass but not the fixed voltages used to power a 
circuit. It consists of two plates which are separated by 
insulating material; the circuit symbol shows this. 
Electrolytic capacitors must be connected into a circuit 
the right way round. One end is marked either with a 
red band or a + sign, and this side goes to the positive 
side of the circuit. The negative (—) wire is connected 
to the metal can which forms the body of the capacitor, 
and which may be marked with a black band. Sometimes 
this is not obvious, but follow the circuit and layout 
diagrams with care to avoid mistakes. Other fixed 
capacitors can be connected either way round: we will 
meet these later. The value of capacity is written in 
microfarads, (pF or sometimes MFD). We require 
IOuF at a working voltage of 16-volts. 


36 


| ry 
i ! @ 
| 
é 
- Original 
- Crystal 
9 volts 
rs Se 
de ees 
Symbol Symbo/ 
Sp ee 
eS 
CAPACITOR POTENTIOMETER 


The second transistor stage 


The circuit for the second stage is shown on the 
previous page. The signal is taken from the collector of 
our first transistor, through the capacitor to the sliding 
contact of the volume control potentiometer. The nearer 
the centre contact is adjusted to the base side of the 
control, the more signal is allowed to go to the base 
of the second transistor. The greater the signal reaching 


this transistor, the louder will be its output. 


The potentiometer is mounted in the spare ¿ inch hole. 
Its tags are too close together to use the large screwcups, 
so small screws are used. These are screwed down 
through the holes in the potentiometer tags, trapping 


the leads under the tags. 


Remove the 2-7K resistor from F and G and connect 
in the new components carefully, following the layout 
diagram facing this page. As you Work, compare the 
layout diagram, connection by connection, with the 
circuit diagram. This additional transistor will greatly 
increase the volume, enough to drive a loudspeaker, 


which is the next addition. 
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The world of radio 


Today, radio is part of our everyday life, yet only 
at the beginning of this century it was a miracle. It 
is still something to marvel at—and a fascinating 


subject to study. 


With this book you will learn, stage by stage, how 
to build more than one simple receiver. Everything 
you should know is explained simply and illustrated 
clearly, and you will have the pleasure of constructing 


something marvellous that really works. 


All the components used are easily available, usually 
from your local radio dealer. Most large towns have 
shops specialising in stocking components, but it is 
also very easy to obtain any you need by post. All the 
popular electronic construction magazines contain 
advertisements for mail order supplies. Many of these 
suppliers provide catalogues which list all the com- 


ponents you will need. 
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Adding a loudspeaker 


Using our radio with an earpiece means, of course, 
that only one person at a time can hear the programme. 
A loudspeaker changes electrical waves into sound 
waves in the same way that an earpiece does, but it 
has a large cardboard cone so that several people can 
hear the sound. Loudspeakers can have very large 
cones, but a smaller cone speaker with a diameter of 3 
inches is ideal for our purpose. 


Loudspeakers are made with inputs of varying 
resistances, and our radio requires a 3 or 5% type. 
Unfortunately the loudspeaker cannot directly replace 
the earpiece because its resistance is much lower than 
that of the earpiece, so it has to be matched into the 
circuit with a transformer. A transformer can change 
a current of one voltage to a smaller current of a higher 
voltage or to a larger current of a smaller voltage. It 
consists of a ‘primary’ and ‘secondary’ winding of 
fine wire round a metal ‘former’. The transformer we 
requiré is the Eagle LT700. This transformer has rather 
long leads, and these may be shortened by winding them 
tightly round a knitting needle. This makes spiral leads 
which can then be pulled out to reach the screws. 


Screw the transformer onto the base, as shown; 
remove the 2-7K resistor across G and H and connect 
the correct leads (colour coded) to the screwcups. Two 
more screwcups are added at the end of the board to 
connect the output leads to the loudspeaker, using two. 
small crocodile clips. 7 
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Regeneration 


We shall now replace our simple crystal set stage with 
a transistor stage, using regeneration. Regeneration will 
enable our first transistor in the radio to be used three 


times. 


The circuit shows the regeneration stage. The signal 
from the aerial is tuned by the coil and variable 
capacitor, the orange marked signal then passes through 
capacitor Cl to be amplified by the transistor and 
appear at a radio frequency choke (R.F.C.). Part of this 
signal, marked in blue, passes through C2 to a pair of 
diodes which change the radio signal into an audio 
signal, which is amplified again by the transistor. The 
signal, now marked red, passes through C3 back to the 
coil. The part of the coil tapped between the transistor 
collector (through Cl) and earth, allows the signal to 
reach the collector again. 


This means that some of the signal at R.F.C. has been 
amplified three times, so this is a very economical use 
of one transistor. Passing signals back again like this is 
called feedback. If the feedback is too great, the circuit 
will produce a howling sound, so C3 is an adjustable 
capacitor to control the amount of feedback. The final 
signal is taken from R.F.C. through capacitor C4. 


i 
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Transistor 


HOW REGENERATION WORKS 
In circuit diagrams, wires which cross one another, (but do NOT touch and 
are NOT connected), are sometimes shown like this + (as in the diagram) 
or like this ~|-. Shown like this 4- always means they are connected. 


Adding regeneration 


The circuit shows the new stage with the components 
added. The adjustable capacitor is a 10 pF (picafarad) 
trimmer. This consists of two copper plates mounted 
on a pot base; the distance between the plates can be 
adjusted with the small screw. 


Fixed capacitors may be flat or cylindrical with two 
leads; the type we require, ceramic capacitors, may look 
like a disc. 


The radio frequency choke is really a coil with a lot 
of turns of wire on a small former. The choke acts like 
a resistance to radio-frequency waves. 


Two diodes are needed to provide the feedback path 
from the 500pF capacitor. If the top diode were omitted, 
the signal would not be changed into audio frequencies 
before it reached the transistor base, and if the bottom 
diode were omitted, the signal would go straight to 
earth and be lost. 


The IK resistor lowers the battery voltage needed to 
power this stage. It is possible for some of the audio 
signal to feed back to this stage through this IK resistor 
and distort the signal. This is prevented by the 100uF 
capacitor which takes any stray signals to earth without 
affecting the battery voltage. 
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Wiring the regeneration stage 


The drawing shows how this stage is wired onto the 
board. Before wiring the stage, all the components 
from the crystal stage, up to screws E and 5, are 
removed except for the coil and tuning capacitor. The 
diode is removed to become one of the two diodes in 
the new-stage. Follow the drawing carefully, adding one 
component at a time and checking its position on the 
circuit diagram. There are many bare wires which come 
close to each other, and great care must be taken to 
ensure they do not touch each other. The 1K resistor 


must not touch screws E and F. 


The trimmer is trapped by its tags under screws A 
and B; if it is too long or too short, the screws may be 
moved. All three connections to the coil are now used, 
and if the wires are not placed in the correct positions, 
regeneration will not occur. The drawing shows how to 
place these three wires. The l0uF capacitor takes the 
signal from the new stage to the base of the next OC7] 
transistor. The advantage of this new stage is that our 
radio will have a greater output and no longer need a 
large aerial and an earth. Regeneration is tricky to get 


used to, but once mastered, the results are surprising. 
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Using the radio 


Operating a. regenerative radio requires care at first 
because the trimmer has to be adjusted to suit the 
strength of each signal. Begin by connecting about 3 
yards of wire to the radio as an aerial; no earth is 
required. Set the tuning capacitor about midway and 
screw in the trimmer until the radio begins to howl. 
Unscrew the trimmer until the noise just stops, and try 
to tune in a station. The trimmer should then be adjusted 
until it is just short of the point when the radio howls. 
The general method. for receiving any station is to tune 
it in with the tuning capacitor and to adjust the feed- 


back trimmer until the howling just disappears. 


The feedback not only makes the radio more sensitive 
but also the tuning becomes sharper, so the tuning knob 
must be rotated very slowly. This sensitivity makes the 
radio ideal for the medium wave band, which is rather 
overcrowded. The tuning should be sharp enough to 
tune in individual stations withoutethe background 
sounds of other stations. In areas of good signal strength, 
it will be possible to use the radio without an aerial at 
all, merely relying upon the signal picked up by the 


ferrite rod coil. 
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Fig. 3-16B. Component layout, Input and control board. 


The completed radio 


Now that the radio is completed, you may wish to 
make the circuit board into a simple case. The circuit 
board is used as a front panel, and end and bottom 
panels are added. 


These can be made from similar wood to the circuit 
board (4 inch by 4 inch planed softwood). The bottom 
panel is the same size as the circuit board and the 
measurements for the end panels are shown opposite. 
The end panel next to the output transformer may be 
used to hold the loudspeaker. A series of è inch holes 
are drilled with a brace and bit to allow the sound 
to leave the case, and the speaker is secured with screws 
and cups. The panels are joined with panel pins and 
glue. 


The battery may be firmly mounted above screws D 
and E on the circuit board, using 24 inches of 4 inch 
elastic and two screws and cups. Two smart plastic 
pointer knobs and a tuning scale complete the front 
panel. The tuning scale is a paper gummed label which 
can be marked with the positions of the main stations. 

wr 

If you have followed these pages carefully, you will 
now have a useful working radio. You will also have 
shared the thrill of thousands of other radio construc- 
tors, listening to sounds coming from a radio receiver 
which is your own work. 
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THE COMPLETED RADIO 


Radio reception 


Radio waves cannot be seen or heard. They are 
electro-magnetic waves, and they flow backwards and 
forwards (oscillate). Each backward and forward 
movement is known as a cycle. The rate of this back- 
ward and forward movement (oscillation) is known as 
the frequency of the wave. 


A radio wave is also a carrier wave. It can ‘carry’ an 
electro-magnetic wave of a frequency exactly similar 
to the sound waves of the speech or music which is being 
transmitted. This frequency, which is imposed on the 
carrier wave, is known as an audio frequency. It is this 
electro-magnetic audio frequency that a radio receiver 
translates into sound via the loudspeaker. For a more 
detailed explanation of this, you might like to read 
pages 20-26 of the Ladybird book: ‘How it Works— 
Television’. 


When radio waves carrying an audio frequency 
arrive at a receiver, three things happen: 


l. TUNING. The radio frequency carrier wave is picked 
up by the aerial. Along this same aerial pass the 
radio frequency carrier waves from many other 
transmitting stations, but the signal we want from a 
particular transmitter must be selected (tuned) from 
them. 


2. DETECTION. The next stage is the detection stage, 
in which the electro-magnetic audio frequency wave 
is detected from the carrier wave. 


3. AMPLIFICATION. The electro-magnetic audio 
signal wave is amplified, or made bigger, and 
translated from an electrical signal into SOUND 
by the loud-speaker, from which we hear a repro- 

duction of the transmitted sound. 
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Reading circuit diagrams 


Before building a piece of electronic equipment, a 
constructor needs to know how to wire up the various 
components. This can be done with the help of a 
diagram showing how the components are joined. 
Electronic engineers have developed a ‘shorthand’ 
method of showing the various components and their 


joining wires. This is the circuit diagram. 


A circuit diagram is like a map. All the electronic 
components have symbols, and the connecting wires 
are shown as straight lines. The positions of the com- 
ponents on the circuit diagram do not normally corres- 
pond to their actua/ positions in the completed equip- 
ment. Sometimes a /ayout diagram is also used to show 
where to position the components on a base board. 


Many symbols are used in circuit diagrams and we 
will learn them as we meet them in the course of our 
construction. To make construction easier we will use 


both circuit and layout diagrams, 
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CRYSTAL RADIO 
MX-901 


PARTS LIST 
Antenna Coil Screw, medium (1 ea.) 
Plastic Case with Labeled Panel Sping Terminals (9 ea.) 
D iode Tuning Capacilor 
TOOL YOU MAY NEED Earphone Con necting Wrres: 
Long-nose pliers Anten na Coil Clip B ue. Long (2 ea.) 
Wire,cutters Tunrng Capac tor Knob White. Short (2 ea.) 
Ph llipslype screwdrlver Nut, (1 ea) Antenna Wire, Green (3 N,4eters) 
Pencil or ballpoint pen Screw smali, (3 ea.) 
INTRODUCTION 


With your "Crystal" Fadio Kit you can tune in AfV radro stattons without using batteries or AC powerl This device works on the same 
principle as the early crystal radjo, but the crysta has been replaced with a more reliable modern device called a djode. Your C'ysta, Bad 
o Kit 'cou.es ro p.evious experience with electronics. You can build and operate it by fo lowing the simple instructions in this manual. 


ASSEMBLING YOUR CRYSTAL RADIO 


Follow the instructions in the order given, beginning wlth Step 1 . 


Notes: 

Don't rush. Take your time and enjoy bujld ng your KII, 

You can check off each step as you finish it to besure yo{r don't forget an},thing.a 

Allthrough these instructions you're asked to make various conr'reclrons. Secure electrical connections are very mponant In 
electronic devices. One poor connect,on can keep your crystal set from 

Be sure all your connections are good ones 


To conject a wjre 10 the spring terminals: Ye 

A - Bend ihe spring to one side with your f nger. Ei =) 

B - Insert the end of the wire into one of the gaps in: tre spring. a 

C - Re ease the sp|ng. | t wii hold the wire tirrn ly. OA 


Be sure you connect clean. bare wire to each terminal. Some of the wires have insulation that has been stripped of the ends. 
Other wires have been "tjnned" (coated with solder) at the ends so that they can make a good connection. 
Nake sure Ihat you insert the bare end of the wire into the spring terminal Be careful to keep the nsu,ated part out of the spring. 
If a wire has a shiny tjnned part at the end, Insert the shiny part into the spring. 
Step - 1 Using your pencrl or pen, punch out the nine larger holes and the tour srnaller holes in the panel. 
Step - 2 Copy the termjnal numbers Irom the frontof the panel to the corresponding positions on the back side 
Step - 3 Install the spring terminals : 
A - Press the smaller end of each spring terminal into one of the punched holes. A | = 
B - Use the pointed end of a pencil to twjst each term nal firmly into place. Hh a. 
Step - 4Mount lhe diode as follows: a 

NY 


A - Use your long-nose pliers to bend each of the diode's tvr'o wires — 
as shown. ao 
B - Inserthe wire from the diode's stnped (cathode)end thro!gh Ihe hole 


nearest Terminal 3 
C - Insert tnc ,/rire Irom Ihe diode's other (anode) end through the small Banded Er id fr 
a" a 


hole nearesl Terminal 2. ‘Cathode 
Anodell 


D - Attach the wire from the diode's striped end to Terminal 3 
E - Attach the wire from the djode's other end to Terminal 2. i “Anode 


Terminal 3 Terminal 2 
k l 


Note: A diode allows currento pass through it in only one direciron, from anode to cathode. fhis ability to block alternating 
current and pass direct current makes it useful rn many types of electronjc cjrcujts. 


Slep — 5 Mount th tuning capacrlor : emall Ecrew 
iff a 
A - Position the capacrtor beneath the panel opening that is just Small Screw A EA 
above the word TUNING. A Tyra i. 
B - The metal shaft ol the capacitor should extend through the openrng. “WEE oer B 
C - Faslen the capacitor to the panel using the two srna screws. font ra 
Step - 6 Install the luning capacitor's knob : besos Ess Fe j 
A - Turn the tuning capacitor's shaft all the way to the left. C 
B - Piace the tunjng knob on the upper end of the shaft Tuning Capacitor —— 
C - LIne up the dot on the knob with the 0 on Ihe paner. ia 
D - Faster :he knob in place using the reinaining smalll screw. 
Step - 7 Connect the tuning capacitor's wires: 
A - Connect the wire from the tuning capacitor's langet silver strip to Terminal 6. 
B - Connect the wire from the tuning capacltor's sho,!lcr silver strip to Termina 7. 
amm (3/16) 
Slep - 8 Install the antenna coil : Y 
A - Position the antenna coil on the panel near the three rernaining E mel 
small punched holes. "ii a 
B - Insert the antenna coil's green and yellow wires through the hole — 
nearest the Y on the diagram. H / 
C - insen the black and white wires through the hole nearest the W ff 
on the diagram. Green / fat 
D - Fasten the antenna coil in place wiih Ihe nylon clip, medium screw, Yollow Black | a E a? 
and nut, using the last of the small punched holes. i aan e ; 
a= White i A 
Step -9 Connect the antenna coil wires: O oe A 
pal — -euu fee a? / | | i 
A - Connecr the black wire to Terminal 2. ee is Ab E] 
B - Connect the yeljow wjre to Terminal 5 to o <T g! 
C - Connect the while wire to Terminal 6. ! rl, a y 
D - Connect the green wire to Terminal 8. E. rd, NL 3 i Yellow 
edd ES 
n 
Green al 


Step - 10 Instafl the blue and white connecting wires: 


These connecting wrres can be instailed either on the front or the back of the 
panel. We suggest that you pul thern on the front, so that you can see how the 
wiring relates to the diagram on the panel. 

A - Connect a short wire between Termrnals | and 2 

B - Connect a lojg wire between Terminals 3 and 4. 

C - Connect a short wire belween Terminals 7 and 8 . 


Step - 11 Use your wire cutters to neatly trim the ends of all the wires. O di 
Step - 12 Connect the earphone wires to Termrnals 4andL PA des TOO R 
Long vé 


ae = 


i 
Step - 13 Install your ground wire: ió 
The ground wire is an Important part ot your crystal radjo. Conneci it as caretully as you have connected ail the other parts. 
A - From the cojl of green wire, cut off about 5 feet (150crn) 

B - Remove about 6 inches (15cm) of insuiation from one end of the wrre. 

C — Find a metal cold water pipe 


D - Scrape any paint or dirt from the pipe untll you see bright metal al the way around the pipe. 


E - Wrap the bare end of the wire several ttmes around the Scraped part of the pipe and twrst the wire tightly. 
F - Remove % Inch (7mm) of insulatron irom the other end of the ground wire 
G -Connect this end of the ground wire to Terminal B of your radio. 


Step - 14 Install your antenna: 

Your antenna ¡s a very impoftant part of your crystal radio. Connect it as carefully as you have connected all the other 
parts. 

A - Flemove % inch (7mm) of Insulation Irom one end of the remaining length of green wire. 

B - Connect this end to Terminal 1 oi your radio. 

C - Extend the anlenna w re horizontaily to its full length. 


You have oow completed the building of your crystal ladio. If yoLr have followed the instructions carefully, you should be 
able to tune n one or more AM,4 radio statrons right away. 


USING THE CRYSTAL RADIO 


A — Place the earphone in your ear. 

B - Adjust the tuning capacitor's knob for the Clearest reception of a local Station. 

C - Remember that your crystal radio has no amplifier, so the stations you receive might not be as loudi as if you were 
listening to a modern radio. 


Notes: 

- If you ive rn a city, you might be able to receive several statjons. 

- Il you do not live near a radlo station, you might need an outside antenna (not supplied), 35 io 85 feet (1010 25m) long, 
connected to Terminal 5. 


If your radio does not receive stations well, try connecting the antenna wire to term nal 6 instead of terrninal 1 or 5. If 
reception is still poor, change the antenna coil connection as follows : 


White wire from terminal 6 to terminal 2 
Black wire frorn terminal 2 to terminal 6 


HOW YOUR CRYSTAL RADIO WORKS 


All radio broadcast stations do basically the same thing. Thcy combine sound, or audio waves with a radio carries wave. 
The carrier wave travels great distances. and carries with its information about the strength and pitch of the sound 
waves 


One method of combining the radio carrier wave and the audio wave is called Amplitude Nodulation (AM) 
Your AM radio antenna prcks up tne carner wave seni by the radio statlon. 


Your crystal radio then does three inlportant thlgs (with sorne help from you) to allow you to hear the radio program. 
These are: 

- Tuning 

- Detectjon 

- Changing of an electrical current to sound waves 


TUNING 


When you turn the tuning capacitor's knob, you are adjusting a circuit formed by the tuning capacitor and the antenna coil. 
This circult allows only one radio station's carrier wave at a time to enter your radio. 
By tuning this circuit, you se{ect the carr er wave lo the station you want to hear’ 


DETECTION 


The djode gets rid oi the carrier wave by sending it to the ground through your cold water pipe At the same time. it allows a tiny 
electric current that represents the sound (audio) inlormation to go to the earphone. 


CHANGING ELECTRICITY INTO SOUND 


When the electric current reaches the earphone, It causes a small piece of ceramic material to vibrate. The movement of this 
ceramic to vibrates the crating the sound waves that you hear. 


Your crystal radio works very much the sarme way as the early ones. Of course, the “old-time” crystal sets didn't have diodes. 
They used a piece of galena crystal (lead ore) held in contact with a fine wire called a “cat's whisker.” 


This earlier type of radio, like yours, had no amplification. Then as now, more complicated radios amplified the audio waves to 
vibrate a loudspeaker and produce ouder sound. 


The Readout board will require the following jumpers (refer to 
Fig. 3-17 and Figs. 3-18A € B): 
|. IC7 to 12—jumper all pins 4 and 13 (strobe). 

. 1C13 to 18 —jumper all pins 2 (reset). 

. IC13 to 18—jumper pins 1 and 12 on each IC only. 
. 1C13 pin 11 to IC14 pin 14. 

. IC14 pin 11 to IC15 pin 14. 

. IC15 pin 11 to [C16 pin 14. 

. 1C16 pin 11 to 1C17 pin 14. 

. IC17 pin 11 to 1C18 pin 14. 

Also, power to all ICs and all power grounds will have to be 
added. Refer to Fig. 3-17. Jumper grounds to the ground plane and 
between boards. I suggest you use Molex terminals to mount all 
ICs. The added cost is worth it. 

The Input and Control board artwork (Figs. 3-16A & B) is laid 
out for 60 Hz operation. If you’re satisfied with an accuracy of 
approximately 500 PPM on your counter, use it as is. You won't 
need the LM340-5T in the power supply, so that’s an additional 
saving. 

The crystal controlled timebase should be added to get the 
most accuracy from your counter Fig. 3-19 is a suggested circuit. 
Layout is not critical and could be hand-wired in no time. If used, 
you won't need [C22 and IC23. To connect, remove the jumper at 
point “A” and connect the output on the last counter to point “A”. 

That's about it. If you got all the jumpers in right and your 
power is connected right (double check), you should be finished. 
The dot near each IC on the artwork is pin 1. 

Make sure all ICs are installed correctly. That's another 
reason for using the Molex terminals. It’s a lot easier to reverse an 
incorrectly mounted IC with them. 

There is no calibration procedure. If it’s wired right, it'll 
work. One word of caution. If the counter fails to count all the way 
to 30 MHz, 1C21 could be the cause. It has to divide by 5 up to 15 
MHz. Substitute it with other 7490s until you get one that goes to 
30 MHz on the input. 

Finally, your counter is compatible with any of the prescalers 
available on the market, extending its range to 300 MHz. Also, see 
Fig. 3-20. 
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FREQUENCY STANDARD 


With the proliferation of subbands and interference-obscured 
net frequencies, the use of an accurate secondary frequency stan- 
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All radios slill use the basjc combination of (1) a tuned circuit that selects the carrier wave sent by tne radio station, (2) a 
detector that separates the sound inforrnatror from the carrier wave and (3) an earphone or loudspea ker yo let you to 
hear the sound 


SCHEMATIC DIAGRAM 


Antenna coil 
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A Pretty Good Crystal Set - Mark II 


By Al Klase, N3FRQ, http://www.skywaves.ar88.net/ 


This is a revised version of the original New Jersey Antique Radio Club PGXS with 
minor changes to improve performance with short antennas in strong-signal areas. This 
radio will give a good account of itself on the AM broadcast band. 


OK! It's time to build a crystal set. This time it's going to be a good one. 


Countless millions of crystal 
radios have been built over the last 
100 years, but the performance of 
most of these leaves a lot to be 
desired. The design of this radio 
goes back to about 1990 when I was 
a den leader for my son’s Cub-Scout 
pack. I wanted the guys to have the 
experience of listening to a radio 
they had built with their own hands. 
However, we were in the deep 
suburbs of Philadelphia (actually half 
way to Reading). There were no 
strong local stations, so an average 

ae fae Ah j = crystal set combined with the sort of 
ein antenna most families would erect, wasn’t going to get the job done. The 
result was the Den Two Crystal Radio. (See “Crystal Set Projects,” The Xtal Set Society, 
1997.) This radio was based on a spider-web coil that 10-year-old hands could wind with 
a little supervision. It was sensitive enough to hear distant sky-wave stations at night, 
and selective enough that you could usually listen to just one station. Seven were 
constructed and at least six of those went into service at home. Everyone was duly 
impressed. We even had reports of hearing Radio Japan! (That was from Ontario, 
however.) We’ll use the same circuit with a better solenoid-style coil. 


Selecting Components 


First, let’s deal with the headset. Look around for a traditional pair of 2000-ohm 
“phones. That’s the DC resistance, they’ ll have an AC impedance of about 10,000 ohms. 
Test the “phones by putting them on your head, holding on to one of the tips and touching 
the other to an electrical ground such as a water pipe or the screw on an outlet plate. You 
should hear a click or maybe a hum. If not, they probably won't be sensitive enough for 
our purposes. Check the DC resistance with an ohm meter, it should be in the range of 
1-5 K-ohms. Sometimes the cords are open. 

An acceptable alternative to a vintage headset is one of the crystal (ceramic) ear 
plugs available from Mouser.com for about two bucks. It’s best to install a 50-100K 


resistor in parallel with these capacitive devices to provide a DC load for the detector to 
eliminate audio distortion. 

Modern low-impedance headsets with a matching transformer might work if you 
have a lot of signal strength, but most are designed to sacrifice sensitivity for flat 
frequency response. 

Next comes the detector. Stick to a germanium diode or the base-emitter junction 
of a germanium transistor for openers. A digital voltmeter in the diode position will 
indicate the forward voltage drop. Germanium devices will show 0.2-0.3 while silicon 
will indicate 0.5-0.7 volts. You can use a modern silicon device, but you’ ll be giving up 
a lot of sensitivity. The basic germanium diode is the 1N34A, but the part number 
doesn’t mean much. They vary widely. Dump out the junk box, try them in a radio, and 
pick the best one. You can move on to mineral detectors and cat’s whiskers for a little 
nostalgia after you have a working radio. 

Now you’ll need an antenna, the higher, longer, and more in the open the better. 
Sixty feet long and forty feet high would be excellent, but wire in the attic will probably 
suffice, especially if you’re a “city mouse.” A wire to a hose clamp around a water pipe 
Or a connection to the screw on an outlet plate (AC safety ground) will complete the 
antenna-ground system. 


Start Simply 


Now it’s time to build the simplest possible radio: Clip-lead the diode across the 
headset and then connect one side to the antenna and the other side to ground. You 
should hear something, quite possibly three stations at once. This will verify that you 
have a usable headset and detector, and that you have enough antenna for the available 
signals. 


Construction of the PGXS 


To make this kludge into 
a serviceable radio we’ll add a 
resonant “tank” circuit 
consisting of a coil and a 
variable capacitor to allow us to 
select the station we want to 
hear. The coil has multiple taps 
so it can serve as an 
autotransformer to achieve a 
good impedance match, 
allowing optimal energy 
transfer, between the antenna- 


50 turns 
#26 insulated wire 


ground system and the tank Tapped at 5 10,20, | Pretty Good Xtal Set - Mk. II 
circuit as well as between the 30, 40, & 50 turns. 


tank and the detector and it’s Al Klase - N3FRQ - 4/26/2007 
load, the headset. 


The target value for the cap is 365 pico-farads (mmF or pF), but a 500 pF unit as 
found in some of the old battery sets will work nearly as well. You could also use the 
large half of the two-gang cap from a junked all-American-five radio, etc. 

The coil is wound on a 4-inch ABS pipe coupling from the “home center.” Wire 
is generally expensive and hard to buy retail. You can use #20 insulated bell wire, also 
from the “home center” because it is easily available. The down side is that it’s twisted 
pair that needs to be untwisted, and they make you buy 500 feet, for about 30 bucks, 
when you only need 85 feet for the project. Any plastic insulated wire between +26 and 
#20 will do, but you may need to adjust the total number of turns after you get the radio 
working to cover both ends of the broadcast band. The best option, for maximum 
performance, is silver-plated Teflon-insulated hook-up wire if you have any in the junk 
box, but even common vinyl-insulated tinned stranded wire will work just fine. Close- 
wound enameled magnet wire is a bad bet, as eddy currents in the closely spaced turns 
cause considerable loss. 

Winding the coil: Tie one end 
of an 85-foot length of wire to a solid 
support. Drill two small holes about 
3/8 of an inch from the end of the coil 
form. Keep the drill handy. Put your 
wire cutter and a strip of thin 
cardboard about 3/8 inch wide and 3 
inches long in your shirt pocket. Lace 
the end of the wire into one hole and 
out the other, leaving about a foot 
protruding from the form. Grasp the 
coil form firmly and pull the wire 
taught against the tied off end. Wind 
5 turns on the coil keeping the wire 
close-wound and tight. Place the end 
of the cardboard strip under the 5th turn. Wind four more turns, sneaking them under the 
strip. Wind the 10th turn over the strip. Continue winding placing the 20% 30", 40", and 
50% turns on top of the cardboard. Holding the 
wire firmly in place with your left thumb, clip the 
wire leaving about a foot to terminate the coil. Drill 
two more holes in the form just beyond where the 
50% turn crosses the cardboard, and lace the end of 
the wire through them. 

Use a utility knife to whittle away the 
insulation where the turns cross the cardboard. 
Wrap and solder a piece of bare wire at each of 
_ these sites to form the coil taps. 


“Beadboard” the radio with clipleads 
or tack-solder joints to make sure everything 
works before committing to a physical 
design. 


The radio in the picture is built on an | ih) | | | 
Mi il pl il 


AM 


8-inch square piece of 34” plywood with an 
8 x 6-inch front panel of tempered 
hardboard. An alligator clip is used to 
connect the selected coil tap to the antenna 
terminal. The 100K-ohm diode load resistor 
is installed on the 14-inch phone jack. An 
adaptor is used to plug in the ceramic 
earpiece. Print out and paste the dial scale 
to the front panel. A large knob with a 
pointer is the way to go. You can install a 
rotary switch for the coil taps if you want to 
get fancy. Layout is not critical, but keep 
the coil in the approximate orientation shown so it can be coupled to the antenna tuner to 
be described in “Phase II.” 


Operation 


Connect the antenna, ground, and headset. Put the alligator clip on the middle tap 
where the diode connects. Tune in a station. Move to another tap, and retune looking for 
the best performance. The optimum coil tap will be dependent on the frequency your 
tuning. 

In strong signal areas, you can just connect your ground wire to the top (right 
most) tap. The headphone cord and your body will serve as the antenna. 

A reasonably high 50-75- foot outdoor antenna should allow you to hear night- 
time stations hundreds of miles away. 


Some Helpful Links 
The author”s website: http://www.skywaves.ar88.net/ 
The Radio Technology Museum: http://www.rtm.ar88.net/ 


The New Jersey Antique Radio Club: http://www.njarc.org/ 


Figure 1 - Dial Artwork. Print on label stock. 


A Pretty Good Crystal Set 


By Al Klase, N3FRQ, http://www.skywaves.ar88.net/ 


OK! It’s time to build a crystal set. This time it’s going to be a good one. 


Countless millions of crystal radios 
have been built over the last 100 years, 
but the performance of most of these 
leaves a lot to be desired. The design 
of this radio goes back to about 1990 
when I was a den leader for my son’s 
Cub-Scout pack. I wanted the guys to 
have the experience of listening to a 
radio they had built with their own 
hands. However, we were in the deep 
“= suburbs of Philadelphia (actually half 
Ns] way to Reading). There were no 
=< strong local stations, so an average 
crystal set combined with the sort of 
: =. > makeshift antenna most families would 
erect, wasn’t going to get the Gob done. The result was the Den Two Crystal Radio. (See 
“Crystal Set Projects,” The Xtal Set Society, 1997.) This radio was based on a spider- 
web coil that 10-year-old hands could wind with a little supervision. It was sensitive 
enough to hear distant sky-wave stations at night, and selective enough that you could 
usually listen to just one station. Seven were constructed and at least six of those went 
into service at home. Everyone was duly impressed. We even had reports of hearing 
Radio Japan! (That was from Ontario, however.) We’ll use the same circuit with a better 
solenoid-style coil. 

First, lets deal with the headset. Look around for a traditional pair of 2000-ohm 
“phones. That's the DC resistance, they’Il have an AC impedance of about 10,000 ohms. 
Test the “phones by putting them on your head, holding on to one of the tips and touching 
the other to an electrical ground such as a water pipe or the screw on an outlet plate. You 
should hear a click or maybe a hum. If not, they probably won’t be sensitive enough for 
our purposes. Check the DC resistance with an ohm meter, it should be in the range of 
1-5 K-ohms. Sometimes the cords are open. 

An acceptable alternative to a vintage headset is one of the crystal (ceramic) ear 
plugs available from Mouser.com for about two bucks. It’s best to install a 50-100K 
resistor in parallel with these ‘phones to provide a DC load for the detector to eliminate 
audio distortion. 

Modern low-impedance headsets with a matching transformer might work if you 
have a lot of signal strength, but most are designed to sacrifice sensitivity for flat 
frequency response. 

Next, comes the detector. Stick to a germanium diode or the base-emitter 
junction of a germanium transistor for openers. A digital voltmeter in the diode position 
will indicate the forward voltage drop. Germanium devices will show 0.2-0.3 while 


silicon will indicate 0.5-0.7 volts. You can use a modern silicon device, but you’ll be 
giving up a lot of sensitivity. The basic germanium diode is the 1N34A, but the part 
number doesn't mean much. They vary widely. Dump out the junk box, try them in a 
radio, and pick the best one. You can move on to mineral detectors and cat’s whiskers 
after you have a working radio. 

Now you’ll need an antenna, the higher, longer, and more in the open the better. 
Sixty feet long and forty feet high would be excellent, but wire in the attic will probably 
suffice, especially if you're a “city mouse.” A wire to a hose clamp around a water pipe 
or a connection to the screw on an outlet plate (AC safety ground) will complete the 
antenna-ground system. 

Now it’s time to build the simplest possible radio: Clip-lead the diode across the 
headset and then connect one side to the antenna and the other side to ground. You 
should hear something, quite possibly three stations at once. 

To make this kludge into a serviceable radio we'll add a tuned “tank” circuit 
consisting of a coil and a variable capacitor. The target value for the cap is 365 pico- 
farads (mmF or pF), but a 500 pF unit as found in some of the old battery sets will work 
nearly as well. You could also use the large half of the two-gang cap from a junked all- 
American five radio, etc. 

The coil is wound on a 4-inch styrene pipe coupling from the “home center.” 
Wire is generally expensive and hard to buy retail. [ve specified #20 insulated bell wire, 
also from the “home center” because it is easily available. The down side is that it’s 
twisted pair that needs to be unwound, and they make you buy 500 feet, for about 30 
bucks, when you only need 85 feet for the project. Any plastic insulated wire between 
#26 and #20 will do, but you’ll probably need to adjust the total number of turns after you 
get the radio going to cover both ends of the broadcast band. The best option, for 
maximum performance, is silver-plated Teflon-insulated hook-up wire if you have any in 
the junk box, but even common vinyl-insulated tinned stranded wire will work all right. 
Close-wound magnet wire is a bad bet, as eddy currents in the adjacent turns cause 
considerable loss. 

Winding the 
coil: Tie one end of an 
85-foot length of wire 
to a solid support. Drill 
two small holes 3/8 of 
an inch from the end of 
the coil form. Keep the 
drill and wire cutters 
handy. Put a strip of 
thin cardboard about 
3/8 inch wide and 3 
inches long in your shirt 
pocket. Lace the end of the wire into one hole and out the other, leaving about a foot 
protruding from the form. Grasp the coil form firmly and pull the wire taught against the 
tied off end. Wind 5 turns on the coil keeping the wrie close-wound and tight. Place the 
end of the cardboard strip under the 5th turn. Wind four more turns, sneaking them under 
the strip. Wind the 10th turn over the strip. Continue winding placing the 20" and 30" 


turns on top of the cardboard. Wind 18 more turns for a total of 48. Clip the wire leaving 
about a foot to terminate the coil., drill two more holes in the form, and lace the end of 
the wire through them. 

Use a utility knife to whittle away the insulation where the 5", 10%, 20", and 30" 
turns cross the cardboard. Wrap and solder a piece of bare wire at each of these sites to 
form the coil taps. 

“Beadboard” the radio with clipleads or tack-solder joints to make sure everything 
works before committing to a physical design. The radio in the picture is built on an 8- 
inch square piece of 3%” plywood with an 8 x 6-inch front panel of tempered hardboard. 
Layout is not critical, but keep the coil in the approximate orientation shown so it can be 
coupled to the antenna tuner to be described in “PGXS — Phase II.” 


COIL: 


48 turns 
#20 insulated wire 


4.5" diameter 
Tapped at 5, 10, 20, NJARC - Pretty Good Xtal Set 
and 30 turns. 

Al Klase - NSFRQ - 2/28/2006 


RCA RAB Receiver 


An Exercise in No-Holds-Barred Receiver Design Ca. 1931 


RAB 


The United States Navy became one of the early adopters of long-range short-wave communications as a result 


of positive results obtained during fleet maneuvers in 1925. Early receiving sets were TRF-autodynes, but by 
the early 1930's the state of the art had progressed far enough to allow the design of a truly effective super- 
heterodyne for the HF range. The RAB was probably the first mass-produced short-wave superhet, and had a 
number of advanced features that would not appear in commercial sets for years. 


Frontispiece—Typical Installation Model RAB Equipment 


RF Tuner CRV-4552 
(rear view) 


RF and oscillator coils are 

mounted on the top and 

bottom of the main chassis. 
http://www.skywaves.ar88.net/commrx/RCA/RAB/RAB.html 


Model RAB Radio Receiving Equipment 


Range 1,000 - 30,000 KC in eight 
band-switched ranges 

2 Tuned RF stages for effective 
image rejection 

2 IF stages with 8 tuned circuits for a 
modicum of selectivity. 

IF frequencies: 600, 1450, 3250, 
7200 KC The higher IF's ease the 
image problem at higher frequencies, 
and widen the bandwidth to 
compensate for transmitter 
instability. 

IF frequency depends on band in use 
Remote-cutoff tubes in RF and IF for 
excellent manual gain control 
Regulated PS for LO and BFO 
Audio filtering for AM and CW 
Audio limiter (AVC) 

Weight: 455 lb (plus table and 
typewriter) 
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dard is both good operating procedure and also helps fill our legal 
requirements for frequency measurement capability under FCC 
regulations. In addition, such a standard can be used as a timebase 
or signal injector to test digital logic circuits. 

This frequency standard was designed to be a low cost answer 
to the need for a good secondary frequency standard. It generates 
marker signals of 1000, 500, 100, 50, 25, 10, 5, and 1 kHz, and 100, 
10 and 1 Hz. With harmonics usable well beyond 30 MHz, markers 
available to denote subband edges, align receiver dials, find net 
frequencies, and measure the frequency of unknown signals. 
Should your latest logic circuit not perk properly, two TTL level 
outputs are available as substitute clocks or signal injectors. 

Short term accuracy is approximately 1 part in 10°. The unit is 
easily aligned to WWV witha short wave receiver. An attenuator is 
included to permit matching signal strengths with the received 
signal so that a zero beat can be easily and accurately identified. 
Only one trimmer need be adjusted to align the standard. 

With the standard still attached to the receiver and providing 
an audible measure of its accuracy, a counter or other TTL- 
compatible device may be attached to either TTL output and that 
device’s accuracy checked. 

A frequency burst mode is provided to allow identification of 
the standard’s markers in a crowded receiver passband. Enabling 
the burst turns the output on and off ten times per second, resulting 
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Band selection 1S 
accomplished by a sliding 
assembly containing the 
five-gang tuning capacitor 
and tubes. This carriage is 
moved by a lead screw 


actuated by the milling- pis teaa mn 38058 
‘ : 5 - | 
machine-like knob on the | | a 
front panel. aes / 
SUP SSS MR d 
38064 | mE ara A A 
{st OSC. | Y 
38058 JP ANTENNA COMP. 
2u0 RF AMP. H CAPACITOR 
Figure 3—Radio Frequency Tuner CRV-4552 
(Rear View Chassis—Carriage Cover Plate Removed) 
_LOW PASS 38027 38024 `- 38035 38035 
| "FILTER 2ND AF ist AF 2nd IF ist IF 
IF and AF Amplifier 


CRV-4553 
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Four sets of IF transformers 
and BFO coils are mounted 
on the underside. IF 
frequency selection 1s by 
way of a sliding chassis 
containing the tubes and 
support circuits. 
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POWER SUPPLY BAND PASS 38027 AF AMPLIFIER 38064 38024 
TERMINAL BOARD FILTER AVC’S UNIT CRV-4555 CW OSC, 2no DET. 


Figure 4—IF and AF Amplifier CRV-4553 


(Top View Chassis—Carriage Cover Removed) 


RAB schematic.gif (188KB) 


http://www.skywaves.ar88.net/commrx/RCA/RAB/RAB.html 2/3 
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RAB Manual (11 MB) 


http://www.skywaves.ar88.net/commrx/RCA/RAB/RAB.html 
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BENJAMIN AND VID GOLDENBERG 'S VERY-F INE 


OLD-TIME CRYSTAL RADIO 


Parts List: 


PVC pipe, 1" outside diameter (3/4” size) x 4" long 
Aluminum or steel sheet metal, 0.5” wide x 5” long 


Coil wire (#24 magnet wire) 


Coil wire (#24 magnet wire) S 
Hook-up wire (#22) 


Board, 3/4" thick, approximately 7" x 9" 


What else you need: 


Vise-Grip pliers 

Wire cutters 

Soldering iron and solder 

Drill, with 1/8", 3/16” and 3/8” bits 

File or motorized grinder (e.g. Moto-Tool) 
Screwdriver 

Scotch tape 


Instructions 
I. CONSTRUCTION OF SPECIAL PARTS. 


The following steps involve making a few special parts for the radio. Some of 
these steps are most easily performed using power tools and some involve soldering. 
This work should be done by someone old enough and knowledgeable enough to handle 
these tools safely. Once these parts are made, however, the rest of the project requires 
only hand tools and can be completed by nearly anyone. 


1. Coil Form 


The coil form is a piece of PVC pipe, 1” in diameter (outside) and 4” long. (For 
reasons fully understood only by plumbers, pipe of this diameter is referred to as 3/4”.) 


To facilitate mounting the coil to the board, drill two sets of holes, on opposite sides of 
the form. On one side of the form, drill two holes, 3/16” in diameter and 3/8” from the 
ends. Directly opposite from these holes, drill two more holes 3/8” in diameter. Screws 
will be placed through the smaller holes, while the larger ones make it easy to reach the 
screws with a screwdriver. 


2. Slider 


Drill two 3/16” holes in the piece of sheet metal, each 1/4” from an end. After the 
holes are drilled, place a bend in the metal 3/4” from each end, as shown in the figure on 
page 3. Use a vise or pliers to bend the metal. Use a file to smooth all of the edges and 
corners of the metal. 


CAUTION: Drilling sheet metal can be very dangerous! If the bit catches on the metal, 
you can have a very sharp edge flying through your hands. Hold the metal firmly with a 
pair of pliers (preferably Vice-Grip type), not with your hands! Also, place a piece of 
wood under the metal as you drill. This will help keep the metal from tearing and 
grabbing the bit as the passes through. 


3. Pointed screw for slider 


Using either a file or a grinder, grind a point on the 8-32 machine screw. The 
point doesn’t need to be very sharp; about like the tip of a medium ball-point pen is ideal. 


4. Earphone jack with wires. 


Cut two pieces of hook-up wire 2” long. Remove 1/4” of insulation form one end 
of each wire and solder the wires to the terminals of the earphone jack. Remove 1/2” of 
insulation from the other ends of the wires. 


Note: Headphone jacks often have more than two terminals. Make sure that the terminals 
you solder to are the ones that will be connected to the tip and side of the plug when it is 
inserted. 


5. Ring terminal with two wires. 

Cut two pieces of hook-up wire, one 7” long and the other 2”. Remove 1/4” of 
insulation from one end of each wire. Solder the two wires to the ring terminal. Remove 
1/2” of insulation from the other ends of the wires. 


6. Board 


Tape the layout template (the last page of this document) to a board, 
approximately 7” x 9”, and drill a 1/8" hole at each position marked with a cross. 


Il. ASSEMBLY 
1. Wind the coil. 


The coil is made by wrapping the #24 magnet wire onto the coil form, which is 
made from a piece of PVC pipe. The magnet wire is the wire that looks like it has no 
plastic insulation on it. But, it is actually coated with a thin layer of enamel. This 
coating must be removed from the ends of the wire before making any connections. 


The best way to wind the coil is with two people, one to hold the wire taught (the 
holder) and the other to wind it onto the coil form (the wrapper). First, thread the end of 
the coil wire from the outside of the form through one of the large holes and out the end 
of the form. Leave about 4" of wire going out the end. Hold onto the other end of the 
wire and begin wrapping it around the form, starting right next to the hole. After you 
have wound a few turns on, push the wire together so it is nice and neat and put a piece of 
Scotch tape over it. The coil should look like this: 


Now, the "holder" should hold the spool of wire loosely while the "wrapper" walks across 
the room unwinding the wire. Then, the holder should hold the spool very tightly so that 
the wrapper can wind the wire onto the pipe evenly. Each turn should be wrapped on 
right next to the previous turn, but shouldn't overlap. As the wire is wrapped on, the 
wrapper slowly walks across the room keeping the wire tight. When the wrapper reaches 
the holder, hold the wire that has been wrapped onto the form tightly, while the holder 
lets the wire on the spool unwrap. The wrapper then walks back across the room 
unwinding the wire from the spool, and the same procedure is repeated. 


When the coil is within about 1/8” of the holes at the other end of the coil, stop 
winding. Put a piece of Scotch tape on the end of the wrapping, and cut the wire a few 
inches from the end of the coil. Thread the end of the wire through the large hole in the 
form. 


2. Attach the coil to the board. 


Use two of the #8 sheet metal screws to attach the coil to the board, using holes B 
and C that you drilled. Place the screws through the small holes in the coil form from the 
inside. You can then use the large holes on the other side of the form to reach the screws 
with a screwdriver. Make sure the coil is attached snugly to the board. 


3. Assemble the slider. 


Find the slider, the 8-32 screw and the two 8-32 nuts. Thread one of the nuts onto 
the screw until it is about 3/8” from the head of the screw. Put the screw through one of 
the holes in the slider and thread the other nut on, so that the slider looks like this from 
the side: 


Tighten the second nut against the slider and the first nut with a wrench. 
4. Attach the slider to the board. 


Find a sheet metal screw, a washer and the ring terminal with two wires attached 
to it. Put the screw through the ring terminal, the washer and finally the open hole in the 
slider assembly (from the top of the slider as shown above). Attach the entire assembly 
to the board with the screw at hole E. Tighten the screw so that it is snug but still allows 
the slider to move back and forth. The pointed end of the machine screw at the other end 
of the slider should press firmly against the wire on the coil. If necessary bend the slider 
so that it makes firm contact with the coil but can still move. 


Move the slider back and forth on the coil to scrape the enamel insulation from 
the coil wire where the pointed end of the machine screw touches it. The screw should be 
able to make an electrical contact with the coil wire at any position along the length of 
the coil. 


5. Put the remaining screws in the board. 


Screw the remaining sheet metal screws into holes A, D, F, G and H, witha 
washer on each screw. Do not tighten the screws yet. 


6. Wire the components of the radio together. 


Use the circuit drawing as a guide. For each connection, make sure that the insulation 1s 
removed from the end of the wire. Wrap the bare ends of the wires around the screw 
between the screw head and the washer underneath. 


a. Wrap the two wires from the earphone jack around screws F and H. Do not 
tighten these screws yet. 


b. Take the short wire from the slider and wrap the bare end around screw F 
(which should already be attached to one of the earphone jack wires). Do not 
tighten the screw yet. 


c. Take the long wire from the slider and wrap the bare end around screw A. Do 
not tighten this screw yet. 


d. Find the crystal diode, the small cylinder with two bare wires attached to it. 
Wrap one of the wires around screw H (attached to the other earphone jack wire), 
and tighten the screw. 


e. Take the other wire from the diode and wrap it around screw G. Do not tighten 
this screw yet. 


f. Find the capacitor, the small disc with two bare wires attached to it. Wrap one 
of the wires around screw F and tighten the screw. 


g. Wrap the other wire from the capacitor around screw G, but do not tighten this 
Screw yet. 


h. Cut a piece of hook up wire about 6" long and remove about 1/2" of insulation 
from each end. Wrap one end around screw G and tighten the screw. Wrap the 
other end of the wire around screw D, but do not tighten this screw yet. 


i. Take the wire from the right hand end of the coil and remove the insulation 
from about 1/2" from the end of the wire. To remove the insulation, either lightly 
scrape the wire with a knife or use a small piece of sandpaper. Wrap the bare end 
of the wire around screw D, but do not tighten the screw yet. 


7. Connect the radio to ground. 


In order to work, the crystal radio must be wired to a good ground connection. 
Often, the easiest way to make a ground connection is to use the grounding circuit for the 
house's electrical system. Cut a piece of hook-up wire long enough to reach from the 
radio to a nearby electrical outlet. Remove 1/2" of insulation from each end of the wire. 
Wrap one end around screw A of the radio and tighten the screw. On the electrical outlet, 
loosen the screw that holds the plate on the box. Wrap the other end of the wire around 
this screw and tighten it. 


CAUTION: Be sure not to let the wire or anything else touch the 120 V socket! 


Alternatively, you can use a cold water pipe to connect the radio to ground. 
Remove a few inches of insulation from the wire from screw A of the radio and wrap the 
bare end around a cold water pipe. 


8. Connect an antenna to the radio. 
Use the rest of the hook-up wire to make an antenna. Remove 1/2" of insulation 
from one end of the wire and wrap it around screw D. Tighten the screw. Unwind the 


wire from the spool and try to place it as high as possible in the room. 


In areas with many powerful radio stations nearby, an inside antenna should be 
adequate to receive a few stations. If you have trouble hearing anything, it may help to 


set up a long outside antenna. Radio Shack sells a kit with the necessary wire and other 
parts (cat. no. 278-738). 


9. Try the radio! 

Plug the earphone into the jack. Listen to the earphone and slowly move the 
slider across the coil. Try to find the position where a station is loudest. You should be 
able to hear a few different stations with the slider at different positions. 

10. If the radio doesn't work, check the following: 

a. Make sure all of the connections are correct and that the insulation has been 

removed from the wires where they are wrapped around screws. Also check that 


there aren't any short circuits between the screws or bare wires. 


b. Make sure that you scraped the insulation from the coil wire with the slider so 
that the slider can make good contact with the coil. 


c. Make sure that you have a good ground connection. Try a different electrical 
outlet or a cold water pipe. 


d. Place the antenna higher up or try a longer wire. 
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Superreaction receiver with ECC81 
Regenerative RX with 12AT7 


ne lall'alta tensione 


IR alimentazione filamento 
| piedini 4+5 e 9 per 6,3V 
piedini 4 e 5 per 12V 


Building a receiver like this nowadays may seem like suicide. 


Why embark on a critical realization and doubtful functioning from the point of view of quality, when it would be 
enough to buy one of the many monolithic chips all do in which virtually attack the antenna, headphones and 
battery, and you have better results than this. 


Yeah, why ?! 


Do you want me to list them point by point or do you imagine them? 
I know, I know the answers you would give me, colorful, funny, offensive and elusive, accusatory and vaunting. 
The truth is that I needed to get involved. 


Everyone talked, talked, talked about the social crisis in which we find ourselves, everyone pretended nothing, 
everyone put the ham on the eyes and the prepaid TV in the ears so that via cell phone we were more stoned 
than what in the end not we would always be lost in futile artfully created problems to mislead us from the real 
terror we are slipping into. 

With only one salary and a wonderful family, 1 did what the state does not pass in the mind to do, cut the 
unnecessary expenses and, among these, the first to be eliminated, were the outlays for the purchase of radio, 
books and magazines. 

At the beginning it was particularly frustrating, I do not deny it, I felt like a failure, but then I made myself a 
reason and I realized that, in the bad, I had found a lifeline to cling to. 

I rediscovered the radios and books that surrounded me, I realized that I no longer considered them, occupied as 
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I was to accumulate as much as possible, to fill the void that left you the fact of not feeling part of a community 
indeed, a group of people who now thought only of their business. 

So I went to the basement to dust the dust cover but, above all, to open all the shoe boxes full of disassembled 
components over the years and start their cataloging in order to build, build anything, equipment, joke, havoc, 
provided I felt alive again by putting myself to the test. 


In all this psychological, psychiatric, sociological chaos, my friend Stefano Leopardi arrived and offered me an 
advanced radio editing course at his school, for the afternoon activities chosen by the boys. Advanced course 
because the base we had already done :-) 

The project was ambitious, to build to the boys, after the galena in OM amplified with two transistors, a valve 
receiver but with the reception in MF. 

After considering the few circuits that are on the net and on the books, the choice fell on the famous receiver of 
prof. Pegna and that you can find here . The first step was to find the material and to test the circuit, eliminating 
immediately the uninsulated power supply from the network and using a New Electronics kit for the supply of 
valve devices. The second step was the appointment at school, on the 29th of December 2012, during which we 
handled the welder and prepared the first prototype, working immediately even if with some difficulty. 


I admit, a bit ‘skeptical I was, not convinced of the potential of the circuit, not convinced of using high voltage to 
boys and, above all, not convinced that it worked just so much so that, three consecutive times, we misfired for 
assembly errors. 

But then, after listening to the first notes and voices, and having found that, after all, the project was not so 
utopian, I went on to build my own version, to make possible problems that could have occurred to the boys, and 
that's where the vicissitudes started. 


Do not expect me a mathematical treatment of superreaction, they practically do not exist (at least in the books 
and magazines in my possession). The only deals in Italian on the web, which have some validity, here and here 
. The disquisition is interesting and detailed, in an attempt to extrapolate the functioning of the FM superreaction, 
but does not draw a spider from the hole, in the sense that there are no certainties about the real mode of 
detection of frequency modulation. 


Another help could come in an empirical form, using a whole radio frequency instrumentation, in order to have 
the possibility of achieving maximum performance using the equipment and the empirical replacement of the 
components, logically Knowing why and what to replace. In one way or another, I wandered into the limbo of the 
evolved kit builder, that is, that freak being that is neither a designer, nor a graduate, nor a rich one who can 
afford the purchase of what you want , that is of that Sunday animal that has survived since the radio-electronic 
culture has had light. 


The devices in super-action are suitable for the reception of very high frequency signals and with excellent 
sensitivity, despite requiring a small number of components and allowing the detection of signals both amplitude 
modulated and frequency modulated. 

They are easy to build and are very simple, but require a set-up that is often laborious and that makes mass 
production virtually impossible, as each receiver is a world apart. 

They usually consist of a detector valve followed by one or two audio amplifying valves (the same is true for 
transistor circuitry). 

The sensitivity of the detector valve in reaction is extremely high but it is for a very short time since immediately 
after the valve starts to oscillate making us hear the typical whistle in the speaker and starting to transmit 
disturbing the equipment of neighbors. 

It has therefore been thought to prevent the valve from entering oscillation, by making its operation intermittent 
around the point of maximum sensitivity of the valve, that is to keep the operation of the valve suspended 
between the moment of triggering of the oscillations and the moment immediately before, turning off the 
oscillations every time they exceed a certain threshold. 

If the intermittences were 100 per second, reception would be impossible because the resulting signal would be a 
dark buzz; as the intermittences increase, the buzzing gives way to a sharp whistle and then to a rustle, so it is 
from there that we try to create intermittences that are outside the upper hearing threshold of the human ear. 
This intermittence, is called the extinction frequency, and in general, to obtain the above result, a frequency of 
100Khz is applied to the detector, so that each positive half-cycle corresponds to the valve operation and to each 
negative half-cycle it corresponds to the valve locking same. 

The drawback of this type of reception consists in the fact that at each operating interval many cycles of the 
incoming signal must correspond. If the shutdown frequency is 100KHz it will be impossible to receive long waves 


http://www.radioedintorni.it/Radiomeccanico/RadioCostruttore/Rx-ECC81-superreazione.html 2/11 


5/18/2018 Superreaction receiver with ECC81 - Regenerative RX with 12AT7 


or medium waves, and if you want to receive ultra-short waves, receiving LOOMHz signals would have 1000 
cycles of incoming signal for each cycle. 


Our circuit is of the self-oscillating type, the left triode in the electric scheme acts as a grid triode detector and 
oscillating triode. The antenna group, in addition to performing the usual functions of tunable range, constitutes a 
Colpitts oscillator. The JAF1-C3-C4 group constitutes the cell that together with the triode generates the 
extinction frequency; the two resulting signals will subsequently be revealed in grid flaws. 

The potentiometer R4, by varying the anodic voltage of the triode, varies its operation (switch off and oscillation). 
The left-hand triode is a simple low-frequency amplifier triode once the signal has been detected, in which the 
R5-R6-C5 components constitute the components that correctly polarize the trip. Capacitor C6 filters the spurious 
Signals into radiofrequency to ground. 


THE CONSTRUCTION AND THE LIST OF THE SAINTS 


What you see is the first version of the receiver we have talked about so far. 

It is built in an absolutely Spartan way, taking into account only the length of the wires and the terminals of the 
components. The power supply is essential but also spartan, without frills, even the filament is powered by the 9V 
transformer instead of the necessary 12V, as, under load, the transformer pulls out 12V instead of 9V mah, the 
mysteries of the copper electron ! 


In the first tests done with Stefano, they powered the radio at 150V of anodic, the power supply used in my case 
has two voltages, 170V and 200V, does not change practically anything to the ear deafly humanoid like mine, if I 
had the instrumentation, maybe some more info I gave it to you .... The only noteworthy difference is the 
displacement of the point where the reaction intervenes. You can even go down on 130V, but the more you go 
down, the more the reception, the reaction capacity and the output level decrease. 

Turned on the circuit, I bowed to His Lordship Superreaction: although I found a house point (the usual closet) 
stingy with radio waves, I could easily receive many commercial stations with a good volume on the headphones, 
holding the command of the reaction just the typical rustling started, from nothingness to chaos in a light touch. 
Compared to the original scheme, the value of the double variable capacitor and the number of turns of the chord 
and oscillation coil had changed. In this situation there was a lot of buzzing in the background, a remnant of the 
alternate, although tolerable and there was an accentuated hand effect. There was no antenna and no loose 
coupling, just as the welder had created. Computer speakers, even if powered continuously by batteries, at 
maximum volume, 

In all this beehive nest, antithesis of the measurement laboratory, listen to the number of stations that you 
receive and, in general, the quality of the stations received in function of the simplicity of the assembled circuit. 
In the evening, with the headphones, as the external noise and interference diminished, the audio quality 
increased. 
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After these comforting results and after verifying the problems that the boys might have encountered, I decided 
that I would have prepared a small wooden frame at least to give some solidity to the structure and a better 
arrangement of the components. Actually I just picked up the receiver and screwed it to the wooden front panel, 
putting the power supply on the insulating surface, always made of wood, so as not to risk unnecessary short 
circuits. 

The result? 

Disappointing. 

The reception was no longer the same, the signal seemed to have given way to the noise, although the test 
locations were always the same, the reception seemed silenced, even changing the valve with other functions, 
the result did not change. Then I started to change the assembly plan, changing the arrangement of the 
components, moving away, approaching the distanced and approachable, but the only result I got was the 
displacement of the receivable band (I have also come to change the speakers. ...). 

You can listen to the result of the second experiment and watch it in this video. 


Disappointed and disheartened, I went to Stefano's house one Saturday to help me untangle the skein and learn 
something and instead, after a good coffee, my receiver started playing almost like a commercial 
Superheterodyne: clear and strong sound, even with the addition of an external antenna, which considerably 
increased the audio output (which I had not been able to do at home because it was replaced by a strong buzz 
that obscured any transmission). In addition we had connected the valve amplifier that was the other part of the 
school project and the sound was powerful and full-bodied. 

Perhaps the receiver had had a mystical transmutation in road transport or had been blessed by an intergalactic 
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wave coming from the XTY56 sector of the Bravosian galaxy or, simply, it was the usual c ... of the Sunday 
arrangist that in the presence of the supreme master bowed to the knowledge .... 

I can not explain it, coming home from Stefano I felt relieved, all the hours lost to make changes and attempts, 
had led to the creation of a spectacular receiver, the results far above my expectations and the very good sound 
quality. 

I returned home and, after falling asleep, I put on the headphones and I tried again the reception and ....... I 
took the calendar and I enumerated in alphabetical order the sanctified progeny of past centuries. Joke, some 
dirty word I pulled it down, but nothing striking because if I had really named all those saints, you know the 
money I would have to pay in copyright ...... 

Nothing had changed, everything as before, but at least I had the certainty and awareness of what the good 
Ravalico and good Brazioli had been preaching for years now: every receiver in superreaction is a world in itself, 
both on the constructive side and in the context in which it is used. 

The test was exhaustive, at Stefano's house it was received that it was a marvel, in my house a crap. 

Since I had nothing to do, I changed the circuit again, which by now was taking on the definitive aspect and I 
Started the tests again. The following is the result. 


During the tests I notice a strange behavior: just before the sudden reaction comes into operation, there is a 
zone of rotation of the potentiometer in which there seems to be a clean radio reception from the noise. Since the 
grid voltage oscillated around 27V, I decided to extend this range of variability by replacing the 100Kohm 
potentiometer with a 47Koohm resistor series and a 22Kohm linear variation potentiometer. In this way, that 
point of radio grace was perfectly manageable and easily adjustable. 

The receiver began to have its own soul and life. 

I get inspired by optimism and I also try to insert the antenna winding. Now the generation of the buzz is not as 
unmanageable as before, I make a thousand attempts between number of turns and positioning of the loop and 
arrival at the optimum, using two coils of the same diameter of the antenna coil with one end to ground and the 
other connected to a stylus antenna. Now the signal is strong enough and the sound is clean enough. I block the 
antenna coil with the cyano-acrylic glue and I relax by scrolling through the frequency modulation range, 
enjoying the long-awaited success and letting myself be lulled by the silence that only night can give you. 

This is the final result, divided into two videos due to Crozza's intervention in Sanremo. 
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This time I let the video talk rather than the images, I inserted the photos of the initial realization and I finish by 
inserting the photos of the final version. 

As usual, I did not pay attention to the aesthetics, but rather to the final result I had proposed. I am certain, 
because experienced, that the receiver built in this way will give its best under all circumstances, as improved in 
the worst reception conditions, those of my house. 

I do not want to, an excellent project is the combination of all the aspects that compose it, I always defect in the 
aesthetic one but I will improve, one day. 

The complete project involves the construction of the power supply and the low-frequency power stage, but these 
topics will see the light editor later. BUILDING TIPS, WORKING EXPERIENCES AND FINAL IMPRESSIONS 
Where do we start? I do not know, I go in random order, just like memories come back to me. Defects and 
advice. The circuit has its own heart and, therefore, its own independent life. Mine will be different from yours 
and the constructive or implemented strategies that you will adopt will be similar, but it is said that they reach 
the same result. 
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Do not use long, parallel or 90 ° links as well as hieroglyphs: high frequency editing has few basic rules and these 
are some of those. If you can, use rigid wire not interwoven as those normally used in electronics, for example 
the resistance terminals are excellent, use links like those, sell them already made but you can also find them in 
vintage wires peeling. You can use the copper wire of the transformers that you will have scrapped, but you will 
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have the hassle of the peeling and the subsequent welding before putting them in place. 
As usual, it is a must to use what you have at home, especially in this period of crisis (and then become an anti- 
consumerism philosophy). 


The circuit is not very selective, not because of me, but because of how it was conceived. 

Trying to get a high sensitivity has had to give way to selectivity. In OM and OC low there is the problem that 
between one channel and the other there are 9-10Khz with a signal of amplitude however very strong of the 
order of mV. However, having to do with the high frequencies, the view is reversed, we must go to look for very 
weak signals, from 5uV up but with bandwidths of separation between one channel and another of about 200KHz. 
So when you have two stations nearby, or you hear them together, or the most powerful will overwhelm the 
weaker. You can maneuver the variable capacitor to try to get the best reception, perhaps using a manopolone or 
reducing the rotation (in this case it would go against the cheapness of the realization if you buy a knob specially 
gutted, try to invent a tuning system with lanyard or use a large knob, maybe the cap of one liter bottles of fruit 
juice, in short, the choice that is most congenial to you). 


You'll probably need a valve shield. It is a choice that you will have to face straight away, otherwise you will have 
to lose the track again. The screen isolates the valve from the hand effect and the residual humming but becomes 
part of the tuning and reaction circuit. It is one of the faults of the circuit: the construction, the components, the 
connections, everything becomes part of the reception and the reaction, first you understand this and first you 
will be able to understand the behavior of the receiver, without the need for mathematical formulas and 
instruments scientific. 


The capacitor used in this receiver, is a double variable in air 8-19pF then, thinking about the small capacities 
involved, 


In the absence of a tuned signal, a loud background noise is heard, which disappears almost completely when a 
sufficiently strong station is tuned in, noise that still annoys, especially in prolonged listening or in headphones. 


The receiver, as a reaction, is an excellent transmitter on the tuned frequency: you must then duly measure the 
reaction in order to avoid that the roommates of the building, aware of your passion, waiting for you outside the 
door and beat you to the sound of music. 


It is possible that the hand effect is present, an effect that leads your hand to be part of the tuning circuit and 
that leads to the variation of the tuned frequency according to the distance of your hand from the variable. You 
can avoid this problem by using the aluminum front panel, to the ugly use aluminum to cook in film, try what 
happens if you put it to ground or not. In the final configuration the hand effect was not there while it was 
present in the initial one. 


Give the valve a few minutes to warm up and arrive at an equilibrium temperature with the environment in which 
it is located; this will lead to no frequency shift during listening. 


For all the observations reported so far, we understand how the use of these receivers is limited to amateur 
receivers or particular applications, but despite everything is a configuration that gives enormous satisfaction to 
those who venture into the world of VHF with the superreation for the first time: it is a great bench on which to 
experience and learn new concepts. 


Highs 
After having exposed all the problems that may arise, I guess I'll find mica so many advantages .... 


The receiver is built with very few components, without coils with strange initials, with pieces that you can easily 
find in your drawer or at fairs (I'm talking about the condenser and the valve). The receiver is cheap, the valve, 
fortunately, is not widely used by audiophiles, so its price does not suffer the mood of the market. The variable 
condenser Stefano paid him at the fair € 2.50 .... 


The receiver, once you have worked on it, it works really well. 


You can use the headphones that you use for media players, so you can purchase them at little cost, or you can 
connect external speakers for computers, even if the sound output will not be particularly powerful. When you go 
to the usual Chinese store, check the specifications that the headphones are from 320hm impedance, otherwise a 
low and distorted sound output. 
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The receiver allows you to experience in high frequency and allow you to learn new things, which is not a little. It 
is possible to receive a wide range of frequencies, modulated both in amplitude and in frequency, giving you the 
possibility to discover amateur ranges otherwise out of reach. 


The power supply can be obtained using two transformers sold in Chinese shops, those with primary to 220V and 
multiple secondary, from 1.5V to 12V. I bought two for other purposes, from 1A and I paid € 4.5 each, if you take 
those from 500mA cost you € 1 less. If you use the 6V or 12V outputs you can also feed the filament in series or 
in parallel. The anodica requires at most 5mA (remember primary-secondary-secondary-primary). 


In short, I do not have other things to say only that, as you have heard, the receiver works really well (and 
unfortunate not to have registered at Stefano's house ...). 


Last-minute tips 


I recommend using the earphones: the closer they approach the 64ohm required impedance, the greater the 
volume in headphones and the better the sound quality. I have tried 7 of earphones and only two have given the 
desired results, even if no one takes me out of my head that at most are 320hm headphones. As mentioned 
previously, an incorrect and low output impedance leads to increased distortion and headphone output volume. 


The impedance L1 regulates the tuned band and the type of oscillations. With the double variable capacitor in my 
possession that does not exceed 20 + 20pF and the copper wire of that diameter, 7 turns were needed to have 
the whole FM band receivable with only a few degrees of rotation of the lost capacitor. Depending on the 
capacitor in your possession you have to jig on the turns and their distance to have the whole band and avoid the 
overlap between the stations and the same applies to the diameter of the wire you have, must still be close to 
that indicated in the original scheme. If the thread was unglazed but silvered, things should be better. 


The coil L2 you have to try with the assembly that you will have: you will have to test the distance from the L1 
for which you have greater coupling and therefore output signal strength and minimum residual hum. Test. 


As for the JAF1, try all the reels you have, as long as the value is between 5 and 10 micro Henry. The higher the 
value, the less stations you receive, the more difficult it will be to react. At the moment there is a commercial 
10uH reel mounted, I had mounted one when I went to the house of Stefano that his digital inductance measured 
7UH, commercials less than 10uH I had to try. 


I tried to mount an ECC83 but the result was not exciting. He behaved well, some stations felt limpid, but the 
management of the reaction became impossible and the point of work of grace that I had found was no longer 
found. You probably have to rebuild the circuit on that valve, you can try if you do not already have it in the 
drawer and you do not want to spend the money. 


Depending on whether you use the headphones or the external speakers of the computer, you will have to 
manage the socket for female audio jack: if you use the computer speakers, the head that goes to ground 
connect it with the control unit of the female jack. 


Depending on whether you use the headphones or the external speakers of the computer, you will have to 
manage the socket for female audio jack: if you use the computer speakers, the head that goes to ground 

connect it with the control unit of the female jack, the output will be monophonic but the output power and 
quality will increase significantly. 


Remember to connect the screen to ground and place the wire so as to have as little buzz as possible. 
In the receiver mounted by me, three operating modes can be identified. 


Before arriving at the threshold where the reaction is abruptly inserted, there is a state of grace that allows you 
to listen to the stations without the shadow of rustle, as you can hear from the last video. In this state the 
outgoing sound volume, although still manageable through the potentiometer, does not have a particularly high 
level. 


When it comes to the actual reaction, noise and volume increase significantly. Once the station is centered, the 
noise will disappear almost completely but it will still be present. The higher the level of the signal that we will 
receive in the antenna, the less will be the noise in the headphones. 
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There is the third and last state, in which, continuing to increase the reaction, it will be possible to tune a station 
as if it were at the center of the minus flex of a sine wave. By turning the potentiometer slightly to the right and 
Slightly to the left, you will hear a whistle soaked in rustle; in the background to the centered station you will 
always find the usual rustle. Generally, this behavior occurs when a very weak station is received. 


List of components 


V1 = valve ECC81 or 12AT7 

R1 = 10Mohm 

R2 = 100Kohm 

R3 = 47Khohm 

R4 = potentiometer 22Kohm linear 

R5 = 1Mohm 

R6 = 1Kohm 

C1 = variable capacitor in air 20 + 20pF 

C2 = ceramic 47pF 

C3 = 10nF minimum 100V 

C4 = 2.2nF 

C5 = 25uF 16V electrolytic 

C6 = 10nF 250V or more 

L1 = 7 spiers spaced 1.5mm, diameter 1.4mm thread on 1cm support 
L2 = 2 spaced spaced 1.5mm, diameter 1.4mm thread on 1cm support 
JAF1 = 5-10uH Noval 

valve plinth with screen support or take the screen separately. 

Stereo jack to be connected with the two earphones in series (do not connect the central mass terminal). 
2 knobs for tuning and reaction. 

mammoths for connections. 

Directional stylus antenna. 

For resistances to the maximum use from half a watt but also 1 / 4W should not give problems. 


It is time to conclude. 

I set up the article as if it were a conversation between friends. I hope that the time taken to read the article and 
watch the videos was pleasant and relaxing. 

See you next time. 

Carlo. 


PS I remembered, when I inserted the biography, that the third electronic kit that I bought in the distant youth, 
was just LX441 present in the number of Nuova Elettronica 74. I remember that I was very bad at the end of the 
editing because I only heard rustle and I could not to capture no station, even in FM. If only someone had taught 
me how superreaction was managed and how was it to be received, I would probably be another man today, 
better? worst? boh !!!! I tried to find it in the cellar, but I could not find it, who knows what happened to it, I 
would have liked to lose my hands today ...... 
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A simple crystal set for free power radio 


Of any electronic project, the crystal set would have to rate as one of the 
most popular. Many amateurs are on the air today because of their early 
construction of a crystal set. Most practical electronic books for 
beginners include at least one crystal set project. Unfortunately, some of 
these circuits take simplicity too far and deliver mediocre performance, 


often by omitting key components such as the tuning capacitor, or failing 
to provide coil taps. 


This article describes a crystal set of medium complexity. It features coil taps 
for the antenna and diode to make it useful for both country and metropolitan 
listeners. The taps allow the set to cover 160 metres if desired. All parts are 
easily obtainable, making it a good choice for the beginner. The endless 
possibilities for experimentation also make crystal sets interesting novelty 
projects for experienced constructors. The schematic is shown here: 
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Obtaining the parts 


Tuning capacitor 
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A large air-spaced type, covering about 10 to 415 picofarads is preferred. 
These capacitors were common in valve and early transistor radios and often 
appear at hamfests. Their long shafts make it easy to attach large tuning 
knobs. When purchasing one see that the shaft turns freely, but is not loose. 
Ensure that the plates are straight and do not touch when meshed - use a 
multimeter (preferably with audible continuity function) to test this. Avoid 
capacitors with 3/8 inch shafts unless nothing else is available â€“ knobs for 
these are not obtainable, and an old valve radio dial drum will need to be used 
instead. 


If a large capacitor is unavailable, a small plastic dielectric unit is suitable 
(such as stocked by Jaycar and online). The lower maximum capacitance (160 
pF) means that more coil turns are required to provide coverage of the lower 
end of the broadcast band. This can be partially overcome by connecting the 
60 and 160 pF sections in parallel (link the 'A' and 'O' tabs). The main 
disadvantage of these capacitors is their short shafts, which makes it harder to 
attach most types of knobs. 


Vernier Drive and dial 


The use of a vernier reduction drive is not necessary. However, its inclusion 
makes tuning easier, particularly on the higher frequencies. These are rare 
new but sometimes come up at hamfests. If your drive lacks a dial, one can be 
fashioned from a plastic or metal disc, such as a jar lid or salvaged computer 
hard disc. Glue the dial directly to the skirt of the tuning knob if you lack a 
vernier drive. 


Diode 


This is the most easily obtainable and cheapest component in the project. A 
germanium diode, such as a 1N60, OA90, 0A91, 0A95 or 1N34A will be 
suitable. The purists still make their own diode detector with a ‘cats whisker’ 
and lump of galena, but modern diodes provide more stable and repeatable 
performance. 


Headphones 


The very old high impedance headphones are required for this circuit. A 
minimum of two kilohms is suggested. Medium impedance headphones 
(approx 600 ohms) will also work, but are less sensitive. 


High impedance headphones have become difficult to obtain. Alternatives 
include: 


1. Old-style telephone earpiece. Quite sensitive. Found in the old Telecom 
corded phones. 
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2. Crystal earpiece. These are sensitive, easy to obtain and inexpensive. You 
may need to connect a 100k - 470k resistor in parallel for it to work properly. 


3. Piezo transducer. Believe it or not, these actually will work as an earphone. 
Some sizes even fit snugly in the outer ear in a similar manner to modern 
earpieces, such as used with mobile phones. The main drawback with 
transducers is their peaky audio response. A In some cases it may be 
necessary to wire a 100k - 470k ohm resistor across the earphone 
connections for correct operation. 


4. 1k to 8 ohm audio transformer and standard low-impedance 
headphones. Works well, but not as sensitive as a crystal earpiece. 


5. Cheating! Use a transistor or IC amplifier kit to run a speaker. This 
approach eliminates the 'free radio' advantage of the crystal set, but provides 
louder reception in weak signal areas and allows speaker listening. 


Coil and Coil former 


This needs to be a cylinder about 55 millimetres in diameter and 150 mm long. 
The length needs to be long enough to accommodate all ninety coil turns 
used, with enough left over for mounting to the front panel. Plastic pipe, 
shampoo container or similar will suffice. Though enamelled copper wire can 
be used for the winding, the prototype used thin plastic-covered stranded 
insulated wire. 


Front panel 


All parts are mounted on a 6mm-thick polyethylene chopping board, which 
forms the front panel. A hacksaw was used to cut the panel to fit inside the 
wooden case. Use the thinnest chopping board available so that the many 
screw-mounted sockets used can be fastened properly. The front panel 
pictured was cut to 240 mm square. 


Case and handle 
Use non-metallic material for the enclosure. The box used in the prototype was 
originally a speaker bought cheaply at a school fete. The lid (which held the 


speaker) was removed, and the rest of the box painted. The top carry handle 
is optional and came from a hardware store. 
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Construction 


Commence construction once all components have been obtained. Plan how 
the parts will fit behind the front panel. The diagram and pictures above show 
the arrangement used in the prototype. The coil is fastened with stand-offs and 
the variable capacitor is screwed to an aluminium L-shaped bracket. 4mm 
binding posts with banana sockets are used for the antenna and headphone 
connections, and 2mm micro sockets for the coil tapping points. 


Start by winding the coil. This consists of ninety turns of thin stranded 
insulated wire close wound on a plastic tube approximately 55 millimetres in 
diameter. A large number of tapping points are provided so that the user can 
vary the set's frequency coverage, and antenna and diode coupling. This 
makes it possible to obtain the best compromise between volume and 
selectivity for a particular station. 


Figure Two shows the coil construction. Start from the earth end (identified as 
'0' in the diagram). Make two holes in the former to anchor the end of the wire. 
Wind six turns and then an extra half-turn. With a knife remove about 1cm of 
insulation, taking care not to cut the wire. Form the bare wire into a loop and 
lightly coat with solder. Do not apply excessive heat - the wire insulation easily 
melts. Wind another five and a half turns and make another tap. Repeat for the 
remainder of the coil until approximately ninety turns have been wound. Add 
more turns and taps if using a smaller variable capacitor than specified. Again 
make two small holes in the former to anchor the wire. 


Place the completed coil aside and start work on the front panel. Mount the 
4mm banana binding post terminals for the antenna, earth and headphones, 
as shown in Figure Two. Drill holes and mount the 2mm terminals for the coil 
taps and the antenna, diode, variable capacitor taps. The tuning capacitor can 
also be fastened at this time. 
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Two sets of screws and spacers can be used to mount the coil to the rear of 
the front panel. A 10mm separation between the coil and the panel is 
adequate. Solder in the various components and connecting wires as per Fig 
2. Use insulated wire for the connections between the sockets and to the 
variable capacitor. Tinned copper wire can be used for the short links between 
the coil taps and the 2mm sockets. Use insulated wire for the three jumper 
leads. The jumpers should be sufficiently long to be able to make connections 
with all taps along the coil. 


This completes the construction. The panel can now be inserted into the box. 
In the unit pictured, the front panel is recessed â€“ this protects the banana 
sockets and dial and makes the set more rugged. It also allows attachment of 
a hinged lid if required. 


Parts List 


* 10 â€“ 415 pF variable capacitor x1 (see text) 
* 0.001 uF disc ceramic capacitor x1 

* 1N60 germanium diode x1 

* Vernier dial or drive x1 (optional) 

* 2mm micro socket x19 

* 2mm micro plug x6 

* Banana socket (red) x2 

* Banana socket (black) x2 

* Insulated wire 20m 

* Tinned copper or bell wire 1m 


Other items: case and handle; polyethylene chopping board; Coil former â€“ 
55mm dia, 150 mm long; screws, nuts, washers and spacers; mounting 
bracket for variable capacitor. 


How it works 


To receive signals, a radio circuit must perform three functions: selection, 
detection and reproduction. 


The inductor and variable capacitor form a tuned circuit. The role of the tuned 

circuit is to select one of the many signals present at the antenna. The size of 

the inductor and capacitor determines the frequencies that can be tuned. The 
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capacitor is made variable to allow the full range of AM broadcast band 
frequencies (931 to 1602 kHz) to be received. 


The diode detector converts the selected radio frequency signal to an electrical 
current varying at audio frequencies. 


The headphones convert this audio frequency energy to sound. The principle 
is similar to a relay â€“ the signal cause current to flow in a winding that forms 
an electromagnet. The magnetism generated vibrates the metal diaphragm, 
thus creating sound. Crystal earpieces perform the same function, but rely on 
the piezo-electric effect. 


Unlike in a conventional radio, which uses amplifying devices such as 
transistors and integrated circuits, crystal sets are powered by the signal from 
the incoming station, so no batteries is required. If provided with an efficient 
antenna and earth, crystal sets can receive signals thousands of kilometres 
away. 


Antenna and earth 


A crystal set requires a wire antenna to operate properly. The longer and 
higher it is the better. A length of at least 10 metres in urban areas, and 20 â€“ 
30 metres elsewhere should provide reception in most cases. The antenna 
should always be installed away from power lines for safety reasons and to 
reduce interference pick-up. An existing amateur or TV antenna can also be 
effective, especially if the coaxial feedline is used as part of the antenna. This 
is achieved by connecting both the outside and the inside of the coaxial 
connector to the receiver's antenna terminal. 


An earth provides stronger signals, and is essential in remote areas. In homes 
with copper water pipes, this can simply be a lead to the nearest cold water 
tap. In newer homes, where plastic pipes are used, an outside ground stake 
can be used instead. 


For long distance reception (hundreds or thousands of kilometres) more than 
usual effort needs to be taken when installing the aerial and earth. Reference 
One suggests a length of about 100 metres and a height of at least 12 metres. 
A series of buried radials is suggested for the earth, rather than the water pipe 
suggested above. 


Operation 


Connect antenna, earth and earphones. Install the three jumper leads. Set the 


capacitor tap to near the top of the coil (either the 78" or goth turn) and the 
diode and antenna taps to approximately midway along the coil. 
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In a quiet room, adjust the tuning control and listen for a station. If several 
stations are audible, move the diode or antenna taps nearer the earth end 
(lower numbered turns) of the coil. This increases the set's selectivity and 
makes it possible to separate stations. In a capital city it should be possible to 
separate at least nine or ten stations. Optimum tap settings vary across the 
broadcast band â€“ lower frequency stations are often best received with 
higher tap settings. In rural areas volume is normally more important than 
selectivity, so the taps can be moved near the top of the coil. 


Reception of AM operators on the 1.8 MHz (160 metre) amateur band is 


possible by moving the capacitor tap lower down the coil, to the 54" or 66t" 
turn. Performance will be well down on a superhet or regenerative receiver, 
and SSB signals cannot be resolved. Whether you hear amateurs or not 
depends on your antenna system and the extent of activity from nearby 
operators. Here in Melbourne 160 metre AM activity includes the Monday to 
saturday AM morning net starting at 11am. 


In many areas there are narrowcast stations between the top of the official AM 
broadcast band and 160 metres. Because of their low power these stations will 
be weaker than the mainstream broadcasters. However these stations are 
excellent tests of your receiver and antenna system. 


Video demonstrations of this project 
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Conclusion 


A crystal set of moderate complexity has been described. It is the minimum 
required to provide good reception of local stations in urban and rural areas. 
However numerous refinements to increase sensitivity, selectivity or audio 
output can be made. These include: 


1. Double tuned circuits (with variable coupling between them) to improve 
selectivity 


2. Use of a tuned trap to null out interfering signals 
3. Attention to the construction of coils to provide the highest possible Q 


4. Addition of an impedance matching network to provide efficient power 
transfer between the antenna and the tuned circuit 


5. Use of a large loop antenna for the coil to allow reception of signals without 
an external antenna and nulling of unwanted signals 


6. Voltage doubler diode detector circuit using two diodes to increase volume 


7. Use of DC bias (from a DC voltage applied to the diode) or RF bias (from a 
locally generated RF signal on the receiving frequency) to improve sensitivity, 
or, in the case of the latter, to provide CW and SSB reception. 


8. Use of a Q multiplier to increase sensitivity and allow CW and SSB 
reception. 


Should you decide to experiment with these changes, it would be desirable to 
keep this set as a reference and build a second receiver as a test bed for the 
experiments. 


Obtaining the parts 


Suitable parts were discussed in detail above. Many if not all can be bought 
online, with examples presented below. 


Variable capacitor and knob 


http://home.alphalink.com.au/-parkerp/gateway/nodec00.htm 10/14 


002% 
SERIES RESOMANT 


Fig. 3-19. Crystal controlled timebase. Note: For a more versatile counter, 
and to prevent overloading the frontend, the input circuitry shown should 
be added. 

in an easily, recognized “beep-beep-beep.” This burst also is avail- 
able on one TTL output. 

An external dc input makes operation in the field possible. 
9-15 volts at 250 milliamps is all that you will need to have an 
accurate standard available for Field Day. This is cheap insurance 
against FCC out-of-band citations. 


Circuit Description 

The active devices in the frequency generation chain are 7400 
series TTL. They are readily available, easy to use, inexpensive, 
and capable of the fast rise times necessary for high level high 
frequency harmonics. 

The oscillator shown in Fig. 3-21 uses a 7404 hex inverter, 
Al, with a 200 kHz crystal as the feedback element for frequency 
stability. This circuit provided the cleanest output of those I tried. I 
happened to have a 2000 kHz crystal on hand but the circuit will 
work with a surplus 1000 kHz crystal. In fact, you can eliminate one 
7474 package by using a 1000 kHz oscillator. 

Frequency division is accomplished by 7474 dual type D flip 
flops A2, A9, and A10, and 7490 decade counters. A3-A6, A11, and 
A12 wired for division by ten. The 7474s are used as toggle flip 
flops by connecting Q to the data input. Preset and clear are not 
used and are tied high through 1.8k resistors. The 7490s are ripple 
counters and are prone to spikes and level changes in their output. 
Proper bypassing of all ICs is necessary to prevent these devices 
from putting spikes on the power buses. The .1 uF bypass 
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100 more Crystal Set plans 


Everyone wants to make a RADIO. 


The simplest radio is a CRYSTAL SET. (Sometimes called a Crystal-Set Radio or Xtal Radio 
Set or Crystal Diode Radio.) 


However a Crystal Set needs a number of components that are very hard to get: (tuning 
capacitor with knob) and (crystal earpiece for $1.25). 

The "air" TUNING CAPACITOR (20p to 415p) is not easily available and the postage is 
expensive. The germanium diode is a special component and the aerial coil wound on a ferrite 
Slab is difficult to obtain. 


But you don't need these components. They can be substituted. 


There are hundreds of websites on the internet describing the CRYSTAL SET and if you want to 
build a "normal" set, you can Google these sites or 100 more Crystal Set plans. Many of 


them sell kits too. 
But this article is different. 


We are going to have all the fun of making a CRYSTAL SET but with modern components and 
easy-to-make components and with an amplifier stage. The output is loud so you don't need a 
long antenna. And we are going to make our own TUNING CAPACITOR and a very simple aerial 
coil (called a FRAME AERIAL) as well as replacements for the germanium diode (use a TRF radio 
IC or a transistor) and in place of hi-impedance headphones (use a piezo diaphragm) and a 
crystal earpiece equivalent (a piezo diaphragm). 

It's even better to have one of each type of component so you can compare the performance, so 
no matter how many parts your get, nothing will be wasted. 


We are also going to explain the fundaments of how the circuit works as even the simplest circuit 
has a number of very important features that are used in many other circuits. 


But first we are going to learn about the components and how they combine to make the circuit 
work. 

When two or more components are connected together they sometimes produce a completely 
different result to the capabilities of either item. 

This is the case with a capacitor and inductor in parallel. An inductor is simply a coil - turns of wire 
on a cardboard tube - called a former and the centre of the coil is AIR. It is called an air-cored coil 
or air-cored inductor. 

Each component (the coil and capacitor) is called a PASSIVE DEVICE - in other words it does not 
amplify, but when the are connected together they create a result very near to amplification. And 
they also produce a result of picking up a huge number of signals and only allowing one signal to 
appear across the pair. A truly amazing result. 


We start by placing a capacitor across the coil. 

There is so much activity in the air, from radio, TV, taxi and mobile phone usage that the air is 
filled with electromagnetic radiation. 

This radiation will cut the turns of the inductor (the coil) and produce a microscopic voltage in the 
turns. This is enough to start the two components passing energy back and forth at a rate 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 1/24 


1/8/2018 Crystal Set 


determined by their values. This is the basis of our first discussion. 
These two components are called a TUNED CIRCUIT and make up our first building block called 
THE FRONT END. 


THE FRONT END 


This consists of a coil and capacitor. These two components are in PARALLEL and the signal 
(called the RADIO SIGNAL or RADIO WAVE) passes through the centre of the coil and produces 
a voltage in the turns of the coil. The electromagnetic wave has to pass through the centre of the 
coil. 

This voltage is the result of a mass of signals that are interfering with each other and producing a 
signal called BACKGROUND NOISE. 

The voltage can be increased by an external aerial (called an ANTENNA) and it consists of ALL 
THE LOCAL radio stations (and everything else). 

The voltage is a mass of signals and is absolutely useless as it represents all the stations AT THE 
SAME TIME. 

However, across the coil is a capacitor and these signals charge the capacitor with the very small 
voltage produced by the energy of the signals. When the capacitor is charged, it delivers its 
voltage to the coil. The coil accepts the energy and converts it to magnetic flux. 

After a very short period of time the capacitor becomes discharged and the magnetic flux 
collapses and produces a voltage in the coil of the opposite polarity to charge the capacitor again 
in the opposite direction. 

These two components keep oscillating back and forth, using the tiny amount of energy from the 
stations. 

There is a natural frequency for the capacitor and coil to pass energy back and forth and one of 
the stations will provide energy to assist this natural frequency. 

When this happens, the amplitude of the signal increases and the signals from all the other 
stations cancel themselves out and only one signal (waveform) remains. 

This signal is called the NATURAL FREQUENCY OF RESONANCE and it corresponds exactly to 
one of the radio stations. 


The end result is a waveform that is the exact same frequency as one of the radio stations and 
when voice or music is played, the amplitude of the waveform increases and decreases. This will 
be the signal you hear in the earpiece or speaker. 

It is called an AMPLITUDE MODULATED signal and that is where we get AM RADIO from. 


Understanding the concept of a CAPACITOR and INDUCTOR in parallel is very important. They 
form a TUNED CIRCUIT that has a natural RESONANT FREQUENCY. 

Here is a very similar analogy. You have a heavy metal ball on a long string attached to the gutter 
on your house - just like a pendulum. You can push the ball very lightly with a finger and after a 
number of pushes you will be able to get the heavy ball swinging in a very large arc. 

The only way to keep it swinging is to push it very lightly at exactly the right time. If you push it at 
the wrong time it will eventually stop swinging. 

The parallel tuned circuit is exactly like the ball. It wants to oscillate at a particular frequency. 

All the radio stations are pushing and pulling the circuit at the wrong times and nothing is 
happening. But one radio station pushes at exactly the right time and the circuit starts to oscillate. 
All the other stations are fighting each other just like one person pushing the ball sideways and 
another pushing the ball from the opposite side. The results cancel each other and you are the 
only one assisting the swing. 

The TUNED CIRCUIT can also be called a FILTER with a very narrow BAND-PASS frequency but 
our simple explanation describes the operation much more clearly. 


There are a few other terms used to describe the components in the font end: 


LOOP STICK ANTENNA -This is an alternate name given to the coil of wire wound on a ferrite 
rod or slab. It also has the name ROD ANTENNA or FERRITE ROD ANTENNA. 

The winding can be enamelled wire or flexible wire called LITZ WIRE. This is very fine strands of 
enamelled wire twisted together and covered in cotton. The purpose of changing a thick wire to 
lots of very thin wires is to prevent the radio signals creating loops of signals within the wire and 
these signals will cancel each other and not produce a signal out the end of the wire. 

In our experiments, we have not noticed any difference in a coil made with ordinary enamelled 
wire and Litz wire. 
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Here is a set of components to make your own Crystal set from Scott's Electronic Parts: 

You can see the rod antenna, germanium diode, crystal earpiece, capacitor and resistor. The kit 
costs about $9.00 plus postage and includes knob, clips and screws but no board to mount the 
parts. 


Here is the circuit for a Crystal Set: 


\/ Connect Long Antenna Here | 
Top Side 


Short Antenna Connect Here o (ay o 


Variable Capacitor 


Ground == 


This is the FRONT END 
or TUNED CIRCUIT 


Here are the components mounted on a board called BREADBOARD: 
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“ontrolled Automation 


, 


The top clip connects to a long antenna. The left clip connects to ground and the right clip 
connects to a short antenna. 


Let me clear up a point. You do not need a ferrite rod antenna for the coil. You can use an 
ordinary coil wound on a cardboard tube and it will work just as well if you are using an outside 
antenna. 


Here is the circuit using a home-made coil. 
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10 Turms 


7 44 turns enamelled wire 
a 0.25mm dia to 0.5mm dia 
_~ on strong carboard tube 
~  $0mm to 100mm diameter 


tapped every 4 turns 


AA 


A 


) 


There are 4 “tabs” (iwo on each side) 
ofthe variable Capacitor. 


You can connect do any one of these 
“take. They are all connected do the 
same place. 


The tappings on the coil allow a wide band of radio stations to be tuned. 
Each tapping allows a different portion of the band to be covered. 


The next part to understand is this: 

The coil and capacitor must not be LOADED. In other words, you cannot connect anything to this 
combination because the signal it is producing will be "taken away” or "removed" or "considerably 
reduced" by the item you are connecting to the circuit. 

These two components are called a TUNED CIRCUIT and when they are not loaded they pick up 
all the radio stations, one station at a time, when the natural resonant frequency of the coil and 
capacitor exactly match the frequency of the radio station. The circuit actually "rejects" all the 
radio stations except one. Because all the other stations are trying to make the Tuned Circuit 
oscillate at a different frequency and it does not do this. 

The result of the TUNED CIRCUIT oscillating under NO LOAD conditions produces a waveform 
that is very high and this gives the circuit GOOD SELECTIVITY. The circuit can select one station 
and reject nearby stations. 

It also has good SENSITIVITY as it can pick up weak stations. 

If you load the circuit, only the strongest signal will be detected and it will be spread across the full 
range of the tuning capacitor. 

Obviously the theory is more-complex but we are explaining the end-result. 

Theory talks about the "Q" value of the coil and this is its ability to produce a very good output 
when the magnetic flux collapses and the "Q" value increases when the circuit is not loaded. . 
Although these voltages are very small (in the order of microvolts or millivolts) the result is very 
important as the rest of the circuit will be amplifying this waveform a few thousand times. 

As we explained above, pushing the weight on a string only needs a push of 1 cm and eventually 
the weight will swing 1 metre. This is a gain of 100:1 The same thing happens with the tuned 
circuit. The incoming radio signal is in the order of microvolts, but the coil and capacitor will 
produce a signal as high as 500 millivolts. This is an improvement or "gain" of more than 1,000 
and is referred to as the "Q" of the circuit. 

You will also notice the TUNED CIRCUIT is not connected to any supply voltage. It does not have 
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be connected. It generates its own waveform from the signals in the air. 
It should not have any DC current flowing through it via the supply as this would put a load on the 
circuit and reduce its operation. 


However we must "pick-off" the signal so it can be amplified. 
This must be done with a very high impedance circuit. 


THE CONVERTER (detector) - THE DIODE 


The next part of the circuit is the CONVERTER. Commonly called the DETECTOR. 

It converts the RADIO FREQUENCY signal to an AUDIO FREQUENCY signal. 

This is the job of the DIODE. 

The radio frequency signal is a very high frequency signal (say one million cycles per second) and 
it is sending a tone of one thousand cycles per second through the air-waves. 

What is happening is this: The one megahertz signal has a certain amplitude and over a range of 
the first one-thousand cycles, the amplitude gradually decreases and then increases again. If you 
look at the tops of this 1,000 cycles you will see a waveform that corresponds to the one kilo- 
Hertz signal. 

The 1MHz signal is picked up by the coil and capacitor in the front end and makes it oscillate. 
The radio frequency signal is gradually getting larger over 500 cycles then smaller over the next 
500 cycles and this increase and decrease represents the 1,000 cycles per second tone. 

This is the waveform (the signal) that passes through the diode. This will be explained further in 
a moment. 

The diode does not pass any signals less than 200mV as the first 200mV is lost in the junction of 
the diode. This means the signals start to appear on the other end of the diode when they are 
above 200mV. 


This is how the diode works: 

Across the crystal earpiece is a capacitor. The capacitor gets charged via the diode. 

The diode is present to stop the capacitor getting discharged when the waveform is in the wrong 
direction. (by this we mean - when the waveform is lower or smaller in amplitude than the voltage 
on the capacitor). 

And the waveform is in the wrong direction about 50% of the time. To charge the capacitor for 
one-half-cycle requires 500 "little increments" in voltage with each increment adding a 
microscopic increase in voltage. We don't want this voltage to reduce when the waveform is 
reversing direction and the diode stops the voltage flowing back to the Tuned Circuit. 

During the next half of the cycle when the pulses are getting smaller and smaller, the voltage on 
the capacitor is "bled off" by the load resistor. 

The crystal earpiece detects this voltage. What we mean, is the diode allows the voltage to rise 
(increase) on the capacitor via lots of little "pulses" and the voltage increases in the form of a 
sinewave to a maximum amount. This voltage is passed to the crystal earpiece. 

Once the voltage rises to a maximum, the little pulses of energy are not quite as strong, and the 
voltage on the capacitor reduces to form the second portion of the sinewave. This voltage is 
always being passed to the crystal earpiece and you can hear it as an audio signal. 


GERMANIUM OR SILICON DIODE 


The preferred type of diode for a Crystal Set is germanium. This is because it drops only about 
0.3v. 

But a silicon diode can be used, even though it drops about 0.7v, if the radio stations are very loud 
(close by). 

You have to remember, you need a very good aerial (and a water-pipe earth) to get any results 
with a Crystal Set because you are asking the signal to provide the energy to drive the earpiece. 
By simply adding a transistor, you are improving the performance 100 times and the long antenna 
can be reduced to a FRAME ANTENNA and the earth can be the metal frame of your soldering 
iron. 


THE EARPIECE or EARPHONE 
also The Magnetic Earpiece or CRYSTAL EARPIECE 


The earphone or earpiece used in a Crystal Set must be a high impedance device because the 
crystal set does not produce a high current and cannot drive a low-impedance earpiece. That's 
why a CRYSTAL EARPIECE is ideal. 

It has a crystal glued to the back of the earpiece and connected to its top surface is an aluminium 
diaphragm. When the crystal expands and contracts as a result of a voltage applied via two 
electrodes, the diaphragm moves and you can hear the signal. It exhibits a very high impedance 
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because it consists of a crystal and no coil of wire is contained inside the case. 
If you do not have a Crystal Earpiece, you can make your own from the shell of an 8 onm 
earpiece and a piezo diaphragm. Only the front part of the earpiece is used. 


Make your own Crystal Earpiece 


Hit the 8 ohm earpiece on the side and the front comes off. Glue the front onto a piezo diaphragm 
with hot-melt glue. See photo above. 

The piezo diaphragm is a ceramic substrate that deflects in the presence of a voltage. It is quite 
sensitive and you can hear the audio quite clearly. 

The waveform emerging from the diode in a Crystal Set is called AUDIO and although it has an 
amplitude of a few hundred millivolts, it does not have any current associated with it. The crystal 
earpiece and the piezo diaphragm react to this voltage. 


THE 80hm EARPIECE 


The 8 ohm earpiece can be used with our 80hm Buffer stage shown below. 


160hm 32 ohm and 64 ohm EARPIECE(s) 


Earpieces and headsets from mobile phones are 16 ohm or 32 ohm per earpiece and are 
terminated via a stereo 2.5mm or 3.5mm plug. The earpieces are connected in SERIES to get 
the best coupling to our radio circuits and you need to find the two pins on a stereo socket to 
produce series connection. Get a multimeter and switch to "ohms." Try all the pins and you will get 
a Click in the left ear then the right ear. Keep searching until you get a click in both earpieces at 
the same time. Use these two pins. 
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| 64 ohms 


TIP SLEEVE 
(LEFT (GROUND) 
CHANNEL) 


RING 
(RIGHT CHANNEL) 


Stereo mobile phone headset - unusually 32R or 64R 


PROBLEMS 


The biggest problem with a Crystal Set is the need for a long antenna. 

The first 200mV to 300mV of a signal is lost in the diode and you need a long antenna to pick up a 
signal so the output of the TUNED CIRCUIT has enough voltage to drive the high-impedance 
earpiece. 

This requires an outside aerial 5 metres long and 3 metres high. 

This is not practical for most hobbyists so we will be adding an amplifying stage to the crystal set 
so a shorter (smaller) aerial can be used. 


THE FRAME AERIAL or FRAME ANTENNA or FRAME COIL 


The aerial coil shown in the photo above is a ferrite slab with about 80 turns of Litz wire. You can 
find one of these in an old broken AM radio or from a parts-shop. In the instructions below we 
show how to make your own Ferrite Rod Antenna 

An equally-good substitute is a frame antenna made by winding insulated wire in a rectangle 
around wooden sticks. 
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15 turns on a diamond frame 
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One of the earliest Frame Antennas 


The Frame Aerial can be as large as 100cm x 100cm or as small as 10cm x 10cm around a 
plastic chocolate box. 


Here are two FRAME ANTENNAS: 


This will work just as good as a ferrite slab antenna. The slab antenna is just 100 times smaller. 
The slab antenna was invented so a transistor radio could be built in a small case. But if it is not 
available, you can wind 20 turns around a plastic chocolate box and it will work just as good. 


Alternately you can wind 20 turns around a biscuit tin. Put a pencil on the tin and wind the turns 
over the pencil too. Remove the pencil and it will be easy to remove the turns. Use tape to keep 
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Table 3-2. Parts List for Counter. 
IC1 to IC6 7447 R12 15 


IC7 to IC12 7475 R14 4.7k 
IC13 to 1C18, 1C21 7490 R15 1.5k 

1C24, 1C25 74121 C1,C3,04,C11  .1mF 20V 
1022 7413 C5 100 pF 

1023 7492 C6 .001 mF 20 V 
IC19 7402 C7 100 pF 

1C20 74573 Q1 MPF 102 
R16, R17 10k % W Q2, 04 2N3638A 

R2 1 meg 03 2N2222 

R3 1.2k a5, 06 2N2222 

R4, R13 150 

R5 270 


IC terminals Molex Soldercon 


> a Series 90 Minitron Display (6) 
R8 390 Note: Transistors, ICs, terminals 
RO 100 and display are available from 
R10 3.9k Digi-Key Corp., P.O. Box 126, 
R11 24k Thief River Falls MN 56701. 


capacitors are not superfluous—use one at each IC. 

The various frequency outputs are selected by a rotary switch 
and fed to A8c, one section of a 7400 quad gate. The selected 
frequency can either be passed without change or gated with the 10 
Hz output of A7, an NE555 astable oscillator, producing an easily 
identified frequency burst at the output terminals. 

Should you not have a switch with enough positions to suit 
your needs or just wish something different in the way of frequency 
selection, try the electronic switch of Fig. 3-22. 
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the turns together. 


The FRAME AERIAL does two things. It picks up the radio waves and it becomes the coil (called 
the INDUCTOR) in the TUNED CIRCUIT. It must be placed away from metal objects, such as a 
refrigerator. 


BASKET WEAVE COIL 


There is no point making a complex BASKET WEAVE COIL as it will not work any better than 
simply jumble winding all the turns at the maximum circumference of the coil, because the energy 
capturing capability of the coil relies entirely on the amount of flux lines passing through the centre 
of the coil. 

By increasing the centre of the coil, the amount of flux is increased for the same coil size. 

In fact, the simplest and cheapest is to wind turns around a box, as explained later in this article, 
or make a frame antenna as shown above. Technically speaking, a round coil has the best 
performance but only by a few percent. 


THE VARIABLE INDUCTANCE TUNING COIL 


Whenever the size or shape of the coil is changed, (or the number of turns), the natural frequency 
of the Tuned Circuit will change and a different radio station will be picked up. 

This means tuning across the band can be done by altering the characteristics of the coil while 
keeping the value of the capacitor fixed. 

Changing the inductance can be done in many different ways. 

The coil can have taps every 5 turns and an alligator clips selects the correct tap. But very few 
radio stations will correspond exactly to each tap. 

Another way is to have a slider move up and down the turns as shown in the following image: 


The slider makes contact where the insulation has been removed. But it may touch two turns at 
the same time and create a "shorted turn" and reduce the "Q" of the coil. 


Another way is to move a ferrite bar (rod) in and out of the coil: 


THE SLUG TUNED COIL 


To tune across the radio band, the natural frequency of oscillation of the TUNED CIRCUIT must 
be adjusted (changed). This can be done by changing the value of the capacitor or the value of 
the inductor. 
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The value of the inductor can be changed by adding or removing turns or changing the amount of 
magnetic material in the centre of the coil. 

A ferrite bar can be screwed in and out of the coil or slid in and out and this component is called a 
SLUG TUNED COIL. 

The following diagram shows a SLUG TUNED CRYSTAL SET: 


120 turns 


By changing the value of the 100p capacitor, different parts of the band can be picked up. 
The photo shows a slug tuned coil using 60 turns of insulated wire on a 10mm tube (or any tube 


that will fit over a 8-10mm ferrite rod) and a circuit containing an AM radio chip plus a buffer driver 
transistor: 


R a PAIDOS m 
EN TA7642 -. “dk ex | | 
= i = | i d | i] 


SLUG-TUNED RADIO 


The circuit above is has a broad-band amplifier consisting of 10 transistors (IC1) and they are 
directly coupled (connected) to each other because it is not possible to "manufacture" a capacitor 
inside the IC. The IC has 3 terminals (pins, legs) and it looks like an ordinary transistor. 
Experimenting with this type of IC has shown that it is no better than 2 ordinary transistors 
connected in a direct-coupling arrangement. 
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2x 32 ohm 
parallel 


1,5 Wail 


Here is the address of the site for the slug-tuned radio. 

http://www.kristalradio.nl/ 

Unfortunately the site is in Dutch and the kit is not available. However the photos give a clear 
picture of the how the parts are connected. 


The inductance of the coil can also be altered by winding another coil and placing it near the first 
coil so that the magnetic field interacts with each other and changes the inductance of the circuit. 
This is called a VARIABLE INDUCTANCE TUNING COIL. 

You can have one coil inside the other, two coils near each other or two flat coils side-by-side. Any 
two coils will interact with each other. 
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An Inductive TUNING COIL called a VARIOMETER 


MAKING YOUR OWN FERRITE ROD ANTENNA 

You can make your own FERRITE ROD ANTENNA by winding 60 to 80 turns of 0.25mm 
enamelled wire onto a 9mm ferrite rod or slab. If you wind it on a paper sleeve, you can move the 
coil along the rod to get the best performance. When the rod is slid out of the coil, the inductance 
changes considerably. However the inductance does change very slightly when the coil is moved 
along the rod. 
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Make your own ferrite antenna 


Now we come to the tuning capacitor:: 


THE TUNING CAPACITOR 


The "C" in the "LC" TUNED CIRCUIT can be fixed or variable. When it is variable, it is called a 
TUNING CAPACITOR. The sheets of aluminium in the air tuning capacitor below are called 
PLATES and the moving plates are called VANES. The fixed plates make up the STATOR. 

The space between the plates is AIR. The photo shows a single capacitor. If two capacitors are 
connected to the same shaft it is called a GANGED CAPACITOR. 

The plates do not come fully out of mesh and that's why the capacitor has a minimum value. The 
maximum capacitance is when the plates are fully meshed. The odd shape of the plates is 
designed to produce a fairly constant increase in capacitance as the plates are engaged. 


An air tuning capacitor: 


Air Tuning Capacitor 
(Variable Capacitor) 


The capacitor can be made much smaller by using thinner vanes and placing plastic between the 
vanes. Plastic increases the capacitance about 3 times to 10 times. 
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4p - 60p 
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ground 


Tuning Capacitor as found in a pocket radio 


The tuning capacitor can be replaced with a home-made equivalent that will work just the same. 
You need: 

4 sheets of aluminium foil (cooking foil) 10cm x 10cm. 

4 sheets of thin cardboard 15cm x 20cm (cut A4 sheets in half). 


HOME-MADE CAPACITOR 


Tape a sheet of aluminium foil to each sheet of cardboard with sticky-tape around all 4 sides. Take 
one strand of wire from a length of hook-up flex and sticky-tape the end to each sheet of 
aluminium to make good contact. Place 2 sheets on top of each other and move the top sheet 
slightly to the left and sticky-tape the edge so they don't move. Do this with the other two sheets 
but move the top sheet to the right. Now interleave the sets. Connect the wire from the first sheet 
to the third sheet. Connect the wire from the second sheet to the fourth sheet. 

The cardboard (or paper) between the aluminium sheets increases the capacitance three times. 
The capacitance decreases when the sheets are moved apart and the capacitance increases 
when the sheets are moved in. The capacitance also INCREASES when the sheets are squashed 
together such as when a book is placed on them. 

You can also make a smaller capacitor by making each sheet smaller and using 6 sheets. You 
can then add a 100p or 220p in parallel with the home-made capacitor, to select the lower part of 
the band. 


EACH CIRCUIT 


Each circuit we describe in the following set of circuits is an improvement or advancement on the 
previous. We also offer a number of different types of aerial coils, amplifying stages and 
earphones. Some of the circuits use easy-to-obtain components and home-made equivalents for 
hard-to-get items. There will be something in this section for everyone to build. 


In all radio circuits you will encounter TWO MAIN PROBLEMS: 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 15/24 


1/8/2018 Crystal Set 


Ifthe FRONT END (the Coil and Capacitor) is loaded too much by the "pick-off" of the amplifying 
stages, you will only get one station. 

If you get squealing or "motor-boating," try a different circuit and layout as the components you 
are using, plus the voltage of the battery, will need changing. 

You cannot always increase the voltage of the supply and get a louder output. Sometimes the 
increased voltage will stop the circuit working or it may introduce too much gain that the circuit 
starts to squeal. 

The Radio IC (ZN414) DOES NOT WORK on a voltage above 1.5v and some of the transistor 
circuits completely stop working with a higher voltage. This has to do with the biasing 
arrangements and if the circuit is designed for a low voltage, you need to keep to the suggested 
voltage and experiment with a slight increase in voltage and see what happens. 

Building a radio is not easy as the enormous amount of amplification of the combined stages 
creates a feedback loop via the power rail that sets the circuit into oscillation. This effect gets 
worse with a higher supply voltage and we will explain this further with each of the circuits. 


MAKING A CRYSTAL SET 


You can buy a CRYSTAL SET kit (see the photo of the kit, above) or the individual components (a 
kit is the cheapest) or use the replacement for the FERRITE ANTENNA COIL (16 turns to 20 
turns on a 150mm biscuit tin) and/or the TUNING CAPACITOR made from aluminium foil and 
cardboard sheets. 

You will need an outside antenna and an earth (such as a water tap or the frame of your soldering 
iron) to pick up the radio stations. 

If you cannot put up an outside antenna, you will need to add one or more amplifying stages and 
this will allow you to reduce the length of the antenna and increase the volume of the audio. 


ADDING AMPLIFYING STAGES TO A CRYSTAL SET 


You can add two different types of amplifying stages to a crystal set. 

You can connect amplifying stage(s) to the FRONT END and these will be designed to put less 
load on the front end so the sensitivity and selectivity increases. These stages work at the 
frequency of the radio signal and they are called RF STAGES (Radio Frequency Stages). 

You can build these stages out of individual components or use a chip called a RADIO CHIP or 
RADIO IC (integrated circuit) for less than $2.00. 

The chip contains 5 stages of amplification and these are RF stages (or RF AMPLIFYING 
STAGES) and the concept is called TRF. (Tuned Radio Frequency). 

It is not easy to get this type of amplifier working because the stages produce a very high overall 
gain and you get a lot of "motor-boating" and squealing if the gain is not controlled. The gain must 
be reduced when a strong signal is being passed through the circuit because a strong signal will 
produce a large output and this will be so large that some of the waveform will find its way to the 
front of the amplifier via the power rail and start to be amplified again. To prevent the output 
getting too large, the circuit has a negative feedback line - called the AGC line - Automatic Gain 
Control. 

It would be very difficult to reproduce these 5 stages of amplification with discreet components 
and that's why it is best to use an IC. 


The next stage is a DIODE to convert the RF (Radio Frequency) to AF (Audio Frequency). This 
can be done with the diode-characteristics of a base-emitter junction in a transistor and we will 
show the alternatives. 


Any stages after the diode are AUDIO STAGES or AUDIO AMPLIFIER STAGES. 

The main job of the AUDIO AMPLIFIER is to increase the DRIVE CAPABILITY. 

In other words, increase the current capability of the circuit for an 8 ohm speaker or 8ohm 
earpiece (or 16 or 32 ohm). 

This is a very difficult thing to do and requires at least 2 stages. 

The LOAD you can put on a Crystal Set must be 10,000 ohms or higher. (if you put a lower 
resistance (impedance) on the output, you will load the FRONT END and reduce its ability to 
separate the stations. 

That's why a crystal earpiece is normally used with a crystal set. It puts almost NO LOAD on the 
circuit. 

If you put a load on the circuit the result will be only one or two stations across the whole dial and 
only the most powerful station will be received. 


If you don't have a crystal earpiece, you will have to use an 8 ohm earpiece. This will require an 
IMPEDANCE CONVERTING CIRCUIT of 1,250:1 
This is a simple way of saying we want the 8 ohm earpiece to appear as 10,000 ohms to the 
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crystal set. 

To produce an overall gain of 1250, we need two stages of amplification. 

If a transistor has a gain of 70, it will it will produce an impedance conversion of 70 times. This is a 
realistic value. Transistors with a gain of 200 will have a gain of about 70 when fitted to a circuit. 
This means the other transistor needs to have a gain of about 20 and that is easy to achieve. 


ADDING AMPLIFYING STAGES TO THE FRONT OF A CRYSTAL 


SET 


Adding stages to the front of a crystal set are called RF STAGES (Radio Frequency Stages) 
because they amplify the RADIO STATION SIGNAL. 

It does not matter if you amplify RF signals or AF signals. The result is the same. 

The only difference is this: The frequency of RF signals is much higher (1,000 times higher) and 
the coupling capacitors can be much smaller. 

This allows an RF amplifier to be built into an IC - called a Radio Chip. 

One of the most popular Radio IC's is ZN414 or YS414. This chip has been copied by other 
manufacturers as: MK484, TA7642 and LMF501T. 

All the chips are the same but the pinout is different. 

These chips work on a 1.5v supply and if the voltage is increased above 1.5v, the gain of the 
stages increases to a point of total distortion. 

To prevent strong signals producing distortion on 1.5v supply, the output is passed back to the 
input via a 150k resistor. This feedback line is called the AGC (Automatic Gain Control). 

The chip contains 5 stages of amplification plus a stage that converts the RF signal to AF 
(Detector Stage). This means the signal diode in a Crystal Set is not needed. 


Here is the circuit of the TA7642 Radio Chip. It performs the same as the ZN414 Radio Chip. 
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The ZN414 chip can be purchased from Talking Electronics for $1.00 plus postage 
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USING THE ZN414 RADIO IC 

By using the ZN414 radio IC (or any if the equivalents) you can create a POCKET RADIO to drive 
a headphone or speaker. 

But it is not easy to use the chip. The main problem is receiving the strong signals without 
producing distortion and then being able to pick up the weak stations. 

A fixed 100k feedback resistor does not provide adequate control and a TRF radio has limited 
capabilities. 

That's why radio manufacturers make SUPERHETRODYNE receivers. Even though they are 
more complex, the result is far superior. 

However a simple TRF set can be made with the Radio IC and a few stages of audio 
amplification. 


The following circuit uses just the Radio IC and a crystal earpiece or the home-made earpiece 
described above: 

You can use a home-made FRAME ANTENNA or a home-made FERRITE ROD ANTENNA and 
a home-made VARIABLE CAPACITOR. 
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The Simplest ZN414 Radio 


Connecting the ground (Ov rail) to the frame of your soldering iron or a water tap will increase the 
output volume. The circuit above shows a Crystal Earpiece. Using a Crystal Earpiece may 
require adding a 10n across the earpiece to improve the output volume. The substitute Piezo 
Earpiece is effectively a 20n capacitor and an additional capacitor is not needed. 


2 TRANSISTOR RADIO 

Here is a simple 2-Transistor radio. 

The secret to its performance is the 7 turn "pick-off" from the FRONT END (the TUNED 
CIRCUIT). 

The ratio of 7 turns to 60 turns means a small percentage of the voltage generated in the tuned 
circuit is passed to the transistor. Thus it puts a small load on the TUNED CIRCUIT. 

| don't want to go into any mathematics. The turns ratio is 60:7 = 8 but the effect of the 7 turns 
"pick-off" has an effect called the IMPEDANCE EFFECT and this is the SQUARE OF THE 
TURNS RATIO. Thus the IMPEDANCE EFFECT is 8 x 8 = 64. This means the "pick-off" (the 
LOADING EFFECT) is just a few percent. The front end can produce voltages as high as 500mV 
because a crystal set can produce a voltage high enough to pass through a diode (350mV) and 
have sufficient to drive a crystal earpiece. 

Even though the front end has a "step-down" ratio, the voltage out the 7 turns will be sufficient to 
drive the first transistor. 

The "transformer" does 2 things: It reduces the loading on the tuned circuit ENORMOUSLY and it 
produces an output with a higher current than is circuiting in the front end. Even though the 
transistor is turned ON and biased by the 33k, it is classified as a low-impedance load as far as 
the front end is concerned and the input signal has to be accompanied by a certain amount of 
current, otherwise the transistor will not respond to the voltage. The 7-turn "pick-off" is able to 
provide this current. 

Both transistors are biased ON via the 33k base-bias resistors and thus the first transistor 
responds to the slightest millivolt signal. 

This circuit was tested and had the same performance as the Simplest ZN414 Radio Circuit 
above. It can be operated on 1.5v to 6v and the strongest stations tend to overload on 6v. A 
short antenna is needed. 
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SIMPLEST 2-TRANSISTOR RADIO 
using a very-high-impedance earpiece 
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SIMPLEST 2-TRANSISTOR RADIO 
using a crystal earpiece 


ADDING AN IMPEDANCE MATCHING STAGE 


You can add an IMPEDANCE MATCHING STAGE to the output of the circuit above so a low- 
impedance earpiece can be used. 

We call itan IMPEDANCE MATCHING STAGE because this is the correct technical term. It is an 
AMPLIFYING stage but it amplifies the CURRENT because the second transistor cannot drive an 
8 ohm LOAD. 8 ohms is a very low resistance and if it is connected directly to the second 
transistor, the output will be almost zero. 

The reason for this is covered in our discussion: The Transistor Amplifier. 

This stage will not increase the volume but simply match the 8 ohm load to the circuit above. 

It is very difficult to connect a LOAD to this type of circuit because it will take more current from 
the battery and cause the supply voltage to fluctuate. These fluctuations will be passed to the first 
stage and cause variations in the signal. This will be amplified by the first and second transistors 
in the form of a low-frequency buzzing called MOTOR-BOATING. 

The only way to reduce or remove this noise is to add an electrolytic across the power rails and 
reduce the supply voltage. The third transistor simply takes the waveform on the output of the 
second transistor and delivers it to the earphone with a higher current. It is called an IMPEDANCE 
MATCHING STAGE as it effectively increases the 8 ohm load by a factor of about 100. 
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3-TRANSISTOR RADIO with buffer stage for 8 ohm earpiece 
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The 3rd transistor converts the 8R to about 800R 


You can use 16 ohm, 32 ohm or 64 ohm in place of the 8R earpiece and these will give better 
performance as they will take less current and improve the stability of the circuit. 
Low-impedance earphones create "motor-boating" due to the peaks of current and this can be 
very hard to fix. 


A 2-TRANSISTOR RADIO with REGENERATION 


The next stage in our discussion to get better performance is a feature called REGENERATION. 


Regeneration sends a small output signal back to a previous stage in the form of POSITIVE 


FEEDBACK to INCREASE the original signal. The signal on the emitter of the first transistor is the 


same amplitude as the signal entering the base but the FRAME ANTENNA has a turns ratio of 


5:15 and this increases the signal on the receiving section of the antenna by up to 3 times. But we 
want the returning signal to be just above the amplitude of the receiving signal and so a resistive 


adjustment (attenuator) is provided on the emitter to deliver just the right amplitude. 


This has the effect of increasing the amplitude on the TUNED CIRCUIT and is just like reducing 


the load on the circuit. 

As we have mentioned above, when the tuned circuit is lightly loaded, it will pick up a station at 
the exact frequency of transmission and if the dial is changed slightly, the station will disappear. 
This quality is called SELECTIVITY. 

At the same time, the Tuned Circuit will pick up weak stations and this is called SENSITIVITY. 
The quality of a receiver depends on the loading of the TUNED CIRCUIT. 


Here is the original circuit from Elektor Magazine with the prototype made on matrix board and 
fixed to a base-board with a frame antenna made from two sticks of wood. The photo shows a 
speaker but the output is so low that you really need headphones. 
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Fig. 3-21. Frequency standard schematic. 


The NE555 timer A14 is used as an astable oscillator whose 
output is a train of 24 millisecond low-going pulses with a period of 
.81 seconds. Al5a inverts this to a train of positive-going pulses. 
A15b and Al6a gate the pulse train under control of the STEP 
push-button switch. 

On each low-going pulse edge of pin 14, the 7493 binary 
counter A17 increments by one. Al6b forces a reset on a counter 
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2 TRANSISTOR REGENERATIVE RADIO from Elektor Magazine 


The circuit is very complex and the output will be very low as the circuit cannot drive a low- 
impedance earphone via a 4k7 load resistor. The 4k7 resistor is actually driving the speaker (the 
transistor is simply discharging the 220u). The 4k7 only allows 32/4700 x 9 = 61mV to appear 
across the earphone - a very poor result. 

The skill of designing a transistor stage is covered in our comprehensive eBook: The Transistor 
Amplifier and you wont make a mistake like this !!! 

The circuit above can be simplified and we can add the REGENERATIVE feature to our Simplest 
2-Transistor Radio circuit: 


Our circuit uses a 15 turn circular FRAME ANTENNA 15cm diameter and a 5 turn 
REGENERATION coil. 
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2 TRANSISTOR RADIO with REGENERATION 


The regeneration coil is brought near the main coil and as it gets closer you can hear the audio 
get louder. If this does not happen, turn the coil around. 

Early radios used this technique and the operator had to adjust the coil by hand. No-one minded 
because radio was a fascination and the simplest radio cost more than a weeks wages. To listen 
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to a broadcast through headphones was an amazement and listeners would sit all night with 
headphones listening to music. 

This is very fiddly and by adding an extra buffer stage, we can use a Frame Antenna with a very 
clever "pick-off" that does not load the front end. This gives the circuit very good sensitivity and 
selectivity without regeneration. 


3 TRANSISTOR RADIO 


Here is our final design for the simplest self-contained 3- Transistor Radio using our home-made 
Tuning Capacitor and 250mm x 350mm Frame Antenna. It picks up the local stations and drives a 
low-impedance earphone or set of earphones (from a mobile phone). 
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stops squealing 
3-TRANSISTOR RADIO 


The circuit performs very well and uses readily-available components. The 22n across the output 
is essential to stop squealing. 

The secret to sensitivity and selectivity is the turns-ratio on the Frame Antenna. The 3-turn "pick- 
off" puts very little load on the front end and this allows the stations to be tuned with our home- 
made Tuning Capacitor. 

The circuit contains all the features we have discussed above and only needs a 1.5v supply. 
Build this circuit before you buy any expensive tuning capacitors, IC's or ferrite slab antennas as 
you will not get any better results. 

This is called a TRF circuit and because the stages operate at Radio Frequency or Audio 
Frequency. Due to the high amount of amplification, the circuit can start to squeal (feedback, 
motorboat) due to the layout. 

You may need to shorten or lengthen the leads or move the parts slightly - it's that critical. 
However the result is a portable radio that needs no earth and will pick up the strong stations. 
You can try connecting the Ov rail to the metal part of a soldering iron to increase the number of 
stations. 


LOADING 


The whole success of picking up a radio station is the RECEIVING CIRCUIT. The receiving circuit 
is the coil and the signal in the air (from the radio station) must go down the centre of the coil. 

It cannot pass over the top or the bottom of the coil. Only the signal that goes down the centre of 
the coil is received. 

As you can see, the centre of the coil is not very big and it is amazing that the signal can pass 
down the centre. But it does, and that is the only signal that will be amplified. 

This signal is passed to the capacitor and we have explained how the signal is gradually 
increased and increased in amplitude until it is as large as 500mV. The signal from the radio 
station may be as small as a few millivolts, but as it keeps pushing the "swing" back and forth, the 
amplitude get larger and larger. 

If you put your finger on the "swing" you will prevent it get larger and larger and it only requires the 
slightest touch of your finger to prevent the swing gaining full amplitude. 

In electronic terms, your finger is called LOADING THE CIRCUIT and since we have to pass the 
signal to further stages of amplification, we need to "tap" or "load" or "pick-off" a signal. 

The aim is to load the circuit as least as possible because the actual energy entering the circuit is 
very small. 

In fact, this is all the energy we can remove as that is all the energy entering it. 

Because a very small amount of energy is entering the "front-end" we classify it having a very 
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high impedance. ltis very difficult to provide a value of impedance for this circuit because 
impedance has the term "Z" and the circuit is operating a very high frequency so resistance 
values are not the same as impedance values. 

The actual resistance of the circuit is ONE OHM but the impedance is more like 10,000 ohms to 
100,000 ohms. 

We can explain its high impedance if we put a 100,000 ohm resistor across the circuit. The 
waveform will be reduced very slightly. If we put a 10,000 ohm resistor across the circuit, the 
signal will be reduced a reasonably large amount. If we put 1,000 ohms across the circuit it will 
stop working. 

This means a load of 100,000 ohms will have the least effect. 

In a crystal set, the diode creates NO LOAD until a voltage of 350mV is reached. It then passes 
excess voltage to a crystal earpiece that has a very high impedance. That's why a crystal set will 
produce a good output. The LOADING is very small. 

When a transistor is connected to the TUNED CIRCUIT, it starts to put a load on the circuit after 
600mV and this load is VERY HIGH. The "resistance" of the base-emitter junction is about 1k and 
the signal will find it very difficult to rise above 600mV because the incoming energy is not 
sufficient to increase the voltage. 

Adding a capacitor between the base and the front end allows the transistor to be self-biased and 
get a turn-on voltage of about 600mV from a base-bias resistor. 

The FRONT END is now separated from the transistor and ANY voltage it is producing will be 
passed to the transistor via the capacitor. 

Whereas, with the crystal set, the first 350mV could be produced without any loading, the circuit is 
now loaded AT ALL TIMES. 

This means we have to load the circuit as lightly as possible to be able to pick up individual 
stations. 

The only way we can do this is to use a capacitor of the smallest practical value and this has to be 
worked out by trying different values. If the value is too small, the transistor will not detect a small 
signal. If the value is too large, the circuit will stop working. 

Values such as 1n, 10n and 100n are suitable. 

Values such as 1u, or 10u will be too large. 

The CRYSTAL SET loading and a transistor load are completely different. 

The transistor loads the front end ALL THE TIME and that's why you need to use a transformer or 
other ways to reduce the loading. Sometimes a Field Effect Transistor is used as it puts almost no 
load on the front end. 
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Capacitor Kit 
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CRYSTAL RADIOS AK (/) 


Crystal Set with Output Meter 


| felt that it was not easy to evaluate sensitivity or level of output of a crystal set because human ears are not objective enough. 
There are several articles on the net about showing the output level as voltage or current. If you connect a voltmeter at the 
phone jack, the input impedance of the meter will affect the balance between the set's output impedance and the phones input 
impedance. 


| found Mr. Billy Cheung in Hong Kong published an article about a crystal set with an output indicator 
(http://theradioboard.com/rb/viewtopic.php?f=2&t=6082). (http://theradioboard.com/rb/viewtopic.php?t=6082) It also seemed 
very nice set to build, so | did. | bought a DC current meter with -50 to +50 uA range at AliExpress. At that time it was the only 
model available. Since the meter is large, 10cm x 8cm, the case needs to be fairly big, 21cm x 10cm x 7cm. 


There are three modifications (additions) to the original. | added a switch to make one of two gang variable capacitor, C1, a 
part of the tank circuit or an antenna impedance matching capacitor. A switch was added to increase the number of turns for 
the regeneration in case of MOSFET detection. The last change was to add a switch to increase capacitance of C2 by adding 
the second section of the air variable capacitor. 


Because the case was large, wiring was easy. Therefore, it did not take so long to build the set, except making a few 
corrections on my stupid wiring errors, as usual. 


Performance: 


My antenna is about 12 m long wire hanging in my garden, and the ground is a 50 cm copper bar buried in the garden soil. In 
mode 1, sensitivity is good. We have three local stations, JOPK, JOPB, and JOVR, transmitted at 12 - 16 km distance with 10 
kW power. After fine tuning, following values for output in uA were obtained. The values did not change by using different 
phones or amplifiers. 

1N60 3DQ 
JOPK 6.3 85 
JOPB 38 4.5 
JOVR 3.8 50 


Human feeling of loudness for JOPK cannot find any difference between the two detectors. | have no idea if the numbers 
above are high or low in my environment. No other stations were heard. Because of the capacitor layout in the output circuit, 
the output sound does not include high audio frequencies and, therefore, is soft, although | have not checked the frequency 
distribution. 


Selectivity of 3DQ is good, while 1N60 gives broad tuning. However, this difference may not be caused by the detectors but by 
the circuit difference. In case of the diode, primary tank circuit has no tap, and the FET's source gets the signal from the tap. 


In mode 2, over-all performance is not satisfactory. Sensitivity is not quite as good as mode 1, and selectivity is even worse. If 
you set the taps near the top (tap #2-4), you can hear several SW stations in China and Korea as well as domestic ones, but they 
can be picked up everywhere on the dial. Therefore, there is no way to know the frequency which the set is tuned. This may be 
caused by the unused part of the coils, lowering the Q, as Mr. Broesel pointed out in the original post by Mr. Cheung 
(http://theradioboard.com/rb/viewtopic.php?t=6082). 


September 30, 2016 
October 1, 2017 (last edited) 
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Crystal Set with Output Meter 


ANTI 


NY 


Ci 


> 
> 


330p x2 


mo a = & cm ct Co Ri mt 


320p + 120p 
J1 


50 to +50 uA 


Atsushi Kano 2016/09 


L1: R40C1 ferrite toroid with 250/46 lit wire. 315 uH. 10 


taps at every 6 turn. 

L2: same as L1+6T for regenaration. 

L3: one side of 1:1 transformer. See original article by 
Cheung. 

51: 1/2 of C1 used (a) as a tank, (b) as an ANT impedance 
matching. 

$2. Tap selecting rotary switch for primary tank. 

33: Tap selecting rotary switch for secondary tank. 
54: DP4T. (a) mode 1, (b) mode 2. See text. 

so: Add 120pF to C2. 

56: Detector selection. (a) 1N60, (b) 35K143. 

S7: (a) original, (b) add 6 turns for regeneration. 

Q1: 35143 (3DQ). Two gates are connected. 

C1: Alps two-section poly-variable capacitor. 

C2: Alps two-section air variable capacitor. 
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uploads/8/3/7/9/837944"74/cs_meter_face.jpg) 


Face of the set 


The case is TAKACHI TW11-8-22G, W110 x D220 x H75.3mm. You can tell how large the meter is. 
| put the rotary switches for tap selection upside-down by mistake, so selecting the taps is confusing a little. 


Inside 


Since few parts were used except switches and variable capacitors, inside the case is almost vacant. The DP4T toggle switch 


was the most expensive among connectors and switches. 
The 3DQ is hidden behind the small universal board, while the 1N60 is connected to the terminals of the switch. 
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(/uploads/8/3/7/9/83794474/cs_meter_left.jpg) 


The switch to separate/combine the sections of the variable capacitor, C1 is shown. 


(/Uploads/8/3/7/9/83794474/cs_meter_top.jpg) 


(/Uploads/8/3/7/9/83794474/cs_meter_right.jpog) 


Mode switch and other switches for the secondary tuning are placed on this side. 
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CRYSTAL RADIOS AK (/) 


Crystal Set with Q Multiplier 


| found a very interesting YouTube video, showing an application of a Q multiplier to a crystal radio. 


The base set is the one published by Mr. (http://www.geojohn.org/Radios/MyRadios/CRKit/CrystalKit.html)John Fuhring 
(http://www.geojohn.org/Radios/MyRadios/CRKit/CrystalKit.html). It uses two toroidal cores for antenna tuning and 
station tuning. Linking the two toroids are done by few turns of coupling coils on both of the cores. | used the same cores 
(T80-15 (http://www.amidoncorp.com/t80-15/)) as in the original article. The linking coils are wound by 24 AWG wire, 
connected to a 100 ohm variable resistor which attenuate the signal to the secondary coil. 


| used 40/60 litz wires for the tuning coils, which was suggested in the Fuhring's article. Another difference between the 
original and mine is to have an additional tap for the Q multiplier. 


The Q multiplier | used was shown in the video by Mr. VK3YE in YouTube (https://www.youtube.com/watch? 
v=4ix5gNrJy2E). Capacitance between the hot end of the tank circuit and the base of transistor is critical. If it is too large, 
say 100 pr, it rings all the time. If it is too small, it does not work. At first, | twisted the wire from Q1 to the one from C2, as 
suggested in the video, the connection was too weak. So, | twisted the two wires as shown in the photo. My guess of the 
capacitance is about 15 pF. 


Performance of the base set is not bad, but not great. There must be many possible reasons that mine may not be as good 
as the original, although | cannot think of any. The sensitivity is a little less than the Loose Coupler set (LC). The selectivity 
is as good as the LS, but this set requires no special tuning procedure, which is needed in tuning with the LC. | could listen 
three local stations very well, but no other stations could be heard even at night with an audio amplifier connected to the 
output. 


With the Q multiplier ON, the sensitivity increased dramatically. Several stations in Tokyo (200 km away) could be heard 
after tuning with patience. The variable capacitor, especially the secondary for station tuning, needs to be adjusted very 
little by little, and it also changes its capacitance with my hand. If | assemble the set again, | would 1) use air variable 
capacitors, instead of poly film ones, 2) add vernier drive mechanism to the secondary variable capacitor, and/or 3) add a 
variable capacitor with a small capacitance, e. g. 10-20 pF, parallel to C2 for final adjustment. 


Fortunately, | have an old SONY ICF-7600D (http://stephan.win31.de/sony76-4.htm) BCL radio, so | used it for making its 
tuning very easy for specific stations. First, set the receiving frequency of ICF-7600D to the frequency of the station you 
want to listen and leave it on. Then rotate the tuning dial of the set and find the point which causes the oscillation noise on 
the 7600D. This means that the set is tuned at the same frequency as the 7600D is receiving, which is digitally displayed on 
it. Remaining work is not so difficult if the signal is strong enough. Final tuning should make the station audible. | have 
received 5 stations with 50-100 kW power within the 300 km range in addition to the local ones. FYI: Transmitting power of 
radio stations in Japan is not as strong as other countries, in general. 


Selectivity of the set becomes very sharp with Q multiplier, but since there are no overwhelming stations in my area, | have 
no trouble separating stations without it. 


Playing with this machine is fun, but without Q multiplier, there is not much left to do. With the Q multiplier, it is exciting to 
listen distant stations, but | feel guilty for using it, because, although it is not directly amplifying the signal like regenerative 
radio, it is still with a help from a battery. 


August 15, 2016 


On the night of September 29, 2016, the following stations were caught when Q multiplier was ON. All stations were 
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listened through an audio amplifier. 


Frequency, kHz Call sign Location 
639 JOPB Shizuoka 
711 HLKA Incheon, Korea 
747 JOIB Sapporo 
774 JOUB Akita w/QRM 
810 AFN Wako w/QRM 
828 JOBB Osaka 
846 JOCP Koriyama 
882 JOPK Shizuoka 
954 JOKR Tokyo 
972 HLCA Danging, Korea 
1008 JONR Osaka 
1089 JOHB Sendai 
1134 JOQR Tokyo 
1170 HLSR Gimje, Korea 
1242 JOLF Tokyo 
1314 JOUF Osaka 
1404 JOVR Shizuoka 
1566 KLAZ Jeju, Korea 
All stations are in Japan except those in Korea. 


It seems sensitivity of the set is not good when frequency is below 700 kHz. No stations near 1400 kHz were heard 
because of the strong signal at 1404 kHz. 


October 2, 2016 


1N60 


10k -J1 


640p | | 50K C5 


| 44 mi 


2501815 7 
L1 & L2, L3 4 LA are wound on T80-15 toroids 
| L1: 2.1m 40/60 itz wire about 110T, 160 uH 
“—=L2, L3:3T on both toroid cores AB 81 
™ L4 2.1m (total) 40/60 ltz wire, total ind 177 uH 
C3: Wires from Q1 and C2 are twisted each other 100n + 
Mo capacitor ls used. 
R5: Trimmer potentiometer av 


©Atsushi Kano 2016/08 
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output of 1011, permitting outputs from 0000 through 1010 to 
select the eleven frequencies of the standard. 

The binary output of A17 causes the 74150 multiplexer A19 to 
select a signal from its inputs to be fed to the standard's output 
buffers. A18, a 74154 binary to one of sixteen decoder, enables the 
corresponding LED. 

To change frequencies on the standard, depress the STEP 
push-button. The standard will step through its eleven outputs, 
one every .8 seconds, until the button is released. When the 
desired frequency is reached, as indicated by its LED, you have 
three-quarters of a second in which to release the button before the 
standard steps again. 

Because of the additional current required by the electronic 
switch, the 2200 uF filter capacitor should be changed to 4700 uF if 
this circuit is added. 

The remaining gates of the 7400 are used as output buffers. 
The two used for TTL outputs will drive ten TTL loads apiece. One 
of these gates buffers the 1000 kHz output of A2a and makes it 
available at a BNC jack on the rear panel. The other takes the 
output of A8c, which is controlled by the frequency selector and the 
BURST switch, and makes it available at a BNC jack. 

The output to a receiver is from A8b through a 100 pF 
capacitor and a 500 ohm pot used as a signal level attenuator. 
Connection of the pot as shown prevents the receiver sensitivity 
from being affected by the attenuator setting. 

The power supply uses the ubiquitous LM309K +5 volt reg- 
ulator. Since the circuit draws only 250 milliamperes, the project 
case can be used as the heat sink. Dissipation of the 309 is only 0.7 
watts. 

Substitution for the surplus 7 volt power transformer I used is 
easy. Use a 12.6 volt center-tapped filament transformer in the 
configuration of Fig. 3-23. 

In order to use the unit in the field, provision is made for an 
external dc input. The .01 aF capacitor removes stray rf from the 
power lines and the series diodes prevent damage from polarity 


—* TO LM 309K 
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Face of the set 


| used a small plastic tackle box sold at 100 yen (about US$1.00). 


Top half is the crystal set designed by Mr. John Fuhring and right bottom is the Q multiplier . As | mentioned in the above, it 
is not easy to tune faint stations because my hand effects on the tuning while it is on the dial. 


Inside 


| put all the parts for Q multiplier, the detecting diode, and few other parts for the crystal set on a small universal electronic 
board. The trimmer potentiometer, R5, was set to about 40 k after a few adjustments. Coils are hot-glued to the back of 


variable capacitors. 


You can see the twisted wires, C3, for coupling signal from L4 to the base of Q1. The thinner blue wire forms L2 and L3. 
Originally it was a litz wire, but the link was too strong, so | changed it to the ordinary AWG 22 wire. 
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Crystal Radio Kit 4 
Mike's Electronic Parts, LLC 


Parts List Tools Required 
1 - Circuit Board Philips Screwdriver 

1 - Variable Capacitor Pre-soldered To Circuit Board Small (Jewelers) Screwdriver 
1 - Ferrite Loopstick Antenna 5/16" Wrench 


2 - Solder Lugs Pre-soldered To Ferrite Loopstick Antenna 
1 - 1N34A Germanium Diode 
1 - .001uf Capacitor 
1 - 47K Resistor 
1 - Ceramic Earphone 
4 - Fahnestock Clips 
1 - Knob with shaft and screw 
2 - Coil Clamps 
6 - 3/8" #6 Screws 
2- 1/2" #6 Screws 
4 - 3/4" #6 Screws 
20 - #6 Nuts 


TE 
8 - #6 Washers 
4 - Rubber Feet NN TE ara 
1 - -20 feet antenna wire (color may vary) Circuit Board ania ie Sapaciier 
1 -~ 5 feet ground wire (color may vary) 
Knob with shaft and screw Ceramic Earphone Antenna Wire Ground Wire 
ALADO ————2X=——— ——M 
Ferrite Loopstick Antenna 1N34A Germanium Diode 47K Resistor 
.001 uf Capacitor Fahnestock Clip Coil Clamp Rubber Foot 
3/8" #6 Screw 1/2" #6 Screw 3/4" #6 Screw #6 Washer 
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Crystal Radio Kit 4 is a great way to get started in electronics and radio building. This is a fun and 
simple project for both beginners and expert builders alike. Everything needed to build a fully 
functional radio, including an antenna and ground wire, is included in the kit. Easy to assemble 
with no soldering required. Crystal Radio Kit 4 is a great project to build with your child or 
grandchild, boy scout groups and schools. 


The kit contains small parts that may be a choking hazard. Adult supervision is always advised 
while building the radio kit. 


Assembly 


1. Locate and familiarize yourself with all the parts in the parts list. 


2. Assemble the legs. 
Items used: 4 - 3/4" #6 Screws, 4 #6 Nuts, 4 - Fahnestock Clips, 4 - Rubber Feet. 
Insert a 3/4" +6 screw through a Fahnestock Clip. Insert the screw with 
fahnestock clip through the circuit board. Attach a #6 nut from the bottom 
side of the circuit board. Snug the nut, do not over tighten. Push a rubber foot 
over the bottom of the screw. Lightly turn the rubber foot clockwise to ensure 
it is fully pushed into the screw. 
Repeat for all four legs. 


3. Assemble the coil screws. 
Items used: 2 - 1/2" #6 Screws, 2 #6 Nuts. 
Locate the Coil location on the circuit board. Insert a 1/2" screw through the circuit board 
from the bottom in the hole to the left of the coil schematic symbol. Use a #6 nut from the 
top to fasten the screw to the circuit board. 
Repeat for the hole to the right side of the coil schematic symbol. 


4. Assemble the posts. 
Items used: 6 - 3/8" #6 Screws, 6 #6 Nuts. 
Push a 3/8" #6 screw through the circuit board from the bottom. Use a #6 nut from the top 
to fasten the screw to the circuit board. 
Repeat for the remaining holes in the circuit board. 


-@@1uf Capacitor 


CRK-4 
Mike’s Electronic Parts 
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Assembly Continued 


5. Assemble the coil. 
Items used: 1 - Ferrite Loopstick Antenna, 2 - Coil Clamps, 2 - #6 Washers, 2 - #6 Nuts. 
Locate the Coil location on the circuit board. Place the solder lugs over the screws at the end 
of the Coil symbol. Slide a coil clamp over each end of the ferrite rod. Place the coil clamp 
over the solder lug and secure with a #6 washer and #6 nut at each end. 
Double check that the coil is between the coil clamps and that the wires are not being 
pinched by the coil clamp. 


6. Assemble the 47K resistor 
Items used: 1 - 47K Resistor, 2 - #6 Washers, 2 - #6 Nuts. 
Locate the 47K Resistor location on the circuit board. Place the resistor across the nuts. Bend 
each end of the wire around the screw. Place a #6 washer and #6 nut on top of the wire. 
Tighten the nut to secure the resistor. 


a” a (5_"” @ a "A 
SN JAN" : y) 2 INN > ) ( ILA | XG ) 


47K Resistor 47K Resistor 47K Resistor 


7. Assemble the .001uf Capacitor and 1N34A as described in Step 6 above. 


8. Assemble the Knob. 
Attach the Knob shaft using the knob shaft screw to the variable capacitor shaft on the top 
side of the circuit board. Tighten the shaft screw. Turn the knob shaft to the full left position. 
Loosen the set screw in the side of the knob. Slide the knob over the knob shaft. Align the dot 
on the top of the knob with the far left dial markings on the circuit board. Tighten the set 
screw. The dot on the knob should point to the circuit board markings from full left to full 
right of the knob rotation. 


Variable Capacitor 
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Assembly Continued 


9. Attach the earphone. 
Items used: 1 - Ceramic Earphone. 
Locate the Fahnestock clips marked EAR. Push down on the fahnestock clip. Slide the end of 
the earphone wire through the opening. Release the fahnestock clip. Note: Do not clip the 
wire by the plactic coating. The bare metal portion of the wire must be clamped by the 
fahnestock clip. 


Antenna 


The bare end of the wire connects to the fahnestock clip marked ANT. The antenna wire should 
be placed as high as feasible. Run the antenna horizontal to the ground in as straight a line as 
possible. If there is not enough space to run the antenna in a straight line, the wire can be 
placed in an arc or loop shape as well. Experiment with the antenna placement and shape to 
achieve the best results. 


Do not use the antenna outdoors during bad weather. 


Ground 


The use of a ground is optional. There are many options for connecting a ground. You can just 
lay the ground wire along the floor in the opposite direction from the antenna. You can connect 
the end of the ground wire to a metal object, like a metal desk. You can also connect the end of 
the ground wire to a physical earth ground if you have access to one. Some metal plumbing in a 
home may be physically earth grounded for example. 


Congratulations! Your Crystal Radio is ready to use. 


Use the tuning knob to locate local radio stations. Keep in mind that the crystal radio will only 
receive strong stations. Unlike a traditional battery powered radio, the power to drive the sound 
you hear is from the signal the antenna is able to pick up. Experiment moving the antenna to 
different locations to increase stations and/or volume. 


If you have any questions at this stage, please refer to the photo on page 1 and double check 
any directions and photos applicable. 


Mike's Electronic Parts 
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Fig. 3-24. Divide by three circuit. 


reversal. Two diodes were used because I feel that the 14.5 volts of 
a car battery under charge come perilously close to the filter 
capacitor’s 16 volt rating. With the two diodes shown, applicable dc 
input voltage is 9-15 volts. With the appropriate filter capacitor 
voltage rating anda single diode, voltages in the range of 8 to25 can 
be used. 

Do not leave out the .22 uF bypass capacitor on the 309 input. 
It prevents oscillation of the device should a remote battery be 
used as a power source. 


Construction 

Because of the high speed switching characteristics of TTL 
and the high frequency harmonic content of the output waveforms, 
each IC is a transmitter and each interconnecting wire is an anten- 
na. A thoughtful layout and careful construction are important to 
minimize unwanted radiation. 

Switching transients appearing on the Voc and ground lines 
can add unwanted noise to the output. I used a prototyping board 
with V_,, and ground planes to minimize glitches. A printed circuit 
board would be even better. If you wish to build the circuit with 
wire wrap sockets on vectorboard, use bus wire for the power 
leads to the sockets. An effective technique is to interleave V and 
ground bus wires for each row of IC sockets, with a row not 
containing more than a half-dozen ICs. 

Bus wire should also be used to connect the board directly to 
the 309. Do not invite problems by grounding the board to the 
chassis. Connect the chassis to the 309 case, the board to the 309 
case, and the rectifier ground to the 309 case. This prevents the 
board ground from rising above the power ground and developing 
noise problems. 
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SIMPLE 
CRYSTAL RECEIVING SETS 
AND HOW TO MAKE THEM 


CHAPTER I 
A Simple and Efficient Receiving Set 


As the result of recent experiments conducted in the 
United States of America to produce an efficient crystal 
receiving set that at the same time would be reason- 
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Fig. 1.—General View of the Aerial and its Supports and Connections. 


ably simple and inexpensive to make, a circular was 
issued by the American Bureau of Standards giving 
constructional details of a set evolved in accordance 


with the result of those experiments. The set, it is 
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CRYSTAL RECEIVING SETS 


an hour. If porcelain wiring cleats dre available they 


may be substituted instead of the wood insulators. 
If any unglazed porcelain is used as insulators, it 
should be boiled in paraffin. wax in the same way as 
the wood. The wire for the aerial may be No. 14 or 
16 copper wire either bare or insulated. The end 
farthest from the receiving set may be secured to the 
insulator (E) by any satisfactory method, care being 
taken not to kink the wire. Draw the other end of the 
wire through the other insulator (G) to a point where the 
two insulators are separated by about 75 ft.; twist 
the insulator (a) so as to form an anchor as shown 
in Fig. 1. The remainder of the wire (J) which now 
constitutes the lead-in or drop-wire should be just 
long enough to reach the lightning switch. 

The Lightning Switch.—The lightning switch K is 
for the purpose of protecting the system from lightning. 
This switch may be an ordinary porcelain-base, single- 
pole double-throw. battery switch. The lead-in wire 
(J) is attached to this switch at the middle point. The 
switch blade should always be thrown to the upper 
clip when the receiving set is not actually being used 
and. to the lower clip when it is desired to receive 
signals, | 

The Earth Lead.—t is the earth wire for the light- 
ning switch; it may be a piece of the same wire as 
used for the aerial, of sufficient length to connect the 
upper clip of the lightning switch (K) to the clamp 
on the earth rod (m), which is a piece of iron pipe or 
rod driven 3 ft. to 6 ft. into the ground, preferably 
where the ground is moist, and extending a sufficient 
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Fig. 3.—The Receiving Set in Complete Detail. 
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CRYSTAL RECEIVING SETS 


Accessories.—Under the heading of accessory 
equipment may be listed terminals, switch-arms, 
switch-contacts, test-buzzer, dry battery, and boards 
on which to mount the complete apparatus. The 
terminals, switch-arms and switch-contacts may all 
be readily purchased. There is nothing peculiar about 
the pieces of wood on which the equipment is mounted, 
except that they should be soaked in melted paraffin 
wax for an hour or two. 

Winding the Tuner.—Having obtained a piece of 
cardboard tubing 4 in. in diameter and about 4 lb. of 
No. 24 (or No. 26) d.c.c. copper wire, start the winding 
of the tuner (see R, Fig. 3) Punch two holes in 
the tube about 4 in. from one end, not shown in the 
diagram. Weave the wire through these holes in 
such a way that the end of the wire will be quite 
firmly anchored, leaving about 12 in. of the wire free 
for connections. Start with the remainder of the wire 
to wrap the several turns in a single layer about the 
tube, tightly and closely together. After ten com- 
plete turns have been wound on the tube, hold those 
turns snugly while a tap is taken off. This tap is 
made by forming a 6-in. loop of the wire and twist- 
ing it together at such a place that it will be slightly 
staggered from the first tap. This method of taking 
off taps is shown quite clearly at u (Fig. 3). Proceed 
in this manner until seven twisted taps have been 
taken off at every ten turns. After these first seventy 
turns have been wound on the tube, then take off a 

6-in. twisted tap for every succeeding single turn until 
ten additional turns have been wound on the tube. 
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Fo e 
After winding the last turn of wire, anchor the end 
by weaving it through two holes punched in the tube, 
much as was done at the start, leaving about 12 in. 
of wire free for connecting. It is to be understood 
that each of the eighteen taps is slightly staggered 
from the one just above, so that the several taps will 
not be bunched along one line on the cardboard tube. 
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Fig. 4.—View of the Receiver. 


It will be advisable, after winding the tuner, to dip 
it in hot paraffin wax. 

Upright Panel and Base.—Having completed the 
tuner to this point, set it aside and construct the up- 
right panel shown in Fig. 4. This panel may be a 
piece of wood approximately 1 in. thick. The positions 
of the several holes for the terminals, switch-arms 
and switch-contacts may first be laid out and drilled. 
The aerial and earth terminals may be ordinary ¿-in. 
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or both of the switch-arms are rotated until the proper 
number of turns of wire of the tuner are made a part 
of the metallic circuit between the aerial and earth, so 
that, together with the capacity of the aerial, the re- 
ceiving circuit is in resonance with the particular 
transmitting station. It will be remembered that 
there are ten turns of wire between each of the first 
eight switch contacts and only one turn of wire be- 
tween each two of the other contacts. The tuning of 
the receiving set is best accomplished by setting the 
right-hand arm (v., Fig. 3) on contact (1) and rotating 
the left-hand switch-arm over all its contacts. If the 
desired signals are not heard, move the right-hand 
switch-arm to contact (2) and again rotate the left- 
hand switch-arm throughout its range. Proceed in 
this manner until the desired signals are heard. 

The Test Buzzer.—As mentioned previously, it is 
easy to find the most sensitive spot on the crystal by 
using a test buzzer (z, Fig. 3). The test buzzer is used 
as a miniature local transmitting set. When con- 
nected to the receiving set, as shown at z, Fig. 3, the 
current produced by the buzzer will be converted into 
sound by the telephone receivers and the crystal, the 
loudness of the sound depending on what part of the 
crystal is in contact with the fine wire. 

In order to find the most sensitive spot connect 
the test buzzer to the receiving set as directed, close 
the switch 5, Fig. 3, set the right-hand switch-arm 
on contact point No. 8, fasten the telephone receivers 
to the binding posts marked phones, loosen the set- 
screw of the binding post slightly and change the 
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position of the fine wire (6, Fig. 3) to several positions 
of contact with the crystal until the loudest sound is 
heard in the "phones, then tighten the binding post 
set-screw (4) slightly. 


The illustrations to this chapter were published 
by “ Popular Radio ” and prepared by them from the 
drawings issued by the U.S.A. Government, and the 
Editor of the present Handbook wishes to express his 
indebtedness for their use to the American publica- 
tion named. 


AzrIAL Wire 


WIRE To 
TUNING INDUCTANCE Wire ro EARTH 


Fig. 5.—Diagram of Fig. 6.—Details of Lightning 
Oscillatory Circuit. Switch and Connections. 


The Range of the Set.—It is impossible to state 
offhand what the range of a set will be, for there are 
different factors that govern the operation, Briefly 
these are as stated below : 

(1) The distance of the transmitting station and 
its direction. 

(2) The power used by the station ; this, of course, 
varies enormously. 

(3) The height and length of the receiving aerial. 

(4) The position of the receiving station. If it is 
on a hill or a level plain, and is not sheltered by trees 
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CHAPTER II 
A Single-slider Set 

By PAUL D. TYERS. 
REMEMBERING the statement in the previous chapter 
that the longer the wave-length the greater is the 
amount of inductance required to tune it in, it will 
be obvious that it is impossible to wind up one coil 
to receive all wave-lengths. The range of the set here 
described is from about 350 metres to 600 metres. 

Construction of the Tuner.—The coil will be 
wound on a cylinder 6 in. long and 3 in. in diameter. 
Cardboard postage tubes are very suitable for the 
purpose if they are previously prepared. A 6-in. 
length is cut off with a saw and the surface and ends 
are carefully smoothed with very fine glass-paper. 
Three small holes are drilled in each end of the tube 
in the position shown in Fig. 7. The tube is then 
heated in an oven to drive out any absorbed moisture, 
and while it is still hot it is given a coat of thick 
shellac varnish. This is prepared by dissolving shellac 
in methylated spirit. The tube should be heated 
and varnished at least three times. 

Wooden ends are fixed to the cylinder, which serve 
as a support for the slider, as follows : Two wooden 
discs about 2 in. thick are cut out with a fretsaw of 
such size as tightly to fit into the ends of the tube. 
This will be understood by reference to Fig. 8, and 
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it will be seen that they are afterwards edited by 
small brass screws passed through the sides of the 
tube. The end pieces are made from any hard- 
wood, and should be about 4} in. square and } in 
thick. These are fixed to the 
discs by brass screws after 
the coil has been wound. 
Winding the Coil.— Wher 
winding a very large coil it 
is usual to arrange some form 
of winding apparatus, but it 
is unnecessary in this case. Referring to Fig. 7, 
about 6 in. of free end of the wire is passed down 
hole No. 1, up hole No. 2, and down hole No. 3, 
the end being put through the loop which has been 
formed inside the tube between holes No. 1 and No. 2. 


Fig. 7.—Method of Fixing 
Winding. 


= 


DUNI CARDBOARD 
LANS, TUBE 


t- Woopen Disc 


Fig. 8.—Half Section of Tuning Coil. 


It will be found that this will fix the end of the wire 
quite firmly. The winding is then started, making 
each turn close against the other. It is essential to 
keep the wire fairly tight, but not so tight as to strain 
it. When the other end of the coil is reached the 
wire is fastened off in a similar manner to the first 
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Asynchronous TTL devices such as the 7490 generate plenty 
of switching transients. Put a .1 uF bypass capacitor between Vcc 
and ground at each device socket and another at the power input to 
the board. Bypass the 309 input and output as shown to prevent 
spikes and oscillation. 

The leads connecting the frequency divider ICs and the selec- 
tor switch make excellent antennas, so shield the output from the 
board to the attenuator pot and from the pot to the output terminals 
with RG-174 coax to reduce unwanted pickup. Long unshielded 
leads will reduce the effective control range of the pot. 

Mechanical stability will be reflected in electrical stability. 
Rigidly mount the crystal and trimmer capacitor close to the 7404 
oscillator. 

Changes 

For those who would like accurate channel markers for 2 
meter FM, try a 3000 kHz crystal in the oscillator. This frequency 
can be divided by two 7490s to 30 kHz for standard channels and 
then by half of a 7474 to cover splinter channels. The divide by 
three circuit of Fig. 3-24 replaces A2a to retain the outputs of the 
present standard. 

With CMOS prices falling and use of these devices increasing, 
you may wish to provide an output compatible with CMOS logic 
circuits. A 7406 open collector hex inverter package with a 2k 
pullup resistor could be added to interface with CMOS logic levels. 
Such an arrangement will have a deleterious effect on high fre- 
quency harmonic content, but will be fine for signal injection to a 
CMOS circuit. 


AUDIO FUNCTION GENERATOR 


The generator features a frequency range of .05 Hz to 300 
kHz, digital frequency display, and a sweep range of 1000:1 or 
better. The unit produces sine, triangle, and square waves as well 
as left- or right-sloped ramps and pulses with an adjustable duty 
cycle of 1% to 99%. The output may be amplitude- or frequency- 
modulated by an external signal and adjusted in amplitude from six 
volts peak-to-peak down to millivolts. The sine, triangle, and 
square waves may be swept in frequency by a built-in linear sweep 
circuit or by an external signal. The cost is in the $50.00 range if 
you have a moderately stocked junk box. The majority of the parts 
are stocked by Radio Shack. About half of the cost is in the digital 
frequency display, which may be easily replaced with a frequency 
counter or an analog scale. 


147 


CRYSTAL RECEIVING SETS 


the exception of the coil contact line; where the 
slider touches the winding the insulation must be re- 
moved. This is best accomplished by rubbing it with 
a piece of very fine glass-paper, using the edge of a 
straight piece of wood as a guide, so that a neat line 
of bare copper wire appears. Only just sufficient in- 
sulation should be removed to ensure the slider making 
an efficient contact. 

The Crystal Detector.—There are a number of 
different forms of detectors (see Chapter II of the 
‘“ Amateur Wireless” Handbook “ Wireless Com- 
ponent Parts ”), the most stable type probably being 
the carborundum and steel-plate combination. How- 
ever, this usually requires a potentiometer, and it is 
therefore a little more complicated. Another type 
consists of a very fine wire (called a cat-whisker) 
which bears lightly on the surface of the crystal. This 
combination is perhaps a little more sensitive than 
others, but at the same time it is rather erratic in 
behaviour. The set. here described has a perikon 
detector. 

The detector will be understood by reference to 
Fig. 10. The base may be of ebonite, 4 in. by 3 in. 
and 3 in. thick. The crystal cups may be drilled or 
turned from brass rod 4 in. in diameter, or they may 
be bought for a few pence. The success of the de- 
tector depends upon its rigidity; a weak or springy 
detector will never keep sensitive for more than a 
few minutes, and it will be found a source of everlasting 
annoyance. One crystal cup is fixed near the end of 
the base, as shown in Fig. 10, and the other is screwed 

20 


A SINGLE-SLIDER SET 


to the end of a piece of brass 25 in. long, 3 in. wide, 
and a little less than 3 in. thick. 

A thick brass screw about 2 in. long is passed 
through a hole drilled at the other end of the base. 
A strong washer (a, Fig. 10) is put on the screw, to- 
gether with a length of stout brass tube about 2 in. 
external diameter. This is followed by the brass strip, 
which is finally secured by two nuts. The length of 
the brass tube will depend, of course, upon the height 
of the crystal cups. A similar but longer serew is fixed 


y 3! il, O i = 
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Tinton AAA | 
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t 
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Fig. 11.—Diagram showing Construction of Telephone 
Condenser. 


to the base with a nut B, and the end is allowed to 
project through a slit in the brass arm. A nut to fit 
the screw is soldered to a small piece of thin brass, 
which is then screwed to an ebonite knob. It will 
be understood that by screwing the knob downwards 
the two cups will be brought nearer together, thus 
varying the pressure between the crystals. The crys- 
tals are set in the cups with either molten solder or 
Wood’s metal. It is usual to employ a pointed piece 
of bornite or copper pyrites resting on a flat face of 
2 piece of zincite. Two terminals mounted on the 
base complete the detector; connection is made, of 
21 
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has finished, it is possible immediately to readjust the 
faulty detector. The switch is also very useful for 
comparing two different types of detectors, since it 
is possible to change from one to the other without 
disconnecting any of the apparatus. 

Using Loading Coils.—The tuning coil, as pre- 
viously stated, is designed to receive wave-lengths up 
to about 600 metres. However, if it is desired to 
receive longer waves, all that is necessary is to insert 
two terminals in the position marked x in Fig. 12. 
When receiving on the small tuning coil these are 
connected together with a piece of wire, but when it 
is wished to listen to longer-wave stations, simply 
disconnect the wire and insert another coil in its 
place. This coil can be made exactly similar to the 
other, but there is no need to fix a sliding contact, 
since all the fine tuning can be accomplished with the 
original coil. It is only necessary to tap the coil at 
varying intervals, bringing the tappings to a multi- 
point switch. 

A coil of this description is usually called a loading 
coil, since it loads the aerial to the required wave- 
length. 


CHAPTER III 


Set With Semicircular Tuner 
By 0. J. RANKIN. 
THE tuning inductance of the set described in this 
chapter (see Fig. 13) has been specially designed for 
the efficient reception of broadcasting, “ dead-end ” 
effects being obliterated as far as possible by only 


Fig. 13.—Photograph of Set with Semicircular Tuner. 


winding on enough wire to just cover the broad- 
casting wave-lengths. 
Materials.—The materials and parts required to 


build this receiver comprise one cardboard cylinder or 


“former,” 6 in. long by 4 in. diameter, 4 lb. bobbin 


of No. 24 (or nearest) enamelled copper wire, one 
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unwinding. Apply shellac freely over the winding 
and allow the coil to dry. 

Next take the piece of spring brass 4 in. long by 
3 in. wide, round off the corners with a smooth file, 
and drill a hole in each end (see Figs. 20 and 21), one 
of which must take a length of the 2 B.A. rod and the 
other a round-headed wood-screw. Cut off about 1 in. 
of the screwed B.A. rod and fit one end into a suit- 
able wood or ebonite knob, as shown in Fig. 22. Bend 
the other end of the strip slightly, so that it is parallel 
to the projecting part of the rod. The latter should 
be made quite smooth and rounded off to a blunt 
point. Give the baseboard at least three coats of 
shellac varnish, allowing each coat to dry thoroughly 
before applying the next. 

The Detector.—The construction of the crystal de- 
tector should present no difficulties. The two ¿-in. 
brass strips should be cut out and drilled as shown 
in Figs. 23 and 24, and bent at right angles at ‘he 
dotted lines. The shank of the terminal fitted to une 
crystal cup (Fig. 25) should slide freely in the slot 


(Fig. 24). This small terminal should, of course, be 


fitted before mounting the crystal. 
Take the piece of spring brass 13 in. long by ¿ in. 
wide as shown by Fig. 26, solder the fine wire feeler 


or “ cat’s whisker ’’ u (Fig. 27) to one end and bend 


to the shape shown. Solder the other end to the base 

of the piece of brass (Fig. 23). The hole at the top 

of the pillar should be tapped 2 B.A. An alternative 

method is to drill the hole slightly larger than the 

diameter of the detector screw and solder on a nut 
23 
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previously filled with clay to prevent the solder 
adhering to the thread. The detector screw (Fig. 28) 
is self-explanatory. A suitable wood or ebonite knob 
is clamped tightly to a short length of the 2 B.A. rod 
with two nuts, as shown, and the end of the rod 


Fig. 20 Fig. 21 
Figs. 20 to 22.—Details of Contact. 


Fig. 24 $ Fig. 26 


Fig. 25 
Figs. 23 to 28.—Details of Detector. 


Fig. 27 Fig. 28 
Fig. 29. Detector Assembled. 


rounded off to a point. The general arrangement of 
the detector is clearly shown in Fig. 29. 
Assembling.—Place the mounted coil on the centre 
of the baseboard, move it along to the left about 14 in., 
see that everything is quite square, and with a pencil 
mark all round the bases of supports. Drill four holes 
c 29 
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CRYSTAL RECEIVING SETS 


sense that only the turns of wire between the con- 
nected end of the coil and the switch-arm contact are 
actually being used. By rotating the switch-arm the 
inductance is made variable, 

This receiver is extremely simple to operate, and 
with a well-adjusted crystal will receive telephony and 
spark signals quite clearly. 


CHAPTER IV 


Crystal Set with Tapped Single Coil 
By A. J. COOPER, 
Single-coil Tuner.—A photograph of the completed 
tuner is shown by Fig. 32. The secondary circuit 
detailed later is not essential for receiving purposes 
and can be dispensed with if desired, but its use per- 
mits of finer and more selective tuning, and therefore 
the constructor is advised to include it in his instru- 
ment. The bar-switch, studs, and two terminals 
shown in Fig. 32 on the extreme right of the instru- 
ment illustrate that portion of the arrangement re- 
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CRYSTAL RECEIVING SETS 


and also the ebonite might be torn away on the under 
side, leaving an ugly, uneven edge. When all the holes 
are drilled, those which are intended for screw-threads 
should be tapped according to the size for which they 
are intended. 

A photograph of the completed panel is shown in 
Fig. 34, and this incorporates the bar-switch and studs 
and terminals for the secondary coil. After the in- 
sertion of the contact studs and terminals (the threads 
ot which should previously be dipped in shellac) in 
their respective positions, the bar-switches should be 
mounted and the tip of the switches adjusted so as 
to give equal contact on the centre of each stud. 
Ensure, by means of pinning or soldering, that the 
nuts on the back of the panel on these bar-switches 
will not work loose. 


MATERIALS FOR INSTRUMENT AND AERIAL 


ł lb. No. 28 s.w.a. d.c.c. wire. 

A cardboard cylindrical former 34 in. in diameter 
and 5 in. long. (Should a former of these 
dimensions not be procurable a Horlick’s 
Malted Milk dummy will meet requirements. ) 

2 bar-switches with two nuts and spring washer. 

Small quantity of shellac varnish. 

Crystal cups, crystals, and sundry brass-strip and 


Screws. 

2 terminals with large bearing surfaces between — 
the nuts. 

2 binding-post terminals (for telephones). 
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SET WITH TAPPED SINGLE COIL 


Se u 

l pair of high-resistance phones (total resistance of 
4,000 ohms), 

1 fixed telephone condenser .003 microfarads. 

1 sheet of ebonite 83 in. by 52 in, 

20 contact studs. 

Wood for case, quantity specified in diagram, 
Fig. 37, 3 in. thick (this wood should be very 
well seasoned). 


Fig. 37.—Details of Material for Case. 


4 small china insulators (feet for instrument). 

100 ft. of 7/22 bare or insulated copper wire. 

8 2-in. china “ reel ” insulators with 4-in. diameter 
hole in centre. 

A pole or poles not shorter than 22 ft. if possible. 


Tuning Coil.—Should the coil former be of card- 
board it should be put into a moderately hot oven for 
37 
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The entire unit consists of the function generator circuits, the 
sweep circuits, the digital display circuits, and the power supply. 
The function generator circuits actually contain two function 
generators, designated the primary and secondary and labeled F1 
and F2 in Fig. 3-25. The two generators may be set independently 
of each other and it is possible to shift between the two merely by 
changing the logic level at the FSK jack. The amplitude of the 
output is absolutely constant from the lowest frequency up to 300 
kHz with a usable signal generated up to about 1 MHz. Distortion of 
the sine wave is adjustable and quite good at approximately .5% 


Construction 

The heart of the function generator is an XR 2206 IC. I 
purchased my chip from Jameco Electronics, 1021 Howard Ave. 
San Carlos, CA 94070. Be sure to ask for the spec sheet; the add- 
itional 25 cents is well worth the price. I used the manufacturer's 
recommendations on wiring the 2206 except for several modifi- 
cations that are peculiar to my function generator. If you do not 
want to build the sweep circuit, then just leave those components 
off of the circuit board; there are no components that are used for 
both the function generator and the sweep circuits. See Figs. 3-26 
through 3-30. 

I used %-watt, 5% resistors except for R12, which is not 


Fig. 3-25. The completed swept function generator. The knob labeled F1 is 
the primary frequency control and is mounted on a 3:1 gear drive. The 
SIN/TRI output jack also provides a ramp function. All unlabeled jacks are 
grounds, except the jack, far left, which is the variable dc output. 
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Case.—The next operation is to prepare the case 
for the reception of the coil and the panel. This 
should be of ¿-in. hardwood. Mahogany, teak or oak 
is to be preferred, but ordinary white wood or pine 
can be used if it is well seasoned. The case may be 
french-polished or stained and varnished, according 
to taste. Prepare the case according to the dimen- 
sions and lay-out given in Fig. 37, and use only screws 
in its construction. The right-hand side and top and 
bottom should be easily removable, otherwise the con- 
structor can carry out the work according to his skill 
in joinery, providing the dimensions given are adhered 
to. The case when finished should appear as in Fig. 38. 

A photograph of the coil with wires soldered is 
given by Fig. 39. 

In order to attach the wires of the coil to the panel, 
as shown in the photograph (Fig. 39), lay the panel 
on the bench with the bar-switches assembled in posi- 
tion and its top towards the constructor, and place 
the coil with the end with the wooden end piece to 
the left and solder the free end to the first contact 
stud and the loops in rotation to the remaining studs. 
Keep the leads as short as possible consistent with 
leaving room to fix the coil and panel in the case and 
for other wiring. The tappings of twenty turns should 
now be on the left-hand switch and the two-turn 
tappings on the right-hand switch, the second free 
end being soldered to the last right-hand contact stud 
when completed. | 

It will now be seen that when the bar-switches are 
in a position where they point to each other the 
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Fig, 40.—Elevation and Plan Fig. 42.—-Circuit Diagram of 
oí Detector. Receiver. 
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hand side of the case in a convenient position about 
midway across the side and about 4 in. from the base 
of the instrument. 


Testing the Set.—To operate the present instru- 
ment the crystal detector should be adjusted, and the 


contact between the two crystals should be light. 
A buzzer might be sounded near the coil or earth lead, 
and when the note of this buzzer is heard in the tele- 
phones the crystal is in a sensitive condition. Rotate 
the left-hand switch until signals are heard, and finish 
by fine tuning on the right:hand switch. 
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CHAPTER V 


A Loose-coupled Set 
By. A. J. COOPER. 
THE apparatus described in this chapter is of a more 
advanced type than that described in the previous 
chapter, and includes a tuner with a secondary closed 
circuit. ‘The general constructional details, however, 
excluding the loose-coupler, are the same as in the 
set described in that chapter. 

Materials.—The materials required are as follows : 
A cylindrical former 43 in. long by 23 in. in diameter, 
l oz. 36 d.c.c. wire, a length of 3-in. dowelling, 12 con- 
tact studs, 1 bar-switch, 2 terminals, 15 ft. of electric- 
bell flexible wire. 

The Former.—First take the former and prepare 
two wood or ebonite end pieces exactly to fit in the 
end, with a hole ¿ in. in diameter bored through the 
centre of both, as illustrated at a in Fig. 43. If wood 
is used it should be perfectly dry and of a thickness 
of about 4 in. Should ebonite be used, it need be only 
gin. thick. In one of the end pieces drill ten or twelve 
small holes, as illustrated at B, Fig. 43. 

The former, if of cardboard material, should be 
prepared with shellac varnish as specified for the 
primary former. Now draw a straight line down one 
side, mark off 3 in. from each end, and beginning 
just inside these marks bore twelve holes right through 
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in each side to take small wood screws } in. long and 
about +; in. thick. 

On the end of the piece of dowelling 8 in. long 
make a flat surface and screw one side of the bracket 
to it. Prepare a piece of wood 3 in. thick and 2¿ in. 


by 23 in. and take off the end of the case which does 


not hold the primary coil. This side would be the 
right-hand side when the case is facing the con- 
structor. Now pass the piece of dowelling which is 
to fit exactly into the case through the secondary 
coil, and see that it slides easily and freely ; then place 
the end in the hole just made in the end piece of the 
primary. Position the coils and dowelling in the case 
against the left-hand side about 1 in. clear of the base, 
and place the piece of wood 23 in. by 2? in. against 
the other end of the dowelling and resting on the 
base of the case. Adjust the coils and dowelling to 


a horizontal position, and mark on the piece of wood 


the centre position of the dowelling and bore a hole 
3 in. in diameter at this position. Now screw the wood 
to the end piece of the case which has been removed, 
seeing that it is in a line with the centre line of the 
coils when they are positioned in the case. 

It will now be clear that when the end of the case 
is screwed in position and the primary coil secured to 
the other end of the case by means of two screws, 
with the secondary coil and dowelling placed inside 
it, the secondary coil can be slid up and down the 
dowelling and will remain in any position. 

Now take the piece of dowelling with the right- 
angle bracket attached to it and secure the other side 
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CRYSTAL RECEIVING SETS 


detector, and for this reason dimensions and details 
are given in Figs. 50 and 51. 

Making the Potentiometer.—The potentiometer 
consists of a piece of wood (broom handle will do) 1 in. 
in diameter by 4 in. long, wound for 3} in. of its length 
with No. 36 d.s.c. Eureka resistance wire and mounted 
between suitable supports. A slider makes contact 
on the top surface and runs on a piece of brass rod 
¿ in. square. When incorporating the carborundum 
detector in the circuit the wire which formerly led to 
one side of the perikon detector is joined to the square 
brass rod by means of a terminal, and the two ends 
of the resistance wire are connected to each side of 
a 4-volt dry battery. There is also looped or twisted 
with one of these battery wires a wire leading to the 
steel plate on the crystal detector, and another wire 
runs from the crystal to the telephones. A switch 
should be incorporated in the potentiometer to cut 
off the battery current when not in use. The buzzer 
is used as explained in the previous chapter, and 1s 
obtainable for a very small sum. 

The Catwhisker Detector.—In the front of the 
instrument should be placed a simple catwhisker 
detector, as used in conjunction with certain crystals 
—for example, galena, rectarite, hertzite, etc. This 
is simple to construct, and Fig. 52 shows the 
general arrangement. A photograph is shown by 
Fig. 53. 


The bracket is a piece of brass 3 in. by ¿ in. bent: 


to an angle of 90 degrees. A hole is drilled $ in. from 
the top of the long side (2 in: long) to take the screw 
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A LOOSE-COUPLED SET 


m 


which secures the crystal cup. A hole is drilled on 
the other side (1 in. long) to take a terminal. 


24 SQUARE 


BRASS NE 


Fig. 90. -Details of Carborundum Detector. 


The other bracket is a similar piece of brass bent 
in the same manner and to exactly the same dimen- 


Fig. 51.—Photograph of Carborundum Detector. 


sions. A hole is drilled 4 in. from the top of the 2-in. 
piece, but of a larger diameter—in fact, almost large 
55 
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CHAPTER VI 
Set with Plug-in Basket Coils 
By H. J, TURPIN. 
Aw unusual type of crystal receiver is described in 
this chapter, one im which is embodied extreme 
selectivity. Instead of the orthodox slider and cylin- 
drical inductance coil or the variometer methods, the 
writer has adopted a system of combined adjust- 
ment of the aerial and earth connections, each of 
which can be independently connected to any par- 
ticular part of an inductance coil of the “ basket ”” 
type. It is claimed that by this method (which is 
explained more fully later) an amount of wire equal 
to 4 in. can be added to or subtracted from the total 
quantity in the inductance circuit depending upon 
the relative position of the aerial and earth tuning 
plugs. The set is shown photographically in Figs. 
53A and B. 

In order to ensure that the instrument is as com- 
pact as possible it is made in a simple box form, one 
end of the case being used to carry the crystal detector 
which is entirely covered in by a suitably designed 
lid, while the main part contains the ebonite panel 
and the basket inductance coil. 

Case.—The complete case is shown pictorially in 
Fig. 54, and is made throughout of mahogany 1 in. 
thick, the overall dimensions being 53 in. by 4 in. by 

58 


Photograph of Receiver shown Open. 


(Fig, 53a. 


—— PP —————— 


frequency-determining components and should be 5% or better, 
and for best results should be made of some stable material such as 
polystyrene. Other typesof capacitors could be substituted,but the 
generator will be slightly less stable. Wherever possible, I have 
tried to provide large pads on the circuit board to accommodate 
capacitors of different sizes. 

Trimmer pots R1, R2, R3, R6, R7, and R8 all are mounted on 
the PC board. 1 have provided space on the circuit board so that 
either the stand-up or the lay-down type of trimmer may be used. 
Front-panel pots R4 and R5 are the other frequency-determining 
components. During normal use, R4 is the main frequency control, 
and I have mounted mine using a 3:1 gear drive so that the fre- 
quency can be varied in small increments. Potentiometer R5 is 
used to set the frequency of the secondary function generator and 
to adjust the shape of the pulse and ramp functions. I found it 
sufficient to mount R5 directly on the front panel without a gear 
drive. 
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method of holding the wire is to screw the end of 
the rod and then clamp the “ whisker ” between two 
nuts. It is easily replaceable. The complete detector 
is mounted on a piece of ebonite } in. thick, which 
in turn is screwed to the base by four brass screws 


Fig. 54.—Details of Containing Case. 


passing through four celluloid washers. Hertzite and 
copper wire are used as a detector. 

Inductance.—Fig. 60 shows the appearance of the 
former cut in celluloid ṣẹ in. thick. It is 34 in. in 
diameter and contains 9 vanes, the bottom of which 
is on the circumference of a circle ¿ in. in diameter. 
Seventy-two turns of No. 26 d.s.c. wire are wound on 
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Figs. 55 and 56.—Section and Plan of Receiver with 
Plug-in Basket Coils. 
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- CRYSTAL RECEIVING SETS 


between each pair of holes is very small. In this 


case the final tuning is obtained by moving the aerial 

and earth plugs together into either pair of holes. 
Explanatory details are shown in Figs. 54 to 60 

and a wiring diagram in Fig. 61, in which figure B 


Fig, 61.—Circuit Diagram showing Connections. 


represents bridge for loading coils, PL tuning plugs, 
PA panel, and 1 inductance coil. 

Tuning Cards. —Most, if not all, amateurs 
memorise the calibrations of their receiving sets or 
have to tune each time to the station it is desired 
to hear. It may not be generally known that the 
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SET WITH PLUG-IN BASKET COILS 


use Of a tuning card would be of great assistance. 
These are used in just the same way as a business 


l Coin Nos. | Y ri = | m 
A | y ABATE TETA 3 |£| E | E 
= PS R| B |ë = z 

$) nm on A 


| 


man uses a file index. An example of such a card 
is shown above, though, of course, this may be 
modified according to individual requirements. 
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CRYSTAL RECEIVING SETS 


The complete receiver is shown in the diagram 
(Fig. 65). It will be seen that the aerial is joined to 
the inductance coil at the end nearest to No. 1 tapping. 
The earth is connected to the arm of the seven-point 
switch, and the variable condenser is placed between 
the aerial and earth. The grid of the valve (a) is con- 
nected to the aerial terminal through a grid leak and 
condenser (0), which may be omitted with very little 
detriment to the signal strength. If used, the grid 
leak should be of two megohms resistance and the 
grid condenser of ‘0003 microfarad capacity. 

One connection of the reaction coil (which is, of 
course, inside the inductance coil) is connected to the 
plate of the valve (P), and the other connection is 
taken to the telephone terminal which is nearest to 
the positive terminal of the high-tension battery (m). 
Take careful note of this part of the circuit. A con- 
nection is taken from this telephone terminal to the 
positive of the high-tension battery, and the negative 
of the high-tension battery is connected to the negative 
of the filament battery (H). It will be noticed that the 
negatives of both batteries are joined to the earth 
terminal (E). 

The Crystal Detector.—Now for the crystal de- 
tector (K); It is advisable to use a crystal which does 
not require an applied voltage through a potentio- 
meter. A connection is taken from the plate of the 
valve (P) to one terminal of the crystal detector (K). 
The other terminal of the crystal is joined to the tele- 
phone terminal opposite to the one which is con- 
nected to the reaction coil. A fixed condenser (N) of 
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CRYSTAL AND VALVE RECEIVER 


——— 


about -01 microfarad capacity placed across the phones 
and high-tension battery as shown will improve results. 
The valve filament is supplied from a 6-volt accumu- 
lator through a variable resistance (J) of 5 ohms. 
Operating the Set.—Phones of from 4,000 to 8,000 
ohms total resistance should be used, or 120-ohm 
phones will do as well if a telephone transformer is 
inserted between the phones and phone terminals. 


Fig. 65.—Diagram of Connections for Complete Receiver. 


When testing the receiver, make sure that the 
crystal is correctly adjusted, then rotate the reaction 
coil; at the same time tap the aerial terminal with 
the finger. If clicks are heard in the phones each 
time the aerial terminal is touched, the receiver is 
ready to receive signals. Tf no click is heard, reverse 
the connections to the reaction coil; this will give 
the desired result. 

With careful adjustment of the crystal the strength 
of signals will be from 200 per cent. to 300 per cent. 
louder than those obtained when using the valve alone. 
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CRYSTAL RECEIVING SETS | 


is dependent upon the outside diameter of these, but 
if the latter are made in accordance with Fig. 68 
sufficient wire can be wound on to suit the majority 
of “ broadcast ” aerials. Disks 23 in. in diameter are 
cut from waxed cardboard, celluloid, or ebonite, and 
nine slots, each & in. wide, cut therein, so that they 
reach down to the circumference of a circle 1 in. in 
diameter. A hole } in. in diameter is drilled in the 
centre, and two pairs of holes about +; in. in diameter 
are made for the purpose of securing the ends of the 
wire. 

Winding.— The wire is put on as follows: Wind 
on uniformly 44 turns of No. 26 d.s.c. wire on each 
disk and secure the ends through the holes just men- 
tioned. It will be necessary to test these coils, the 
aim being to obtain perfect tuning when they are in 
the assembled position shown in Fig. 66. 

Coupling these coils together and connecting to a 
crystal detector in the manner shown in the diagram 
(Fig. 69), it will be possible to determine the best rela- 
tive position of the coils. (It must be remembered 
that it is important that the windings should both be 
in the same direction.) If, for instance, good reception 
is obtained with the coils 12 in. apart, then some wire 
must be removed from each coil, taking off one turn 
at a time, until with the coils about 1 in. apart good 
results are obtained. In the writer’s case the coils each 
contain 38 turns, in others 36 and 44 turns have been 
necessary, depending on the natural wave-length of 
the aerial. This completed, leave 6 in. of wire project- 
ing at each end for connecting purposes, give the 
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Fig. 69.——Circuit. 


Fig. 67 


Figs. 66 and 67.—Elevation and 
Plan of Miniature Basket-coil 
Receiver. 
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CRYSTAL RECEIVING SETS 


The Detector.—Hertzite crystal and copper wire is 
probably the most satisfactory combination. The 
copper wire (catwhisker) is preferably made into a 
coil ¿ in. in diameter of about eight turns of No. 36- 
gauge wire, turning out the end for contact with the 
crystal. Cutting about +, in. off the end of the cat- 
whisker with a pair of scissors periodically provides 
a clean surface for contact with the crystal. Four 
headphones (each 4,000 ohms) in parallel can be used 
simultaneously without any appreciable diminution of 
the reception. 


BUILDING A VEST-POCKET RECEIVER 


The sketch (Fig. 70) gives a general idea of the 
appearance of a vest-pocket receiver contained in a 
safety-razor case. The instrument has only one adjust- 
ment, the small tuning knob in the centre of the panel. 

Elements of the Set.—Briefly, the receiver consists 
of a variable tuning inductance, a cartridge crystal 
detector, a blocking condenser, aerial and earth ter- 
minals, and two plug sockets, to which are connected 
the telephone leads. 

Fig. 71 gives a plan view of the panel and position of 
the crystal detector, while Fig. 72 is a diagram of con- 
nections. The cartridge containing the crystal is 
shown in Fig. 73, and the tuning inductance in Fig. 74. 

The Case and Panel.—The first item requiring con- 
sideration is the containing case. The ordinary safety- 
razor case is ideal for this purpose. An ebonite panel 
is now cut to fit tightly into the case, leaving a small 
partition in which the crystal is housed. The ebonite 
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panel must be securely supported, either by means of 
a small strip fixed in the inside of the case or by 
means of small countersunk screws passing through 
the sides. 


— o 


Fig. 73.—Cartridge Contain- 
ing the Crystal. 


| Fig. 72.—Diagram of Connec- 
tions of Vest-pocket Receiver. 


The Tuning Coil.—To the under side of the ebon- 
ite panel is fitted the tuning inductance, which con- 
sists of No. 32 enamelled wire wound on an ebonite 
former +; in. thick, 2 in. deep, and as wide as can 
be got into the case, that is, a shade smaller than the 
ebonite panel itself. 


Fig. 74.—Tuning Inductance. 


The Contact Finger.—A small contact finger is now 
made up, soldered to a short spindle, and arranged to 
make contact on the bared portion of the inductance 
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Fig. 3-27. Schematic of digital frequency display. 


The function generator may be swept in frequency by applying 
a varying voltage to R5. For maximum frequency sweep, 1000: 1 or 
better, this voltage should vary from 0 V to +3 V, with the highest 
frequency being generated at 0 V. I have arranged the front-panel 
switches so that the function generator may be swept or 
frequency-modulated by applying a varying voltage to the sweep/ 
sync jack from an external source or from internal circuitry. The 
internal sweep circuit is a linear ramp generator which provides a 
3-V ramp at a frequency which allows one sweep to fill my scope 
screen when set to 2 ms/cm. When the internal sweep circuit is 
used, the ramp signal is applied to the sweep/sync jack so that it 
may be used to trigger your scope. 
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CRYSTAL RECEIVING SETS 


and amateurs” transmissions may be picked up under 
good conditions. 

(Quite sharp tuning can be obtained with the wiring 
as given in Fig. 72. 


A MATCH-BOX RECEIVER 


Materials.—The materials required for this set are 
of the simplest and merely comprise: 14 oz. of No. 26 
d.c.c. wire, 1 small galena or other crystal, 1 match- 
box, several small paper fasteners (about 1 in.), 4 large 
paper fasteners (about 4 in.), a small strip of thin 
brass, and the screw cap of a metal-polish tin. 

Winding the Tuner.—The amount of wire, etc., 
depends on the size of the match-box used ; the best 
is one of the largest. At each end of the box make 
two holes about 1 in. apart, and through these holes 
put the large fasteners. About a } in. from the end 
on one side of the box put a small fastener P (Fig. 75), 
with the head inwards and through the cover only. 
Take the wire and wrap the end round the fastener P 
on the outside, leaving about 6 in. for wiring. Then 
begin to wind the wire round the box. Every five 
turns put in another fastener, head inwards, bare the 
wire a bit and wrap it round the fastener, and con- 
tinue winding. When within } in. of the end put in 
another fastener, cut the wire, bare the end and wrap 
it round the last fastener. 

Through the inner box part put a fastener s, as 
shown in Fig. 76, so that its head will touch the head 
of the fastener z when the box is closed. 

The Detector.—The detector is easily made with 
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the piece of galena, the strip of brass, and the screw- 
cap. Take the screw-cap and cut four slits in the side 
to about half-way down as in Fig. 77. Bore a hole in 
the bottom of the cap and fasten it down to the inside 
part of the box with a small fastener as B (Fig. 76). 
Then put the crystal in the cap and bend down the 
edges, thus holding the crystal firmly. Take the strip 
of brass and cut it into the shape of Fig. 78, boring 
a hole in the wide end, Then bend it to the shape 


From Pro 


STRIP 
| h CRYSTAL 


Fig. 77.— Fig. 79. —Detector. 
Crystal 


Fig. 78.—Detail of Detector. 


shown in Fig. 79, and fasten it with a fastener at the 
proper distance from the cup. ' 

Wiring Connections.—Having completed the tun- 
ing coil and the detector the next thing is the wiring. 
Through the outer cover in the bottom corner bore a 
small hole T (Fig. 75), and through it thread the wire 
from P. Run wire along the inside of the outer cover 
so that it comes out at w at the other end, then join 
it to Q. Next attach a wire to the cup B and connect 
it to R on the inside. Then attach a wire to the strip 
A and connect that wire to the fastener s ; connect the 
fastener s to the fastener F, and attach a wire to Q 
on the inside and join it to E. 
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CRYSTAL RECEIVING SETS. 


tuners, the most effective as regards fine tuning is 
doubtless the single slider tuning coil as illustrated 
in Fig. 80. Hereit will be seen that tuning is effected 
by simply sliding a spring contact along the coil.. It 
is possible to obtain fairly accurate tuning to within 
one complete turn of wire on the coil. For finer tuning 
a variable condenser is often inserted in the aerial 


INSULATOR SINGLE 14 on 722 COPPER WIRE es 


SOLDERED 


VARIABLE INDUCTANCE 


CRYSTAL CIRCUITS 


signal strength without the usual losses attendant to 
the use of a loose-coupled air-core transformer. The 
wiring of this two slider is shown by Fig. 82. Here it 
will be seen that the one coil governs two circuits— 
the aerial, one portion of the coil and earth being one 
circuit, and the crystal, phones, one section of the 
coil and earth, the other circuit. The aerial to earth 
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80, except that in this instance a 
Variable Condenser is Connected in Series between the Aerial and 
Receiver. This Method is Inefficient as it is not possible to 
obtain Correct Tuning. 


Fig. 


system, in series with the tuning coil as in Fig. 81. 
This condenser certainly facilitates short-wave tuning, 
but is often undesirable owing to its effect in causing 
unbalanced tuning. Another type of sliding contact 
tuner is the two-slider. The original object of a two- 
slider coil was to form an auto-transformer coupling 
which: would give a reasonable transformer step-up in 
&6 
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Fig. 82 —Diagram showing One Way of Connecting up a Double -slider 
Tuner. This Coupling is known as“ Auto-transformer ’’ Coupling. 
The Circuit above may be Improved as shown in Fig. 83. 


circuit 18 the primary, and the crystal, coil, and tele- 
phone circuit forms the secondary. Fairly correct 
tuning is obtained from the primary circuit, but when 
the secondary circuit is adjusted with a greater num- 
ber of turns of wire to obtain the necessary trans- 
former step-up, the secondary circuit becomes out of 
““ tune.” To obviate this, a variable condenser is in- 
serted in parallel across the secondary section of the 


coil as in Fig. 83. By means of this condenser, accurate 
87 
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CRYSTAL RECEIVING SETS 


seen the necessary crystal detector for detecting and 
rectifying the signals, and also the telephone con- 
denser and the telephones. The telephone condenser 
is not absolutely an essential instrument, as the self- 
capacity of the telephone windings and the telephone 
leads is often adequate. However, it will generally 
be found that a fixed condenser of capacity between 
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Fig. 85.—An Effective Means of Wiring-up a Tapped Coil to Two 
Switch-arms which Facilitates Fine Tuning. 


001 and ‘005 microfarads will considerably improve 
the note of the signal heard in the telephones. All 
bare wire connections should be thoroughly clean and 
soldered, all terminal connections should be clean and 
tightly bolted. Do not grind or break crystal sur- 
faces unnecessarily and. periodically wash the .surface 
of the crystal with methylated spirits by means of a 
small brush. 
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CHAPTER X 
How Crystals Work 


What the Crystal Does.—Wireless signals are trans- 
mitted in the form of waves created in the ether, which, 
striking the receiver aerial, cause small alternating 
currents to travel up and down it. As these currents 
are of a very high frequency, the ordinary wireless 
telephone receiver cannot detect them. It is neces- 
sary, therefore, to rectify them, or, in other words, 
change them into unidirectional currents, before pass- 
ing them through the telephones. The rectified cur- 
rents produce a movement of the telephone diaphragms 
and thus the signals are made audible. 

Certain kinds of crystals, such as carborundum, 
zincite, bornite, silicon, galena, molybdenite and iron 
pyrites (see Figs. 86 to 93, which show crystals enlarged 
to about three times normal size), have the peculiar 
property of being able to rectify small alternating 
currents. An explanation is given to show how they 
do this. 

How a Crystal Rectifies.—A crystal rectifies be- 
cause 1t allows current to flow through it in one direc- 
tion and does not, to any appreciable extent, allow 
current to flow through it in the opposite direction. 
It is practically a uni-directional conductor. The 
ratio of currents flowing in opposite directions through 
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Fig. 86.—Silicon. Fig. 87.—Galena and Special Galena. 


Fig. 88.—Bornite. 
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a good crystal should be about 40:1. It will be 
understood that the crystal acts electrically, very 
much in the same manner as a ratchet-wheel acts 
mechanically. 

Carborundum Crystals.—Carborundum is probably 
the best crystal for all-round use. It is not affected 
by mechanical yibration nor by fairly heavy electrical 
discharges across it, and it is very sensitive. This 
crystal has to be used in conjunction with a 4-volt 
battery and potentiometer, because it requires a small 
initial potential or voltage to be applied across it to 
bring it to its most sensitive point. Carborundum is 
used with a flat steel surface, the rectification taking 
place at the point of contact. This crystal is manu- 
factured by fusing carbon and silicon together in an 
electric furnace. In practice three kinds of carborun- 
dum crystal are met with: (a) a hard dark variety, 
having great metallic lustre which has poor rectifying 
properties ; (b) a soft crystal of a pale-green colour, 
a colour due to the presence of. copper and iron salts 
(this type of crystal is a very poor rectifier); (c) a 
dark grey crystal which will be found to give the 
best results as regards sensitivity and stability of 
action. 

The Perikon Detector.—The most popular crystal 
detector is without doubt the perikon detector. This 
is a combination of either zincite and bornite or else 
zincite and tellurium. The latter combination is 
usually found tò give the better results. Zincite, a 
zinc-oxide ore, is dark red in colour ; bornite is a com- 
pound of copper and iron sulphides, being bluish grey 
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Copper Pyrites. 


Fig. 91 


Fig. 90.—Carborundum, 
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should have the qualities of being constant in action 
and of not being affected by atmospheric disturb- 
ances. Such crystals as “radiocite” and “ per- 
manite ” are usually sensitised forms of galena. They 
are very sensitive but not constant; a fine copper 
wire contact is used in conjunction with them. 

There is plenty of instruction and amusement to 
be had with a good crystal set. The range of a crystal 


set is about 300 miles for ordinary ship stations and 


20 or 30 miles for high-power telephony. 
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CHAPTER XI 


Making a Buzzer 

By A. W. HULBERT 
Tuts chapter deals with a new type of buzzer, one 
which utilises a circular armature or diaphragm instead 
of the usual flat strip of metal. Due to the fact that 
this diaphragm is supported all round, it is possible 
to have the magnet almost touching the diaphragm, 
resulting in a more sensitive instrument and one 
capable of producing an extremely high-pitched note. 
The overall dimensions of the instrument are also 
considerably less than the standard instrument, and 
having a minimum of working parts it is very easy 

to make. 

Constructional Details. —Fig. 94 is a section of the 
instrument. A circular ebonite case B, with a snap-on 
lid, is fitted with an electro-magnet m, which is wound 


on a strip of soft iron P which serves the double pur- 


pose of a core for the magnet and also a support. 
The soft iron strip P is bent round and mounted on 
the bottom of the ebonite case with the aid of two 
screws, the opposite arm to that carrying the coil m 
being in contact with the diaphragm p, which rests 
on a ledge turned in the ebonite case. The distance 
between the diaphragm and the pole of the magnet M 
is approximately 4 in. 

The lid of the ebonite case B is undercut to enable 
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Operation of the sweep circuit is not overly complex. One half 
of the 556 dual timer is wired as a monostable multivibrator which 
is used for a time base. The 741 op amp inverts the output of the 
multivibrator to provide a good trigger signal. The actual ramp is 
generated by the other half of the 556 and the two transistors. 
Transistor Q1 is a 2N4250 or similar and provides a constant 
current source to capacitor C6. This constant current allows C6 to 
charge linearly. The other half of the 556 timer acts as a switch 
which grounds the positive side of C6, when triggered by the op 
amp. The voltage across C6 almost instantly goes to zero and then 
begins to recharge. Transistor Q2 (a 2N 2222) is a buffer amplifier. 
By adjusting the dc bias on this transistor, the amplitude and 
position of the ramp relative to ground may be precisely set. The 
output of this emitter-follower type circuit is the final sweep 
signal. 

The digital frequency display is a multiplexed unit and is based 
on the Radio Shack three-digit BCD counter IC, part 276-2489. 
The entire display was point-to-point wired on a multipurpose 
22-pin edge connector circuit board which will just accommodate 
the 9 ICs and three 2N2222 transistors. The timebase is derived 
from the 60-cycle line. I have found the accuracy to be quite good at 
audio frequencies, often showing the same frequency as my lab 
grade counter, up through 50 kHz or so. Even at much higher 
frequencies, the difference is usually under 100 Hz and the error 
will always be on the low side. The frequency generated by the 
function generator is sampled at pin 11 of the XR 2206 and is 
coupled to the digital display through a 33 pF capacitor. This signal 
is then counted and displayed by the two sets of 14553 counter and 
4511 driver ICs. 

The wiring of the LED displays is a little unusual and requires 
an explanation. If the counter is placed in the 100-ms timebase 


VAA 


HNOVAac 


ON/OFF 


Fig. 3-28. Power supply. C6 and C7 are 2.2-uF tantalum and are mounted 
on the circuit board. All other components are mounted on the chassis. 
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small condenser c (Fig. 95) in the case and connecting 
this across the contacts. 

The Case.—The ebonite case B can easily be turned 
up by anyone possessing a lathe, or one may be pur- 
chased from an electrical dealer. The battery voltage 
may be anything from 2 to 4 volts, and when the 
buzzer is used exclusively for testing faults in the 
circuits the terminals may be dispensed with and a 
length of twin flexible lead soldered on permanently. 
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CHAPTER XII 


Receiving C.W. Signals on a Crystal Set 
By E. H. ROBINSON 

Ir is frequently stated that a simple crystal receiving 
set. will enable the listener only to pick up spark 
stations and telephony, and that valves will have to 
be installed before continuous-wave (C.W.) signals 
can be satisfactorily received. This is true to a cer- 
tain extent, but this chapter shows how some of the 
louder C.W. stations can be received by means of a 
very simple addition. 


C.W. Signals.—The reason why C.W. signals can- 


not be heard on ordinary crystal circuits is that when 
the key at the transmitting station is pressed down 
a continuous rectified current passes through the head 
telephones of the receiver, not an interrupted one as 
in the case of spark and telephony, with the result 
that no sound is heard except perhaps a faint click 
when the key is depressed or raised. If, however, an 
interrupting device, capable of making and breaking 
the circuit at a high rate, say 500 times a second, is 
inserted between the crystal and the phones, then any 
continuous current in the phones will be broken up 
into a musical note which is clearly audible. 

The “ Tikker.”—Such an arrangement is shown 
diagrammatically in Fig. 97. In this figure T is a 
rapidly rotating cog-wheel against which a small metal 
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hole shown in the wide end may be pushed through by 
any sharp tool. The tongue is fastened to the upper 
end of the ebonite strip A by means of a nut and bolt 
through the hole which has been made there, and the 
thin part of the tongue is given a twist through a right 
angle so as to bring the free end square with the teeth 
of the wheel t. A piece of flexible wire is connected 
to the clock-frame and another to the tongue ; one of 
these wires is connected to one of the phone leads 
and the other to one of the detector terminals as shown 
in Fig. 97. The condenser c, having a capacity of about 
.01 microfarad, is shunted across the tikker and tele- 
phones, as it greatly improves the signals. Some little 
adjustment of the speed of the tikker may be neces- 
sary before good results are obtained. When a C.W. 
station is tuned in (by means of the variable induct- 
ance L, Fig. 97), the detector carefully adjusted and 


the tikker set in motion, the signals are heard as an 


intermittent musical note or a hissing note, usually 
the latter. 

Other Methods.—As a matter of fact, Pedersen did 
not use a crystal detector at all in his receiver. The 
tikker is put in place of the detector as shown in 
Fig. 101. This arrangement is extremely reliable, but, 
in the writer’s experience, is not quite so sensitive as 
when a crystal detector is included. However, as 
crystal detectors are very liable to go out of adjust- 
ment the writer would recommend the method shown 
by Fig. 101. 

Where a crystal detector is to be used, either a 
good piece of zincite touched by a sharp piece of 

106 


RECEIVING C.W. SIGNALS 


bornite or copper pyrites, or a piece of galena touched 
by a small spiral of 40-gauge copper wire, will be the 
most suitable. Crystals, like carborundum, which re- 
quire a battery and potentiometer, cannot be used 
satisfactorily in conjunction with a tikker. Much 
depends on getting good specimens of crystal. 

A gramophone can be used as a tikker by connect- 
ing one wire to the works and allowing the other to 
rub lightly against the edge of the revolving turntable 
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in tune and sufficiently coupled. The tuning must be 
completed without the finger or capacity effect will 
give a false tune, though the difference is usually 
small. 

The wave-length is marked on the chart at the 
point corresponding with degrees—wave-length. Two 
or more such points are plotted and joined and pro- 
duced, when any wave-length between the limits can 
be found. To use the wavemeter it is set to the wave- 
length, and while listening in the receiver is tuned 
until the hiss is heard; then transfer on to the re- 
ceiver and listen for signals. Different values of coils 
may be used and scales plotted. 

If a calibrated condenser is available the chart can 
be plotted without the aid of the receiver. A buzzer 
can be used, when the crystal and phones will not 
be necessary. 


Ito 


CHAPTER XIV 
Converting Low-resistance Phones 


Meaning of Resistance.—With a few exceptions, it is 
necessary that the telephone headgear for wireless 
work be wound to a high resistance, anything from 
60 to 4,000 ohms per receiver being general. The 
statement *“ high resistance ” is perhaps apt to mis- 
lead the reader ; what is actually meant, of course, is 


Fig. 104.——Diagram of 
Interior of Receiver, 


that the magnet coils must be wound with a great 
number of turns of fine wire in order to produce a 
maximum magnetic effect with very little current. 
The resultant resistance is, therefore, merely a necessary 
evil, unavoidable in all magnetic devices which are 
more or less voltage operated. 

Another point about wireless phones is that the 
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noticed that the coil c is arranged to rotate as near 
as possible in the line of the armature shaft, so that, 
in spite of the coil itself being rectangular in shape, 
it will revolve with as little wobble as possible. This 
is very necessary, as any tendency of the coil to 
revolve eccentrically will tend to break the very fine 
wire. The ebonite block B is turned up in the lathe 
and a hole bored through whilst still in the chuck 
to take the armature spindle; this can either be a 
good tight fit in the first instance or the block may be 
clamped on the shaft by means of a small set-screw, 
shown in Fig. 107. A second clamping screw Cs is 
fitted, to hold the coil € in position for winding. This 
screw must be accurately positioned to ensure the coil 
c running true. The best plan is to hold the coil in 
position and then mark the place for the screw by 
means of a scriber passed through the hole in the 
pole-piece P. 

Revolving the Magnet.—It is most important that 
the hole to take the armature. spindle be accurately 
bored, and also that the armature spindle runs true, 
otherwise the coil c will wobble and difficulty will be 
experienced, not only in the wire continually breaking, 
but also in getting it to fill in close to the cheeks of 
the coil. If the motor E is of the type in which the 
armature shaft extends at both ends, the opposite 
end to which the block B is mounted may be used 
to carry a small knurled knob fitted with a short piece 
of brass wire about } in. in diameter to form a handle. 
This will prove particularly useful for controlling the 
motor or for winding portions of the coil by hand. 
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Winding.—The motor should be connected up to 
the accumulator and regulating-resistance and tested 
to see that it is in running order. The block B is then 
permanently fixed to the armature shaft and one of 
the coils to be wound clamped in position and trued 
up. Some fairly thin shellac varnish should be near 
at hand, together with a strip of silk ribbon, this 
latter cut to the width of the inside of the coil. 

A single layer of silk ribbon is stuck on the core 


Fig, 108.—Motor with Magnet Mounted. 


of the coil with shellac varnish, one layer of wire is 
then wound on and covered with a second layer of 
ribbon soaked in shellac. The free end of the wire is 
then carefully brought outside the coil and secured 
to the clamping screw cs for the time being. It is 
taken for granted, of course, that the sides of the coil 
C are already insulated with varnished ribbon or paper ; 
at the same time it is a good plan to stick a small 
piece of varnished ribbon over the free end of the 
wire, to insulate it from the subsequent layers of wire 
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Assembling.—When both coils are dry they may 
be remounted on the magnet poles in the receiver 
case, and the winding connected to the terminals. 

Having connected up to the terminals T the whole 
of the case should be filled with melted paraffin wax 
up to the level of the top of the coils, the loose con- 
necting wires will thus be firmly embedded and a break 
in the wire rendered almost impossible. 


Diaphragms.—A special thin diaphragm should be 


purchased in place of the comparatively thick one 
originally fitted. 

Calculating Quantity of Wire for Given Resist- 
ance.—One of the problems which the reader will 
encounter is to calculate the amount of wire of given 
gauge necessary for rewinding. Suppose No. 42 gauge 
wire is to be used. From a table of resistances it is 
found that this has a resistance of 1,910:5 ohms per 
thousand yards. If, therefore, it is required to rewind 
the phones to a resistance of 4,000 ohms, divide 4,000 
by 1,910°5 and multiply by 1,000, thus : 

4,000 1,000 
19105 * 1l 
This is a better method than calculating the weight, 
as will now be shown. Copper wire of No. 42 s.w.G. 
weighs :14533 lb. per 1,000 yd. To obtain the weight 
of wire of this gauge necessary to rewind to 4,000 
ohms the calculation becomes 

4,000 1,000 -14533 

19105 ~*~ 1 % 1,000 

The difficulty of gauging this amount of wire is at 

once apparent, apart from the fact that the weight 
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= 2,093 yards approximately. 


= °304175 lb. 
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given does not and cannot take the weight of the 
covering into consideration. 

Testing Phones.—The test commonly used for 
phones was by means of the handiest and weakest 
of batteries—a penny and a two-shilling piece, be- 
tween which a bit of moist paper was placed. The 
end of one wire from the phones was connected to 
the * copper,” and then the silver coin touched lightly 
(and repeatedly) with the end of the other wire. 


Fig. 112 Fig. 113 


Figs. 112 and 113.—Outside and Inside View ` 
of Improved Head-band. 
S 


Nowadays a similar test is made with a single 
piece of sheet aluminium, which should be damp. 
Simply connect one wire of the phone to one end of 
the aluminium plate, and then touch the plate with 
the other wire, when, if the phone is properly adjusted 
each contact will cause a click in the phones. 

Another method of testing phones is less difficult 
and perhaps more efficient than testing by the “ weak 
battery ” or sixpence and penny method. 
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Fig. 3-29. PC board layout. 


position, it will count and display 1/10 of the actual frequency being 
generated, so that 4552 Hz would appear as 455. I found this to be 
distracting, so I added another LED display in the “ones” position 
and set it to display a “0”. Now the frequency display would appear 
as 4550. In order to get the newly-added display to have the same 
brightness as the other digits, 1 wired it as if it were in the 
“millionth” position. There is no leading-zero blanking, so the new 
digit will always show a zero unless a frequency of one MHz or 
higher is counted. In the one-second timebase mode, this newly- 
added digit will appear in the “tenths” position and will be zero 
unless a frequency of 100 kHz or higher is counted. In this 
timebase, the display would appear as 4,552.0. The decimal points 
are wired to the timebase switch so they will always correctly 
separate the hundredths and thousandths digits. 

The digital display circuit is set up for common-cathode dis- 
plays with right-hand decimal points. Maximum current should be 
limited to about 25 mA per segment. I used Radio Shack 276-1644 
displays but wouldrecommend some of the multiple-digit, multi- 
plexed units such as those sold by Digi-Key, Inc. 

The timebase and control circuits for the display are fairly 
straightforward. A 60-cycle signal is taken off the low voltage side 
of the power transformer. Diode D2 and zener D1 limit the voltage 
excursions to —0.7 V and +5.1 V. This 60-cycle signal is applied to 
a Schmitt trigger to produce an accurate square wave, and then 
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Fig. 114, —Graphical Method of Memorising Morse. 
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THE MORSE CODE 
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Fig. 114 shows another method of memorising the 
Morse code. The code is learnt rapidly simply by 
visualising the code letters as superimposed upon the 
alphabetical letters. On thinking of any letter the 
mind conjures up a mental picture of it and of the 
dots and dashes of the Morse code lying on it and 
actually forming part of its shape. The twenty-six 
letters can be learnt in as many minutes, but only 
practice, practice, and yet more practice at sending 
and receiving can make perfect. 
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Yet another crystal set am broadcast band radio 


ralph klimek 2001 


Why do I or the world need yet another crystal-set design ? 


This little project was motivated by me wanting to show the kids some cool technology. A radio that required no batteries or no source of external power, save 
that so generously provided by the advertisers of commercial AM broadcast stations. I revived for me rather nice memories of when I was very young trying to 
coax the last bit of performance from my earliest radios. It was allways a tradeoff between loudness and selectivity. In Melbourne Australia this really only 
meant being able to discriminate between the government stations at 620 and 770 khz which ran a 50K W transmitter and the more numerous commercial 
stations between 800 and 1600Khz any only running only SKW. The meant in practice, being only able to resolve the big government radio and the 
commercials were reduced to a cacophony all trampling on each other. In those days nearly all the commercials carried horse racing or football on the 
weekends and this made for amusing listening. Often they would all call the same horse race and you could make out 5 stations at once blabbling out the same 
race call. 


The classic crystal set design that is still taught to kids requires a coil of high inductance, chosen to resonate with what was the standard broadcast gang of 
415pF max. 


This is actually a rather poor choice. It means a poor Q at the low end and allmost NO Q at the high end, which is why here in Melbourne the commercials 

could not be discriminated. That meant the "cool" stuff, the pop music and shock jocks could not be heard by me. So I acquired a taste for govenment news 
and solid classical music. I remember falling asleep while listening to the Week in Business or the haunting sounds of "In Choirs and Places" (radio 3AR) just 
before nightly close down with one of those horrible crystal earpieces (I called them "infecto-phones") making my ear very sore. But it was worth it because 
one of those shows in the sixties was the inspiring ABC Weekly Science Report which would lead me on to better things. 


So this silly little project caused me to revisit the concept of Q and bandwidth and resonance. The classical crystal set performance was ruined by poor 
understanding of Q. The classical crystal set inductor has high inductance, presumeably to resonate with a cheap low maximum value variable capacitor. High 
inductance is not a bad thing if that coil has low resistance, but at RF that is hard to do. 


This radio's resonator has very small inductance and very high capacitance. Performance is not limited by the inductors resistance but only by the loading. The 
load is nothing more that the losses in the antenna and the rectifier. The diode is ,off course, germanium. It feeds a step down transformer, not of audio design, 
but a mains frequency plug pack transformer which drives high impedance (6000hm) voice coil headphones. Any cheap ones will do. The coil should be 
wound with the heaviest gauge wire to hand, the ferrite core is optional, it serves merely to shorten the length of wire required and to make the coil size 
practical. Allthough not done here, the coil should be tapped half way to provide for 2 octaves of tuning. The large tuning capacitance effectively absorbs the 
capacitance of the antenna. 


Now in practice, with an antenna that consists of nothing more than a 10 meter long heavy gauge wire running along the back fence, less than 3 meters above 
the ground and a good earth, this radio can resolve all of Melbournes' stations with minimal interference. The really suprising thing, it is possible to drive a 


large diameter loud speaker with this radio. I wouldnt call it loud, but rather, call it noticeable. At late night it could even be described as objectionable! 


...and someone else is paying for the power! 
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old broadcast gang parrelled to give 900pF Max Inductor has about 30 to 40 turns of 16 gauge wire 
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concentrated non- 
dispersive energy 
through natural 
media - Briefly 
Exposed by Nikola 
Tesla - Circa May 16, 
1935 


News on directed 
energy weapons 


Nazi developed 
Particle Beam 
Weapon & electric 
gun/cannon 


Videos/documentaries 
on secret weapons € 
the death ray € 
directed energy 
weapons 


Architectural drawing by Titus deBobula shows Tesla's high potential terminal and 
powerhouse. This illustration was included with his death ray weapon proposal. 


Tesla explained in many articles about experiments or inventions that could produce 
effects at considerable distances. He described different phenomena which seems to 
have different nature between eachother. Despite his statements about this concepts 
have never been demonstrated today there exist the concept of "directed energy 
weapons" which is applyed in different weapons for the military defence "to produce 
effects at distance". 


Tesla's Latest Results - He Now Produces Radiographs at a Distance of More Than Forty 
Feet - Electrical Review - March 18th, 1896: 


"I am producing strong shadows at distances of 40 feet. I repeat, 40 feet and even 
more. Nor is this all. So strong are the actions on the film that provisions must be 
made to guard the plates in my photographic department, located on the floor 
above, a distance of fully 60 feet, from being spoiled by long exposure to the stray 
rays. Though during my investigations I have performed many experiments which 
seemed extraordinary, I am deeply astonished observing these unexpected 
manifestations, and still more so, as even now I see before me the possibility, not 
to say certitude, of augmenting the effects with my apparatus at least tenfold!" 


"These effects upon the sensitive plate at so great a distance I attribute to the 
employment of a bulb with a single terminal, which permits the use of practically 
any desired potential and the attainment of extraordinary speeds of the projected 
particles. With such a bulb it is also evident that the action upon a fluorescent 
screen is proportionately greater than when the usual kind of tube is employed, and 
I have already observed enough to feel sure that great developments are to be 
looked for in this direction". 


Today we know that X-rays are a form of invisible, high frequency electromagnetic 
radiation withwavelenght between 10 and 0.01 nanometres, corresponding to a 
frequencyof 30 PHz to 3 E Hz. They are produced by accelerating electrons at a metal 
target. In medical application, this is Tungstran (95%), Rhenium (5%), 
orMolibden. X rays are used in various medical application. 


https://teslaresearch.jimdo.com/death-ray/ 2/38 
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In 1907, when commenting on the destruction of the French ship lena, Tesla noted in a 
letter to the New York Times that he has built and tested remotely controlled torpedoes, 


but that electrical waves would be more destructive: 


"As to projecting wave energy to any particular region of the globe, this can be 
done by my devices," he wrote. Further, he claimed that "the spot at which the 
desired effect is to be produced can be calculated very closely, assuming the 


accepted terrestrial measurements to be correct.” 


In 1908 Tesla repeated the idea of destruction by electrical waves to the newspaper on 
April 21st His letter to the editor stated: 


"When I spoke of future warfare I meant that it should be conducted by direct 
application of electrical waves without the use of aerial engines or other implements 
of destruction." He added: "This is not a dream. Even now wireless power plants 
could be constructed by which any region of the globe might be rendered 
uninhabitable without subjecting the population of other parts to serious danger or 


inconvenience." 
Again in 1915, in another letter to the editor, Tesla stated: 


"It is perfectly practical to transmit electrical energy without wires and produce 
destructive effects at a distance. I have already constructed a wireless transmitter 
which makes this possible. When unavoidable, the [transmitter] may be used to 


destroy property and life." 
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Can Radio Tonite Balloons? - Electrical Experimenter - October 1, 1919 


Courtesy of Tesla Collection - http://teslacollection.com/ 
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TESLA’S NEW DEVICE 
LIKE BOLTS OF THOR 


gine for Destroying Navies 
by Pulling a Lever. 


TO SHATTER ARMIES ALSO 


E 


A New York Times headline from December 8th, 1915 


Tesla's Views on Electricity and the War - The Electrical Experimenter - August, 1917: 


"At the time of those tests I succeeded in producing the most powerful X-rays ever 
seen. I could stand at a distance of 100 feet from the X-ray apparatus and see the 
bones of the hand clearly with the aid of a fluoroscope screen; and I could have 
easily seen them at a distance several times this by utilizing suitable power. In fact, 
I could not then procure X-ray generators to handle even a small fraction of the 
power I had available. But I now have apparatus designed whereby this tremendous 
energy of hundreds of kilowatts can be successfully transformed into X-rays." 


By the same month Tesla outlined a concept for primitive radar-like units. He stated: 


”...Dy their [electromagnetic waves] use we may produce at will, from a sending 
station, an electrical effect in any particular region of the globe; [with which] we 
may determine the relative position or course of a moving object, such as a vessel 
at sea, the distance traversed by the same, or its speed". 


Tesla’s 1917 proposal for Directed Energy submarine warfare (Tesla's Views on 
Electricity and the War - The Electrical Experimenter - August, 1917 and New Yankee 
Tricks to Circumvent the U-Boat - The Fort Wayne Journal-Gazette, Fort Wayne, Indiana 
- August 19, 1917): 


"I believe the magnetic method of locating or indicating the presence of an iron or 
steel mass might prove very practical in locating a hidden submarine. And it is of 
course of paramount importance that we do find a means of accurately locating the 
sub-sea fighters when they are submerged, so that we can, with this information, 
be ready to close in on them when they attempt to come to the surface. Especially 
is this important when several vessels are traveling in fleet formation; the location 
and presence of the enemy submarine can be radiographed to the other vessels by 
the one doing the magnetic surveying and, by means of nets in some cases, or gun- 
fire and the use of hydro-aeroplanes sent aloft from the ships, the enemy under 
water stands a mighty good chance of being either ‘bombed,’ shelled or netted. 


“However, a means would soon be found of nullifying this magnetic detector of the 
submerged undersea war-craft. They might make the ‘U-boat’ hulls of some non- 
magnetic metal, such as copper, brass, or aluminum. It is a good rule to always 
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passes through the 7492 IC wired to divide by six. The resulting 
10-Hz square wave triggers the two one-shot multivibrators which 
form the latch and counter reset pulses. In the one-second 
timebase, the 60-Hz signal is divided by ten in the 7490 IC before 
going through the 7492, so that a 1-Hz square wave is applied to the 
one-shots. Again, this is a surprisingly accurate system, and I have 
been very pleased with the results. 

The power supply is fairly conventional, using an 18- or 24-V 
ac transformer, a bridge rectifier, and two regulators, a 15-volt and 
a 5-volt. If you use a 24-V ac transformer, be sure you do not 
exceed the maximum voltage which may be applied to the reg- 
ulators; mine were rated for 35 V dc. All of the power supply 
components were mounted on the chassis. Note that a 2-wire 
power cord is used so that the chassis ground is floating and is not 
connected to the house wiring ground. This allows the function 
generator ground to be floating and set in relation to other pieces of 
test gear. 

Calibration and Operation 

Calibration is not difficult, but does require a dc-coupled 
oscilloscope. The function generator circuit has three adjustments. 
Trimmer R1 adjusts the amplitude of the signal with a maximum of 
six volts for the triangle waveform. Symmetry is adjusted by R2, 
and R3 adjusts distortion of the sine wave and may be replaced with 
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keep in mind that for practically every good invention of such a kind as this, there 
has always been invented an opposite, and equally efficient counteracting 
invention.” 


“Now suppose that we erect on a vessel a large rectangular helice or inductance coil 
of insulated wire. Actual experiments in my laboratory at Houston Street (New York 
City) have proven that the presence of a local iron mass such as the ship’s hull 
would not interfere with the action of this device. To this coil of wire, measuring 
perhaps 400 feet in length by 70 feet in width (the breadth of the ship), we connect 
a source of extremely high frequency and very powerful oscillating current. By this 
means there are radiated powerful oscillating electro-static currents, which as I 
have found by actual experiment in my Colorado tests some years ago, will first 
affect a metallic body (such as a submarine hull, even though made of brass or any 
other metal), and in turn cause that mass to react inductively on the exciting coil on 
the ship. To locate an iron mass, it is not necessary to excite the coil with a high 
frequency current; the critical balance of the coil will be affected simply by the 
presence of the magnetic body. To be able to accurately determine the direction 
and range of the enemy submarine, four exciting inductances should be used. With 
a single inductance, however, it would be possible to determine the location of a 
submarine by running the ship first in one direction and then in another, and noting 
whether the reactance effect caused by the presence of the submarine hull 
increased or decreased. The radiating inductance must be very sharply attuned to 
the measuring apparatus installed on the ship, when no trouble will be found in 
detecting the presence of such a large metallic mass as a submarine, even at a 
distance of 5 to 6 miles; of this I feel confident from my past experiments in the 
realm of ultra-high frequency currents and potentials.” 


Tesla was incorrect in his assumption that high frequency radio waves would penetrate 
water but Emile Girardeau, who helped develop France's first radar system in the 
1930s, noted in 1953 that Tesla's general speculation that a very strong high frequency 
signal would be needed was correct stating: 


"(Tesla) was prophesying or dreaming, since he had at his disposal no means of 
carrying them out, but one must add that if he was dreaming, at least he was 
dreaming correctly.” 


On July 11, 1934 the inventor described a new weapon for first time in the New York 
Sun and The New York Times as being able to be used against ground-based infantry or 
for anti-aircraft purposes. The press called it a "peace ray" or death ray. 


Tesla announced to the world two astonishing new inventions. The first was a particle- 
beam projector that Tesla intended to be used as an instrument of national defense. He 
called his system "teleforce." With this machine he declared that a nation could bring 
wholesale destruction upon invading armies and shoot down fleets of incoming aircraft 
at a distance of 200 miles (400 km) away. While the basic beam weapon concept was 
first revealed in 1934, on Tesla's 78th birthday, specific details about the actual device 
have been difficult to obtain. 


One year later, during his annual birthday press conference on July 10, 1935, Tesla 
claimed a method to transmit mechanical energy with minimal loss over any terrestrial 
distance, allowing for a new means of communication and a technique for the location 
of subterranean mineral deposits. Tesla's mechanical power transmission system, he 
dubbed it the "art of telegeodynamics," was based primarily upon his reciprocating 
engine invention, patented in 1894. While the fundamental operating principles of 
Tesla's mechanical oscillator are well understood, little has been said about how the 
machine would have been used for underground prospecting. 
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In Leland Anderson's newest book "Nikola Tesla's Teleforce € Telegeodynamics 
Proposals" these two important papers, hidden for more than 60 years, are presented 
for the first time. The principles behind teleforce the particle-beam weapon, and 
telegeodynamics the mechanical earth-resonance concept for seismic exploration, are 
fully addressed. In addition to copies of the original documents, typed on Tesla's official 
stationery, this work also includes two Reader's Aid sections that guide the reader 
through the more technical aspects of each paper. The papers are followed by 
Commentary sections which provide historical background and functional explanations 
of the two devices. Significant newspaper articles and headline accounts are provided to 
document the first mention of these proposals. A large Appendix provides a wealth of 
related material and background information, followed by a Bibliography section and 
Index. 


TESLA AT 78 BARES 
NEW DEATH-BEAM 


invention Powerful Enough to 
Destroy 10,000 Planes 250 
Miles Away, He Asserts. 


DEFENSIVE WEAPON ONLY 


Sclentist, in Interview, Tells 
of Apparatus That He Says 
Will Kill Without Trace. 
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Postcard illustration of the Hotel New Yorker, New York City. (Collection of The New- 
York Historical Society) 


Tesla announced his new beam weapon in numerous newspaper interviews 
on his seventy-eighth birthday 


In 1934 Tesla moved to his final residence, room 3327 (still divisible by three) of the 
recently completed Hotel New Yorker. There he lived alone with his ideas and his 
pigeons for the next decade. He posted a typewritten note on the door: "Please Do Not 
Disturb The Occupant Of This Room." 


In Tesla's mind, it was time to reveal his greatest invention: a perfect and impossible 
idea, a weapon to prevent World War II. 


On July 11, 1934, the headline on the front page of The New York Times anounced: 
"Tesla at 78 bares new death beam" 


"Will send concentrated beams of particles through the free air, of such tremendous 
energy that they will bring down a fleet of 10,000 enemy airplanes at a distance of 
250 miles (400 km) from a defending nation's border and will cause armies of 
millions to drop dead in their tracks. 


When put in operation, Dr. Tesla said, this latest invention of his would make war 
impossible. This death-beam, he asserted would surround each country like an 
invisible Chinese wall, only a million times more impenetrable. It would make every 
nation impregnable against attack by airplanes or by large invading armies". 


Joseph Butler, a U.S. Air Force expert on beam weapons, has said of Tesla's idea, 
"Definitely, he had the concept of a charged particle beam weapon back in the 1930s. 
The concept was right on the mark ... particles projected out long distances to do 
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damage to some enemy airplanes, in his particular case." But Butler added, "I haven't a 
clue how he meant to actually do it" (interview with the authors, 1998). 
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Tesla's concept of future warfare: Tesla tower in action supplying and directing war machines from 
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distances of hundreds or even thousands of miles away. 


The inventor envisioned war in the future as a "mere contest" between machines. This 


concept was illustrated by Paul Frank and appeared in Science and Invention, February 
1922. 


Sensing a business opportunity, Tesla commissions architect Titus deBobula in 1934 to 
draw plans of what the new particle beam weapon towers might look like and contacts 
several governments around the world to try to sell his plans. 


- New York Herald 
Tribune - July 11, 1934: 
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"First and most important is a mechanism for producing rays and other energy 
manifestations in free air. Hitherto vacuum tubes have always been necessary. 
Second is an apparatus for producing unheard-of quantities of electrical 
current and for controlling it when produced. The current is necessary as 
power for the first mechanism. Without this, no rays of sufficient strength could be 
produced. The third is a method of intensifying and amplifying the second 
process, and the fourth is a method of producing "tremendous electrical 


repellent force”. 


On July 23, 1934 Time Magazine wrote an article about Tesla’s Ray: 


“Last week Dr. Tesla announced a combination of four inventions which would make war 
unthinkable. 


Nucleus of the idea is a death ray - a concentrated beam of sub-microscopic particles 
flying at velocities approaching that of light. The beam, according to Tesla, would drop 
an army in its tracks, bring down squadrons of airplanes 250 miles away. Inventor Tesla 


would discharge the ray by means of 


1. a device to nullify the impeding effect of the atmosphere on the particles, 


2. a method for setting up high potential, 
3. a process for amplifying that potential to 50.000.000 volts, 


4. creation of "a tremendous electrical repelling force.” 


http://www.tfcbooks.com/teslafag/q&a_011.htm 


According to Tesla production of the particle beam is dependent upon the following four 
inventions (For more details see also: "The new art of projecting concentrated non- 


dispersive energy through natural media"): 


1-.A method and apparatus for producing rays and other manifestations of energy 
in free air, eliminating the high vacuum necessary at present for the production of 
such rays and beams. This is accomplished with a novel form of high vacuum tube, 
one end of which is open to the atmosphere. The projectiles are accelerated ina 
vacuum and then conducted into the atmosphere through a valvular conduit. 
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Modified open vacuum tube 
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e GB179,043 - Improved process and apparatus for production of high_vacua - 


March 24, 1921 
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e 1,329,559 Valvular Conduit, February 3, 1920 
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Tesla Fluid Diode 


2-.A method and process for producing very great electrical force in the range of 
60,000,000 volts to propel the particles to their objective. Tesla specified that this 
could be done with a large electrostatic generator on a new principle and of very 
great power, in many respects similar to a Van de Graaff generator. In place of a 
charge-carrying belt it employs a circulating stream of desiccated air that is 
propelled through a hermetically sealed ductwork by a Tesla disc blower. A 
Wardenclyffe type apparatus could also be used for this purpose. 
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SCHEMATIC ILLUSTRATION OF NEW HIGH POTENTIAL GENERATOR & SPHERICAL 
TERMINAL AND AN OPEN VACUUM TUBE 


e US1,061,142 - Fluid Propulsion - April 29, 1913 
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3-.A method for amplifying this process in the second invention. The exterior of the 
high potential terminal is equipped with numerous bulbs of some insulating material 
each containing, —an electrode of thin metal sheet suitably rounded— and — 
exhausted to the highest vacuum obtainable.— 


Enlarged View of One 
of the Attachments 


NEW TERMINAL FOR EXCEEDINGLY HIGH POTENTIALS 
CONSISTING OF SPHERICAL FRAME ATTACHMENTS 
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DIAGRAM INDICATING DISTRIBUTION OF CHARGES 
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4-.A new method for producing a tremendous electrical repelling force in the form 
of —provisions for imparting to a minute particle an extremely high charge.— It 
appears this refers to the internal conducting component (the socket and central 
extension) at the base of the projector or gun element of the system While the 
specific details about this aspect of the design are not readily apparent, it seems 
that strict attention to the fulfillment of requirements 1, 2 and 3 is critical to 
success. In Tesla's words, "by the application of my discoveries it is possible to 
increase the force of repulsion more than a million times and what was heretofore 


impossible is rendered easy of accomplishment".—[1, 2] 


His idea was probably to use a gigantic electrostatic generator run by one of his 
turbines to accelerate tiny particles of mercury until they became a stream of super 
high-powered bullets of several million volts. Since they were accelerated in a vacuum, 
Tesla needed a way to spit them out of the accelerator sphere without letting air in. He 
proposed to do this with the special nozzle which blew high-pressure air around an open 
tube leading to the evacuated sphere and acted like a constantly renewing plug to 
preserve the vacuum. What happens to the mercury stream after it left the nozzle and 
had to travel through the atmosphere was another matter that was never quite figured 


out. 


In the death ray prpoposal, Tesla used the term "particles" but in this case he did not 
mean atomic particles like protons, neutron... etc but he meant microscopic droplets 
accelerated in a electron tube and by the action of the repulsion of the electrostatic 


force. 


The Inventions, Researches and Writings of Nikola Tesla - by Thomas Commerford 


Martin, Editor - 1894: 
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The electrostatic attractions and repulsions between bodies of measurable 
dimensions are, of all the manifestations of this force, the first so-called electrical 
phenomena noted. But though they have been known to us for many centuries, the 
precise nature of the mechanism concerned in these actions is still unknown to us, 
and has not been even quite satisfactorily explained. What kind of mechanism must 
that be? We cannot help wondering when we observe two magnets attracting and 
repelling each other with a force of hundreds of pounds with apparently nothing 
between them. We have in our commercial dynamos magnets capable of sustaining 
in mid-air tons of weight. But what are even these 


[Pg 326] 


forces acting between magnets when compared with the tremendous attractions 
and repulsions produced by electrostatic force, to which there is apparently no limit 
as to intensity. In lightning discharges bodies are often charged to so high a 
potential that they are thrown away with inconceivable force and torn asunder or 
shattered into fragments. Still even such effects cannot compare with the 
attractions and repulsions which exist between charged molecules or atoms, and 
which are sufficient to project them with speeds of many kilometres a second, so 
that under their violent impact bodies are rendered highly incandescent and are 
volatilized. It is of special interest for the thinker who inquires into the nature of 
these forces to note that whereas the actions between individual molecules or 
atoms occur seemingly under any conditions, the attractions and repulsions of 
bodies of measurable dimensions imply a medium possessing insulating properties. 
So, if air, either by being rarefied or heated, is rendered more or less conducting, 
these actions between two electrified bodies practically cease, while the actions 
between the individual atoms continue to manifest themselves. 


An experiment may serve as an illustration and as a means of bringing out other 
features of interest. Some time ago I showed that a lamp filament or wire mounted 
in a bulb and connected to one of the terminals of a high tension secondary coil is 
set spinning, the top of the filament generally describing a circle. This vibration was 
very energetic when the air in the bulb was at ordinary pressure and became less 
energetic when the air in the bulb was strongly compressed. It ceased altogether 
when the air was exhausted so as to become comparatively good conducting. I 
found at that time that no vibration took place when the bulb was very highly 
exhausted. But I conjectured that the vibration which I ascribed to the electrostatic 
action between the walls of the bulb and the filament should take place also in a 
highly exhausted bulb. To test this under conditions which were more favorable, a 
bulb like the one in Fig. 174, was constructed. It comprised a globe b, in the neck of 
which was sealed a platinum wire w carrying a thin lamp filament f. In the lower 
part of the globe a tube t was sealed so as to surround the filament. The exhaustion 
was carried as far as it was practicable with the apparatus employed. 


This bulb verified my expectation, for the filament was set spinning when the 
current was turned on, and became incandes 
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Fig. 173. & Fig. 174. 
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cent. It also showed another interesting feature, bearing upon the preceding 
remarks, namely, when the filament had been kept incandescent some time, the 
narrow tube and the space inside were brought to an elevated temperature, and as 
the gas in the tube then became conducting, the electrostatic attraction between 
the glass and the filament became very weak or ceased, and the filament came to 
rest. When it came to rest it would glow far more intensely. This was probably due 
to its assuming the position in the centre of the tube where the molecular 
bombardment was most intense, and also partly to the fact that the individual 
impacts were more violent and that no part of the supplied energy was converted 
into mechanical movement. Since, in accordance with accepted views, in this 
experiment the incandescence must be attributed to the impacts of the particles, 
molecules or atoms in the heated space, these particles must therefore, in order to 
explain such action, be assumed to behave as independent carriers of electric 
charges immersed in an insulating medium; yet there is no attractive force between 
the glass tube and the filament because the space in the tube is, as a whole, 
conducting. 


It is of some interest to observe in this connection that whereas the attraction 
between two electrified bodies may cease owing to the impairing of the insulating 
power of the medium in which they are immersed, the repulsion between the bodies 
may still be observed. This may be explained in a plausible way. When the bodies 
are placed at some distance in a poorly conducting medium, such as slightly 
warmed or rarefied air, and are suddenly electrified, opposite electric charges being 
imparted to them, these charges equalize more or less by leakage through the air. 
But if the bodies are similarly electrified, there is less opportunity afforded for such 
dissipation, hence the repulsion observed in such case is greater than the 
attraction. Repulsive actions in a gaseous medium are however, as Prof. Crookes 
has shown, enhanced by molecular bombardment. 


In some moment of his life, Tesla believed in the possibility of the atomic energy as a 
source of energy, but after some years he stated just the oposite as a result of his 
unsuccessfull experiments of "accelerating and crushing atomic particles". For this 
reason it is supposed that some kind of particle accelerator would be necessary to 
develop such experiments, however the details are uknown. The utilization of electron 
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a 200-ohm resistor with fairly good results. The three adjustments 
will interact to some degree; the object is to maximize amplitude 
and minimize distortion. The sweep circuit is adjusted using R6, 
R7, and R8. The collector of Q1 should be monitored while adjust- 
ing R6, which should be set to a position giving the longest ramp. 
Too little resistance here will make the ramp generator operate at 
twice the trigger frequency. With an oscilloscope connected to the 
output of the sweep circuit, adjust R7 so that the ramp just touches 
the 0-volt baseline. The amplitude of the ramp is adjusted by R8 to 
a value of three volts p-p. There is some interaction between R7 
and R8, and these adjustments are somewhat critical—so be pa- 
tient. 

Operation of the swept function generator should be fairly 
obvious, but here are some helpful hints. When operating in the 
sweep mode, S3 should be placed in the ON position and S4 placed 
in the INT. This will apply the ramp signal from the sweep circuit 
to the function generator and to the sweep/sync output jack for 
synchronizing or triggering your oscilloscope. You will find the 
signal appears to sweep from right to left as the lower frequencies 
are to the right. If S4 is placed in the EXT position, then an external 
device may be used to sweep or frequency-modulate the function 
generator. Whenever S3 is ON, the average frequency will be 
controlled by R5 and the range switch. 

To determine the range of frequencies actually being swept, 
place the digital frequency display in the one-second timebase 
mode. The displayed frequency will be very close to half of the 
peak frequency and 500 times the lowest frequency. I have found 
this to be a very handy phenomenon. If I am looking at the response 
of a notch filter and want to know at what frequency the notch 
occurs, I can adjust R5 until the notch is at the center of my scope. 
At that point, the frequency displayed on the digital readout will be 
the frequency of the notch. If I want to apply a swept signal of 10 Hz 
and I will be right on target. 

When operating the generator with the sweep turned off and 
S2 in the NOR (normal) position, the secondary function generator 
may be activated by grounding the FSK jack. The frequency of the 
secondary generator is controlled by R5 (the primary generator is 
controlled by R4). 

One last item: Any amplitude-modulating signal must have the 
same dc bias as the output. Potentiometer R9 has been included to 
provide an adjustable dc reference voltage. The 220-ohm resistor, 
R12, limits the current if the VAR dc jack is grounded. 
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tubes (or cathode tubes) is described in some articles and interviews about Tesla's 
"death ray". 


Harnessing Nature - Can The Free Energy Of Space Be Utilized? - Scientific American - 
April 5, 1913 


"Experiments conducted by Mr. Nikola Tesla with electromotive forces of 2.000.000 
volts have convinced him that tf 100.000.000 volts could be produced it 
might be possible to break down the atomic structure of any element and 
thus liberate a certain amount of energy. "But," he told the writer of this 
article, “even If the feat could be accomplished and suficient energy set free, there 
still remains the enormously dificult problem of devising a means of utillzing the 
energy In a practical way.” 


Tesla, 75, Predicts New Power Source - New York Times - July 5th, 1931 


"When and where do you expect to make the official announcement of your new 
discoveries?” the inventor was asked. 


"These discoveries," he replied, "did not come to me over night, but as the result of 
intense study and experimentation for nearly thirty-six years. I am naturally 
anxious to give the facts to the world as soon as possible, but I also wish to present 
them in a finished form. That may take a few months or a few years.” 


“The idea of atomic energy is illusionary but it has taken so powerful a hold on the 
minds, that although I have preached against it for twenty-five years, there are still 
some who believe it to be realizable.” 


"I have disintegrated atoms in my experiments with a high potential vacuum 
tube I brought out in 1896, which I consider one of my best inventions. I have 
operated it with pressures ranging from 4,000,000 to 18,000,000 volts. 
More recently I have designed an apparatus for 50,000,000 volts which 
should produce many results of great scientific importance. 


"But as to atomic energy, my experimental observations have shown that the 


process of disintegration is not accompanied by a liberation of such energy 
as might be expected from the present theories.” 


Aerial defense "death beam" offered to U.S by Tesla - The Baltimor Sun - July 12, 1940. 


The voltages for propelling the deth beam to its objective, he stated, will 
attain a potential of 50.000.000. 


With this enourmous voltage, he said, microscopic particles of matter will 
be catapulted on their mission of defensive destruction. 
Beam to Kill Army at 200 Miles, Tesla's Claim on 78th Birthday - New York Herald 
Tribune - July 11, 1934: 


"It Is an Electric Gun 


The beam of force itself, as Dr. Tesla described it, is a concentrated current - it 
need be no thicker than a pencil - of microscopic particles moving at several 
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hundred times the speed of artillery projectiles. The machine into which Dr. Tesla 
combines his four devices is, in reality, a sort of electrical gun. 


He illustrated the sort of thing that the particles will be by recalling an incident that 
occurred often enough when he was experimenting with a cathode tube. Then, 
sometimes, a particle larger than an electron, but still very tiny, would break off 
from the cathode, pass out of the tube and hit him. He said he could feel a sharp, 
stinging pain where it entered his body, and again at the place where it passed out. 
The particles in the beam of force, ammunition which the operators of the 
generating machine will have to supply, will travel far faster than such 
particles as broke off from the cathode, and they will travel in concentrations, 
he said. 


As Dr. Tesla explained it, the tremendous speed of the particles will give them 
their destruction-dealing qualities. All but the thickest armored surfaces 
confronting them would be melted through in an instant by the heat generated in 
the concussion". 

"I should also say, and this is perhaps as important as anything else about it, that 
in this apparatus all limitations as to electric force and the quantity of electricity 
transmitted have been removed." 


Prepared Statement of Tesla (For interview with press on 81st birthday observance): 


There is one more discovery which I want to announce at this time, consisting of a 
new method and apparatus for the obtainment of vacua exceeding many times the 
highest heretofore realized. I think that as much as one-billionth of a micron can be 
attained. What may be accomplished by means of such vacua is a matter of 
conjecture, but it is obvious that they will make possible the production of much 
more intense effects in electron tubes. My ideas regarding the electron are at 
variance with those generally entertained. I hold that it ts a relatively large 
body carrying a surface charge and not an elementary unit. When such an 
electron leaves an electrode of extremely high potential and in very high 
vacuum, it carries an electrostatic charge many times greater than the 
normal. This may astonish some of those who think that the particle has the same 
charge in the tube and outside of it in the air. A beautiful and instructive experiment 
has been contrived by me showing that such is not the case, for as soon as the 
particle gets out into the atmosphere it becomes a blazing star owing to 
the escape of the excess charge. The great quantity of electricity stored on 
the particle is responsible for the difficulties encountered in the operation 
of certain tubes and the rapid deterioration of the same. 


Proposing the "death ray" for defense - Philadelphia Inquirer - October 20, 1940: 


"It is based on an entirely new principle of physics that nobody ever has dreamed 
of. It is different from the principle embodied in my inventions relating to 
the transmission of electrical power from a distance, for which I hold a 
number of basic patents." 
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Illustrations from an article in the March, 1920 issue of Electrical Experimenter entitled 
"Wireless Transmission of Power Now Possible". The illustrations show his prototype 
devices for "directed ionized beam transmissions," a "deathray—searchlight" device. But 
according to Tesla, the results of tests did not justify the hope of important practical 
applications in large distance. 


"After preliminary laboratory experiments, I made tests on a large scale with 
the transmitter referred to and a beam of ultra-violet rays of great energy 
in an attempt to conduct the current to the high rarefied strata of the air 
and thus create an auroral display such as might be utilized for illumination, 
especially of oceans at night. I found that there was some virtue in the 
principal but the results did not justify the hope of important practical 
applications although, some years later, several inventors claimed to have 
produced a "death ray" in this manner. While the published reports to this effect 
were entirely unfounded, I believe that with the new transmitter to be built, many 
wonders will be achieved". 


A Machine to End War - Liberty - February 1937: 


My discovery ends the menace of airplanes or submarines, but it insures the 
supremacy of the battleship, because battleships may be provided with some of the 
required equipment. There might still be war at sea, but no warship could 
successfully attack the shore line, as the coast equipment will be superior to the 
armament of any battleship. 


I want to state explicitly that this invention of mine does not contemplate 
the use of any so-called "death rays." Rays are not applicable because they 
cannot be produced in requisite quantities and diminish rapidly in intensity 
with distance. All the energy of New York City (approximately two million 
horsepower) transformed into rays and projected twenty miles, could not kill a 
human being, because, according to a well known law of physics, it would disperse 
to such an extent as to be ineffectual. 


My apparatus projects particles which may be relatively large or of 
microscopic dimensions, enabling us to convey to a small area at a great 
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distance trillions of times more energy than is possible with rays of any kind. Many 
thousands of horsepower can thus be transmitted by a stream thinner than a hair, 
so that nothing can resist. This wonderful feature will make it possible, among other 
things, to achieve undreamed-of results in television, for there will be almost no 
limit to the intensity of illumination, the size of the picture, or distance of 
projection. 


I do not say that there may not be several destructive wars before the world 
accepts my gift. I may not live to see its acceptance. But I am convinced that a 
century from now every nation will render itself immune from attack by my device 
or by a device based upon a similar principle. 


At the age of 81, at a luncheon in his honor, concerning the Death Ray, Tesla stated: 


“But it is not an experiment.... I have built, demonstrated and used it. Only a little 
time will pass before I can give it to the world.” 


History of particle accelerators 


There are two basic classes of accelerators: electrostatic and oscillating field 
accelerators. Electrostatic accelerators use static electric fields to accelerate particles. A 
small-scale example of this class is the cathode ray tube in an ordinary old television 
set. Other examples are the Cockcroft-Walton generator and the Van de Graaff 
generator. The achievable kinetic energy for particles in these devices is limited by 
electrical breakdown. Oscillating field accelerators, on the other hand, use radio 
frequency electromagnetic fields to accelerate particles, and circumvent the breakdown 
problem. This class, which was first developed in the 1920s, is the basis for all modern 
accelerator concepts and large-scale facilities. 


To be able to go deeper into the secrets of the structure of matter, the phycisists found 
that they had to "crush", "hit" or "disturb" the atomic particles with the maximum 
energy as possible. In 1911 Rutherford achieved to elaborate an atomic model by the 
help of a projectile of certain energy: the a particles (alpha particles). During a long 
period of time such particles were the unique method to disturb the microcosmos in a 
controled way; but for the only way to produce them, it was necesary some kind of 
material which would be already radiactive in nature. This limitation became more 
remarkable in 1919 when Rutherford opened the new field of nuclear transformations 
when he studied the reaction N14 + a (alpha) => O17 + p (a nucleus of Nitrogen 
absorbs an a particle, emiting a proton and transforming it into a Oxigen nucleus). The 
radiactive sources available were too weak to continue penetrating into the mistery of 
atomic nucleus. One gram of radium produced 37.000 milion of a particles per second 
(apart from other products of the disintegration) of which 1 from 100.000 brought a 
transformation; too few to be able to separate chemically the generated substances to 
examine the products. Furthermore, the energy of those a particles were just enough to 
be able to surpass the electric repulsion of the nucleus to which they were directed. It 
was urgent to find machines which would be able to increase the number and velocity 
(energy) of the particles. And because they were charged, one way was to put them 
inside great potential differences. 


Before the WW1 no technical means existed to progress so much in that direction. From 
the 1920's already begun to appear some apparatus. In Cambridge, John Cockcroft and 
Ernest Walton used a voltaic multiplier which provided to them 125 Kv (1Kv=1000V) to 
be the first to observe in 1932 the artificial disintegration of atoms of lithium in two a 
particles. In the department of Terrestrial Magnetism of the Carnegie Institute of 
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Washington, Merle Tuve in 1928 used a transformer invented by Nikola Tesla with which 
he reached 3 million Volts. With the colaboration of Gregory Breit, Tuve used this 
method to accelerate protons and electrons. After working during a short time in an 
electric power plant in Alabama, Robert J. Van de Graaf designed his electrostatic 
generator. After spending one year in Oxford with a studentship, he conceived a device 
to build up a high voltage using simple principles of electrostatics. A belt of insulating 
material carries electricity from a point source to a large insulated spherical conductor. 
Another belt likewise delivers electricity of the opposite charge to another sphere. The 
spheres build up a potential until the electric field breaks down the air and a huge spark 
"arcs" across. While a postdoctoral fellow at Princeton, he adapted it (where he arrived 
in 1928) for the acceleration of particles. In a short time his prototype provided the 80 
Kv and in 1931 was already possible to provide 750 Kv and using two spheres it was 
possible to achieve a potential difference of 1,5 Mv (1Mv=1000Kv). In 1937 already 
existed Van de Graaf generators of 5 meters high which were able to provide 5Mv. By 
increasing the radius of the spheres, Van de Graaff could reach higher voltages without 
arcing. The maximum voltage in theory, in megavolts, roughly equalled the radius of 
the sphere in feet. He was soon planning a pair of spheres 15 feet across. In 1933 Tuve 
and his team used a Van de Graaf generator of 1 Mv together with the discharge tube 
which they improved and they observed the disintegration of lithium and boron. 
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This electrostatic generator (Van de Graaf generator) atom-smasher was built at the 
Carnegie Institution in Washington D.C., and used between 1920 and 1940. The cross- 
section shows a spherical conductor, its insulating supports, and tube in which particles 
are accelerated. The charging belt is shown cut-off near the top and bottom. This 
structure was also the talk of "death-rays". 


The most important initiative which ended up developing more and marking an era of 
physics was that associated to American phycisist Ernest Orlando Lawrence. The 
difficulties of maintaining high voltages led several physicists to propose accelerating 
particles by using a lower voltage more than once. After graduating in Yale Lawrence 
was hired as a professor associated to physics for Berkley in 1928. Lawrence learned of 
one such scheme in the spring of 1929, while browsing through an issue of Archiv fúr 
Elektrotechnik, a German journal for electrical engineers. Lawrence read German only 
with great difficulty, but he was rewarded for his diligence: he found an article by a 
Norwegian engineer, Rolf Wideróe, the title of which he could translate as "On a new 
principle for the production of higher voltages." The diagrams explained the principle 
and Lawrence skipped the text. This article inspired his idea of a particle accelerator, 
the first cyclotron. 


The first radio frequency linac for acceleration of heavy ions was designed by Rolf 


Widerge in 1928. 1 MHz, 25KV rf source to accelerate potassium ions up to 50 
KeV. Optimum gap distance d=BA/2=Bc/2f 


Rolf Widerge, Gustav Ising, Leo Szilard, Donald Kerst, and Ernest Lawrence are 
considered pioneers of the particle accelerators, conceiving and building the first 
operational linear particle accelerator, the betatron, and the cyclotron. 
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Nov. 23, 1943. D. W, KERST 2,335,014 
MAUMETIC INDUCTION ACCELERATOR 
Filed Jan. 13, 1942 2 Sheets-Sheet 1 


Inventor: 
Donald W Kerst, 


by Fary E F T An 


His Attorney 
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Diagram of a cyclotron, a particle accelerator invented by Earnest O. Lawrence in 1932 
and widely used from the 1930s to the 1950s. It consists of a pair of "D" shaped sheet 
metal electrodes called "Dees" placed face to face inside a vacuum chamber, between 
the poles of an electromagnet. An oscillating radio frequency voltage of several 
thousand volts is applied to the dees. Atomic particles to be accelerated, such as 
protons are released in the center. The magnetic field causes them to travel in a spiral 
path from the center to the rim of the dees, being accelerated each time they pass from 
one electrode to the other. When the particles reach the rim they pass out of the dees 
through a small gap and strike a target. In this diagram the electromagnet pole pieces 
are not shown full size; they must be at least as big as the dees to create a uniform 
field. Caption: How the cyclotron works. Size of the magnets has been kept down to 
show the path of the electron 


The New Art of Projecting Concentrated Non-Dispersive Energy 
Through Natural Media 


Whether Tesla's idea was ever taken seriously is still a mater of conjecture. Most 
experts today consider his idea infeasible. Though, his death beam bears an uncanny 
resemblance to the charged-particle beam weapon developed by both the United States 
(Beam Experiments Aboard Rocket) and the Soviet Union during the cold war. 


At the end of 1930s many conflicts were giving enough evidence that the dark future of 
war would soon break out in Europe. Nikola Tesla tryed to convince the military to 
generate interest to get the fundings for his "peace beam", but it seems that he didn't 
recieve the attention that he was hoping. After some attempts, he decided to not give 
up and he sent an elaborate technical paper, including diagrams, to a number of Allied 
nations including the United States, Canada, England, France, the Soviet Union, and 
Yugoslavia. 


A paper surfaces in 1983 which is the first to show an actual plan for a weapon. An 
analysis of the paper by the Tesla museum in Belgrade determines them to be 
authentic. The paper, which is entitled "New Art of Projecting Concentrated Non- 
Dispersive Energy Through Natural Media" is the only known paper Telsa ever wrote 
about particle beam weaponry. 


The most interested country of all which recieved Tesla's proposal, the greatest interest 
came from the Soviet Union. In 1937 (agreement dated in April 20, 1935) Tesla 
presented a plan to the Amtorg Trading Corporation, an alleged Soviet arms front in 
New York City. Two years later, in 1939, one stage of the plan was tested in the USSR 
and Tesla received a check for $25,000. It is highlighted from the released unclassified 
FBI archives (Part 1 page 185). Contained within the extract Tesla agreed to supply 
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plans, specification, and complete information on a method and apparatus for producing 
very small particles in a tube open to air, for increasing the charge of the particles to 
the full voltage of the high potential terminal, and for projecting the particles to a 
distances of a hundred miles or more. The maximum speed of the particles was 
specified as not less than 350 miles per second. The receipt of $25,000 fee for this 
disclosure was acknowledged by Nikola Tesla and by A. Bartanian of the Amtorg Trading 
Corporation. 


During World War 11, Amtorg handled the flow of military supplies to the Soviet Union, 
including armaments, raw materials, food, and uniforms under the Lend-Lease 
program. 


During the Cold War years, the scope of Amtorg’s enterprise was more limited, but it 
continued to conduct its business at 49 West 37th Street, in New York City, maintaining 
a skeleton staff. As an arm of the Soviet state, Amtorg, at that time located at 355 
Lexington Avenue in New York City, was targeted in two bombing attempts, in 1971 and 
1976, by members of the Jewish Armed Resistance, an extremist group affiliated with 
the Jewish Defense League. 


Surrounded by continuing controversy, Amtorg survived the Cold War but did not 
survive the collapse of the Soviet Union, quietly disappearing in 1998. 


In a letter that was written to J. P. Morgan, Jr. on November 29, 1934, Tesla described 
the weapon: 


"I have made recent discoveries of inestimable value... The flying machine has 
completely demoralized the world, so much that in some cities, as London and 
Paris, people are in mortal fear from aerial bombing. The new means I have 
perfected afford absolute protection against this and other forms of attack. ... These 
new discoveries, which I have carried out experimentally on a limited scale, have 
created a profound impression. One of the most pressing problems seems to be the 
protection of London and I am writing to some influential friends in England hoping 
that my plan will be adopted without delay. The Russians are very anxious to render 
their borders safe against Japanese invasion and I have made them a proposal 
which is being seriously considered". 


During the period in which the negotiations were being carried on, Tesla claimed that 
efforts had been made to steal the invention. His room had been entered and his papers 
had been scrutinized, but the thieves, or spies, left empty-handed. He said that there 
was no danger that his invention could be stolen for he had at no time committed any 
part of it to paper. The blueprint for the Teleforce weapon was all in his mind. 


In 1940 Tesla estimated that each station would cost no more than $2,000,000 and 
could have been constructed in a few months. 


CNN Special Report 1985 Electromagnetic Frequency 
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Tesla Weapons 


Other controversial death ray proposals and possible frauds 
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THE RAY IN OPERATION EXPLODING GUNPOWDER, 
Death ray proposal by Harry Grindell Matthews 
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Death ray proposal by Harry Grindell Matthews 
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Chapter 4 
Amplifiers 


Here are some easy-to-build amplifier projects. Preamps are some 
of the easiest projects and the results are really dramatic. Linear 
amps are for hams that want to really get their signals out. All of 
these projects can be modified to suit your particular needs. 
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"Tesla's Views on Electricity and the War" - The Electrical Experimenter - August, 1917 


"The ‘Ulivi ray" really was transplanted from this country to Italy," asserted Dr. 
Tesla. "It was simply an adaptation of my ultra-powerful high-frequency phenomena 
as carried out in Colorado and cited previously. With a powerful oscillator 
developing thousands of horsepower it would become readily possible to detonate 
powder and munition magazines by means of the high frequency currents induced 
in every bit of metal, even when located five to six miles away and more. Even a 
powder can would have a potential of 6,000 to 7,000 volts induced in it at that 
distance. 


"At the time of those tests I succeeded in producing the most powerful X-rays ever 
seen. I could stand at a distance of 100 feet from the X-ray apparatus and see the 
bones of the hand clearly with the aid of a fluoroscope screen; and I could have 
easily seen them at a distance several times this by utilizing suitable power. In fact, 
I could not then procure X-ray generators to handle even a small fraction of the 
power I had available. But I now have apparatus designed whereby this tremendous 
energy of hundreds of kilowatts can be successfully transformed into X-rays." 


Tesla was probablly wrong in this case when he stated that Giacomo Ulivi copyed his 
idea knowing that Ulivi's death rays were finally considered a fraud after many attempts 
in different places to avoid his excuses to demonstrate his invention to the public 
without conditions but also because he had the bad habbit to disapear in the righ 
moments (See also: http://trove.nla.gov.au/ndp/del/article/6426458? 
searchTerm=Giulio%20 

Ulivi&searchLimits=). 


The death ray proposal by Harry Grindell Matthews had almost the same reputation as 
the false italian inventor Giacomo Ulivi because he never had been able to demonstrate 
to the military of the UK or to any other witness, but it seems that there has always 
been some doubt as to whether Matthews ever actually invented a 'Death Ray' knowing 
that some documents held in the French patent office show a patent registered for the 
‘Projection a distance Phénomeneés invisibles de haute frequency électrique’ - or the 
‘remote projection of invisible high frequency electricity’ (seeking source) in other 
words, the 'Death Ray' - filed in October 1924 under the name Eugene Royer, 
Matthews' close associate. 


Nazi developed "death ray" Weapon 


More information: " Nazi developed "death ray" Weapon." 
The following is a set of data related to the Nazi project. 


Death-Rays as Life-Savers in the Third Reich by Pedro Waloschek (the description which 
appear in the book about Tesla's "death ray" is wrong as it was not Supposed to use 
electromagnetic waves or wireless energy and in this case Tesla never stated that 
particles should travel faster than light): 


Today we know that the ‘death rays’ made famous through science fiction literature 
and cinema were never actually deployed, and certainly not during World War II. 
The extensive literature on secret weapons provides us with very few mentions of 
‘death rays’, and most of these refer to desperate publicity stunts by the German 
leadership towards the end of the war. However, several proposals were made, 
which led to the establishment of real research and development projects that 
aimed (or hoped) to achieve the development of ‘death rays’, or at least to gather 
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some of the knowledge considered indispensable for the realisation of such 
weaponry. This does not belong to the world of conjecture; there is real evidence of 
activity, which can be reconstructed thanks to archive documents and witness 
statements. 


Towards the end of the war, scientists in Germany tried to make use of what funds 
were still available for research work. Some of these projects were sensible, others 
less so. They also used such projects as pretexts to save their employees from war 
services (see Schiebold) or from deportation in concentration camps (see 
Schmellenmeier). Most of them were already thinking in terms of post-war scientific 
or commercial applications. So they were supported and encouraged by industrial 
firms like Brown Boveri (BBC), Philips and Siemens, which expected a future market 
for X-ray-producing machines for hospitals. And they were in strong competition 
with US-firms like General Electric. 


However, in order to obtain the materials, financial support and services required 
for a project, several scientists found it expedient to declare that their work was of 
vital importance to the war effort. Their chances of success fared even better if they 
could assert that their developments were indispensable for producing a specific 
weapon, which could prove decisive for a conclusive (and somewhat miraculous) 
victory. Sometimes these proposals were explicit, and 6 unambiguous (albeit 
secret) reports were submitted to the authorities in writing. But in other cases 
suggestions were raised only orally, and the paperwork that was presented merely 
served to hide the military purpose of these projects behind a smokescreen of 
civilian intent. To some extent the scientists were able to play this game thanks to 
the Nazi leadership's lack of technical and scientific understanding. Furthermore, it 
was unlikely that experts with opposing viewpoints would raise any objections to a 
project considered essential to the war effort since this would have been considered 
in general as rank defeatism. 


Nevertheless the world was afraid of Hitler's miracle weapons and particularly his 
death rays. What was the truth behind these death rays? And how had the German 
Luftwaffe and other authorities been convinced of the case for making substantial 
research and development efforts to produce such death rays? This is the area 
under discussion. The subject began to fascinate me in my youth. 


My aim is to present the collection of data I have accumulated over many years, 
and make it accessible to others in a way that 1 hope will be interesting and easy to 
understand. I have been particularly interested in the lives and problems of the 
people involved in the ‘death ray’ projects, and I hope that the information I 
present will contribute to the elimination of some of the myths and prejudices that 
arose after the war, mainly as a result of the (sometime justified) silence of the 
participants. 


German "death ray” weapon wrecked - The argus, Melbourne - 8 sept, 1944 


This concrete structure in France was intended to house a Nazi secret weapon, 
French civilians believe. Five thousand workmen were engaged on it day and night, 
but after 35 attacks by the RAF the project was abandoned. Construction men 
hinted that a death ray machine capable of stopping aircraft engines in flight and 
burning London to the ground was being installed. (Canadian WIB Radio photo 
received by Beam Wireless. ) 


http://www.arcforums.com/forums/air/index.php?showtopic=215575 
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"An incomplete German Block House near Vatan, France. (About 240Km south of 
Paris) According to civilians, the nazis hoped to house electrical apparatus to send 
out beams that would stop aircraft in flight. The structure is 300" long, 200' wide, 
and some four stories high. Steel doors meant to operate on rollers are 8' thick and 
24'-25' high. Allied aircraft pounded the block hous and it's environs with 1000Ib 
bombs." 


Restricted Films of WWII: German "death ray" weapon facility wrecked - T... 


Aerial view of the heavily bombed bunker - Blockhaus d'Eperlecques - Open to the public since 1973 and 


listed "Ancient Memorials" in 1985. 


http://www.456fis.org/NAZI SECRET WEAPONS OF 1944.htm 


Mechanix Illustrated 
April 1944 


The British government was spooked back in 1935. Not because of Hitler's air force or 
his infantry. Because of his death ray. 
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Newspapers screamed that the Nazis might have a super-weapon that could incinerate 
living tissue or detonate a bomb at long distance. Flooded by letters begging for a 
response, the British Air Ministry asked prominent physicist Robert Watson-Watt to see 
if a radio-wave-based death ray was feasible. 


Within ten days Watson-Watt reported that such a weapon was unlikely. But using radio 
waves to locate an approaching bomber was a real possibility. And that's how radar was 
born. 


Robert Watson-Watt is given the credit for inventing the radar. In fact, this credit 
should go to the German engineer Christian Hulsmeyer who in 1904, using patented an 
early warning system for shipping. He, in turn, used a discovery by Heinrich Hertz who 
had discovered in 1888 that radio waves could be bounced off objects. 


In 1935, Robert Watson-Watt - a Scottish physicist - was asked by the Air Ministry to 
investigate the possibility of creating a "death-ray" weapon using radio waves. Watson- 
Watt was working at the National Physical Laboratory in Slough. 


Watson-Watt did not create a "death-ray" weapon but he did find that his radio 
transmitters could create an echo from an aeroplane that was over 200 miles away. 
This information would give the Royal Air Force an early warning of an attack by enemy 
fighters. By the time an enemy force was nearing the coastline, fighters would be 
airborne and ready to fight. The enemy would have lost the element of surprise. This 
invention by Watson-Watt was vital to the RAF during the Battle of Britain in 1940. 


In 1940, aided by John Randall and Henry Boot from Birmingham University, Robert 
Watson-Watt invented the cavity magnetron. This produced a compact source of short- 
wave radio waves and allowed Fighter Command of the RAF to detect incoming enemy 
planes from a much greater distance thus giving the pilots more time to organize 
themselves. 


Heroes and Weapons of WWII : 01. The Men Who Invented Radar 


Gordon Fraser - 2012 - Pg 133-134: 


A network of scientific supporters sprung into action to convince the authorities that 
Gans, an expert in magnetism, would be more profitably employed in 
Schmellenmeier's laboratory. A letter from no less than SS Reichsfúrer Heinrich 
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Himmler appeared to settle the matter. The enfeebled Gans was assigned a new 
objective. More than a decade before, an obscure idea in a German research journal 
had led the US scientis Ernest Lawrence to invent cyclotrons. Machines to whirl 
protons and other subatomic fragments and accelerate them to high energies. 
Schmellenmeier's idea was to investigate wether this new machines could be made 
into weapons. The effectiveness of conventional German antiaircraft guns had been 
reduced by Allied bombers flying high, out of range ofthe guns, and wreaking 
increasing havoc on German cities. Perhaps Schmellenmeier's new weapon could hit 
such targets in the stratosphere. The idea was to whirl electrons round in a ring to 
create intense microwave radiation. This would them be beamed at enemy 
aeroplanes and interfere with engine ignition or blind the crew. The device was 
called the "Rheotron". On a paper, it sounded very impressive, a new superweapon 
to complement the V1 and the V2 "Vergeltungswaffen" (retaliation weapons) then 
beeing readied. However the idea of such "death ray" was not new. In 1935, Britain 
had set up a comitee to study the new methods of air defence. Soon it appeared 
that the beam power needed was unattainable, but the technology was soon 
refocused into what became to known as "radar". 


Gans had been rescued once from fate in a concentration camp, but was still not 
safe. His luck finally seemed to have run out in the summer of 1944, when he was 
arrested and taken to the Grosse Hamburger Strasse, Berlin's assembly point for 
jews en route to concentration camps. Again, a rescue mission swung into action in 
the last minute. By now, with the fate of the Nazis becoming clear, some high-level 
SS members were eager to fabricate some protection for themselves by helping 
Jews instead of killing them. The Rheotron was an elaborate bluff in several levels. 
First it was a paper deterrent, but it also had a secondary role as a cover for Jewish 
scientists, notably Gans, who suspected that the idea would not work. Later that 
year Schmellenmeier's equipment was evacuated with the instruction that "in case 
of military defeat, the Jew Gans is to be liquidated. However the American forces 
arrived first. 


The Invention of Radar 


Ernst Schiebold (1894-1963) was a German mineralogist who has rendered outstanding 
services to the material examination using X-rays. Von Schiebold sold Milch of the Air 
Force the idea that it was possible to build an X-ray searchlight which would cause 
burns on the crews of Allied bombers at altitudes up to 30.000 feet. the source of the X- 
rays was to be a betatron. 
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http://www.abovetopsecret.com/forum/thread817832/pg1 
http://www.forbiddenknowledgetv.com/videos/911--false-flags/911-proof-of-laser- 


weapons-part-3.html 


During WW2 the German electronics firm Siemens developed a particle beam weapon 
for the Luftwaffe. It was invented by Prof Max Steenbeck in 1935. Heinz 
Schmellenmeier, Richard Gans and Fritz Houtermans were leading figures in the 
project. 


How the machine worked was that it interrupted the magnetos of engines in Allied 
bombers and brought aircraft down to lower altitudes into the reach of FLAK batteries. 


Norwegian born Dr Rolf Wideroe wrote in his autobiography that he worked on a 
particle accelerator X-Ray transformer for this project at Hamburg in 1943. The Philips 
subsidiary Valvo also participated and much of the engineering was performed by CHF 
Muller & Co. Wideroe later rescued the device from the rubble of Dresden and 
delivered it to General Patton's 3rd Army at Burggrub on 14 April 1945. 


A second rival device, Ernst Schiebolds 'R6ntgenkanone was developed at GroBostheim 
south of Frankfurt. This employed a particle accelerator cupped from beneath by a 
Beryllium parabolic mirror with a bundle of nine beryllium rods as an anode at it's 
core. the entire device was steerable at Allied bomber formations. The Company 
Richert Seifert & Co was largely responsible for it's manufacture. 


These were not lasers. They directed hard radiation at aircraft and were the 
forerunners of Star wars weapons today. 


http://www.answers.com/topic/directed-energy-weapons 
http://en.wikipedia.org/wiki/Wunderwaffe 


In the later phases of World War II, Nazi Germany increasingly put its hopes on 
research into technologically revolutionary secret weapons, the Wunderwaffen. 


Among the directed-energy weapons the Nazis investigated were X-Ray Beam 
Weapons developed under Heinz Schmellenmeier, Richard Gans and Fritz Houtermans. 
They built an electron accelerator called Rheotron (invented by Max Steenbeck at 
Siemens-Schuckert in the 1930s, these were later called Betatrons by the Americans) 
to generate hard X ray synchrotron beams for the Reichsluftfahrtministerium (RLM). 
The intent was to pre-ionize ignition in Aircraft engines and hence serve as anti- 
aircraft DEW and bring planes down into the reach of the FLAK. The Rheotron was 
captured by the Americans in Burggrub on April 14, 1945. 


Another approach was Ernst Schiebolds 'R6ntgenkanone’' developed from 1943 in 
GroBostheim near Aschaffenburg. The Company Richert Seifert & Co from Hamburg 
delivered parts. 


The Third Reich further developed sonic weaponry, using parabolic reflectors to project 


sound waves of destructive force. Microwave Weapons were investigated together with 
the Japanese (see also: Japanese radar and related weapons of world war 2). 


http://www.cdvandt.org/CIOS-XXVIII-31.pdf 
http://www.quora.com/Sy-Gunson 


Rolf Wideroe said in his autobiography: 
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"It appears that Dr. Schiebold hawked his ideas about. He spoke to physicists who 
must have thought him a hopeless case, but he also tackled some influential 
people in official capacities who were not in a position to make informed 
judgements. Most people probably dismissed him as a harmless lunatic, but some 
must have been convinced because the Air Force, ¡.e. the German Aviation 
Ministry (RLM) and Command of the Luftwaffe, provided a certain amount of 
support for his ‘death ray”. 


In order to conduct some test experiments for this “death ray”, a still unused and 
unpacked X-ray apparatus with a high voltage supply of a little over one million 
volts (made by means of a sort of cascade circuit), was taken from a hospital in 
Hamburg to a small military airport called GroB-Ostheim (today 'GroBostheim') in 
the region of Hanau. If I remember rightly, Richard Seifert organized this tests and 
Hollnack was their administrator. However, both engineers and technicians quickly 
understood that the danger to themselves operating the machine on the ground 
was far greater than to the pilots and bombs in the enemy aircraft. 


Still, a ray-transformer or betatron could produce X-rays of many million volts and 
in doing so one could, in principle (purely on the grounds of the laws of physics), 
improve the "bundling' of the beam with an increase of energy. To a certain 
extent, the effective range could be increased. This seemed to be the reason for 
the German Air Force's interest in the betatron. I wasn't really supposed to know 
anything about it, and we only ever talked about the betatron in terms of its 
importance to medicine. As it turned out this was actually correct. 


By November 1943 I had developed a three-phase plan which provided first for the 
construction of a 15 MeV betatron in Hamburg, then a 200 MeV betatron and 
finally an experimental station in GroB-Ostheim for even larger installations... 
[Wideroe comments that only the Hamburg machine came to fruition however 
Allied intelligence refers to a working machine at GroB-Ostheim disrupting Allied 
bombers therefore Wideroe may have been out of the loop on subsequent 
developments] 


Our work in Hamburg soon confirmed that the step from Kerst's 2.3 MeV machine 
(USA) to our planned 15 MeV ray-transformer was the right one. Of course, all we 
wanted in principle was to achieve as much energy as possible, but at 15 MeV we 
did not expect any imminent problems with the iron yoke (which was very similar 
to that of an ordinary transformer). However, these problems did appear when we 
built the first 31MeV machine for Brown Boveri in Baden, as I shall explain later.” 


Dr. Schiebold's 'Róntgenkanone' was captured by Patton's Army at Burggrub near 
Beyreuth about 14 April 1945. It disappeared into US black projects in New Mexico 
brought back to USA by Project LUSTY. 


http://jansrose.blogspot.com.es/2012/03/death-rays-and-ball-lightning.html 


From Wideroe's online autobiography, The Infancy of Particle Accelerators: 


I eventually found out why the German Air Force was so interested in the 
betatron. Physicist Dr. Schiebold from Leipzig, a specialist on non-destructive 
testing of materials using X-rays among other methods (after the War he became 
professor in Magdeburg) had had the idea that it would be possible to build an X- 
ray tube....[that] would cause the X-rays to be emitted in a narrow bundle. With 
sufficiently high voltage it would then be possible to achieve high radiation 
intensities at long distances. Thus it may even be possible to kill the pilots. 


https://teslaresearch.jimdo.com/death-ray/ 31/38 
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In order to conduct some test experiments for this 'death ray”, a still unused and 
unpacked X-ray apparatus with a high voltage supply of a little over one million 
volts (made by means of a sort of cascade circuit), was taken from a hospital in 
Hamburg to a small military airport called GroB-Ostheim (today 'GroBostheim”) in 
the region of Hanau. 


Gunson states that "ball lightning" was an artifact of the ray when it was used to 
disable aircraft in flight. I have heard this claim before, though I can't remember 
where. However, mention of ball lightning always rings a resounding "ding! ding! we 
have a winna!" in my head. 


http://en.wikipedia.org/wiki/Betatron 


A betatron is a cyclic particle accelerator developed by Donald Kerst at the University 
of Illinois in 1940 to accelerate electrons, but the concepts ultimately originate from 
Rolf Widerge, whose development of an induction accelerator failed due to the lack of 
transverse focusing. Previous development in Germany also occurred through Max 
Steenbeck in the 40s. 


The betatron is essentially a transformer with a torus-shaped vacuum tube as its 
secondary coil. An alternating current in the primary coils accelerates electrons in the 
vacuum around a circular path. The betatron was the first important machine for 
producing high energy electrons. 


Betatrons were historically employed in particle physics experiments to provide high 
energy beams of electrons—up to about 300 MeV. If the electron beam is directed at a 
metal plate, the betatron can be used as a source of energetic x-rays or gamma rays; 
these x-rays may be used in industrial and medical applications (historically in 
radiation oncology). A small version of a Betatron was also used to provide electrons 
converted into hard X-rays by a target to provide prompt initiation of some 
experimental nuclear weapons by means of photon-induced fission and photon- 
>neutron reactions in the bomb core. 


The Radiation Center, the first private medical center to treat cancer patients with a 
betatron, was opened by Dr. O. Arthur Stiennon in a suburb of Madison, Wisconsin in 
the late 1950s. 


https://teslaresearch.jimdo.com/death-ray/ 32/38 
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Fig. ? The betatron. Note how the pole pieces go 


into the center of a vacuum "doughnut." 


American Atomic Bomb testing!! (a Betatron bomb) 


The George device used a Mk-5 bomb assembly and was intended to gather additional 
data on the initiation time vs yield curve. A device used of an external initiator as 
opposed to an internal one activated by the implosion shockwave. This device known as 
a betatron used electrons to generate high energy X-rays inducing photo-fission in the 
core to initiate the chain reaction. The betatron allowed very accurate control of 
initiation time. The test device had a diameter of 100cm and weighed 1224kg, the cloud 
reached 11,000m. The shot was postponed due to unfavorable weather conditions, and 
was also moved to a different area of the Nevada Test Site due to residual radiation 
from the previous shots Easy and Fox. 


http://nuclearweaponarchive.org/Usa/Tests/Tumblers.html 


Operation Tumbler-Snapper 
George 
1 June 1952 
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A resonant transformer connected between a ground terminal 
and elevated terminal draws current from the earth’s electric 
field through a primary winding of the transformer. An 
impulse generator applies a high voltage impulse to the pri- 
mary winding of the resonant transformer to cause current to 
flow from the ground terminal through the primary winding. 
The flow of current through the primary winding of the reso- 
nant transformer induces a current in the secondary winding, 
which may be converted and filtered to a usable form, e.g. 60 
Hz AC or DC. 
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GENERAL PURPOSE PREAMP 

Referring to Fig. 4-1, the circuit can be seen as a direct 
coupled pair of 2N3904 transistors. This transistor is cheap, high 
gain, fairly low noise, and very easily obtained. The Q2 transistor 
is hooked up like any ordinary amplifier stage, but the base resistor 
that normally goes from its base to ground has been replaced with 
another transistor, Q1. This Q1 transistor varies the bias on Q2, so 
the circuit is immune to heat effects. The way it’s hooked up, if Q2 
draws more current, the voltage on R2 rises, turns on Q1 harder 
via the 100k resistor connected to its base, and cancels out the 
increased current in Q2. The result is almost no change in current 
due to temperature variations. The capacitor C2 prevents the ac 
signal from being fed back and reducing the overall gain. By placing 
the capacitor as shown, a very small value, which is also small in 
physical size and cheaper, will permit the amplifier to keep its full 
gain to low frequencies as well as would be the case for a very large 
C placed across R2. The values in Fig. 4-1 will amplify down to 
about 10 cycles using a physically small capacitor. To make the 
amplifier roll off at a higher frequency on the low side, reduce C2 to 
about 1 uF or less, or, alternately, you could reduce the 100k 
resistor to about 10k. This would make the frequency roll off 
around 100 cycles and turn the circuit into a speech amplifier rather 
than a hi-fi type. 

The circuit shown in Fig. 4-1 performs best when driven by a 
moderate impedance source from 500 ohms to 3k ohms impedance. 
With this kind of source, the gain will be about 250, and the output 
noise with no signal in will be about 2 millivolts. This is equivalent 
to an input noise of only 8 microvolts, so the noise is quite low for 
all but extraordinary uses. 

If you wish to drive the circuit with a low impedance source, 
such as a speaker of 4 to 16 ohms or a telephone earphone (which 
makes an excellent high output mike), use the circuit in Fig. 4-2. 
Here, the base is tied to ground via a capacitor, and the signal is fed 
to the emitter of Q1 through a capacitor. This circuit will perform 
very similarly to Fig. 4-1, but will have slightly highly gain reach- 
ing perhaps 500 and about the same low noise performance. 

Ten microfarad capacitors are used throughout because they 
are small and cheap, and are more than enough to do the job here. 

This simple circuit can be made up in a ball smaller than an 
acorn and put into mikes to give you more gain than you need to 
drive even the worst transmitter. It also works well when driven 
by a speaker put out in the yard to let you listen for prowlers at 
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POWER RECEIVER FOR EXTRACTING 
POWER FROM ELECTRIC FIELD ENERGY 
IN THE EARTH 


[0001] This application claims the benefit of U.S. Provi- 
sional Application No. 61/889,894, filed 11 Oct. 2013, the 
disclosure of which is incorporated herein by reference in its 
entirety. 


TECHNICAL FIELD 


[0002] The present invention relates generally to renewable 
energy, and more particularly to methods and apparatus for 
extracting energy from subsurface electrical fields beneath 
the earth’s surface. 


BACKGROUND 


[0003] The earth and the ionosphere cavity may be viewed 
as a global electric circuit. Electrical currents are constantly 
flowing within the earth and its atmosphere. Within the earth, 
the majority of the earth’s energy is carried by extremely low 
frequency (ELF) and ultralow frequency (ULF) waves in the 
0-200 Hz frequency range. The earth’s rotating magnetic field 
and positive lightning are two energy sources that sustain the 
ELF/ULF waves within the earth and the atmosphere. 


[0004] A great deal of research has been devoted to study- 
ing the electric field present in the earth’s ionosphere cavity. 
Joseph M. Crawley, the “Fair Weather Atmosphere as a Power 
Source”, Proceedings ESA Annual Meeting on Electrostatics 
2011; O. Jefimenko, “Operation of Electric Motors from 
Atmospheric Electric Field,” American Journal of Physics, 
Vol. 39, Pgs. 776-779, 1971; M. L. Breuer, “Usability of 
Tapping Atmospheric Charge as a Power Source,” Renewable 
Energy, Vol. 28, Pgs. 1121-1127, 2003. Numerous attempts 
have been made in the past to extract electrical energy from 
the earth’s atmosphere. For example, U.S. Pat. No. 1,540,998 
to Plauson describes a system for converting atmospheric 
electrical energy into usable power. These past attempts have 
been successful in producing only small amounts of power 
from the electrical field in the earth’s ionosphere cavity. The 
modest success of these experiments compared to results 
from other renewable energy sources, such as solar and wind, 
has tempered further research and prevented widespread use 
of the electric field in the ionosphere cavity as an energy 
source. 


SUMMARY 


[0005] The present invention relates to a power receiver for 
extracting power from electric fields beneath the earth’s sur- 
face. In embodiments of the present disclosure, a resonant 
transformer connected to a ground terminal draws current 
from the earth’s electric field through the primary winding of 
the transformer. Current flow through the resonant trans- 
former is induced by applying a high voltage impulse to the 
primary winding. The flow of current through the primary 
winding of the resonant transformer induces a current in the 
secondary winding, which may be converted and filtered to a 
usable form, e.g. 60 Hz AC or DC. 

[0006] In some embodiments of the power receiver, the 
resonant frequency of the resonant transformers is below 200 
Hz. 

[0007] In some embodiments of the power receiver, the 
resonant transformer comprises a ferro-resonant transformer. 
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[0008] In some embodiments, the power receiver further 
comprises an elevated terminal. 

[0009] In some embodiments of the power receiver, the 
primary winding of the resonant transformer is connected 
between the ground terminal and elevated terminal. 

[0010] In some embodiments of the power receiver, the 
elevated terminal comprises an upper capacitive plate 
coupled to the earth’s ionosphere cavity. 

[0011] In some embodiments of the power receiver, the 
impulse generator comprises the upper capacitive plate and a 
spark gap connected between the upper capacitive plate and 
the primary winding of the resonant transformer. The spark 
gap comprises a pair of electrodes separated by a gap and 
configured to generate a spark when a voltage difference 
between the electrodes reaches a predetermined level. 
[0012] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generating 
low voltage pulses, a step-up transformer for converting the 
low voltage pulses provided by the pulse generator to high 
voltage impulses, and a spark gap connected between the 
step-up transformer and the primary winding of the resonant 
transformer to generate a spark responsive to the high voltage 
impulses from the step-up transformer. 

[0013] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generating 
low voltage pulses, and a step-up transformer connected to 
the primary winding of the resonant transformer for convert- 
ing the low voltage pulses provided by the pulse generator to 
high voltage impulses. 

[0014] In some embodiments of the power receiver, the 
impulse generator comprises a solid state spark generator. 
[0015] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in par- 
allel with the primary winding. 

[0016] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in series 
with the primary winding between the impulse generator and 
the elevated terminal. 

[0017] In some embodiments, the power receiver com- 
prises multiple resonant transformers having primary wind- 
ings connected in parallel between the ground terminal and 
the elevated terminal. 

[0018] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0019] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 

[0020] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 

[0021] Another embodiment of the power receiver com- 
prises a resonant circuit connected to a ground terminal dis- 
posed below the surface of the earth, an impulse generator for 
generating and applying a high voltage electrical impulse to 
the resonant circuit to induce current flow from the ground 
terminal through the resonant circuit, and a power conversion 
circuit connected to the resonant circuit to convert electrical 
current flowing through the resonant circuit to a desired form. 
The resonant circuit has a resonant frequency below 200 
Hertz. 

[0022] In some embodiments of the power receiver, the 
resonant circuit comprises a resonant transformer having a 
primary winding, a secondary winding, and resonant capaci- 
tor connected in series with the primary winding. 
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[0023] In some embodiments of the power receiver, the 
resonant circuit comprises multiple resonant transformers 
having primary windings connected in parallel to the ground 
terminal. 

[0024] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0025] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 

[0026] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 

[0027] Other embodiments of the disclosure comprise a 
ground terminal for a power receiver. In one embodiment, the 
ground terminal comprises a ground shaft configured for 
insertion beneath the surface of the earth, a hollow cylinder 
surrounding the ground shaft and having a plurality of open- 
ings, and a plurality of ground wires connected at one end to 
the ground shaft. The ground wires are wound around the 
ground shaft and have free ends protruding through respec- 
tive openings in the hollow shaft so that rotation of the ground 
shaft relative to the hollow cylinder causes the ground wires 
to extend radially into the earth. 

[0028] Other embodiments of the disclosure comprise 
methods of extracting power from the earth. In one embodi- 
ment, the method comprises applying a high voltage impulse 
to resonant circuit coupled to a ground terminal disposed 
beneath the surface of the earth to initiate resonance in the 
resonant circuit and induce the flow of current from the 
ground terminal to the resonant circuit, and converting the 
current flowing from the ground terminal into the resonant 
circuit into a useful form. 

[0029] In some embodiments of the method, the resonant 
circuit comprises a resonant transformer including a primary 
winding coupled to the ground terminal and a second winding 
coupled to a power converter, and applying a high voltage 
impulse to resonant circuit comprises applying a high voltage 
impulse to the primary winding of the resonant transformer. 
[0030] In some embodiments of the method, applying a 
high voltage impulse to the primary winding of the resonant 
transformer comprises applying an impulse in the range to 
10,000 to 40,000 volts to primary winding of the transformer. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0031] FIG. 1 illustrates a first exemplary embodiment of a 
power receiver. 
[0032] FIG. 2 illustrates a second exemplary embodiment 


of a power receiver. 

[0033] FIG. 3 illustrates a third exemplary embodiment of 
a power receiver. 

[0034] FIG. 4 illustrates a fourth exemplary embodiment of 
a power receiver. 


[0035] FIG. 5 illustrates a fifth exemplary embodiment of a 
power receiver. 
[0036] FIG. 6A is an exploded perspective view of an 


exemplary ground antenna array for the power receiver. 
[0037] FIG. 6B is a perspective view of an assembled 
ground antenna array before being deployed. 

[0038] FIG. 6C is a perspective view of an assembled 
ground antenna array after being deployed. 

[0039] FIG.7A isa side view of an insertion tool for install- 
ing the ground antenna array. 

[0040] FIG. 7B isa top view of the insertion tool for install- 
ing the ground antenna array. 
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[0041] FIG. 7C is a bottom view of the insertion tool for 
installing the ground antenna array. 


DETAILED DESCRIPTION 


[0042] Referring now to the drawings, a power receiver for 
extracting energy from the earth’s electric field are illustrated 
and indicated generally by the numeral 10. Various embodi- 
ments of the power receiver 10 are described and similar 
reference numbers are used throughout the description to 
indicate similar components. 

[0043] The power receiver 10 converts energy in the ELF/ 
ULF waves to useful form, e.g. 60 Hz AC or DC. The power 
receiver 10 is essentially a resonance circuit that resonates at 
the natural resonance frequencies in the earth’s electric field. 
These resonance frequencies, known as Schumann resonance 
frequencies, occur at 7.83 Hz, 14.3 Hz, 20.8 Hz, 27.3 Hz, and 
33.8 Hz. A high voltage impulse initiates resonance within the 
power receiver 10. In the resonant mode, the impedance of the 
power receiver 10 is reduced to near zero thus inducing 
ground currents to flow into the power receiver 10 where the 
ground currents are converted to useful form. 

[0044] FIG. 1 illustrates a first embodiment of the power 
receiver 10. The power receiver 10 comprises a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. In this embodiment, the elevated 
terminal 15 is capacitively coupled to electric fields within the 
earth’s ionosphere cavity and functions as an upper capacitive 
plate. A lower capacitive plate 20 is connected to the ground 
terminal 25 beneath the surface of the earth. 

[0045] The resonant transformer 30 comprises a primary 
winding 35, secondary winding 40, ferromagnetic core 45, 
and capacitor 50. One end of the primary winding 35 is 
connected to the lower capacitive plate 20 and ground termi- 
nal 25. The opposite end of the primary winding 35 is con- 
nected via a spark gap 90 to the elevated terminal 15. The 
capacitor 50 is connected in parallel with the primary winding 
35 of the resonant transformer 30 to form an LC circuit 55 
with a resonance frequency range of between about 0.1 and 
200 Hz. Ina preferred embodiment, the resonant transformer 
has a Q of about 10 or greater and resonance frequency in the 
range of about 0.1-200 Hertz. For example, the resonant 
transformer 30 may have a resonance frequency of about 7.83 
Hz, the fundamental Schumann resonance frequency. The 
secondary winding 40 of the resonant transformer 30 is con- 
nected to a power converter 110 as will be hereinafter 
described in greater detail. The power converter 110 converts 
the energy extracted from the earth’s electric field by the 
power receiver 10 into a usable form for driving a load 140. 

[0046] The elevated terminal/upper capacitive plate 15 
comprises an insulated, dish-shaped plate with a large radius 
of curvature. The capacitance and resistance of the elevated 
terminal is chosen for receiving broadband electric field fre- 
quencies in the 0-200 Hz range. The upper capacitive plate 15 
is sized to maximize to the extent practical coupling with the 
electric field in the earth’s ionosphere cavity. 

[0047] The lower capacitive plate 20 is also a dish-shaped 
plate with a large radius of curvature. One function of the 
lower capacitive plate 20 is to collect charge from the earth’s 
ground currents and provide an instantaneous source of cur- 
rent as hereinafter described. The capacitance and resistance 
of the lower capacitive plate 20 is selected to promote the flow 
of current from the ground with minimal losses. 

[0048] The spark gap 90 connected between the elevated 
terminal 15 and resonant transformer 30 comprises a pair of 


night, when you don't care to get out of a warm bed, but the dog 
barks like he's on to something. Fed into any hi-fi input, such a 
preamp will let you hear better than if you were out in the yard. 
There are many other uses, and most of them will please you 
because the low noise of this preamp lets you really hear clean 
audio. 


BARGAIN PREAMP 


Here is the world's best deal in an audio preamp. It has high 
input impedance for crystal and other high-impedance mikes. It has 
low output impedance so it will feed into just about any following 
amplifier, or even through a long shielded cable to an amplifier. It 
uses a minimum of parts and a bargain op amp IC. 

The circuit (Fig. 4-3) is based on the popular 741 op amp, the 
44A741. While this number is a Fairchild origination, there are now 
many manufacturers and it is also part of the HEP line by Motorola, 
available almost anywhere. The one used in this preamp was pur- 
chased on sale from Radio Shack, marked 741C, for only 39¢. The 
HEP equivalent is Motorola number C6052G, and it performed 
identically to the Radio Shack special. I tried the RCA CA3160, but 
it oscillated in this circuit until I added the 150 pF capacitor across 
the 1-megohm feedback resistor. The RCA CA3160 is a premium- 
grade op amp meeting military specifications which is cheap 
enough for this application. The 741 used is in a round 8-pin socket. 
They are also available in an 8-pin mini-DIP form. 

The use of the 741 was ideal for my application because it 
works so well into a low-impedance load. I am replacing a carbon 
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Fig. 4-1. General purpose preamp. 
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electrodes 95, 100 separated by an evacuated air gap 105. 
Electrode 95 is connected to the upper capacitive plate 15. 
Electrode 100 is connected to the resonant transformer 30. 
The spark gap 105 prevents electrical discharge from the 
upper capacitive plate 15 to the earth’s ionosphere cavity. The 
spark gap 90 in combination with the elevated terminal 15 
function as an impulse generator that applies a high voltage 
impulse of about 10,000-40,000 volts to the primary winding 
35 to initiate resonance in the transformer 30. 

[0049] In operation, the capacitive coupling of the upper 
capacitive plate 15 induces a high voltage operating current in 
the upper capacitive plate 15. The upper capacitive plate 1s 
connected to a first electrode 95 to the spark gap 90. When the 
voltage difference between the electrodes 95 and 100 reaches 
a threshold, a spark forms across the electrodes 95,100 and a 
high voltage impulse is applied to the primary winding 35 of 
the resonant transformer 30. This high voltage impulse 1n1- 
tiates resonance within the transformer 30. 

[0050] In resonant mode, the impedance of the resonance 
transformer is reduced to nearly zero allowing current to flow 
from the capacitive plate 20 and ground terminal 25 through 
the primary winding 35 of the transformer 30, which in turn 
induces current in the secondary winding 40. Power converter 
110 converts the current flowing through the secondary wind- 
ing 40 into a usable form for driving a load 140. The trans- 
former 30 will continue to resonate for a short period of time. 
By providing high voltage impulses to the primary winding 
35 of the resonant transformer 30 at periodic intervals, it is 
possible to maintain a continuous flow of current from the 
earth into the resonant transformer 30, thus producing a con- 
tinuous supply of power. 

[0051] FIG. 2 discloses a second embodiment of the pri- 
mary receiver 10. This embodiment includes a resonant trans- 
former 30 connected between an elevated terminal 15 and 
ground terminal 25. The resonant transformer 30 comprises a 
primary winding 35, secondary winding 40, ferromagnetic 
core 45 and a high voltage capacitor 50. One end of the 
primary winding 35 is connected to the ground terminal 25. 
The opposite end of the primary winding 35 1s connected to 
the elevated terminal 15. The capacitor 50 has a capacitance 
of about 0.01 micro-farads. In contrast to the previous 
embodiment, capacitor 50 is connected in series with the 
primary winding 35 and elevated terminal 15 and forms a LC 
circuit 55 with a Q of about 10 or greater and a resonance 
frequency in the range of about 0.1 to 200 Hz. In a preferred 
embodiment, the resonance frequency of the transformer 30 
is 7.83 Hz, the fundamental Schumann resonance frequency. 
An impulse generator 60 is connected between the primary 
winding 35 of the resonant transformer 30 and the series 
capacitor 50 and applies a high voltage impulse to the primary 
winding 35 of the resonant transformer 30. A battery 130 or 
other external power source supplies power to the impulse 
generator 60. As previously described, the high voltage 
impulse applied by the impulse generator 60 initiates reso- 
nance within the resonant transformer 30 inducing current 
flow from the ground terminal 25 into the primary winding 35 
of the resonant transformer 30. The flow of current from the 
ground terminal 25 through the primary winding 35 induces 
current in the secondary winding 40. Power converter 110 
converts the electrical energy in the current flowing through 
the primary winding 40 into a usable form. 

[0052] In contrast to the first embodiment, it is not required 
to capacitively couple the elevated terminal 15 in the second 
embodiment to the earth’s ionosphere cavity. Rather, the 
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elevated terminal 15 in this embodiment provides lightning 
protection and dissipates some of the energy flowing into the 
power receiver 10 to the earth’s ionosphere cavity. Also, in 
contrast to the first embodiment, the capacitor 50 is connected 
in series between the primary winding 35 of the transformer 
30 and the elevated terminal 15. Those skilled in the art will 
appreciate that the capacitor 50 could also be connected in 
parallel rather than series with the primary winding 35 as 
shown in FIG. 1. Another difference is that the impulse gen- 
erator 60 has an external power source. The amount of energy 
generated by the power receiver 10, however, is far greater 
than the energy needed to generate high voltage impulses. 
The first embodiment does not require an external power 
source to generate high voltage impulses. 

[0053] FIG. 3 illustrates a third embodiment of the power 
receiver 10. This embodiment is essentially the same as the 
embodiment shown in FIG. 2. The main difference is that a 
center tap of the primary winding 35 in the resonant trans- 
former 30 is connected to an electrical ground 55. It should be 
appreciated that the electrical ground 55 may be different than 
the earth ground. When the center tap of the resonant trans- 
former 30 is grounded at a distance away from the ground 
terminal 25 (e.g. 50 ft to 100 ft), the power receiver 10 
becomes a transmitter via the ground loop formed. 

[0054] FIG. 4 illustrates the power receiver 10 of FIG. 2 in 
greater detail. The power receiver includes a resonant trans- 
former 30 connected between a ground terminal 25 and an 
elevated terminal 15. The resonant transformer 30 includes a 
primary winding 35, secondary winding 40, ferromagnetic 
core 45 and series capacitor 50 configured as previously 
described. The resonant transformer 30 may havea Q of about 
10 and a resonance frequency in the range of about 0.1 to 200 
Hz. The resonant transformer 30 may be made using an Alli- 
son transformer (part #1530BP120R) connected in series 
with a 0.01 micro-farad capacitor, such as the Condensor 
Products high voltage capacitor (part FTC 103-17-125). An 
impulse generator 60 is connected between the primary wind- 
ing 35 of the resonant transformer 30 and the series capacitor 
50 and applies a high voltage impulse in the range of about 
10,000 to 40,000 volts to the primary winding of the trans- 
former 30. A battery 130 or other external power source 
supplies power to the impulse generator 60. The power con- 
verter 110 connects to the secondary winding 40 of the reso- 
nant transformer 30 for converting current in the secondary 
winding of the transformer to a useful form. 

[0055] The impulse generator 60 comprises a pulse genera- 
tor 65 for generating low voltage pulses, a step-up trans- 
former 80 for converting the low voltage pulses from the pulse 
generator 65 to high voltage pulses, and a spark gap 90 for 
generating sparks responsive to the high voltage pulses from 
the step-up transformer 80. 

[0056] The pulse generator 65 comprises a square wave 
generator 70 and solid state relay 75. The square wave gen- 
erator 70 generates a digital pulse stream. In one embodi- 
ment, the digital pulse stream generates a square waveform 
with a frequency of about 7.83 Hz. The frequency of the 
digital pulse stream is selected to match the resonance fre- 
quency of the transformer 30, though such is not necessarily 
required. The pulse stream output from the square wave gen- 
erator 70 is applied to the solid state relay 75. The solid state 
relay 75 is connected between a battery or other power source 
and a first winding of the step-up transformer 80. The solid 
state relay 75 functions as a switch that is activated responsive 
to the waveform from the square wave generator 70 to provide 
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a continuous stream of low voltage pulses from the battery to 
the first winding of the step-up transformer 80. A 1 ohm 
resistor is connected between the solid state relay 75 and 
step-up transformer 80. 

[0057] The step-up transformer 80 converts the low voltage 
pulses from the pulse generator 65 to high voltage pulses that 
are applied to the spark gap 90. The step-up transformer has a 
0.5 micro-farad capacitor connected in parallel with the pri- 
mary winding of the step-up transformer 80. The step-up 
transformer produces pulses at the output of about 30,000 to 
40,000 volts. 

[0058] The spark gap 90 comprises a pair of electrodes 95, 
100 separated by an air gap 105. As previously described, 
when the voltage potential between the electrodes 95, 100 
reaches a threshold, a spark forms between the electrodes 95, 
100 and supplies a nearly instantaneous, high voltage impulse 
to the primary winding 35 of the resonant transformer 30. 
This high voltage impulse initiates resonance in the resonant 
transformer 30 inducing current flow from the ground termi- 
nal 25 through the primary winding 35 of the resonant trans- 
former 30. 

[0059] The power converter 110 comprises a bridge recti- 
fier 115, filter capacitor 120, charge controller 125, and 
inverter 135. The bridge rectifier 115 converts the AC current 
flowing through the secondary winding 40 of the resonant 
transformer to a DC current. a Filter capacitor 120 removes 
unwanted frequencies from the DC current. The filter capaci- 
tor 120 has a capacitance of about 1000 micro-farads. The DC 
current is input to the charge controller 125. The charge 
controller 125 may, for example, comprise a maximum power 
point tracking (MPPT) charge controller, which is commonly 
used in solar power generating systems. The charge controller 
125 applies a small amount of energy to a battery 30 to charge 
the battery 130. As previously noted, the battery 130 serves as 
a power source for the impulse generator 60. The remaining 
current is supplied to an inverter 135, which converts the DC 
current to an AC current with a desired voltage and frequency, 
e.g., 120 volts/60 Hz AC. The power converter 110 as shown 
in FIG. 4 may be utilized in the embodiment shown in FIGS. 
1, 2 and 3. 

[0060] FIG. 5 illustrates a power converter 10 according to 
another embodiment. The power converter 10 comprises a 
plurality of resonant transformers 30 connected between a 
ground terminal 25 and elevated terminal 15. Each of the 
resonant transformers 30 comprises a primary winding 35, 
secondary winding 40, ferromagnetic core 45 and series 
capacitor 50. The primary windings 35 of the resonant trans- 
formers 30 are connected in parallel. The secondary windings 
40 are connected in series with the power converter 110. An 
impulse generator 60 applies a high voltage impulse to the 
primary windings 35 of the resonant transformers 30. A bat- 
tery 130 or other external power source supplies power to the 
impulse generator 60. The power converter 110 converts the 
current in the power converter circuit to a usable form for 
driving a load 140. 

[0061] Inone embodiment, each of the resonant transform- 
ers 30 shown in FIG. 5 is configured to have a different 
resonant frequency. In one embodiment, the resonant trans- 
formers 30 are configured to resonate at frequencies of 7.83 
Hz, 14.8 Hz, 20.3 Hz and 26.8 Hz respectively. Additional 
resonant transformers 30 could be added to operate at other 
resonance frequencies. 

[0062] FIGS. 6A-6C illustrate a high quality ground 
antenna array 200 which may be used as a ground terminal 25. 
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The ground antenna array 200 comprises a generally cylin- 
drical ground shaft 205 disposed with a hollow cylinder 220 
and a plurality of reinforced, heavy gauge ground wires 210 
attached at one end to the ground shaft 205. The ground shaft 
205 and ground wires 210 should be highly conductive and 
have low resistance to supply current from the ground to the 
power receiver 10. In one embodiment, the ground wires 210 
may be copper or other highly-conductive metal. The end of 
the ground shaft may be pointed to facilitate insertion into the 
earth. A connection port on the ground shaft 220 is provided 
to electrically connect the ground antenna array 220 to the 
resonant transformer 30. 

[0063] The hollow cylinder 220 has external threads 25 to 
facilitate insertion into the ground. A rotator nut 235 is fixedly 
secured to the top end of the hollow shaft 220. A square shaft 
215 protrudes from the top end of the ground shaft 205 into 
the opening in the rotator nut 235. FIG. 6B. A tool 250, shown 
in FIG. 7, engages with the rotator nut 235 and square shaft 
215 during insertion of the ground antennas array 200 into the 
ground as will be hereinafter described. 

[0064] The insertion tool 250 is shown in FIG. 7. The 
insertion tool 250 includes a tool body 255 having a first 
socket 260 on one side to fit the rotator nut 235 on the hollow 
cylinder 220 and a second socket 265 on the other side to fit 
the square shaft 215 on the ground shaft 205. Arms 270 extend 
from the outer periphery of the tool body 255 for manually or 
mechanically turning the insertion tool 250. 

[0065] Before the antenna array 200 is deployed, the 
ground wires 210 are wound around the ground shaft 205 with 
the free ends protruding slightly from respective openings 
230 in the hollow cylinder 220 to a distance not to exceed one 
half (2) the depth of the external threads 225 on the hollow 
cylinder 220. FIG. 6B illustrates the ground antenna array 200 
before deployment. FIG. 6C illustrates the ground antenna 
array in a deployed configuration. 

[0066] Installation of the ground antenna array 200 is per- 
formed in two stages. In the first stage, a hole slightly smaller 
in diameter than the threads 235 of the hollow cylinder 220 is 
drilled into the Earth to a depth matching the length of the 
hollow cylinder 220 or slightly longer. The hole is filled with 
water and the water is allowed to soak into the soil. After the 
ground is softened, the hollow cylinder 220 is rotated using 
the insertion tool 250 to insert the ground antenna array 200 
into the ground. The first socket 260 of the insertion tool 250 
is engaged with the rotator nut 230 and the insertion tool 250 
is turned by hand or a mechanized rotating shaft fitted and 
attached to the tool arms 270 to thread the ground assembly 
into the hole. During the initial insertion of the ground 
antenna array 200, the ground shaft 205 is fixed to the hollow 
shaft 220 and rotates with the hollow shaft. The hollow cyl- 
inder 220 is rotated until it reaches the full depth of the hole. 
[0067] Once the ground antenna array 200 has been fully 
inserted into the earth, the insertion tool 250 is flipped over 
and the second socket 265 of the insertion tool 250 is engaged 
with the square shaft 215. The insertion tool 250 is turned by 
hand or a mechanized rotating shaft fitted and attached to the 
tool arms 270 to rotate the ground shaft 205. During the 
second phase, the ground shaft 205 rotates freely inside the 
hollow cylinder 220. Rotation of the ground shaft 205 causes 
the reinforced ground wires 210 to extend radially into the 
earth. The ground shaft 220 is rotated until the ground wires 
are fully extended. The ends of the ground wires may be 
sharpened to aid in the extension of the ground wires during 
the second phase. 
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[0068] After the ground antenna array 200 is deployed, a 
connection cable 280 is attached to a connection port 240 on 
the ground shaft 220 to electrically connect the ground 
antenna array 220 to the resonant transformer 30 in the power 
receiver 10. 

What is claimed is: 

1. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 

a resonant transformer connected to a ground terminal 

disposed below the surface of the earth; 

an impulse generator for generating and applying a high 
voltage electrical impulse to a primary winding of the 
resonant transformer to induce current flow from the 
ground terminal through the primary winding of the 
transformer; and 

a power conversion circuit connected to a secondary wind- 
ing of the resonant transformer to convert electrical cur- 
rent flowing through the secondary winding to a desired 
form. 

2. The power receiver of claim 1 wherein a resonant fre- 

quency of the resonant transformers is below 200 Hz. 

3. The power receiver of claim 1 wherein the resonant 
transformer comprises a ferro-resonant transformer. 

4. The power receiver of claim 1 further comprising an 
elevated terminal, and wherein the primary winding of the 
resonant transformer is connected between the ground termi- 
nal and elevated terminal. 

5. The power receiver of claim 4 wherein the elevated 
terminal comprises an upper capacitive plate coupled to the 
earth’s ionosphere cavity. 

6. The power receiver of claim 5 wherein the impulse 
generator comprises: 

the upper capacitive plate; 

a pair of electrodes separated by a spark gap, said elec- 
trodes connected between the upper capacitive plate and 
the primary winding of the resonant transformer and 
configured to generate a spark when a voltage difference 
between the electrodes reaches a predetermined level. 

7. The power receiver of claim 1 wherein the impulse 
generator comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer for converting the low voltage pulses 
provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer and 
the primary winding of the resonant transformer to gen- 
erate a spark responsive to the high voltage impulses 
from the step-up transformer. 

8. The power receiver of claim 1 wherein the impulse 

generator comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer connected to the primary winding of 
the resonant transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses. 

9. The power receiver of claim 1 wherein the impulse 

generator comprises a solid state spark generator. 

10. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in parallel with 
the primary winding. 

11. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in series with the 
primary winding between the impulse generator and the 
elevated terminal. 
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12. The power receiver of claim 1 wherein comprise mul- 
tiple resonant transformers having primary windings con- 
nected in parallel between the ground terminal and the 
elevated terminal. 

13. The power receiver of claim 12 wherein the resonant 
transformers have different resonant frequencies. 

14. The power receiver of claim 13 wherein the resonant 
frequencies of the resonant transformers are all below 200 
Hz. 

15. The power receiver of claim 12 wherein the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 

16. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 

a resonant circuit connected to a ground terminal disposed 
below the surface of the earth, said resonant circuit hav- 
ing a resonant frequency below 200 Hertz 

an impulse generator for generating and applying a high 
voltage electrical impulse to the resonant circuit to 
induce current flow from the ground terminal through 
the resonant circuit; and 

a power conversion circuit connected to the resonant circuit 
to convert electrical current flowing through the reso- 
nant circuit to a desired form. 

17. The power receiver of claim 16 wherein the impulse 

generator comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer for converting the low voltage pulses 
provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer and 
resonant circuit to generate a spark responsive to the 
high voltage impulses from the step-up transformer. 

18. The power receiver of claim 16 wherein the impulse 
generator comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer connected to the resonant circuit for 
converting the low voltage pulses provided by the pulse 
generator to high voltage impulses. 

19. The power receiver of claim 16 wherein the resonant 
circuit comprises a resonant transformer having a primary 
winding, a secondary winding, and resonant capacitor con- 
nected in parallel with the primary winding. 

20. The power receiver of claim 16 wherein the resonant 
circuit comprises a resonant transformer having a primary 
winding, a secondary winding, and resonant capacitor con- 
nected in series with the primary winding. 

21. The power receiver of claim 16 wherein the resonant 
circuit comprises multiple resonant transformers having pri- 
mary windings connected in parallel to the ground terminal. 

22. The power receiver of claim 21 wherein the resonant 
transformers have different resonant frequencies. 

23. The power receiver of claim 22 wherein the resonant 
frequencies of the resonant transformers are all below 200 
Hz. 

24. The power receiver of claim 23 wherein the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 

25. A ground terminal for a power receiver, said ground 
terminal comprising: 

a ground shaft configured for insertion beneath the surface 

of the earth; 

a hollow cylinder surrounding the ground shaft and having 
a plurality of openings; and 
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a plurality of ground wires connected at one end to the 
ground shaft said ground wires being wound around the 
ground shaft and having free ends protruding through 
respective openings in the hollow shaft r so that rotation 
of the ground shaft relative to the hollow cylinder causes 
the ground wires to extend radially into the earth. 

26. A method of extracting power from the earth, said 

method comprising: 

applying a high voltage impulse to resonant circuit coupled 
to a ground terminal disposed beneath the surface of the 
earth to initiate resonance in the resonant circuit and 
induce the flow of current from the ground terminal to 
the resonant circuit; and 

converting the current flowing from the ground terminal 
into the resonant circuit into a useful form. 

27. The method of claim 26 wherein resonant circuit com- 
prises a resonant transformer including a primary winding 
coupled to the ground terminal and a second winding couple 
to a power converter, and wherein applying a high voltage 
impulse to resonant circuit comprises applying a high voltage 
impulse to the primary winding of the resonant transformer. 

28. The method of claim 27 wherein applying a high volt- 
age impulse to the primary winding of the resonant trans- 
former comprises applying an impulse in the range to 10,000 
to 40,000 volts to primary winding of the transformer. 
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(57) ABSTRACT 


A resonant transformer connected between a ground termi- 
nal and elevated terminal draws current from the earth’s 
electric field through a primary winding of the transformer. 
An impulse generator applies a high voltage impulse to the 
primary winding of the resonant transformer to cause current 
to flow from the ground terminal through the primary 
winding. The flow of current through the primary winding of 
the resonant transformer induces a current in the secondary 
winding, which may be converted and filtered to a usable 
form, e.g. 60 Hz AC or DC. 
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Fig. 4-2. Low impedance preamp. 


mike used in an RCA Carfone converted to a 2 meter base station. 
The input impedance to the converted RCA rig is 1,000 ohms. I 
could have removed that part of the circuit and fed a preamp 
directly into the grid of the first audio stage, but I wanted to retain 
the carbon mike jack and circuit for a secondary mike input because 
plans call for the use of the crystal mike in a different mobile rig. 

Measured frequency response of this circuit is 750 hertz to 9 
kHz at the 3 dB down points. This response is the same whether 
working into an infinite load or 1,000 ohms, but gain measurements 
do differ with load. Voltage gain is 150 (43.4 dB) into a 1,000 ohm 
load, but somewhat less into an infinite load. The gain of the 
amplifier is affected by the feedback resistor between terminals 2 
and 6 on the IC. The lower the resistor value, the lower the gain. 
Without any feedback resistor, the gain can be as high as 100,000, 
which is obviously more than one needs or can handle without 
instability. 

The 150 pF capacitor across the 1-megohm resistor stabilizes 
the IC against self-oscillation when using the CA3160, and may be 
omitted for other 741-type ICs. With the capacitor, the CA3160 
replaces the 741 directly. The only apparent adverse effect is that 
it extends the frequency response to well over 100 kHz. There is 
no apparent effect on performance as, obviously, any response 
above about 5 kHz is lost in the associated circuitry of the equip- 
ment with which this preamp is used. On-the-air reports indicate 
that the voice is clean and crisp, with no distortion. 

Because the preamp was designed for use on a 2 meter rig, 
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POWER RECEIVER FOR EXTRACTING 
POWER FROM ELECTRIC FIELD ENERGY 
IN THE EARTH 


[0001] This application is a continuation of prior U.S. 
application Ser. No. 15/397,281 filed Jan. 3, 2017, which is 
a continuation-in-part of prior U.S. application Ser. No. 
14/509,772 filed Oct. 8, 2014, U.S. Pat. No. 9,564,268, 
which claims the benefit of U.S. Provisional Application No. 
61/889,894 filed Oct. 11, 2013, the disclosures of all of 
which are incorporated by reference herein in their entirety. 


TECHNICAL FIELD 


[0002] The present invention relates generally to renew- 
able energy, and more particularly to methods and apparatus 
for extracting energy from subsurface electrical fields 
beneath the earth’s surface. 


BACKGROUND 


[0003] The earth and the ionosphere cavity may be viewed 
as a global electric circuit. Electrical currents are constantly 
flowing within the earth and its atmosphere. Within the 
earth, the majority of the earth’s energy is carried by 
extremely low frequency (ELF) and ultralow frequency 
(ULF) waves in the 0-200 Hz frequency range. The earth’s 
rotating magnetic field and positive lightning are two energy 
sources that sustain the ELF/ULF waves within the earth and 
the atmosphere. 


[0004] A great deal of research has been devoted to 
studying the electric field present in the earth’s ionosphere 
cavity. Joseph M. Crawley, the “Fair Weather Atmosphere as 
a Power Source”, Proceedings ESA Annual Meeting on 
Electrostatics 2011; O. Jefimenko, “Operation of Electric 
Motors from Atmospheric Electric Field,” American Journal 
of Physics, Vol. 39, Pgs. 776-779, 1971; M. L. Breuer, 
“Usability of Tapping Atmospheric Charge as a Power 
Source,” Renewable Energy, Vol. 28, Pgs. 1121-1127, 2003. 
Numerous attempts have been made in the past to extract 
electrical energy from the earth’s atmosphere. For example, 
U.S. Pat. No. 1,540,998 to Plauson describes a system for 
converting atmospheric electrical energy into usable power. 
These past attempts have been successful in producing only 
small amounts of power from the electrical field in the 
earth’s ionosphere cavity. The modest success of these 
experiments compared to results from other renewable 
energy sources, such as solar and wind, has tempered further 
research and prevented widespread use of the electric field 
in the ionosphere cavity as an energy source. 


SUMMARY 


[0005] The present invention relates to a power receiver 
for extracting power from electric fields beneath the earth’s 
surface. In embodiments of the present disclosure, a reso- 
nant transformer connected to a ground terminal draws 
current from the earth’s electric field through the primary 
winding of the transformer. Current flow through the reso- 
nant transformer is induced by applying a high voltage 
impulse to the primary winding. The flow of current through 
the primary winding of the resonant transformer induces a 
current in the secondary winding, which may be converted 
and filtered to a usable form, e.g. 60 Hz AC or DC. 
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[0006] In some embodiments of the power receiver, the 
resonant frequency of the resonant transformers is below 
200 Hz. 

[0007] In some embodiments of the power receiver, the 
resonant transformer comprises a ferro-resonant trans- 
former. 

[0008] In some embodiments, the power receiver further 
comprises an elevated terminal. 

[0009] In some embodiments of the power receiver, the 
primary winding of the resonant transformer is connected 
between the ground terminal and elevated terminal. 

[0010] In some embodiments of the power receiver, the 
elevated terminal comprises an upper capacitive plate 
coupled to the earth’s ionosphere cavity. 

[0011] In some embodiments of the power receiver, the 
impulse generator comprises the upper capacitive plate and 
a spark gap connected between the upper capacitive plate 
and the primary winding of the resonant transformer. The 
spark gap comprises a pair of electrodes separated by a gap 
and configured to generate a spark when a voltage difference 
between the electrodes reaches a predetermined level. 
[0012] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generat- 
ing low voltage pulses, a step-up transformer for converting 
the low voltage pulses provided by the pulse generator to 
high voltage impulses, and a spark gap connected between 
the step-up transformer and the primary winding of the 
resonant transformer to generate a spark responsive to the 
high voltage impulses from the step-up transformer. 

[0013] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generat- 
ing low voltage pulses, and a step-up transformer connected 
to the primary winding of the resonant transformer for 
converting the low voltage pulses provided by the pulse 
generator to high voltage impulses. 

[0014] In some embodiments of the power receiver, the 
impulse generator comprises a solid state spark generator. 
[0015] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in par- 
allel with the primary winding. 

[0016] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in series 
with the primary winding between the impulse generator and 
the elevated terminal. 

[0017] In some embodiments, the power receiver com- 
prises multiple resonant transformers having primary wind- 
ings connected in parallel between the ground terminal and 
the elevated terminal. 

[0018] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0019] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 

[0020] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 


[0021] Another embodiment of the power receiver com- 
prises a resonant circuit connected to a ground terminal 
disposed below the surface of the earth, an impulse genera- 
tor for generating and applying a high voltage electrical 
impulse to the resonant circuit to induce current flow from 
the ground terminal through the resonant circuit, and a 
power conversion circuit connected to the resonant circuit to 
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convert electrical current flowing through the resonant cir- 
cuit to a desired form. The resonant circuit has a resonant 
frequency below 200 Hertz. 

[0022] In some embodiments of the power receiver, the 
resonant circuit comprises a resonant transformer having a 
primary winding, a secondary winding, and resonant capaci- 
tor connected in series with the primary winding. 

[0023] In some embodiments of the power receiver, the 
resonant circuit comprises multiple resonant transformers 
having primary windings connected in parallel to the ground 
terminal. 

[0024] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0025] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 

[0026] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 

[0027] Other embodiments of the disclosure comprise a 
ground terminal for a power receiver. In one embodiment, 
the ground terminal comprises a ground shaft configured for 
insertion beneath the surface of the earth, a hollow cylinder 
surrounding the ground shaft and having a plurality of 
openings, and a plurality of ground wires connected at one 
end to the ground shaft. The ground wires are wound around 
the ground shaft and have free ends protruding through 
respective openings 1n the hollow shaft so that rotation of the 
ground shaft relative to the hollow cylinder causes the 
ground wires to extend radially into the earth. 

[0028] Other embodiments of the disclosure comprise 
methods of extracting power from the earth. In one embodi- 
ment, the method comprises applying a high voltage impulse 
to resonant circuit coupled to a ground terminal disposed 
beneath the surface of the earth to initiate resonance in the 
resonant circuit and induce the flow of current from the 
ground terminal to the resonant circuit, and converting the 
current flowing from the ground terminal into the resonant 
circuit into a useful form. 

[0029] In some embodiments of the method, the resonant 
circuit comprises a resonant transformer including a primary 
winding coupled to the ground terminal and a second 
winding coupled to a power converter, and applying a high 
voltage impulse to resonant circuit comprises applying a 
high voltage impulse to the primary winding of the resonant 
transformer. 

[0030] In some embodiments of the method, applying a 
high voltage impulse to the primary winding of the resonant 
transformer comprises applying an impulse in the range to 
10,000 to 40,000 volts to primary winding of the trans- 
former. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0031] FIG. 1 illustrates a first exemplary embodiment of 
a power receiver. 

[0032] FIG. 2 illustrates a second exemplary embodiment 
of a power receiver. 

[0033] FIG. 3 illustrates a third exemplary embodiment of 
a power receiver. 

[0034] FIG. 4 illustrates a fourth exemplary embodiment 
of a power receiver. 

[0035] FIG. 5 illustrates a fifth exemplary embodiment of 
a power receiver. 
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[0036] FIG. 6A is an exploded perspective view of an 
exemplary ground antenna array for the power receiver. 
[0037] FIG. 6B is a perspective view of an assembled 
ground antenna array before being deployed. 

[0038] FIG. 6C is a perspective view of an assembled 
ground antenna array after being deployed. 

[0039] FIG. 7A is a side view of an insertion tool for 
installing the ground antenna array. 

[0040] FIG. 7B is a top view of the insertion tool for 
installing the ground antenna array. 

[0041] FIG. 7C is a bottom view of the insertion tool for 
installing the ground antenna array. 


DETAILED DESCRIPTION 


[0042] Referring now to the drawings, a power receiver 
for extracting energy from the earth’s electric field are 
illustrated and indicated generally by the numeral 10. Vari- 
ous embodiments of the power receiver 10 are described and 
similar reference numbers are used throughout the descrip- 
tion to indicate similar components. 

[0043] The power receiver 10 converts energy in the 
ELF/ULF waves to useful form, e.g. 60 Hz AC or DC. The 
power receiver 10 is essentially a resonance circuit that 
resonates at the natural resonance frequencies in the earth’s 
electric field. These resonance frequencies, known as Schu- 
mann resonance frequencies, occur at 7.83 Hz, 14.3 Hz, 20.8 
Hz, 27.3 Hz, and 33.8 Hz. A high voltage impulse initiates 
resonance within the power receiver 10. In the resonant 
mode, the impedance of the power receiver 10 is reduced to 
near zero thus inducing ground currents to flow into the 
power receiver 10 where the ground currents are converted 
to useful form. 

[0044] FIG. 1 illustrates a first embodiment of the power 
receiver 10. The power receiver 10 comprises a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. In this embodiment, the elevated 
terminal 15 is capacitively coupled to electric fields within 
the earth’s ionosphere cavity and functions as an upper 
capacitive plate. A lower capacitive plate 20 is connected to 
the ground terminal 25 beneath the surface of the earth. 
[0045] The resonant transformer 30 comprises a primary 
winding 35, secondary winding 40, ferromagnetic core 45, 
and capacitor 50. One end of the primary winding 35 is 
connected to the lower capacitive plate 20 and ground 
terminal 25. The opposite end of the primary winding 35 is 
connected via a spark gap 90 to the elevated terminal 15. The 
capacitor 50 is connected in parallel with the primary 
winding 35 of the resonant transformer 30 to form an LC 
circuit 55 with a resonance frequency range of between 
about 0.1 and 200 Hz. In a preferred embodiment, the 
resonant transformer has a Q of about 10 or greater and 
resonance frequency in the range of about 0.1 -200 Hertz. 
For example, the resonant transformer 30 may have a 
resonance frequency of about 7.83 Hz, the fundamental 
Schumann resonance frequency. The secondary winding 40 
of the resonant transformer 30 is connected to a power 
converter 110 as will be hereinafter described in greater 
detail. The power converter 110 converts the energy 
extracted from the earth’s electric field by the power 
receiver 10 into a usable form for driving a load 140. 
[0046] The elevated terminal/upper capacitive plate 15 
comprises an insulated, dish-shaped plate with a large radius 
of curvature. The capacitance and resistance of the elevated 
terminal is chosen for receiving broadband electric field 
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frequencies in the 0-200 Hz range. The upper capacitive 
plate 15 is sized to maximize to the extent practical coupling 
with the electric field in the earth’s ionosphere cavity. 
[0047] The lower capacitive plate 20 is also a dish-shaped 
plate with a large radius of curvature. One function of the 
lower capacitive plate 20 is to collect charge from the earth’s 
ground currents and provide an instantaneous source of 
current as hereinafter described. The capacitance and resis- 
tance of the lower capacitive plate 20 is selected to promote 
the flow of current from the ground with minimal losses. 
[0048] The spark gap 90 connected between the elevated 
terminal 15 and resonant transformer 30 comprises a pair of 
electrodes 95, 100 separated by an evacuated air gap 105. 
Electrode 95 is connected to the upper capacitive plate 15. 
Electrode 100 is connected to the resonant transformer 30. 
The spark gap 105 prevents electrical discharge from the 
upper capacitive plate 15 to the earth’s ionosphere cavity. 
The spark gap 90 in combination with the elevated terminal 
15 function as an impulse generator that applies a high 
voltage impulse of about 10,000-40,000 volts to the primary 
winding 35 to initiate resonance in the transformer 30. 
[0049] In operation, the capacitive coupling of the upper 
capacitive plate 15 induces a high voltage operating current 
in the upper capacitive plate 15. The upper capacitive plate 
is connected to a first electrode 95 to the spark gap 90. When 
the voltage difference between the electrodes 95 and 100 
reaches a threshold, a spark forms across the electrodes 
95,100 and a high voltage impulse is applied to the primary 
winding 35 of the resonant transformer 30. This high voltage 
impulse initiates resonance within the transformer 30. 
[0050] In resonant mode, the impedance of the resonance 
transformer is reduced to nearly zero allowing current to 
flow from the capacitive plate 20 and ground terminal 25 
through the primary winding 35 of the transformer 30, which 
in turn induces current in the secondary winding 40. Power 
converter 110 converts the current flowing through the 
secondary winding 40 into a usable form for driving a load 
140. The transformer 30 will continue to resonate for a short 
period of time. By providing high voltage impulses to the 
primary winding 35 of the resonant transformer 30 at 
periodic intervals, it is possible to maintain a continuous 
flow of current from the earth into the resonant transformer 
30, thus producing a continuous supply of power. 


[0051] FIG. 2 discloses a second embodiment of the 
primary receiver 10. This embodiment includes a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. The resonant transformer 30 com- 
prises a primary winding 35, secondary winding 40, ferro- 
magnetic core 45 and a high voltage capacitor 50. One end 
of the primary winding 35 is connected to the ground 
terminal 25. The opposite end of the primary winding 35 is 
connected to the elevated terminal 15. The capacitor 50 has 
a capacitance of about 0.01 micro-farads. In contrast to the 
previous embodiment, capacitor 50 is connected in series 
with the primary winding 35 and elevated terminal 15 and 
forms a LC circuit 55 with a Q of about 10 or greater and a 
resonance frequency in the range of about 0.1 to 200 Hz. In 
a preferred embodiment, the resonance frequency of the 
transformer 30 is 7.83 Hz, the fundamental Schumann 
resonance frequency. An impulse generator 60 is connected 
between the primary winding 35 of the resonant transformer 
30 and the series capacitor 50 and applies a high voltage 
impulse to the primary winding 35 of the resonant trans- 
former 30. A battery 130 or other external power source 
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supplies power to the impulse generator 60. As previously 
described, the high voltage impulse applied by the impulse 
generator 60 initiates resonance within the resonant trans- 
former 30 inducing current flow from the ground terminal 25 
into the primary winding 35 of the resonant transformer 30. 
The flow of current from the ground terminal 25 through the 
primary winding 35 induces current in the secondary wind- 
ing 40. Power converter 110 converts the electrical energy in 
the current flowing through the primary winding 40 into a 
usable form. 

[0052] In contrast to the first embodiment, it is not 
required to capacitively couple the elevated terminal 15 in 
the second embodiment to the earth’s ionosphere cavity. 
Rather, the elevated terminal 15 in this embodiment pro- 
vides lightning protection and dissipates some of the energy 
flowing into the power receiver 10 to the earth’s ionosphere 
cavity. Also, in contrast to the first embodiment, the capaci- 
tor 50 is connected in series between the primary winding 35 
of the transformer 30 and the elevated terminal 15. Those 
skilled in the art will appreciate that the capacitor 50 could 
also be connected in parallel rather than series with the 
primary winding 35 as shown in FIG. 1. Another difference 
is that the impulse generator 60 has an external power 
source. The amount of energy generated by the power 
receiver 10, however, is far greater than the energy needed 
to generate high voltage impulses. The first embodiment 
does not require an external power source to generate high 
voltage impulses. 

[0053] FIG. 3 illustrates a third embodiment of the power 
receiver 10. This embodiment is essentially the same as the 
embodiment shown in FIG. 2. The main difference is that a 
center tap of the primary winding 35 in the resonant trans- 
former 30 is connected to an electrical ground 85. It should 
be appreciated that the electrical ground 85 may be different 
than the earth ground. When the center tap of the resonant 
transformer 30 is grounded at a distance away from the 
ground terminal 25 (e.g. 50 ft to 100 ft), the power receiver 
10 becomes a transmitter via the ground loop formed. 
[0054] FIG. 4 illustrates the power receiver 10 of FIG. 2 
in greater detail. The power receiver includes a resonant 
transformer 30 connected between a ground terminal 25 and 
an elevated terminal 15. The ground terminal 25 may 
comprise a Ys-inchx8-foot copper ground rod, such as the 
ERICO 615880UPC. The elevated terminal 15 may com- 
prise a 90% copper mesh formed into a hemisphere with a 
radius of about 9 inches. The elevated terminal 15 may be 
elevated at a height of approximately 6 feet above the 
ground. 

[0055] The resonant transformer 30 includes a primary 
winding 35, secondary winding 40, ferromagnetic core 45 
and series capacitor 50 configured as previously described. 
The resonant transformer 30 may have a Q of about 10 and 
a resonance frequency in the range of about 0.1 to 200 Hz. 
The resonant transformer 30 may be made using an Allanson 
transformer (part #1530BP120R) connected in series with a 
0.01 micro-farad capacitor, such as the Condensor Products 
high voltage capacitor (part FTC 103-17-125). The resonant 
transformer 30 is used in a step-down configuration. The 
center tap of the resonant transformer 30 may optionally be 
connected to a ground. 

[0056] An impulse generator 60 is connected between the 
primary winding 35 of the resonant transformer 30 and the 
series capacitor 50 and applies a high voltage impulse in the 
range of about 10,000 to 40,000 volts to the primary winding 
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of the transformer 30. A battery 130 or other external power 
source supplies power to the impulse generator 60. The 
power converter 110 connects to the secondary winding 40 
of the resonant transformer 30 for converting current in the 
secondary winding of the transformer to a useful form. 
[0057] The impulse generator 60 comprises a pulse gen- 
erator 65 for generating low voltage pulses, a step-up 
transformer 80 for converting the low voltage pulses from 
the pulse generator 65 to high voltage pulses, and a spark 
gap 90 for generating sparks responsive to the high voltage 
pulses from the step-up transformer 80. 

[0058] The pulse generator 65 comprises a square wave 
generator 70, such as a Sinometer VC2002 function signal 
generator, and solid state relay 75. The square wave gen- 
erator 70 generates a digital pulse stream. In one embodi- 
ment, the digital pulse stream generates a square waveform 
with a frequency of about 7.83 Hz. The frequency of the 
digital pulse stream is selected to match the resonance 
frequency of the transformer 30, though such is not neces- 
sarily required. The pulse stream output from the square 
wave generator 70 is applied to the solid state relay 75. The 
solid state relay 75 is connected between a battery or other 
power source and a first winding of the step-up transformer 
80. The battery may comprise a 12 V, 7.0 A/H sealed lead 
acid battery, such as the ELB 1270A by Lithonia Lighting. 
The solid state relay 75 functions as a switch that is activated 
responsive to the waveform from the square wave generator 
70 to provide a continuous stream of low voltage pulses 
from the battery to the first winding of the step-up trans- 
former 80. A 1 ohm resistor is connected between the solid 
state relay 75 and step-up transformer 80. 

[0059] The step-up transformer 80 may comprise a 
Transco 15 kV, 30 mA neon sign transformer (part # 
S15612). The step-up transformer 80 converts the low 
voltage pulses from the pulse generator 65 to high voltage 
pulses that are applied to the spark gap 90. The step-up 
transformer has a 0.5 micro-farad capacitor connected in 
parallel with the primary winding of the step-up transformer 
80. The step-up transformer produces pulses at the output of 
about 30,000 to 40,000 volts. 

[0060] The spark gap 90 comprises a pair of electrodes 95, 
100 separated by an air gap 105. A suitable spark gap 
electrode pair is the Information Unlimited SPARKOS 1⁄4- 
inchxl-inch tungsten electrodes. As previously described, 
when the voltage potential between the electrodes 95, 100 
reaches a threshold, a spark forms between the electrodes 
95, 100 and supplies a nearly instantaneous, high voltage 
impulse to the primary winding 35 of the resonant trans- 
former 30. This high voltage impulse initiates resonance in 
the resonant transformer 30 inducing current flow from the 
ground terminal 25 through the primary winding 35 of the 
resonant transformer 30. 

[0061] The power converter 110 comprises a bridge rec- 
tifier 115, filter capacitor 120, charge controller 125, and 
inverter 135. A suitable rectifier is the Micro Commercial 
Components 10 amp, 1000 volt bridge rectifier (Part #GBJL 
1010). The bridge rectifier 115 converts the AC current 
flowing through the secondary winding 40 of the resonant 
transformer to a DC current. A filter capacitor 120 removes 
unwanted frequencies from the DC current. A suitable 
capacitor 120 is Cornell Dubilier 1000 uF 450 VDC capaci- 
tor (part #383L.X102M450N082). The filter capacitor 120 
has a capacitance of about 1000 micro-farads. The DC 
current is input to the charge controller 125. The charge 
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controller 125 may, for example, comprise a maximum 
power point tracking (MPPT) charge controller, such as a 
Tracer 4215 BN MPPT Solar Charge Controller, which is 
commonly used in solar power generating systems. The 
charge controller 125 applies a small amount of energy to a 
battery 30 to charge the battery 130. As previously noted, the 
battery 130 serves as a power source for the impulse 
generator 60. The remaining current is supplied to an 
inverter 135, which converts the DC current to an AC 
current with a desired voltage and frequency, e.g., 120 
volts/60 Hz AC. A suitable inverter 135 is the 1500 W Pure 
Sine power inverter (AIMS) (part # PWRI1500125). The 
power converter 110 as shown in FIG. 4 may be utilized in 
the embodiment shown in FIGS. 1, 2 and 3. 

[0062] FIG. 5 illustrates a power receiver 10 according to 
another embodiment. The power receiver 10 comprises a 
plurality of resonant transformers 30 connected between a 
ground terminal 25 and elevated terminal 15. Each of the 
resonant transformers 30 comprises a primary winding 35, 
secondary winding 40, ferromagnetic core 45 and series 
capacitor 50. The primary windings 35 of the resonant 
transformers 30 are connected in parallel. The secondary 
windings 40 are connected in series with the power con- 
verter 110. An impulse generator 60 applies a high voltage 
impulse to the primary windings 35 of the resonant trans- 
formers 30. A battery 130 or other external power source 
supplies power to the impulse generator 60. The power 
converter 110 converts the current in the power converter 
circuit to a usable form for driving a load 140. 

[0063] In one embodiment, each of the resonant trans- 
formers 30 shown in FIG. 5 is configured to have a different 
resonant frequency. In one embodiment, the resonant trans- 
formers 30 are configured to resonate at frequencies of 7.83 
Hz, 14.8 Hz, 20.3 Hz and 26.8 Hz respectively. Additional 
resonant transformers 30 could be added to operate at other 
resonance frequencies. 

[0064] FIGS. 6A-6C illustrate a high quality ground 
antenna array 200 which may be used as a ground terminal 
25. The ground antenna array 200 comprises a generally 
cylindrical ground shaft 205 disposed with a hollow cylinder 
220 and a plurality of reinforced, heavy gauge ground wires 
210 attached at one end to the ground shaft 205. The ground 
shaft 205 and ground wires 210 should be highly conductive 
and have low resistance to supply current from the ground 
to the power receiver 10. In one embodiment, the ground 
wires 210 may be copper or other highly-conductive metal. 
The end of the ground shaft may be pointed to facilitate 
insertion into the earth. A connection port on the ground 
shaft 220 is provided to electrically connect the ground 
antenna array 220 to the resonant transformer 30. 

[0065] The hollow cylinder 220 has external threads 25 to 
facilitate insertion into the ground. A rotator nut 235 is 
fixedly secured to the top end of the hollow shaft 220. A 
square shaft 215 protrudes from the top end of the ground 
shaft 205 into the opening in the rotator nut 235. FIG. 6B. 
A tool 250, shown in FIG. 7, engages with the rotator nut 
235 and square shaft 215 during insertion of the ground 
antennas array 200 into the ground as will be hereinafter 
described. 

[0066] The insertion tool 250 is shown in FIG. 7. The 
insertion tool 250 includes a tool body 255 having a first 
socket 260 on one side to fit the rotator nut 235 on the hollow 
cylinder 220 and a second socket 265 on the other side to fit 
the square shaft 215 on the ground shaft 205. Arms 270 
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extend from the outer periphery of the tool body 255 for 
manually or mechanically turning the insertion tool 250. 
[0067] Before the antenna array 200 is deployed, the 
ground wires 210 are wound around the ground shaft 205 
with the free ends protruding slightly from respective open- 
ings 230 in the hollow cylinder 220 to a distance not to 
exceed one half (1⁄2) the depth of the external threads 225 on 
the hollow cylinder 220. FIG. 6B illustrates the ground 
antenna array 200 before deployment. FIG. 6C illustrates the 
ground antenna array in a deployed configuration. 
[0068] Installation of the ground antenna array 200 is 
performed in two stages. In the first stage, a hole slightly 
smaller in diameter than the threads 235 of the hollow 
cylinder 220 is drilled into the Earth to a depth matching the 
length of the hollow cylinder 220 or slightly longer. The hole 
is filled with water and the water is allowed to soak into the 
soil. After the ground is softened, the hollow cylinder 220 is 
rotated using the insertion tool 250 to insert the ground 
antenna array 200 into the ground. The first socket 260 of the 
insertion tool 250 is engaged with the rotator nut 230 and the 
insertion tool 250 is turned by hand or a mechanized rotating 
shaft fitted and attached to the tool arms 270 to thread the 
ground assembly into the hole. During the initial insertion of 
the ground antenna array 200, the ground shaft 205 is fixed 
to the hollow shaft 220 and rotates with the hollow shaft. 
The hollow cylinder 220 is rotated until it reaches the full 
depth of the hole. 
[0069] Once the ground antenna array 200 has been fully 
inserted into the earth, the insertion tool 250 is flipped over 
and the second socket 265 of the insertion tool 250 is 
engaged with the square shaft 215. The insertion tool 250 is 
turned by hand or a mechanized rotating shaft fitted and 
attached to the tool arms 270 to rotate the ground shaft 205. 
During the second phase, the ground shaft 205 rotates freely 
inside the hollow cylinder 220. Rotation of the ground shaft 
205 causes the reinforced ground wires 210 to extend 
radially into the earth. The ground shaft 220 is rotated until 
the ground wires are fully extended. The ends of the ground 
wires may be sharpened to aid in the extension of the ground 
wires during the second phase. 
[0070] After the ground antenna array 200 is deployed, a 
connection cable 280 is attached to a connection port 240 on 
the ground shaft 220 to electrically connect the ground 
antenna array 220 to the resonant transformer 30 in the 
power receiver 10. 
What is claimed is: 
1. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 
a resonant transformer connected to a ground terminal 
disposed below the surface of the earth; 
an impulse generator for generating and applying a high 
voltage electrical impulse to a primary winding of the 
resonant transformer to induce current flow from the 
ground terminal through the primary winding of the 
transformer; and 
a power converter connected to a secondary winding of 
the resonant transformer to convert an alternating cur- 
rent flowing through the secondary winding to a direct 
current. 
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2. The power receiver of claim 1 wherein a resonant 
frequency of the resonant transformers is below 200 Hz. 

3. The power receiver of claim 1 wherein the resonant 
transformer comprises a ferro-resonant transformer. 

4. The power receiver of claim 1 wherein the impulse 
generator comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer 
and the primary winding of the resonant transformer to 
generate a spark responsive to the high voltage 
impulses from the step-up transformer. 

5. The power receiver of claim 1 wherein the impulse 

generator comprises a solid state spark generator. 

6. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in parallel with 
the primary winding. 

7. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in series with the 
primary winding. 

8. A method of extracting electrical energy from the 
earth’s electric field, the method comprising: 


applying a high voltage electrical impulse to a primary 
winding of a resonant transformer connected to a 
ground terminal disposed below the surface of the earth 
to induce current flow from the ground terminal 
through the primary winding of the transformer; and 


converting an alternating current flowing through a sec- 
ondary winding of the resonant transformer to a direct 
current. 


9. The method of claim 8 wherein a resonant frequency of 
the resonant transformers is below 200 Hz. 

10. The method of claim 8 wherein the resonant trans- 
former comprises a ferro-resonant transformer. 

11. The method of claim 8 wherein the impulse generator 
comprises: 


a pulse generator for generating low voltage pulses; 


a step-up transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer 
and the primary winding of the resonant transformer to 
generate a spark responsive to the high voltage 
impulses from the step-up transformer. 

12. The method of claim 8 wherein the impulse generator 

comprises a solid state spark generator. 

13. The method of claim 8 wherein said resonant trans- 
former includes a capacitor connected in parallel with the 
primary winding. 

14. The method of claim 8 wherein said resonant trans- 
former includes a capacitor connected in series with the 
primary winding. 


Diodes 
Back to the index 
Which diode can I use best in my crystal receiver? 


Maybe you think a diode with a voltage drop as low as possible, then also small signals at the detector circuit are 
detected. 

But diodes with a low voltage drop, also have a high reverse current (leaking current), this will load the detector 
circuit heavier, the Q of the detector circuit reduces, and with that also the voltage across the LC circuit. 

At a lower input voltage the diode will give much more losses, and it can happen that despite the lower voltage 
drop of the diode, you have less voltage at the load resistor. 

Besides that, reduction of circuit Q will also gives a less selective receiver. 


For every 20 mV less voltage drop, the reverse current will approximately double. 


Germanium, silicon, en schottky diodes. 

Depending on the material they are made from, we can distinguish germanium diodes, silicon diodes and 
schottky diodes. 

There are some more types, which are not discussed here. 


Silicon diodes have the highest voltage drop (about 0.5 Volt) and are for this reason not very useable for crystal 
receivers. 
Unless we use a small DC bias current, which brings the diode already a little bit in conduction. 


Germanium diodes have a low voltage drop (about 0.1 - 0.2 Volt) and are often used in crystal receivers. 

The properties like voltage drop and reverse current can vary a lot between two germanium diodes of the same 
type. 

In practice we can best test several germanium diodes in our receiver and then choose the best. 

The diode resistance RD of germanium diodes is most times rather low, and only useable in crystal receivers 
with a low Q (low sensitivity and low selectivity). 

For high performance receivers, we can better use a suitable schottky diode. 


Schottky diodes have a voltage drop of about 0.25 Volt. 
The differences in properties between two diodes of the same type are often small. 
Schottky diodes with the correct resistance RD are very useable in high quality crystal receivers. 


The given voltage drop is normally measured at a forward current of about 1 mA. 

Also if we measure the voltage drop of a diode with a multimeter, the test current shall be about 1 mA. 

But also below this voltage drop the diode can conduct current, and can rectify a RF (radio frequency) signal. 
Only the current through the diode is then much smaller. 

When receiving very weak stations, the current through the diode can be e.g. only 10 nA. 

At such a low current, the voltage drop of the diode is also much lower then at 1 mA. 


Detected voltage as function of the input voltage 
If we rectify a RF signal with a diode we can distinguish two situations. 


Situation 1: Rectifying in the linear region 

If the input voltage is high enough (well above the voltage drop of the diode at 1 mA), the output voltage of the 
diode will be about proportional to the input voltage. 

So double input voltage, gives about double output voltage. 


The output voltage 1s almost equal to the peak value of the input voltage. 
The power losses in the diode are in this region very low compared to the rectified power. 


Situation 2: Recifying in the square law region 

If the input voltage is low, lower then the voltage drop of the diode (at 1 mA) then the situation is completely 
different. 

The input of the diode behaves for the RF signal like a resistor with value RD. 

The output of the diode behaves like a DC voltage source in series with a resistor, the value of this resistor is 
also equal to RD. 

The value of the DC voltage source is square law related to the amplitude of the RF input signal. 

So double input voltage, gives 4 times as much detected DC voltage at the output 

In the square law region the output voltage of the diode will be much lower then the input voltage, the diode 
gives much power loss between input and output. 

The lower the input voltage, the higher the losses. 

The higher the input voltage, the lower the diode losses. 

When further increasing the diode input voltage, we gradually come into the linear detection region. 

When receiving weak stations, detection takes place in the square law region. 


Between the linear and square law region, there is a region not linear, and not square law but somewhere in 


between. 
This region 1s not discussed here. 


Equivalent circuit of a diode at low input voltages. 


Via this link you find a measurement on several schottky diodes, which shows detection in the square law region 
takes place at input voltages below 200 mVpp. 


Diode resistance RD. 

At zero voltage, diodes have a certain resistance. 

This resistance at zero Volt we call RD. 

The lower the reverse leaking current of the diode, the higher resistance RD. 

When detecting small signals (in the square law region) the input of the diode also behaves like a resistor with 
value RD. 


But how do we know the RD of a diode? 
We can calculate it with the formula: 
formula 1: RD = 0.000086171 x nx TK / Is 


RD = diode resistance at zero Volt (unit: Ohm) 

n = ideality factor, the lower this factor the better, between 1.0 and 1.1 1s a very good value. 
TK = temperature in Kelvin (= temperature in °C + 273) 

Is = saturation current (unit: A) 

x = multiply 


The values of n and Is can (Sometimes) be found in the diode datasheet. 


In the following table some types of schottky diodes, with the values for n, Is and Rd, the maximum reverse 
voltage and the diode capacitance at zero voltage. 


the input rfc is only a 10 wH (Miller #4612) choke. For lower 
frequency use, a 1 mH rfc is recommended. Also, a carbon 2,000 
ohm resistor might be just as good, but it was not tried. 

The rectifier diode may be any silicon diode except small- 
signal types. The lowest voltage- and current-rated axial-lead 
diode will do. Other values of electrolytic capacitors than those 
lised may be used as long as the capacitance values are reasonably 
high and the voltage rating exceeds the voltage source by a factor of 
two. 

An ac tap across one of the tubes in the rig is the source of the 
12.6 V ac. This was convenient. If 9 to 12 V dc is available from 
other points of the associated circuit, use it. Omit the rectifier 
diode, but retain the filter to reduce hum. 

Current drain is less than .5 mA. A 9 V battery could be used 
instead of the ac source, and filtering could be left out. The battery 
would last a long time. 

All small parts, including those of the rectifier-filter system, 
fit easily on a 2” x 1%” PC board. 

The PC board is not an etched-copper board, but a “PC-style” 
board using Circuitstik stick-on wiring elements. The system 
consists of pre-made circuit elements such as for transistors, ICs, 
multi-element connections, wire strips, etc. These have adhesive 
backs and a protective backing over that. Their board is glass 
epoxy with perforated holes in a grid with .1” spacing. The hole 
Spacing matches that of the circuit elements. A circuit is made by 
stripping the protective backing from the circuit pieces and apply- 
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reverse voltage 


To decrease the value RD, we can connect more diodes in parallel, with two the same diodes parallel the value of 
RD shall halve. 
With 3 diodes parallel, the value of RD shall be divided by 3 etc.. 


Diode resistance when using bias current. 

We can decrease the value of RD by sending a small DC bias current (e.g. 0.1 uA) in forward direction through 
the diode. 

The higher the bias current, the lower RD will be. 

With the following formula we can calculate the diode resistance RD, when we make use of a DC bias current. 


Formula 2: RD=0.000086171 x n x TK /(Ib + Is) 


RD= diode resistance at certain DC bias current Ib (unit: Ohm) 
n= ideality factor of the diode 

TK = Temperature in Kelvin (= temperature in °C + 273) 

Ib= DC bias current through the diode in A 

Is =saturation current of the diode in A 


A diode with a certain RD value at a certain bias current, gives the same receiving performance as a diode 
without bias current with the same RD. 


Influence of temperature on "saturation current: Is" 

The saturation current (Is-value) is strongly depending on temperature. 

A temperature increase of 1 °C will increase the Is value by about 7 %. 

In datasheets, the Is value is most times given at 25 °C. 

If the diode temperature is not 25 °C, but another value "T", then we must multiply Is with a factor 1.07(T-25). 
T = diode temperature 

“= raise to the power of 


Ideality factor n 

The ideality factor n of a diode indicates how good the diode performs with regard to an ideal diode. 
A (not existing) ideal diode has a value of n=1. 

At low input signals, the maximum available detected output power is proportional to 1/n. 

So doubling the n will halve the output power (this only applies at weak signals). 


Diode capacitance 
Between the two connections of the diode there will be a certain capacitance (capacitor value), when this 
capacitance is fairly high (e.g. 10 pF) the tuning range at high frequencies is limited. 


At increasing reverse voltage across the diode the capacitance will reduce, also the detected voltage in a crystal 
receiver 1s such a reverse voltage. 

Through this, the frequency of the circuit can shift upwards when receiving strong signals. 

On the next page: experiments with a detector unit you find in table 3 a measurement about the frequency shift. 


Measuring the Is value of a diode. 


We can measure the Is value of a diode as follows: 
Send a small current through the diode, the value of this current (ID) must be about 1 A. 
Measure the voltage across the diode (VD). 


Circuit diagram for measuring the Is value of a diode. 
The voltage across the diode 1s about 0.2 Volt. 
The voltage across the resistor is about 10 Volts, so the current is about 1 uA. 


The voltmeter must have a resistance of at least 10 MQ. 
The 100 nF capacitor reduces the influence of radio signals and hum on the 
measurement. 


Calculate Is with the formula: 
formula 3: Is = ID / (e^ (VD /(0.0257xn))-1) 


Is = saturation current of the diode in nA 

ID = current through the diode in nA, (1 uA = 1000 nA) 

e = base of the natural logarithms, this is about 2.718 

“= raise to the power of 

VD = voltage across the diode in Volt 

n = ideality factor of the diode, if you don't know this value, take for instance: n= 1.08 


More information about measuring the Is you can find on the website of Ben Tongue , in his articles number 4 
and 16. 


I measured the Is value of several diodes, and calculated the diode resistance RD. 
Also some European germanium types are measured. 
Several diodes are measured of the type OA95 and AA119 
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2/2/2019 Diodes for crystal receivers 


OA95 #1 (germanium) [0.0272 600 45 
OA95 #2 0.0221 821 33 
OA9S #3 0.0271 604 45 


The HSMS282K is the same as the HSMS2820, only the HSMS282K has 2 equal diodes in one package. 


The Is value of the HSMS282K, the HSMS286K and the 5082-2835 is lower than the value in the datasheet, this 
has also been noticed by other people. 

Ben Tongue wrote me, that the Is value of the 5082-2835 has been reduced over the years by the manufacturer. 
Also temperature has big influence, I measured at 18 °C, in datasheets the Is value is given at 25 °C. 

A increase from 18 °C to 25 °C will increase the Is by 60 %. 


Back to the index 
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[57] ABSTRACT 


A defense system wherein a radar intercepts and fol- 
lows a target and includes an antenna array and a low 
level source of microwave energy for exciting the ele- 
ments of the array to produce radar returns and define 
the path. A microwave storage reservoir is supplied 
upon demand with high energy microwave energy and 
is coupled to microwave feed channels leading to the 
elements of the antenna array. Microwave dump 
switches at the juncture of the channels and the reser- 
voir control flow of energy from the reservoir. Control 
means responsive at least in part to the presence of 
returns periodically actuate the dump switches for flow 
of microwave energy from the reservoir to the target 
via the antenna array. 


9 Claims, 5 Drawing Figures 
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i 
HIGH ENERGY MICROWAVE DEFENSE SYSTEM 


This invention relates to the utilization of high energy 
electromagnetic waves, and more particularly to a 
method and system for accumulating and releasing high 
energy electromagnetic waves in a medium such as the 
earth’s atmosphere. 

In national defense, expenditures of time and money 
are being made in the area of ballistic missiles defenses. 
One purpose is to provide a defense system specifically 
directed to destruction of enemy missiles during flight 
long before a target is reached. The high cost of such 
systems is occasioned by the necessity of propelling and 
guiding a physical mass along a path at such speeds as to 
enable it to collide with or otherwise destroy an enemy 
missile in flight. 

The present invention avoids much of the difficulty 
encountered in such systems by generating and focusing 
electromagnetic energy of high intensity to a target to 
impact the target with electromagnetic energy traveling 
at the speed of light. Radar systems heretofore have 
been developed for locating bodies traveling at high 
speeds through the earth’s atmosphere and tracking 
them. Radars are highly developed and provide reliable 
information which in an early warning sense heralds the 
approach of missiles, for example, and provides data to 
define the path and identify the target point. — 

The present invention is provided to operate in con- 
junction with a radar system to generate and store a 
high quantity of electromagnetic energy and then to 
dump such energy from storage, feeding the same to an 
antenna for transmission along the path controlled by 
the radar. The electromagnetic energy will be focused 
onto the airborne body with such magnitude as to im- 
part destructive action thereto. 

More particularly, in accordance with the present 
invention, a system is provided for operation of a 
phased array radar to intercept and follow the path of a 
body spaced from the radar and includes an antenna 
array and a source of microwave energy for exciting the 
array to produce target dependent radar returns. 

Further, one or more evacuated microwave storage 
reservoirs are provided with microwave feed channels 
leading from the reservoir to elements of the antenna 
array. Microwave dump switches located at the junc- 
ture of the channels and the reservoir permit extraction 
of energy from the reservoir. Means responsive at least 
in part to the presence of radar returns actuate the dump 
switches for flow of microwave energy from the reser- 
voir to the body via the antenna array. 

In a further aspect, the invention employs the method 
of focusing a phased array radar onto a body traveling 
along a path spaced from the radar, repeatedly storing 
over substantial intervals microwave energy in a micro- 
wave storage reservoir, periodically dumping the en- 
ergy stored from the radar via channels leading to the 
array for transmission of high energy microwaves to 
said body. Microwave energy is fed over a substantial 
period of time into a reservoir having superconductive 
walls with windows therein normally coated with a 
superconductive material which responsive to local 
heating momentarily become transmissive to the micro- 
wave energy stored in the reservoir. 

For a more complete understanding of the present 
invention and for further objects and advantages 
thereof, reference may now be had to the following 
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description taken in conjunction with the accompany- 
ing drawings i in which: 

FIG. 1 is a schematic representation illustrating oper- 
ation of the present invention; 

FIG. 2 is a schematic sectional view of the reservoir 
of FIG. 1; 

FIG. 3 is a view of a portion of the wall of the reser- 
voir of FIG. 1 illustrating a window therein; 

FIG. 4 illustrates a modified form in detail of one of 
the windows; 

FIG. 5 illustrates an embodiment of the invention; 

Referring now to FIG. 1, a schematic representation 
of the invention has been shown wherein a phased array 
radar antenna 10 is provided on the earth’s surface for 
tracking aircraft or projectiles such as the projectile 11 
during flight through the earth’s atmosphere at a range 
of the order of a hundred miles. The antenna 10 is fed by 
way of channels 12 from a radar control unit 13 which 
is coupled by way of a tee 14 to the channels 12. The 
radar 13 in conjunction. with antenna 10 operates in a 
conventional manner to transmit energy into space and 
to detect returns reflected from projectile 11. 

The channels 12 also lead to a microwave reservoir 
which is a resonant sphere 20. The sphere 20 is con- 
nected to a plurality of channels, such as channels 21 
and 22, to the antenna 10 all by way of tees represented 
by the tee 14. 

The radar unit 13 is also coupled by way of channel 
23 to sphere 20. The radar unit 13 is connected by way 
of a control channel 24 to laser units 25. As will later be 
explained, the channels 21 and 22 leading to the sphere 
20 are coupled to the sphere 20 by way of dump 
switches located at the juncture of sphere 20 and the 
channels 21 and 22. The dump switches are actuated by 
energy transmitted by way of laser beams from the laser 
25. Sphere 20 has superconducting walls maintained at 


a supercooled condition as by liquid helium circulating 


in the walls. Laser beams from laser 25 are focused onto 
windows locally to heat them to cause the microwave 
energy stored within sphere 20 to be dumped into the 
channels 12 and thence transmitted by way of radar 
antenna 10 to impinge the projectile 11. The microwave 


energy from the radar antenna 10 travels at the speed of 


light making it possible to repeatedly impact the projec- 
tile 11 during its course of flight. The repetition rate 
depends upon the rate at which build-up of energy in 


sphere 20 reaches the necessary level to transmit bursts 


of electromagnetic energy from antenna 10 which 
would be destructive of the projectile 11 or parts 
thereof. Thus, high energy bursts of microwave radia- 
tion are directed at target 11 which could be, for in- 


_ stance, an I.C.B.M. warhead, a satellite, a submarine 
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launched ballistic missile or an aircraft. The system also 
acts, at a much lower power level, as its own acquisition 
phased array radar system. 

The high power system is composed of a multiplicity 
of megawatt power tubes in radar unit 13 coupled to the 
large superconducting lined resonant cavity 20. By 
providing a high “Q” cavity, only minimal power is 
required to offset high frequency skin losses. Typically 
cavity 20 may have a radius of 10 meters with a field 
level of 1X106 volt/cm therein. Stored energy of 
1X 108 joules can be maintained during operative peri- 
ods. Pure niobium forming the walls of resonator 20 has 
heretofore similarly been employed in systems in which 
such field levels were present. Other alloys and materi- 
als can operate at even higher levels in which case the 
system dimensions could be reduced. By applying very 


3 
rapid rise time (= 1 X 10-8 sec.) heating to local areas of 
thin film superconducting dump switches the stored 
energy is coupled via a multiplicity of high pressure 
inert gas horns into the atmosphere without breakdown. 
In about 1X 10-6 seconds the energy is coupled out of 
resonator 20. Thus, a pulse of duration 1x 10-6 to 
1x10-—7? seconds with power of 1x101% to 1x1015 
watts is generated. Such horns form the integral phased 
array antenna 10. The antenna thus excited illuminates 
with a central energy lobe 2x 10—4 radians wide when 

Using 3 cm radiation from a 500 foot base. At a 100 mile 
range, the central lobe has a width of 100 feet. An ob- 
ject with a linear dimension of 5 feet would intercept 
approximately (5/100)? or 4% of the burst of radiated 
energy. This is =3X 10% joules which would cause sig- 
nificant damage such as blowing off several grams of 
vaporized material upon absorption. At the same time, 
shocks would be generated 1 in the object of as much as 
100 kilobars. 


_A recycle time of one second, and hence a palke rate 


of 1/second may be maintained by a power source of 
1x108 watts. A target moving at 5 miles a second 
would receive about 200 bursts in 100 miles with shocks 
of varying strengths. By increasing the amount of 
power available, a pulse rate of 10 per second is feasible 
and 200 bursts could impact either on one, or several 
targets within range. 

The effects on a body of high energy bursts are two- 
fold: (1) the shock kill mechanism and (2) the material 
ablation could reach proportions sufficient to deflect 
and randomize the impact point sufficiently to make the 
system inaccurate and useless. If a satellite has a non- 
metal absorptive skin in the X-band, minimizing the 
radar echo cross section, such a skin would ideally 
absorb most of the burst energy, ablating from 100 
gms/burst at a 100 mile range to 10 Kg/burst at a 10 
mile range. This may reduce the shock strength into the 
10 Kilobar range, but: would cause sufficient ablative 
damage and orbital error to cause a large random miss- 
distance which could pe from 2 to 10 miles tor a one ton 
object: 

Normally power is dka only to seine low en- 
ergy radar search and acquisition and to run the vacuum 
pumps to maintain the main resonator liquid helium 
bath temperature and void gas dump dewar tempera- 
ture. During an emergency such as an I.C.B.M. attack, 
about 2 X 108 watts per site is required. This requirement 
may only last, at a given site, for a few minutes. The 
power is used to fili the resonator from beam power 
tubes. The resonator with niobium walls at liquid he- 
lium temperatures has “Q*s” of the order of 1x 10!!. 
Replacement of energy is required only once every 
Q/w seconds (1 to 2 seconds). Helium is not cooled 
against the skin losses directly, but rather exposed to a 
low pressure, large volume, precooled gas dump cham- 
ber which is pumped down to a low temperature over a 
longer period of time. The gas dump chamber operates 
for a few minutes with no external power required. The 
dump chamber preferably is a large racetrack shaped 
ring buried around the resonator, with a minor radius of 
the order of 30 feet and a major diameter of 1000 feet. 
Such system may operate for about two minutes with 
no rise in the bath temperature of the resonator. In such 
period of operation about 1X 106 liters of liquid helium 
bath would boil off. 

In an emergency, resources of a major power grid 
would be diverted to sites at which this invention is 


installed. Some sites with magneto hydrodynamic gen- 
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erators capable of independent operation might also be 
used, but the diversion or use as the case may be would 
be of short duration. 

Referring now to FIG. 2, the sphere 20 has been 
shown in greater detail and comprises an inner liner or 
wall 20a and an intermediate liner 20b. The zone 20c 
between. liners 20a and 20b is a metallic honeycomb 
filled zone through which liquid helium is-caused to 
flow to maintain the inner liner 20a at about the temper- 
ature of liquid helium, thus making it superconductive. 
Preferably, the inner liner 20a is a suitable metallic shell 
having a niobium or niobium alloy film thereon which 
may be made superconductive. 

The .outer shell 20d encompasses the ftermediate 


shell 20b with a zone 20e therebetween which similarly 


has liquid hydrogen therein. Pipes 20f and 20g lead 
through the outer liner 20d to a gas dump, later to be 
described. More particularly, a plurality of pipes 20f 
and 20g extend radially from 5 20 and are provided 


with valves 204 and 207. 


The sphere 20 is loaded on command with micro- 
wave energy from a plurality of generator sets such as 
the sets 30 and 31. The generator set 30 is coupled to the 
sphere by way of an input channel 32. The generator set 
31 is connected into the sphere 20 by way of a channel 
33. The microwave generators 30 and 31 may comprise 


multiple units such as klystron tubes which are main- 


tained at cryogenic temperatures. As illustrated in FIG. 
2, several tubes are to be included in unit 31, only one 
being shown. The tubes are identical and each includes 
a cathode 31a in a first cavity which leads to a buncher 
cavity 315 which in turn is connected to an output 
cavity 31c. The beam then passes through a magnetic 


deflecting unit 31d to a dump anode 31e. The output 


cavity 31c is connected by way of channel 31f to the 
input channel 33 leading to the sphere 20. A grid is 
maintained at a very high potential, of the order of 


200,000 volts, for operation at high power levels as will 


be described wherein a plurality of like tubes in each 
unit 30 and 31 are operated in parallel. 

Generators 30 and 31 operate under the control of the 
radar control unit 35. The control unit 35 controls the 
phase of microwaves in the various channels in unit 36 
so that the beam from the radiating elements in antenna 
10 can be focused or directed to any given direction 
above the plane defined by the phased array antenna 
elements. Targets are identified by the control unit 35 
operating at low power supplied via channel 33a. In 
response to detecting a target a timer 37 is actuated by 
way of channel 38 to turn generators 30 and 31 on to 
high power thereby initiating high level flow of micro- 
wave energy into sphere 20. Timer 37 also applies peri- 


-odically a trigger pulse by way of channel 40 to each of 


a plurality of lasers. Only one laser 25 has been shown 


‘producing a laser beam which momentarily heats win- 


dows in the walls of the sphere 20 in order to dump the 
microwave energy stored therein into the wave guides 
41 which lead to the phase controlled unit 36. As indi- 
cated in FIG. 2, the laser beam 25a passes through while 
being partially reflected by a mirror 42. The beam thus 
reflected is again reflected by a mirror 43 to impinge a 


window 44 in the wall of sphere 20. The portion of the 


beam passing through mirror 42 illuminates and heats 
the skin on window 45. The. other windows similarly 
are simultaneously heated. The laser beams together 
with the structure of the window 44, 45 etc. operate as 
dump switches. As indicated in FIG. 2, there are many 
dump switches located around the wall of the sphere 20, 
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only eight such window dump switches being shown in 
FIG. 2. The dump switches lead to the wave guide 41 so 
that the energy may be transmitted through the phase 
control unit to the various elements in the antenna 10 to 
radiate a high energy burst into the atmosphere and to 
the target to which the array 10 is directed. 

In FIG. 3 the structure of the window 44 has been 
shown in section. A wave guide 44a passes through the 
wali of sphere 20 to the layer 20a which is a supercon- 
ducting skin lining sphere 20. A quartz plate 44b is 
mounted in the wave guide 44a immediately behind the 
layer 20a. The quartz layer is thus transmissive as to the 
laser beam 25a which is directed axially along the wave 
guide 44a. The quartz is a high dielectric material but 
capable of supporting the film 20a and capable of pass- 
ing the microwaves stored in sphere 20 when film 20a 
on the face of the quartz plate 44b is keated by the laser 
beam 232 to a temperature above the superconducting 
temperature. | 

A modified form of the window is shown in FIG. 4. 
In this modification, the film 20a is backed by a first 
quartz plate 44b. A second quartz plate 44e is positioned 
behind plate 44b and is spaced therefrom so that a flow 
channel 444 is created between the confronting surfaces 
of the quartz plates 44b and 44c. The wave guide 44a 
has perforations 44e therein registering with the zone 
between plates 44b and 44c. By this means, liquid helium 
may flow between the two quartz plates from the zone 
20c lying between the liners 20a and 20b of FIG. 2. 

In FIG. 5 the system has been illustrated in a general- 
ized form wherein the phased array antenna 10 is sup- 
ported above the sphere 20. The sphere 20 is provided 
with an outer cover or shell 60 within which all of the 
components of the radar may be mounted except that a 
base portion 61 will be provided to house the micro- 
wave generators and associated electronics. The entire 
volume within housing 60 and within the unit 61 will be 
maintained preferably at cryogenic temperature. 

A reservoir of liquified helium is maintained available 
for heat transfer from the zone encompassed by shell 60. 
More particularly, a plurality of radially extending 
tubes 70 and 71 lead to a chamber 72 which may be the 


20 


25 


40 


racetrack shaped chamber above referred to. Valves 73 | 


and 74 may be opened so that heat may be transmitted 


from components within the shell 60 to the reservoir of 45 


cooled helium in the chamber 72. The liquid helium in 
chamber 72 would be maintained cool by conventional 
liquifying apparatus contained in the units 75 and 76. 
Normally when the system is operating in the search 
and acquisition mode only, valves 73 and 74 will be 
closed. The system in units 75 and 76 would be main- 
tained on an operative basis to keep the helium in cham- 
ber 72 liquified. When high power bursts are to be gen- 
erated, the valves 73 and 74 are opened to make avail- 
able for cooling the vast reservoir of helium in chamber 
72. 

By way of example, the dimension (x) of the sphere 
20 may be of the order of 60 feet. The maximum diame- 
ter (y) of the chamber 20 may be of the order of 1000 
feet. The system would accommodate about two mil- 
lion liters of helium for cooling purposes. 

Before a radar burst is triggered, the field level inside 
the resonator 20 is brought up to full power, requiring 
about 2 108 watts using beam power tubes as micro- 
wave source for excitation. This requires approximately 
one second. 

The laser trigger pulse is applied via the wave guides 
through a quartz window 44f FIG. 2, located on each 


un 
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guide into the intended focal plane of each dump win- 
dow. The focal plane in FIG. 3 is within the quartz 
window 44b in resonator 20 just behind the thin nio- 
bium film 20a so that very fast local heating is applied to 
the film via conduction in the quartz. Low temperature 
quartz conducts heat away from the thin niobium film 
caused by the passage of a high power microwave pulse 
during the dump operation. The thermal diffusivity of 
quartz below 5° K. is less than or about the same as a 
metal. Quartz makes an ideal dielectric backing and heat 
sink for low temperature applications. When the super- 
conductor film 20a is operating near 2° K., a 200 A” 
thickness is sufficient to completely reflect the field and 
establish the resonator modes. When the temperature is 
raised locally about 5° to 10° K., the local skin depth in 
the film 20a increases and the material switches into the 
normal conducting state. In the normal state, the film 
represents only about 1% of a skin depth. The radiation 
escapes through the ports very rapidly, being coupled 
and impedance matched to the traveling wave guide 
mode at the same frequency. During the approximately 
one microsecond when the power is flowing through 
the film, the current density in the metal in the normal 
state is, | 
J=0EyaQEy (1) 

where: 

E,,=traveling wave amplitude; 

o =conductivity; and 

Q=the Q of the liner 20a. 

For a traveling mode to transmit the power from the 
cavity in time At requires a field E given by 


Ee. _ 1x 108 (2) 
At -m C = NS 


where N is the number of windows in area S each, C the 
speed of light. This means for NS approximately equal 
to one half the sperical resonator surface, and Atx 1 
psec. that Epeak=5X 104 volt/cm. After transmission to 
the high pressure horns in antenna 10, this field level 
Epeak is finally reduced by increasing the radiating area 
to about ten times the resonator area to a value of about 
1X106 volt/meter. Dealing with low temperature 
quartz behavior, the film 20a is thermally coupled to a 
diffusion depth approximately equal to 0.05 cm for 1 
psec. in the quartz. This provides a mass of about ten 
grams for a one microsecond pulse, and area approxi- 
mately equal to 100 cm? per window. For a temperature 
rise not to exceed T=5° K. in the quartz to this depth, 


. this requires no more than AE=MọoCọoAT (where Mgis 


the mass of the quartz, and Cois the specific heat of the 
quartz) joules be deposited in the film by the pulse. The 
pulse will carry 1X 105 joules of electromagnetic energy 
per window. From the above relations, only about 200 
joules can be accommodated and still use the low tem- 
perature quartz coupling. But this is the amount ex- 
pected for the energy deposit, as the following shows: 
For the normal metal condition the cavity “Q” is 
known to drop to about 1x 105 at 10° K. This means all 
the cavity energy would be absorbed in a time given by 
Q/w=1X 10-5 sec. For 1% of a mean free path in the 
film (1% of a skin depth) only about 1X 104 watts/cm? 
is deposited or about a few joules per microsecond per 
window. This is well within the capacity of the avail- 
able heat sink. Note that if this energy were deposited 
only within the metal skin of area 100 cm2, the tempera- 


g. 44. Completed amplifier with cover off 4"x 2"x11Y2" aluminum case. 
The glass-epoxy board measures only 2"x1Y2", 

ing the circuits to the board. The same circuit planning and layout 
as for printed circuitry is required, but the need to etch copper from 
a copperclad board is eliminated. Circuitstik is available at most 
large electronic supply stores. Of course, the usual etched-type 
printed circuit may be used, or even point-to-point wiring. For the 
latter, you may require a larger board and case. 

Parts are mounted to one side of the board in the same manner 
as with any PC board. The leads are soldered on the other side to 
the metal circuits, which are solder plated for easier soldering. A 
few jumper wires are located on the bottom side for convenience. 
Layout of parts is not critical, but it is pretty hard not to follow a 
straightforward layout from input to output. The three-circuit jack 
shown in the photo matches the plug on the mike for PTT relay 
operation. 

Two 6-32 screws hold the board to the bottom of the case. 
Two nuts, or spacers, should be used to support the board above 
the case bottom to clear the solder hills. 

Shielded wire should be used between the output and the input 
of the associated circuitry, if the distance is more than about six 
inches. 

While the 4”x2"x1%"” aluminum case into which this 
amplifier was built is not essential, it does provide good shielding 
against rf pickup. If the amplifier is made part of its associated 
circuitry, it may be necessary to add some form of shielding. Also, 
see Figs. 4-4 & 4-5, 
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ture rise would be at least a few thousand degrees K., 
and would probably ablate the film. 

In a phased array system, the microwave beam can be 
made very directional and approach a theoretical parab- 
oloid reflector surface. The approximate angular width 
of the 4 energy points can be estimated from the relation 
for a paraboloid: 

0=(1x 10%//D (3) 
where 

0 =beam angle in degrees; 

f=frequency in megahertz; and 

D=diameter of phased array (paraboloid) feet. 
Hence, for a “baseline” ‘or equivalent paraboloid diame- 
ter of 500 feet and f=10,000 Hz (3 cm. radiation), 
9=2Xx 10-4 radian. At a range of 100 miles (500,000 
feet) the main energy lobe covers about 100 feet. If D is 
measured in cm., f in c.p.s., and the angle @ in radians, 
6=(3 x 10!9)/fD. 

A target having linear dimension, L, such that 
L>>A, has a radar intercept cross section approxi- 
mately equal to its geometrical projected area. Hence, if 
R=range in cm and 6=fraction of total pulse inter- 
cepted, 5=(2ar/2)(L/R)*(D/A)2. For example, if L=5 
feet, R= 500,000 feet, (L/R)2= 1x 10-10, 
(D/A) =0.25 x 108, 
4%. At 33 miles, this is 4% and at 10 miles~40%. A 
target moving at 5 mi./second would receive from 


30-40 pulses in 100 miles at a rate of 2/second. The | 


average energy is that intercepted at 33 miles in this 
case, being the average over range. 


Rmax gp 0 
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Assuming Rmax 100 miles, Rmin= 10 miles, a target 
either has (1) generated within it~30, 200 kilobar 
shocks or (2) about 30, 20 kilobar shocks, plus an abla- 
tion of about 50 Kg of material causing a consequent 
change in momentum of about 1-10% and so a random- 
ization of from one to ten miles in circular error proba- 
ble. This depends upon whether the target (1) reflects 
part of the radiation with metallic like skin depths or (2) 
is very absorptive at X-band. In either case, components 
inside the target may be deformed and rendered inoper- 
ative. Tracking the target is done via phase shifting 
electronically in known manner as generally shown in 
U.S. Pat. Nos. 3,460,149 to Logan and 3,454,945 to 
Hyltin. 

The target will not be able to manuever to avoid the 
burst since it travels at the speed of light. A target trav- 
eling at 5 miles a second could move only ten feet dur- 
ing a maximum range 100 mile transit time for the burst. 
It will be located near the center of the central lobe. It 
would move only 0.03 feet even for a one microsecond 
pulse duration. 

For a 1108 joule system, and a one microsecond 
pulse, 1x 1014 watts is radiated. At a field level of 
1.5106 volt/meter, about 6109 watts/M? can be 
radiated. This requires a total radiating area of about 
2x 104 M2. Hence, a 100 meter square array will pre- 
vent atmospheric breakdown. 

The system including cavity 20 then is a large honey- 
comb structure lined with a superconductor which is 
spherical and excited to a field level at the wall of about 
1X106 volt/cm. to avoid magnetic breakdown. This 


requires a radius of about ten meters to store 1X108 
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joules, thus a 60 foot diameter sphere. The sphere is 
cooled by superfluid liquid helium in the honeycomb 
and surrounding bath. With little power this helium 
bath can be maintained against heat leak to the atmo- 
sphere via a simple dewar wall design. 

During operation, a helium gas dump chamber, sur- 
rounding the cold liquid helium reservoir, is used to 
pump the helium vapor during an emergency; the void 
dewar is recycled and maintained at about 1.7° K. by 
ordinary vacuum pumps when not in emergency use, 
although over a much longer time. Coupling from the 
sphere 20 to the radiation impedance is accomplished by 
first vacuum wave guide transmission to each of vac- 
uum side horn windows. From there the horns are high 
pressure inert gas (e.g. argon) coupled between the high 
vacuum side and the atmospheric window side. About 
1000 horns with an exit area 10 M? are employed in 


antenna 10. They are part of the phased array radiation 


system and are preferably fed via about 100 dump 
switch areas on sphere 20. 

In conventional klystron tubes the pulse length ob- 
tainable is determined primarily by the electron beam 
dump anode. For example, tube 31 of FIG. 2 may be 
operated conventionally to generate a 10 megawatt 
pulse for a few microseconds by a 100 amp, 200,000 volt 
beam at about 50% efficiency at A=3 cm (X-band). 

The beam is generated at cathode 31a, accelerated by 
the 200,000 volt potential on grid 31g and sent through 
the buncher cavity 31b. The bunched beam is then 
drifted to maximum bunching time and then either put 
back through the same cavity (reflex klystron) or 
through an output cavity 31c. After this stage, high 
energy microwaves are extracted. The beam is still at 
100 amperes at about 100,000 volts. This is a 10 mega- 
watt beam. This beam is absorbed onto an anode. The 
anode can only absorb this energy for a short pulse time 
without over heating and destruction. Hence pulses of 
only a few microseconds have been possible. 

In accordance with this invention means are provided 
to eliminate this drawback. Microwaves at 10 mega- 
watts are generated, continuous wave. Some small skin 


losses in the cavity walls must be taken into account, but 


this is a relatively minor problem. 

In this invention large cryogenic capacity is utilized. 
This is accomplished by employing two features: 

(1) use of superconducting output cavities to elimi- 
nate wall skin losses, and 

(2) allowing the electron beam to pass out from the 
output cavity into a vacuum region pipe through a port. 

The beam is then passed through another resonant 
output cavity system (klystron) 31f and in like manner 


. used over again several times until most of the beam 


energy is used up. It then is diverted through a super- 
conducting magnet beam diverter and dumped onto a 
large absorbing and if necessary ablative anode. Alter- 
nately, the beams are decelerated through a D.C. poten- 
tial to deliver residual power back to the power supply 
system. 

With known techniques (100 amp, 200,000 volts), a 
continuously operating electron beam system of kly- 
strons operates continuous wave. 

In order to power up the main resonator with energy 
1X 108 joules/sec= 100 microwave, about 10 klystron 
power tubes are required. The unit may run continu- 
ously. It can be multiple stage and then diverted to the 
decelerating electrode 31e. Sphere 20 is"fed from a con- 
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tinuous electron beam power tube system which may 
employ 2 to 5 tubes per beam and 2 to 5 beams. 

Having described the invention in connection with 
certain specific embodiments thereof, it is to be under- 
stood that further modifications may now suggest them- 
selves to those skilled in the art and it is intended to 
cover such modifications as fall within the scope of the 
appended claims. 

What is claimed is: 

1. A high energy microwave system for directing 
energy bursts of microwave radiation at a target com- 
prising: 

(a) a microwave cavity having superconducting walls 

for storing microwave energy, 

(b) generating means for feeding waves of microwave 
energy into said cavity, 

(c) transmitting means coupled to said cavity for 
directing microwave energy toward said target, 
and 

(d) tracking means connected to said transmitting 
means for initiating flow of microwave energy to 
said cavity upon locating said target and triggering 
said transmitting means a predetermined time after 
initiating said flow to said cavity for directing a 
burst of electromagnetic energy to said target. 

2. A defense system comprising: 

(a) a phased array radar adapted to intercept and 
follow a target path including an antenna array and 
a low level channel of microwave energy for excit- 
ing the elements of said array to produce radar 
returns and define said path, 

(b) a microwave storage reservoir, 

(c) means to supply upon interception of said target a 
high level flow of microwave energy to said reser- 
voir, 

(d) microwave feed channels leading from said re- 
servior to the elements of said antenna array, 

(e) microwave dump switches at the juncture of said 
channels with said reservoir, and 

(f) means responsive at least in part to said returns for 
actuating said dump switches for flow of bursts of 
microwave energy from said reservoir to said tar- 
get via said antenna array. 

3. The combination set forth in claim 2 wherein said 
reservoir is maintained at a temperature near 0° K. to 
prevent losses in the walls thereof. 

4. The combination set forth in claim 2 wherein said 
dump switches comprises: 

(a) wave guides extending to the wall of said reser- 

voir, 

(b) a superconductive layer lining said reservoir and 
covering each of said wave guides, 

(c) a heat conductive dielectric member in each said 
wave guide backing said layer, and 
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(d) means to heat said member locaily to change the 
conductivity of said layer at the mouth of each 
wave guide. 

5. The combination set forth in claim 4 wherein said 
layer is of a niobium material and said dielectric mem- 
ber is quartz. 

6. The combination set forth in claim 4 wherein said 
means to heat said dielectric member is a laser produc- 
ing a beam directed onto said member. 

7. A method of employing high level microwave 
energy bursts to do work on a moving target at a dis- 
tance comprising: 

(a) locating and tracking said target with low energy 

microwave radar transmissions, 

(b) upon locating said target initiating flow of high 
level microwaves to cryogenically controlled stor- 
age, and 

(c) after reaching a predetermined level of energy in 
storage abruptly dumping said energy via the same 
path as said radar transmissions to impact said tar- 
get by locally heating exit locations in the walls of 
said storage to trigger dumping of said energy. 

8. A defense method comprising: 

(a) operating a phased array radar to intercept and 
follow a target path by focusing an antenna array in 
a low level channel of microwave energy to pro- 
duce radar returns defining said path, 

(b) supplying upon interception of a target a high 
level flow of microwave energy to a cryogenic 
microwave storage reservoir, and 

(c) responsive at least in part to said returns, actuating 
localized zones in the walls of said reservoir to 
render them transmissive for dumping microwave 
energy from said reservoir onto said target through 
said antenna array. 

9. A high energy microwave system for directing 
energy bursts of microwave radiation at a target com- 
prising: 

(a) a microwave reservoir of the order of 10 meters 

radius lined with a niobium layer, 

(b) a liquid helium system to maintain said layer su- 
perconducting during storage of microwave en- 
ergy in said reservoir, 

(c) generating means for feeding microwave energy 
into said reservoir, 

(d) wave guides leading from said reservoir, 

(e) a phased array radar means coupled to said wave 
guides for directing microwave energy from said 
reservoir toward said target, 

(f) a quartz barrier closure for each of said wave 
guides contacting said barrier in heat transfer rela- 
tion, and 

(g) laser means connected to said phased array radar 
means for heating said quartz to cause flow of mi- 
crowave energy from said reservoir in predeter- 


mined relation to flow of energy to said reservoir. 
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Radio a cristallo e dintorni - Le Radio di Sophie - Crystal sets 


Radio a cristallo doppio circuito per 
O.M. 


Un progetto di Luciano Loria 
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Il circuito più semplice, ed anche molto efficace, per la realizzazione di una radio a cristallo, consiste di un circuito 
LC accordato sulla frequenza da ricevere e da un rivelatore (cristallo di galena, diodo al germanio). 


Vediamo cosa accade se questo circuito si raddoppia: due bobine, due condensatori variabili, due diodi. 


Wateriale occorrente 
Antenna 


yp D1 


L1; L2 = 90 spire filo rame smaltato © 0,3 mm 
su tubo isolante 3 cm 
CV1; CV2 = variabile in aria 350 + 350 pF 
Cl = condensatore ceramico 220-330 pF 
Cuffia 1; D2 = diodo al germanio (AA117) 


Schema elettrico 


Nello schema elettrico notiamo che LI, CV1, D1 costituiscono un primo circuito di sintonia e di rivelazione, cosi 
come L2, CV2, D2 che costituiscono il secondo circuito; questi sono accoppiati tramite il condensatore ceramico 


C1 da 220/330 pF. Per ottenere risultati apprezzabili, ed una migliore selettivita*, occorre che le due bobine siano 
montate con 1 rispettivi assi ortogonali fra loro (vedere foto). 


http://www.leradiodisophie.it/Double-xtal.html 
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* La selettività dipende anche da Cl, per aumentarla si può diminuire la capacita fino a circa 33pF. 


NOTE COSTRUTTIVE 
Evitare, per la costruzione, luso di telai metallici, anche le bobine non vanno sistemate troppo vicine al variabile. 


Il condensatore variabile ha due identiche sezioni comandate da un alberino unico; L1 e L2 sono avvolte su tubo di 
cartone di derivazione casalinga, infatti, si tratta del tubo dove sono avvolte le pellicole trasparenti o d’alluminio 
per cucina. 


Il contenitore trasparente, sempre nell’ambito di un riciclaggio intelligente dei materiali che si trovano in ogni casa, 
è Pastuccio di certe famose praline al cioccolato (nella foto è visto senza il coperchio). 


Naturalmente occorrono, anche: una buona antenna filare esterna; una presa di terra efficace; una cuffia ad alta 
impedenza; in tal caso l’ascolto, della stazione locale in OM, è garantito e risulta migliorato rispetto a quello 
ottenuto con il circuito base. 


luciano.loria(@gmail.com 


Torna alla Pagina delle radio a cristallo 
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The Science of BioGeometry 
by 
Dr Ibrahim Karim 


©1997 
BioGeometry Energy Systems Ltd. & Dr. Ibrahim Karim. 


Balancing the activities of daily life, achieving harmony with our inner and outer environments, 
humanizing modern technology, integrating science and spirituality, and discovering the unified scientific 
reality behind all religions is the work of the science of BioGeometry®. 


Just two decades ago everybody was afraid that the end of life on earth would come as a result of a Third 
world War. We thought that the global extinction of life on earth would come from nuclear warfare and 
our carelessness towards our environment, endangering plant and animal life; the ozone hole and global 
warming causing natural disasters everywhere. However, the real potential danger is one that we are 
barely aware lurking just around the corner. 


The age of information carries with it the potential to the global extinction of our civilization. We are 
continuously increasing the amount of carrier waves needed for the wireless technology of modern 
communication in the earth’s atmosphere every day. These electromagnetic waves are thousands of times 
stronger than the level used in the communication in our body cells. The problem is not the saturation of 
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the earth’s atmosphere through quantity, but also a detrimental quality. Even people who avoid using high 
technology are not immune. No one is immune even if one lives at the far end of the world or on top of 
the Himalayas, because these are carrier waves with penetrating properties. It is like trying to move a 
breeze through a storm, our immune systems are continuously trying to correct the distortion in the 
transfer of inner information in our body; very soon the threshold will be reached when a total collapse of 
our body defenses will take place. 


BioGeometry® is a science that deals with the Energy of Shape; it uses shapes, colours, motion, 
orientation and sound to produce a vibrational quality that balances energy fields. BioGeometrical shapes 
are two or three-dimensional shapes specially designed to interact with the earth’s energy fields to 
produce balancing effects on multiple levels on biological systems. They were developed and patented by 
Dr. Ibrahim F. Karim, D.Sc. in Cairo, Egypt, during research since 1968. 


To understand the effects of BioGeometrical shapes on the human energy system, we have to recognize 
that the human body has an energy field around it, which has its own north-south axis. As we move 
around, the angle formed between our individual axis and that of the earth is constantly changing, and this 
in turn either strengthens or weakens our energy field. The positive range is very small, vulnerable most 
of the time, and is a major factor affecting our health and well being. BioGeometrically balanced energy, 
however, considerably strengthens our energy fields to such an extent that we are not detrimentally 
affected by changes of orientation. In fact, it appears to cancel obvious energy interactions predicted by 
currently accepted physical laws. 


Research in BioGeometry® was and still is mainly dedicated to the development of a new form of 
architecture that would enhance the human biological system and give a new meaning to the concept of 
"Home". To upgrade the energy quality of existing homes and cancel the potentially harmful effects of 
unchecked energy fields due to the architectural design, furniture layout, electrical wiring and modern 
appliances, specially designed decorative elements are strategically placed to neutralize negative energy 
and add a positive quality to it. BioGeometrical shapes when designed or engraved on jewelry have 
shown positive effects on the body’s energy field, and reduce considerably the potential health hazards 
caused by cellular phones, computers and all other modern appliances. 


The impact of geometrical shapes on human energy systems has always been universally recognized. This 
awareness gradually disappeared, and our "modern" approach is to consider these ancient forms either as 
symbolic art without function, or attribute them to magical practices. Although the modern development 
and practices are not directly derived from Ancient Egypt, a very advanced know-how in this field 1s 
evident when we analyze and use the shapes that they have developed thousands of years ago. 


They must have been able to interact with nature in a more advanced way than we do today, based on the 
study of the vibrational properties of the geometrical shapes they used in their monuments, art, statues, 
amulets, and many other aspects of life. The effects of energy went beyond the Pyramid shape; the 
Ancient Egyptians used it in a very practical way in all aspects of their life. Unlike our modern energy 
forms that are highly amplified states of energies occurring in nature, this science dealt with forces on a 
natural level as they occur in nature. That means that this Ancient Egyptian science was more like a 
language that they used to establish two-way communication with nature. This two-way information flow 
process was used to establish total harmony in all actions between man and nature, to acquire a deeper 
knowledge about anything by accessing information about it’s working principles on the energy level, and 
most important of all to influence any action in nature by manipulating its energy patterns to achieve the 
intended results. 


Pythagoras was the first to introduce to the western world the ancient Egyptian way of correlating musical 
qualities with quantifiable, numerical values. The golden ratio of 1.618 expressed as the ultimate 
proportion of harmony, beauty and spirituality was used in the design of sacred buildings in Ancient 
Architecture to produce spiritual energy that facilitated connectivity with spiritual realms through 
resonant prayer. Popular among spiritually significant shapes are pyramids and hemispheres (e.g. the 
domes, that are the basis of religious buildings, be it a mosque, a church or a synagogue). These particular 
shapes are energy emitters; they are shapes that produce a type of penetrating carrier wave which 
Chaumery and De Belizal named, negative green, (which acts as carrier, like radio waves that carry sound 
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information). The vibrational quality of negative green gives it very strong communication properties, 
which facilitate resonance with higher realms in prayer. Negative green turned out to have other 
properties, however, which make it very harmful under continuous exposure. Considerable research into 
this type of energy has been done by Dr. Karim, and the different components have been identified. 


A revival of the Ancient Design Criteria or Canons in modern architecture was attempted by the Swiss 
pioneer of the modern architecture, Le Corbusier, with his "modular" system, which comprised two scales 
of dimensions based on the golden ratio. 


Dr. Ibrahim F. Karim has done extensive research and found that BioGeometrical shapes have three 
primary vibrational qualities: 


1) Negative green. 
2) A higher harmonic of ultra-violet. 
3) A higher harmonic of gold. 


Only shapes, which produce energy fields with all three components, are BioGeometrical. 


The effect of BioGeometrical energy on health is not specific and not precisely predictable. It appears to 
amplify and balance the energy fields of the body on all levels, and thereby give the body greater power 
to heal itself. The healing process resulting from a strengthening and balancing of the immune system 
manifests differently from one person to the other; certain results, however, have been repeatedly 
observed. 


BioGeometrical shapes balance the body energies on different levels; positive effects are usually felt on 
the emotional, mental, spiritual as well as the physical level. They have been found to be effective over a 
very broad range, including the protection against harmful radiation emanating from the earth (believed to 
be a major cause of cancer) and different types of man-made pollution. For specific healing purposes, 
research is being conducted in collaboration with medical doctors in the science of BioSignatures®, 
which deals with energy of shape in relation to specific functions of the body organs. 


L, ach 


http://users.pandora.be/wouterhagens/biogeometry/index.html --- 
http://www.biogeometry.org --- 


The BioGeometrical Systems Institute Company 


The BioGeometrical Systems Institute Company was founded in 1993 by Dr. Ibrahim Karim, D.Sc., and 
Mrs. Rawya Karim, M.A. It was envisioned as a design center to research and implement the new science 
of BioGeometry, developed & patented by Dr. Karim. The BioGeometrical Energy system Ltd. is a multi- 
disciplinary organization working in the following fields: 
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1. A BioGeometrical design language used in architectural, planning decoration, industrial design and 
accessories. 

2. Energy adjustment on all levels and protection from harmful earth radiation ranging from a building to 
a whole city. 

3. The development and use of BioSignatures to support traditional and alternative medicine. 

4. Environmental application and protection from side effects of modern technology. For example 
electronic and cellular devices 

5. Agriculture research in organic planting eliminating pesticides and prolonging shelf life. 


http://www.lightconnectiononline.com/Archive/sep04_article2.htm --- 
BioGeometry: The Egyptian Art of Energy Balancing 
by 
Leanna Joyner 


BioGeometry has been called the Egyptian version of Feng Shui but its unique methods and effects are 
not found in any other system. BioGeometry combines previously hidden methods used in the Inner 
Temple Sciences of Ancient Egypt with modern European subtle energy detection tools. Developed by 
renowned Architect and energy researcher Dr. Ibrahim Karim of Cairo Egypt, BioGeometry has been 
shown to have astonishing benefits for humans, animals, plants, and the environment. 


BioGeometry utilizes Nature's own design language of geometric form, color, sound and motion to 
balance the Energy in all living systems. It also features profound methods to transmute harmful 
environmental energies into beneficial ones. Robert Gilbert Ph.D., an expert in Sacred Geometry and the 
author of the only English language texts on BioGeometry, identifies BioGeometry as an essential key to 
understanding the Living Energies which every spiritual tradition uses for Healing and Spiritual 
Development. 


“Working directly with Dr. Karim and his experts, I found they had unique insights into practical energy 
work. I'm still in awe of how clearly they explain energy principles which are usually thought to be very 
mysterious; when you work with the Egyptians, one piece of essential knowledge after another just seems 
to fall into place. For example, virtually every tradition knows about the Golden radiance which appears 
in the energy field of great Saints and Masters, but only this group of Egyptians can show you simple 
methods anyone can use to detect that energy, create 1t with methods including movement and geometric 
forms, and also practically apply it to balance and heal a variety of energy problems. These Egyptian 
methods, now that they are finally becoming public, are going to have a powerful impact on how we 
understand and work with healing energies,” Dr. Gilbert explained. 


Although BioGeometry makes no claims, multiple scientific and medical studies suggest its potential to 
create powerful energy effects. Just a few examples: 


The Egyptian National Hepatitis C Research Project under Dean Taha Khalifa M.D. at Al Azhar 
University's Pharmaceutical School announced publicly that the best results in the entire study were 
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enjoyed by those given the appropriate BioGeometry patterns to wear. Although Dr. Karim insists that 
BioGeometry is simply a supportive modality that he makes no medical claims for, the publicity led to Dr. 
Karim becoming a celebrity with his own television show on holistic health and spiritual development. 


The Egyptian National Research Centre discovered that simple BioGeometry forms could stop the 
replication of Bacteria, a result so astonishing that they created a special project to study the effect of 
Geometric Forms on Living Systems under the leadership of Dr. Karim. 


A project evaluated by an official of the Egyptian Department of Agriculture found that chickens grew 
healthier and faster in an environment which was energy balanced by BioGeometry methods than they did 
with antibiotics and growth hormones. 


Professor Peter Mols of Wageningen Agriculture University in Holland found that BioGeometry energy 
methods could be used in place of pesticides and artificial fertilizers to grow healthy organic crops. 


The Swiss village of Hemberg suffered both human and animal health problems after a powerful 
Microwave antenna array was placed in the center of town. Dr. Karim balanced the electromagnetic 
pollution problem for the entire area, leading to such a dramatic improvement in living conditions (and 
the return of birds and other animals which had fled the area) that he was given the Key to the City by the 
Mayor and featured on national Swiss news programs. 


”In my personal experience, I've used BioSignatures (precise BioGeometry energy patterns linked to 
different parts of the body) to help free me from the chronic neck and spine pain I suffered from a severe 
car accident,” said Dr. Gilbert. “We get incredible reports all the time from students regarding the power 
of the BioGeometry methods, but we don't make them public. Frankly, many just seem unbelievable if 
you don't understand how BioGeometry works. Also, we want everyone to understand that we don't make 
any medical claims whatsoever; we simply teach the principles and methods and leave 1t to the students to 
find out for themselves how powerful BioGeometry can be in many cases.” 


BioGeometry has only been taught publicly for a short period of time. But already several hundred 
Americans have been trained in the Art - first by Dr. Karim and now by Dr. Gilbert (Dr. Karim no longer 
teaches Foundation trainings in BioGeometry, and rarely teaches at all.) Students have applied 
BioGeometry to a wide range of fields including conventional and alternative Health Care, Environmental 
Restoration, Architecture and Interior Design, Feng Shui, Spiritual Practices, Landscape Design, 
Agriculture and Gardening, and Graphic Design. 


“Basically, BioGeometry teaches practical methods to work with the fundamental energies of Creation. It 
can be applied to virtually any field of work, and blends with any methods one currently uses. In 
collaboration with Dr. Karim, we've set up the Foundation Training so that we can teach all the essential 
BioGeometry methods to detect, create, and apply beneficial energies in just one week. We also make 
sure students understand what the Egyptians call Energy Alchemy, how to transmute harmful 
environmental energies into helpful ones. But perhaps most importantly, BioGeometry doesn't ask for 
students to take anything on faith. Rather it provides the tools to directly detect and monitor energies 
which shape the world around us,” said Dr. Gilbert. “I'm deeply grateful to the Egyptians who have made 
these secrets public for the first time. It's having a profound effect on a lot of people's lives.” 


Dr. Robert J. Gilbert 1s founder of Vesica: Spirit and Science Resources and the first non-Egyptian ever 
granted permission to teach certified trainings in BioGeometry. Vesica 1s offering a rare BioGeometry 
Foundation Training in San Diego from October 9 -15, 2004. More information on BioGeometry, the 
foundation training and registration is available online at www.vesica.org 


http://www.amcham-egypt.org/Publications/BusinessMonthly/August%2099/Followup.asp --- 


Those companies embracing the growing trend of custom designed, built-from-scratch workplaces might 
want to give Dr. Ibrahim Karim a call --- that 1s unless they want to risk spending millions to produce an 
office full of creativity-destroying energles. 


http://www.rexresearch.com/biogeom/biogeom.htm 5/16 


1/28/2019 Dr Ibrahim Karim: Biogeometry 8 Biosignatures: Articles & Patents 


According to Karim, a proper office requires more than just comfortable chairs and soft lighting. As 
inventor of a science he calls biogeometry, Karim claims he can manipulate energy fields to create an 
office environment that produces healthy, happy, creative workers. 


“We can transform any building into an energy balancing and protective second skin,” he said. “You can 
raise the quality of life of [the employees]. They’ll feel more energized, more creative.” 

Karim, a Zurich-trained architect and consultant to the Ministry of Scientific Research, said that the 
average office worker in Egypt or anywhere else toils away amid “architectural pollution” that can wreak 
havoc on both his body and mind. Each employee, Karim said, 1s like a “breeze trying to move through a 
heavy storm” of disruptive energy and electronic noise. “In any office, in any city, you’ll find a mess.” 


But biogeometry, Karim claimed, is the answer. After “measuring the interaction of energy fields” in a 
room or building, Karim will recommend changes in room color, furniture shape or orientation. Specially 
designed picture frames can be used to emit balancing energy. “Stand in front of one, and you’ll feel 
better within five minutes,” Karim said. Electronic devices such as computers or cellular phones 
inherently produce negative energy, but they can be rendered less disruptive by engraving special symbols 
into their sides. 


On the surface, biogeometry seems to borrow liberally from feng shui, an Asian design philosophy that 
attempts to manipulate energy through shape, color and decor. But Karim said biogeometry is based in 
modern physics, not feng shui, which anyway has become watered-down and faddish. “The old masters 
are gone, and the essence has been forgotten,” Karim said. 

There’s another difference. Feng shui is an accepted part of Asian architectural practice, and a feng shui 
consultant is brought in at the start of construction projects in many Asian cities. Biogeometry isn’t quite 
there yet in the eyes of the local architectural or business community. Karim hasn’t been contracted to 
apply his philosophies that often in Egypt. He recently worked on energy adjustment at a Montessori 
school in Maadi, and he’s building his own re-sort in Ain Sukhna where everything from the furniture to 
the landscaping will be designed to give an energy boost. “We’re working on all levels,” he said. “It’s a 
health spa where the most important activity 1s just being there.” 


Karim gets a far more receptive reaction overseas. He’s spent several months working on energy 
modification at the industrial design building at Eindhoven in Holland, where he seems to be regarded as 
a genuine visionary. Most likely, Karim’s local profile will rise once Egyptians realize that the foreigners 
are taking him seriously. 


Among Karim's architectural peers, reactions to his theories ranges from enthusiastic support to polite 
bemusement. Karim’s peers seem to give him a lot of leeway — partly because his father, Sayed Karim, 1s 
a legendary Cairo Un1-versity architecture professor who helped design Medinat Nasr, and partly because 
Karim carries the fervor of a true believer, offering free seminars and classes for curious architects and 
designers. Even architects who consider Karim a nut consider him a sincere nut. 


“Give the guy a chance,” said Cairo University architecture and urban planning professor Sayed Ettouney. 
“You know somebody is a crook when they’re after money or power. But he’s offering his knowledge as a 
service. He’s spending his own money on this.” 


Egypt’s medical establishment reacted less charitably when Karim ventured into their field by claiming he 
could regulate the body’s energy levels and heal the sick by using special “biosignature” symbols hung 
from necklaces or bracelets. In February, Karim appeared on the popular interview show Talk of the City, 
along with patients who said they’d been cured by his biosignatures. The response was immediate and 
twofold: first, he was denounced in print by the Doctors’ Syndicate and the minister of health; second, his 
Maadi office was swamped by desperate crowds seeking miracle cures. 


The controversy, and the fear that his office might be overrun, led Karim to cut back on seminars and 
medical treatments months ago. The gate of his Maadi villa now bears a large sign turning away medical 
cases with the blunt pronouncement, “This is an architecture office.” But the calls keep coming. 


“We get calls every day from people who think he can help them have children or cure their polio,” said 
Karim’s office director. “It’s like a he’s a fugitive. We have to hide him.” 
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The popularity of push pull circuits in rf amplifiers dropped off 
shortly after World War II. The use of the pi network pretty well 
solved the harmonic problem, worked well with a single tube or 
two tubes, in parallel, lent itself to bandswitching, and used a few 
less components. However, with the advent of TV, everybody 
started putting low pass filters in the output line anyway, so weare 
just about back to where we started from. So let's take a look at 
push pull again. 

The number one objection to push pull seems to be the neces- 
sity of an input tuned circuit to get the grids 180° out of phase. As 
will be seen later, this problem has been eliminated. Secondly, the 
push pull circuit does not lend itself to bandswitching. This is true, 
but there are people who are interested in one band only. Also, 
with a small compromise in L/C ratio, you can cover two bands 
with one coil. This is especially true if the two bands happen to be 
15 and 20 or 10 and 15. You can even cover 10, 15 and 20 if you 
prune very carefully and use a fairly sizable maximum capacity 
tuning capacitor. Another possiblity, is the National all band tuner, 
which does away with band-switching entirely. 

Of recent date the grounded grid circuit has come to the 
forefront. It requires no neutralizing and is ideal for the exciter that 


Fig. 4-5. Bottom side of perfboard. The .1"-spaced holes match the Cir- 
cuitstik wiring elements. It looks and works like etched circuitry, but the 
wiring elements are stick-on and eliminate etching. 
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Like any good magician, Karim is reluctant to get into the specifics of his work. Ask him to describe the 
basics of what shapes or colors create a healthy office energy level, and he’ll say he doesn’t want to get 
into “ready-made solutions.” Ask just how he discovered that this particular squiggly line can help cure 
liver failure or fight depression, and he”1l smile and say he worked on it for many years. Even his own 
students and devotees are stumped. 


“We asked where these come from, and he says, “Guys, that’s a very big subject. Let's not get 
distracted,”” said Mu-hammed Samir, a young architect who took several of Karim’s free training 
seminars. But despite the absence of explanations, Samir believes that Karim 1s genuinely on to 
something. “People have been treated successfully. The re-sults are in front of us,” he said. “Where it 
comes from, we don’t know and he won't say.” 


http://www.vesica.org --- 


BioGeometry: The Egyptian Science of Energy --- An Interview with Dr. Robert J. 
Gilbert 


| Excerpts | 
What is BioGeometry? 


BioGeometry is remarkable for how vast the possibilities are for applying it in virtually any field you can 
name! Because BioGeometry deals with the fundamental energies of Creation, those which are essential 
to human health and higher consciousness, 1t can be used to support and empower many different 
approaches to energy work. What I find particularly valuable are the tools which BioGeometry offers so 
that anyone can work tangibly with different energies rather than "assume" the energies are present or just 
follow someone else's techniques and hope for the best! BioGeometry offers methods to directly detect, 
measure, create, and transmute specific qualities of energy, so that you really know the effects you are 
creating with your energy work. It really is a huge step forward in the human race’s ability to understand 
and work responsibly with energy fields. And I believe this is just the beginning; many of those who train 
in BioGeometry will use this knowledge to further advance humanity’s work with energy into even more 
advanced levels which most of us can’t even imagine today. 


BioGeometry is a powerful science which shows how to use shapes, patterns, colors, sounds, and motion 
to create specific energy effects. It clearly identifies core principles as well as providing a wide range of 
practical techniques. BioGeometry does not ask for the student to take anything on faith, rather it provides 
the tools to directly detect and monitor the energies which shape the world around us. BioGeometry 
reveals publicly for the first time many of the ways which spiritual energy works in the world to create 
life, health, and consciousness, information which was previously restricted to small groups of spiritual 
initiates. Put simply, BioGeometry provides critical and unprecedented insights into the use of living 
energy for beneficial purposes; its simple but extremely powerful techniques can be used by anyone to 
help humans, animals, plants, and/or the environment. 


Can you give us any concrete examples of how BioGeometry has been applied in specific fields or 
projects? 


Absolutely. BioGeometry has been studied and applied in a wide range of fields and projects, including 
studies at Egyptian and European Universities. Here is just a short list of successful studies: 


The Egyptian National Research Centre determined that BioGeometry forms could stop the replication of 
Bacteria, a result which they stated in their report that they could not explain according to modern 
scientific theory. 


Al Azhar University in Cairo conducted a national Hepatitis C Research Project under the sponsorship of 
the Egyptian Government, in which they evaluated a wide range of Pharmaceuticals and treatments that 
might help Hepatitis C sufferers. One of the methods evaluated was BioGeometry, with a particular group 
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in the study given only a medallion with particular BioSignatures on it to correct their energy imbalances. 
At the end of 6 months, Dr. Taha Khalifa who headed the study announced on national Egyptian 
television that the most successful results in the whole study (with 90% normalization of enzyme levels 
on average, and some subjects with complete viral clearance) were enjoyed by the patients who were in 
the BioGeometry group. 


A project evaluated by an official of the Egyptian Department of Agriculture found that chickens grew up 
healthier and faster in an environment which was energy balanced by BioGeometry methods than they did 
with Antibiotics and Growth Hormones. 


Prof. Peter Mols of the Wageningen Agriculture University in Holland found that BioGeometry energy 
methods could be used in place of Pesticides and Artificial Fertilizers to grow healthy organic crops with 
a greatly extended shelf life. 


A 1998 agricultural project on the Red Sea headed by Adel Ammar discovered that crops could actually 
grow better in salt water than in fresh water if the salt water was treated with BioGeometry energy 
methods. 


This is not even to mention the tremendous amount of anecdotal evidence from people who report having 
all types of different conditions helped by BioGeometry methods; even a Reuters New Service article 
carried by CNN.com and ABCNews.com contained such reports. Of course we do not make any medical 
claims whatsoever for BioGeometry; no system that uses subtle energies can make such claims, since the 
dominant medical and scientific model asserts that these subtle energies don’t even exist. So we just tell 
people to learn the system and make up their own minds from the results they get! 


Another article from Vesica.org --- 
What the Ancient Egyptians Knew... And Modern Scientists Can't Explain 


CAIRO EGYPT, August 5 1993: A team of researchers at the Egyptian National Research Centre watches 
as an Egyptian Architect places a simple geometric form over a culture of bacteria. Reputed to be a 
master of the lost energy science of Ancient Egypt, the Architect has been brought to the Centre to test his 
ability to create specific energy effects through the use of shapes, sounds, colors, and movements. The 
researchers are certain that they will easily discredit such ‘nonsense’ by designing controlled experiments 
to test his abilities. 


To their amazement, the Architect’s claim to be able to stop the replication of the bacteria through the 
subtle energy emitted by a simple geometric form proves true. In the report of the experiment released by 
the Head of the Department of Microbial Chemistry, he notes “quite a noticeable cessation of the growth 
of Saccharomyses cerevisiae was observed... the essence of this type of interaction seems to surpass 
explanation through our traditional and classical knowledge in basic science.” 


After this success, other scientists and researchers took up the challenge of testing the Egyptian 
Architect’s energy methods; in every case they are confounded by the powerful effects: 


Al Azhar University in Cairo conducted a national Hepatitis C Research Project in which they evaluated a 
wide range of Pharmaceuticals and alternative treatments. One of the methods evaluated was a medallion 
which held hundreds of tiny energy patterns termed ‘BioSignatures’, which the Architect had determined 
would balance the energy of Hepatitis C sufferers. At the end of 6 months, Dr. Taha Khalifa, head of the 
study, announced on national Egyptian television that the most successful results in the whole study — 
with 90% normalization of enzyme levels on average, and some subjects with complete viral clearance— 
were enjoyed by the patients whose only treatment had been wearing the medallion. 


Professor Peter Mols of Wageningen Agriculture University in Holland found that BioGeometry energy 
methods could be used in place of Pesticides and Artificial Fertilizers to grow healthy organic crops with 
a greatly extended shelf life. 
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An agricultural project on the Red Sea headed by Adel Ammar discovered that crops could actually grow 
better with salt water irrigation than in fresh water if the salt water was first treated with these subtle 
energy methods. 
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Biogeometry Shapes & Methodology for Biological Energy Balancing 
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WO2005062691 
7-14-2005 
KARIM IBRAHIM FAHMY (EG) 


Application number: WO2003EG00017 20031231 
Priority number(s): WO2003EG00017 20031231 
Also published as: AU2003287943 (A1) 


Abstract ~ Geometric shapes and techniques, along with the methodology behind them, invented to 
produce a qualitative energy balancing effect on biological systems, be it human beings or otherwise. This 
results in a positive effect on biological functions, either preventative or healing, and protection from 
environmental energy disturbances. The methodology introduced by the inventor is the discovery of the 
qualitative energy components of earth energy power-spots {specifically those components are qualitative 
higher harmonics of the frequencies of gold and ultra-violet, and a carrier wave in the negative green of 
the energy spectrum} and development of geometric shapes and techniques to reproduce and amplify that 
energy balancing quality. This methodology has been termed/copyrighted "BioGeometry" by the inventor. 
The geometric shapes and techniques work either directly through proximity to the biological system or 
from within its surrounding environment, or by superimposing on a radiating energy source that reaches 
the biological system. The two techniques are: (1) Using two of the shape (Fig. 4) as geometric polarizers 
and orienting them in relation to a central axis to produce the energy balancing quality as in (Fig 7) and 
termed "BioGeometry Dial", (2) Using shape (Fig. 4) as an individual geometric polarizer and aligning 
samples of materials from the biological system itself or its environment to produce the energy balancing 
effect (Fig. 8) and termed "Energy Balancing Wheel" when in two-dimensional form and "Energy 
Balancing Sphere" when in three-dimensional form. 
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Biosignatures: Linear Diagrams for Biological Energy Balancing 


WO2005062690 
7-14-2005 
KARIM IBRAHIM FAHMY (EG) 


Application number: WO2003EG00016 20031231 
Priority number(s): WO2003EG00016 20031231 
Also published as: AU2003287942 (Al) 


Abstract ~ Linear diagrams (Figures 1 to 247) tracing and corresponding to the functional paths of subtle 
energy flow within the organs of the human body to restore proper flow and energy balancing through 
resonance. This results in a positive effect on biological functions, either preventative or healing, and 
protection from environmental energy disturbances. The diagrams are activated by the body's peripheral 
energy field, which is channeled through the linear diagrams, and enters into resonance with the functions 
of the organs they correspond to. The energy balancing effect and restoration of proper energy flow 
within the organs can be introduced by the diagrams either by proximity to the human body, or by 
superimposing on a radiating energy source that reaches the biological system. These linear diagrams 
have been termed and copyrighted "BioSignatures" by the inventor. 
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EG22820 
9-30-2003 
KARIM IBRAHIM FAHMY 


Classification: - international: A61B 1/00; A61B1/00; (1PC1-7): A61B1/00 
Application number: EG19990001427 19991110 
Priority number(s): EG19990001427 19991110 


Bio-Geometrical Shapes 


EG22227 
11-30-2002 
IBRAHIM FAHMY KARIM 


Classification: - international: A61B1/00; A61B1/00; (1PC1-7): A61B1/00; - european: 
Application number: EG19990000645 19990602 
Priority number(s): EG19990000645 19990602 


http://biogeometry.com 
Products are available in the following countries: 


Nozom El Taga El Handasseya Agent of BioGeometry® Energy Systems Ltd.IBC-BVI 
97 Road 9 Maadi, Cairo - Egypt 

Tel: (+2 )02 3786152 

Fax: (+2 )02 3590505 

Email: (Egypt & Arab World): BioGeometrycentera@hotmail.com 

Email: (US & Europe): BioGeometryeg@hotmail.com 


Dr. Robert J.Gilbert 

Vesica Science and Spirit Resources. 
PO Box: 27 

Asheville, NC 28802 

Tel: 828-257-2600 // 828-296-8324 
E-mail: info@vesica.org 
www.vesica.org 
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1 741 IC 

Silicon diode, HEP R0050 or 
equivalent 

100 pF capacitors 

150 pF capacitor 

.01 uF capacitor 

20 uF, 15V de electrolytic 
25 uF, 25 V dc electrolytic 
5600 Ohm, 1/4 W resistors 
13k Ohm, 1/4 W resistor 

1 megohm, 1/4 W resistor 
10 uH rfc 

8-pin IC socket 

Mike jack, PC board, and parts 
based on your choice. 


= 


| Table 4-1. Amplifier Parts List. 


already has considerable power output. How about a push pull 
grounded grid? It ought to work fine, but we have all of that 
circuitry mentioned above. It occurred to me that since this is a low 
impedance circuit to the input, a 4:1 balun could be used to get the 
push pull excitation. Accordingly a two inch toroid core was or- 
dered from Amidon. Upon receipt of same, we wound 8 turns of 72 
ohm ribbon (receiving type) on it, and discovered that the drive to 
the grids was about the same as that derived from a tuned circuit, 
And it works on all bands. 

The circuit in Fig. 4-6 will work at any power level but in this 
design three restraints were imposed. First of all, the all band 
tuner is rated at about 1500 volts, and it was desired to voltage 
double an old TV power transformer for the dc supply which also 
comes out about 1500 volts. Secondly, the box to be used was of 
limited size, so the number and size of components had to be kept 
at a minimum. Last but not least, operation without a fan was 
desired. 

Grounded grid with a filamentary cathode is a headache be- 
cause you need to have big, bulky, hard to mount, filament rf 
chokes which are expensive if you buy then ready-made. An indi- 
rectly heated cathode is much to be desired. A pair of 7094s was on 
hand. These were ideal except at 1500 volts they don't operate at 
maximum ratings. Several power tubes with indirectly heated 
cathodes and higher dissipation ratings have come out recently. 
Obviously many of the TV tubes could be used in the circuit, 
operated at lower voltage and power levels. 

Figure 4-6, using the all band tuner, was selected. Trial one 
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This receiver has been built in three parts, each part will be described on a separate page: 


1- The antenna tuner unit 
2- The detector unit 
3- The transformer unit 


In this receiver I tried to obtain the best possible selectivity and sensitivity, by using a proper circuit and good 
quality materials. 


Before I started building this receiver, I performed many experiments in order to obtain the best possible Q 
factor in the tuned circuits. 
This resulted in circuits with a (unloaded) Q above 1000 for the most part of the mediumwave band. 


Experiments en measurements carried out with the antenna tuner unit are described here. 


The loudspeaker used is a driver unit from a hornloudspeaker, for more information on the sensitivity of this 
driver unit, see the loudspeakertest. 


For a good performance, the coils of the antenna tuner unit and the detector unit must be placed at a distance of 
42 cm. 
More information and measurements on this topic, you will find here. 


The sensitivity of the receiver. 


To measure the sensitivity of the receiver, the receiver was connected to a signal generator. 
The signal generator was AM modulated with 1000 Hz, this 1000 Hz was a square wave with a modulation 
depth of 100 %. 
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Between signal generator and receiver, I connected a variable attenuator and a dummy antenna. 


The output voltage of the dummy antenna was 100 mVpp with the attenuator at 0 dB. 

This 100 mVpp was measured without connecting the receiver. 

When we connect the receiver to the dummy antenna, the output voltage of the dummy antenna will increase, 
this happens because the coil and capacitor in the dummy antenna then form a part of the resonant antenna unit 
circuit. 


100 mV pp 1600 mV pp 
32 mV pp 540 mV pp 


In the last column the amplitude of the detected audiosignal is given, the audio signal is loaded with the 
transformer unit with speaker. 

With the attenuator at -43dB the 1000 Hz test tone was just audible. 

The (unloaded) antenna voltage is then 0.7mVpp or 0.25mVeff. 

For listening to a normal audio signal, the antenna signal must however be stronger. 


With this receiver I took part in national and 
international receiving contests. 


In 2005 this receiver was the 1st price winner in 
the "Elmer Memorial Crystal Radio DX Contest". 


For loglists of the received stations, click here. 
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did not include the ferrite beads and trouble with parasitics was 
experienced. Beads were added to the grid circuit primarily be- 
cause the grids were easy to get at. Beads in the plate circuit might 
be better. Ordinary parasitic chokes with shunt resistors will do 
the same thing. Beads seem to be the cheap and easy way to do it. 
At any rate, the parasitic problem was solved. The plate circuit- 
pickup coil was tapped and the taps connected to a rotary switch. 
This gives adjustable loading ability. If you have a set of BC 610 
plug-in coils with a swinging link, you get the same effect, only it is 
continuously variable. 

The unit shown in Fig. 4-7 uses a box left over from some 
former project. It is in the vertical position shown because of the 
National all band tuner which fitted best this way. All of the power 
supply is in the bottom. The rectifiers are actually five 1000 V piv 
diodes on each side, without any voltage dividing resistors or 
capacitors. 

At 10¢ each, it’s too much trouble to add resistors and 
capacitors. Just put in twice as many diodes as required for the 
voltage. It saves space. The front panel is a piece of aluminum 
sheet from an off-set printing system common to many newspap- 
ers. They are pretty thin but, as in this case, will cover an old panel 
with the holes in the wrong places. The switches are ordinary 
toggle switches mounted on the grounded front panel. There has 
been no voltage breakdown to date. You could mount them insu- 
lated but then touching them might be an electrical hazard. 


Fig. 4-6. Push pull grounded grid linear. 
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POWER RECEIVER FOR EXTRACTING 
POWER FROM ELECTRIC FIELD ENERGY 
IN THE EARTH 


[0001] This application is a continuation-in-part of prior 
U.S. application Ser. No. 14/509772 filed 8 Oct. 2014 which 
claims the benefit of U.S. Provisional Application No. 
61/889894 filed 11 Oct. 2013, the disclosures of all of which 
are incorporated by reference herein in their entirety. 


TECHNICAL FIELD 


[0002] The present invention relates generally to renew- 
able energy, and more particularly to methods and apparatus 
for extracting energy from subsurface electrical fields 
beneath the earth’s surface. 


BACKGROUND 


[0003] The earth and the ionosphere cavity may be viewed 
as a global electric circuit. Electrical currents are constantly 
flowing within the earth and its atmosphere. Within the 
earth, the majority of the earth’s energy is carried by 
extremely low frequency (ELF) and ultralow frequency 
(ULF) waves in the 0-200 Hz frequency range. The earth’s 
rotating magnetic field and positive lightning are two energy 
sources that sustain the ELF/ULF waves within the earth and 
the atmosphere. 


[0004] A great deal of research has been devoted to 
studying the electric field present in the earth’s ionosphere 
cavity. Joseph M. Crawley, the “Fair Weather Atmosphere as 
a Power Source”, Proceedings ESA Annual Meeting on 
Electrostatics 2011; O. Jefimenko, “Operation of Electric 
Motors from Atmospheric Electric Field,” American Journal 
of Physics, Vol. 39, Pgs. 776-779, 1971; M. L. Breuer, 
“Usability of Tapping Atmospheric Charge as a Power 
Source,” Renewable Energy, Vol. 28, Pgs. 1121-1127, 2003. 
Numerous attempts have been made in the past to extract 
electrical energy from the earth’s atmosphere. For example, 
U.S. Pat. No. 1,540,998 to Plauson describes a system for 
converting atmospheric electrical energy into usable power. 
These past attempts have been successful in producing only 
small amounts of power from the electrical field in the 
earth’s ionosphere cavity. The modest success of these 
experiments compared to results from other renewable 
energy sources, such as solar and wind, has tempered further 
research and prevented widespread use of the electric field 
in the ionosphere cavity as an energy source. 


SUMMARY 


[0005] The present invention relates to a power receiver 
for extracting power from electric fields beneath the earth’s 
surface. In embodiments of the present disclosure, a reso- 
nant transformer connected to a ground terminal draws 
current from the earth’s electric field through the primary 
winding of the transformer. Current flow through the reso- 
nant transformer is induced by applying a high voltage 
impulse to the primary winding. The flow of current through 
the primary winding of the resonant transformer induces a 
current in the secondary winding, which may be converted 
and filtered to a usable form, e.g. 60 Hz AC or DC. 


[0006] In some embodiments of the power receiver, the 
resonant frequency of the resonant transformers is below 
200 Hz. 
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[0007] In some embodiments of the power receiver, the 
resonant transformer comprises a ferro-resonant trans- 
former. 

[0008] In some embodiments, the power receiver further 
comprises an elevated terminal. 

[0009] In some embodiments of the power receiver, the 
primary winding of the resonant transformer is connected 
between the ground terminal and elevated terminal. 

[0010] In some embodiments of the power receiver, the 
elevated terminal comprises an upper capacitive plate 
coupled to the earth’s ionosphere cavity. 

[0011] In some embodiments of the power receiver, the 
impulse generator comprises the upper capacitive plate and 
a spark gap connected between the upper capacitive plate 
and the primary winding of the resonant transformer. The 
spark gap comprises a pair of electrodes separated by a gap 
and configured to generate a spark when a voltage difference 
between the electrodes reaches a predetermined level. 
[0012] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generat- 
ing low voltage pulses, a step-up transformer for converting 
the low voltage pulses provided by the pulse generator to 
high voltage impulses, and a spark gap connected between 
the step-up transformer and the primary winding of the 
resonant transformer to generate a spark responsive to the 
high voltage impulses from the step-up transformer. 
[0013] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generat- 
ing low voltage pulses, and a step-up transformer connected 
to the primary winding of the resonant transformer for 
converting the low voltage pulses provided by the pulse 
generator to high voltage impulses. 

[0014] In some embodiments of the power receiver, the 
impulse generator comprises a solid state spark generator. 
[0015] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in par- 
allel with the primary winding. 

[0016] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in series 
with the primary winding between the impulse generator and 
the elevated terminal. 

[0017] In some embodiments, the power receiver com- 
prises multiple resonant transformers having primary wind- 
ings connected in parallel between the ground terminal and 
the elevated terminal. 

[0018] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0019] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 


[0020] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 

[0021] Another embodiment of the power receiver com- 
prises a resonant circuit connected to a ground terminal 
disposed below the surface of the earth, an impulse genera- 
tor for generating and applying a high voltage electrical 
impulse to the resonant circuit to induce current flow from 
the ground terminal through the resonant circuit, and a 
power conversion circuit connected to the resonant circuit to 
convert electrical current flowing through the resonant cir- 
cuit to a desired form. The resonant circuit has a resonant 
frequency below 200 Hertz. 
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[0022] In some embodiments of the power receiver, the 
resonant circuit comprises a resonant transformer having a 
primary winding, a secondary winding, and resonant capaci- 
tor connected in series with the primary winding. 

[0023] In some embodiments of the power receiver, the 
resonant circuit comprises multiple resonant transformers 
having primary windings connected in parallel to the ground 
terminal. 

[0024] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0025] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 

[0026] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 

[0027] Other embodiments of the disclosure comprise a 
ground terminal for a power receiver. In one embodiment, 
the ground terminal comprises a ground shaft configured for 
insertion beneath the surface of the earth, a hollow cylinder 
surrounding the ground shaft and having a plurality of 
openings, and a plurality of ground wires connected at one 
end to the ground shaft. The ground wires are wound around 
the ground shaft and have free ends protruding through 
respective openings 1n the hollow shaft so that rotation of the 
ground shaft relative to the hollow cylinder causes the 
ground wires to extend radially into the earth. 

[0028] Other embodiments of the disclosure comprise 
methods of extracting power from the earth. In one embodi- 
ment, the method comprises applying a high voltage impulse 
to resonant circuit coupled to a ground terminal disposed 
beneath the surface of the earth to initiate resonance in the 
resonant circuit and induce the flow of current from the 
ground terminal to the resonant circuit, and converting the 
current flowing from the ground terminal into the resonant 
circuit into a useful form. 

[0029] In some embodiments of the method, the resonant 
circuit comprises a resonant transformer including a primary 
winding coupled to the ground terminal and a second 
winding coupled to a power converter, and applying a high 
voltage impulse to resonant circuit comprises applying a 
high voltage impulse to the primary winding of the resonant 
transformer. 

[0030] In some embodiments of the method, applying a 
high voltage impulse to the primary winding of the resonant 
transformer comprises applying an impulse in the range to 
10,000 to 40,000 volts to primary winding of the trans- 
former. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0031] FIG. 1 illustrates a first exemplary embodiment of 
a power receiver. 

[0032] FIG. 2 illustrates a second exemplary embodiment 
of a power receiver. 

[0033] FIG. 3 illustrates a third exemplary embodiment of 
a power receiver. 

[0034] FIG. 4 illustrates a fourth exemplary embodiment 
of a power receiver. 

[0035] FIG. 5 illustrates a fifth exemplary embodiment of 
a power receiver. 

[0036] FIG. 6A is an exploded perspective view of an 
exemplary ground antenna array for the power receiver. 
[0037] FIG. 6B is a perspective view of an assembled 
ground antenna array before being deployed. 
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[0038] FIG. 6C is a perspective view of an assembled 
ground antenna array after being deployed. 

[0039] FIG. 7A is a side view of an insertion tool for 
installing the ground antenna array. 

[0040] FIG. 7B is a top view of the insertion tool for 
installing the ground antenna array. 

[0041] FIG. 7C is a bottom view of the insertion tool for 
installing the ground antenna array. 


DETAILED DESCRIPTION 


[0042] Referring now to the drawings, a power receiver 
for extracting energy from the earth’s electric field are 
illustrated and indicated generally by the numeral 10. Vari- 
ous embodiments of the power receiver 10 are described and 
similar reference numbers are used throughout the descrip- 
tion to indicate similar components. 

[0043] The power receiver 10 converts energy in the 
ELF/ULF waves to useful form, e.g. 60 Hz AC or DC. The 
power receiver 10 is essentially a resonance circuit that 
resonates at the natural resonance frequencies in the earth’s 
electric field. These resonance frequencies, known as Schu- 
mann resonance frequencies, occur at 7.83 Hz, 14.3 Hz, 20.8 
Hz, 27.3 Hz, and 33.8 Hz. A high voltage impulse initiates 
resonance within the power receiver 10. In the resonant 
mode, the impedance of the power receiver 10 is reduced to 
near zero thus inducing ground currents to flow into the 
power receiver 10 where the ground currents are converted 
to useful form. 


[0044] FIG. 1 illustrates a first embodiment of the power 
receiver 10. The power receiver 10 comprises a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. In this embodiment, the elevated 
terminal 15 is capacitively coupled to electric fields within 
the earth’s ionosphere cavity and functions as an upper 
capacitive plate. A lower capacitive plate 20 is connected to 
the ground terminal 25 beneath the surface of the earth. 
[0045] The resonant transformer 30 comprises a primary 
winding 35, secondary winding 40, ferromagnetic core 45, 
and capacitor 50. One end of the primary winding 35 is 
connected to the lower capacitive plate 20 and ground 
terminal 25. The opposite end of the primary winding 35 is 
connected via a spark gap 90 to the elevated terminal 15. The 
capacitor 50 is connected in parallel with the primary 
winding 35 of the resonant transformer 30 to form an LC 
circuit 55 with a resonance frequency range of between 
about 0.1 and 200 Hz. In a preferred embodiment, the 
resonant transformer has a Q of about 10 or greater and 
resonance frequency in the range of about 0.1-200 Hertz. 
For example, the resonant transformer 30 may have a 
resonance frequency of about 7.83 Hz, the fundamental 
Schumann resonance frequency. The secondary winding 40 
of the resonant transformer 30 is connected to a power 
converter 110 as will be hereinafter described in greater 
detail. The power converter 110 converts the energy 
extracted from the earth’s electric field by the power 
receiver 10 into a usable form for driving a load 140. 
[0046] The elevated terminal/upper capacitive plate 15 
comprises an insulated, dish-shaped plate with a large radius 
of curvature. The capacitance and resistance of the elevated 
terminal is chosen for receiving broadband electric field 
frequencies in the 0-200 Hz range. The upper capacitive 
plate 15 is sized to maximize to the extent practical coupling 
with the electric field in the earth’s ionosphere cavity. 
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[0047] The lower capacitive plate 20 is also a dish-shaped 
plate with a large radius of curvature. One function of the 
lower capacitive plate 20 is to collect charge from the earth’s 
ground currents and provide an instantaneous source of 
current as hereinafter described. The capacitance and resis- 
tance of the lower capacitive plate 20 is selected to promote 
the flow of current from the ground with minimal losses. 
[0048] The spark gap 90 connected between the elevated 
terminal 15 and resonant transformer 30 comprises a pair of 
electrodes 95, 100 separated by an evacuated air gap 105. 
Electrode 95 is connected to the upper capacitive plate 15. 
Electrode 100 is connected to the resonant transformer 30. 
The spark gap 105 prevents electrical discharge from the 
upper capacitive plate 15 to the earth’s ionosphere cavity. 
The spark gap 90 in combination with the elevated terminal 
15 function as an impulse generator that applies a high 
voltage impulse of about 10,000-40,000 volts to the primary 
winding 35 to initiate resonance in the transformer 30. 
[0049] In operation, the capacitive coupling of the upper 
capacitive plate 15 induces a high voltage operating current 
in the upper capacitive plate 15. The upper capacitive plate 
is connected to a first electrode 95 to the spark gap 90. When 
the voltage difference between the electrodes 95 and 100 
reaches a threshold, a spark forms across the electrodes 95, 
100 and a high voltage impulse is applied to the primary 
winding 35 of the resonant transformer 30. This high voltage 
impulse initiates resonance within the transformer 30. 
[0050] In resonant mode, the impedance of the resonance 
transformer is reduced to nearly zero allowing current to 
flow from the capacitive plate 20 and ground terminal 25 
through the primary winding 35 of the transformer 30, which 
in turn induces current in the secondary winding 40. Power 
converter 110 converts the current flowing through the 
secondary winding 40 into a usable form for driving a load 
140. The transformer 30 will continue to resonate for a short 
period of time. By providing high voltage impulses to the 
primary winding 35 of the resonant transformer 30 at 
periodic intervals, it is possible to maintain a continuous 
flow of current from the earth into the resonant transformer 
30, thus producing a continuous supply of power. 

[0051] FIG. 2 discloses a second embodiment of the 
primary receiver 10. This embodiment includes a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. The resonant transformer 30 com- 
prises a primary winding 35, secondary winding 40, ferro- 
magnetic core 45 and a high voltage capacitor 50. One end 
of the primary winding 35 is connected to the ground 
terminal 25. The opposite end of the primary winding 35 is 
connected to the elevated terminal 15. The capacitor 50 has 
a capacitance of about 0.01 micro-farads. In contrast to the 
previous embodiment, capacitor 50 is connected in series 
with the primary winding 35 and elevated terminal 15 and 
forms a LC circuit 55 with a Q of about 10 or greater and a 
resonance frequency in the range of about 0.1 to 200 Hz. In 
a preferred embodiment, the resonance frequency of the 
transformer 30 is 7.83 Hz, the fundamental Schumann 
resonance frequency. An impulse generator 60 is connected 
between the primary winding 35 of the resonant transformer 
30 and the series capacitor 50 and applies a high voltage 
impulse to the primary winding 35 of the resonant trans- 
former 30. A battery 130 or other external power source 
supplies power to the impulse generator 60. As previously 
described, the high voltage impulse applied by the impulse 
generator 60 initiates resonance within the resonant trans- 
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former 30 inducing current flow from the ground terminal 25 
into the primary winding 35 of the resonant transformer 30. 
The flow of current from the ground terminal 25 through the 
primary winding 35 induces current in the secondary wind- 
ing 40. Power converter 110 converts the electrical energy in 
the current flowing through the primary winding 40 into a 
usable form. 

[0052] In contrast to the first embodiment, it is not 
required to capacitively couple the elevated terminal 15 in 
the second embodiment to the earth’s ionosphere cavity. 
Rather, the elevated terminal 15 in this embodiment pro- 
vides lightning protection and dissipates some of the energy 
flowing into the power receiver 10 to the earth’s ionosphere 
cavity. Also, in contrast to the first embodiment, the capaci- 
tor 50 1s connected in series between the primary winding 35 
of the transformer 30 and the elevated terminal 15. Those 
skilled in the art will appreciate that the capacitor 50 could 
also be connected in parallel rather than series with the 
primary winding 35 as shown in FIG. 1. Another difference 
is that the impulse generator 60 has an external power 
source. The amount of energy generated by the power 
receiver 10, however, is far greater than the energy needed 
to generate high voltage impulses. The first embodiment 
does not require an external power source to generate high 
voltage impulses. 

[0053] FIG. 3 illustrates a third embodiment of the power 
receiver 10. This embodiment is essentially the same as the 
embodiment shown in FIG. 2. The main difference is that a 
center tap of the primary winding 35 in the resonant trans- 
former 30 is connected to an electrical ground 85. It should 
be appreciated that the electrical ground 85 may be different 
than the earth ground. When the center tap of the resonant 
transformer 30 is grounded at a distance away from the 
ground terminal 25 (e.g. 50 ft to 100 ft), the power receiver 
10 becomes a transmitter via the ground loop formed. 
[0054] FIG. 4 illustrates the power receiver 10 of FIG. 2 
in greater detail. The power receiver includes a resonant 
transformer 30 connected between a ground terminal 25 and 
an elevated terminal 15. The ground terminal 25 may 
comprise a Ys-inchx8-foot copper ground rod, such as the 
ERICO 615880UPC. The elevated terminal 15 may com- 
prise a 90% copper mesh formed into a hemisphere with a 
radius of about 9 inches. The elevated terminal 15 may be 
elevated at a height of approximately 6 feet above the 
ground. 

[0055] The resonant transformer 30 includes a primary 
winding 35, secondary winding 40, ferromagnetic core 45 
and series capacitor 50 configured as previously described. 
The resonant transformer 30 may have a Q of about 10 and 
a resonance frequency in the range of about 0.1 to 200 Hz. 
The resonant transformer 30 may be made using an Allanson 
transformer (part #1530BP120R) connected in series with a 
0.01 micro-farad capacitor, such as the Condensor Products 
high voltage capacitor (part #TC 103-17-125). The resonant 
transformer 30 is used in a step-down configuration. The 
center tap of the resonant transformer 30 may optionally be 
connected to a ground. 

[0056] An impulse generator 60 is connected between the 
primary winding 35 of the resonant transformer 30 and the 
series capacitor 50 and applies a high voltage impulse in the 
range of about 10,000 to 40,000 volts to the primary winding 
of the transformer 30. A battery 130 or other external power 
source supplies power to the impulse generator 60. The 
power converter 110 connects to the secondary winding 40 
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of the resonant transformer 30 for converting current in the 
secondary winding of the transformer to a useful form. 
[0057] The impulse generator 60 comprises a pulse gen- 
erator 65 for generating low voltage pulses, a step-up 
transformer 80 for converting the low voltage pulses from 
the pulse generator 65 to high voltage pulses, and a spark 
gap 90 for generating sparks responsive to the high voltage 
pulses from the step-up transformer 80. 

[0058] The pulse generator 65 comprises a square wave 
generator 70, such as a Sinometer VC2002 function signal 
generator, and solid state relay 75. The square wave gen- 
erator 70 generates a digital pulse stream. In one embodi- 
ment, the digital pulse stream generates a square waveform 
with a frequency of about 7.83 Hz. The frequency of the 
digital pulse stream is selected to match the resonance 
frequency of the transformer 30, though such is not neces- 
sarily required. The pulse stream output from the square 
wave generator 70 is applied to the solid state relay 75. The 
solid state relay 75 is connected between a battery or other 
power source and a first winding of the step-up transformer 
80. The battery may comprise a 12 V, 7.0 A/H sealed lead 
acid battery, such as the ELB 1270A by Lithonia Lighting. 
The solid state relay 75 functions as a switch that is activated 
responsive to the waveform from the square wave generator 
70 to provide a continuous stream of low voltage pulses 
from the battery to the first winding of the step-up trans- 
former 80. A 1 ohm resistor is connected between the solid 
state relay 75 and step-up transformer 80. 

[0059] The step-up transformer 80 may comprise a 
Transco 15 kV, 30 mA neon sign transformer (part 
#815612). The step-up transformer 80 converts the low 
voltage pulses from the pulse generator 65 to high voltage 
pulses that are applied to the spark gap 90. The step-up 
transformer has a 0.5 micro-farad capacitor connected in 
parallel with the primary winding of the step-up transformer 
80. The step-up transformer produces pulses at the output of 
about 30,000 to 40,000 volts. 


[0060] The spark gap 90 comprises a pair of electrodes 95, 
100 separated by an air gap 105. A suitable spark gap 
electrode pair is the Information Unlimited SPARKOS 1⁄4- 
inchx1l-inch tungsten electrodes. As previously described, 
when the voltage potential between the electrodes 95, 100 
reaches a threshold, a spark forms between the electrodes 
95, 100 and supplies a nearly instantaneous, high voltage 
impulse to the primary winding 35 of the resonant trans- 
former 30. This high voltage impulse initiates resonance 1n 
the resonant transformer 30 inducing current flow from the 
ground terminal 25 through the primary winding 35 of the 
resonant transformer 30. 


[0061] The power converter 110 comprises a bridge rec- 
tifier 115, filter capacitor 120, charge controller 125, and 
inverter 135. A suitable rectifier is the Micro Commercial 
Components 10 amp, 1000 volt bridge rectifier (Part #GBJL 
1010). The bridge rectifier 115 converts the AC current 
flowing through the secondary winding 40 of the resonant 
transformer to a DC current. A filter capacitor 120 removes 
unwanted frequencies from the DC current. A suitable 
capacitor 120 is Cornell Dubilier 1000uF 450VDC capacitor 
(part #383L.X102M450N082). The filter capacitor 120 has a 
capacitance of about 1000 micro-farads. The DC current is 
input to the charge controller 125. The charge controller 125 
may, for example, comprise a maximum power point track- 
ing (MPPT) charge controller, such as a Tracer 4215 BN 
MPPT Solar Charge Controller, which is commonly used in 
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solar power generating systems. The charge controller 125 
applies a small amount of energy to a battery 30 to charge 
the battery 130. As previously noted, the battery 130 serves 
as a power source for the impulse generator 60. The remain- 
ing current is supplied to an inverter 135, which converts the 
DC current to an AC current with a desired voltage and 
frequency, e.g., 120 volts/60 Hz AC. A suitable inverter 135 
is the 1500 W Pure Sine power inverter (AIMS) (part 
#PWRI1500125).The power converter 110 as shown in FIG. 
4 may be utilized in the embodiment shown in FIGS. 1, 2 
and 3. 


[0062] FIG. 5 illustrates a power receiver 10 according to 
another embodiment. The power receiver 10 comprises a 
plurality of resonant transformers 30 connected between a 
ground terminal 25 and elevated terminal 15. Each of the 
resonant transformers 30 comprises a primary winding 35, 
secondary winding 40, ferromagnetic core 45 and series 
capacitor 50. The primary windings 35 of the resonant 
transformers 30 are connected in parallel. The secondary 
windings 40 are connected in series with the power con- 
verter 110. An impulse generator 60 applies a high voltage 
impulse to the primary windings 35 of the resonant trans- 
formers 30. A battery 130 or other external power source 
supplies power to the impulse generator 60. The power 
converter 110 converts the current in the power converter 
circuit to a usable form for driving a load 140. 


[0063] In one embodiment, each of the resonant trans- 
formers 30 shown in FIG. 5 is configured to have a different 
resonant frequency. In one embodiment, the resonant trans- 
formers 30 are configured to resonate at frequencies of 7.83 
Hz, 14.8 Hz, 20.3 Hz and 26.8 Hz respectively. Additional 
resonant transformers 30 could be added to operate at other 
resonance frequencies. 


[0064] FIGS. 6A-6C illustrate a high quality ground 
antenna array 200 which may be used as a ground terminal 
25. The ground antenna array 200 comprises a generally 
cylindrical ground shaft 205 disposed with a hollow cylinder 
220 and a plurality of reinforced, heavy gauge ground wires 
210 attached at one end to the ground shaft 205. The ground 
shaft 205 and ground wires 210 should be highly conductive 
and have low resistance to supply current from the ground 
to the power receiver 10. In one embodiment, the ground 
wires 210 may be copper or other highly-conductive metal. 
The end of the ground shaft may be pointed to facilitate 
insertion into the earth. A connection port on the ground 
shaft 220 is provided to electrically connect the ground 
antenna array 220 to the resonant transformer 30. 


[0065] The hollow cylinder 220 has external threads 25 to 
facilitate insertion into the ground. A rotator nut 235 is 
fixedly secured to the top end of the hollow shaft 220. A 
square shaft 215 protrudes from the top end of the ground 
shaft 205 into the opening in the rotator nut 235. FIG. 6B. 
A tool 250, shown in FIG. 7, engages with the rotator nut 
235 and square shaft 215 during insertion of the ground 
antennas array 200 into the ground as will be hereinafter 
described. 


[0066] The insertion tool 250 is shown in FIG. 7. The 
insertion tool 250 includes a tool body 255 having a first 
socket 260 on one side to fit the rotator nut 235 on the hollow 
cylinder 220 and a second socket 265 on the other side to fit 
the square shaft 215 on the ground shaft 205. Arms 270 
extend from the outer periphery of the tool body 255 for 
manually or mechanically turning the insertion tool 250. 
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[0067] Before the antenna array 200 is deployed, the 
ground wires 210 are wound around the ground shaft 205 
with the free ends protruding slightly from respective open- 
ings 230 in the hollow cylinder 220 to a distance not to 
exceed one half (12) the depth of the external threads 225 on 
the hollow cylinder 220. FIG. 6B illustrates the ground 
antenna array 200 before deployment. FIG. 6C illustrates the 
ground antenna array in a deployed configuration. 


[0068] Installation of the ground antenna array 200 is 
performed in two stages. In the first stage, a hole slightly 
smaller in diameter than the threads 235 of the hollow 
cylinder 220 is drilled into the Earth to a depth matching the 
length of the hollow cylinder 220 or slightly longer. The hole 
is filled with water and the water is allowed to soak into the 
soil. After the ground is softened, the hollow cylinder 220 is 
rotated using the insertion tool 250 to insert the ground 
antenna array 200 into the ground. The first socket 260 of the 
insertion tool 250 is engaged with the rotator nut 230 and the 
insertion tool 250 is turned by hand or a mechanized rotating 
shaft fitted and attached to the tool arms 270 to thread the 
ground assembly into the hole. During the initial insertion of 
the ground antenna array 200, the ground shaft 205 is fixed 
to the hollow shaft 220 and rotates with the hollow shaft. 
The hollow cylinder 220 is rotated until it reaches the full 
depth of the hole. 


[0069] Once the ground antenna array 200 has been fully 
inserted into the earth, the insertion tool 250 is flipped over 
and the second socket 265 of the insertion tool 250 is 
engaged with the square shaft 215. The insertion tool 250 is 
turned by hand or a mechanized rotating shaft fitted and 
attached to the tool arms 270 to rotate the ground shaft 205. 
During the second phase, the ground shaft 205 rotates freely 
inside the hollow cylinder 220. Rotation of the ground shaft 
205 causes the reinforced ground wires 210 to extend 
radially into the earth. The ground shaft 220 is rotated until 
the ground wires are fully extended. The ends of the ground 
wires may be sharpened to aid in the extension of the ground 
wires during the second phase. 


[0070] After the ground antenna array 200 is deployed, a 
connection cable 280 is attached to a connection port 240 on 
the ground shaft 220 to electrically connect the ground 
antenna array 220 to the resonant transformer 30 in the 
power receiver 10. 


What is claimed is: 


1. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 


a resonant transformer connected to a ground terminal 
disposed below the surface of the earth; 


an impulse generator for generating and applying a high 
voltage electrical impulse to a primary winding of the 
resonant transformer to induce current flow from the 
ground terminal through the primary winding of the 
transformer; and 


a power conversion circuit connected to a secondary 
winding of the resonant transformer to convert electri- 
cal current flowing through the secondary winding to a 
desired form. 


2. The power receiver of claim 1 wherein a resonant 
frequency of the resonant transformers is below 200 Hz. 


3. The power receiver of claim 1 wherein the resonant 
transformer comprises a ferro-resonant transformer. 
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4. The power receiver of claim 1 further comprising an 
elevated terminal, and wherein the primary winding of the 
resonant transformer is connected between the ground ter- 
minal and elevated terminal. 

5. The power receiver of claim 1 wherein the impulse 
generator comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer 
and the primary winding of the resonant transformer to 
generate a spark responsive to the high voltage 
impulses from the step-up transformer. 

6. The power receiver of claim 1 wherein the impulse 

generator comprises a solid state spark generator. 

7. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in parallel with 
the primary winding. 

8. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in series with the 
primary winding between the impulse generator and the 
elevated terminal. 

9. The power receiver of claim 1 comprising multiple 
resonant transformers having primary windings connected 
in parallel between the ground terminal and the elevated 
terminal. 


10. The power receiver of claim 9 wherein the resonant 
transformers have different resonant frequencies. 


11. The power receiver of claim 10 wherein the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 


12. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 


a resonant circuit connected to a ground terminal disposed 
below the surface of the earth, said resonant circuit 
having a resonant frequency below 200 Hertz 


an impulse generator for generating and applying a high 
voltage electrical impulse to the resonant circuit to 
induce current flow from the ground terminal through 
the resonant circuit; and 


a power conversion circuit connected to the resonant 
circuit to convert electrical current flowing through the 
resonant circuit to a desired form. 


13. The power receiver of claim 12 wherein the impulse 
generator comprises: 


a pulse generator for generating low voltage pulses; 


a step-up transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer 
and resonant circuit to generate a spark responsive to 
the high voltage impulses from the step-up transformer. 


14. The power receiver of claim 12 wherein the resonant 
circuit comprises a resonant transformer having a primary 
winding, a secondary winding, and resonant capacitor con- 
nected in parallel with the primary winding. 


15. The power receiver of claim 12 wherein the resonant 
circuit comprises a resonant transformer having a primary 
winding, a secondary winding, and resonant capacitor con- 
nected in series with the primary winding. 
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16. The power receiver of claim 12 wherein the resonant 
circuit comprises multiple resonant transformers having 
primary windings connected in parallel to the ground ter- 
minal. 

17. The power receiver of claim 16 wherein the resonant 
transformers have different resonant frequencies. 

18. The power receiver of claim 17 wherein the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 


* * * * * 
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[57] ABSTRACT 


An earth battery which includes a first electrode which 

is a veined material located in the earth, a second elec- 
trode electrically connected to the surface of the earth 
and disposed in a hole which extends from the surface 
of the earth into the first electrode, an electrolyte dis- 
posed in the hole and in contact with the first and sec- 
ond electrodes, and means for electrically connecting 
the first electrode to the surface of the earth. A seam of 
coal is preferred as the first electrode. A method of 
mining metals located in the earth using the earth bat- 
tery and a method of drilling holes in the earth are also 
disclosed. 


21 Claims, 6 Drawing Figures 
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Fig. 4-7. The completed amplifier, ready to use. 


If you use the all band tuner, you should carefully check the 
output frequency with a wave meter (grid dipper on diode posi- 
tion). Make sure you have the right band and mark same on the dial. 
For example, the 40 meter and the 15 meter points are close 
together. You could be tuned to 15 when you think you are on 40 if 
you are not careful. 


90 WATT AMPLIFIER FOR 1296 MHz 

The cavity bypass capacitor, part A (Fig. 4-8), top of cavity, 
part C (Fig. 4-9), and chassis, part E (Fig. 4-10), are cut from .016” 
sheet brass. The vertical cavity wall, part D (Fig. 4-9), is cutfroma 
cat-food can. Parts G, H, I, and J (Fig. 4-11) are press-fit tube 
contact rings made out of .010’ brass sheet. They are assembled in 
the following sequence: 

1. Wrap part G around the 2C39/7289 anode, and secure it 
with 2 pieces of #18 bare hookup wire twisted tightly with pliers. 
Make sure the ends of part G do not quite touch each other. Slip the 
tube with part G wired on just barely into part A so that the bottom 
of parts G and A are flush. Tack solder G to A about every quarter 
inch on the upper surface before smoothly flowing the solder 
around the full circumference. Use plenty of Nokorode soldering 
paste and an Ungar #4033 50-watt soldering element to make the 
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1 
EARTH BATTERY 


DESCRIPTION 


1. Field of the Invention 

This invention pertains to earth batteries or electric 
wells and, more particularly, to a battery in which one 
electrode is a veined material located in the earth. 

2. Background Art 

Batteries which convert the chemical energy con- 
tained in their active materials directly into electrical 
energy by means of an oxidation-reduction electro- 
chemical reaction are well-known in the art. Such bat- 
teries, in their most basic sense, include a pair of spaced 
apart electrodes and an electrolyte in the space between 
the electrodes. During the electrochemical reaction 
electrons are transferred from one electrode to the 
other and produce an electrical current when an exter- 
nal circuit is connected between the electrodes. 

The electrode which gives up electrons during the 
reaction, and is oxidized in the process, is referred to as 
the anode. The other electrode, which is capable of 
accepting electrons and is an oxidizing material for the 
overall process, is referred to as the cathode. The elec- 
trolyte, generally an aqueous solution, provides the 
necessary internal ionic conductivity for the flow of 
electrons released at the anode. The electrolyte may 
also be a solid material. 

The anode, cathode and the electrolyte may be cade 
of a variety of materials, as is well known in the art. The 
only requirement for the anode and cathode is that one 
material must give up electrons at a faster rate than the 
other material, and thereby acquire a positive charge 
with respect to the other material. In one common bat- 


tery arrangement, one electrode is made of carbon or 


copper, the other electrode is made of zinc and the 
electrolyte is sulphuric acid (H2804). 

Various arrangements of these batteries, and the vari- 
ous combinations of materials which may be used for 
the electrodes and the electrolyte is discussed in Fink, 
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Standard Handbook for Electrical Engineers, Eleventh 


Ed. 1978, pages 11-92 to 11-141, and is incorporated 
herein by reference. 

It is also known in the art to use the earth as an elec- 
trolyte in a battery. Typically, two spaced electrodes 
are buried in the ground, and the ground, by itself or 
moistened with a chemical, functions as the electrolyte. 
See U.S. Pat. Nos. 155,209; 160,152; 182,802; 211,322; 
329,724; 495,582; and 728,381. In the process disclosed 
in U.S. Pat. No. 3,278,335, an oil bearing formation 
forms a portion of an electrolyte and electrical energy is 


produced through the growth of bacteria in the forma- 


tion. However, in each of these prior art patents, the 
electrodes are the typical zinc, carbon or copper plates 
or rods which are inserted into the earth, and the earth 
is used solely as an electrolyte. 

It is an object of the present invention to provide a 
battery in which a portion of the earth is one electrode 
thereof. 

It is a further object of the present invention to pro- 
vide a battery in which one electrode is a veined mate- 
rial in the earth. 

Another object of the present invention is to provide 
such a battery which is capable of generating electricity 
as well as capable of storing electrical energy. 


45 
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It is yet a further object of the present invention to 
utilize such a battery in the mining of veined materials 
located in the earth. 


SUMMARY OF THE INVENTION | 


Therefore, I have invented an electric battery which 
includes a first and second spaced electrode and an 
electrolyte in the space between the electrodes and in 
contact therewith, in which the first of the electrodes is 
a veined material located in the earth. In one embodi- 
ment, the second electrode is disposed in a hole which 
extends from the surface of the earth into the first elec- 
trode and is electrically connected to the surface of the 
earth, an electrolyte is disposed in the hole and in 
contact with the electrodes, and the first electrode is 
electrically connected to the surface of the earth. The 
battery may also include a casing disposed within the 
hole and surrounding the second electrode, such that 
the casing contains the electrolyte and permits contact 
of the electrolyte only with the first electrode but not 
with the surrounding earth. The first electrode is elec- 
trically connected to the earth's surface by way of one 
or more cables anchored thereto and located either 
within the hole or outside of the hole. The gases gener- 
ated during the battery operation may be recovered and 
used as desired. 

The first electrode is preferably a veined material 
located in the earth and may be a seam or vein of coal, 
graphite, magnetite, nickeline, sphalerite, arsenic, sider- 
ite, gold, silver, or copper. 

I have also invented a method of mining metals lo- 
cated in the earth using the earth battery of the present 
invention. The method includes the steps of drilling a 


hole from the earth’s surface into the metal to be mined, 


placing an electrolyte in the hole and in contact with 
the metal, positioning a recovery electrode within the 
hole and at least partially immersed in the electrolyte, . 
making electrical contact with the metal, passing an 
electric current through the metal, electrolyte and re- 
covery electrode such that the metal will be deposited 
on the recovery electrode, and removing the deposited 
metal from the recovery electrode. 

I have also invented a method of drilling holes in the 
earth using the present invention. The method includes 
the steps of predrilling a small hole into the earth for a 
desired distance, placing a quantity of acid into the 
small hole such that the acid will seep into and soften 
the area around the small hole, and then drilling a hole 


- through the area softened by the acid. The acid may be 


65 


neutralized prior to the final drilling step. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a partial cross section taken through the 
earth and through one embodiment of an earth battery 
in accordance with the present invention; 

FIG. 2 is a perspective view of one embodiment of 
the second electrode; 

FIG. 3 is a cross section of the bottom portion of one. 
embodiment of the casing; 

FIG. 4 is a cross section taken through the earth 
showing several alternative arrangements of the earth 
battery; 

FIG. 5 is a cross section taken through the earth 
showing one embodiment of a gas recovery mechanism _ 
for the earth battery; and 

FIG. 6 is a partial cross section taken through the 


earth showing one embodiment of a metal recovery 


apparatus in accordance with the present invention. 
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DETAILED DESCRIPTION OF THE 
` PREFERRED EMBODIMENTS 


An earth battery in accordance with the present in- 
vention is shown, partially in cross section, in FIG. 1. 
The earth battery includes a first electrode 10 which is 
a veined material located within the earth 12. A second 
electrode 14 is disposed within a hole 16 which extends 
from the surface 18 of the earth 12 and into the first 
electrode 10. The second electrode 14 is electrically 
‘connected to the surface 18 of the earth 12 via cable 20. 
An electrolyte 22 is disposed in the hole 16, is in contact 
with the first electrode 10 and the second electrode 14, 
and fills the space in the hole 16 therebetween. The 
electrolyte 22 is shown in FIG. 1 as a fluid, but it is to 
be understood that a solid electrolyte may also be uti- 
lized. | eS > dy 

The earth battery shown in FIG. 1 also includes a 
casing 24 disposed within the hole 16, adjacent the earth 


12 and the first electrode 10 and surrounding the second * 


electrode 14. The casing 24 is preferably a hollow tube 
made of plastic or other insulating material and is 
adapted to prevent the electrolyte 22 from seeping out 
into the surrounding earth 12. As shown in FIG. 1, the 
casing extends from the earth’s surface 18 to the bottom 
26 of the hole 16, but does not cover said bottom 26. 
The casing 24 includes a plurality of openings 28 in the 
area where the casing is adjacent the first electrode 10. 


These openings 28 permit the electrolyte 22 to contact | 


and flow into the first electrode 10 but not into the 
surrounding earth 12. The hole 16 and the casing 24 are 
preferably. of circular cross section. _ i 
The second electrode 14 may be constructed in a 
variety of shapes. As shown in FIG.. 1, the second elec- 
trode 14 includes inner and outer cylindrical sleeves 30, 
32 mounted to a top plate 34. A plurality of openings 36 
through the sleeves 30, 32 permit the electrolyte 22 to 
flow completely around all the surfaces of the second 
electrode 14. In order to prevent the second electrode 
from touching the first electrode 10 or the casing 24, 
and thereby shorting out the entire battery, insulating 
spacers 38 may be mounted on the sides or on the bot- 
tom of the second electrode 14. | 
- The first electrode 10 is electrically connected to the 
surface 18 of the earth 12 by means of a cable which 
extends into the earth and is physically anchored to the 
first electrode. As shown in FIG. 1, cable 40 may be 
located within hole 16 and anchored to the bottom 26 of 
the hole by a spike 42 or the like. Alternatively, cable 44 
may be located outside of hole 16 in a smaller hole 46 
which’ passes into the first electrode 10. Cable 44 is 
similarly anchored with spike 42. A plurality of cables, 
spaced around or within the hole 16, may also be used. 
The electrolyte 22 will seep into and cause stress 
fractures 48 in the first electrode 10. Cable 44 located 
outside of hole 16 is preferably anchored within the 
extent of the electrolyte 22 seepage. Over a period of 
time, the area of electrolyte seepage, and hence the 
effective size of the first electrode 10 in the battery, will 
slowly increase. It can be appreciated that the earth 
battery of the present invention can be permitted to 
grow as large as desired by allowing the electrolyte 22 
to continue to seep into the first electrode 10. The cas- 
ing 24 is preferably sealed at the top by a lid 50 or the 
- like. The rate of seepage of the electrolyte 22 into the 
first electrode may be regulated by a vacuum pump 52 
connected to the inside of the casing 24. 
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Various gases will be generated by the earth battery, 
both from the electrochemical reaction involved in the 
battery itself and the gases released from the first elec- 
trode 10 as the stress fractures 48 are formed. For exam- 
ple, if the first electrode 10 is a seam of coal, methane 
will be released, and if the second electrode is made of 
zinc and the electrolyte is sulphuric acid, oxygen and 
hydrogen will be generated during the electrochemical 
reaction of the battery. The casing lid 50 may include a 
pressure relief valve 54 to release these generated gases 
built up in the casing 24 when the pressure exceeds a 
predetermined value. 

The earth battery described above operates in the 
exact Same manner as a conventional battery and gener- 
ates electrical energy from the electrochemical reaction 
of the electrodes and the electrolyte. The first electrode 
10 is selected to be a veined material located in the earth 
and may include seams or layers of such materials as 
coal, graphite, magnetite, nickeline, sphalerite, arsenic, 
siderite, gold, silver and copper. The second electrode 
is selected from a material suitable for use with the 
particular veined material used as is well known in the 
art. A suitable electrolyte is selected to function with 
the electrodes chosen as is well known in the art. 

In a preferred embodiment, a seam of coal is used as 
the first electrode, the second electrode is made of zinc, 
and sulphuric acid is used as the electrolyte. As an alter- 
native, pickling acid, which is usually a waste by-pro- 
duct of a metal manufacturing plant, can be utilized as 
the electrolyte. Furthermore, a solid electrolyte, such as 
ammonium chloride (NH4Cl) or zinc chloride (ZnCl) 
may be used. The use of an acidic electrolyte should not 
cause any environmental problems if the seam of coal, 
or: other -veined material, is located beneath the sur- 
rounding water table level. If pollution of the water 
tablé is:of concern, an alkaline electrolyte, such as po- 
tassium hydroxide, may be used. | 
. The earth battery described above may be used as a 
source of electrical energy at a variety of locations 
which:have underground veins of suitable electrode 
material. The earth battery has the advantages that it is 
located primarily underground and out of the way, the 
functioning portions remain at a constant temperature, 
and the battery has the potential of growing to a rather 
large size. The battery of the present invention may be 
used: as an electrical energy source, but-may also be used 
to store electrical energy from a variety of sources such 
as solar cells, windmills, lightning, or the excess capac- 
ity from electrical utility plants. | 
“ An alternate embodiment of a second electrode 56 is 
shown in FIG. 2 and includes four rectangular plates 58 
joined together along one edge to form an X-shaped 
structure. While only four plates 58 are shown in FIG. 
2, more or fewer plates may be utilized as desired. Sec- 
ond eléctrode 56 also includes a plurality of glass 


wheels 60, each of which are mounted to the plates 58 


by a bracket 62. The glass wheels 60 are insulating and 
function to support and space second electrode 56 from 
the casing and the first electrode in a similar manner to 
the spacers 38 discussed above in connection with FIG. 
1. | 

An alternate arrangement for the casing is shown in 
FIG. 3. Casing 64 shown in FIG. 3 is similar to casing 
24 discussed above but further includes a bottom casing 
plate 66 which seals casing 64 and prevents the electro- 
lyte from flowing downwardly. Openings 68 in casing 
64 vary in size inversely with distance of each opening 
from the surface of the earth. The smallest opening is 
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located nearest the bottom plate 66 and openings 68. 
gradually increase in size as the distance from the bot- 
tom plate 1 increases. Since the pressure of the electrolyte 
fluid increases toward the bottom plate 66 from the 
weight of the fluid above, the rate of flow of the electro- 
lyte through. openings 68 and into the first electrode 
will remain constant. 

A plurality of sharp protrusions 70 are located along 
the inner surface of casing 64 near openings 68 and on 
the bottom plate 66. When the earth battery of the pres- 
ent invention is no longer in use, it may be desirable to 
neutralize the acidic electrolyte liquid used. Baking 
soda, or any other acid neutralizing substance, may. be 


placed into a glass or other breakable container and 


dropped into the casing. The breakable container will 
strike the sharp protrusions 70, break apart, and release 
the acid neutralizing substance into the electrolyte. 

The earth battery of the present invention may utilize 
more than one veined material in the earth as electrodes 
and the materials may be the same or may be different 
from each other. In the configuration shown in FIG. 4, 
hole 72 passes from the earth's surface 74 through three 
veins of material, referred to as first electrode 76, first 
electrode 78 and first electrode 80. Casing 82 is disposed 
within hole 72 and extends to the top of first electrode 
80. Openings 84 extend through casing 82 into first 
electrode 78 and openings 86 extend through casing 82 
into first electrode 78. Second electrode 88 is disposed 
within casing 82 adjacent first electrode 76 and is con- 
nected to the earth’s surface 74 via cable 89. Second 
electrode 90 is disposed within casing 82 adjacent both 
first electrode 78 and first electrode 80 and is connected 
to the earth’s surface 74 via cable 91. As shown in FIG. 
4, second electrode 90 is a single electrode which reacts 
electrochemically with both first electrode 78 and first 
electrode 80. 

In the arrangement shown in FIG. 4, first electrode 
76 is a negative material with respect to both first elec- 
trode 78 and first electrode 80. To prevent a shorting 
out of the earth battery, the interior of casing 82 is 
divided by a plug 92. In this manner, one earth battery 
is formed by first electrode 76, second electrode 88, and 
electrolyte 94, and a second, separate earth battery is 
formed by first electrode 78, first electrode 80, second 
electrode 90, and electrolyte 96. To replenish the supply 
of electrolyte 96, a pipe 98 extends from the earth’s 
surface 74 through the plug 92. 

Since hole 72 passes completely through first elec- 
trode 76 and first electrode 78, electrical connection 
between these electrodes and the earth’s surface 74 
cannot be made within hole 72. Cables 100 and 102 
extend down and are attached to first electrode 76. 
While only two cables 100 and 102 are shown, it is to be 
understood that fewer or more cables may be attached 
to one such electrode. As shown in FIG. 4, first elec- 
trode 76 is exposed to the earth’s surface, such as on a 
hill, and may be electrically contacted directly by cable 
104 without the necessity of passing through the earth. 
First electrode 78 is electrically connected to the earth’s 
surface by cable 106 and first electrode 80 is electrically 
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connected to the earth's surface by cable 108. To avoid 


short circuits, the cables should not electrically contact 
the other veins of material through which they pass. 
Cable 106 is shown surrounded by heavy insulation 110 
in the vicinity. of first electrode 76. Cable 108 is shown 
physically spaced from first electrode 76 and sur- 
rounded by heavy insulation 112 in the vicinity of first 
electrode 78. Ideally, the entire length of each cable 
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would be encased in an insulating material, except 
where electrical contact is made at the ends. 

The relative electrical potential of each ‘electrode 
shown in FIG. 4 is shown as being either positive or 
negative. The various ‘electrodes could be operated as 
separate batteries, or could be connected in eee or 
in series as is desired. 

As an example of the arrangement shown 1 in FIG. 4, 
first electrodes 78 and 80 could each be a seam of coal, 
which is considered to be a relatively positive material. 
Second electrode 90 may be made of zinc, a negative 


material when compared with coal. First electrode 76 


may be a seam of magnetite (Fe3S4), nickeline (NiAs), 
or sphalerite (ZnS), each considered to be a negative 
material. Second electrode 88 may be made of carbon, a 
positive material when compared with the magnetite, 
nickeline or sphalerite. The particular arrangement used 
will be dictated solely by the various veined materials 
actually encountered within the earth. — 

An arrangement of an earth battery of the present 
invention which includes apparatus for collecting the 
gases generated during battery operation is shown in 
FIG. 5. The. earth battery includes hole 114, passing 
through first electrode 116, and casing 118 which ex- 
tends adjacent hole 114 as described ‘above. Second 
electrode 120 is identical. to the second electrode 14 
shown in FIG. 1, except that it is turned upside down, 
and is electrically connected to the earth’s surface 122 
by cable 124. Electrolyte 126 is located in hole 114 
between first electrode 116 and second electrode 120. 

A. funnel-shaped . trap 128 is disposed above second 
electrade 120 to collect the gases generated therein. 
The trap 128 is connected to pipe 130 which carries the 
gas through valve 132 and then out of casing 118. 
Sleeve 134 is “disposed within and spaced from casing 
118 and terminates near the bottom of hole.114 in an 
inwardly directed, cone-shaped deflector 136. Deflec- 
tor 136 is open to allow electrolyte 126 to flow between 
the interior and exterior of sleeve 134. Gases which are 
either generated by or are released from first electrode 
116 are directed by deflector 136 into the space 138 
between sleeve 134 and casing 118, and then out of 
casing 118 through valve 140. | 
If valves 132 and 140 were open, the gases generated 
would continuously escape. If valves 132 and 140 were 
closed, the pressure of the. generated gases would in- 
crease, and eventually force electrolyte 126 up into the 
area between pipe 130 and sleeve 134, as is shown in 
FIG. 5. When the valves are opened, electrolyte 126 
will drop back down to its original level and aid in 
expelling the generated gases. 

The particular gases generated will depend on the 
exact materials involved. If the first electrode were 
coal, the second electrode zinc, and the electrolyte 
sulphuric acid, then oxygen would be generated at the 
second electrode, hydrogen would be generated at the 
first electrode, and methane would be released from the 
first electrode due to the fracturing of the coal from the 
electrolyte. The recovered gases could be used as is or 
could be, burned to generate electric energy. 

The earth battery of this invention can also be easily 
used to recover metals located in the earth. If a metal, 
such as gold, copper, or silver, is used as the first elec- 
trode, and a direct current is passed through the battery, 
the metal will be removed from the first electrode and 
plated onto the second electrode. By withdrawing the 
second electrode from the battery and removing the 
plated metal, the mining operation is completed. _ 
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= Any of the earth battery arrangements discussed 
above could be utilized in the mining of such a metal. 
FIG. 6 shows an arrangement particularly adapted for 
_ mining a vein of metal. Hole 142 extends into the vein of 
metal 144 to be mined, casing 146 extends down to the 
top of the vein of metal, and electrolyte 148 is deposited 
-in hole 142. A recovery electrode 150 is placed into hole 
- 142 and is at least partially immersed in electrolyte 148. 
The recovery electrode 150 is connected to a direct 
current power source 152 by cable 154. 
The recovery electrode 150 shown in FIG. 6 is cup- 
a shaped, open at the top, and includes a plurality of 
- openings 156 passing therethrough. The outside of the 


recovery electrode 150 and the surface of openings 156- 


are covered with insulation 158. Only the inner surface 
of the recovery electrode 150 is in contact with electro- 
lyte 148, and will be plated with the metal 144. 

To make electrical connection between the power 
-source 152 and the vein of metal 144, hole 160 is passed 
through the vein of metal, a liquid, electrically conduc- 
tive material 162 is poured into hole 160, and cable 164 
is connected between the power source 152 and mate- 
rial 162, preferably before liquid material 162 has solidi- 
fied. By passing a direct current through the vein of 
metal 144, electrolyte 148 and recovery electrode 150, 
the metal will be plated on the recovery electrode as is 
known in the art. 

The plated metal may be recovered by withdrawing 

_ the recovery electrode 150 from hole 142 and thereafter 
‘removing the metal. Alternatively, the metal could be 

removed with the recovery electrode 150 in place 

within hole 142. Shown in FIG. 6 is a threaded auger 

166 which is as wide as the inner width of the recovery 

electrode. The auger 166 may be rotated via shaft 168 

-and lowered into the recovery electrode 150 to thereby 
scrape off any metal plated thereon. The metal will then 

be floating in electrolyte 148 in small pieces. By remov- 

ing electrolyte 148 via pump 170 through an outlet pipe 

172, the metal may be recovered by passing electrolyte 

148 through a filter 174. The filtered electrolyte may 

then be returned to the battery via an inlet pipe 176. 
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This method can be used to recover natural veined | 


metals located in the earth or metals buried in the earth 


such as gold bars, coins, or the like, which are otherwise 
inaccessible to conventional mining techniques. This 
method is particularly useful for mining paper thin 


seams of gold which cannot be economically mined 


_ using conventional mining techniques. 

When the earth battery is no longer in use and the 
casing, second electrode, and other materials are re- 
moved from the hole, the ground surrounding the hole 
will be relatively soft due to the action of the acidic 
electrolyte. If a larger hole were desired, such as to 
reach oil deposits beneath the vein of material previ- 
ously used in the earth battery, such drilling could be 
accomplished relatively early because the ground is 
| already softened. This method of drilling may be useful 
in passing a large hole through a particularly hard rock 
formation. By merely drilling a small hole through the 
rock formation, pouring in a quantity of an acid solu- 
tion, and letting the rock be softened by the acid, a 
larger hole may be easily drilled through the formation. 
It may be desirable to neutralize the acid remaining in 


the rock before the final drilling step. This may be done 


by pouring in an acid neutralizing solution, such as a 
_ baking soda solution. 

Having described presently the preferred embodi- 
ments of this invention, it is to be understood that it may 
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8 | 
be otherwise embodied within the scope of the ap- 
pended claims. 
I claim: 
1. In an electric battery including a pair of spaced 
electrodes and an electrolyte in the space between the 
electrodes and in contact therewith, the improvement 


- comprising: one of said electrodes being a solid veined 
‘material located in the earth. 


.. 2. The battery of claim 1 wherein the veined material 


is selected from the group consisting of coal, graphite, 


magnetite, nickeline, sphalerite, arsenic, siderite, gold, 
silver, or copper. 

3. The battery of claim 1 wherein the veined material 
is a seam of coal. 

4. An earth battery comprising: 

(a) a first electrode which i is a solid veined material 

located in the earth; 

(b) a second electrode electrically connected to the 
surface of the earth and disposed in a hole which 
extends from the surface of the earth into the first 
electrode; 

(c) an electrolyte disposed in said hole and in contact 
with said first and second electrodes, and 

(d) means for electrically connecting said first elec- 
trode to the surface of the earth. 

5. The earth battery of claim 4 further including a 
casing disposed within the hole and surrounding the 
second electrode, wherein said casing contains the elec- 
trolyte and permits contact of the electrolyte with the 
first electrode but not with the surrounding earth. 

6. The earth battery of claim 5 wherein the casing is 
a plastic tube which includes a plurality of openings in 
the area where the tube is adjacent the first electrode. 

7. The earth battery of claim 6 wherein the electro- 
lyte is fluid and wherein the openings vary in size in- 
versely with their distance from the surface of the earth, 
such that the flow of electrolyte into the first electrode 
is at a uniform rate. 

8. The earth battery of claim 4 wherein the means for 
electrically connecting the first electrode to the surface 
of the earth is a cable anchored to the first electrode. 

9. The earth battery of claim 8 wherein the cable is 
anchored to the first electrode inside of said hole. 

10. The earth battery of claim 8 wherein the cable is 
anchored to the first electrode outside of said hole. 

11. The earth battery of claim 4 wherein the means 
for electrically connecting the first electrode to the 
surface of the earth is a plurality of cables anchored to 
the first electrode. 

12. The earth battery of claim 11 wherein said plural- 
ity of cables are located outside of said hole. 

13. The earth battery of claim 4 wherein the first 
electrode further includes one or more additional and 
separate veins of material located in the earth. 

14. The earth battery of claim 4 further including 
means for recovering the gases generated during use of 
the battery. 

15. The earth battery of claim 14 wherein the means 
for recovering gases includes a funnel-shaped trap lo- 
cated above the second electrode to collect the gases 
generated by the second electrode and wherein the 
means for recovering gases further includes a sleeve 
disposed within but narrower than the hole and adapted 
to direct the gases released by the first electrode into the 
space between the hole and the sleeve. 

16. The earth battery of claim 4 further including a 
regulating means for controlling the flow of electrolyte 
into the first electrode. 


4,457,988 
9 10 
17. The earth battery of claim 16 wherein the regulat- (b) an electrode disposed in a hole which extends 
| through the vein of coal; i 
Me MEADS 19:3 VACUUM PUMP, | | (c) a liquid electrolyte located in the space between 
18. The earth battery of claim 4 wherein the first the coal and the electrode; 
electrode is a vein of material selected from the group 5 (d) a casing disposed within the hole and surrounding 
oe | ; A ai | the electrode, said casing directing the liquid elec- 
consisting of coal, graphite magnetite, nickeline, sphal- trolyte into the coal; and 
erite, arsenic, siderite, gold, silver, or copper. (e) an electric cable anchored to the coal and extend- 
19. The earth battery of claim 18 wherein the first ing to the earth’s surface. _ l 
electrode irase ol coal 10 21. The earth battery of claim 20 wherein the elec- 


ae trode disposed in the hole is made of zinc and the elec- 
20. An earth battery comprising: trolyte is an acid solution. 


(a) a vein of coal located in the earth; | * + + & & 
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GENERATING ELECTRICITY FROM THE 
EARTH 


BACKGROUND OF THE INVENTION 


Field of Invention 

The present invention relates generally to renewable 
electrical energy sources, and more particularly to apparatus 
and methods for generating electricity from the earth’s 
magnetic field and rotation. 

Background Art 

The concepts of electromagnetic induction, Faraday’s 
law, Faraday’s disk, and the Lorentz force on charges are all 
well-known. These concepts have been applied to the earth, 
which is modeled as a large conductive sphere rotating 
through its own magnetic field (“geomagnetic field”). In this 
regard, the earth has been compared to a Faraday disk or 
homopolar generator. See, for example: W. M. Elsasser, The 
Earth as a Dynamo, Scientific American, Inc., Vol. 198, 
Issue 5, May 1, 1958, p. 44, 45; and C. R. Carrigan and D. 
Gubbins, The Source of the Earth’s Magnetic Field, Scien- 
tific American, Inc., Vol. 240, Issue 2, Feb. 1, 1979, p. 118, 
199-20. In making this comparison, the assumption has been 
carried over that the electricity to be obtained from the earth 
is from electromagnetic induction. Laboring under this 
assumption, it has been asserted that electricity from the 
geomagnetic field is not practicably retrievable, because the 
electricity gathering circuit would have to be stationary 
relative to the rotating earth (1.e., have a stationary frame of 
reference). This assertion is apparently based on a theory 
that the currents induced in the Faraday disk (or earth) and 
in the circuit employed to retrieve the electricity, would 
cancel each other out if both were moving through the 
magnetic field. Another theory is that a static electric field is 
created in the Faraday disk (or earth) that neutralizes the 
induced electric field, resulting in a zero voltage reading in 
the rotational frame of reference. 

Further to this point, U.S. Patent App. Pub. No. 2004/ 
0027022 (Feb. 12, 2004) to Weir, states that no voltage is 
generated by a Faraday type homopolar dynamo in the 
rotational reference frame of the dynamo (Weir, Par. [0010]). 
Weir even attempted to measure such voltage by mounting 
a voltmeter onto the rotating disk and connecting one probe 
to a shaft rotating the disk and the other probe to the rim of 
the disk. Weir states that the voltmeter read zero volts when 
the disk was rotating. (Weir Par. [0011].) No details are 
given regarding the sensitivity of the voltmeter or the test 
setup. In a book by Thomas Valone, Ph.D, P.E., entitled The 
Homopolar Handbook, published by Integrity Research 
Institute, Washington, D.C., 3rd Edition, October 2001 
(“Valone Į”), it is stated that an electrostatic field (created in 
response to the Lorentz force) neutralizes the electric field 
induced on the Faraday disk (“effective electric field”), and 
thus no voltage can be detected with a meter that rotates with 
the disk (Valone I, p. 7 & FIG. 8). Valone discusses his 
voltage measurement on page 24 and again at page 63. He 
indicates that his voltmeter was set to indicate a voltage 
reading only if the voltage was greater than 15 millivolts. 
Thus, the sensitivity of Valone’s experiment may have been 
limited to 15 millivolts, presumably because the induced 
electric field (obtained in the stationary reference frame) was 
expected to be 100 millivolts (see Valone I, p. 63). 

Valone reminds us that Michael Faraday, in 1831, com- 
pared his Faraday disk to the earth and the earth’s rotation 
through its magnetic field. Valone states that Faraday, think- 
ing that an induced voltage could be measured on his 
rotating disk, attempted to measure a like voltage in the earth 


10 


20 


25 


30 


40 


45 


55 


2 


(1.e., in rivers and streams) and apparently was unsuccessful. 
(Valone I, p. 61.) Valone characterizes Faraday’s thinking as 
a mistake. Valone presumably mentions Faraday’s unsuc- 
cessful attempt at measuring voltage in the earth as support 
for his position that a voltage cannot be measured in the 
rotating reference frame. In an earlier paper, entitled “The 
Homopolar Generator: Tesla’s Contribution,” Proceedings 
of the International Tesla Symposium, January 1986 
(“Valone IP”), Valone specifically stated that “we can’t draw 
power from the earth’s Homopolar generator while rotating 
with it.” (Valone II, p. 273.) 

Notwithstanding the view that a voltage is unobtainable in 
the rotating frame of reference in a Faraday system, pro- 
posals were made in the 1980s for a space shuttle to drag a 
tether (an insulated conductor) through space across the 
geomagnetic field to generate electric power onboard the 
shuttle. Current and a voltage potential difference would be 
induced on the tether’s conductor as it passed through the 
magnetic field lines of the earth. The current return path (or 
ground path) would be the charged plasma medium of the 
ionosphere, which would exist between the outer wall of the 
space shuttle and the distal end of the tether (or an outer wall 
of a satellite attached to the distal end). A load (e.g., 
electronic equipment) inside the space shuttle would be 
connected between the proximal end of the tether and the 
outer wall of the shuttle (1.e., the return or ground path). A 
tether experiment was actually performed on a space shuttle 
mission in 1996, according to a NASA article (www. istp.gs- 
fc.nasa.gov/Education/wtether.html). The voltage generated 
on the tether was 3500 volts, apparently measured in the 
rotational frame of reference. It is suggested that the voltage 
may have been measured at the distal end of the tether with 
instruments aboard a satellite connected to the distal end. 
The voltage level at the load inside the shuttle is not 
mentioned. In this experiment, the voltage applied to the 
intended load (equipment aboard the shuttle) was supplied 
by the tether’s conductor and the return or ground path for 
the load was, according to NASA, the ionospheric plasma 
between the shuttle and the satellite. 

An alternative design to the above-mentioned space tether 
was purportedly developed by or for the U.S. Army in 1988 
and patented in U.S. Pat. No. 4,923,151 (1990) to Roberts. 
Roberts discloses a coaxial tether (Roberts, FIGS. 2 and 3) 
about 12.5 miles long, comprising an outer conductor 20, a 
magnetic shield conductor 26, and a center conductor 30. 
Outer conductor 20 is electrically connected at one end to a 
satellite 12 and at the other end to an orbiting shuttle 10 
(Roberts, FIGS. 1 and 2). Center conductor 30 is magneti- 
cally shielded from the geomagnetic field by conductor 26, 
which is made of a high permeability metal such as soft iron. 
Center conductor 30 is electrically insulated from conduc- 
tors 20 and 26 by insulation 28. Center conductor 30 is also 
electrically connected at one end to satellite 12 (at point 32) 
and at the other end to a load 36 inside shuttle 10 (through 
a switch 34). Load 36 is grounded via a return current path 
including the outer surface 40 of shuttle 10, conductor 20, 
and the outer surface 22 of satellite 12. The tether passes 
through the geomagnetic field at an orientation substantially 
normal to the earth and its magnetic field lines. As a result, 
a potential difference (“PD”) is produced between shuttle 10 
and satellite 12. Conductor 26 magnetically shields center 
conductor 30, so no induced current flows in conductor 30. 
Conductor 30 assumes the charge potential of satellite 12 
and applies the potential difference PD across load 36 (once 
switch 34 is closed), causing current to flow in load 36. 
Conductor 20 replaces the ionosphere as the return current 
path, purportedly making the circuit more stable. Thus, 
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conductor 20 functions both as a Faraday conductor (1.e., a 
conductor on which currents are induced from a magnetic 
field) and as the return current path. In this case, the Faraday 
conductor (conductor 20) does not function as the supply 
current path (conductor 30 does). In the previously dis- 
cussed space tether design, the Faraday conductor (1.e., the 
tether’s only conductor) did serve as the supply current path 
and did not serve as the return current path (the ionosphere). 

For over 40 years, the inventor named herein has been 
working on an idea for generating electricity from the 
earth’s rotation and magnetic field. The argument that elec- 
tricity is generated in the earth is supported by some natural 
phenomena, including: the decreasing speed of the earth’s 
rotation, the continued molten state of the earth’s interior, 
volcanic and geyser activity, the earth’s magnetic field, and 
lightning. The earth uses its primary kinetic energy, which 
originally started its rotation, to electrically charge itself by 
electromagnetic induction. Electric energy flowing toward 
the center of the earth is transformed into magnetic and heat 
energy, sustaining the earth’s magnetic field and the molten 
state of the earth’s interior. The balance in pressure between 
the surface and the molten interior is maintained through the 
loss of heat energy at the surface by heat radiation and 
volcanic and geyser activity. As a result of the work per- 
formed by the earth, and possibly because of a counter 
electromagnetic force (Lenz’s law), the earth’s kinetic 
energy is decreasing and its rotation is slowing. 

The inventor herein began thinking about his idea while 
observing thunderstorms. In 1979, during one of his experi- 
ments, he was struck by a branch of lightning and luckily 
survived with no significant injury. He decided to continue 
experimentation, but in a safe manner. Upon arrival to the 
United States, the inventor herein applied for a grant and 
technical support from the National Institute of Standards 
and Technology (NIST) on May 18, 1995. His application 
was assigned an Evaluation Request (ER) Number 32042 
and a Control Number 015351. The application was ulti- 
mately rejected with an explanation that the magnetic field 
rotates with the earth and thus currents could not be induced 
in a conductor installed on the earth. NIST’s rejection of the 
idea dissuaded the inventor herein from pursuing the idea 
further, until recently when the inventor started thinking 
about the Faraday disk and “Faraday’s paradox.” 

Faraday’s paradox is the non-intuitive result that electric 
currents are induced in the Faraday disk even when the 
magnet rotates with the disk. It is non-intuitive because 
many would assume that the magnetic field rotates with the 
rotating magnet and disk, in which case currents would not 
be induced in the disk. Faraday conducted three tests to 
investigate this phenomenon. First, he rotated the disk and 
kept the magnet stationary and observed a current induced in 
the disk. Second, he kept the disk stationary and rotated the 
magnet and observed no induced current in the disk. Third, 
he rotated the disk and magnet together and observed a 
current in the disk. From these tests, Faraday concluded that 
the magnetic field remained stationary when the magnet was 
rotated around its own magnetic axis. Similarly, the earth 
(representing a rotating disk and magnet) should produced a 
stationary magnetic field through which the earth rotates, 
thus inducing generally radial electric currents in the earth 
and on conductors substantially aligned with the earth’s 
radius. Since Faraday, there has been a long-standing debate 
and experimentation about Faraday’s paradox and whether 
or not the magnetic field rotates with the magnet. For 
example, see Valone I, pp. 2-4 and 37. Notwithstanding the 
theoretical debate and investigation, it is believed that Fara- 
day was correct and that currents are induced by the geo- 
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magnetic field in the earth, in the surrounding atmosphere, 
and in conductors appropriately located on the earth and in 
the atmosphere. 

Nikola Tesla disclosed a conductor extending into the 
atmosphere and normal to the earth’s surface in U.S. Pat. 
No. 685,957 (Tesla). Rather than seek to induce currents in 
the conductor from the geomagnetic field, Tesla sought to 
collect radiant energy (or particles charged by radiant 
energy) primarily from the sun. Tesla somehow suspended a 
conductive plate P and connected it to the distal end of the 
conductor (Tesla, FIG. 1). The proximal end of the conduc- 
tor was connected to a capacitor C. The other end of 
capacitor C was connected to a secondary conductor, which 
is, in turn, connected to a conductive plate P' grounded in the 
earth. Plate P was the collector of radiant energy charged 
particles. The charge from plate P charged capacitor C. A 
voltage threshold device (d) and a load R are connected 
across capacitor C to form a circuit. Device (d) closes the 
circuit when the charge on capacitor C exceeds a predeter- 
mined voltage, causing the voltage to be applied to load R. 
In this patent, Tesla does not seek to obtain the potential 
difference between two “terrestrial charged bodies” (here- 
inafter defined). 

Herein, the term “terrestrial” is used in a broad sense, to 
include the whole or any part of the earth and its surrounding 
atmosphere, including but not limited to: the earth’s inner 
and outer cores, mantle, crust, any layer or level thereof, and 
its surface; all bodies of water; air; clouds; ice; vegetation; 
minerals and other resources such as oil; rocks including 
basalt; or any other composition or thing of the earth and its 
atmosphere. As used herein, the term “terrestrial charged 
body” (or its plural form) means a terrestrial body, region, 
layer, zone, other volume or area, any composition or thing, 
with or without specifically defined or fixed boundaries, 
having an electric charge represented by a voltage potential. 


OBJECTS AND SUMMARY OF THE 
INVENTION 


It is therefore an object of the present invention to 
overcome the problems and limitations associated with the 
prior art and to fulfill a long-felt but unsolved need for a 
renewable source of energy. 

It is another object of the present invention to provide a 
clean and renewable source of electrical energy. 

It is a further object of the present invention to generate 
electricity from the earth’s magnetic field and rotation. 

It is yet another object of the present invention to provide 
a reliable source of electricity from the earth’s magnetic 
field and rotation. 

It is yet a further object of the present invention to provide 
a source of electricity from the earth’s magnetic field and 
rotation that can be easily implemented. 

It is still another object of the present invention to provide 
a source of electricity from the earth’s magnetic field and 
rotation that can be implemented at a low-cost. 

These and other objects are attained in accordance with 
the present invention, wherein there is provided a system for 
generating electricity from the geomagnetic field and rota- 
tion of the earth. The earth rotates through the geomagnetic 
field to form a potential difference between first and second 
terrestrial charged bodies. The first and second terrestrial 
charged bodies are spaced apart in a direction substantially 
normal to the earth’s surface. The system comprises an 
electrical load, an electrically insulated first current path, 
and a second current path. The electrical load has a supply 
input and a ground output. The first current path is coupled 
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Fig. 4-10. The chassis. 


job easy. Remove the tube from part A. It should be a good tight 
press-fit, but, by slowly twisting as you pull, it should be readily 
removable. 

2. Wrap part H around the tube’s grid ring, and secure it with 2 
or 3 wires, as above. Insert the tube into the chassis’ center hole 
until part H is flush with the top of the chassis. Solder. 

3. Wrap part I around the tube’s bottom outer cathode ring and 
secure it with wire. Insert into part F all but 1/16” of part I, and 
solder. 

4. Part J is made by wrapping around a 9/16” drill and squeez- 
ing with pliers until it makes a snug press into the inner filament 
ring in the tube base. 

5. Center part A on top of part B on top of part C and drill the 4 
outer holes each 9/64” diameter. Bolt the 3 parts together with 
conventional Y” 6-32 nuts and bolts. Solder the 4 nuts to the 
bottom of part C. Also drill the two 9/64” diameter holes for the 2 
tuning capacitors, and disassemble. Run two ordinary 14” 6-32 nuts 
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to the first terrestrial charged body and to the supply input 
of the electrical load, for supplying the potential difference 
to the electrical load. The second current path is coupled to 
the ground output of the electrical load and to the second 
terrestrial charged body. As a result of this arrangement, an 
electric current related to the potential difference is gener- 
ated in the electrical load. 

In one particular embodiment, the first terrestrial charged 
body includes a first portion of the earth located below the 
earth’s surface and the second terrestrial charged body 
includes a second portion of the earth located at or near the 
earth’s surface. The earth contains an opening extending 
between the first and the second portions of the earth. In this 
embodiment, the first current path includes (1) an electrically 
insulated conductor extending at least partially through the 
opening and (11) a conductive contact member coupled to the 
electrically insulated conductor for establishing electrical 
contact between the first portion of the earth and the elec- 
trically insulated conductor. In a more specific embodiment, 
the opening is a well bore or mine shaft, and the first portion 
of the earth includes a bottom of a well or mine. The 
electrically insulated conductor extends through the bore or 
mine shaft, and the conductive contact member establishes 
electrical contact between the bottom of the well or mine and 
the electrically insulated conductor. 

In another embodiment, the first terrestrial charged body 
may be a portion of the earth at or near the surface of the 
earth, and the second terrestrial charged body may be a cloud 
above the surface of the earth. In yet another embodiment, 
the first and second terrestrial charged bodies may be first 
and second charged portions of the earth, respectively, where 
both portions are located at or near the surface of the earth. 
In this latter embodiment, the first portion of the earth is at 
a first elevation and the second portion of the earth is at a 
second and different elevation. For example, the first eleva- 
tion may be at or near the bottom of a mountain or cliff and 
the second elevation may be at an elevated position on the 
mountain or cliff. In still another embodiment, first terres- 
trial charged body is a portion of the earth at the bottom of 
a body of water, such as the ocean, and the second terrestrial 
charged body is the water at or near the surface of the body 
of water. 

In any of the embodiments, the electrical load may 
include a rechargeable energy source, including a recharge- 
able battery or battery pack and a charging circuit coupled 
to the rechargeable battery or pack. Alternatively, or in 
addition to batteries, the rechargeable energy source may 
include a charging capacitor or a bank of charging capacitors 
along with an appropriate charging circuit for the capacitor 
(s). The capacitor or capacitors may be ultracapacitors. The 
electrical load may further include an electric motor coupled 
to the rechargeable energy source. The electric motor may be 
a DC motor, which may be mechanically coupled to an AC 
generator. In operation, the DC motor would actuate the AC 
generator, resulting in the AC generator generating AC 
electric power. Alternatively, the electric load may include 
an inverter for converting DC electric power to AC electric 
power. In either case (AC generator or inverter), the AC 
electric power can be stepped up in voltage and applied to 
an electric power grid. 

A method of generating electricity from the geomagnetic 
field and rotation of the earth is also within the scope of the 
present invention. As indicated earlier, the earth rotates 
through the geomagnetic field to form a potential difference 
between first and second terrestrial charged bodies. The first 
and second terrestrial charged bodies are spaced apart in a 
direction substantially normal to the earth’s surface. The 
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method comprises the steps of: (a) providing an electrically 
insulated first current path having first and second electri- 
cally exposed ends; (b) coupling the first end of the first 
current path to the first terrestrial charged body to establish 
electrical communication between the first current path and 
the first terrestrial charged body; (c) coupling the second end 
of the first current path to a supply input of an electrical load 
to supply the potential difference to the electrical load; (d) 
providing a second current path having first and second 
ends; (e) coupling the first end of the second current path to 
a ground output of the electrical load; and (f) coupling the 
second end of the second current path to the second terres- 
trial charged body to establish electrical communication 
between the electrical load and the second terrestrial charged 
body. As a result of these steps, an electric current related to 
the potential difference is generated in the electrical load. 


BRIEF DESCRIPTION OF THE DRAWING 


Further objects of the present invention will become 
apparent from the following description of the preferred 
embodiments, with reference to the accompanying drawing, 
in which: 

FIG. 1 is a diagram of a test setup used to demonstrate the 
operation of a Faraday disk and the generation of electricity 
within the rotational frame of reference; 

FIGS. 2 is a diagram of an experiment showing a rotating 
Faraday disk with a voltmeter having lead wires and test 
leads for measuring voltages at different points along the 
disk’s radius; 

FIG. 3 is a diagram of an experiment illustrating a battery 
analogy of the Faraday disk and the concept of short circuit 
(SC) current on the disk; 

FIG. 4 is a diagram of a field experiment with one 
embodiment of the present invention, implemented in con- 
junction with a water well; 

FIG. 5 is a diagram of the earth rotating through its 
magnetic field and showing (schematically) three terrestrial 
charged bodies spaced apart from each other in a direction 
normal to the earth’s surface; 

FIG. 6 is a diagram of the earth partially dissected to 
reveal a portion of a flat circular plane through the earth’s 
equator, presented as an analogy of a Faraday disk; 

FIG. 7 is a diagram of a first embodiment of the present 
invention, wherein the terrestrial charged bodies are sepa- 
rated portions of the earth; 

FIG. 8 is a diagram of a second embodiment of the 
invention, which is an implementation utilizing a well; 

FIG. 9 is a diagram of a third embodiment of the inven- 
tion, which is an implementation utilizing a mine and a mine 
shaft; 

FIG. 10 is a diagram of a fourth embodiment of the 
invention, which is an implementation utilizing a body of 
water, wherein one terrestrial charged body is the bottom of 
the body of water and another terrestrial charged body is a 
surface of the body of water; 

FIG. 11 is a diagram of a fifth embodiment of the 
invention, which is an implementation utilizing different 
elevations of the earth’s surface, such as associated with a 
mountain or cliff; 

FIG. 12 is a diagram of a sixth embodiment of the 
invention, which is an implementation utilizing the atmo- 
sphere of the earth, wherein one terrestrial charged body is 
a cloud and another terrestrial charged body is a surface of 
the earth; 

FIG. 13 is a diagram of a seventh embodiment of the 
invention, which is an implementation utilizing a well 
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having a bore casing and an electrical load (which may 
include a submersible pump) is located at least partially 
within the bore casing; 

FIG. 14 is a diagram of an eighth embodiment of the 
invention, which employs coaxial conductors to carryout the 
invention; 

FIG. 15 is a cross-sectional view of the coaxial conductors 
of FIG. 14, taken along line 15-15 in FIG. 14; 

FIG. 16 is a block diagram of one example of an electrical 
load of the present invention, which is a rechargeable energy 
source including a charging circuit and a charge storage 
device, such as a rechargeable battery(s) or storage capacitor 
(s); 

FIG. 17 is a block diagram of another example of an 
electrical load of the invention, which includes a charging 
and control circuit, charge storage device, and an electric 
motor; and 

FIG. 18 is a block diagram of a further example of an 
electrical load of the present invention, including a charging 
and control circuit, a charge storage device, and an inverter 
or AC generator with step-up transformer. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


Inspired by the book “The Homopolar Handbook” by 
Thomas Valone (Valone I), the named inventor built a 
Faraday disk to perform a few original experiments. A direct 
consequence of the experiments is the extraction and use of 
one part of the existing electrical energy of the earth. FIG. 
1 illustrates a Faraday disk apparatus 10 built by the inventor 
herein. Apparatus 10 includes a frame 12 made of 2x6 
wooden boards, connected together with screws. An axle 14 
is made of a % inch diameter, 3-foot long steel threaded rod. 
Axle 14 has a sharpened lower end 14a, which rests on a 
steel plate 16. Axle 14 is rotatably supported by two bearing 
assemblies 18a and 18b. Bearing assembly 18a is mounted 
in an upper cross member 12a of frame 12 and bearing 
assembly 184 is mounted in a bottom cross member 125 of 
frame 12. A drill 20 is connected, via a chuck 22, to a short 
rod 24, which is, in turn, connected to one end of an insulator 
block 26. The upper end of axle 14 is connected to the other 
end of insulator block 26. Rod 24, block 26 and axle 14 
rotate together as a unit. The speed of drill 20 is manually 
controlled to control the rotational speed of axle 14. Insu- 
lator 26 electrically isolates axle 14 from the drill to elimi- 
nate any chance of electric current from drill 20 finding its 
way into axle 14. 

As further shown in FIG. 1, the actual Faraday disk 
comprises a 17-inch diameter round aluminum baking pan 
28 and two 16-inch diameter (and 4-inch thick) steel disks 
30a and 305. Pan 28 and disks 30a, 30b are fixed together 
and balanced on axle 14, using washers and steel hex nuts 
threaded on axle 14. Disk 30a is fixed in and against the 
bottom of pan 28 and disk 306 is fixed directly underneath 
and against pan 28 (collectively referred to as disk assembly 
28'). Axle 14 and disk assembly 28' rotate together, almost 
like a spinning top. In order to reduce electrical resistance 
associate with axle 14 above disk assembly 28', a copper 
ring 32 is clamped to axle 14 and an insulated copper wire 
34 is connected between ring 32 and disk assembly 28'. Two 
spring-loaded graphite brush contacts 34a and 34b are 
installed. Brush contact 34a is adjacent to and in contact 
with copper ring 32 and brush contact 34b is adjacent to and 
in contact with the rim of disk assembly 28'. Contact 34a and 
a lead wire 36a electrically connect ring 32 to one input of 
a digital voltmeter 38. Contact 34b and a lead wire 36b 
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electrically connect the rim of disk assembly 28' to a second 
input of voltmeter 38. Voltmeter 38 is mounted outside of 
frame 12 and is held stationary. Another digital voltmeter 40 
is mounted on disk assembly 28' and rotates with assembly 
28'. Voltmeter 40 is electrically connected, via a short lead 
wire 42a, to the rim of disk assembly 28' and is electrically 
connected, via a longer lead wire 42b, to axle 14. A digital 
camera 44 1s fixed on axle 14 Gust below insulator block 26) 
to record the digitally displayed readings of voltmeter 40. 

Again referring to FIG. 1, twenty-two cylindrical welding 
magnets, each five inches in diameter and each with a pull 
strength of 75 lbs, are arranged to form two magnetic 
cylinders 46a and 46b (11 magnets each). Cylinders 46a and 
465 are separated from each other by disk assembly 28'. 
Magnetic cylinders 46a, 465 are installed in a way that 
allows them to be held stationary or to be rotated with disk 
assembly 28'. In a series of tests, axle 14 was rotated at a 
speed of about 200 RPM and voltmeter 38 measured and 
read a generated potential difference of about 300 millivolts. 
No difference in voltage generation was noted between tests 
where magnetic cylinders 46a, 466 were held stationary or 
rotated (Faraday’s paradox). During the 200 RPM tests, 
voltmeter 40 read 1 to 3 millivolts, supporting the view that 
a voltage potential difference is generated and measurable 
on the rotating frame of reference. These tests are referred to 
collectively as “Experiment A.” The difference in readings 
between voltmeter 38 and voltmeter 40 will be explained 
below. 

Referring now to FIG. 2, a diagram of a rotating disk 
experiment is shown. Disk assembly 28' and voltmeter 38 
are used in this experiment. Lead wires 36a and 36b of 
voltmeter 38 include test leads 48a and 48b, respectively. 
Leads 48a, 48b are placed on rotating disk assembly 28' in 
a sliding engagement to establish dynamic electrical contact 
with assembly 28'. As disk assembly 28' was rotated, voltage 
measurements were taken at different points along the radius 
of the assembly (.e., at different imaginary concentric 
circles on disk assembly 28'). Voltmeter 38 measured the 
potential difference between the points of contact. The 
positive side of the potential difference is toward the center, 
as indicated in FIG. 2, due to the Lorentz force pushing 
electrons radially out to the rim. The measured potential 
difference increased as the distance between the contact 
points increased. This experiment is referred to hereinafter 
as “Experiment B.” 

An understanding as to why there is a difference in 
electric potential measured by voltmeter 38 and voltmeter 40 
(FIG. 1) was gained in another experiment, illustrated in 
FIG. 3. In this experiment, an attempt was made to model the 
electrodynamics on a rotating Faraday disk. This was done 
by applying a potential difference across disk assembly 28' 
(between axle 14 and the rim), while disk assembly 28' 
remained stationary (as did voltmeter 38). This setup was 
intended to mimic the case where the voltmeter and disk are 
rotating in the same frame of reference. The potential 
difference was applied across disk assembly 28' using a 
6-volt battery 50. This modeled the potential difference 
generated on a rotating disk by electromagnetic induction. 
Insulated copper wires 52a and 526 were connected to the 
terminals of battery 50 and to axle 14 and the rim of disk 
assembly 28', as shown in FIG. 3. The positive side of 
battery 50 is connected at axle 14 and the negative side is 
connected at the rim to model the charge displacement due 
to induction. Lead wires 36a, 36b of voltmeter 38 were also 
connected to disk assembly 28', in the vicinity of the 
connections of wires 52a, 52b, respectively. The voltage (or 
potential difference) measured by voltmeter 38 was 50 
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millivolts. A reading of 6 volts would be expected in an open 
circuit measurement. On the other hand, a reading of 50 
millivolts would suggest a near short circuit (considering the 
inherent resistance in disk assembly 28'). Voltmeter 38 did 
measure a short circuit current, which is indicated in FIG. 3 
by arrow SC. This experiment is referred to hereinafter as 
“Experiment C.” 

Based on Experiments A, B and C, it was concluded that 
the rotation of disk assembly 28' in the magnetic field 
(created by magnetic cylinders 46a, 46b—FIG. 1) caused the 
disk assembly to become charged and develop a potential 
difference in the radial direction. The potential difference 
increased as the distance between the center of disk assem- 
bly 28' and a measurement point along the radius of assem- 
bly 28' increased. This potential difference was created by 
the Lorentz force pushing electrons out to the rim, causing 
an induced current to flow radially outward. In response to 
the induced potential difference, electrons seek to establish 
equilibrium on the disk (as it is a conductor) and begin to 
flow in a direction opposite of the induced current. This 
opposite flow of electrons is referred to as the short circuit 
current and is indicated in FIG. 3 by arrow SC. It is believed 
that this short circuit current is flowing at all times on a 
rotating Faraday disk. This may be the reason why a voltage 
is measureable on the rotating frame of reference (voltmeter 
on the disk), albeit a smaller voltage than the induced 
voltage measured in the stationary frame of reference. A 
rotating Faraday disk (1.e., disk assembly 28') behaves like 
a battery (or multiple batteries connected in series) with one 
pole at the center of the disk (axle 14) and the other pole at 
the rim. While rotation in the magnetic field causes the disk 
to be charged, a short circuit simultaneously occurs. The 
disk loses its charge immediately when it stops rotating. A 
Faraday disk (and thus disk assembly 28') can be thought of 
as comprising a number of imaginary annular rings, each 
behaving like a circular-shaped battery and the batteries are 
connected in series. Thus, the largest potential would occur 
at the rim, where all of the annular rings (batteries) of the 
disk are in series and in the circuit. 

The concepts studied in the lab in Experiments A, B and 
C were then applied in the field, with respect to the earth’s 
rotation and magnetic field. FIG. 4 illustrates an experiment 
that was conducted at two different drilled water wells, one 
117 feet deep and the other 210 feet deep. The wells were 
drilled at construction sites of new homes in a suburban area 
near Utica, N.Y. At the time of the experiments, the wells 
were not in use. There were no electric power lines or 
transmitting antennas within a great distance around the 
construction sites. A copper pipe 54, one-half inch in diam- 
eter and two feet long, was connected to an insulated copper 
wire 56, to ensure a good connection with the earth at the 
bottom of the well. Pipe 54 and wire 56 were lowered to the 
bottom of each well. Pipe 54 made direct contact with the 
earth at the bottom of each well. The bottom of each well is 
considered a first charged body (defined above). Another 
one-half inch diameter and two-foot long copper pipe 58 
was hammered into the ground at the surface, about 6 feet 
from the well. The surface and earth surrounding pipe 58 is 
considered a second charged body. A digital voltmeter 60 
was used to measure the difference in electric potential 
between the bottom of the well and the surface of the ground 
(1.e., between the first and the second charged bodies). 
Voltmeter 60 has test lead wires 62 and 64. Test lead wire 62 
is connected to insulated wire 56 and test lead wire 64 is 
connected to copper pipe 58. Steady measurements of 592 
millivolts were obtained in the 117-foot well and 858 
millivolts were obtained in the 210-foot well. Short circuit 
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current between the surface and the bottom of the well was 
also measured with meter 60. As the distance between the 
surface and bottom of the well increased, the difference in 
electric potential increased. 

A variation of the setup in FIG. 4 was also tested at the 
210-foot well (indicated in dash lines). The well includes a 
metal bore casing 66 that extends substantially down the 
well bore. The variation is that casing 66 was used as part of 
the circuit instead of copper pipe 58. Test lead wire 64 was 
connected directly to casing 66. The voltage measurements 
were consistent with those obtained in the original tests for 
the 210-foot well. It is believed that the use of casing 66 as 
part of the circuit, instead of a ground pipe (like pipe 58), 
may yield more consistent voltage readings. The tests per- 
formed at both wells, as described in this and the previous 
paragraph, are collectively referred to hereinafter as 
“Experiment D.” In the tests of Experiment D, wire 56 was 
an insulated 14-Gauge Stranded THHN Cable, Model No. 
22955957, supplied by the Southwire Company, Carrollton, 
Ga., featuring conductors made of annealed (soft) copper, 
rated at 600 Volts, and insulated with tough, heat- and 
moisture-resistant PVC. Voltmeter 60 was a Mini Pocket 
MultiMeter, Model DM110, by Extech Instruments Corp., 
Nashua, N.H., with 0.1 millivolt DC voltage resolution and 
0.01 milliamp DC current resolution. Another voltmeter was 
also used to re-confirm the readings. That meter was a 
Cen-Tech Seven Function Digital Multimeter, Model 98025, 
supplied by Harbor Freight Tools Co., Camarillo, Calif., 
with milliamp and millivolts resolutions. 

The earth is an oblate spheroid with an equatorial radius 
of 6378.16 km. The earth and its surrounding atmosphere 
rotate within the earth’s magnetic field (1.e., the geomagnetic 
field). The speed of a point at the earth’s equator is about 
463.8 m/sec. In the Utica, N.Y. area, where Experiment D 
was performed, the speed is about 300 m/sec. By compari- 
son, the speed of sound is 340.29 m/sec. The earth’s 
magnetic field is estimated to be about 0.35 to 0.65 gauss at 
the earth’s surface. By comparison, a strong refrigerator 
magnet has a field strength of 100 gauss. The geomagnetic 
field is generally dipolar as it has two poles, the north and 
south magnetic poles, and the field lines resemble those of 
a dipolar magnet. FIG. 5 illustrates the geomagnetic field on 
one side of the earth’s magnetic axis 70. Generally, the earth 
can be considered a conductor having the following five 
parts: (1) the solid inner core, which is an excellent con- 
ductor; (2) the molten outer core, which is an excellent 
conductor; (3) the mantle, much of which is a good con- 
ductor; (4) the crust, which is a relatively good conductor; 
and (5) the atmosphere, which can be a good or poor 
conductor. 

To help with the understanding of the results obtained in 
Experiment D and with the operation of the present inven- 
tion, consider the following theory. (This theory should not 
be construed as defining or limiting the scope of the present 
invention in any way, and it should not affect the validity of 
the invention if proven to be incorrect. It is presented in the 
hope that it may aid in the understanding of the invention.) 
One should picture the earth and the surrounding (rotating) 
atmosphere as an endless number of concentric spheres, 
from the earth’s center to the earth’s surface, and from the 
earth’s surface to the outer reaches of the surrounding, 
rotating atmosphere. FIG. 5 depicts two spheres associated 
directly with the earth itself. A sphere 72 represents any level 
or layer under the earth’s surface between the center and the 
surface. For example, sphere 72 could be (generally) a 
junction between the earth’s crust and its mantle, a junction 
between the earth’s mantle and the outer core, or a particular 
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layer within the earth’s crust or mantle. A sphere 74 repre- 
sents the earth’s surface. Alternatively, one can picture the 
earth as an endless number of disks, with the largest diam- 
eter disk cutting through the equator (see FIG. 6) and the 
smallest diameter disks approaching the poles. 

As shown in FIG. 5, the geomagnetic field (showing one 
side of the field) comprises a plurality of magnetic field lines 
68 disposed generally in a dipolar arrangement about mag- 
netic axis 70. As the earth rotates through the geomagnetic 
field, 1t behaves similar to a rotating Faraday disk, in that 
electrons dislocate outward from the center to the surface. 
This causes a potential gradient to be established along the 
radius of the earth and into the atmosphere, with the positive 
side toward the center and the negative side toward the 
surface. A potential difference is measured between any two 
designated spheres of the earth and atmosphere (e.g., spheres 
72 and 74 in FIG. 5), and the potential difference increases 
with the spacing between the designated spheres. At the 
same time, electrons travel back toward the center of the 
earth as the electromagnetic system seeks equilibrium, and 
this causes a permanent short circuit current to flow in the 
earth’s interior. 

Continuing with the theory, induction also exists in the 
atmosphere, especially in the clouds. Clouds are connected 
to the earth’s surface by air that is generally a poor conduc- 
tor. Some short circuit current through dry air may exist, but 
a big difference in electric potential develops between 
clouds and the earth’s surface. During storms, the air 
between the earth’s surface and clouds, and between clouds 
at different levels (representing different spheres), become 
saturated with water and form columns that are relatively 
good conductors. An intense short circuit current occurs 
through such conductors. When the amount of current 
becomes so intense that the conductor cannot accept it any 
longer, because of its properties (air and water), it simply 
burns out. The flash and explosion (1.e., lightning and 
thunder) are results of the burning out of the overloaded 
conductor. Most likely, a similar event happened to NASA’s 
tether experiment, when an almost 20 km long insulated 
wire burned out by an estimated 1 amp of current at 3500 
volts (see NASA tether experiment article, www.istp.gsfc- 
.nasa.gov/Education/wtether.html). 

Further with the theory, the earth behaves like one huge 
battery (similar to Faraday”s disk), constantly being charged 
by the rotation within 1ts own magnetic field. One pole of the 
battery is at the earth’s center and the other pole is at the 
earth’s surface or at some designated point in the atmo- 
sphere. One can also imagine the earth as an endless number 
of sphere-shaped batteries connected in series. At the same 
time, a permanent short circuit in the earth exists, like the 
battery in Experiment C above. 

It is not possible or practicable to obtain the electric 
potential between the center of the earth and its surface using 
Faraday’s approach, because stationary brush contacts can- 
not be placed at the center and the surface (1.e., a stationary 
frame of reference for the collection circuit cannot be 
established). However, it is possible to obtain an electric 
potential from the short circuit current between different 
designated spheres reachable from the earth’s surface (e.g., 
Experiment D). 

Referring again to FIG. 5, sphere 72 contains a designated 
terrestrial charged body 76 and sphere 74 (earth’s surface) 
contains a designated terrestrial charged body 78. A cloud 80 
in the atmosphere 82 is also designated as a terrestrial 
charged body. Terrestrial charged bodies 76, 78 and 80 are 
spaced apart from each other in a direction substantially 
normal to the earth’s surface. An imaginary axis 84 repre- 
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sents the alignment of the charged bodies in a direction 
normal to the surface. Due to electromagnetic induction, a 
potential difference is formed between terrestrial charged 
bodies 76 and 78, between charged bodies 76 and 80, and 
between charged bodies 78 and 80. A terrestrial charged 
body is that amount (e.g., area or volume) of earth, water, 
minerals, rocks, clouds, etc. sufficient to define, accumulate 
or hold a charge which can produce a measurable potential 
difference with another terrestrial charged body. 

Referring to FIG. 6, there is shown a model of the earth 
with a portion removed to reveal an imaginary plane or disk 
86. Disk 86 cuts through the equator. FIG. 6 illustrates an 
analogy between the earth’s interior and a Faraday disk (see 
earlier discussion above). In this example, an interior section 
or region of the earth’s crust or mantle serves as a first 
terrestrial charged body 88, and the earth’s surface serves as 
a second terrestrial charged body 90. Compare FIG. 6 with 
FIG. 2. The rotation of the earth through 1ts magnetic field 
causes terrestrial bodies 88 and 90 to become charged and a 
potential difference to be form between them, as in Experi- 
ment B (FIG. 2). 

Referring now to FIG. 7, a system 100 for generating 
electricity from the geomagnetic field and rotation of the 
earth is shown as a first embodiment of the present inven- 
tion. As explained, a potential difference (PD) 1s formed 
between terrestrial charged bodies—here terrestrial charged 
bodies 102 and 104. In this embodiment, body 102 is 
underground earth (e.g., rock, soil, and/or minerals, etc.) at 
the bottom of an opening or hole (man-made or natural) and 
body 104 is the surface soil of the earth. Charged bodies 102, 
104 are spaced apart in a direction normal to the earth’s 
surface. System 100 comprises an electrical load 106 having 
an input 108 and an output 110. A first insulated conductor 
112 is coupled at one end to charged body 102 via a contact 
member 114 and is connected at its other end to load input 
108. Contact member 114 may be, e.g., a short (e.g., 2 ft 
long) piece of copper or aluminum pipe. Conductor 112 is 
insulated to avoid direct electrical contact with the earth, 
except for charged body 102. Conductor 112 is soldered or 
otherwise electrically connected to contact member 114. The 
other end of conductor 112 is either directly connected to 
load input 108 (as shown) or is coupled to input 108 via a 
jumper wire and/or a connector. In FIG. 7, a first current path 
is defined between load 106 and body 102 by contact 
member 114 and conductor 112. The first current path 
supplies the PD to load 106. A second insulated conductor 
116 is coupled at one end to charged body 104 via a contact 
member 118 and is connected at the other end to load output 
110. Contact member 118 may be the same type as contact 
member 114. Conductor 116 may be the same type and 
model as conductor 112. A second current path is defined 
between load 106 and body 104 by conductor 116 and 
contact member 118. A return current path occurs between 
charged bodies 104, 102 via the intervening earth. Thus, a 
complete electrical circuit is established from charged body 
102, contact member 114, conductor 112, load 106, conduc- 
tor 116, contact member 118, charged body 104, and the 
return current path back to charged body 102. An electric 
current related to the PD is generated in load 106. Load 106 
may comprise a charging circuit and a charge storage device, 
a motor, and/or an AC generator or inverter, as discussed 
later. Contact members 114, 118 may be any form of 
electrical conductor, including but not limited to a plate, 
disk, sphere, cone, rod, cylinder (hollow or solid), or sharp 
pointed member or members. 

Referring now to FIG. 8, a system 200 for generating 
electricity from the geomagnetic field and rotation of the 
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earth is shown as a second embodiment of the present 
invention. A potential difference PD is formed between 
spaced apart terrestrial charged bodies 202 and 204. Body 
202 is underground earth at the bottom of a well and body 
204 is the surface soil of the earth. The well includes a 
drilled wellbore extending from the earth’s surface to the 
well bottom. A metal casing 203 extends down into the bore. 
At the bottom of the well is a supply of water 205. System 
200 comprises an electrical load 206 having an input 208 
and an output 210. A first insulated conductor 212 is coupled 
at one end to charged body 202 via a contact member 214 
and is connected at its other end to load input 208. Contact 
member 214 may be submerged in water 205. Conductor 
212 is insulated to avoid direct electrical contact with metal 
casing 203 and the earth, except for charged body 202. A 
first current path is defined between load 206 and body 202 
by conductor 212 and contact member 214. This current path 
supplies the PD to load 206. A second insulated conductor 
216 is coupled at one end to charged body 204 via a 
connection (e.g., a solder joint) 217 to casing 203. Conduc- 
tor 216 is connected at its other end to load output 210. A 
second current path is defined between load 206 and body 
204 by conductor 216, connection 217 and casing 203. A 
return current path occurs between charged bodies 204, 202 
via casing 203 and the earth (and/or water 205). Thus, a 
complete electrical circuit is established from charged body 
202, contact member 214, conductor 212, load 206, con- 
ductor 216, connection 217, casing 203, charged body 204, 
and the return current path back to charged body 202. An 
electric current related to the PD is generated in load 206. In 
this embodiment, it is preferred that the bottom of the well 
be at least 400 feet deep relative to the surface. 

Referring now to FIG. 9, a system 300 for generating 
electricity from the geomagnetic field and rotation of the 
earth is shown as a third embodiment of the present inven- 
tion. A potential difference PD is formed between spaced 
apart terrestrial charged bodies 302 and 304. In this embodi- 
ment, body 302 is underground earth at a bottom of a mine 
and body 304 is the surface soil of the earth. The mine 
contains a drilled or excavated opening or mineshaft extend- 
ing from the earth’s surface to the bottom. A metal frame 303 
may be present in the shaft. System 300 comprises an 
electrical load 306 having an input 308 and an output 310. 
A first insulated conductor 312 is coupled at one end to 
charged body 302 via a contact member 314 and is con- 
nected at its other end to load input 308. Contact member 
314 makes direct contact with the bottom of the mine and, 
in some cases, may slightly penetrate the bottom. Conductor 
312 is insulated to avoid direct electrical contact with frame 
303 and/or the earth (except for charged body 302). A first 
current path is defined between load 306 and body 302 by 
conductor 312 and contact member 314. The first current 
path supplies the PD to load 306. A second insulated 
conductor 316 is coupled at one end to charged body 304 via 
a contact member 318 and is connected at its other end to 
load output 310. Contact member 320 has been driven into 
the earth to make good electrical contact with body 304. 
Alternatively, conductor 316 may be coupled to body 304 
via a connection (e.g., a solder joint) 320 to metal frame 303 
(if any). A second current path is defined between load 306 
and body 304 by conductor 316 and contact member 318 (or 
by conductor 316, connection 320 and frame 303). A return 
current path occurs between charged bodies 304, 302 via the 
earth or, alternatively, via frame 303 and the earth. Thus, a 
complete circuit is established from charged body 302, 
contact member 314, conductor 312, load 306, conductor 
316, contact member 318 (or connection 320 and frame 
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303), charged body 304, and the return current path back to 
charged body 302. An electric current related to the PD is 
generated in load 306. 

Referring now to FIG. 10, a system 400 for generating 
electricity from the geomagnetic field and rotation of the 
earth is shown as a fourth embodiment of the present 
invention. A potential difference PD is formed between 
spaced apart terrestrial charged bodies 402 and 404. In this 
embodiment, charged body 402 is the bottom or bed of a 
body of water (e.g., the earth’s crust, basalt, sand, clay, 
sediments or other settled materials, a change in salinity, 
etc.). Charge body 404 is the water at or near the surface of 
the body of water. The body of water is preferably a salt 
water system such as an ocean, sea, ocean bay, strait, estuary, 
lake, and the like. System 400 comprises an electrical load 
406 having an input 408 and an output 410. A first insulated 
conductor 412 is coupled at one end to charged body 402 via 
a contact member 414 and is connected at its other end to 
load input 408. Contact member 414 makes direct contact 
with the bottom and, in some cases, may penetrate the 
bottom. Conductor 412 is insulated to avoid direct electrical 
contact with the body of water. A first current path is defined 
between load 406 and body 402 by conductor 412 and 
contact member 414. The first current path supplies the PD 
to load 406. A second insulated conductor 416 is coupled at 
one end to charged body 404 via a metal boat 418, which 
serves as a contact member. Conductor 416 is connected at 
its other end to load output 410. Conductor 416 is directly 
connected to boat 418, as represented by the electrical 
ground symbol. An alternative contact member may be a 
thin metal (e.g., copper or aluminum) plate 418', which 
floats on the water. In the latter case, conductor 416 is 
directly connected to plate 418'. A second current path is 
defined between load 406 and body 404 by conductor 416 
and boat 418 (or by conductor 416 and plate 418'). A return 
current path occurs between charged bodies 404, 402 via the 
body of water. Thus, a complete circuit is established from 
charged body 402, contact member 414, conductor 412, load 
406, conductor 416, boat 418 or other contact member, 
charged body 404, and the return current path back to 
charged body 402. An electric current related to the PD is 
generated in load 406. 

Referring now to FIG. 11, a system 500 for generating 
electricity from the geomagnetic field and rotation of the 
earth is shown as a fifth embodiment of the present inven- 
tion. A potential difference PD is formed between spaced 
apart terrestrial charged bodies 502 and 504. In this embodi- 
ment, both charged bodies 502, 504 are portions of the earth 
at or near the earth’s surface, but body 504 is at a higher 
elevation than body 502. This may be the case, for example, 
at a mountain or cliff System 500 comprises an electrical 
load 506 having an input 508 and an output 510. A first 
insulated conductor 512 is coupled at one end to charged 
body 502 via a contact member 514 and is connected at its 
other end to load input 508. Contact member 514 is driven 
into the earth to establish good electrical contact with 
charged body 502. Conductor 512 is insulated to avoid direct 
electrical contact with the earth. A first current path is 
defined between load 506 and body 502 by conductor 512 
and contact member 514. The first current path supplies the 
PD to load 506. A second insulated conductor 516 is coupled 
at one end to charged body 504 via a contact member 518 
and is connected at its other end to load output 510. Member 
518 has been driven into the earth to make good electrical 
contact with body 504. A second current path is defined 
between load 506 and body 504 by conductor 516 and 
contact member 518. A return current path occurs between 
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charged bodies 502, 504 via the intervening earth. Thus, a 
complete circuit is established from charged body 502, 
contact member 514, conductor 512, load 506, conductor 
516, contact member 518, charged body 504, and the return 
current path back to charged body 502. An electric current 
related to the PD is generated in load 506. 

Referring now to FIG. 12, a system 600 for generating 
electricity from the geomagnetic field and rotation of the 
earth 1s shown as a sixth embodiment of the present inven- 
tion. A potential difference PD is formed between spaced 
apart terrestrial charged bodies 602 and 604. In this embodi- 
ment, charged body 604 is a cloud or a stream of clouds 
passing overhead and charged body 602 is a portion of the 
earth at or near the earth’s surface. A preferred location for 
system 600 is at a high elevation, such as a mountain top, 
where low lying clouds are a frequent occurrence. As air is 
generally a poor conductor, the flow of short circuit current 
between clouds and the earth’s surface is very limited, 
resulting in the buildup of a huge difference in electrical 
potential between the clouds and the earth’s surface. THIS 
EMBODIMENT IS VERY DANGEROUS DUE TO 
LIGHTNING STRIKES AND STATIC ELECTRICITY. 
ANYONE WHO BUILDS THIS EMBODIMENT, 
WHETHER AUTHORIZED BY THE INVENTOR 
HEREIN OR NOT, ASSUMES ALL RISK OF PERSONAL 
INJURY OR DEATH AND ASSUMES ALL LIABILITY 
TO OTHERS INJURED OR KILLED AS A RESULT OF 
THE CONSTRUCTION AND/OR OPERATION OF THIS 
EMBODIMENT. 

Again referring to FIG. 12, system 600 comprises an 
electrical load 606 having an input 608 and an output 610. 
A first insulated conductor 612 is coupled at one end to 
charged body 602 via a contact member 614 and is con- 
nected at its other end to load input 608. Contact member 
614 has been driven into the earth to make good electrical 
contact with body 602. A first current path is defined 
between load 606 and body 602 by conductor 612 and 
contact member 614. The first current path supplies the PD 
to load 606. A second insulated conductor 616 is coupled at 
one end to charged body 604 via a contact apparatus 618 and 
is connected at its other end to load output 610. Apparatus 
618 includes a non-conductive tower 618a, an upwardly 
extending metal bracket 618b, and a metal collector plate 
618c. Tower 618a is preferably built from a non-conductive 
material such as, for example, wood, fiberglass, fiberglass 
reinforced plastic, and the like. Tower 618a may be sup- 
ported by non-conductive guy wires such as Phyllistran guys 
or Polygon structural fiberglass guys. Alternatively, tower 
618a may be electrically insulated from the ground using an 
electrically insulating barrier between the tower and the 
ground. Conductor 616 is electrically connected to metal 
bracket 6185. Conductor 616 is insulated to avoid electrical 
contact with the surrounding atmosphere. Bracket 6185 and 
collector plate 618c establish electrical coupling with the 
electric charge in cloud 604. Plate 618c is a metal sheet of 
metal, such as copper or aluminum. A second current path is 
defined between load 606 and body 604 by conductor 616, 
metal bracket 618b, and collector plate 618c. A return 
current path occurs between charged bodies 604, 602, via the 
atmosphere or moisture or precipitation in the atmosphere. 
Thus, a complete circuit is established from charged body 
602, contact member 614, conductor 612, load 606, con- 
ductor 616, bracket 6185, collector plate 618c, charged 
cloud 604, and the return current path back to charged body 
602. An electric current related to the PD is generated in load 
606. 
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As mentioned, the hazards of lightning are obviously a 
major concern in system 600. Lightning protection schemes 
are not infallible and no representation is made herein that 
system 600 is safe from the hazards of lightning strikes or 
static electricity. In system 600, a surge arrester device 620 
is installed between load output 610 and ground (FIG. 12). 
Device 620 is shown as a gas-filled surge arrester, but the 
preferred arrester is a spark gap rated for lightning strike 
voltages. Preferably, conductor 616 is a high voltage 
stranded single conductor cable, such as used to connect 
lightning rods to grounding rods, but covered with insulation 
having a high dielectric strength to withstand lightning 
strikes. 

An alternative embodiment to system 600 (not shown) is 
to replace apparatus 618 with a hydrogen- or helium-filled 
balloon (e.g., a weather balloon). The balloon would have a 
conductor such as copper or aluminum foil wrapped around 
it or a metal plate or band mounted on it. In this embodiment, 
insulated conductor 616 would be electrically connected to 
the conductor on the balloon. This embodiment would 
otherwise be the same as system 600. The warnings and 
disclaimers made above with respect to system 600 are 
equally applicable to this embodiment. 

Referring now to FIG. 13, a system 700 for generating 
electricity from the geomagnetic field and rotation of the 
earth is shown as a seventh embodiment of the present 
invention. This embodiment concerns a well and is funda- 
mentally the same as the second embodiment, except here 
the electrical load is located down in the wellbore. A 
potential difference PD is formed between terrestrial 
charged bodies 702 and 704 (1.e., bottom of well and earth 
surface). The well includes a drilled bore and a metal casing 
703 extending down into the bore. At the bottom of the well 
is a supply of water 705. An electrical load 706 has an input 
708 and an output 710. A first insulated conductor 712 is 
coupled at one end to charged body 702 via a contact 
member 714 and is connected at its other end to load input 
708. A first current path is defined between load 706 and 
body 702 by conductor 712 and contact member 714. The 
first current path supplies the PD to load 706. A second 
insulated conductor 716 is coupled at one end to charged 
body 704 via an electrical connection (e.g., a solder joint) 
717 to metal casing 703. The other end of conductor 716 is 
connected to load output 710. A second current path is 
defined between load 706 and body 704 by conductor 716, 
connection 717 and casing 703. A return current path occurs 
between charged bodies 704, 702, via casing 703 and the 
earth (and/or water 705). Thus, a complete electrical circuit 
is established from charged body 702, contact member 714, 
conductor 712, load 706, conductor 716, connection 717, 
casing 703, charged body 704, and the return current path 
back to charged body 702. An electric current related to the 
PD is generated in load 706. In the case where casing 703 
is not made of electrically conductive material, an alterna- 
tive coupling arrangement with charged body 704 is: con- 
ductor 716 is connected to a contact member 718, which is 
driven into the ground at the earth’s surface. 

Load 706 may contain a charge storage system and a 
wellbore submersible pump controlled by a control unit 720. 
The charge storage system stores electricity generated by 
system 700 and supplies the stored electricity to the pump 
when called upon by control unit 720. Control unit 720 
communicates with the pump via a control cable 722. 
Control unit 720 includes an auto-control function that 
controls the pump automatically. Unit 720 switches on the 
power to the pump by means of a pressure switch actuated 
in response to a pressure valve or by means of a float level 
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switch actuated by a float. An example of a submersible 
pump powered by a renewable electrical energy source is 
disclosed in U.S. Pat. No. 7,837,450, which is incorporated 
herein by reference. 

Referring now to FIGS. 14 and 15, a system 800 is 
another embodiment of the present invention. This embodi- 
ment is characterized by a coaxial cable 801 installed 
between two spaced apart, substantially parallel, terrestrial 
charged bodies 802 and 804. Cable 801 includes a copper (or 
copper-clad steel) center conductor 812 insulated by a 
dielectric insulating material 812a, such as cellular polyure- 
thane, polyurethane foam or solid polyethylene. Cable 801 
further includes an outer shield conductor 803, which may 
be a woven braid of bare or tinned copper wires, a wrap of 
aluminum foil tape, a solid copper or aluminum tube, or a 
combination thereof. Shield conductor 803 may be insulated 
or left uninsulated. In FIGS. 14 and 15, conductor 803 is 
insulated generally by a jacket 803a made of plastic, such as 
polyvinyl chloride (PVC). When cable 801 is installed, 
jacket 803a is preferably removed between charged bodies 
802 and 804, as shown in FIG. 14. System 800 comprises an 
electrical load 806 having a supply input and a ground 
output made available at a threaded female coaxial connec- 
tor 808. Cable 801 has a finished proximal end with a 
threaded male coaxial connector 809. Connector 809 is 
considered male because it has a stinger wire, which is to be 
inserted into connector 808. The stinger wire 1s connected to 
or an extension of center conductor 812. Connector 809 
includes a threaded slip ring 809a for threading connector 
809 onto connector 808. 

Once connectors 808 and 809 are connected together, 
center conductor 812 is in electrical contact with the supply 
input of load 806 and shield conductor 803 is in electrical 
contact with the ground output of load 806. Center conduc- 
tor 812 is electrically coupled to charged body 802 via a 
metal contact member 814. Conductor 812 delivers the 
potential difference between charged bodies 802, 804 to load 
806. Shield conductor 803 is electrically coupled to charged 
body 804 by direct contact as shown. Thus, the ground 
output of load 806 is electrically coupled to charged body 
804. Conductor 803 is also coupled to charged body 802 by 
direct contact as shown. Alternatively, conductor 803 may 
be in direct contact with a portion of the earth defined to be 
outside of charged body 802 (thus making indirect contact 
with body 802). A return current path occurs between 
charged bodies 802, 804 primarily through shield conductor 
803. Using conductor 803 as the return current path 
improves return path performance by making the path easier 
to implement and maintain, and it operates more predictably 
because it is not dependent on the variable properties and 
conditions of earth, water, atmospheric, and other natural or 
in situ return current paths. In system 800, a complete 
electrical circuit 1s established from charged body 802, 
contact member 814, center conductor 812, load 806 (via 
connectors 809/808), shield conductor 803 (via connectors 
808/809), charged body 804, and shield conductor 803 back 
to charged body 802. An electric current related to the PD 
between charged bodies 802, 804 is generated in load 806. 

As shown in FIG. 14, an alternative or additional ground 
output 810 is provided in electrical load 806. An insulated 
conductor 816 is connected to output 810 and to a contact 
member 818. In this case, shield conductor 803 may be 
decoupled from the original ground output, for example, by 
operation of an automatic impedance sensing switch internal 
to load 806. Optionally, both outputs (810 and original 
output via 803) may be in operation together. In connection 
with output 810, the return current path remains primarily 
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through shield conductor 803. The complete electrical cir- 
cuit is from charged body 802, contact member 814, center 
conductor 812, load 806 (via connectors 809/808), conduc- 
tor 816, contact member 818, charged body 804, and shield 
conductor 803 back to charged body 802. 

Referring now to FIG. 16, there is shown one example of 
an electrical load 900 of the present invention. A supply 
input S and a ground output G of load 900 correspond to, for 
example, load input 108 and load output 110, respectively 
(e.g., see FIG. 7). The potential difference between a pair of 
terrestrial charged bodies, obtained in accordance with the 
present invention, is presented across terminals S and G of 
load 900. The apparatus of the present invention that obtains 
this potential difference (examples of which are shown in 
FIGS. 7-14) is referred to in FIGS. 16-18 as a geomagnetic 
voltage source. Load 900 includes a charging circuit 902 and 
a charge storage system 904. The specifics of charging 
circuit 902 depend upon the type of charge storage system 
used. System 904 may be, for example, a rechargeable 
battery or series of batteries or a charging capacitor or bank 
of charging capacitors. A basic charging circuit for a 
rechargeable battery (or series of batteries) may be a positive 
going diode in series with a source resistor, and both in 
series with the rechargeable battery (or series of batteries). 
A basic charging circuit for a capacitor (or bank of capaci- 
tors in series) may be an inductor in series with the capacitor 
(or bank of capacitors). The latter circuit typically includes 
a switching element or elements to cause the geomagnetic 
voltage source to charge the inductor in a first switched state 
and to cause the charged inductor to charge the capacitor or 
capacitors in a second switched state. If capacitors are used 
for the charge storage elements, a preferred form of capaci- 
tor is the ultracapacitor. Ultracapacitors and their charging 
circuits are disclosed in the following references: M. S. W. 
Chan, K. T. Chau, and C. C. Chan, Effective Charging 
Method for Ultracapacitors, Journal of Asian Electric 
Vehicles, Vol. 3, No. 2, December 2006, pp. 771-76; and 
Maxwell ‘Technologies Application Note, Document 
1008981 Rev 1, December 2005, pp. 2-3. The disclosures of 
these references are incorporated herein by reference. See 
also U.S. Pat. No. 7,170,260 to Thrap (Maxwell Technolo- 
gies), entitled, Rapid Charger for Ultracapacitors, which is 
incorporated herein by reference. 

Referring now to FIG. 17, there is shown another example 
of an electrical load 900' of the present invention. Load 900' 
has a supply input S and a ground output G, as with load 900. 
A geomagnetic voltage source of the present invention is 
applied to terminals S and G. Load 900' includes a charging 
and control circuit 902', a charge storage system 904", and an 
electric motor 906'. Blocks 902' and 904' contain the same 
types of charging circuits and charge storage elements as in 
blocks 902 and 904 (FIG. 16), respectively. Circuit 902' 
further includes a control circuit or IC chip that controls the 
operation of switches SW1 and SW2 in FIG. 17. In a first 
operating stage, switch SW1 is closed and switch SW2 is 
open, and the geomagnetic voltage source and circuit 902' 
charge the storage element or elements of charge storage 
system 904'. In a second operating stage, switch SW1 is 
open (or sometimes remains closed) and switch SW2 is 
closed, and system 904' powers electric motor 906'. Motor 
906' is typically a DC motor, but may be an AC motor if, 
e.g., an inverter is installed between the output of system 
904' and the motor. It is understood that, in an alternative 
embodiment, load 900' may simply consist of motor 906", 
which would be directly driven by the geomagnetic voltage 
source. 
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Referring now to FIG. 18, there is shown a further 
example of an electrical load 900" of the present invention. 
Load 900" has a supply input S and a ground output G, as 
with loads 900 and 900'. A geomagnetic voltage source of 
the present invention is applied to terminals S and G. Load 
900" includes a charging and control circuit 902", a charge 
storage system 904", and an inverter or AC generator with 
step-up transformer 906". Blocks 902" and 904" contain the 
same types of circuits and charge storage elements as in 
blocks 902' and 904' (FIG. 17), respectively. In a first 
operating stage of load 900", switch SW1 is closed and 
switch SW2 is open, and the geomagnetic voltage source 
and circuit 902" charge the storage element or elements of 
charge storage system 904". In a second operating stage, 
switch SW1 is open (or sometimes remains closed) and 
switch SW2 is closed, and system 904" powers inverter or 
AC generator with step-up transformer 906". If an inverter, 
block 906" directly converts the DC voltage from block 904" 
to AC voltage and steps up the voltage to a desired level. If 
an AC generator, block 906" includes a DC motor for driving 
the AC generator and a step-up transformer raises the 
voltage to a desired level. In the latter case, block 904" 
drives the DC motor, which in turn drives the AC generator. 
The desired level of AC voltage may be at the mains level 
so that it can be applied to the electric power grid, for 
contributing power to the grid. FIG. 18 shows the output of 
block 906" being applied to an electric power grid. 

The phrases, “earth’s surface” and “the surface of the 
earth,” when speaking about orientation or relative position 
(e.g., “a direction normal to the earth’s surface”), mean the 
general or averaged plane of the surface 1f observed locally 
or the general tangent of the surface if observed from space. 
In addition, these phrases are to be construed broad enough 
to include the surface of any body of land, water or ice or any 
geological formation such as, e.g., a mountain top or slope, 
or a valley, whether above or below sea level. 

In connection with the first through fifth and seventh 
embodiments of the present invention (FIGS. 7-11 and 13), 
the insulated conductors (112, 116, 212, 216, 312, 316, etc.) 
may be a 14-Gauge insulated Stranded THHN Cable, Model 
No. 22955957, supplied by Southwire Co., Carrollton, Ga. 

While the preferred embodiments of the invention have 
been particularly described in the specification and illus- 
trated in the drawing, 1t should be understood that the 
invention 1s not so limited. Many modifications, equivalents 
and adaptations of the invention will become apparent to 
those skilled in the art without departing from the spirit and 
scope of the invention, as defined in the appended claims. 

What is claimed is: 

1. A method of generating electricity from the geomag- 
netic field and rotation of the earth, the earth rotating 
through the geomagnetic field to form a potential difference 
between first and second earth-bound terrestrial charged 
bodies, the first and the second earth-bound terrestrial 
charged bodies being spaced apart in a direction substan- 
tially normal to the earth’s surface, said method comprising 
the steps of: 

(a) using a system including (1) an electrical load having 

a supply input and a return output, (11) a first current 
path having a first end coupled to the supply input of 
the electrical load, and (111) a second current path 
having a first end coupled to the return output of the 
electrical load; 

(b) coupling a second end of the first current path to the 

first earth-bound terrestrial charged body and coupling 
a second end of the second current path to the second 
earth-bound terrestrial charged body, such that the 
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electrical load is electrically coupled to the first and the 
second earth-bound terrestrial charged bodies; and 

(c) generating in the electrical load an electrical current 

related to the potential difference formed between the 
first and the second earth-bound terrestrial charged 
bodies by the earth’s rotation through the geomagnetic 
field. 

2. The method of claim 1, wherein the first earth-bound 
terrestrial charged body includes a first portion of the earth 
located below the earth’s surface and the second earth- 
bound terrestrial charged body includes a second portion of 
the earth located at about or near the earth’s surface, and 
wherein the earth contains an opening extending between 
the first and the second portions of the earth, 

said first current path including (1) an electrically insu- 

lated conductor extending at least partially through the 
opening and (11) a conductive contact member coupled 
to the electrically insulated conductor for establishing 
electrical contact between the first portion of the earth 
and the electrically insulated conductor. 

3. The method of claim 2, wherein the electrical load is 
located within the opening, between the first and the second 
portions of the earth. 

4. The method of claim 2, wherein the opening is a bore 
or shaft of a well or mine, the well or mine including a 
bottom, and wherein the first portion of the earth includes 
the bottom of the well or mine, said electrically insulated 
conductor extending through the bore or shaft and the 
conductive contact member establishing electrical contact 
between the bottom of the well or mine and the electrically 
insulated conductor. 

5. The method of claim 4, wherein the bore or shaft is 
lined with a metal casing, the metal casing being in contact 
with the second portion of the earth and the second current 
path being in contact with the metal casing, such that the 
second current path is in electrical communication with the 
second portion of the earth. 

6. The method of claim 1, wherein the first and the second 
earth-bound terrestrial charged bodies are first and second 
portions of the earth, respectively, located at about or near 
the surface of the earth, the first portion of the earth being 
at a first elevation and the second portion of the earth being 
at a second elevation, the first elevation being different than 
the second elevation. 

7. The method of claim 1, wherein the first earth-bound 
terrestrial charged body is a portion of the earth at a bottom 
of a body of water, and wherein the second earth-bound 
terrestrial charged body is water at about or near the surface 
of the body of water. 

8. The method of claim 7, wherein the body of water is a 
body of saltwater. 

9. The method of claim 1, wherein the electrical load 
includes a rechargeable energy source, said method further 
comprising the step of 

(c) charging the rechargeable energy source with the 

electric current generated in step (c). 

10. The method of claim 9, wherein the electrical load 
further includes an electric pump, said method further com- 
prising the step of 

(d) powering the electric pump with the rechargeable 

energy source. 

11. The method of claim 9, wherein the electrical load 
includes an electric motor, said method further comprising 
the step of 

(d) powering the electric motor with the rechargeable 

energy source. 
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12. The method of claim 1, wherein the electrical load 
includes an electric pump, said method further comprising 
the step of 

(c) powering the electric pump with the electric current 

generated in step (c). 5 

13. The method of claim 1, wherein the electrical load 
includes an electric motor, said method further comprising 
the step of 

(c) powering the electric motor with the electric current 

generated in step (c). 10 

14. The method of claim 1, wherein the electrical load 
includes a rechargeable energy source including a recharge- 
able battery and a charging circuit coupled to the recharge- 
able battery. 

15. The method of claim 14, wherein the electrical load 15 
further includes an electric motor coupled to the recharge- 
able battery. 

16. The method of claim 1, wherein the electrical load 
includes a rechargeable energy source including a one or 
more capacitors and a charging circuit coupled to the one or 20 
more capacitors. 

17. The method of claim 16, wherein the one or more 
capacitors are one or more ultracapacitors. 
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(57) ABSTRACT 


A resonant transformer connected between a ground termi- 
nal and elevated terminal draws current from the earth’s 
electric field through a primary winding of the transformer. 
An impulse generator applies a high voltage impulse to the 
primary winding of the resonant transformer to cause current 
to flow from the ground terminal through the primary 
winding. The flow of current through the primary winding of 
the resonant transformer induces a current in the secondary 
winding, which may be converted and filtered to a usable 
form, e.g. 60 Hz AC or DC. 


12 Claims, 8 Drawing Sheets 


po me 


t weur + 


MPPT 
CHARGE 
CONTROLLER 


INVERTER 


120V 63 HERTZ 
OUT 


and bolts through the holes in part C, and solder the nuts to the top 
of part C. Drill %” diameter holes through part A’s tuning capacitor 
holes, and then reassemble parts A, B, and C with four 4" 6-32 
nuts and bolts each. 

6. With scissors cut a %”-wide section of the cat-food can of 
your cat's choice. File it smooth, or, better yet, sand it smooth ona 
belt sander. With parts A, B, and C still bolted together, turn them 
upside down on a flat surface and tack solder part D to the bottom of 
part C before flowing the solder smoothly around the entire circum- 
ference. 

7. Install and solder the output link and BNC connector as 
shown. Thread in the two tuning capacitors in the bottom of part C. 

8. Install the tube in part G and A so that the top of part G is 
flush with the bottom of the protuding anode ring (tube is in as far as 
it will go). Carefully insert the tube into the chassis and part H until 
the bottom of the cavity is flush with the top of the chassis. There 
should be no radial or axial side loads on the tube if you have 
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POWER RECEIVER FOR EXTRACTING 
POWER FROM ELECTRIC FIELD ENERGY 
IN THE EARTH 


This application claims the benefit of U.S. Provisional 
Application No. 61/889,894, filed 11 Oct. 2013, the disclo- 
sure of which is incorporated herein by reference in its 
entirety. 


TECHNICAL FIELD 


The present invention relates generally to renewable 
energy, and more particularly to methods and apparatus for 
extracting energy from subsurface electrical fields beneath 
the earth’s surface. 


BACKGROUND 


The earth and the ionosphere cavity may be viewed as a 
global electric circuit. Electrical currents are constantly 
flowing within the earth and its atmosphere. Within the 
earth, the majority of the earth’s energy is carried by 
extremely low frequency (ELF) and ultralow frequency 
(ULF) waves in the 0-200 Hz frequency range. The earth’s 
rotating magnetic field and positive lightning are two energy 
sources that sustain the ELF/ULF waves within the earth and 
the atmosphere. 

A great deal of research has been devoted to studying the 
electric field present in the earth’s ionosphere cavity. Joseph 
M. Crawley, the “Fair Weather Atmosphere as a Power 
Source”, Proceedings ESA Annual Meeting on Electrostatics 
2011; O. Jefimenko, “Operation of Electric Motors from 
Atmospheric Electric Field,” American Journal of Physics, 
Vol. 39, Pgs. 776-779, 1971; M. L. Breuer, “Usability of 
Tapping Atmospheric Charge as a Power Source,” Renew- 
able Energy, Vol. 28, Pgs. 1121-1127, 2003. Numerous 
attempts have been made in the past to extract electrical 
energy from the earth’s atmosphere. For example, U.S. Pat. 
No. 1,540,998 to Plauson describes a system for converting 
atmospheric electrical energy into usable power. These past 
attempts have been successful in producing only small 
amounts of power from the electrical field in the earth’s 
ionosphere cavity. The modest success of these experiments 
compared to results from other renewable energy sources, 
such as solar and wind, has tempered further research and 
prevented widespread use of the electric field in the iono- 
sphere cavity as an energy source. 


SUMMARY 


The present invention relates to a power receiver for 
extracting power from electric fields beneath the earth’s 
surface. In embodiments of the present disclosure, a reso- 
nant transformer connected to a ground terminal draws 
current from the earth’s electric field through the primary 
winding of the transformer. Current flow through the reso- 
nant transformer is induced by applying a high voltage 
impulse to the primary winding. The flow of current through 
the primary winding of the resonant transformer induces a 
current in the secondary winding, which may be converted 
and filtered to a usable form, e.g. 60 Hz AC or DC. 

In some embodiments of the power receiver, the resonant 
frequency of the resonant transformers is below 200 Hz. 

In some embodiments of the power receiver, the resonant 
transformer comprises a ferro-resonant transformer. 

In some embodiments, the power receiver further com- 
prises an elevated terminal. 
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In some embodiments of the power receiver, the primary 
winding of the resonant transformer is connected between 
the ground terminal and elevated terminal. 

In some embodiments of the power receiver, the elevated 
terminal comprises an upper capacitive plate coupled to the 
earth’s ionosphere cavity. 

In some embodiments of the power receiver, the impulse 
generator comprises the upper capacitive plate and a spark 
gap connected between the upper capacitive plate and the 
primary winding of the resonant transformer. The spark gap 
comprises a pair of electrodes separated by a gap and 
configured to generate a spark when a voltage difference 
between the electrodes reaches a predetermined level. 

In some embodiments of the power receiver, the impulse 
generator comprises a pulse generator for generating low 
voltage pulses, a step-up transformer for converting the low 
voltage pulses provided by the pulse generator to high 
voltage impulses, and a spark gap connected between the 
step-up transformer and the primary winding of the resonant 
transformer to generate a spark responsive to the high 
voltage impulses from the step-up transformer. 

In some embodiments of the power receiver, the impulse 
generator comprises a pulse generator for generating low 
voltage pulses, and a step-up transformer connected to the 
primary winding of the resonant transformer for converting 
the low voltage pulses provided by the pulse generator to 
high voltage impulses. 

In some embodiments of the power receiver, the impulse 
generator comprises a solid state spark generator. 

In some embodiments of the power receiver, the resonant 
transformer includes a capacitor connected in parallel with 
the primary winding. 

In some embodiments of the power receiver, the resonant 
transformer includes a capacitor connected in series with the 
primary winding between the impulse generator and the 
elevated terminal. 

In some embodiments, the power receiver comprises 
multiple resonant transformers having primary windings 
connected in parallel between the ground terminal and the 
elevated terminal. 

In some embodiments of the power receiver, the resonant 
transformers have different resonant frequencies. 

In some embodiments of the power receiver, the resonant 
frequencies of the resonant transformers are all below 200 
Hz. 

In some embodiments of the power receiver, the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 

Another embodiment of the power receiver comprises a 
resonant circuit connected to a ground terminal disposed 
below the surface of the earth, an impulse generator for 
generating and applying a high voltage electrical impulse to 
the resonant circuit to induce current flow from the ground 
terminal through the resonant circuit, and a power conver- 
sion circuit connected to the resonant circuit to convert 
electrical current flowing through the resonant circuit to a 
desired form. The resonant circuit has a resonant frequency 
below 200 Hertz. 

In some embodiments of the power receiver, the resonant 
circuit comprises a resonant transformer having a primary 
winding, a secondary winding, and resonant capacitor con- 
nected in series with the primary winding. 

In some embodiments of the power receiver, the resonant 
circuit comprises multiple resonant transformers having 
primary windings connected in parallel to the ground ter- 
minal. 


Fig. 4-12. These knobs should be replaced with insulated knobs. 


followed these steps in sequence—just a comfortable press-fit. 
Now, maintaining a gentle downward pressure on the tube, tack 
solder the cavity to the chassis before smooth flowing solder 
around the entire circumference. 

9. Install the input BNC connector. Press-fit Parts F and I onto 
the cathode ring as far as they will go. The input blocking capacitor 
is modified by filing each side of a 500 pF ceramic disc cap until half 
of the leads have been filed away. Carefully tin each side with a 
small (25 watt or less) soldering iron. Solder in the 2 pi-net 
capacitors as shown. Solder the 500 pF modified disc cap to the end 
part F and to the inner conductor of the BNC connector. This is a 
fragile part and easily broken when removing and/or installing 
tubes. To further mechanically stabilize part E, take two burned- 
out %”-long glass fuses and solder them to part F on the side 
opposite the two pi-net capacitors. They are structurally quite 
strong, good insulators, and they are free. 

If you are like me, unable to resist buying those one buck each 
2039 tubes at hamfests, you are most probably, also like me, 
throwing your money away. Of the first twelve tubes acquired this 
way, one was good; the others gave only marginal gain or were 
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In some embodiments of the power receiver, the resonant 
transformers have different resonant frequencies. 

In some embodiments of the power receiver, the resonant 
frequencies of the resonant transformers are all below 200 
Hz. 

In some embodiments of the power receiver, the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 

Other embodiments of the disclosure comprise a ground 
terminal for a power receiver. In one embodiment, the 
ground terminal comprises a ground shaft configured for 
insertion beneath the surface of the earth, a hollow cylinder 
surrounding the ground shaft and having a plurality of 
openings, and a plurality of ground wires connected at one 
end to the ground shaft. The ground wires are wound around 
the ground shaft and have free ends protruding through 
respective openings 1n the hollow shaft so that rotation of the 
ground shaft relative to the hollow cylinder causes the 
ground wires to extend radially into the earth. 

Other embodiments of the disclosure comprise methods 
of extracting power from the earth. In one embodiment, the 
method comprises applying a high voltage impulse to reso- 
nant circuit coupled to a ground terminal disposed beneath 
the surface of the earth to initiate resonance in the resonant 
circuit and induce the flow of current from the ground 
terminal to the resonant circuit, and converting the current 
flowing from the ground terminal into the resonant circuit 
into a useful form. 

In some embodiments of the method, the resonant circuit 
comprises a resonant transformer including a primary wind- 
ing coupled to the ground terminal and a second winding 
coupled to a power converter, and applying a high voltage 
impulse to resonant circuit comprises applying a high volt- 
age impulse to the primary winding of the resonant trans- 
former. 

In some embodiments of the method, applying a high 
voltage impulse to the primary winding of the resonant 
transformer comprises applying an impulse in the range to 
10,000 to 40,000 volts to primary winding of the trans- 
former. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 illustrates a first exemplary embodiment of a 
power receiver. 

FIG. 2 illustrates a second exemplary embodiment of a 
power receiver. 

FIG. 3 illustrates a third exemplary embodiment of a 
power receiver. 

FIG. 4 illustrates a fourth exemplary embodiment of a 
power receiver. 

FIG. 5 illustrates a fifth exemplary embodiment of a 
power receiver. 

FIG. 6A is an exploded perspective view of an exemplary 
ground antenna array for the power receiver. 

FIG. 6B is a perspective view of an assembled ground 
antenna array before being deployed. 

FIG. 6C is a perspective view of an assembled ground 
antenna array after being deployed. 

FIG. 7A is a side view of an insertion tool for installing 
the ground antenna array. 

FIG. 7B is a top view of the insertion tool for installing 
the ground antenna array. 

FIG. 7C is a bottom view of the insertion tool for 
installing the ground antenna array. 


DETAILED DESCRIPTION 


Referring now to the drawings, a power receiver for 
extracting energy from the earth’s electric field are illus- 
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trated and indicated generally by the numeral 10. Various 
embodiments of the power receiver 10 are described and 
similar reference numbers are used throughout the descrip- 
tion to indicate similar components. 

The power receiver 10 converts energy in the ELF/ULF 
waves to useful form, e.g. 60 Hz AC or DC. The power 
receiver 10 is essentially a resonance circuit that resonates at 
the natural resonance frequencies in the earth’s electric field. 
These resonance frequencies, known as Schumann reso- 
nance frequencies, occur at 7.83 Hz, 14.3 Hz, 20.8 Hz, 27.3 
Hz, and 33.8 Hz. A high voltage impulse initiates resonance 
within the power receiver 10. In the resonant mode, the 
impedance of the power receiver 10 is reduced to near zero 
thus inducing ground currents to flow into the power 
receiver 10 where the ground currents are converted to 
useful form. 

FIG. 1 illustrates a first embodiment of the power receiver 
10. The power receiver 10 comprises a resonant transformer 
30 connected between an elevated terminal 15 and ground 
terminal 25. In this embodiment, the elevated terminal 15 is 
capacitively coupled to electric fields within the earth’s 
ionosphere cavity and functions as an upper capacitive plate. 
A lower capacitive plate 20 is connected to the ground 
terminal 25 beneath the surface of the earth. 

The resonant transformer 30 comprises a primary winding 
35, secondary winding 40, ferromagnetic core 45, and 
capacitor 50. One end of the primary winding 35 is con- 
nected to the lower capacitive plate 20 and ground terminal 
25. The opposite end of the primary winding 35 is connected 
via a spark gap 90 to the elevated terminal 15. The capacitor 
50 is connected in parallel with the primary winding 35 of 
the resonant transformer 30 to form an LC circuit 55 with a 
resonance frequency range of between about 0.1 and 200 
Hz. In a preferred embodiment, the resonant transformer has 
a Q of about 10 or greater and resonance frequency in the 
range of about 0.1-200 Hertz. For example, the resonant 
transformer 30 may have a resonance frequency of about 
7.83 Hz, the fundamental Schumann resonance frequency. 
The secondary winding 40 of the resonant transformer 30 is 
connected to a power converter 110 as will be hereinafter 
described in greater detail. The power converter 110 con- 
verts the energy extracted from the earth’s electric field by 
the power receiver 10 into a usable form for driving a load 
140. 

The elevated terminal/upper capacitive plate 15 com- 
prises an insulated, dish-shaped plate with a large radius of 
curvature. The capacitance and resistance of the elevated 
terminal is chosen for receiving broadband electric field 
frequencies in the 0-200 Hz range. The upper capacitive 
plate 15 is sized to maximize to the extent practical coupling 
with the electric field in the earth’s ionosphere cavity. 

The lower capacitive plate 20 is also a dish-shaped plate 
with a large radius of curvature. One function of the lower 
capacitive plate 20 is to collect charge from the earth’s 
ground currents and provide an instantaneous source of 
current as hereinafter described. The capacitance and resis- 
tance of the lower capacitive plate 20 is selected to promote 
the flow of current from the ground with minimal losses. 

The spark gap 90 connected between the elevated termi- 
nal 15 and resonant transformer 30 comprises a pair of 
electrodes 95, 100 separated by an evacuated air gap 105. 
Electrode 95 is connected to the upper capacitive plate 15. 
Electrode 100 is connected to the resonant transformer 30. 
The spark gap 105 prevents electrical discharge from the 
upper capacitive plate 15 to the earth’s ionosphere cavity. 
The spark gap 90 in combination with the elevated terminal 
15 function as an impulse generator that applies a high 
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voltage impulse of about 10,000-40,000 volts to the primary 
winding 35 to initiate resonance in the transformer 30. 

In operation, the capacitive coupling of the upper capaci- 
tive plate 15 induces a high voltage operating current in the 
upper capacitive plate 15. The upper capacitive plate is 
connected to a first electrode 95 to the spark gap 90. When 
the voltage difference between the electrodes 95 and 100 
reaches a threshold, a spark forms across the electrodes 
95,100 and a high voltage impulse 1s applied to the primary 
winding 35 of the resonant transformer 30. This high voltage 
impulse initiates resonance within the transformer 30. 

In resonant mode, the impedance of the resonance trans- 
former is reduced to nearly zero allowing current to flow 
from the capacitive plate 20 and ground terminal 25 through 
the primary winding 35 of the transformer 30, which in turn 
induces current in the secondary winding 40. Power con- 
verter 110 converts the current flowing through the second- 
ary winding 40 into a usable form for driving a load 140. The 
transformer 30 will continue to resonate for a short period of 
time. By providing high voltage impulses to the primary 
winding 35 of the resonant transformer 30 at periodic 
intervals, it is possible to maintain a continuous flow of 
current from the earth into the resonant transformer 30, thus 
producing a continuous supply of power. 

FIG. 2 discloses a second embodiment of the primary 
receiver 10. This embodiment includes a resonant trans- 
former 30 connected between an elevated terminal 15 and 
ground terminal 25. The resonant transformer 30 comprises 
a primary winding 35, secondary winding 40, ferromagnetic 
core 45 and a high voltage capacitor 50. One end of the 
primary winding 35 is connected to the ground terminal 25. 
The opposite end of the primary winding 35 1s connected to 
the elevated terminal 15. The capacitor 50 has a capacitance 
of about 0.01 micro-farads. In contrast to the previous 
embodiment, capacitor 50 is connected in series with the 
primary winding 35 and elevated terminal 15 and forms a 
LC circuit 55 with a Q of about 10 or greater and a resonance 
frequency in the range of about 0.1 to 200 Hz. In a preferred 
embodiment, the resonance frequency of the transformer 30 
is 7.83 Hz, the fundamental Schumann resonance frequency. 
An impulse generator 60 is connected between the primary 
winding 35 of the resonant transformer 30 and the series 
capacitor 50 and applies a high voltage impulse to the 
primary winding 35 of the resonant transformer 30. A battery 
130 or other external power source supplies power to the 
impulse generator 60. As previously described, the high 
voltage impulse applied by the impulse generator 60 initiates 
resonance within the resonant transformer 30 inducing cur- 
rent flow from the ground terminal 25 into the primary 
winding 35 of the resonant transformer 30. The flow of 
current from the ground terminal 25 through the primary 
winding 35 induces current in the secondary winding 40. 
Power converter 110 converts the electrical energy in the 
current flowing through the primary winding 40 into a 
usable form. 

In contrast to the first embodiment, it is not required to 
capacitively couple the elevated terminal 15 in the second 
embodiment to the earth’s ionosphere cavity. Rather, the 
elevated terminal 15 in this embodiment provides lightning 
protection and dissipates some of the energy flowing into the 
power receiver 10 to the earth’s ionosphere cavity. Also, in 
contrast to the first embodiment, the capacitor 50 is con- 
nected in series between the primary winding 35 of the 
transformer 30 and the elevated terminal 15. Those skilled in 
the art will appreciate that the capacitor 50 could also be 
connected in parallel rather than series with the primary 
winding 35 as shown in FIG. 1. Another difference is that the 
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impulse generator 60 has an external power source. The 
amount of energy generated by the power receiver 10, 
however, is far greater than the energy needed to generate 
high voltage impulses. The first embodiment does not 
require an external power source to generate high voltage 
impulses. 

FIG. 3 illustrates a third embodiment of the power 
receiver 10. This embodiment is essentially the same as the 
embodiment shown in FIG. 2. The main difference is that a 
center tap of the primary winding 35 in the resonant trans- 
former 30 is connected to an electrical ground 85. It should 
be appreciated that the electrical ground 85 may be different 
than the earth ground. When the center tap of the resonant 
transformer 30 is grounded at a distance away from the 
ground terminal 25 (e.g. 50 ft to 100 ft), the power receiver 
10 becomes a transmitter via the ground loop formed. 

FIG. 4 illustrates the power receiver 10 of FIG. 2 in 
greater detail. The power receiver includes a resonant trans- 
former 30 connected between a ground terminal 25 and an 
elevated terminal 15. The resonant transformer 30 includes 
a primary winding 35, secondary winding 40, ferromagnetic 
core 45 and series capacitor 50 configured as previously 
described. The resonant transformer 30 may have a Q of 
about 10 and a resonance frequency in the range of about 0.1 
to 200 Hz. The resonant transformer 30 may be made using 
an Allanson transformer (part #1530BP120R) connected in 
series with a 0.01 micro-farad capacitor, such as the Con- 
densor Products high voltage capacitor (part #TC 103-17- 
125). An impulse generator 60 is connected between the 
primary winding 35 of the resonant transformer 30 and the 
series capacitor 50 and applies a high voltage impulse in the 
range of about 10,000 to 40,000 volts to the primary winding 
of the transformer 30. A battery 130 or other external power 
source supplies power to the impulse generator 60. The 
power converter 110 connects to the secondary winding 40 
of the resonant transformer 30 for converting current in the 
secondary winding of the transformer to a useful form. 

The impulse generator 60 comprises a pulse generator 65 
for generating low voltage pulses, a step-up transformer 80 
for converting the low voltage pulses from the pulse gen- 
erator 65 to high voltage pulses, and a spark gap 90 for 
generating sparks responsive to the high voltage pulses from 
the step-up transformer 80. 

The pulse generator 65 comprises a square wave genera- 
tor 70 and solid state relay 75. The square wave generator 70 
generates a digital pulse stream. In one embodiment, the 
digital pulse stream generates a square waveform with a 
frequency of about 7.83 Hz. The frequency of the digital 
pulse stream is selected to match the resonance frequency of 
the transformer 30, though such is not necessarily required. 
The pulse stream output from the square wave generator 70 
is applied to the solid state relay 75. The solid state relay 75 
is connected between a battery or other power source and a 
first winding of the step-up transformer 80. The solid state 
relay 75 functions as a switch that is activated responsive to 
the waveform from the square wave generator 70 to provide 
a continuous stream of low voltage pulses from the battery 
to the first winding of the step-up transformer 80. A 1 ohm 
resistor is connected between the solid state relay 75 and 
step-up transformer 80. 

The step-up transformer 80 converts the low voltage 
pulses from the pulse generator 65 to high voltage pulses 
that are applied to the spark gap 90. The step-up transformer 
has a 0.5 micro-farad capacitor connected in parallel with 
the primary winding of the step-up transformer 80. The 
step-up transformer produces pulses at the output of about 
30,000 to 40,000 volts. 
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The spark gap 90 comprises a pair of electrodes 95, 100 
separated by an air gap 105. As previously described, when 
the voltage potential between the electrodes 95, 100 reaches 
a threshold, a spark forms between the electrodes 95, 100 
and supplies a nearly instantaneous, high voltage impulse to 
the primary winding 35 of the resonant transformer 30. This 
high voltage impulse initiates resonance in the resonant 
transformer 30 inducing current flow from the ground ter- 
minal 25 through the primary winding 35 of the resonant 
transformer 30. 

The power converter 110 comprises a bridge rectifier 115, 
filter capacitor 120, charge controller 125, and inverter 135. 
The bridge rectifier 115 converts the AC current flowing 
through the secondary winding 40 of the resonant trans- 
former to a DC current. a Filter capacitor 120 removes 
unwanted frequencies from the DC current. The filter 
capacitor 120 has a capacitance of about 1000 micro-farads. 
The DC current is input to the charge controller 125. The 
charge controller 125 may, for example, comprise a maxi- 
mum power point tracking (MPPT) charge controller, which 
is commonly used in solar power generating systems. The 
charge controller 125 applies a small amount of energy to a 
battery 30 to charge the battery 130. As previously noted, the 
battery 130 serves as a power source for the impulse 
generator 60. The remaining current is supplied to an 
inverter 135, which converts the DC current to an AC 
current with a desired voltage and frequency, e.g., 120 
volts/60 Hz AC. The power converter 110 as shown in FIG. 
4 may be utilized in the embodiment shown in FIGS. 1, 2 
and 3. 

FIG. 5 illustrates a power converter 10 according to 
another embodiment. The power converter 10 comprises a 
plurality of resonant transformers 30 connected between a 
ground terminal 25 and elevated terminal 15. Each of the 
resonant transformers 30 comprises a primary winding 35, 
secondary winding 40, ferromagnetic core 45 and series 
capacitor 50. The primary windings 35 of the resonant 
transformers 30 are connected in parallel. The secondary 
windings 40 are connected in series with the power con- 
verter 110. An impulse generator 60 applies a high voltage 
impulse to the primary windings 35 of the resonant trans- 
formers 30. A battery 130 or other external power source 
supplies power to the impulse generator 60. The power 
converter 110 converts the current in the power converter 
circuit to a usable form for driving a load 140. 

In one embodiment, each of the resonant transformers 30 
shown in FIG. 5 is configured to have a different resonant 
frequency. In one embodiment, the resonant transformers 30 
are configured to resonate at frequencies of 7.83 Hz, 14.8 
Hz, 20.3 Hz and 26.8 Hz respectively. Additional resonant 
transformers 30 could be added to operate at other resonance 
frequencies. 

FIGS. 6A-6C illustrate a high quality ground antenna 
array 200 which may be used as a ground terminal 25. The 
ground antenna array 200 comprises a generally cylindrical 
ground shaft 205 disposed with a hollow cylinder 220 and a 
plurality of reinforced, heavy gauge ground wires 210 
attached at one end to the ground shaft 205. The ground shaft 
205 and ground wires 210 should be highly conductive and 
have low resistance to supply current from the ground to the 
power receiver 10. In one embodiment, the ground wires 
210 may be copper or other highly-conductive metal. The 
end of the ground shaft may be pointed to facilitate insertion 
into the earth. A connection port on the ground shaft 220 is 
provided to electrically connect the ground antenna array 
220 to the resonant transformer 30. 
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The hollow cylinder 220 has external threads 25 to 
facilitate insertion into the ground. A rotator nut 235 is 
fixedly secured to the top end of the hollow shaft 220. A 
square shaft 215 protrudes from the top end of the ground 
shaft 205 into the opening in the rotator nut 235. FIG. 6B. 
A tool 250, shown in FIG. 7, engages with the rotator nut 
235 and square shaft 215 during insertion of the ground 
antennas array 200 into the ground as will be hereinafter 
described. 

The insertion tool 250 is shown in FIG. 7. The insertion 
tool 250 includes a tool body 255 having a first socket 260 
on one side to fit the rotator nut 235 on the hollow cylinder 
220 and a second socket 265 on the other side to fit the 
square shaft 215 on the ground shaft 205. Arms 270 extend 
from the outer periphery of the tool body 255 for manually 
or mechanically turning the insertion tool 250. 

Before the antenna array 200 is deployed, the ground 
wires 210 are wound around the ground shaft 205 with the 
free ends protruding slightly from respective openings 230 
in the hollow cylinder 220 to a distance not to exceed one 
half (4) the depth of the external threads 225 on the hollow 
cylinder 220. FIG. 6B illustrates the ground antenna array 
200 before deployment. FIG. 6C illustrates the ground 
antenna array in a deployed configuration. 

Installation of the ground antenna array 200 is performed 
in two stages. In the first stage, a hole slightly smaller in 
diameter than the threads 235 of the hollow cylinder 220 is 
drilled into the Earth to a depth matching the length of the 
hollow cylinder 220 or slightly longer. The hole is filled with 
water and the water is allowed to soak into the soil. After the 
ground is softened, the hollow cylinder 220 is rotated using 
the insertion tool 250 to insert the ground antenna array 200 
into the ground. The first socket 260 of the insertion tool 250 
is engaged with the rotator nut 230 and the insertion tool 250 
is turned by hand or a mechanized rotating shaft fitted and 
attached to the tool arms 270 to thread the ground assembly 
into the hole. During the initial insertion of the ground 
antenna array 200, the ground shaft 205 is fixed to the 
hollow shaft 220 and rotates with the hollow shaft. The 
hollow cylinder 220 is rotated until it reaches the full depth 
of the hole. 

Once the ground antenna array 200 has been fully inserted 
into the earth, the insertion tool 250 is flipped over and the 
second socket 265 of the insertion tool 250 is engaged with 
the square shaft 215. The insertion tool 250 is turned by hand 
or a mechanized rotating shaft fitted and attached to the tool 
arms 270 to rotate the ground shaft 205. During the second 
phase, the ground shaft 205 rotates freely inside the hollow 
cylinder 220. Rotation of the ground shaft 205 causes the 
reinforced ground wires 210 to extend radially into the earth. 
The ground shaft 220 is rotated until the ground wires are 
fully extended. The ends of the ground wires may be 
sharpened to aid in the extension of the ground wires during 
the second phase. 

After the ground antenna array 200 is deployed, a con- 
nection cable 280 is attached to a connection port 240 on the 
ground shaft 220 to electrically connect the ground antenna 
array 220 to the resonant transformer 30 in the power 
receiver 10. 

What is claimed is: 

1. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 

a resonant transformer connected to a ground terminal 

disposed below the surface of the earth; 

an impulse generator for generating and applying a high 

voltage electrical impulse to a primary winding of the 
resonant transformer to induce current flow from the 
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ground terminal through the primary winding of the 
transformer, said impulse generator comprising: 


a signal generator for generating a low voltage signal; 


a step-up transformer for converting the low voltage 
signal to a high voltage signal; 


a spark gap connected between the step-up transformer 
and the primary winding of the resonant transformer 
to generate a spark responsive to the high voltage 
signal from the step-up transformer; and 


a power conversion circuit connected to a secondary 
winding of the resonant transformer to convert electri- 
cal current flowing through the secondary winding to a 
desired form. 


2. The power receiver of claim 1 wherein a resonant 
frequency of the resonant transformers is below 200 Hz. 


3. The power receiver of claim 1 wherein the resonant 
transformer comprises a ferro-resonant transformer. 


4. The power receiver of claim 1 further comprising an 
elevated terminal, and wherein the primary winding of the 
resonant transformer is connected between the ground ter- 
minal and elevated terminal. 


5. The power receiver of claim 4 wherein the elevated 
terminal comprises an upper capacitive plate coupled to the 
earth’s ionosphere cavity. 


6. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in parallel with 
the primary winding. 
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7. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in series with the 
primary winding between the impulse generator and the 
elevated terminal. 

8. The power receiver of claim 1 further comprising 
multiple resonant transformers having primary windings 
connected in parallel between the ground terminal and the 
elevated terminal. 

9. The power receiver of claim 8 wherein the resonant 
transformers have different resonant frequencies. 

10. The power receiver of claim 9 wherein the resonant 
frequencies of the resonant transformers are all below 200 
Hz. 

11. The power receiver of claim 8 wherein the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 

12. A ground terminal for a power receiver, said ground 
terminal comprising: 

a ground shaft configured for insertion beneath the surface 

of the earth; 

a hollow cylinder surrounding the ground shaft and hav- 

ing a plurality of openings; and 

a plurality of ground wires connected at one end to the 

ground shaft said ground wires being wound around the 
ground shaft and having free ends protruding through 
respective openings in the hollow shaft so that rotation 
of the ground shaft relative to the hollow cylinder 
causes the ground wires to extend radially into the 
earth. 
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(57) ABSTRACT 


A resonant transformer connected between a ground termi- 
nal and elevated terminal draws current from the earth’s 
electric field through a primary winding of the transformer. 
An impulse generator applies a high voltage impulse to the 
primary winding of the resonant transformer to cause current 
to flow from the ground terminal through the primary 
winding. The flow of current through the primary winding of 
the resonant transformer induces a current in the secondary 
winding, which may be converted and filtered to a usable 
form, e.g. 60 Hz AC or DC. 


"a 0 
jan 
115 
x 125 
BATT + 
a pad: INPUT + pa 
| MPPT | 30 
CHARGE 


| 

CONTROLLER | 
LOAD | 

e m 


f 
INVERTER 
oak ie 


4204 60 HERTZ 
OUT 


mada 
am 


US 2022/0069588 Al 


Mar. 3,2022 Sheet 1 of 8 


Patent Application Publication 


LOA 


GZ \ 


N E DE 
o A i y 
a Af REVERB 
A228 0220 A 
`, Cd te 0 o y Es 


OG 
SU 


op! on fH 09 
MULYAANOO 


| MIMOd 


OS 


00) 


Patent Application Publication Mar. 3,2022 Sheet 2 of $ US 2022/0069588 A1 


re 


IMPULSE 


GENERAT 


US 2022/0069588 Al 


Mar. 3, 2022 Sheet 3 of 8 


Patent Application Publication 


JC 


| 0 
@ 2H 09 
or TA SSULNSANOD 


HAMO 


Ob 


7 


yOLVaAdNso 


AS TAY 


09 


US 2022/0069588 Al 


Mar. 3, 2022 Sheet 4 of 8 


Patent Application Publication 


Uco 


LAO 
¿LH 09 AQ) 


daLGIANI 


: e 
yO | 
dd MHOYJINOO 
JOAVHO 
Ladi 


IAN g] 


Y Did 


LOS 
ÓN 


Patent Application Publication Mar. 3,2022 Sheet 5 of $ US 2022/0069588 A1 


15 


eri rp 40 
ALEA RN 
80 AT OEERN ¡O 
A O A A 


IMPULSE o E 


GENERATOR 35 40 


POWER 
CONVERTER 
60 Hz AC 
OR 


m 


O 
SNA 


CATHODE RESISTANCE - OHMS 
(SET FOR 40 má IDLING) 


hal 
LE] 25 El 
POWER OUTPUT-WATTS 


Fig. 4-13. Input held at 4 watts. 


worthless. Jaro Electronics offers factory-new 2C39s or 7289s in 
quantities of 5 each that cannot be beat. I prefer the 7289 tubes with 
the more heat resistant ceramic seals. 

It is best to tune up this amplifier at a reduced plate voltage of, 
say, 300 volts. Use W1HDQs favorite microwave 50-ohm load, 
consisting of 100 feet of RG-58 coax. If you are an optimist, by all 
means terminate the coax with 10 each 1000-ohm, 1-watt resistors 
in parallel. Be assured that you will not burn them out. 

Using a Bird Thruline™ wattmeter with plate power off, anda 
24-watt full-scale 1.0-1.8 GHz slug, adjust the input pi-net 
capacitors for zero reflected power with approximately 5 watts 
input. If you are using a varactor tripler, you must have a good 1296 
MHz filter between the tripler and amplifier input, otherwise your 
measurement will be totally meaningless as you will probably be 
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POWER RECEIVER FOR EXTRACTING 
POWER FROM ELECTRIC FIELD ENERGY 
IN THE EARTH 


[0001] This application is a continuation of U.S. applica- 
tion Ser. No. 16/521,764, filed Jul. 25, 2019, which is a 
continuation of U.S. application Ser. No. 15/397,281, filed 
Jan. 3, 2017, now U.S. Pat. No. 10,389,138, which is a 
continuation-in-part of U.S. application Ser. No. 14/509, 
772, filed Oct. 8, 2014, U.S. Pat. No. 9,564,268, which 
claims the benefit of U.S. Provisional Application No. 
61/889,894, filed Oct. 11, 2013, the disclosures of each of 
which are incorporated by reference herein in their entirety. 


TECHNICAL FIELD 


[0002] The present invention relates generally to renew- 
able energy, and more particularly to methods and apparatus 
for extracting energy from subsurface electrical fields 
beneath the earth’s surface. 


BACKGROUND 


[0003] The earth and the ionosphere cavity may be viewed 
as a global electric circuit. Electrical currents are constantly 
flowing within the earth and its atmosphere. Within the 
earth, the majority of the earth’s energy is carried by 
extremely low frequency (ELF) and ultralow frequency 
(ULF) waves in the 0-200 Hz frequency range. The earth’s 
rotating magnetic field and positive lightning are two energy 
sources that sustain the ELF/ULF waves within the earth and 
the atmosphere. 

[0004] A great deal of research has been devoted to 
studying the electric field present in the earth’s ionosphere 
cavity. Joseph M. Crawley, the “Fair Weather Atmosphere as 
a Power Source”, Proceedings ESA Annual Meeting on 
Electrostatics 2011; O. Jefimenko, “Operation of Electric 
Motors from Atmospheric Electric Field,” American Journal 
of Physics, Vol. 39, Pgs. 776-779, 1971; M. L. Breuer, 
“Usability of Tapping Atmospheric Charge as a Power 
Source,” Renewable Energy, Vol. 28, Pgs. 1121-1127, 2003. 
Numerous attempts have been made in the past to extract 
electrical energy from the earth’s atmosphere. For example, 
U.S. Pat. No. 1,540,998 to Plauson describes a system for 
converting atmospheric electrical energy into usable power. 
These past attempts have been successful in producing only 
small amounts of power from the electrical field in the 
earth’s ionosphere cavity. The modest success of these 
experiments compared to results from other renewable 
energy sources, such as solar and wind, has tempered further 
research and prevented widespread use of the electric field 
in the ionosphere cavity as an energy source. 


SUMMARY 


[0005] The present invention relates to a power receiver 
for extracting power from electric fields beneath the earth’s 
surface. In embodiments of the present disclosure, a reso- 
nant transformer connected to a ground terminal draws 
current from the earth’s electric field through the primary 
winding of the transformer. Current flow through the reso- 
nant transformer is induced by applying a high voltage 
impulse to the primary winding. The flow of current through 
the primary winding of the resonant transformer induces a 
current in the secondary winding, which may be converted 
and filtered to a usable form, e.g. 60 Hz AC or DC. 
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[0006] In some embodiments of the power receiver, the 
resonant frequency of the resonant transformers is below 
200 Hz. 

[0007] In some embodiments of the power receiver, the 
resonant transformer comprises a ferro-resonant trans- 
former. 

[0008] In some embodiments, the power receiver further 
comprises an elevated terminal. 

[0009] In some embodiments of the power receiver, the 
primary winding of the resonant transformer is connected 
between the ground terminal and elevated terminal. 

[0010] In some embodiments of the power receiver, the 
elevated terminal comprises an upper capacitive plate 
coupled to the earth’s ionosphere cavity. 

[0011] In some embodiments of the power receiver, the 
impulse generator comprises the upper capacitive plate and 
a spark gap connected between the upper capacitive plate 
and the primary winding of the resonant transformer. The 
spark gap comprises a pair of electrodes separated by a gap 
and configured to generate a spark when a voltage difference 
between the electrodes reaches a predetermined level. 
[0012] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generat- 
ing low voltage pulses, a step-up transformer for converting 
the low voltage pulses provided by the pulse generator to 
high voltage impulses, and a spark gap connected between 
the step-up transformer and the primary winding of the 
resonant transformer to generate a spark responsive to the 
high voltage impulses from the step-up transformer. 

[0013] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generat- 
ing low voltage pulses, and a step-up transformer connected 
to the primary winding of the resonant transformer for 
converting the low voltage pulses provided by the pulse 
generator to high voltage impulses. 

[0014] In some embodiments of the power receiver, the 
impulse generator comprises a solid state spark generator. 
[0015] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in par- 
allel with the primary winding. 

[0016] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in series 
with the primary winding between the impulse generator and 
the elevated terminal. 

[0017] In some embodiments, the power receiver com- 
prises multiple resonant transformers having primary wind- 
ings connected in parallel between the ground terminal and 
the elevated terminal. 

[0018] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0019] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 

[0020] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 


[0021] Another embodiment of the power receiver com- 
prises a resonant circuit connected to a ground terminal 
disposed below the surface of the earth, an impulse genera- 
tor for generating and applying a high voltage electrical 
impulse to the resonant circuit to induce current flow from 
the ground terminal through the resonant circuit, and a 
power conversion circuit connected to the resonant circuit to 
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convert electrical current flowing through the resonant cir- 
cuit to a desired form. The resonant circuit has a resonant 
frequency below 200 Hertz. 

[0022] In some embodiments of the power receiver, the 
resonant circuit comprises a resonant transformer having a 
primary winding, a secondary winding, and resonant capaci- 
tor connected in series with the primary winding. 

[0023] In some embodiments of the power receiver, the 
resonant circuit comprises multiple resonant transformers 
having primary windings connected in parallel to the ground 
terminal. 

[0024] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0025] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 

[0026] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 

[0027] Other embodiments of the disclosure comprise a 
ground terminal for a power receiver. In one embodiment, 
the ground terminal comprises a ground shaft configured for 
insertion beneath the surface of the earth, a hollow cylinder 
surrounding the ground shaft and having a plurality of 
openings, and a plurality of ground wires connected at one 
end to the ground shaft. The ground wires are wound around 
the ground shaft and have free ends protruding through 
respective openings 1n the hollow shaft so that rotation of the 
ground shaft relative to the hollow cylinder causes the 
ground wires to extend radially into the earth. 

[0028] Other embodiments of the disclosure comprise 
methods of extracting power from the earth. In one embodi- 
ment, the method comprises applying a high voltage impulse 
to resonant circuit coupled to a ground terminal disposed 
beneath the surface of the earth to initiate resonance in the 
resonant circuit and induce the flow of current from the 
ground terminal to the resonant circuit, and converting the 
current flowing from the ground terminal into the resonant 
circuit into a useful form. 

[0029] In some embodiments of the method, the resonant 
circuit comprises a resonant transformer including a primary 
winding coupled to the ground terminal and a second 
winding coupled to a power converter, and applying a high 
voltage impulse to resonant circuit comprises applying a 
high voltage impulse to the primary winding of the resonant 
transformer. 

[0030] In some embodiments of the method, applying a 
high voltage impulse to the primary winding of the resonant 
transformer comprises applying an impulse in the range to 
10,000 to 40,000 volts to primary winding of the trans- 
former. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0031] FIG. 1 illustrates a first exemplary embodiment of 
a power receiver. 

[0032] FIG. 2 illustrates a second exemplary embodiment 
of a power receiver. 

[0033] FIG. 3 illustrates a third exemplary embodiment of 
a power receiver. 

[0034] FIG. 4 illustrates a fourth exemplary embodiment 
of a power receiver. 

[0035] FIG. 5 illustrates a fifth exemplary embodiment of 
a power receiver. 
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[0036] FIG. 6A is an exploded perspective view of an 
exemplary ground antenna array for the power receiver. 
[0037] FIG. 6B is a perspective view of an assembled 
ground antenna array before being deployed. 

[0038] FIG. 6C is a perspective view of an assembled 
ground antenna array after being deployed. 

[0039] FIG. 7A is a side view of an insertion tool for 
installing the ground antenna array. 

[0040] FIG. 7B is a top view of the insertion tool for 
installing the ground antenna array. 

[0041] FIG. 7C is a bottom view of the insertion tool for 
installing the ground antenna array. 


DETAILED DESCRIPTION 


[0042] Referring now to the drawings, a power receiver 
for extracting energy from the earth’s electric field are 
illustrated and indicated generally by the numeral 10. Vari- 
ous embodiments of the power receiver 10 are described and 
similar reference numbers are used throughout the descrip- 
tion to indicate similar components. 

[0043] The power receiver 10 converts energy in the 
ELF/ULF waves to useful form, e.g. 60 Hz AC or DC. The 
power receiver 10 is essentially a resonance circuit that 
resonates at the natural resonance frequencies in the earth’s 
electric field. These resonance frequencies, known as Schu- 
mann resonance frequencies, occur at 7.83 Hz, 14.3 Hz, 20.8 
Hz, 27.3 Hz, and 33.8 Hz. A high voltage impulse initiates 
resonance within the power receiver 10. In the resonant 
mode, the impedance of the power receiver 10 is reduced to 
near zero thus inducing ground currents to flow into the 
power receiver 10 where the ground currents are converted 
to useful form. 

[0044] FIG. 1 illustrates a first embodiment of the power 
receiver 10. The power receiver 10 comprises a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. In this embodiment, the elevated 
terminal 15 is capacitively coupled to electric fields within 
the earth’s ionosphere cavity and functions as an upper 
capacitive plate. A lower capacitive plate 20 is connected to 
the ground terminal 25 beneath the surface of the earth. 
[0045] The resonant transformer 30 comprises a primary 
winding 35, secondary winding 40, ferromagnetic core 45, 
and capacitor 50. One end of the primary winding 35 is 
connected to the lower capacitive plate 20 and ground 
terminal 25. The opposite end of the primary winding 35 is 
connected via a spark gap 90 to the elevated terminal 15. The 
capacitor 50 is connected in parallel with the primary 
winding 35 of the resonant transformer 30 to form an LC 
circuit 55 with a resonance frequency range of between 
about 0.1 and 200 Hz. In a preferred embodiment, the 
resonant transformer has a Q of about 10 or greater and 
resonance frequency in the range of about 0.1-200 Hertz. 
For example, the resonant transformer 30 may have a 
resonance frequency of about 7.83 Hz, the fundamental 
Schumann resonance frequency. The secondary winding 40 
of the resonant transformer 30 is connected to a power 
converter 110 as will be hereinafter described in greater 
detail. The power converter 110 converts the energy 
extracted from the earth’s electric field by the power 
receiver 10 into a usable form for driving a load 140. 
[0046] The elevated terminal/upper capacitive plate 15 
comprises an insulated, dish-shaped plate with a large radius 
of curvature. The capacitance and resistance of the elevated 
terminal is chosen for receiving broadband electric field 
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frequencies in the 0-200 Hz range. The upper capacitive 
plate 15 is sized to maximize to the extent practical coupling 
with the electric field in the earth’s ionosphere cavity. 
[0047] The lower capacitive plate 20 is also a dish-shaped 
plate with a large radius of curvature. One function of the 
lower capacitive plate 20 is to collect charge from the earth’s 
ground currents and provide an instantaneous source of 
current as hereinafter described. The capacitance and resis- 
tance of the lower capacitive plate 20 is selected to promote 
the flow of current from the ground with minimal losses. 
[0048] The spark gap 90 connected between the elevated 
terminal 15 and resonant transformer 30 comprises a pair of 
electrodes 95, 100 separated by an evacuated air gap 105. 
Electrode 95 is connected to the upper capacitive plate 15. 
Electrode 100 is connected to the resonant transformer 30. 
The spark gap 105 prevents electrical discharge from the 
upper capacitive plate 15 to the earth’s ionosphere cavity. 
The spark gap 90 in combination with the elevated terminal 
15 function as an impulse generator that applies a high 
voltage impulse of about 10,000-40,000 volts to the primary 
winding 35 to initiate resonance in the transformer 30. 
[0049] In operation, the capacitive coupling of the upper 
capacitive plate 15 induces a high voltage operating current 
in the upper capacitive plate 15. The upper capacitive plate 
is connected to a first electrode 95 to the spark gap 90. When 
the voltage difference between the electrodes 95 and 100 
reaches a threshold, a spark forms across the electrodes 
95,100 and a high voltage impulse is applied to the primary 
winding 35 of the resonant transformer 30. This high voltage 
impulse initiates resonance within the transformer 30. 
[0050] In resonant mode, the impedance of the resonance 
transformer is reduced to nearly zero allowing current to 
flow from the capacitive plate 20 and ground terminal 25 
through the primary winding 35 of the transformer 30, which 
in turn induces current in the secondary winding 40. Power 
converter 110 converts the current flowing through the 
secondary winding 40 into a usable form for driving a load 
140. The transformer 30 will continue to resonate for a short 
period of time. By providing high voltage impulses to the 
primary winding 35 of the resonant transformer 30 at 
periodic intervals, it is possible to maintain a continuous 
flow of current from the earth into the resonant transformer 
30, thus producing a continuous supply of power. 


[0051] FIG. 2 discloses a second embodiment of the 
primary receiver 10. This embodiment includes a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. The resonant transformer 30 com- 
prises a primary winding 35, secondary winding 40, ferro- 
magnetic core 45 and a high voltage capacitor 50. One end 
of the primary winding 35 is connected to the ground 
terminal 25. The opposite end of the primary winding 35 is 
connected to the elevated terminal 15. The capacitor 50 has 
a capacitance of about 0.01 micro-farads. In contrast to the 
previous embodiment, capacitor 50 is connected in series 
with the primary winding 35 and elevated terminal 15 and 
forms a LC circuit 55 with a Q of about 10 or greater and a 
resonance frequency in the range of about 0.1 to 200 Hz. In 
a preferred embodiment, the resonance frequency of the 
transformer 30 is 7.83 Hz, the fundamental Schumann 
resonance frequency. An impulse generator 60 is connected 
between the primary winding 35 of the resonant transformer 
30 and the series capacitor 50 and applies a high voltage 
impulse to the primary winding 35 of the resonant trans- 
former 30. A battery 130 or other external power source 
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supplies power to the impulse generator 60. As previously 
described, the high voltage impulse applied by the impulse 
generator 60 initiates resonance within the resonant trans- 
former 30 inducing current flow from the ground terminal 25 
into the primary winding 35 of the resonant transformer 30. 
The flow of current from the ground terminal 25 through the 
primary winding 35 induces current in the secondary wind- 
ing 40. Power converter 110 converts the electrical energy in 
the current flowing through the primary winding 40 into a 
usable form. 

[0052] In contrast to the first embodiment, it is not 
required to capacitively couple the elevated terminal 15 in 
the second embodiment to the earth’s ionosphere cavity. 
Rather, the elevated terminal 15 in this embodiment pro- 
vides lightning protection and dissipates some of the energy 
flowing into the power receiver 10 to the earth’s ionosphere 
cavity. Also, in contrast to the first embodiment, the capaci- 
tor 50 is connected in series between the primary winding 35 
of the transformer 30 and the elevated terminal 15. Those 
skilled in the art will appreciate that the capacitor 50 could 
also be connected in parallel rather than series with the 
primary winding 35 as shown in FIG. 1. Another difference 
is that the impulse generator 60 has an external power 
source. The amount of energy generated by the power 
receiver 10, however, is far greater than the energy needed 
to generate high voltage impulses. The first embodiment 
does not require an external power source to generate high 
voltage impulses. 

[0053] FIG. 3 illustrates a third embodiment of the power 
receiver 10. This embodiment is essentially the same as the 
embodiment shown in FIG. 2. The main difference is that a 
center tap of the primary winding 35 in the resonant trans- 
former 30 is connected to an electrical ground 85. It should 
be appreciated that the electrical ground 85 may be different 
than the earth ground. When the center tap of the resonant 
transformer 30 is grounded at a distance away from the 
ground terminal 25 (e.g. 50 ft to 100 ft), the power receiver 
10 becomes a transmitter via the ground loop formed. 
[0054] FIG. 4 illustrates the power receiver 10 of FIG. 2 
in greater detail. The power receiver includes a resonant 
transformer 30 connected between a ground terminal 25 and 
an elevated terminal 15. The ground terminal 25 may 
comprise a Ys-inchx8-foot copper ground rod, such as the 
ERICO 615880UPC. The elevated terminal 15 may com- 
prise a 90% copper mesh formed into a hemisphere with a 
radius of about 9 inches. The elevated terminal 15 may be 
elevated at a height of approximately 6 feet above the 
ground. 

[0055] The resonant transformer 30 includes a primary 
winding 35, secondary winding 40, ferromagnetic core 45 
and series capacitor 50 configured as previously described. 
The resonant transformer 30 may have a Q of about 10 and 
a resonance frequency in the range of about 0.1 to 200 Hz. 
The resonant transformer 30 may be made using an Allanson 
transformer (part #1530BP120R) connected in series with a 
0.01 micro-farad capacitor, such as the Condensor Products 
high voltage capacitor (part 190 TC 103-17-125). The 
resonant transformer 30 is used in a step-down configura- 
tion. The center tap of the resonant transformer 30 may 
optionally be connected to a ground. 

[0056] An impulse generator 60 is connected between the 
primary winding 35 of the resonant transformer 30 and the 
series capacitor 50 and applies a high voltage impulse in the 
range of about 10,000 to 40,000 volts to the primary winding 
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of the transformer 30. A battery 130 or other external power 
source supplies power to the impulse generator 60. The 
power converter 110 connects to the secondary winding 40 
of the resonant transformer 30 for converting current in the 
secondary winding of the transformer to a useful form. 
[0057] The impulse generator 60 comprises a pulse gen- 
erator 65 for generating low voltage pulses, a step-up 
transformer 80 for converting the low voltage pulses from 
the pulse generator 65 to high voltage pulses, and a spark 
gap 90 for generating sparks responsive to the high voltage 
pulses from the step-up transformer 80. 

[0058] The pulse generator 65 comprises a square wave 
generator 70, such as a Sinometer VC2002 function signal 
generator, and solid state relay 75. The square wave gen- 
erator 70 generates a digital pulse stream. In one embodi- 
ment, the digital pulse stream generates a square waveform 
with a frequency of about 7.83 Hz. The frequency of the 
digital pulse stream is selected to match the resonance 
frequency of the transformer 30, though such is not neces- 
sarily required. The pulse stream output from the square 
wave generator 70 is applied to the solid state relay 75. The 
solid state relay 75 is connected between a battery or other 
power source and a first winding of the step-up transformer 
80. The battery may comprise a 12 V, 7.0 A/H sealed lead 
acid battery, such as the ELB 1270A by Lithonia Lighting. 
The solid state relay 75 functions as a switch that is activated 
responsive to the waveform from the square wave generator 
70 to provide a continuous stream of low voltage pulses 
from the battery to the first winding of the step-up trans- 
former 80. A 1 ohm resistor is connected between the solid 
state relay 75 and step-up transformer 80. 

[0059] The step-up transformer 80 may comprise a 
Transco 15 kV, 30 mA neon sign transformer (part 
#815612). The step-up transformer 80 converts the low 
voltage pulses from the pulse generator 65 to high voltage 
pulses that are applied to the spark gap 90. The step-up 
transformer has a 0.5 micro-farad capacitor connected in 
parallel with the primary winding of the step-up transformer 
80. The step-up transformer produces pulses at the output of 
about 30,000 to 40,000 volts. 

[0060] The spark gap 90 comprises a pair of electrodes 95, 
100 separated by an air gap 105. A suitable spark gap 
electrode pair is the Information Unlimited SPARKOS 1⁄4- 
inchxl-inch tungsten electrodes. As previously described, 
when the voltage potential between the electrodes 95, 100 
reaches a threshold, a spark forms between the electrodes 
95, 100 and supplies a nearly instantaneous, high voltage 
impulse to the primary winding 35 of the resonant trans- 
former 30. This high voltage impulse initiates resonance in 
the resonant transformer 30 inducing current flow from the 
ground terminal 25 through the primary winding 35 of the 
resonant transformer 30. 

[0061] The power converter 110 comprises a bridge rec- 
tifier 115, filter capacitor 120, charge controller 125, and 
inverter 135. A suitable rectifier is the Micro Commercial 
Components 10 amp, 1000 volt bridge rectifier (Part #GBJL 
1010). The bridge rectifier 115 converts the AC current 
flowing through the secondary winding 40 of the resonant 
transformer to a DC current. A filter capacitor 120 removes 
unwanted frequencies from the DC current. A suitable 
capacitor 120 is Cornell Dubilier 1000uF 450VDC capacitor 
(part 4383LX102M450N082). The filter capacitor 120 has a 
capacitance of about 1000 micro-farads. The DC current is 
input to the charge controller 125. The charge controller 125 
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may, for example, comprise a maximum power point track- 
ing (MPPT) charge controller, such as a Tracer 4215 BN 
MPPT Solar Charge Controller, which is commonly used in 
solar power generating systems. The charge controller 125 
applies a small amount of energy to a battery 30 to charge 
the battery 130. As previously noted, the battery 130 serves 
as a power source for the impulse generator 60. The remain- 
ing current is supplied to an inverter 135, which converts the 
DC current to an AC current with a desired voltage and 
frequency, e.g., 120 volts/60 Hz AC. A suitable inverter 135 
is the 1500 W Pure Sine power inverter (AIMS)(part 
#PWR11500125).The power converter 110 as shown in FIG. 
4 may be utilized in the embodiment shown in FIGS. 1, 2 
and 3. 

[0062] FIG. 5 illustrates a power receiver 10 according to 
another embodiment. The power receiver 10 comprises a 
plurality of resonant transformers 30 connected between a 
ground terminal 25 and elevated terminal 15. Each of the 
resonant transformers 30 comprises a primary winding 35, 
secondary winding 40, ferromagnetic core 45 and series 
capacitor 50. The primary windings 35 of the resonant 
transformers 30 are connected in parallel. The secondary 
windings 40 are connected in series with the power con- 
verter 110. An impulse generator 60 applies a high voltage 
impulse to the primary windings 35 of the resonant trans- 
formers 30. A battery 130 or other external power source 
supplies power to the impulse generator 60. The power 
converter 110 converts the current in the power converter 
circuit to a usable form for driving a load 140. 

[0063] In one embodiment, each of the resonant trans- 
formers 30 shown in FIG. 5 is configured to have a different 
resonant frequency. In one embodiment, the resonant trans- 
formers 30 are configured to resonate at frequencies of 7.83 
Hz, 14.8 Hz, 20.3 Hz and 26.8 Hz respectively. Additional 
resonant transformers 30 could be added to operate at other 
resonance frequencies. 

[0064] FIGS. 6A-6C illustrate a high quality ground 
antenna array 200 which may be used as a ground terminal 
25. The ground antenna array 200 comprises a generally 
cylindrical ground shaft 205 disposed with a hollow cylinder 
220 and a plurality of reinforced, heavy gauge ground wires 
210 attached at one end to the ground shaft 205. The ground 
shaft 205 and ground wires 210 should be highly conductive 
and have low resistance to supply current from the ground 
to the power receiver 10. In one embodiment, the ground 
wires 210 may be copper or other highly-conductive metal. 
The end of the ground shaft may be pointed to facilitate 
insertion into the earth. A connection port on the ground 
shaft 220 is provided to electrically connect the ground 
antenna array 220 to the resonant transformer 30. 

[0065] The hollow cylinder 220 has external threads 25 to 
facilitate insertion into the ground. A rotator nut 235 is 
fixedly secured to the top end of the hollow shaft 220. A 
square shaft 215 protrudes from the top end of the ground 
shaft 205 into the opening in the rotator nut 235. FIG. 6B. 
A tool 250, shown in FIG. 7, engages with the rotator nut 
235 and square shaft 215 during insertion of the ground 
antennas array 200 into the ground as will be hereinafter 
described. 

[0066] The insertion tool 250 is shown in FIG. 7. The 
insertion tool 250 includes a tool body 255 having a first 
socket 260 on one side to fit the rotator nut 235 on the hollow 
cylinder 220 and a second socket 265 on the other side to fit 
the square shaft 215 on the ground shaft 205. Arms 270 


US 2022/0069588 Al 


extend from the outer periphery of the tool body 255 for 
manually or mechanically turning the insertion tool 250. 
[0067] Before the antenna array 200 is deployed, the 
ground wires 210 are wound around the ground shaft 205 
with the free ends protruding slightly from respective open- 
ings 230 in the hollow cylinder 220 to a distance not to 
exceed one half (1⁄2) the depth of the external threads 225 on 
the hollow cylinder 220. FIG. 6B illustrates the ground 
antenna array 200 before deployment. FIG. 6C illustrates the 
ground antenna array in a deployed configuration. 
[0068] Installation of the ground antenna array 200 is 
performed in two stages. In the first stage, a hole slightly 
smaller in diameter than the threads 235 of the hollow 
cylinder 220 is drilled into the Earth to a depth matching the 
length of the hollow cylinder 220 or slightly longer. The hole 
is filled with water and the water is allowed to soak into the 
soil. After the ground is softened, the hollow cylinder 220 is 
rotated using the insertion tool 250 to insert the ground 
antenna array 200 into the ground. The first socket 260 of the 
insertion tool 250 is engaged with the rotator nut 230 and the 
insertion tool 250 is turned by hand or a mechanized rotating 
shaft fitted and attached to the tool arms 270 to thread the 
ground assembly into the hole. During the initial insertion of 
the ground antenna array 200, the ground shaft 205 is fixed 
to the hollow shaft 220 and rotates with the hollow shaft. 
The hollow cylinder 220 is rotated until it reaches the full 
depth of the hole. 
[0069] Once the ground antenna array 200 has been fully 
inserted into the earth, the insertion tool 250 is flipped over 
and the second socket 265 of the insertion tool 250 is 
engaged with the square shaft 215. The insertion tool 250 is 
turned by hand or a mechanized rotating shaft fitted and 
attached to the tool arms 270 to rotate the ground shaft 205. 
During the second phase, the ground shaft 205 rotates freely 
inside the hollow cylinder 220. Rotation of the ground shaft 
205 causes the reinforced ground wires 210 to extend 
radially into the earth. The ground shaft 220 is rotated until 
the ground wires are fully extended. The ends of the ground 
wires may be sharpened to aid in the extension of the ground 
wires during the second phase. 
[0070] After the ground antenna array 200 is deployed, a 
connection cable 280 is attached to a connection port 240 on 
the ground shaft 220 to electrically connect the ground 
antenna array 220 to the resonant transformer 30 in the 
power receiver 10. 
1. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 
a resonant transformer connected to a ground terminal 
disposed below the surface of the earth; 
an impulse generator for generating and applying a high 
voltage electrical impulse to a primary winding of the 
resonant transformer to induce an alternating current 
flow from the ground terminal through the transformer; 
and 
a power converter connected to a secondary winding of 
the resonant transformer to convert an alternating cur- 
rent flowing through the secondary winding to a direct 
current. 
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2. The power receiver of claim 1 wherein a resonant 
frequency of the resonant transformer is below 200 Hz. 

3. The power receiver of claim 1 wherein the resonant 
transformer comprises a ferro- resonant transformer. 

4. The power receiver of claim 1 wherein the impulse 
generator comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer 
and the primary winding of the resonant transformer to 
generate a spark responsive to the high voltage 
impulses from the step-up transformer. 

5. The power receiver of claim 1 wherein the impulse 

generator comprises a solid state spark generator. 

6. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in parallel with 
the primary winding. 

7. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in series with the 
primary winding. 

8. A method of extracting electrical energy from the 
earth’s electric field, the method comprising: 

applying a high voltage electrical impulse to a primary 
winding of a resonant transformer connected to a 
ground terminal disposed below the surface of the earth 
to induce an alternating current flow from the ground 
terminal through the transformer; and 

converting an alternating current flowing through a sec- 
ondary winding of the resonant transformer to a direct 
current. 

9. The method of claim 8 wherein a resonant frequency of 

the resonant transformers is below 200 Hz. 

10. The method of claim 8 wherein the resonant trans- 
former comprises a ferro-resonant transformer. 

11. The method of claim 8 wherein the impulse generator 
comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer 
and the primary winding of the resonant transformer to 
generate a spark responsive to the high voltage 
impulses from the step-up transformer. 

12. The method of claim 8 wherein the impulse generator 

comprises a solid state spark generator. 

13. The method of claim 8 wherein said resonant trans- 
former includes a capacitor connected in parallel with the 
primary winding. 

14. The method of claim 8 wherein said resonant trans- 
former includes a capacitor connected in series with the 
primary winding. 
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MINERAL, VEGETABLE AND ANIMAL LIFE 


What is life? Mineral life is to hold the mineral matter together. 
Vegetable life is to hold the vegetable matter together and in- 
creases in volume. Animal life is to hold the animal matter or flesh 
together, increase the volume and give.motion to muscles. The 
base of life is the North and South pole magnets. The magnets 
are indestructible. 

Every period of material life goes through two periods, con- 
struction and destruction period, but the life itself is indestructible, 
life has no beginning and no end. The sun is living in a destruction 
period and the earth in a construction period. In the sun only 
mineral life exist but on earth mineral, vegetable and animal life 
exist. When one form of life goes through the destruction period 
the life leaves the matter and goes somewhere else. For instance 
when zinc in a battery is taken in parts by acid, the North and 
South pole magnets that held the zinc together, they leave the 
zinc and 11 right connections are’ made they will come out of the 
battery, then they can be used for other purposes. I can run those 
North and South pole magnets in my perpetual motion holder, then 
they will produce perpetual motion and when I want to use the 
Same magnets for other purposes. I can make a flash of light from 
them. Now you can see when the zinc went dead those North and 
South pole magnets that held the zinc together they did not die but 
escaped and went some where else. 

The drawing on the front cover is like the perpetual motion 
holder I made. If I run North and South pole magnets from a car 
battery (car battery is stronger than zinc battery) in those two coils 
while the laminated iron cross bar is across the iron bar prong, 
and fill the iron bar orbit with magnets, then those North and South 
pole magnets will never stop running around, they will run around 
until the cross bar is pulled off. The North pole magnets come out 
of the battery's positive terminal and South pole magnets come 
out of car battery's negative terminal. To be sure it is so, you 
get two pieces of soft steel welding rod four inches long, put them 
in clips and connect them with the car battery. Put those two loose 
rod ends together until the rod gets hot. Now test each of those 
rod ends you were putting together with a small needle-like hori- 
zontally hanging magnet. Then you will see the one which is 
connected with positive terminal is North pole magnet, and the one 
which is connected with negative terminal is South pole magnet 
(like poles repulses, and unlike poles attract). You can change 
the rod pieces, but every time the one is connected with positive 
terminal will be North pole magnet, and the one connected with 
negative terminal will be South pole magnet. 


Table 4-2. Parts List for Amplifier. 


500 pF (see text) or ceramic chip 
Arco 400 (see Fig. 1) 

500 pF feedthrough 

see Figs. 1 and 5 

500 pF button bypass 

see Figs. 1 and 5 


10 turns # 26 1/8" diameter x 1” long 
RFC3 10 turns #18 1/8” diameter x 1" long 
R1 50 to 270 $2, % Watt 
T1 6.3 V c-t @1 Amp 
J1 normally-closed mini jack 


measuring as much power at frequencies not on 1296 MHz as you 
are on 1296 MHz. With a milliammeter in series with the cathode 
resistors, you should obtain 30 to 50 mA of grid current with the 
plate supply off. Remove the milliammeter. 

With the Bird Thruline™ wattmeter in the cavity's output line 
and your dummy load attached, you should indicate about 1-watt 
output, still with no voltage on the plate, when the cavity is 
properly tuned. Normal position of the tuning capacitors is about 
Ya” from full IN. Though the aluminum knobs make a pretty photo, 
it is best to remove them and use 242" x Ys” diameter wood dowels 
drilled to screw on the 6-32 tuning capacitors for adjustment when 
the plate voltage is ON, or you will be in for a “shocking” surprise. 
See Fig. 4-12. 

With a new tube, you should obtain results as shown in Fig. 
4-13 at voltages indicated. Also, see Fig. 4-14. 

If you are adept with a soldering iron and sheet-metal shears, 
it is much easier and quicker to build a sheet-brass cavity than to 
hog it out of brass ingots with a milling machine and lathe. A 
tin-plated cat-food can cavity shows no measurable difference in 
output or efficiency when compared with the same tube in a similar 
silver-plated cavity. This is not to infer that a silver-plated cavity 
would be no better than one made out of kraft paper or Plexiglass™, 
just that the IR losses of cavity walls made out of cat-food cans is 
less than expected and not measurable with ordinary test equip- 
ment. 
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If perpetual motion holder's North pole prong is put East. 
South pole prong West, and then elevate the cross-bar's center up 
to the South pole vertically hanging magnet, then the magnet will 
swing South and when the cross-bar's center is elevated up to 
North pole vertically hanging magnet, then the magnet will swing 
North. The cross-bar's ability to swing the North and South pole 
magnets off its center will remain as long as the cross-bar is not 
disturbed. It has little power but it could be made stronger by 
making bigger dimensions. From the above experiment you can 
see the perpetual motion holder can act as a living thing. It knows 
which way to swing each magnet. This shows if more magnets 
are added to a living thing then it can perform things it could not 
do before. The same is true concerning our body and everything 
else. Those surplus magnets they are the real life. Magnets in 
general are indestructible. For instance you can burn wood or 
flesh. You can destroy the body, but you cannot destroy the mag- 
nets that held together the body. They go somewhere else. Iron 
has more of the magnets than wood, and every different substance 
has a different number of magnets that hold the substance together. 
If I make a battery with copper for positive terminal and beef for 
negative terminal I get more of the magnets out of it than when I 
used copper for positive terminal and sweet potato for negative 
terminal. From this you can see that no two things are alike. 


Several years ago I read in the paper that the scientists can- 
not find out how the green chlorophil converts the sunlight in plant 
food. They are looking in the wrcng direction. It is not the green 
chlorophil that converts the sunlight in plant food, it is the water 
that does it. That green chlorophil was not so green in the first 
place. In fact it was not green at all. It became green by evapo- 
ration. The water in plants catches the running sunlight that is 
coming from the sun and the North and South pole magnets wrap 
themselves around the caught particles of sunlight and as soon 
as the particles of sunlight which are wrapped around by the North 
and South pole magnets are coming in the suitable part of the 
plant then they join the plant and become a part of it. The North 
and South pole magnets are going in and out of the earth all the 
time, everywhere and their numbers are limitless. 


I have several lily pools where I keep water in. I have 
watched the lily pools for sixteen years. When I put clear water 
in the pools where the sunlight can shine in, then in two months' 
time I can see the moss is beginning to grow, but when I poured 
the water in the pools where there was no green chlorophil in the 
water. This shows that the plants can grow without green chloro- 
phil. The sunlight was running in the water every day and the 
North and South pole magnets were running through the water 
all the time. The North and South pole magnets are passing through 
every tree, the bigger the tree the more magnets will be passing 


through it. You have noticed that lightning hits the biggest tree 
and the tallest building. In the North hemisphere the South pole 
magnets are going up, and the North pole magnets coming down 
in the same flash. lightning only strikes if the North and South 
magnets are concentrated too much in a small space. If not con- 
centrated then they pass through everything without much notice. 
I believe that water, sunlight and North and South pole magnets 
are making the plants to grow. 


You have heard that if somebody happens to hold a power 
line in their bare hands it becomes impossible for him to let loose 
from the power line. The power line is full of North and South 
pole magnets, so they overpower the body's weaker system, and 
make it impossible for it to open the hands. This shows that the 
magnets can contract and release the muscles. 

I can see tiny lightning in my eyes if I close the eye lids and 
give a side push to the eye ball from the nose outward, but I can- 
not do it every day. When I keep eating more for some time 
then I can see the tiny lightning while my eyes are open. All 
that I have to do is to turn my head from one side to the other 
side. This shows that we have in our body the same kind of mag- 
nets that are making the big lightning in the sky. When I connect 
my tongue and feet with micro-ampere meter, the meter shows 
that I have magnets in my body. Some times I have more of the 
magnets in my body than at other times. The presence of mag- 
nets in our body would indicate that the magnets are operating 
our muscles. 

Where do our bodies get the magnets from? You know that 
to get the magnets from zinc we have to put the zinc in acid in 
the battery where it can be dissolved. Our digestive system is like 
a battery but more complicated. We get magnets from the food 
we eat. The acid and other digestive juices dissolve the food and 
_ liberate the magnets to be used for other purposes. 

I have never studied human anatomy, but I know there are 
many little cords that the magnets can pass through. All that has 
to be done is to make the right connections. All our body func- 
tions are physical, there is no mental function in us. for instance 
thinking the same as talking is physical process. We all would 
think loud if we were not suppressed while we were small. When 
we think we contract the muscles that are for that purpose, but 
the contraction is so delicate we cannot notice it. This is all that 
I can tell about our body functions. If I had studied chemistry and 
human anatomy I am sure I could tell you more about our body 
functions. 
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This is what we are used to seeing: 
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l'm going to break down what I think is actually happening and how | view 
it using the advice of Ed Leedskalnin, Walter Russell and John Searl's Law 
of Squares. 


Ed Leedskalnin said there was only Positive and Negative. Only North and 
South. Walter Russell said there are 2 sets of Positive and Negative for 
every bit of matter since this is a 3 dimensional universe. 


Ed Leedskalnin hinted to a mathematical secret he called his "Sweet 16”. 
There just happens to be 16 points on our Cardinal Directional System. 
16 = 4 sets of 4 


| view 8 bar magnets each with a North and South pole. (Positive and 
Negative) 8 magnets, 2 poles each = 16 poles 
1 bar magnet is a line: 


N 


In our Cardinal System, there is a West and East also. 
But Ed Leedskalnin says there is only Positive and Negative. Only North 


and South. 
So lets refrain from using West and East and instead... flip North and 
South 90 degrees on it's axis. Lets only use North and South (N S) 


N 
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So now we have this below. Consider this Set 1: 


N 


The next part of the Cardinal System is the NW, NE, SE, and SW. 
Lets swap NE and SW for N and S. 


And swap NW and SE for N and S. 


Set 2 is at a 45-degree tilt relative to Set 1. 


Lets overlap Set 1 and Set 2 to see what it looks like so far. 


N 


There are 8 more points to account for on the Cardinal System: 
NNW, NNE, ENE, ESE, SSE, SSW, WSW, and WNW. 


Set 3 and Set 4 seem to be 1.618 smaller than Set 1 and Set 2 and are at 
a 22.5-degree tilt on either direction relative to Set 1. 
Lets swap again. 


Set 3: 
NNW will become N ... and SSE will become S. 
WSW will become N ... and ENE will become S. 


Set 4: 
NNE will become N ... and SSW will become S. 
WNW will become N ... and ESE will become S. 
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And now let's overlap Set 3 and Set 4 to see what that looks like: 
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Now lets see what all four sets look like overlapped: 


This next part flows right into John Searl's Law of Squares. 


Lets put a square over each Set. Red for Set 1, Blue for Set 2, Orange for 
Set 3 and Green for Set 4. 


John Searl's Law of Squares. 


Here is an example of a 3 by 3. Each row adds up to 15. 
The more complex the Squares, the more complex the fractal. 
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Here is a modern and ancient version called "Magic Squares” which can be 
found in many cultures throughout history and below that is the fractal | 
ended up drawing from merely showing the rows add up the same. 


Each row that added up to 34, | drew a line through. 
Each line and square is a different combination that makes up 34. 
There are quite a few. I've counted 15 combinations. 
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It's difficult to see them all with just black and white, so here is a model 
with 15 different colors. Red is the thickest all the way to the four black 
dots which also add up to 34. 
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Tesla said in order to make an effective Earth Battery, the North end 
(Positve / Copper) should be driven in the ground deeper than the South 
Pole. (Negative / Zinc or Galvanized Steel) 

If we look at a bar magnet... we can see that the South Pole or Negative 
end collects a denser portion of iron shavings. The North Pole's field will 
always be a little bigger/ expanded than the South Pole. 
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Chapter 5 
Radio And TV Receivers 


Some of the most rewarding electronic projects are those that 
involve building your own receivers. The joy and satisfaction that 
you feel when you've finished assembling a receiver and you hear 
(or see) those signals coming in is one that cannot be described, it 
has to be experienced. So dig right in and build your own! 
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Even some crop circles hint to the notion of a Denser Negative and 
Expanded Positive. 
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And lets go back and watch the first few seconds of this Cymatic 
experiment. If you look really closely, you can see more sand accumulates 
on the right side of the plate. 

This leads me to believe that the left side of the plate in this video was 
facing North and the right side was facing South. 

http: //www.youtube.com/watch?v=GtiSCBXbHA 


Perhaps part of the reason why we haven't figured it out yet, is because 
we think perfection is symmetrical. 
Perfection in this case is not symmetrical. There are differences. 


Even though the vibrational waves are symmetrical in nature, which in 
turn creates a symmetrical design... it doesn't mean that the matter and 
parts making up that design are going to be evenly distributed within that 
magnetic field. 

There will always be more "stuff" on one side than the other. 


No one's face is perfectly symmetrical either. 

It has to be the correct orientation and configuration of magnetic fields. 
Always more Positive than Negative... even though it LOOKS like there is 
more negative than positive because of the dense accumulation. 

But even Einstein misinterpreted less as more. 


So lets look at the original Cardinal compared to the new one. 
If you notice, they don't line up exactly. 


N 


This is because when you overlap all 4 sets, it seems to tilt at a 23.5- 
degree angle. 


just like Earth. 


Wow... 


Now lets start to combine all of um! 


A good notion bought up was that East and West are not exactly Positive 
and Negative, so we can't use N S for all the points. 

East and West are each half North and half South. 

That means the 8 smaller points must each be a quarter North and a 
quarter South. relative to the stronger fields. 
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We seem to be missing some things we can't account for on paper. 


The Neutral points can't be seen. 

So imagine tilting the entire Cardinal Graph like a CD so the perspective 
changes until you can see the axis of the neutral line or zero point. | 
believe the "neutral line” colored in purple is representative of a vortex. 
Like an hour-glass shaped vortex. 
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Cardinal Graph in Vortation. 
Phi (and inverse Phi) 


This one = zero resistance = vt This second one = resistance = tA2 


On paper, we can show the Cardinal System as straight lines. But in 
Reality.... there are no straight lines. Only arcs. So, perhaps... 
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4 directions of Phi = Vortation: 


8 Counter-rotating Phis 


Overlapped 


Now lets take a look at Marko Rodin's coil: 
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MAGNETIC CURRENT 
BY EDWARD LEEDSKALNIN 
ROCK GATE 


Homestead, Florida, U.S. A. 
Copyright October, 1945 By Edward Leedskalnin 


This writing is lined up so when you read it you look East, and all the 
description you will read about magnetic current, 1t will be just as good for 
your electricity. 


Following is the result of my two years experiment with magnets at Rock Gate, 
seventeen miles Southwest from Miami, Florida. Between Twenty-fifth and 
Twenty-sixth Latitude and Eightieth and Eighty-first Longitude West. 
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First [ will describe what a magnet is. 

You have seen straight bar magnets, U shape magnets, sphere or ball 
magnets and Alnico magnets in many shapes, and usually a hole in the middle. 

In all magnets one end of the metal is North Pole and the other South 
Pole, and those which have no end one side is North Pole and the other South 
Pole. 


Now about the sphere magnet. If you have a strong magnet you can 
change the poles in the sphere in any side you want or take the poles out 
so the sphere will not be a magnet any more. 


In Summary — 

From this you can see that the magnet can be shifted and concentrated 
and also you can see that the metal is not the real magnet. The real magnet 
is the substance that is circulating in the metal. 


Each particle in the substance is an individual magnet by itself. 

And both North and South Pole individual magnets. They are so small that 
they can pass through anything... In fact they can pass through metal easier 
than through the air. 


A SIMPLE RECEIVER 


There are 3 coils or transformers to wind and one i-f trans- 
former to be modified before construction begins. | use standard 
3%"-square 455 kHz transistor i-f transformers for a lot of my 
construction work. In this case, T1 and T2 are wound on stripped- 
down i-f transformers using salvaged wire. Refer to Fig. 5-1 for 
winding instructions. The vfo tank coil is pie-wound on a slug- 
tuned form. The bfo tank consists of a standard transistor i-f 
transformer whose secondary has been modified to one turn. This 
can be accomplished by gently breaking the secondary leads right 
close to the core with tweezers and unsoldering the remaining wire 
at each pin. Wind a new one-turn link over the existing windings, 
and solder the ends to the same pins used by the original winding. 

Since it was all being redone, I thought I’d make this version 
smaller by mounting the resistors and diodes hairpin fashion. The 
resulting layout is 2.1” wide by 3.9” long. 

All resistors are Y -watt, 5% units with one lead bent around a 
full 180 degrees so that they can be mounted vertically in closely 
spaced holes. Diodes are mounted similarly. All polarized 
capacitors are dipped tantalum. All other capacitors are low- 
voltage discs, except where silver micas are indicated. See Fig. 
5-3. 

The two 5-30 pF trimmers are very small 5 mm types. These, 
as well as some of the other parts, may give you trouble when 
searching for sources. 

After all parts have been mounted, you'll have quite a few 
empty holes left over. These are meant for connecting leads to 
external controls and for dc power. The PC layout shows where 
everything goes (see Fig. 5-2). Some holes will not necessarily be 
used, such as all grounds located around the copper border. These 
are for convenience and not specifically assigned. You will also find 
spare pads for +12 volts and +7 volts regulated. 

With a 12-volt supply, the receiver should draw between 50 
and 60 mA with no signal. A meter in series with the power lead or 
a metered supply can be used for the initial smoke test in order to 
determine that there are no shorts or faulty parts. If drain is 
normal, the following procedure should have you receiving signals 
in 15 minutes or so. 

Using a voltmeter, adjust the trimmer resistor for an output of 
7 volts from the regulator. Make sure the regulator is working by 
varying the voltage from the power supply up to 14 volts and down 
to 9 volts. You should lose regulation at about 10 volts. 
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They are in constant motion, they are running one kind of magnets 
against the other kind, and if guided in the right channels they possess 
perpetual power. 
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The North and South Pole magnets they are cosmic force, they hold 
together this earth and everything on it. 


Each North and South Pole magnet is equal in strength, but the strength of 
each individual magnet doesn't amount to anything. To be of practical use 
they will have to be in great numbers. 
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In permanent magnets they are circulating in the metal in great 
numbers, and they circulate in the following way: Each kind of the magnets are 
coming out of their own end of the pole and are running around, and are 
running in the other end of the pole and back to its own end, and then over and 
over again. All the individual magnets do not run around. Some run away and 
never come back, but new ones take their place. 
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The earth itself is a great big magnet. 


In general these North and South Pole individual magnets are circulating in 
the same way as in the permanent magnet metal. The North Pole individual 
magnets are coming out of the earth's South Pole and are running around in the 
earth's North Pole and back to its own pole, and South Pole individual magnets 
are coming out of the earth's North Pole and are running around, and in earth 
South Pole and back to its own end. Then both North and South Pole individual 
magnets start to run over and over again. 
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In a permanent magnet bar between the poles there is a semi-neutral 
part where there is not much going in or out, but on the earth there is no 
place where the magnets are not going in or out, but the magnets are running 
in and out at pole ends more than at the Equator. 
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Now you get the equipment and I will 
tell you, so you can see for yourself 
that it is in the way I have told, 


In a permanent magnet bar between the poles there is a semi-neutral part 
where there is not much going in or out, but on the earth there is no place 
where the magnets are not going in or out, but the magnets are running in and 
out at pole ends more than at the Equator. 

My location is too far away from the magnetic poles so all my magnets are 
guided by the general stream of Individual North and South Pole Magnets that 
are passing by. 

In rough estimation the earth's South Magnetic pole is two hundred and 
sixty miles West from the same meridian the earth's North magnetic pole 1s on. 
That causes the North and South Pole magnetcs to run in North-East and 
South-West direction. 


Now you get the equipment and I will tell you, so you can see for 
yourself that it is in the way I have told, 


e Get a permanent magnet bar four inches long. 

e AU shape magnet that 1s strong enough to lift from ten to twenty pounds. 

e An Alnico magnet about three inches long, two and one-half inches wide, 
one-inch thick. 

e Hole in the middle and poles in each end, several feet in length of hard 
steel fishing line. 

e Line when it is not in coil it stays straight and a soft steel welding rod 
one-eighth of an inch thick and three feet long. 


From the fishing wire and the welding rod you will make magnets or 
compasses, and if you hang them up in fine threads by middle and keep them 
there they will be permanent magnets. 

When you are making a magnet pole in the welding rod use U shape magnet. 
South Pole magnet to make North Pole magnet in the rod and use U shape 
North Pole magnet to make South Pole magnet in the rod. You can drag the 
magnet over the rod from end to end, but never stop in middle. 
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If you stop in middle there will be an extra pole so it will disturb the magnet's 
circulation. Use iron filings to test the rod 1f there is any magnets in the middle, 
and if there is the filings will cling to it. Then drag the permanent magnet over 
the rod and 1t will take 1t out. 

To take the magnet out from rod ends approach or touch the rod end with 
the same kind of magnet that is in the rod, by dipping the rod ends in iron 
filings, you will see how 1t works. 


e Break three pieces of the steel fishing line just long enough to go in 
between the two poles of U shape permanent magnet. 

e Put them endwise between the two poles, and take them out. 

e Hang one by middle with fine thread, and hang it up in East side of the 
room where there is no other magnet or metal around. 


Now you will have a permanent magnet or compass to test the polarity 
in other magnets. For more delicate use hang the magnet in spider web. 
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To test the strength of a magnet use iron filings. 


e Put the U shape permanent magnet two feet West from the hanging 
magnet. 

e Hold the North Pole magnet in level with the hanging magnet, then you 
will see that the South pole of the hanging magnet is turning to you and 
the North Pole magnet away from you. 

e Now put the South Pole permanent magnet pole in the same level, this 
time North Pole magnet will turn to you and South Pole magnet away 
from you. 
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This experiment shows two things, one that the magnets can he sent 
out in straight streams, and the other whatever kind of magnets you are 
sending out the other kind of magnets are coming back to you. 
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e Take two pleces of steel fishing line wire, put them in U shape magnet, 
hold a little while, take them out, bend a little back in one end and hang 
them up, and make 1t so that one magnet's lower end 1s North Pole magnet 
and the other South Pole magnet. 

e Make it so that they hang three inches apart. 

e Put North Pole North side, and South Pole South side. 

e Now take the four-inch long permanent magnet bar, hold North Pole in 
North side and South Pole in South side. 

e Raise slowly up to the two hanging magnets, then you will see that the 
hanging magnets are closing up. 

e Now reverse, put North Pole of bar magnet South side and South Pole 
North side. This time when bar magnet approaches the hanging magnets 
will spread out. 


This experiment shows that North and South Pole magnets are equal in 
strength and that the streams of individual magnets are running one kind 
of magnets against the other kind. 
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e Cuta strip of a tin can about two inches wide and a foot long. 
e Put the North Pole of the U shape magnet on top of the strip, and dip the 
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lower end in iron filings, and see how much it lifts. 

e Now put the South Pole on top and see how much 1t lifts. 

e Change several times, then you will see that the North Pole lifts more 
than the South Pole 
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e Now put the North Pole magnet under the iron filing box, and see how 


much 1t pushes up. 
e Now change. put South Pole magnet under the box and see how much 1t 


pushes up. 
e Do this several times, then you will see that the South Pole magnet pushes 
up more than North Pole magnet. 


This experiment shows again that on level ground the magnets are in 
equal strength. 


e Now take the three-foot long soft steel welding rod. It is already 
magnetized as a permanent magnet. hang it in a fine thread so it is in level. 
e Now measure each and you will see that the South end is longer. 


In my location at Rock Gate, between Twenty-fifth and ‘Twenty-sixth 
Latitude and Eightieth and Eighty- first Longitude West, in three-foot long 
magnet the South Pole end is about a sixteenth of an inch longer. Farther 
North 1t should be longer yet, but at Equator both ends of the magnet 
should be equal in length. In earth's South hemisphere the North Pole end of 
magnet should be longer. 
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All my hanging magnets or compasses they never point to the earth's 
magnetic pole, neither to the geographical pole. They point a little Northeast. 
The only reason I can figure out why they point in that way is, looking from 
the same geographical meridian the North magnetic pole is on, the South 
magnetic pole is one hundred and fifteen longitudes West from it. In rough 
estimation the earth's South magnetic pole is two hundred and sixty miles West 
from the same meridian the earth's North magnetic pole is on. That causes the 
North and South Pole magnets to run in Northeast and Southwest direction. 

My location is too far away from the magnetic poles so all my magnets 
are guided by the general stream of individual North and South Pole magnets 
that are passing by. 
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What is magnetic current? 


Magnetic / 2. having to do with a magnet or magnetism. 
Current / 2. passing from one to another. 
7. something that flows, as a stream. 


The Macquarie Concise Dictionary, Third Edition 


Now I will tell you what magnetic current is. 

Magnetic current is the same as electric current is a wrong expression. 

Really it is not one current, they are two currents, one current is 
composed of North Pole individual magnets in concentrated streams and 
the other is composed of South Pole individual magnets in concentrated 
streams, and they are running one stream against the other stream in 
whirling, screwlike fashion, and with high speed. 

One current alone if it be North Pole magnet current or South Pole magnet 
current it cannot run alone. 

To run one current will have to run against the other. 


DIRECTION REVERSE DIRECTION 
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Making Magnetic Current with 
batteries from metal by acid. 


How the currents run when they exit 
a car battery and what they can do. 


You will see the principle of how permanent magnets are made by North and 
South pole individual magnet currents running in a single wire from a battery. 

This magnet-making with a single wire, 1t illustrates how all magnets are 
made. 

Each pole South or North 1s made by their own magnets in the way they are 
running in the wire. 


Now I will tell you how the currents are running when they come out of 
a car battery, and what they can do. 
Now get the equipment. 


e First put a wooden box on floor, open side up, cut two notches in middle 
so you can put a one-eighth of an inch thick and eighteen-inch long copper 
wire across the box. 

e Put the wire one end East, the other West. 

e Stay yourself West, put car battery South side of the box positive terminal 
East, negative terminal West, get two flexible leads and four clips to fit 
the battery and the bare copper wire, 

e connect the East end of the copper wire with positive terminal, clip the 
West end of the copper wire with the West side flexible lead, 

e leave the connection with negative terminal open. 
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e Break two pieces of the steel fishing line one inch long, 

e put each piece by middle across the copper wire, one on top of the copper 
wire and the other under, 

e hold with your fingers, 

e now touch the negative terminal with the loose clip, 

e hold until the copper wire gets hot. 
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Next, turn the rf and af gain controls to maximum and the bfo 
to mid position. Slowly run the slug in the bfo transformer out 
towards the top of the can. When you hit 455 kHz, you'll hear a 
rushing noise with two peaks and a null in between as the core is 
rotated. Set the slug to the null point which is zero beat. Make sure 
turning the bfo tuning control varies the frequency on both sides of 
zero beat. 

The remaining alignment steps should be done with 180- 
degree operating range of the tuning pot centered so that the 
excess travel is equally divided at both ends. Some sort of vernier 
drive is a necessity, and a scale should be mated with the drive so 
calibration points can be marked off. 

Set the tuning pot to the low end starting point and check the 
vfo frequency. It should be at approximately 3.0 MHz. I use my 
scope, but a counter can be used. If you have no convenient way of 
reading this frequency, use brute force. Feed ina hefty signal at 3.5 


EDGE OF BOARD 


Fig. 5-1. T1 and T2 are wound on 
stripped 455.kHz transistor i-f 
transformers using salvaged wire. 
The vfo tank coil is pie-wound 
with 7/44 litz wire on a Gowanda 
series 7 coil form with carbony! E 
core. The 1-turn link is wound 
over the pie. 


(BOTTOM VIEWS) 
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e Take them off, now you have two magnets, hang them up by middle in 
fine thread. 


The upper magnet will hang the way it is now, but the one below will turn 
around. 
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e Break five inches long piece of the fishing line, 

e put the middle of the wire across and on top of the copper wire, touch the 
battery, 

e hold until the copper wire gets hot, 

e dip the middle of the wire in iron filings, 


then you will see how long a magnet can be made with this equipment. 
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e Break or cut several pieces of the hard steel fishing wire as long as to go 
between the poles of the U shape magnet, 

e now hold two pieces of the steel wire ends up and down, one wire South side 
of the copper wire, and the other North side, the lower ends just below the 
copper wire. 

e Hold tight and touch the battery, 

e hold until the copper wire gets hot, 
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e now hang them up by upper end just above the copper wire, 
e touch battery, the South side magnet will swing South, and the North side 
magnet will swing North. 
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e Put two pieces on top of the copper wire, the ends just a little over the 
copper wire. 

Those ends lying on copper wire, one pointing South and the other North, 
hold tight, 

touch battery, 

hold until the copper wire gets hot. 

take off the one pointing South is South Pole magnet and the one pointing 
North is North pole magnet. 


e Put one wire on top of the copper wire pointing South, other below pointing 
North. 

Magnetize, 

hang up by tail ends on the copper wire, 

touch battery they both will swing South. 

Put one wire on top of the copper wire pointing North, the other below 
pointing South, 

e magnetize, 

e hang up by tail end above the copper wire, 

e touch the battery, both magnets will swing North. 
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Cut six pleces of fishing wire one inch long, 

put them by middle on top and across the copper wire. 
Hold tight, 

touch battery, 

hold until copper wire gets hot. 

Take off, 
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e now put glass over the copper wire, 
e put those six pieces of magnets on glass, on top of the copper wire 
lengthwise just so the ends don't touch each other, 
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e touch the battery, they all will turn across the copper wire, 
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now pull three to South side and three to North side in the same way, they 
lie now but about one-half of an inch away from the copper wire, 
touch battery, they all will jump on the copper wire. 
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Now roll all six together, let loose, ... and you will see that they won't stay 
together. 
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Magnetize one piece in U shape magnet, 

put North Pole end East on the copper wire, 

put South Pole West, 

touch the battery, the magnet will swing left. 

Now put South Pole East side 

put North Pole West side, this time the magnet will turn right, 
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take glass off. 
‘Take one piece of hard steel fishing wire, 
dip in iron filings and see there is no magnet in It. 
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e This time hold the wire up, and down, the lower end on middle of the copper 
wire, 

hold tight. 

Touch the battery, 

hold until the copper wire gets hot. 

Take it off. 


Dip the wire in iron filings and you will see that it is no magnet. 


ats ee 
O) Why? 
To make magnets with currents from batteries and dynamos with a 
single wire the metal will have to be put on the wire in such a way so that 
the magnets which are coming out of the wire will be running in the metal 


starting from the middle of the metal and run to the end and not from end 
to middle and across as they did this last time. 


You have read that to make a South Pole in a coil end that 1s pointing to you, 
you will have to run positive electricity in the coil in clockwise direction. I can 
tell you that the positive electricity has nothing to do with making a South 
magnet pole in the coll. Each pole South or North is made by their own 
magnets in the way they are running in the wire. This magnet-making 
with a single wire, 1t illustrates how all magnets are made. 
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In a car battery the North Pole magnets run out of positive terminal and 
South Pole magnets run out of negative terminal. Both kinds of magnets 
are running, one kind of magnets against the other kind, and are running 
in the same right-hand screw fashion. By using the same whirling motion 
and running one kind of magnets against the other kind, they throw their 
own magnets from the wire in opposite directions. That is why if you put a 


magnet metal across the copper wire the one end is North Pole and the other 
end South Pole. 


e Get four pieces of wire size sixteen, six inches long, two copper and two soft 
iron, 

bend one end of each wire back so the clips can hold it better. 

Use copper wire first. 

Put both wires 1n clips, 

connect with battery, have the wire ends square, 

now put the loose ends together, and pull them away. 


Then you will notice that something is holding you back. 
O) What is it? They are magnets. 
When you put the ends together, the North and South Pole magnets are 


passing from one wire to the other, and in doing it they pull the wire ends 
together. 
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You will see the space left 
where the magnets were in. 


When you put the ends together, the north and south pole magnets are 
passing from one wire to the other. 

If they cannot pass over to the other wire, they expand the wire and create an 
expanding bubble with metal sparks running out. When the bubble is cool, 
break it up. 


e Now put the soft iron wire in the clips, 

e put the loose ends together, and 

e pull them away. This time the passing magnets hold the wire ends together 
stronger. 

e Put the ends together many times, then you ‘will see which wire end gets 
red first, and which will make the bigger bubble in the end, and watch the 
little sparks coming out from the bubbles. 

e Stretch the bubbles out while they are in liquid torm, 


then you will see in the bubble that something is whirling around. 


Those little sparks you see coming out of the bubble, they are not the 
magnets, but the magnets are the ones which throw the sparks out of the 


bubbles. 


When all the magnets that are in the wire, if they cannot pass over to the 
other wire, they ore expending the bubble and running out of it and carrying 
the metal sparks with them. When the bubble is cool, break it up, then you 
will see the space left where the magnets were in. 
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Batterles are not balanced. 


Sometimes there is more of North pole magnets than there is South pole magnets. 
They should be equal. This includes generators which do not run the South pole 
magnets in frame or base. 


e Get two pieces of lumber, one by six inches, a foot long, 

e nail them together so that one lies flat on floor and the other on top the 
edges up and down. 

e Out a notch in end in upper piece, four inches deep and as high as to hold a 
piece of wood or brass that would hold needle points in ends and have a hole 
in middle to hold the three-toot magnet. 


e Balance the magnet good so it would stop on its right magnetic position. 

e Now put the car battery South side positive terminal East and negative 
terminal West. 

e Connect the East end of the copper wire with positive terminal 

e and connect the West end of the copper wire with the West side lead, 

e hold the copper wire Just above the magnet a quarter of an inch North of 
magnet's end, 

e hold in level and square. 

e Touch the battery, then you will see the magnet swinging East. 
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e Now put the' battery North side, positive terminal East, negative terminal 
West, 

e connect West end of the copper wire with negative terminal, 

e connect East end of copper wire with East side lead. 

e put the copper wire on top of the magnet a quarter of an inch South of 
magnet's end, 

e hold the copper wire just above in square and level, 

e touch the positive terminal, then you will see the magnet swinging West. 


If the battery 1s right, magnet strong enough, and the magnet rod balanced 
good 1t will repeat the same thing every time. 

I think the batteries are not made right. Sometimes there is more of 
North Pole magnets than there is South Pole magnets. They should be 
equal. the same as from generators which do not run the South Pole magnets in 
frame or base, but run directly away the same as they run the North Pole 
magnets. 

From the following experiment you will see that the battery is not 


balanced right. 


Put the copper wire across the box, one end East, the other end West, 
connect one lead a foot West from East end 

and the other lead with West end, 

hang a magnet in spider web, 

put the magnet in same level with the copper wire. 

Keep the copper wire end a little away from magnet's North Pole, 

connect East lead with positive terminal, 

tap the negative terminal several times with the loose clip. and see what the 
magnet is doing. 

Change the terminal, 

e change the tapping, 

e move the box and copper wire to the South Pole end, repeat — the same 


thing. 


Then you will notice sometimes the copper wire end pushes away the North 
Pole magnet, and sometimes it pulls it in and the same thing happens with 
South Pole magnet, and sometimes it does nothing. 

So it shows the battery is irregular. 


e Connect the leads with battery's terminals to make a loop, 

e keep the leads on the same level with battery, 

e drag a hanging magnet over the loop and the connections between the 
battery's terminals. 
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You will see that one end of the magnet keeps inside the loop, and the other 
outside, and the same thing happens when the magnet crosses the connection 
between the terminals. 

This experiment indicates that the North and South Pole magnet 
currents we not only running from one terminal to the other, but are 
running around in an orbit and are not only running one time around, but 
are running many times wound until the North and South Pole individual 
magnets get thrown out of the wire by centrifugal force, and by crowding. 

While the North and South Pole magnets were in their own terminals they 
only possessed pushing power, the pulling power they acquire only 1f the other 
kind of magnets are in front of them, like the permanent magnets if you put the 
opposite magnet in front of 1t, then they will hold together The same way you 
have done with the six inches long pieces of copper and soft iron wire. 


From the experiment with the car battery you can see the principle how 
permanent magnets are made by North and South Pole individual magnet 
currents running in a single wire from battery. 

O) How did the magnets get in there? ... As I said in the beginning. the 
North and South Pole magnets they are the cosmic force, they hold 
together this earth and everything on it. 


Some metals and non-metals have more of the magnets than others. The 
North and South Pole magnets have the power to build up and take down, 
for instance in welding the magnets take the Welding rod down and put it on 
the welding, in electroplating they put one metal on the other, and if you burn a 
metal too much in an electric furnace the metal will disappear in air. 
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Fig. 5-2. PC board and component layout. Mount the ceramic filters so 
the circle on top of the case is towards the 20 pF coupling capacitors. 


MHz and rotate the slug in the vfo tank coil until you pick up the 
signal. The gain controls should still be at maximum and the vfo at 
zero beat. Adjust the slugs in T1 and T2 for maximum response. At 
this point, you can turn down the af gain to a comfortable level and 
reduce the rf signal to prevent overloading of the receiver front 
end. 

Once the low end has been set, run the signal generator up to 
4.0 MHz, and rotate the tuning pot up towards the high end until 
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The North and South Pole magnets were put in the car battery by a 
generator. 

When the North and South Pole magnets went in the battery they built up a 
charge that held the magnets themselves. 

Later on the acid takes the matter in parts and separates the magnets and 
sends them to their own terminals, and from there they come out. 

In other batteries the acid takes the zinc in parts and sends the North Pole 
magnets to positive terminal and holds the South Pole magnets by itself for 
negative terminal. 

When the connections are made the magnets will come out of the battery and 
will come out until the zinc will last. When the zinc is gone the magnets are 
gone, too. 

The same is true if you put iron in acid and some other metals, for the other 
terminal and when the connections are made the magnets will come out of the 
battery, but when the iron is gone the magnets are gone, too. 

This should be sufficient to see that the North and South Pole magnets 
are holding together everything. 


You saw how magnetic currents are made in battery from metal by acid. 
Next I will tell you how magnetic currents are made by permanent and 
electric magnets, and then without either. 
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Making Magnetic Current with permanent 
and electric magnets, and without either. 


This time you will make an equipment that can he used for four 


purposes. Electric magnet, transformer, generator and holder of perpetual 
motion. 


Bend iron or soft steel bar one and one half inch in diameter, bend in a U 
shape each prong a foot long, and three inches between the prongs, 

make two spools from brass or aluminum six inches long and big enough for 
the bar to go in. 

Wind fifteen hundred turns of insulated copper wire, size sixteen, on each 
spool. 

Put on as close to the bend as it will go. Connect the battery with the coils 
so that each current is running in both coils at the same time, and so that 
one end of the bar is North Pole and the other South Pole. Now you have 
an electric magnet. 


OA Se ti — 


This time the same thing will be a transformer. 
It will not be economical, it is only to show how a transformer works. 


Wind a coil of fifteen hundred turns with insulated copper wire, size 
eighteen, on a spool less than three inches long, so that one inch and a half 
square iron rod can go in easy, 

get two rods, one three, the other six inches long. If possible have them 
from laminated tron. 

Get two radio blue bead, six to eight-volt light bulbs. 

Now connect one light bulb with the three-inch coil, 

put the coil without a core between the loose ends of the iron prongs, 
connect the six-inch coils with battery, 

leave negative terminal open. 

Tap the negative terminal, then you will see the wire inside the light bulb 
turn red. 
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e Putiron core in the coil's hole, 
e tap the battery, this time 1t will make light. 
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O) Why did it not make just as much light the first time? The battery put just 
as much magnet in those iron prongs the first time as it did the last time, but as 
you see the coil did not get the magnets. 

Now you see the soft iron has a lot to do to make magnetic currents, 
(soft iron has a lot to do with making magnetic current.) 


Magnetic currents, or if you want to call it electric current, make no light. 
We only get light if we put obstructions in the light bulbs. 

In the light bulbs the wire is so small that all magnets cannot pass through 
easily, so they heat the wire up and burn and make light. 

If the wire in the light bulb had been as large inside as it 1s outside then there 
would be no light. 

Then those individual magnets which are in the coil would dissipate in air. 

Both North and South Pole individual magnet currents which came out of the 
car battery and went in the transformer were direct currents. but the light in 
the bulb was caused by alternating currents. (Have in mind that always there 
are two currents, one current alone cannot run. To run they have to run one 
against the other.) 
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Alt. CVERENTS ALTERNATE So... 


AP/DP - ALTERNATING POLE 
-DIRECT POLE 


DP / AP 


You transformed currents in kind. Now I will tell you how to transform 
currents in strength. 

To make higher voltage you wind the coil with smaller wire and more 
turns and to have less voltage wind the coil with bigger wire and less 
turns. 
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The difference now is that this transformer makes alternating currents from 
direct currents and the power line transformers use alternating currents to 
make alternating currents. 
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In this transformer, the iron prong ends remain the same magnet pole, but in 
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power line transformers the magnet poles alternate. In power line transformers 
the currents only are in motion and in this transformer the currents are in 
motion and you are, too. 
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Now about the generator. 

In the first place all currents are alternating. To get direct currents we have 
to use a commutator. 

Transformers and generators of any description are making the currents in 
the same way by filling the coil's iron core with magnets and letting the iron 
core push them out and into the coil. 


Connect the battery with the electric magnet. it will be a field magnet now. 
Put the three-inch coil between the iron prongs. 

and take it out, 

do it fast. 

repeat it, 


then you will have a steady light in the light bulb. 
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Now you and the field magnet are a generator. 

Suppose you had a wheel and many coils around the wheel turning, then you 
would. be making all kinds of light. Do not make the machine, I already have 
the application for patent in the Patent Office. I made ten different machines to 
make magnetic currents, but I found this combination between field magnets 
and coils the most efficient. 
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e Put the coil in slowly and take 1t out slowly, then you will have no light. 
That will show, to make magnetic currents, the time is important. 


e Put the six-inch long square rod on top of the two iron prongs, fit good so it 
lies even. 

e Connect the battery with electric magnet for a little while, 

e now disconnect the battery, 

e connect the light bulb with the electric magnet the same way it was 
connected with the battery, 

e now pull off the six-inch long bar, do it quickly, 


then you will see light in the bulb, 
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connect the battery up again with the electric magnet, 

put the bar across the iron prongs, 

hold awhile, 

disconnect the battery. 
Now the electric magnet holds perpetual motion. If not disturbed it will 
last indefinitely. I held it in this position for six months, and when I pulled off 
the six-inch bar I got just as much light out of it as I got in the first time. 

This experiment shows that if you start the North and South Pole 

individual magnets in an orbit, then they will never stop. 
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The hanging magnets that hang up and down, they show that there is 

motion inside the bar. 

e Hold the perpetual motion holder North Pole magnet or pole end East and 
South Pole magnet terminal (or pole end West), 

e now raise it up slowly to the South Pole hanging magnet, then you will see 
the South Pole hanging magnet swinging South. 

e Now put the perpetual motion holder under the North Pole hanging 
magnet, 

e raise up slowly, then you will see the North Pole hanging magnet swinging 
North. 


This experiment shows without any doubt that the North and South 
Pole individual magnets are running in the same direction as those in the 
copper wire, which came out of the car battery, and in both instances 
while the magnets are running ahead in whirling motion they used the 
right-hand twist. 
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e Get that Alnico magnet, 

e and make it so you can turn it wound if possible more than two thousand 
revolutions a minute. 

e Connect the light bulb with the perpetual motion holder, 

e put it on the spinning Alnico magnet in the hole between prongs and the 
square iron bar, 

e now spin the Alnico magnet around and see how much of the light you get. 


e Now take the iron bar off, 
e then you will get more of the light. 


It shows that 1f 1t is closed, some of the magnets which we in the iron 
prongs will run around in an orbit, and will not come out, but when the 
orbit is broken then they will run in the coil, and the result will be more 


light. 
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e Puta paper box with plenty of Iron filings in it on the horizontally spinning 
Alnico magnet, then you will see how the spinning magnet builds up ridges 
and ditches. 

e Now put the magnet so that it can be turned vertically. 

e Spin the magnet, then you will see the filings running against the motion 
and building up ridges and ditches. 

e Put on finer filings, then there will be finer ridges and ditches. 

e Spin one way and then the other way, 


then you will have some rough idea how magnets build up the matter. 


You made magnetic currents in three different ways, but in principle 
they all were made exactly in the same way. 

Magnetic currents are made by concentrating. then dividing and then 
shifting the existing North and South Pole individual magnets from one place 
to another. 


A. E 


Now 1 will illustrate how my best machine is doing it. 


I will use only one coil, and one U shape permanent magnet without using 
the winding that the machine uses to increase the permanent magnet strength. 

e If you had a permanent magnet that the coil you use in the electric magnet 

would go in between the prongs of 1t, then that would be good to 
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| Fig. 5-3. Complete receiver 


schematic. All resistors are Ya 
watt, 5%. All polarized capacitors 


are dipped tantalum. All SM 


Capacitors are silver mica. Re- 
maining capacitors are low- 
voltage discs. Whole numbers are 
pF unless marked otherwise. 
Decimal values are in uF. 
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demonstrate, but 1f you have not, then use the same one you have. 


e Get an iron core the same dimensions as in the three-inch coil, but long 
enough to go between the permanent magnet prongs. 

e Wind the same number of turns and 

e connect with the light bulb. 
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e Fasten the U shape permanent magnet very good, bend up, prongs down, 
North Pole North. South Pole South. 

e Now push the coil through the prongs from West to East. 

e Do it fast, 


then there will be light in the bulb, 


e now push the coil and stop in middle, and then push again, this time you will 
have two lights while the coil went through the magnet prongs only once. 


You had two lights the first time also, but you did not notice they came in 
quick succession, When you pushed the coil's middle up to field magnet's 
middle the currents ran in one direction, and when you pushed the coil away 
from the field magnet's middle, then the currents reversed, then ran in the other 
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direction. 

That is why you got two light flashes while the coil passed through the field 
magnet only one time. 

Here is the way in which the North and South Pole individual magnet 
currents ran while you pushed the coil from West to East through the field 
magnet. 


e Take the core out of the coil, 

e wind one layer of wire on the core and make it so that the North side of the 
winding wire's end points East and South side of the winding wire's end 
points West, 
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When you pushed the coil to the middle of the field magnet, the North Pole 
magnet current came out of the wire end that is pointing East, and the South 
Pole magnet current came out of the wire end that 1s pointing West, but when 
you pushed the coil away from the middle of the field magnet the currents 
reversed, then North Pole magnet current came out of the coil's wire end that 1s 
pointing West and South Pole magnet current came out of the coil's wire end 
that is pointing East. 

With the same winding if the North Pole field magnet had been southside, 
and South pole field magnet northside, then the running of the currents would 
be reversed. 


When currents reverse they reverse the magnet poles in the coil. Every 
time when the coil is approaching the field magnets, the currents which are 
made in the coil during that time are making magnet poles in the coil's core 
ends, the same as those field magnet poles they are approaching, but during the 
time the coil is receding those currents are making the coil's magnet poles 
opposite to the field magnets they are receding from. 
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NOTE: Handwriting in Upper Right Corner: 
“Because it breaks away on release.” and “PG. 32/27” 


While you have the small coil handy I will tell more about magnets. 


e Run South Pole magnet current in the wire end that points West, and 

e North Pole magnet current in the wire end that points East. 

e Now North end of the coil is South Pole and South end of the coil 1s North 
Pole. 

e Now run North Pole magnet current in West end of the wire, and 

e South Pole magnet in East end of the wire. This time the North end of the 
coll will be North Pole, and South end of the coil the South Pole. 
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You made the one-inch long magnets with a single wire, but if you had 


e the same size of wire in a coil you now have and would 
e puta bigger steel bar in the coil 


then you would have a bigger and stronger magnet, 
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but to make a stronger magnet yet, you would have to 


e wind more layers on top of the coil that you have now. 


When you were making the small magnets with a single copper wire you 
wasted too many North and South Pole individual magnets. You only got in the 
steel wire very small part of the magnets that came out of the copper wire. You 
are still wasting the North and South Pole magnets. You do not get one-half of 
the magnets in the steel or iron bar from those which are in the coil. To get 
more magnet out of a coil 


e put the coil in steel or iron tube, 


then the tube outside the coil will be a magnet the same as the coil's core, but 
the magnet poles will be opposite, 1t means at the same coil end if the core end 
is North Pole the tube end will be South Pole. In this way you will get almost 
again as much magnet out of the coll and in the core and tube. 


You can do better yet, 


e join one end of the coil's core end with the same metal, joining core with 
tube. make two holes in end of metal for the coil wire ends to go out, 
e fasten a ring on top, 


now you have the most efficiently client electric magnet for lifting purposes. 
It wastes no magnets that come from your battery or dynamo. 
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e Take the coil out of the electric magnet, 

e run the currents in the coil, put a hard steel bar one end to the coil's North 
Pole, 

e hold awhile, 


e take away, 


now the bar is a permanent magnet. 

That end at coil's side is South Pole magnet, and the other North Pole 
magnet. Now this permanent magnet can make other hard steel bars in 
permanent magnets but every magnet that 1t makes will be a weaker magnet 
than itself. 

The coil made this permanent magnet in the same way that the 
permanent magnets are making other permanent magnets. 


Put this permanent magnet in the coul's hole. 

Reverse it. Put bar's North Pole end in coil's South Pole end, 
run current in the coil for awhile, 

take the bar out, 


now you have a stronger permanent magnet, but the poles are reversed. 
This shows that the stronger magnet can change the weaker magnet. 


When you were pushing the coil through the U shaped magnet you got two 
flashes in the light bulb with one passage through the U shape magnet, and I 
showed you from which ends of coil's wire the currents came out while 
they made the flashes. 


38 


MAGNETIC CURRENT BY EDWARD LEEDSKALNIN, ROCK GATE 1945 
o. + o =— 


iy Iny 
— 0 > 0 
Now I will make so you can actually see that it is in the way I told you. 


e Take the light bulb off the coll, 

e put the core in it, 

e connect the coil with a loop that would reach six feet East from the U shape 
magnet. 

e Keep the loop end a foot apart, stretch South side wire stralght, make 1t so 1t 
cannot move. 

e Get those little hanging magnets which hang one end up, the other down, 

e hang the South Pole magnet on the loop wire, 

e now push the coil through the U shape magnet and watch the hanging 
magnet. First it will swing South, then North. 
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e Now hang North Pole magnet on the wire, watch again while you are 
pushing the coil through the U shape magnet, this time first 1t will swing 
North, then South, 
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e Hang both magnets, Watch again and you will see that both magnets at the 
same time first they swing to their own side and then to the other side. 
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(If the hanging magnets do not swing while you are pushing the coil through 
the U shape magnet, then the U shape magnet 1s not strong enough. The U 
shape magnet should be strong enough to lift twenty pounds.) You can put two 
magnets together or use electric magnet, and still better you can put the coil in 
electric magnet, then you won't have to push it. Then you can sit down and tap 
the battery and see the hanging magnets swinging. All currents are made in 
the same way by filling the coil and iron core with North and South Pole 
individual magnets and then giving enough time for the magnets to get out and 
then start over again. If you want to use the electric magnet be sure that the 
North Pole is in North side, and the South Pole in South side, and put the coil 
in the prongs in the same way as it is now. 

All the currents are made in the same way by filling the coil and iron core 
with North and South individual magnets and then giving enough time for the 
magnets to get out and then start over again. 


Now I will tell you what happened to the U shape magnet while you 
pushed the coil through it from West to East. 


e Set up the three-foot magnet so it can turn, 

e put the coil with core in it in the U shape magnet, 

e now approach the three-foot magnet's South Pole with the U shape magnet's 
South Pole. 

e As soon as the three-foot magnet begins to move you stop and mark the 
distance. 

e Take the coil away, approach again 

e as soon as — the three-foot magnet begins to move away, then stop and mark 
the distance, 


then you will see how much strength the U shape magnet lost while you were 
pushing the coil in and halfway out, of the U shape magnet. 
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The U shape magnet was losing 1ts strength up to the time 1t began to break 
away from the iron core, but during the time the U shape magnet broke away it 
regained its strength. The breaking away from the iron core recharged the U 
shape magnet, then 1t became normal again and ready for the next start. 
During the recharging the new supply of magnets came from the air or 
the earth's magnetic field. 

Now we see how the magnetic currents are made by the U shape 
magnet. 


“um 

You already know that before the ‘coil got in between the U shape magnet 
prongs those little individual magnets were running out of the U shape magnet 
prongs in all directions, but as soon as the coil's core came in effective distance 
from the U shape magnet's prongs then these little individual magnets began to 
run in the core and coil and kept running until the core broke away from the U 
shape magnet prongs. Now you see those little individual magnets ran out of 
the U shape magnet and ran in the soft iron core, but the soft iron core never 
held the magnets, 1t pushed them out. 


To prove 1t you 


e put five or six thin iron strips on edge, 
e slant just so they will not flop over, 
e now approach to the ends of those strips with a magnet and you will see 
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they flop over, 
e hold the strips a little loose by the ends. then they will spread out. 


I think this is enough to show that the soft iron never held those 
magnets. It pushed them out. As soon as those little individual magnets get 
pushed out of the soft iron core then they run in the coil. 


When they run in the coil they are in bulk form. The coil's part is to 
divide those little individual magnets from bulk form in small paths. 

The coil is not necessary to make magnetic currents. Currents can be 
made with a single wire. The coil is necessary to increase the amount and 
strength of the currents. The coil is similar to any cell battery. One cell alone 
does not amount to anything. To be good, many cells have to be in a battery. 
The same in a coil to be good many turns have to be in a coil. 


Note: Handwritten notes (indiscipherable) 
above. Found beside 


When the magnets that are in bulk form enter the coil then the coil 
divides them in small paths. It is done in this way. 

When the bulk magnets enter the coil they fill the coil's wire with North and 
South Pole individual magnets. North Pole magnets pointing toward South 
Pole U shape magnet and South Pole pointing toward North Pole U shape 
magnet. 


Now the wire in the coil is one continuous magnet. One side of the wire is 
South Pole and the other North Pole. 
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Now we have those little North and South Pole individual magnets in the 
wire, but they are not running in the way we want. They are running across the 
wire. 


We want the magnets to run through the wire lengthwise, but there is only 
one way to do it, we have to increase the number of those North and South Pole 
individual magnets. To do it the coil will have to approach and enter the U 
shape magnet, but when the coil reaches the middle of the U shape magnet the 
limit is there so the running of the currents stop. 


In the core and the coil there is plenty of those little magnets, but they 
stopped to run through the wire length wise, now they run only across the 
coil's wire, 


to make the magnets run in the wire lengthwise again the coil will have to 
get away from the U shape magnet. As soon as the coil begins to move away 
from the U shape magnet. then those little North and South Pole individual 
magnets begin to run again through the wire length-wise, but in opposite 
direction until the magnets in the iron core are gone. 


I told you that the coil is a magnet during the time the currents are 
made, now I will show you. 
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you find the signal. The two ceramic trimmers across T1 and T2 
should be peaked with the generator level set at a low level. Repeat 
these steps several times until good tracking is achieved. 

Finally, mark off intermediate frequencies on your dial with 
whatever spacing you desire. 


HF RECEIVER 

- The receiver is a single conversion, superheterodyne type, 
with an FET front end, and is crystal-controlled. No bandswitching 
is required when it is used over the 6-15 MHz range. Coil usage has 
been held to a minimum to simplify construction. Construction is 
also facilitated by the use of a single IC for all audio amplification 
and the use of a commercial i-f amplifier module. 

The schematic for the receiver is shown in Fig. 5-4, as it 
would be used for WWV reception. Note that the only switching 
which has to be done to receive WWV on different frequencies is 
that necessary to select the appropriate local oscillator crystals. 
The frequency coverage can be extended below 6 MHz and above 
15 MHz, by using a different coil between the MPF 102 (HEP 802) 
rf amplifier and mixer stages. Or, in the case of just extending 
coverage below 6 MHz, a 100-200 pF padding capacitor, across the 
210 pF variable capacitor shown, should extend coverage down to 
the 80 meter band. 

The MPF 102 rf amplifier stage is untuned at its input. lts 
main purpose is to keep the antenna from loading down the tuned 
circuits between the rf amplifier and mixer stages. This single 
tuned circuit is sufficient to provide reasonable image rejection. 
The MPF 102 mixer stage and MPF 102 crystal oscillator stage are 
conventional. The oscillator stage is untuned. This has proven 
satisfactory for general reception, using regular miniature HC6/U 
type crystals. With some sluggish crystals, the rfc shown in this 
stage may have to be replaced with a tuned circuit. 

The i-f amplifier module is a J.W. Miller type 8902-B. This 
module is just a two-stage 1-f amplifier, complete with all necessary 
i-f transformers, and it also includes an AM diode detector. Its use 
greatly simplifies construction. If one can’t find it readily available, 
a simple substitute is to cannibalize the i-f section from a small 
transistor portable radio. But, use an i-f section which has at least 
two stages. The really cheap $5 portables often use only a single i-f 
stage, and this will not provide sufficient gain for any sort of 
reasonably sensitive reception. 

The audio amplifier IC is a Motorola MC1306P. This is a neat, 
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Get a small paper box to go in between the prongs of the U shape magnet, 
put iron filings in it. 

Wrap six-inch long soft iron wire with paper. 

put the wire in box in iron filings, 

now put the box between the U shape magnet prongs. 

Raise the wire up, then you will see filing strands clinging to the insulated 
Iron wire. 

Raise the wire up slowly, then the filing strands will sag and fail, 

take the box out. 

put the wire in the filings again, 

raise up and you will see that the wire is no magnet. but during the time it 
was between the U shape magnet prongs it was a magnet. 


This shows that during the time the coil moves through the U shape 
magnet the coil becomes a magnet, but its function is double. Some 
individual North and South Pole magnets run through the coil's wire 
crosswise, and some run through the coil's wire lengthwise. 


í 


. + 


Maybe you think that it is not fair to use iron wire to demonstrate how 
magnetic currents are made, but I can tell you that if I do not use iron core in 
the coil I can make more of the magnetic currents with soft iron wire coil than I 
can with copper wire coil, so you see it is perfectly good to use iron wire to 
demonstrate how magnetic currents are made. You can do the same thing with 
the copper wire in using iron filings, but only on a smaller scale. 

You saw how the magnets are running through a wire crosswise. 

Now I will tell you how they are running through the wire lengthwise. 

Before the magnets start to run through the wire lengthwise they are lined 
up In a square across the wire, one side of the wire is North Pole magnet side 
and the other side is South Pole magnet side. 


When the coil begins to approach the middle of the U shape magnet and the 
currents begin to run then the magnets which are in the wire begin to slant, 
North Pole magnets pointing East the same as the coil's wire end, where the 
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North Pole magnet current came out and South Pole magnets pointing West 
the same as the coil's wire end where the South Pole magnet current came out. 


When the coil reaches the middle of the U shape magnet then the currents 
stop to run. Now the North and South Pole magnets are pointing across the 
wire again. 


When the coil begins to move away from the middle of the U shape magnet 
and the currents begin to run then the magnets which are in the wire begin to 
slant, but this time the North Pole magnets are pointing West the same as the 
coll's wire end where the North Pole magnet current come out and South Pole 
magnets pointing East the same as the coil's wire end where the South Pole 
magnet current Came out. 


When the coil moves out of the U shape magnet's effective distance the 
currents running stop. 

This is the way the alternating currents are made. (AP current) 

When the individual North and South pole magnets are running through a 
wire lengthwise they are running in slant and whirling around while running 


ahead, 


oe - a g al 


You can see the slant by watching the sparks when you are putting together 
and pulling away soft iron wire ends which are connected to the battery by 
their other ends. 
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To see how the currents are running out of the coil's wire watch those 
six one-inch long magnets which lie on the glass. 


e Put those magnets together with ends even, then let them loose, 


then you will see that they will roll away and if the magnets be stronger then 
they will roll away farther. 

This is the way the North and South Pole individual magnets are 
running out of the coil's wire lengthwise. 

The reason the North and South Pole individual magnets do not run across 
through the coil's wire as fast out as they run in while the coil 1s between the U 
shape magnet, the coil's wire is insulated, there is an air space around every 
wire and as it is known that the dry air 1s the best obstruction for the magnets 
to go through and as you know the coil is well insulated so the damp air does 
not get in. It is well known that it is many times easier for the magnets to run 
in metal than in air, 


now you see when the magnets run in the wire they hesitate to run out 
of the wire across the same way as they came in, so more of the new 
magnets are coming in the wire crosswise, then they can get out 
crosswise, so they get pushed out through the wire lengthwise. 


Now you know how the alternating magnetic currents are made. 
You have been wondering why alternating currents can run so far away from 
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their generators. 

One reason is between every time the currents start and stop there is no 
pressure in the wire so the magnets from the air run in the wire and when the 
run starts there already are magnets in the wire which do not have to come 
from the generator, so the power line itself 1s a small generator which assists 
the big generator to furnish the magnets for the currents to run with. 


I have a generator that generates currents on a small scale from the air 
without using any magnets around It. 

Another thing, you have been wondering how a U shape permanent magnet 
can keep its normal strength indefinitely. You know the soft iron does not hold 
magnets, but you already have one that holds it. 

It is the perpetual motion holder. It illustrates the principle how 
permanent magnets are made. 

All that has to be done is to start the magnets to run in on orbit, then 
they will never stop. 


ry 
RO 


Hard steel U shape magnets have a broken orbit, but under proper conditions 
it is permanent. 

I think the structure of the metal 1s the answer. I have two U shape magnets. 
They look alike, but one is a little harder than the other. The harder one can lift 
three pounds more than the softer one. I have been tempering the other steel 
magnets, and have noticed that the harder the steel gets the smaller 1t becomes. 
That shows that the metal is more packed and has less holes in it so the 
magnets cannot pass through it in full speed, so they dam up in the prong ends. 
They come in faster than they can get out. 

I think the ability for the soft steel welding rod to hold magnets is in the 
metal's fine structure. 

The reason I call the results of North and South Pole magnet's functions 
magnetic currents and not electric currents or electricity is the electricity is 
connected too much with those non-existing electrons. If 1t had been called 
magneticity then I would accept it. Magneticity would indicate that it has a 
magnetic base and so it would be all right. 
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As I said in the beginning, the North and South Pole magnets they are the 
cosmic force. They hold together this earth and everything on it, and they hold 
together the moon, too. ‘The moon's North end holds South Pole magnets the 
same as the earth's North end. The moon's South end holds North Pole 
magnets the same as the earth's South end. ‘Those people who have been 
wondering why the moon does not come down all they have to do 1s to give the 
moon one- half of a turn so that the North end would be in South side, and 
South end in the North side, and then the moon would come down. At present 
the earth and the moon have like magnet poles in the same sides so their own 
magnet poles keep themselves apart, but when the poles are reversed, then they 
will pull together. Here is a good tip to the rocket people. Make the rocket's 
head strong North Pole magnet, and the tail end strong South Pole magnet, 
and then shut to on the moon's North end, then you will have better success. 

North and South Pole magnets are not only holding together the earth and 
moon, but they are turning the earth around on its axis. Those magnets which 
are coming down from the sun they are hitting their own kind of magnets 
which are circulating around the earth and they hit more on the East side than 
on the West side, and that 1s what makes the earth turn around. North and 
South Pole magnets make the lightning, in earth's North hemisphere the South 
Pole magnets are going up and the North pole magnets are coming down in the 
same flash. In the earth's South hemisphere the North Pole magnets are going 
up and the South Pole magnets are coming down in the same flash. ‘The North 
lights are caused by the North and South Pole magnets passing in concentrated 
streams, but the streams are not as much concentrated as they are in the 
lightning. The radio waves are made by the North and South Pole magnets. 
Now about the magnet size. You know sunlight can go through glass, paper 
and leaves, but 1t cannot go through wood, rock and iron, but the magnets can 
go through everything. This shows that each magnet is smaller than each 
particle of light. 
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MAGNETIC CURRENT 


Researchers, experimenters and other people read about Magnetic Current, then 
you will know what it is, how it is made, what makes it, and the way it runs in the 
wire. Then you will know what the North and South pole individual magnets can do, 
and then you will know what electricity 1s. Send a Dollar Bill by return mail and you 
will receive an eight-thousand-word booklet postpaid, and in addition you will get a 
folder describing mineral, vegetable and animale life, and a drawing of perpetual 
motion holder and another folder with several interesting subjects. Address to: 

BOX HOLDER, ROUTE 1, BOX 196 
HOMESTEAD, FLORIDA. 


MAGNETIC BASE 


Radio waves cannot be made without electricity, and electricity cannot be made 
without the North and South pole individual magnets. Electricity 1s made in two 
different ways. One way 1s by a generator, using the free circulating magnets that are 
circulating in and around the earth, and the other way is to use the bound magnets 
that hold together the matter, especially Zinc. When Zinc is put into the acid in a 
battery, and the right connections are made, then the North pole individual magnets 
will come out of the battery's positive terminal and South pole individual magnets 
will come out of the battery's negative terminal, and they will come out of the battery 
as long as the Zinc lasts, and when the Zinc is gone then the magnets will be gone 
too. 

Physicists tell that each atom which builds up the Zinc has thirty protons, and 
thirty electrons, but when the Zinc is taken into parts by the acid in a battery, then 
only the North and South pole individual magents are coming out of the battery, and 
not a single proton and electron shows up. From this you can see the physicists are 
basing their thoughts on non-existing things. In fact, all matter and everything 
everywhere is held together by the North and South pole individual magnets. The 
magnets are the base of everything. They are the cosmic force and they operate 
everything, including our body. If you want to know how magnets contract the 
muscles, connnect each end of a fresh terrapin muscle with each terminal of a battery, 
then you will see how the muscles are contracted. 

I have been watching while the acid takes in parts of Zinc and many other things. 
Everything that is taken into parts by the acid, the first thing I see is a very small 
bubble beginning to come out of the matter. When the first bubble appears then the 
succeeding bubbles are coming out of the first bubble and are running or coming out 
in a regular line one after another. When the first bubble sweels up then it contracts 
in the middle and cuts off the new bubble and then closes up the out-going end and 
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then swells up again and goes over and over again. ‘Those bubbles that leave the first 
bubble act like small magnets, and some appear to have magnet poles. Most of the 
bubbles join the other bubbles and some of the bubbles absorb many other bubbles 
before they themselves burst and disappear. When the Zinc 1s taken in parts by the 
acid then the magnets which hold together the Zine go into the bubbles and when 
the bubbles burst then the magnets go into the air in the earth's general circualtion, 
back where they came from in the first place, but if the Zinc is in the battery then the 
magnets will go in the battery's terminals. 

I only use three kinds of acids — hydrochloric, sulphuric and nitric, but used many 
kinds of matter to experiment with. For the best results, different matter needs a 
different acid to dissolve it, but every kind of matter produces bubbles and each kind 
of bubble smells differently. This suggests a question. What causes us to smell, and 
then to go further, what causes us to taste, feel, see and hear? You already know that 
the magnets can contract the muscles and smelling, tasting, feeling, seeing and 
hearing is only a step from contracting the muscles. All functions in our body are 
performed by North and South pole individual magnets. When we smell, the outside 
magnets come in contract with the inside magnets, and so we feel the sensation that 
they produce while they are passing by and through the nerve cord or tube, and the 
same thing happens with our other senses. Our eyes are like the broadcasting 
cameras. They send out magnets and receive back the images from the objects we 
see. Many of you have noticed if you are looking with a concentrated look at 
somebody's back while the person doesn't know it, the person is liable to get restless 
and look around. I have notice sometimes that I can chase the mosquitos away from 
the wall by only giving a sharp look at them. 

ACID: What is acid and what gives the acid the ability to take the other matter in 
parts? For instance Zinc, acid and the bubbles that are coming out of the Zinc are 
held together by themselves by the same kind of North and South pole magnets, and 
why acid which is one kind of matter can take another kind of matter in parts. The 
acid atoms must have a smaller orbit and few magnets in it than the other matter 
that it takes in parts. In that case the acid atoms can get closer, and in the other 
matter's atom orbit, and peels off one magnet after another unitl the bigger atom 
matter are gone. The one who will find out exactly how it is done will be a real 
scientist. 

Radio waves are not waves; they are North and South pole individual magnets 
which are coming out of a transformer of the secondary winding's coil ends, one-half 
going up in the air and the other half in the ground in inreasing and decreasing 
numbers. The numbers are regulated by the transmitting tube, and the speed by 
voltage. The increasing and decreasing magnet numbers cause the receiver's antenna 
to generate a tiny current to start the amplification to reproduce the original 
broadcast. The magnets are not running up to ionosphere and down again, but are 
running horizontally until they are lost. Those magnets which go up to the 
ionosphere never come back as radio waves to the receiver, they only cause the 
ionosphere magnets to come back to earth as the radar waves. Magnets do not run in 
the way the radio waves drawings show. 
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SOUND BASE 


All branches of science lack a sound base. Electrical engineers know how to make 
and manage electricity, but they do not know what electricity 1s, and how 1t runs in 
the wire. Without knowing 1t they have no sound base to stand on. 

Radio engineers cannot make radio waves without electricity, but electricity 
cannot be made without magnets, and so the magnets are the base of electricity. 

When chemists make electricity from zinc with acid in a battery, then the North 
pole magnets are coming out of positive terminal, and South pole magnets from the 
negative terminal. The same magnets can be used to build up some other matter, and 
whatever the matter 1s, the magnets always are the base of it. 

Physicists are using one-sided equipment to chase the non-existing protons and 
electrons, but are neglecting the North and South pole magnets, which are the base 
for everything. 

Physiologists do not know that the North and South pole magnets are contracting 
the muscles for our body functions. 

Geologists do not know what gravitation 1s, and what causes earthquakes and 
mountains. Perpertual transformations 1s going on with the earth all the time. When 
the atoms burst in the middle of the earth, the magnets are running out from the 
middle, and so cause gravitation by attracting the matter that is in front of them, and 
when the many magnets have come out, then there will be contraction that will cause 
earthquakes and mountains. 

Astronomers do not know what causes seasons: All planets and the sun have 
magnet poles. The magnet poles are pushing and pulling the earth in axis way. The 
earth's summer end is always a stronger magnet pole than the winter end, and that 
causes the earth to slide axis way and make the seasons. 

Millions of people all over the world have been fooled, including myself, by wrong 
drawings in geography books, in showing how the earth's yearly path around the sun 
causes summer and winter. In fact the drawing are wrong. I was lucky. I made a rock 
telescope and a rock sundial, and they defooled me. Now I know the right path the 
earth follows. The scientists should come to the ROCK GATE, Homestead, Florida, 
and have a good look at the new drawing, the telescope and the sundial, and then 
notice how they would affect science. 

The above reading, The Magnetic Current, the Mineral, Vegetable and Animal 
Lite and the Advertisment they all go together. 


EDWARD LEEDSKALNIN. 
5.20.46 
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IMPROVED CRYSTAL RECEIVER 
FOR THE MEDIUM WAVE (AND SHORTWAVE) 


(2003) 
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The improved crystal receiver. 
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WHAT YOU CAN HEAR WITH SUCH A SIMPLE CRYSTAL RECEIVER 


All stations are heard without using any amplifier! 
Just the passive diode detector and crystal telephone are used with a 20 meter long wire antenna at a height of 4 to 5 
m! 
Total listening time during 2 days was only 3 to 4 hours! 
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765 Radio Suisse Romande (Sottens) | 60 | strong 031129 Music + French 


http://www.qs!.net/pa2ohh/03cryst.htm 
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: 031129 Vlaams about 
927 VRT Radio 1 Belgium (Wolvertem) Ss football 


CT HE ECC CCC 
1089 031128 English about sport 
1215 R Virgin Radio UK = -200 x good | 031128 English + Music | 


http://www.qsl.net/pa2ohh/03cryst.htm 
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JW MILLER 8902-8 
i-F MODULE 
i-F XMFR (455 KHz) 
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Fig. 5-4. Complete diagram of the receiver. All transistors are MPF 102 or HEP 802. The i-f transformer comes as part of the J. W. Miller i-f 
module. L = 26 turns #26 on 14" form. Tap at 13 turns (for 6-15 MHz). Y1 = 9,545 kHz (10 MHz WWV). Y2 = 14,545 kHz (15 MHz WWV). 
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1296 BBC Worldservice (Orfordness) soo | strong 031128 


. 031129 Norwegian 
NRK1 Norway (Kvitsoy) 1200 ES memes 
1332 RAI Radio 1 Italy EN 031128 Italian 
1386 KAL Voice of Russia (Bolshakovo) 1200 031129 German 


Radio 10 FM The Netherlands eat 031128 Dutch + Music 
(Trintelhaven) 


1395 Radio Tirana (Fllake) 031128 
1422 Deutschland Funk (Heusweiler) 031128 Deutsch 
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1440 RTL Radio (Marnach) -1200 031128 Deutsch 


1000 good 031128 Music, various 


Transworld + Vatican (Roumoules) languages 


1494 Voice of Russia (St. Petersburg) 031128 
1512 Vlaanderen Belgium (Wolverthem) 031128 English, Dutch 
1530 Vatican Radio (Citta d. Vaticano) P= 031128 Italian 


Evangeliums Rundfunk (Mainflingen) good 031129 Classic music 
(opera) 
1630 Radio Corona The Netherlands Se osL ocal Prae io 


What is the trick 

That is an extra antenna tuner to improve the selectivity and sensitivity! 

And there is the fading! Stations vary considerably in strength due to fading. Sometimes they are quite strong for a few 
minutes, then they disappear and other stations can suddenly be heard. So be patient, keep listening, tune the antenna tuner 
to maximum sensitivity or selectivity and let the fading do its work. 
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Diagram of the improved crystal receiver with antenna tuner. 
big diagram 
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Top view 


Description 

This passive receiver 1s a combination of an antenna tuner with an original crystal receiver. The antenna tuner improves the 
sensitivity and selectivity considerably as it tunes the antenna to resonance for the reception frequency. It also suppresses 
breakthrough of shortwave stations. 

The tuner and receiver coils are wound on 8mm ferrite rods (0.3 mm copper wire). The rods are provided with a knob and 
movable, so the value of L1 and L2 can be varied by moving the rods in and out the coils. For shortwave reception they are 
removed completely. 

With L1B (switch S4), the inductance can be increased for the lower end of the medium wave band, the capacitors C1 and 
C2 can be increased with an extra 160 pF with S3 and S2. With S1, the diode can be connected to a tap instead of the top of 
L2. Below 1 MHz, the top position was the best one, the tap did only decrease the sensitivity without affecting the 
selectivity. Above 1 MHz, the tap gave the best selectivity without losing sensitivity. 

S2 is added to cover the frequency range below 750 kHz as the value of the variable capacitor was too low or the number 
of windings of L2 should have been a little more... Connect the tuner part with a jumper wire to that tap of L2 that givest 
the best selectivity or best sensitivity. 


Inside view 


How to use the antenna tuner 
The antenna tuner tunes the antenna to resonance. Impedance matching is done by choosing the optimum tap of L2. 
With jumpers, the tuner can be used in 3 ways: 


1. LI and Cl in series. This is the preferred method with maximum selectivity. Tuning is done by C1 and L1A. 
Selectivity is maximal if L1B is switched in series with LIA. 

2. L1 only, for the lower frequency range if it is not possible to tune the antenna with method 2. Tuning is done by 
moving the ferrite rod in and out LIA. 

3. Ll and Cl in parallel, for the lower frequencies and short antennas (see first picture). Tuning is done by Cl. 
However, use of this method should be avoided, take one of the next two if possible. 


However, it depends on the antenna etc. which combination is the best. And of course you need a (good) ground system! I 
use the central heating for that. 
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Hanging up the antenna is a real outdoors activity! 
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1 Claim. (Cl. 321—2) 
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The invention described herein may be manufactured 
and used by or for the Government for governmental 
purposes without payment to me of any royalty thereon. 

This invention relates to the convenient and economical 
provision of power for the operation of electronic circuits 
and devices using transistors, and of other electrical de- 
vices having modest power requirements. 

A great advantage of transistors, and a major reason 
for their enthusiastic reception since their introduction a 
few years ago, is the fact that they will operate satisfac- 
torily with very low supply voltages and currents. One 
milliwatt or even less is sufficient to power a transistor 
in many applications. Various batteries have been de- 
veloped to provide, in a minimum of space, the relatively 
minute amounts of power needed by transistors. 

My invention provides methods and means that permit 
transistor circuits, and also other low-powered electrical 
devices, to be economically and conveniently operated 
without any batteries whatever, and indeed without any 
power supply whatever as power supplies are ordinarily 
conceived, i 

The invention centers around my discovery that it is 
practicable to construct operative transistor circuits that 
are able to abstract from the atmosphere sufficient elec- 
tromagnetic energy to provide all necessary supply volt- 
ages and currents for their own operation. Circuits and 
devices powered according to my invention will operate 
indefinitely without any local power source whatever. 

I have successfully constructed and demonsirated such 
circuits. For example, I have constructed a batteryless 
transistor radio receiver on which 1 have listened to either 
nearby or distant broadcast Stations as desired, using 
either headphones or a loudspeaker; this receiver has been 
powered entirely by electromagnetic energy abstracted 
from the atmosphere. y 

From the successful operation of this receiver, and 
from other experimental work, it becomes clear that, by 
the methods and means of the invention, a great variety 
of practical and useful transistor circuits can be powered 
entirely by energy abstracted from the atmosphere. 

Furthermore, as will become apparent below, my in- 
vention is applicable to the powering of other electrica] 
devices requiring relatively small amounts of power. 

An object of the present invention is to provide meth- 
ods and means for powering transistor circuits entirely 
from radiofrequency energy abstracted from the atmos- 
phere. 

Another object is to provide methods and means for 
powering remote radio receivers, low-powered radio trans- 
mitters, and other low-powered electrical devices, with 
energy received by radio from a master station, so that 
no local power supplies are needed by the devices and so 
that the powering or non-powering of the remote device 
is under the control of the master station, 

A further object is to provide methods and means for 
powering transistor circuits and other low-powered elec- 
trical devices with radiofrequency energy received from 
one or more remote radio transmitters, 


5 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


70 


2,813,242 
Patented Nov. 12, 1957 


2 


Other objects, aspects, uses, and advantages of the in- 
vention will become apparent from the following descrip- 
tion and from the drawing. 

Figure 1 is a schematic diagram of a transistor radio 
receiver in which all necessary power is supplied by en- 
ergy abstracted from the atmosphere in accordance with 
the invention, 

Figure 2 is a schematic diagram showing a general ap- 
plication of the invention to provide direct-current power 
to a load. 

Figure 3 is a schematic diagram of a system for obtain- 
ing a high energy D.-C. source at a high voltage level 
using energy abstracted from the atmosphere. 

Referring to Figure 1, a receiving antenna 1 is con- 
nected to antenna coupling coils 2 and 3, the other ends 
of which are connected to ground. A parallel resonant 
circuit consisting of coil 5 and. capacitor 6 is coupled to 
coil 2, A second parallel resonant circuit consisting of 
coil 7 and capacitor 10 is coupled to coil 3. A third 
parallel resonant circuit consisting of coil 11 and capac- 
itor 12 is also coupled to coil 3. 

Coil 5 and capacitor 6 are tuned to the frequency of 
a radio transmitter from which it is desired to receive 
information—for instance, an amplitude-modulated stand- 
ard broadcast station. The signal received from this trans- 
mitter need not be strong. The signal is detected by diode 
15 to obtain an audio-frequency information signal. This 
audio signal is coupled through a capacitor 16 and is am- 
plified by a circuit that includes a transistor 17 having a 
base 20, an emitter 21, and a collector 22. The ampli- 
fied audio output of the transistor is coupled through an 
audio transformer 23 to an electroacoustical transducer, 
preferably a permanent-magnet dynamic loudspeaker 25 
as shown, i 

The novelty of the invention lies largely in the method 
and means by which the necessary direct-current power 
is supplied to the emitter and collector circuits of transis- 
tor 17. This method and means will now be described. 

Coil 7 and capacitor 10, and also coil 11 and capacitor 
12, are tuned to receive radio signals of relatively high 
strength. It does not matter whether these signals con- 
tain information. These power signals are rectified by 
diodes 26 and 27 to provide direct-current power that is 
filtered by capacitors 30 and 31. The D.-C. power thus 
obtained is utilized to power the transistor 17, 

In the circuit shown, two tuned circuits (coil 7 and 
capacitor 10, and coil 11 and capacitor 12) are tuned to 
power signals and the D.-C. voltages obtained from each 
are connected in series. The tuned power circuits may 
be tuned to the same or different power signals. Under 
certain circumstances it may be desirable to use more 
than two tuned power circuits and to tune them to more 
than two power signals: in this way power can be obtained 
from several signals and combined. On the other hand, 
if a strong power signal is available, a single trned power 
circuit may suffice to give the needed D.-C. power. 

Even weak information signals can be received success- 
fully. A plurality of transistor amplifier stages can be 
used if desired, or other circuits such as superhetercdyne 
circuits can be used. It is merely necessary that a suffi- 
ciently strong power signal or signals be available to pro- 
vide the small amount of D.-C. needed to power the 
transistors. ao oe 

If the information signal happens to be strong, it can 
be used as the power signal; all of the tuned circuits (coil 
5 and capacitor 6, coil 7 and capacitor 10, coil 11 and 
capacitor 12) are tuned to the information signal. | 

Engineers who have observed my invention in operation 
have been surprised at the unexpectedly good results ob- 
tained, even with readily available power signals of quite 
moderate strength. For instance, sufficient power for sat- 


isfactory operation of a loudspeaker at low volumes is 
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readily obtained .from.a 5-kilowatt standard -broadcast 
station 5 miles away, using only an indoor antenna to pick 
up the power signal as well as information signals. In 
typical operation under:these conditions .a-D.-C. voltage 
of about 2.5 to 3 “volts is obtained between ithe emitter 
and the collecter, at a current of about :250. microamperes; 
D.-C. power input to the-transistor:is:thus-of the order 
of 0.5 to 1 milliwatt. So far as:I/am:aware, no one:has 
ever before discovered:and demonstrated ‘the:practicability 
of this method of powering a radio receiver. Se 


Because existing: broadcast stations within a radius of 


a number of miles «provide adequate ‘power signals, the 


invention is readily practicable with existing power ‘sig- 


nals in-almost any location in “or near “any: city. iin “the 
United ‘States. o AN AR E: 

Although :1 :have described ‘a “transistor :radio receiver 
powered by my invention, it will'be-readily ‘apparent: that 


10 


4. a 

a range of many miles. This eliminates the need for 
hundreds or thousands, as the case may be, of local power 
supplies. At the same time, such a system has the advan- 
tage that all of the remote devices can be simultaneously 


activated or deactivated at the will of the master station, 


simply by starting or stopping the transmission of the 
power signal. In such systems it will often be advanta- 
geous to use power signals of frequencies sufficiently high 
to permit the use of resonant receiving antennas of small 
physical dimensions for signal. pickup at the remote de- 
vices. In addition to the power signal, the master station 
may transmit an information signal on the same or'a dif- 


| ferent carrier. e 


15 


the invention ‘is applicable to the -powering ‘of any tran- | 


sistor circuit using one or :a numberof- ‘transistors, * and 
to the powering of other devices requiring relatively: small 
amounts of power. For instance, sensitive electrome- 
chanical, electrochemical, .or electrothermal: devices ca 

be operated by ‘the method ofthe invention. 


Referring to Figure 2, which shows: amore general ëm- 
bodiment:of my invention, an antenna 35 “picks up-radio- : 


frequency energy from the ‘a tmosphere. This energy 
flows through coil 36, which is coupled'to a-tuned circuit 
consisting of coil 37 and capacifor°49. The radiofre- 
quency “voltage across capacitor 49 is rectified by diode 


41 and filtered by a low-pass filter 46 consisting of capac- 


itors 42 and 44 and choke coil 45. 
voltage is applied toʻa load 45. | TE 
In the practice of my invention, ‘larger. emounts of 


The:resulting D.-C. 


20 


- Certain types of devices powered entirely by received 
radio waves are of course well known. The well-known 
“crystal set” of the early days of radio, which used a diode 
rectifier to demodulate -an amplitude-modulated radio- 
frequency signal, is an outstanding example of such a de- 


vice. My invention is readily distinguishable from such 


prior devices, however. In typical prior devices a modu- 
lated radiofrequency signal is applied to a diode to obtain 
unidirectional half-wave pulses whose amplitudes vary 
with modulation. These pulses are integrated by means 
of a capacitor to obtain a unidirectional signal the ampli- 
tude of which follows the audiofrequency modulation en- 
velope. If the radiofrequency signal is received with 
sufficient strength the audio signal may have sufficient 


- power to operate headphones or similar utilization device 


30 


power can be obtained for short periods of time by stor- 


ing received energy in a suitable energy storage device. 
Stored energy may then be withdrawn at intervals at a 
more rapid rate than that at which it was received and 
put into the storage device. In this way the invention can 
be used to provide short pulses of relatively very -high 


electrical energy. This result can be readily obtained by 
charging a relatively large capacitor with direct current 


and then discharging the capacitor rapidly into a load 
when desired. This rapid discharge can be initiated auto- 


matically when the voltage across the capacitor reaches 
a certain level, or it can be initiated when a transistor 


radio receiver receives a certain information signal. 
Higher voltages can be obtained with ‘the invention by 
means of well known devices for raising D.-C. voltages 
as shown in Figure 3. The D.-C. voltage output from the 
capacitor 44 can be used to power a low ‘frequency: tran- 


sistor oscillator 52 whose A.-C. output is raised to`a: higher 


voltage level by the transformer 55. This relatively high 
A.-C. voltage can then be rectified by a diode 61 ‘and fed 
to a capacitor 64 to provide a high energy D.-C. source 
at a relatively high voltage level ‘at the terminals:69 and 


70. If desired, energy can now be withdrawn from the © 
capacitor 64 at intervals in short pulses ‘of high energy 
at a high voltage level. Pulsed radio transmission is one - 


of the possible uses for this form of the invention. Other 
uses would be to provide a single relatively powerful pulse 
needed to actuate an electrothermal or electromechanical 
device. = — | E 
As has been indicated above, in many locations and 
particularly anywhere in or near ‘most American ‘cities, 
power signals normally present in the atmosphere are 


` readily available for the easy and convenient practice of 


the invention. However, the invention also has important 
applications in systems in which the necessary power sig- 
nal is generated and transmitted specifically for the opera- 
tion of the particular system. Such systems can, for ex- 
ample, comprise a master station transmitting- all the 
power that is needed for hundreds or thousands of fixed 
or mobile transistor receivers or other remote devices over 


35 


40 


45 


without power amplification; but the signal is utilized for 
its information content, rather than to supply non-infor- 
mation-containing power. = 

My invention, on the other hand, entails the utilization 
of received radiofrequency energy to supply power to at 
least one pair of circuit points (across capacitor 31 in 
Fig. 1, for example), such circuit points requiring power 
solely for its power content and not for any information 
or modulation it may contain. In other words, my inven- 
tion entails the utilization of radiofrequency energy to 
supply power that would otherwise have to be supplied 
by batteries, generator, or other local power source. 
` It will be apparent that the embodiments shown. are 
only exemplary and that various modifications can be 
made in construction and arrangement within the scope 
of the invention as defined in the appended claim. 

1 claim: e 

An electrical device for obtaining a high energy D.-C. 
source at a high voltage level using energy abstracted. 


- from the atmosphere, said device comprising in combina- 


50. 


55 


60 


tion: resonant means for recéiving radio waves, first recti- 
fier means for converting said radio waves into first direct 
current energy, first capacitor means for storing said first 


direct current energy, an oscillator powered by said direct 


current energy, said oscillator producing an A.-C, output, 
transformer means for raising said A.-C. output to an in- 
creased voltage level, second rectifier means for convert- 
ing the A.-C. output of increased voltage level from said 


- transformer into second direct current energy, and second 


capacitor means for storing said second direct: current 
energy. NE | | % 
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ELECTRONICS 


BRAIN 
CONTROL 


We are learning more about 


our gray-matier computers 


BY L. GEORGE LAWRENCE 


T IS TIME that we closely examined 
brain control, now that scientists are 
actively seeking to unravel the mysteries 
that shroud that miniature bioelectric giant 
known as the human brain. Menea of 
brain control can already be found in anti- 
collision radar technology involving birds. 
It has also been Sins antiated that, by 
pumping energy in the gigahertz range of 
frequencies through human heads, subjects 
an suddenly “hear” without using their 
ears. 

Much remains to be done to correlate 
and sift out concealed facts. We still know 
very little about the all-important coding 
events that take place in the brain's neuron- 
synaptic complex. How can we measure and 
reinforce such significant human capacities as 
love, will, and ehapaetel® Does uncontrolled 
electromagnetic pollution affect the brain? 
These and other questions remain to be 
answered as scientists delve deeper and 
deeper into the human brain with the help 
of electronics. 


What Is the Brain? The theory that the 
brain is a true electronic machine has often 
been proposed. To a point, the theory is 
true. As Dr. Wilder Penfield demonstrated 
some years ago, the electrical stimulation of 
brain tissue “during skull surgery triggers 
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lucid audio-visual recalls of past events in 
patients. The patient “sees” and “hears” 
complete increments of true life experiences, 
all in correct sequence. 

But consider Fig. 1. Studies are enor- 
mously complicated by the fact that the 
human brain contains an estimated 10 
billion nerve cells called “neurons” and an- 
other 100 billion of a second type called 
“glial” cells. The fluid bath in which these 
cells are suspended is a vital element in their 
electrochemical interactions. 1s it here where 
emotional components and memory are 
stored and where we have susceptance to 
microwave and other electromagnetic fre- 
quencies? 

Such questions guide us into the subject 
of “synaptic” transmission. The term “sy- 
napse is derived from the Greek phrase 
“to clasp’ and was introduced in 1897 by 
a Dr. Sherrington who used it to describe 
the junctional region between two nerve 
cells. In many cases there is a gap or cleft 
across a synapse. (In other cases, as in fish, 
a synapse is a real physical joint.) 

One big neuron might have on its surface 
as many as 10,000 points of contact (synap- 
tic knobs) with other neurons. When the 
latter are stimulated, some of the millions 
of ribonucleicacid (RNA) molecules inside 
them give orders to the glial cells to manu- 
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facture new proteins. The nature and pat- 
tern of these proteins contain an imprint 
of something that has been perceived and 
apparently gives rise to a molecular “en- 
gram.” 

We also find electrical dipoles in synaptic 
- mechanisms which, when oriented and ar- 
ranged in a large array, apparently can pro- 
duce an electric field strong enough to drive 
positive ions over the junction barrier of 
the postsynaptic membrane (in a manner 
similar to that in a transistor) and thereby 
initiate excitation or produce depolarization. 
So, one comes to believe that the nature of 
synaptic transmission is essentially electrical, 
be it mediated by electrical or chemical 
transmitters. 

By inference, then, the possibility arises 
of human brain control by electromagnetic 
forces directed at it from the outside. If 
such radiations can be suitably coded to 
elicit a synchronous response in the neuron- 
synaptic complex, the brain will trigger 
motor functions which, in turn, cause man 
or animal to execute a programmed act. 
Here we have some fascinating experiments 
that hold great hopes for the immediate 
future. 

In the case of hearing, for example, we 
have been taught that our auditory system 
can respond only to acoustic energy. This 
“fact” is far from correct. Experiments con- 
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ducted by Dr. Frey and others clearly indi- 
cate that the audio sense in man—and 
probably in animals, too—can respond to 
electromagnetic energy in at least a por- 
tion of the r-£ spectrum. Data shows that, 
at very low power levels (to preclude bio- 
logical damage) in tests like that shown in 
Fig. 2, there are audio sensations at fre- 
quencies as low as 200 MHz and at least as 
high as 3 GHz. When low-level energy was 
directed at them, the test subjects reported 
“hearing” a buzzing sound. However, they 
found it almost impossible to match r-f 
sounds to a sine wave. The apparent source 
of the buzzing, clicking, knocking, or hiss- 
ing sounds is described as being within or 
immediately behind their heads. This local- 
ization persists no matter how a person ro- 
tates or twists his head in the rf field. 

It was during these studies that a pro- 
foundly important discovery was made: deat 
subjects often had the ability to hear r-t 
sound. The clinical criterion was that, if a 
given person could hear audio above 5 kHz 
either by bone or air conduction, then r-f 
sound could be heard as well. This and re- 
lated work has resulted in the manufacture 
of r-f type hearing aids for the deaf, one 
of which is made by Listening, Inc., 6 Gar- 
den St., Arlington, Mass., and is known as 
the Neurophone Model GPF-1. It operates 
at 100 kHz and employs crystal control. 
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Fig. 1. Neuron/synaptic mechanism in the human nervous system. 
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These observations tie in with the fact 
that some individuals can detect radio pro- 
grams through the fillings in their teeth. 
This phenomenon was technically verified 
by interposing shields between respective 
people who exhibited it and the modulated 
r-f sources. When the lower half of the head 
was covered, including the maxillary dental 
area, the r4 sound was perceived. The 
sound ceased upon covering the top half of 
the head. While the echada responsible 
for this phenomenon is only imperfectly un- 
derstood, it can be assumed to be the result 
of direct cortical nerve fiber stimulation. 

We also have another form of hearing 
sensations that come about when the human 
head is placed between two large capacitor 
plates that are excited by varying electro- 
static potentials. “Electrophonic hearing,” as 
it is called, apparently acts on the ears 
tympanic membranes in a quasi-mechanical 
manner, It is useful as a new research tool 
in specialized psycho-physiological studies 
on the auditory or vibrotactile system. 

Unavoidably, data of this sort begs ap- 
plication. Pilot studies are under way to 
apply effective electrodynamic brain control 
to animals and man himself. Consider, for 
example, the brain-wave proposal based on 
ideas put forth by the late Dr. Norbert 
Weiner, the acknowledged father of cyber- 
netics. l 

According to Weiner, a sheet of tin sus- 
pended from the ceiling of a room and con- 
nected to a 10-Hz electrostatic generator 
-can cause unpleasant sensations in human 
subjects. With a field strength of 1 or 2 
volts per sq cm, the oscillating field roughly 
coincides with the human brains alpha- 
rhythm frequency but attempts to lock it 
to a fixed trequency—that of the generator. 
Electronic sleep machines employ similar 
principles, with currents of fixed amplitude 
and pulse width (usually square waves) be- 
ing fed by conductive face masks through 
the cranium and brain. 


Brain Control of Birds. Radar technology 
is now being used to deal with the pr oblem 
of birds getting in the way of fast flying 
aircraft. The idea is to trigger a flying bird's 
(or a whole flock’s) brain into motor func- 
tions to initiate collision avoidance by hav- 
ing the bird(s) veer off the flight path of 
the plane. This area of research was trig- 
gered by the staggering incidence of plane/ 
bird collisions that result in equipment 
damage estimated to be in the millions of 
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Fig. 2. Microwave susceptance area in brain. 


dollars each year and the human lives that 
continue to be lost as a result of such 
collisions. 

The work being carried out by the Na- 
tional Research Council of Canada bears 
much promise in bird-brain control. The 
NRC’s test system takes the form of a car- 
ousel of bird cages containing live chickens. 
(Fig. 3) Only one of the many cones sus- 
pended above the cages contains a micro- 
wave antenna. The program, headed by 
Dr. Alan Tanner, aims to evolve microwave 
brain-control systems that wil] have the 
greatest possible effect on birds while at 
the same time deploying the least amount 
of power. 

When exposed to microwave radiation, 
birds in general exhibit escape reactions. 
This fact became clear during World War 
II, Investigators also found ‘that in each 
case the microwave field through which 
birds were flying was of very low intensity 
—too low, in fact, to account for confusion 
and escape reactions on the basis of heat 
generated in the animals’ bodies. 

Different species of birds have different 
behavioral patterns. In the laboratory, a 
few seconds after the microwave field has 
been initiated, the given bird’s wing outside 
the field of radiation became collapsed and 
the opposite wing became extended. Simi- 
Jar phenomena were observed with the legs. 
Sometimes the birds heeled over to the 
outside of the field, In the turning reaction, 
the outer side of the bird becomes para- 
lyzed. In short, the microwave beam inter- 
acts with the nervous system of the test 
birds. Seagulls and pigeons reacted similarly, 
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though the gulls are more inclined to initi- 
ate flight. 

It is interesting to note that a bird's 
feathers appear to play a much greater role 
in the sensory complex than has been real- 
ized before. Defeathered chickens, for ex- 
ample, give little or no reactions to micro- 
wave fields until the twelfth day, at which 
time new feathers start to grow and tips 
protrude from the surface of the skin. In 
the case of fully feathered chickens whose 
tail feathers were exposed to microwave 
radiation, the birds immediately ceased ex- 
ploration of their cages and exhibited 
mounting signs of distress after a period of 
10-20 seconds. When the microwave field 
was switched off, the birds responded by 
fluffing their body feathers and active 
preening. 

The Canadians believe that the physical 
properties of quill tissue—particularly the 
piezoelectric properties that are fundamental 
to living tissue—suggest mechanisms that 
have heretofore been overlooked. However, 
work carried on by Dr. Tanner and his staff 
as well as research conducted elsewhere 
should in time yield a microwave beam of 
the proper wavelength and modulation to 
cause birds to activate collision avoidance 
with all possible haste. 


Brain-Wave Detection. Some 40-odd years 
university professor 


ago, F. Cazzamalli 


started publishing papers on the subject of 
brain-wave detection and implied that he 
had detected radiations from the mind. As 
shown in Fig. 4, he placed subjects in a 
shielded room (or Faraday cage), emanated 
vhf radiowaves through their heads, and 
claimed to have recorded “beat frequencies” 
obtained with an untuned receiver consisting 
of a galena crystal or diode tube, a fixed 
capacitor, an antenna, and a sensitive light- 
beam galvanometer. 

The trouble is that Cazzamalli never 
mentioned transmitter power in his some- 
what unprofessional papers. His oscillograms 
meant to show variations of the “beat” 
when his subjects were emotionally aroused 
or engaged in creative tasks when they 
were in the Faraday cage. Later, he told an 
astounded world that his subjects would 
hallucinate when under the influence of his 
“oscillatori telegrafica,” its frequency being 
about 300 MHz at the time. 

Tom Jaski, a noted science writer and 
engineer, duplicated some of Cazzamalli's 
work with a modern low-power oscillator 
that was swept from 300 MHz to 600 MHz. 
His subjects could not see the dial. They 
were told to sound off as soon as they felt 
something unusual. At a certain frequency 
range—varying between 380 MHz and 500 
MHz—the subjects repeatedly indicated 
points with exact accuracy in as many as 
14 out of 15 trials. At these “individual” 


Fig. 3. Microwave test carousel to determine reactions in live birds. Only one cone 
is active; all others are dummies. (Courtesy National Research Council of Canada) 
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Fig. 5-5. This is the complete receiver, as assembled on an approximately 
4"x 2” piece of perforated board stock. 


inexpensive IC, which combines a preamplifier and Y watt output 
in one package. A minimum of external components are needed to 
make it function. If you did “borrow” the i-f strip from a cheap AM 
portable to build this receiver, don’t be tempted to “borrow” the 
audio section of the AM portable, also. Generally, the quality of 
such audio sections is horrible, when compared with the clean 
sound of the MC1306P used with any small, but decent, 8 ohm 
speaker. 

Figure 5-5 shows how the receiver was initially laid out on a 
piece of perforated board stock. Simple point-to-point wiring was 
used. The layout wasn’t planned, but, rather, construction started 
on a slightly larger piece of board stock. Starting with the rf 
amplifier stage, the components were simply grouped together as 
closely as possible, as I worked from left to right. The rf and mixer 
stages were grouped around the interstage coil. The crystal oscil- 
lator stage is below the i-f amplifier module, and the af amplifier IC 
is just to the left of the electrolytic capacitor, shown at the extreme 
right middle side of the board. When the receiver had been assem- 
bled, the oversize perforated board was carefully cut down to its 
final size. 

The tuning capacitor used is a regular BC type and is tem- 
porarily shown attached at the left side of the board. The receiver 
should be mounted in a metal enclosure, and the ground leads used 
in the receiver should be carefully grounded to the enclosure at 
several points. Although the receiver did work fine wired as shown 
in the photo, it probably would be safer, from the viewpoint of 
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Fig. 4. Cazzamalli’s brain-wave detector of some years ago is illustrated here. 


frequencies, the same subjects announced 
having experienced pulsing sensations in 
the brain, ringing in the ears, and an odd 
desire to bite the experimenters. The oscil- 
lator's output power was only a few milli- 
watts, while the oscillator itself was located 
several feet away from the subjects. 


The Conclusions. Considering the ingredi- 
ents of the few sample discussions presented 
above, it appears that both humans and 
animals have brains sensitive to r-f energy. 
The correlating mechanisms are only im- 
perfectly known, but they apparently re- 
side within the neuron-synaptic complex. 
Nor will we know how this susceptance 


affects our longevity without proceeding 
with a great deal more research, 

Just how electromagnetic radiation affects 
our social structure has led to a great deal 
of speculation in the past. For example, the 
late Dr. Goldman once insisted that r-f 
energy allows the id, or primitive brain, to 
take control over human affairs. Such con- 
siderations might open a Pandora's box 
when applied ` to an explanation of our 
sharply increasing crime rates and decline 
of social fidelity. So, before we rush pell- 
mell into electr omagnetically contaminating 
our environment, it would serve us well 
once and for all to discover what adverse 
effects, if any, it will have on our lives. © 


TV COMMERCIAL KILLER 


FEATURES: 
Low battery drain 
* Auto reset 


PARTS LIST: 
1 HEP 312 
HEP 156 
HEP 55 
Resistor, 1.5K, 1/2 Watt 
Relay, Potter-Brumfield RS5D, 6VDC 
Battery, 9VDC 
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ELECTRONIC WARFARE 
FUNDAMENTALS 


NOVEMBER 2000 


PREFACE 


Electronic Warfare Fundamentals is a student supplementary text and reference 
book that provides the foundation for understanding the basic concepts 
underlying electronic warfare (EW). This text uses a practical building-block 
approach to facilitate student comprehension of the essential subject matter 
associated with the combat applications of EW. 


Since radar and infrared (IR) weapons systems present the greatest threat to air 
operations on today's battlefield, this text emphasizes radar and IR theory and 
countermeasures. Although command and control (C°) systems play a vital role in 
modern warfare, these systems are not a direct threat to the aircrew and hence 
are not discussed in this book. This text does address the specific types of radar 
systems most likely to be associated with a modern integrated air defense 
system (IADS). 


To introduce the reader to EW, Electronic Warfare Fundamentals begins with a 
brief history of radar, an overview of radar capabilities, and a brief introduction to 
the threat systems associated with a typical IADS. The two subsequent chapters 
introduce the theory and characteristics of radio frequency (RF) energy as it 
relates to radar operations. These are followed by radar signal characteristics, 
radar system components, and radar target discrimination capabilities. The book 
continues with a discussion of antenna types and scans, target tracking, and 
missile guidance techniques. 


The next step in the building-block approach is a detailed description of 
countermeasures designed to defeat radar systems. The text presents the theory 
and employment considerations for both noise and deception jamming 
techniques and their impact on radar systems. This is followed by a chapter on 
decoys, both for defeating an IADS as well as for self-protection. Then, the next 
chapter discusses chaff characteristics, employment, and impact on specific 
radar systems. 


The following two chapters are dedicated to the IR threat. The first covers IR 
theory, IR target detection and tracking, and advanced IR missile flare rejection 
techniques. The second chapter presents IR countermeasures to include flare 
employment, maneuvers, and missile warning equipment. 


Electronic Warfare Fundamentals then addresses an important aspect of EW, 
specifically electronic protection (EP). This section includes a description of the 
most common radar EP techniques designed to counter noise jamming, 
deception jamming, and chaff employment. The book concludes with an overview 
of the basic components and limitations of a typical radar warning receiver 
(RWR), current geolocation techniques, and it finally discusses the basic 
components of a self-protection jamming system. 


In addition to the textual material, the book also contains a detailed glossary of 
EW-related terms and acronyms for quick reference. A list of references is 
provided to acknowledge the source material used in the preparation of this text. 
These sources also provide the interested student with a supplementary reading 
list to learn more about a specific topic. 


For information or comments on this document, please contact: 


Det 8, ACC TRSS 
4349 Duffer Drive, Ste 437 
Nellis AFB NV 89191-7007 


DSN: 682-4897 

DSN FAX: 682-7391 
Comm: (702) 652-4897 
Comm FAX: (702) 652-7391 
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CHAPTER 1. INTRODUCTION TO RADAR 


1. INTRODUCTION 


The word “RADAR” is an acronym for RAdio Detection And Ranging. As it was 
originally conceived, radio waves were used to detect the presence of a target 
and to determine its distance or range (Figure 1-1). 


Figure 1-1. Radar System 


2. HISTORY 


The reflection of radio waves by objects was first noted more than a century ago. 
In 1903, the reflection of radio waves was employed in Germany to demonstrate 
detection of ships at sea (Figure 1-2). In 1922, Marconi presented the same idea in 
Britain but received little official interest. These early experiments used 
continuous wave, or CW, transmissions and relied on the reflection of a 
transmitted wave from a target to indicate the presence of a target. CW 
transmissions can detect the presence of an object and, if the radio wave is 
formed into a narrow beam, can also provide azimuth information. CW 
transmissions cannot provide range. 


Figure 1-2. Early Continuous Wave Radar Experiments 
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avoiding possible spurious oscillations, to utilize an isolated pad 
type of component mounting/soldering technique. 

To use the receiver to monitor SSB transmissions, a product 
detector and bfo have to be added. The circuit for a suitable product 
detector/bfo is shown in Fig. 5-6. It is relatively simple and 
inexpensive. If the product detector circuit is added to the receiver 
using the J. W. Miller i-f module, you have to remove the shield can 
from the module and take the i-f signal off the first 1N67A before the 
diode detector is built into the module. This operation is fairly 
simple and obvious, if one uses the module, since a diagram comes 
with it, illustrating the modification. The diode AM detector need 
not be disconnected, however. So, one can, if desired, add a switch 
at the volume control to choose either the output of the product 
detector or the output of the AM diode detector. 

With a mixture of some parts from one's junk box and newly- 
bought main components, the receiver can be constructed for about 
$20. This represents a rather modest cost for utility-type HF 
receiver, for which one can find many applications around the shack 
or in portable use. 


FIVE BAND RECEIVER 


I am sure many radio amateurs who have home brew rigs 
would love to have a matching receiver. Deciding to do something 
positive about this emptiness in the shack, I came up with a plan 
that made the home brew receiver not only a possibility, but a 
reality. 

The plan.centered on reducing the complexity and time of 
construction dramatically by using a drugstore transistor AM 
broadcast radio set as the main building block. Even if you never 
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a. The lack of range information was a serious limitation but was finally 
overcome by modulating the radio wave transmissions to send out a train of 
short pulses (Figure 1-3). The time between pulse transmission and an echo 
return to the receiver provides a direct measurement of range. Practical 
development of the pulse radar began in the 1930s, principally in the United 
States, Britain, and Germany. Due to deteriorating relations with Germany and the 
threat of invasion, the British intensified their efforts to develop a pulse radar in 
1935. These efforts culminated in the development and deployment of multiple 
radar stations which formed the Chain Home System. These radar installations 
provided critical information to British pilots on the size and location of German 
bomber formations during the Battle of Britain. 


Figure 1-3. Pulse Radar Operation 


b. The Chain Home System is considered the first integrated air defense 
system, or IADS. Radar development, with its obvious military and civilian 
applications, has continued unabated to the present day. 


3. TARGET DISCRIMINANTS 


The widespread military and civilian application of radar is based on its inherent 
advantages over the human eye (Figure 1-4). Radar can “see” farther than the 
human eye and more accurately assess the range or distance of an object. Radar 
works well in all-weather conditions and is relatively immune to smoke, haze, and 
clouds. What's more, radar works 24 hours a day because it can transmit its own 
energy and does not have to rely on sunshine or ambient radiation. There are 
some disadvantages of radar when compared to the human eye. First, radar does 
not have the resolution that the human eye has. While radar can detect the 
presence of an airplane, the human eye can discern, in great detail, the shape, 
size, color, and even markings. This can be a serious limitation if positive 
identification is required prior to engagement. 
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Figure 1-4. Radar Advantages and Disadvantages 


Second, the human eye is not bothered by undesirable reflections, called clutter, 
the way radar sometimes is. Although metal is the best reflector of radio 
frequency (RF) energy, nearly any material will reflect some RF energy. 
Mountains, trees, buildings, rain, birds, and chaff all reflect RF energy. Radar 
systems must use target discriminants to isolate the desired target return from 
the clutter. These target discriminants include range, velocity, and angle 
(Figure 1-5). 


Target 
Detection 


Discriminants 


Velocity | 


Figure 1-5. Radar Target Discriminants 


a. The first target discriminant is range. The time an RF wave takes to go to, 
and return from, a target allows measurement of the range to that target. We 
know that RF energy travels at the speed of light, or “c” which is 3 x 10° meters 
per second. Target range can be determined by using the basic radar range 
equation (Equation 1-1), target range equals measured time, multiplied by the 
speed of light (“c”), divided by 2. 
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Radar Range Equation 


Speed of Light (c) = 3x10° meters/sec 


Range = (Measured Time x c)+2 


Equation 1-1. Basic Radar Range Equation 


b. Target angle discrimination is another critical capability of radar systems. 
In order for a radar system to detect a target, the antenna must be pointed at the 
target during the transmission and reception of RF energy. The ability of a radar 
system to accurately determine angle is a function of the horizontal beamwidth of 
the antenna. If the radar sweep is referenced to true North, the angle of a radar 
return can be measured relative to true North (Figure 1-6). 


Figure 1-6. Angle Discrimination 


c. Velocity discrimination is a specific capability of CW and pulse Doppler 
radar systems. The transmitters of CW radars send out continuous RF at a 
specific frequency (Figure 1-7). The reflected signal frequency is changed, or 
shifted, by a specific amount by a moving target. This frequency shift, called the 
Doppler effect, allows the measurement of the velocity of that target relative to 
the radar. The receiver measures this frequency difference which equates to a 
specific radial velocity. Pulse Doppler radars can measure the Doppler effect 
while still obtaining the range. 
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Pulsed 


Doppler 
Radar 


Velocity Range 
Tracking Tracking 


Figure 1-7. Velocity Discrimination 


d. A basic pulse radar system consists of a transmitter, antenna, receiver, and 
a master timer (Figure 1-8). The transmitter sends electromagnetic energy (RF) to 
the antenna. This energy is radiated through the atmosphere. When this RF 
energy is interrupted by any object, such as a plane, ship, or the earth, a portion 
of the RF energy is reflected back to the antenna and processed by the receiver. 


Receiver | Transmitter | 
Master Timer | 


(Synchronizer) | 


Figure 1-8. Basic Radar Operation 


The reflection is called an echo, and the object interrupting the RF energy is 
called a target. The presence of an echo indicates target detection. If the target 
detected is the desired target, the echo is referred to as a target signal. If the echo 
is from undesired targets, such as the earth, the echo is referred to as clutter. 
This is especially true when the undesirable echoes make the detection of the 
desired target difficult. The capability of the antenna to focus the RF energy 
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affects the angular discrimination of the radar. The ability of the master timer to 
determine the time between RF transmission and target echo reception impacts 
the range determination capability of the radar. The ability of the receiver to 
analyze the Doppler frequency shift in the target echo determines the velocity 
discrimination capability of the radar and the ability of the radar to reject clutter. 


4. INTRODUCTION TO INTEGRATED AIR DEFENSE SYSTEMS (IADS) 


Radar systems have the inherent capability to determine accurate range, azimuth, 
and/or velocity information on airborne targets. Radar systems can provide this 
information in nearly all types of weather, day or night, and at distances that far 
exceed the capabilities of the human eye. Military commanders have taken 
advantage of these capabilities by employing radar systems to provide air 
defense for high-value targets. The primary missions of radar systems employed 
for air defense are attack warning and threat engagement. 


a. Radar systems specifically designed to provide attack warning are called 
early warning (EW) radars (Figure 1-9). These radars are characterized by high 
power output, large antennas, and low frequencies. These same characteristics 
limit the accuracy of the target parameters available from early warning radars. 
The long-range detection of aircraft and the earliest possible attack warning 
capabilities of early warning radars provide the first line of defense for the air 
defense system. 


Figure 1-9. Early Warning Radar System 


1-6 


Electronic Warfare Fundamentals Chapter 1. Introduction to RADAR 


b. Radar systems designed to provide target engagement information include 
ground control intercept (GCI) radars, acquisition radars, target tracking radars 
(TTRs), and airborne interceptor (Al) radars. 


(1) GCI radars are designed to provide sufficiently accurate target aircraft 
range, azimuth, and altitude information to vector Al assets to intercept and 
destroy attacking aircraft (Figure 1-10). To provide this data, early warning radars 
can be deployed along with specialized height finder radars. This combination of 
radar systems is commonly referred to as a GCI site. Newer GCI radar systems, 
employing phased array antennas and Doppler processing, can provide the 
required 3-dimensional target information. Any radar system, or combination of 
radar systems, that can determine 3-dimensional target data, and is equipped 
with the communication equipment to pass this information to Al assets, can act 
as a GCI site. GCI radar systems can be used to supplement early warning radar 
systems to provide critical attack warning. 


Figure 1-10. GCI Radar 


(2) Acquisition radar systems are designed to act as GCI radars for ground 
based TTRs. Acquisition radar systems generally have shorter range capability 
than early warning radars and operate at higher frequencies. These radar 
systems provide accurate target range and azimuth data to TTRs to facilitate 
target engagement. Acquisition radars can be a distinct radar system 
(Figure 1-11) or be incorporated as part of the TTR (Figure 1-12). 
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Surveillance Radar 


Missile Launchers | 


M 


Missile Launchers 


Figure 1-11. Acquisition Radar and TTR 


Figure 1-12. TTR with Acquisition 


(3) The primary role of TTRs, in support of an air defense system, is to 
provide continuous and accurate target parameters to a fire control computer. 
The fire control computer uses this data to guide missiles or aim antiaircraft 
artillery (AAA) to destroy attacking aircraft. TTRs employ various tracking 
techniques to continuously update target parameters. TTRs generally employ 
high frequencies, narrow beamwidths, and computer signal processing to 
enhance the accuracy of target parameters provided to the fire control computer. 
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(4) Al radar systems are TTRs employed by fighter aircraft to engage and 
destroy airborne targets (Figure 1-13). These radar systems are characterized by 
high frequency, sophisticated computer processing, and accurate target tracking 
capability. They are designed to allow the Al asset to employ air-to-air missiles 
and guns/cannons. TTRs and Al radars constitute the highest radar threat 
associated with an air defense system. 


Figure 1-13. MiG-29 


(5) Another growing lethal threat associated with an air defense system is 
infrared (IR) missiles. IR missile systems can be man-portable (Figure 1-14), 
mounted on vehicles, or employed by Al assets. These missile systems guide on 
the distinctive IR signature of aircraft. The recent proliferation and enhanced 
performance of IR systems has increased the contribution of these systems to air 
defense. 


Figure 1-14. IR System 
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c. All these radar systems can be deployed to provide air defense for a 
particular country or geographical area. When the employment of these radar 
systems is integrated by a command and control (C°) structure, this constitutes 
an IADS (Figure 1-15). The C? structure allows the military commander to take 
advantage of the threat warning provided by early warning radars. Based on this 
threat warning, the military commander can allocate specific assets (GCI and Al 
assets, or acquisition radars and TTRs) to engage airborne targets. This 
allocation decision is based on the capabilities of these systems and the tactical 
situation. This allocation process enables the military commander to maximize 
the capabilities of his forces to engage and destroy attacking aircraft. 


Figure 1-15. A Typical IADS 


5. SUMMARY 


Radar systems are the cornerstones of a modern IADS. Radar and IR threat 
systems operate at frequencies that span most of the electromagnetic spectrum. 
Each system has unique capabilities and operating characteristics that enable it 
to accomplish assigned tasks in support of the lADS. In order to effectively 
employ offensive air power on the modern battlefield, the systems that support 
the IADS must be negated. A basic knowledge of how radar and IR systems 
operate, their capabilities, limitations, and the available countermeasures is the 
key to defeating these systems. The purpose of this book is to provide this 
information. 
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CHAPTER 2. CHARACTERISTICS OF RF RADIATION 


1. INTRODUCTION 

In order for a radar system to determine range, azimuth, elevation, or velocity 
data, it must transmit and receive electromagnetic radiation. This electromagnetic 
radiation is referred to as radio frequency (RF) radiation. RF transmissions have 
specific characteristics that determine the capabilities and limitations of a radar 
system to provide these target discriminants, based on an analysis of the 
characteristics of the target return. The frequency of transmitted RF energy 
affects the ability of a radar system to analyze target return, based on time, to 
determine target range. RF frequency also affects the ability of the transmitting 
antenna to focus RF energy into a narrow beam to provide azimuth and elevation 
information. The wavelength and frequency of the transmitted RF energy impact 
the propagation of the radar signal through the atmosphere. The polarization of 
the RF signal affects the amount of clutter the radar must contend with. The 
ability of a radar system to use the Doppler effect in analyzing the radar return 
impacts the velocity discrimination capability of the radar. These characteristics 
of RF radiation will be discussed in this chapter. 


+ 


v 
pS 
px 
= 
< 


Time (Seconds) 


Figure 2-1. Radio Frequency 


2. FREQUENCY 

The output signal from a typical radio or radar system has several important 
characteristics that affect the capabilities and limitations of radio or radar 
systems. The first characteristic considered is usually RF. The frequency of the 
transmitted signal is the number of times per second the RF energy completes 
one cycle. The RF signal depicted in Figure 2-1 has a frequency of one cycle per 
second. The basic unit of measurement is the hertz (Hz). One hertz equals one 
cycle per second. Most radars have an RF in the millions of hertz, or megahertz 
(MHz). 
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Fig. 5-7. Block diagram. 


start to build this receiver, I am sure that you will find it comforting 
to know that if it ever became necessary, you could do it. 

This receiver, being a dual conversion type, has two local 
oscillators (LO) and two intermediate frequency amplifiers (IF). In 
this circuit we have to make our own HF LO, while both IF 
amplifiers and the MF LO are parts of the AM broadcast set. 

We also have to make six other circuits to support our BC set 
to make certain that our project winds up a real communication 
receiver. These are the HF radio frequency amplifier, 1 MHz 
amplifier, beat frequency oscillator (BFO), S-meter, crystal filter, 
and automatic noise limiter (ANL). 

When all the circuits are working together, their operation is 
spectacular for such a simple design. When the rf gain control is 
two thirds up, a 0.2 microvolt 7.1 MHz signal at the antenna 
connector will read 59. The receiver noise is too low under these 
conditions for me to make a measurement with the simple equip- 
ment available to me. 

All I can say about it is that I could hear only signal in the 
phones, and I just finished working F6ARC on 40 meters with no 
trouble at all. Any dual conversion birdies are less S2 and 
located so they are no bother. 

Drift and broadcast station feedthrough is nil. Each of the five 
bands can be selected by a front panel control and is 0.9 MHz wide. 
The 6 dB down bandwidth signal selectivity is 300 Hz with the 
phase control in the CW position, and 1.2 kHz in the SSB position. 
It is powered by a 9 V battery and the current drain is 30 mA. 
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3. WAVELENGTH 
A characteristic of any RF signal is wavelength. Wavelength is a measure of the 
physical distance between peaks of a sine wave propagated in space (Figure 2-2). 
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Figure 2-2. Radar Signal Wavelength 


Though wavelength is measured in meters, most radar signals have wavelengths 
measured in centimeters or millimeters. The wavelength of a radar signal can be 
computed using the equation shown in Equation 2-1. The relationship between 
wavelength and frequency is inverse: the higher the frequency, the shorter the 
wavelength. In early radio and radar terminology, wavelength was used instead of 
frequency to describe operating characteristics of a system. Today, wavelength is 
used to describe systems operating at very high frequencies, such as millimeter 
wave, and for describing infrared (IR) systems. 


c (Speed of Light 
Wavelength (1) = — (SP ght) 


f (Radar Frequency) 


Equation 2-1. Basic Wavelength Equation 


4. POLARIZATION 


Another characteristic of a radio frequency wave is polarization. Polarization is 
determined by the radar antenna and refers to the orientation of the RF wave as it 
travels through space. There are two types of polarization: linear and circular. 
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a. Traveling electromagnetic energy has two components: an electrostatic 
field and a magnetic field. These two fields are always perpendicular to each 
other and perpendicular to the direction of travel. The polarization of the wave is 
defined in terms of the orientation to the electrostatic field. Many radar antennas 
are linearly polarized, either vertically or horizontally. The signal depicted in 
Figure 2-3 is vertically polarized. 


Electrostatic Field 


Direction of 
Propagation 


Figure 2-3. Radar Signal Vertical Polarization 


b. Some radars use circular polarization to improve target detection in rain. 
Circular polarization can be right-hand, or left-hand orientation. For circular 
polarization, the direction of the electrostatic field varies with time and traces a 
circular locus about a fixed plane perpendicular to the direction of propagation. 
For a right-hand circular polarized signal, the electrostatic vector appears to 
rotate in a clockwise direction. For a left-hand circular polarized signal, the 
rotation is counterclockwise. Circular polarization can be visualized by pointing 
the thumb of either hand in the direction of propagation and curling the fingers in 
the direction of electrostatic field rotation (Figure 2-4). 
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Figure 2-4. Circular Polarization 


c. The impact of polarization on receivers and transmitters is fairly 
straightforward. If an antenna is designed to receive a particular polarization, it 
will have difficulty receiving a signal with an opposite polarization. This situation 
is defined as cross polarization (Figure 2-5). 
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Figure 2-5. Impact of Polarization 
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The impact of cross polarization on electronic combat can be dramatic. If a radar 
warning receiver antenna is polarized to receive vertically polarized signals, a 
threat system employing a horizontally polarized radar signal may not be 
detected, or may be displayed on the scope well after the threat has acquired the 
aircraft. In addition, if the jamming antenna on an electronic attack (EA) system is 
also vertically polarized, it may not be able to jam this system. Fortunately, this 
potentially lethal situation rarely occurs, but future threat systems may take 
advantage of this situation. Table 2-1 details the impact of polarization on 
selected transmit and receive antenna combinations. 


Table 2-1. Antenna Polarization Loss 


Transmit Antenna Receive Antenna 
Polarization Polarization 


Percent Lost 


Vertical or Horizontal Horizontal or Vertical 


fe Circular 
(right-hand or left-hand) 


Horizontal Horizontal 


o. 
we 
Horizontal Slant (45° or 135°) 
(Hah Hand or tethered 

Circular (right-hand) | Circular (right-hand) ¡PA 

Circular (right-hand) 
(right-hand or feft-nand | Slant (45° or 136°) 


9. DOPPLER EFFECT 


The “Doppler effect” takes advantage of the fact that the frequency of RF waves 
will be changed or shifted when reflected from a target moving relative to the 
radar. The shifted frequency of the returning RF wave depends on the movement 
of the aircraft in relation to the radar. In Figures 2-6, 2-7, and 2-8, fo is the 
transmitted frequency of the radar, and fi is the frequency of the reflected RF 
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wave from the target. For a stationary target, the frequency of the reflected signal 
will equal the frequency of the transmitted signal (Figure 2-6). 


Antenna Non-Moving 


Figure 2-6. Zero Doppler Effect — Stationary Target 


a. Fora target moving toward the radar, the frequency of the reflected signal 
will be higher than the transmitted signal (Figure 2-7). 


fo 
SIN 
Np f, <f, 
Closing Target 
Antenna 


Figure 2-7. Doppler Effect — Closing Target 


b. The reflected frequency for a target moving away from the radar will be 
lower than the transmitted frequency (Figure 2-8). 


Antenna 


Figure 2-8. Doppler Effect — Opening Target 
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6. ELECTROMAGNETIC SPECTRUM 


The portion of the electromagnetic spectrum (Figure 2-9) that today's electronic 
combat systems must deal with starts with radio waves and encompasses 
microwaves, infrared, and a small portion of the ultraviolet region. 
Communications systems generally operate in the HF, UHF, and VHF regions. 
Some satellite communications operate in the SHF region. Radars operate in the 
microwave region, normally from 0.2 — 200 gigahertz. Infrared systems operate in 
the region just below visible light. 
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Figure 2-9. Electromagnetic Spectrum 
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a. Table 2-2 lists prefixes commonly used to indicate scientific notation and 
their abbreviations. These prefixes are often used when dealing with extremely 
high frequency radar signals or RF waves with extremely small wavelengths. For 
example, when dealing with extremely high frequency RF, it is simpler to use 
gigahertz, or GHz. One gigahertz is one thousand megahertz (MHz). For example, 
a radar operating at 3150 MHz is also operating at an RF of 3.150 GHz. 


Table 2-2. Commonly Used Prefixes for Scientific Notation 


Unit Designations 


One Trillion 
One Billion 


One Million 


b. Frequency bands are often used when discussing radars and electronic 
combat systems. Radar designers use a frequency band designation system 
entirely different from the one used in electronic combat. Table 2-3 depicts both 
frequency band designation systems and the corresponding frequency ranges. 
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Table 2-3. Radar Frequency Band Designations 


EW Radar Design 
Frequency Band | Frequency Band 


0-250MHz | A | HFIVHE 
250-500MHz B | UHF 
A aa 


Frequency Range 


= 8-10 Gz | | © | X(8-12.5 GHz) 
10-20GHz | Ku (12.5-18 GHz) 

20-40 GHz K (18-26.5GHz) | 
40-60GHz | Ka(26.5-40 GHz) | 


| 40-100 Millimeter | 


60-100GHZ 


7. RF PROPAGATION 


Propagation characteristics of RF energy are profoundly affected by the earth's 
surface and atmospheric conditions. Any analysis of radar performance must 
take into account the propagation phenomena associated with RF radiation in a 
“real world” environment. The most important propagation phenomena include 
refraction, anomalous propagation (ducting), and attenuation. 


a. In a vacuum, RF waves travel in a straight line. However, RF waves 
propagating within the earth's atmosphere do not travel in a straight line. The 
earth's atmosphere bends, or refracts, RF waves. One impact of the atmospheric 
refraction of RF waves is an increase in the line of sight (LOS) of the radar. This 
increase in radar LOS effectively extends the range of the radar system 
(Figure 2-10). 
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Figure 2-10. Impact of Refraction on RF Propagation 


Atmospheric refraction of RF energy can also induce elevation measurement 
errors in radar systems (Figure 2-11). 
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Angular error 
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Figure 2-11. Impact of Refraction on Target Elevation Determination 


(1) The refraction of RF waves in the atmosphere is caused by the 
variation in the velocity of propagation with altitude. The index of refraction (n) is 
used to describe this velocity variation and is defined by Equation 2-2. 
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Velocity of Propagation in a Vacuum 


Index of Refraction (n) = 


Velocity of Propagation in the Atmosphere 


Equation 2-2. Index of Refraction 


(2) The term refractivity (N) is used for predicting the impact of refraction 
on RF wave propagation. Refractivity is a “scaled up” expression for the index of 
refraction and is used by radar designers to calculate the impact of refraction on 
actual radar systems. At normal radar operating frequencies, the refractivity for 
air containing water vapor can be computed using Equation 2-3. 


77.6 p 
T 


+ 


Refractivity (N) = (n-1)x 10° = 


n = index of refraction e = partial pressure of water vapor 
p = barometric pressure T = absolute temperature (degrees K) 


Equation 2-3. Refractivity of RF Waves (Normal Radar Frequencies) 


(3) As altitude increases, the barometric pressure and water vapor content 
decrease rapidly. At the same time, the absolute temperature decreases slowly 
based on the standard lapse rate. Using Equation 2-3, it can be seen that the 
refractivity of the atmosphere decreases with increasing altitude. This decrease 
in refractivity means that the velocity of RF waves increases with altitude. The 
result is a downward bending, or refraction, of RF waves as depicted in Figure 
2-10. RF wave refraction primarily affects ground-based radar systems at low 
antenna elevation angles, especially at or near the horizon. For most radar 
applications, refraction is not a factor at elevation angles above 5 degrees. 


b. The term anomalous, or nonstandard, propagation is used to describe 
atmospheric conditions that extend the propagation of RF waves and increase 
radar range. The most common anomalous propagation phenomena is called 
superrefraction, or ducting. 


(1) A superrefracting duct is formed when the refractivity of the 
atmosphere (Equation 2-2) rapidly decreases with altitude. Based on Equation 
2-2, this occurs when the temperature increases with altitude and/or the water 
vapor content decreases with altitude. An increase in temperature with altitude is 
called a temperature inversion. To produce a duct, the temperature inversion 
must be very pronounced. 
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Figure 2-12. Superrefracting Surface Duct 


(2) A superrefracting duct acts like a wave guide which traps the RF wave 
(Figure 2-12). This channels the radar signal and reduces attenuation. In order for 
an RF wave to propagate within a duct, the angle of the radar signal, in relation to 
the duct, should be less than one degree. The RF waves trapped by the duct take 
advantage of the decrease in refractivity and travel much further than normal. 
This can greatly extend the range of a radar system. 


(3) The extension of radar range inside a duct can result in a reduction of 
radar coverage outside the duct. The area of reduced radar coverage because of 
ducting is called a radar hole. Due to radar holes, the extended radar range 
caused by ducting may result in a decrease in radar coverage along other paths 
of propagation. These holes can seriously degrade the effectiveness of early 
warning radar systems. For example, a radar system is taking advantage of a duct 
formed at the surface to extend low altitude radar range (Figure 2-12). Airborne 
targets flying just above the duct would normally be detected, but because of 
ducting, these targets may be missed. 


(4) Water vapor content is a significant factor in producing ducts. 
Consequently, most ducts are formed over water and in warm climates. Any 
atmospheric phenomenon that results in a pronounced increase in temperature 
and/or a decrease in water vapor content as altitude increases can generate a 
superrefracting duct, of which there are three types. A superrefracting duct which 
is formed just above the surface of the earth is referred to as a surface duct. A 
surface duct formed just above the surface of the ocean is called an evaporation 
duct. A duct which is formed well above the surface of the earth is known as an 
elevated duct. 


(a) Surface ducts formed over land are usually a result of the nighttime 
radiation of heat from the earth. Duct formation is especially prevalent during the 
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summer months when the ground is moist. As the earth loses heat, a temperature 
inversion is created at the surface coupled with a sharp decrease in the moisture 
content. These conditions are favorable to the formation of a surface duct. A 
superrefracting duct can also be produced by the diverging downdraft under a 
thunderstorm. The cool air that is dispersed creates a local temperature inversion 
while the water vapor content decreases due to rain. Surface ducts formed in 
conjunction with thunderstorms are difficult to predict and normally persist for a 
short period of time. 


(b) A superrefracting surface duct that lies just above the surface of 
the ocean is a result of evaporated water, thus the term evaporation duct. The air 
in contact with the ocean is saturated with water vapor, while the air several feet 
above the ocean contains a much lower level. This rapid decrease in water vapor 
pressure with an increase in altitude creates an evaporation duct. An evaporation 
duct exists over the ocean almost all the time. The height of this duct varies from 
20 to 100 feet based on the season, time of day, and wind speed. One positive 
aspect of an evaporation duct is the extended range available to a shipborne 
radar system with a properly aligned antenna. This extended range coverage 
against surface ships and low altitude aircraft is a definite advantage of ducted 
propagation. 


(c) An elevated duct is generally formed by a temperature inversion in 
the upper atmosphere. To take maximum advantage of the increased radar range 
inside an elevated duct, both the radar and the target should be inside the 
elevated duct. In addition, radar systems operating below an elevated duct may 
also experience enhanced range performance. 


(4) The presence of surface ducts and elevated ducts, especially over land, 
are extremely difficult to predict and may persist for very short periods of time. 
The atmospheric conditions favorable to duct formation are difficult to predict 
using conventional weather forecasting techniques. 


c. The attenuation of RF energy in a clear atmosphere is due to the presence 
of oxygen and water vapor. Attenuation results when a portion of the RF energy 
strikes these molecules and is absorbed as heat. Figure 2-13 details the RF 
attenuation loss due to atmospheric gasses based on the frequency of the RF 
energy. 
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Figure 2-13. RF Atmospheric Attenuation 


(1) At frequencies below 1 GHz, the effect of atmospheric attenuation is 
negligible. Above 10 GHz, atmospheric attenuation increases dramatically. This 
dramatic signal loss impacts the maximum detection range of radars operating in 
the millimeter wavelength band. 


(2) RF energy attenuation decreases as altitude increases. The RF 
attenuation experienced by an air-to-air radar will depend on the altitude of the 
target as well as target range. For a ground-based radar, RF attenuation will 
decrease as antenna elevation increases. 


8. SUMMARY 


Since all radar operations depend on the transmission and reception of RF 
energy, a basic knowledge of RF frequency, wavelength, and polarization 
provides the basis for understanding the more complex radar characteristics. 
Since most modern radar systems employ some form of Doppler signal 
processing, the concept of the Doppler effect is fundamental to understanding 
modern radar operation. The concepts of refraction, anomalous propagation 
(ducting), and atmospheric attenuation are key to understanding how RF waves 
propagate in the atmosphere. The topics in this chapter provide a foundation for 
understanding radar and jamming system operation. 
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CHAPTER 3. RADAR SIGNAL CHARACTERISTICS 


1. INTRODUCTION 


Every radar produces a radio frequency (RF) signal with specific characteristics 
that differentiate it from all other signals and define its capabilities and 
limitations. Pulse width (pulse duration), pulse recurrence time (pulse repetition 
interval), pulse repetition frequency, and power are all radar signal characteristics 
determined by the radar transmitter. Listening time, rest time, and recovery time 
are radar receiver characteristics. An understanding of the terms used to 
describe these characteristics is critical to understanding radar operation. 


2. PULSE WIDTH (PW) 

Figure 3-1 depicts the output from a typical pulse radar. PW, sometimes called 
pulse duration (PD), is the time that the transmitter is sending out RF energy. PW 
is measured in microseconds. It has an impact on range resolution capability, 
that is, how accurately the radar can discriminate between two targets based on 
range. 
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Figure 3-1. Typical Radar Pulse 


3. PULSE RECURRENCE TIME (PRT) 


Pulse recurrence time is also known as pulse repetition time. PRT is the time 
required for a complete transmission cycle. This is the time from the beginning of 
one pulse of RF energy to the beginning of the next. PRT is measured in 
microseconds. PRT is the same as pulse repetition interval (PRI), which is used in 
radar warning receivers and other electronic warfare support (ES) assets to 
discriminate between radar systems. It also affects maximum radar range. 
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4. PULSE REPETITION FREQUENCY (PRF) 


One of the most important characteristics of a pulse radar signal is pulse 
repetition frequency. PRF is the rate at which pulses or pulse groups are 
transmitted. Generally, PRF is the number of pulses generated per second and is 
expressed in hertz (Hz). PRF and PRI are related in that PRI is the inverse of PRF. 
A word of caution—do not confuse the operating frequency of the radar, which is 
measured in Hz, with the pulse repetition frequency, which is also measured in 
Hz. They are entirely different characteristics of a pulsed radar signal. 
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Figure 3-2. Constant PRF Radar Pulse 


a. A pulse radar operating at an unvarying PRF is called a constant PRF radar 
(Figure 3-2). Pulse radar systems can employ PRF stagger or PRF jitter as an 
electronic protection (EP) technique against repeater or synchronous jammers. 
The time between each pulse is the PRI. 
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Figure 3-3. PRF Stagger 


3-2 


Electronic Warfare Fundamentals Chapter 3. Radar Signal Characteristics 


b. PRF stagger is accomplished by assuring that no adjacent PRIs are equal. 
The number of different PRIs generated is called the “position” of the stagger. 
Two-position stagger would have two PRI values, for example, 300 microseconds 


and 500 microseconds (Figure 3-3). 


c. PRF jitter may be considered a random stagger. It is also an EP technique 
to counter synchronous jammers. PRF jitter has no repeating pattern of PRI 


values (Figure 3-4). 


Amplitude 


Figure 3-4. PRF Jitter 


5. RADAR RECEIVER CHARACTERISTICS 

Pulse repetition frequency, pulse recurrence time, and pulse width are 
determined by the transmitter. The pulse radar signal characteristics that relate to 
receiver operation are rest time, recovery time (RT), and listening time (LT) 


(Figure 3-5). 
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Figure 3-5. Basic Radar Pulse 
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a. Rest time is the time between the end of one transmitted pulse and the 
beginning of the next. It represents the total time that the radar is not 
transmitting. Rest time is measured in microseconds. 


b. Recovery time (RT) is the time immediately following transmission time 
during which the receiver is unable to process returning radar energy. RT is 
determined by the amount of isolation between the transmitter and receiver and 
the efficiency of the duplexer. A part of the high power transmitter output spills 
over into the receiver and saturates this system. The time required for the 
receiver to recover from this condition is RT. 


c. Listening time (LT) is the time the receiver can process target returns. 
Listening time is measured from the end of the recovery time to the beginning of 
the next pulse, or PRT minus (PW + RT). Listening time is measured in 
microseconds. 


6. DUTY CYCLE 


Duty cycle is the ratio of the time the transmitter operates to the time it could 
operate during a given transmission cycle. The duty cycle of a radar can be 
computed by dividing the PW by the PRT, or by multiplying the PW times the 
PRF. Duty cycle has no units (Equation 3-1). CW radars have a duty cycle of 
100%, while early warning radars may have a duty cycle of around 1%. 


Duty Cycle = = or Duty Cycle = PW x PRF 


Equation 3-1. Duty Cycle 


7. PEAK POWER 


The power output of a radar is normally expressed in terms of peak power or 
average power (Figure 3-6). Peak power is the amplitude, or power, of an 
individual radar pulse. It is simply the power, measured in watts or megawatts, 
that is radiated when the transmitter is on. The power a radar transmits is 
normally used to determine the maximum detection range of that radar. However, 
it is the energy in a radar pulse that determines maximum radar detection range. 
Since power is the rate of flow of energy, the energy in a radar pulse is equal to 
the peak power multiplied by the time the radar is transmitting, or pulse width 
(Equation 3-2). 
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Average Power = Peak Power x (PW/PRT) 
Energy = Average Power x PRT 


Figure 3-6. Peak Power and Average Power 


Energy Per Pulse = Peak Power x Pulse Width 


Equation 3-2. Energy Per Pulse 


8. AVERAGE POWER 


Average power is the power distributed over the pulse recurrence time. It can be 
computed using the formula in Figure 3-6. The energy transmitted by average 
power can be computed by multiplying average power by PRT. Since the energy 
in a set of pulses determines detection range, average power or energy provides 
a better measure of the detection range of a radar than does peak power. Average 
power can be increased by increasing the PRF, by increasing the pulse width, or 
by increasing peak power (Figure 3-7). 
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Figure 3-7. Radar Power and Energy 


9. MODULATION 


The characteristics of an RF signal must be changed in order to transmit 
information on the signal. This process is called modulation. Modulation is 
accomplished by combining a basic RF signal, called a carrier wave, with a 
modulating signal that contains the desired information. The resulting waveform 
is then used to transmit the desired information. 


a. One basic modulation technique is amplitude modulation (AM). The carrier 
wave is combined with a modulating signal containing information of varying 
amplitude. Waveforms produced have the same frequency as the carrier wave but 
with a varying amplitude based on the information from the modulating signal. 
AM is used extensively in communications and broadcast radio transmissions 
(Figure 3-8). 


Amplitude 
Carrier ianal Modulated 
signa Waveform 


Modulating 


Figure 3-8. Amplitude Modulation 
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b. Frequency modulation (FM) is another means of impressing information on 
a carrier wave. Frequency modulation is accomplished by combining the carrier 
wave with a modulating signal containing information of varying frequency. The 
waveform produced has the same amplitude as the carrier wave, but the 
frequency varies based on the information from the modulating signal 
(Figure 3-9). FM is used extensively in communications and commercial radio. FM 
is also used with continuous wave (CW) radars to make them more resistant to 
jamming and to add range determination capability. 


lati Frequency 
Carrier red Modulated 


Waveform 


Figure 3-9. Frequency Modulation 


c. A type of amplitude modulation known as pulse modulation (PM) is used in 
pulse radars to produce the short, powerful bursts of RF energy. PM combines 
the carrier wave with a rectangular pulse that acts like a switch. PM turns the 
transmitter on, leaves it on for a predetermined time, and then turns it off. The 
result is a waveform that produces radar pulses that can be used to measure 
range and angle to the target (Figure 3-10). 


Pulse 


Carrier os Modulated 


Waveform 


Figure 3-10. Pulse Modulation 
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Circuit Description 

The transistor AM broadcast set just keeps on doing what it 
did before we bolted it to the front panel—changing .55 MHz to 1.6 
MHz rf to sound at the speaker or phones—so there is no need to 
describe it any further. Figure 5-7 shows how it works in our 
receiver and is supported by the outboard circuits. These will be 
described in detail because each is unique in this receiver. 

Starting from the antenna connector, Fig. 5-8, the 
bandswitch, S1, selects one of the rf transformers. T1-T5. They 
are broadband-tuned to the center of the desired frequency range. 
Therefore, all the signals in the frequency range selected appear at 
the gate of rf amplifier Q1. Here they are amplified as much as 
possible without adding noise to the output. By using a low noise 
MOSFET for this amplifier, the receiver signal-to-noise ratio is 
greatly improved. 

To prove this point without a lot of math, it is logical that if the 
rí signal is made greater, the following gain controls will have to be 
turned down to yield the same output that was present before 
amplification. If noise was not added in the amplifying process, all 
the frying sounds generated by these turned down stages will be 
much less. 

The output of the rf amplifier is inductive coupled to the gate 
coil of the converter transformer, T6-T10, and selected by the 
bandswitch, which, also through other poles, applies this signal to 
gate 1 of the HF converter Q2 (along with the HF LO output to gate 
2). 

The HF LO is crystal controlled for stability and uses FT-243 
type crystals. The 20 meter, WWV, and 15 meter bands are at a 
frequency higher than that at which these crystals will oscillate, so 
a multiplier is used to double or triple their fundamental output 
when the bandswitch is in these positions. This multiplier is aclass 
C ampiifier whose output is tuned to the selected frequency with rf 
chokes and fixed capacitors. 

Now things really start to happen. While the converter Q2 is 
doing what is natural, its output is areal mess of signals, and we are 
only interested in the ones that are the difference between the LO 
and rf frequencies. 

The unwanted signal that will cause the most harm is the very 
strong one at the LO frequency. If it gets into the BC set loop stick, 
overloading will take place and there will be birdies all over the 
bands. To stop this LO feedthrough, the converter output is fil- 
tered by using a well shielded oscillator coil T11 (Fig. 5-9), re- 
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10. SUMMARY 


The radar signal characteristics of PW, PRI, PRF, and power determine the 
maximum range and the range resolution capability of a specific radar. When 
combined with the frequency of the carrier wave of the radar signal, these 
parameters provide a unique signature to identify a specific radar signal. 
Modulation is the method used to put information on an RF carrier wave. The 
primary modulation techniques used in radar signal generation include 
amplitude, frequency, and pulse modulation. The radar signal characteristics of 
PRF, PRI, power, and modulation are the keys to understanding radar operation 
and jamming techniques. 
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CHAPTER 4. RADAR SYSTEM COMPONENTS 


1. INTRODUCTION 


The individual components of a radar determine the capabilities and limitations of 
a particular radar system. The characteristics of these components also 
determine the countermeasures that will be effective against a specific radar 
system. This chapter will discuss the components of a basic pulse radar, a 
continuous wave (CW) radar, a pulse Doppler radar, and a monopulse radar. 


2. PULSE RADAR SYSTEM 


The most common type of radar design is the pulse radar system. The name 
describes a process of transmitting discrete bursts of RF energy at the frequency 
of the radar system. The time that pulses are transmitted determines the pulse 
repetition frequency (PRF) of the radar system. A pulse radar system can figure 
out range and azimuth. Range is determined by the time that it takes a pulse to go 
to a target and return. Target azimuth is determined by the relative position, or 
antenna orientation, when the pulse strikes the target. Figure 4-1 is a basic block 
diagram of a simple pulse radar system. 


Transmitter 
Group 


sT 
y a Duplexer Master Timer 
ESA 


(synchronizer) 


Ja I 
Antenna | Receiver : 
DEAN Group 
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Figure 4-1. Pulse Radar Block Diagram 


a. The purpose of the transmitter is to deliver a series of high-energy bursts 
of radio frequency (RF) energy to the antenna. The transmitter group of a modern 
pulse radar normally consists of a pulse generator or waveform generator, a 
modulator, and some kind of power amplifier (Figure 4-2). 


(1) The purpose of the waveform generator is to generate the proper 
waveform or pulse, normally at a low power level, before delivery to the 
modulator. It is much easier to generate complex waveforms at a lower power 
level. These complex waveforms are required for coherent systems employing 
digital moving target indicator techniques and for pulse Doppler radar operations. 
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Transmitter 
Group 


Power Modulo, Waveform 
Amplifier crested Generator 


Figure 4-2. Transmitter Group 


(2) The modulator is a major portion of the transmitter. The modulator 
provides an extremely powerful, very short pulse of direct current (DC) voltage to 
the power amplifier. This is similar to the ignition system of an automobile but 
with very stringent requirements. The modulator has an energy storage device 
and a switch. Between pulses, during the resting time of the transmitter, energy is 
accumulated and stored in the storage device. When keyed by the master timer, 
all this energy is switched to the power amplifier as a pulse. The waveform of this 
pulse is determined by the waveform generator. 


(3) The power amplifier for a modern radar is normally a klystron, traveling 
wave tube, cross field amplifier, or solid state amplifier. Most common pulse 
radars use a klystron power amplifier. No matter what power amplifier is used, the 
purpose of the transmitter group is to produce a series of pulses at the correct 
amplitude, at the proper interval, with the exact waveform, and at the operating 
frequency of the radar. 


b. A duplexer is required when both the transmitter and receiver use the same 
antenna. The duplexer acts as a rapid switch to protect the sensitive receiver 
from damage when the high-power transmitter is on. When the transmitter is off, 
the duplexer directs the weak target signals to the receiver. The duplexer's main 
purpose is to minimize power loss and maximize isolation. Power lost in the 
duplexer during transmission reduces the maximum detection range of the radar. 
Isolation refers to the amount of transmitter power that “bleeds through” the 
duplexer to the receiver during transmission. This “bleed through” must be 
extremely small to avoid receiver saturation or damage. 


c. The capabilities of the receiver group are critical to radar performance 
(Figure 4-3). The ability of the radar receiver to detect the presence of the target 
return and extract the required information is limited primarily by noise. Noise 
can enter the receiver through the antenna along with the target return. This type 
of noise is called external noise. Noise generated within the receiver is called 
thermal noise. Radar noise can never be completely eliminated. Minimizing noise 
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is the most important consideration in the design of the sensitive receivers used 
with modern radars. In addition, relative immunity to noise makes a radar system 
more resistant to jamming. 


Receiver 


IF IF 


hi pee Detect 
Amplifier Amplifier Re A! 


Video 


Local Video 
Oscillator Amplifier 


Figure 4-3. Receiver Group 


(1) The most common pulse radar receiver is the superheterodyne 
receiver. A superheterodyne receiver consists of an RF amplifier, a mixer and 
local intermediate frequency (IF) amplifier, a detector, and a video amplifier. 


(2) Radar target returns enter the receiver group via the antenna and 
duplexer. Since these signals are normally very low power, the RF amplifier 
boosts the signal gain and filters out as much external noise as possible. The 
capability of the RF amplifier to minimize noise determines the receiver 
sensitivity. The boosted RF signal is sent to the mixer where it is converted to a 
lower IF. This is accomplished by mixing the RF signal with the signal from the 
local oscillator to produce an IF that is easier to process. The IF amplifier 
increases the IF signal level and includes a matched filter. The matched filter 
maximizes the signal-to-noise ratio which enhances detection of the target return. 
The detector, which is usually a crystal diode, extracts the video modulation from 
the IF or converts the IF to a video signal. 


d. The brain of a basic pulse radar is the master timer, or synchronizer, which 
coordinates the operation of the various parts of the radar (Figure 4-4). Exact 
timing within the radar is necessary to get accurate range. The master timer is an 
oscillator that triggers the transmitter to initiate transmission of a pulse. 
Simultaneously, the master timer sends a signal to initialize the display to ensure 
that range and azimuth information is accurately displayed. 
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Figure 4-4. Master Timer/Synchronizer 


e. The function of the antenna during transmission is to concentrate the radar 
energy from the transmitter into a shaped beam that points in the desired 
direction (Figure 4-5). During reception, or listening time, the function of the 
antenna is to collect the returning radar energy contained in the echo signals, 
and deliver these signals to the receiver. Radar antennas are characterized by 
directive beams that are usually scanned in a recognizable pattern. 


Figure 4-5. Parabolic Antenna 


f. The purpose of the radar display is to take the information derived from a 
radar target in the receiver group and present it to the operator in a usable 
format. There are many different types of scope displays depending on the 
purpose of the radar and how the radar information is to be used. There are four 
basic types of radar displays: the A scope, B scope, range height indicator (RHI) 
scope, and plan position indicator (PPI) scope. 
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(1) The A scope is used to display target range or velocity (Figure 4-6). 
Threat systems using A scope displays include air interceptors (Als) with 
range-only radar, surface-to-air missiles (SAMs), and radar-directed antiaircraft 
artillery (AAA) systems. SAM and AAA systems may use the A scope for range or 
velocity information, and other radar displays for azimuth and elevation data. The 
A scope displays range or velocity in relation to amplitude. The operator must 
distinguish the target return from other returns, including ground return and 
noise. 


Ground Return 


Target 


Amplitude 


Figure 4-6. A Scope Display 


(2) The B scope is used to display target range and azimuth (Figure 4-7). 
Threat systems using B scope displays include Al and SAM systems. The 
position of the target return to the right or left of the centerline of the screen 
shows the azimuth of the target. The position of the target return in relation to the 
bottom of the display, or zero range, shows target range. 


60° 


Figure 4-7. B Scope Display 
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(3) The RHI scope is used to display range and elevation (Figure 4-8). The 
RHI scope is used with height finder radars, and a modified RHI scope is used for 
ground-controlled approach (GCA) radars. The sweep trace of the display 
produces a fan-shaped display with the vertex at the lower left of the scope. The 
antenna sweeps up and down and is synchronized with the display. 


Elevation 


Figure 4-8. RHI Scope Display 


(4) The PPI display is probably the best known radar display (Figure 4-9). 
The display represents a map picture of the area scanned by the radar beam, 
usually 360 degrees. The PPI display is used by early warning, acquisition, 
ground-controlled intercept (GCI), and SAM radar systems. The target return's 
angular position shows target azimuth, while distance from the center of the 
display shows range. 


Dead Astern 
Figure 4-9. PPI Scope Display 
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3. CONTINUOUS WAVE (CW) RADAR 


A continuous radar transmission from the antenna requires that classic CW 
radars have two antennas, one for transmission and one for reception 
(Figure 4-10). Since a continuous transmission results in a continuous echo 
signal, it is impossible to tell what part of the echo is associated with any 
particular part of the transmission. This makes conventional range determination 
(based on timing) impossible. However, the simple application of the Doppler 
principle provides a means for a CW radar to track a target. The Doppler principle 
deals with the fact that a radar return from a moving target will be shifted in 
frequency by an amount proportional to its radial velocity relative to the radar 
site. Using the difference in frequency from the transmitted signal to the received 
signal, a CW radar can separate the target return from clutter, based on a change 
in frequency. This type of radar is called a CW Doppler radar. 
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Figure 4-10. Continuous Wave Radar 


a. Figure 4-11 depicts a basic CW Doppler radar. In a simple CW Doppler 
radar, the transmitter transmits a continuous signal at the radar's operating 
frequency. This signal is reflected by a moving target and travels back to the 
receiving antenna. The frequency of the reflected signal (fy) is the frequency 
change due to the Doppler effect. This target frequency is passed to the detector. 
The transmitted frequency (f.) is also fed to the detector as a reference. The 
detector notes the difference between the transmitted and received frequencies 
and passes this frequency to the Doppler filters. The Doppler filters only allow 
Doppler frequencies within a certain range to pass through. A filter is required for 
each Doppler frequency. The number of Doppler filters determines the number of 
targets that the radar can resolve in velocity. 
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Detector 


Transmitter 


Figure 4-11. Basic CW Doppler Radar 


b. The output of each Doppler filter is amplified and passed to its own display. 
The display is normally an A scope as shown in Figure 4-12. 
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Figure 4-12. CW Doppler Radar Display 
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4. PULSE DOPPLER RADAR 


Pulse Doppler radars combine the advantages of both pulse and Doppler radar 
systems (Figure 4-13). Because the signal is pulsed, the radar can determine 
range, azimuth, and elevation, similar to a conventional pulsed radar. A pulse 
Doppler radar can also compute overtake, or rate of closure, relative to the radar 
system on a pulse-to-pulse basis. Pulse Doppler radars also use multiple PRFs to 
eliminate target eclipsing and for range determination in medium PRF. The beauty 
of a pulse Doppler radar is that it eliminates ground clutter and provides range, 
azimuth, and velocity resolution. 


CW 
Radar 


Pulsed 


Doppler 
Radar 


Velocity Range 
Tracking Tracking 


Figure 4-13. CW and Pulse Doppler Radar Comparison 


a. A pulse Doppler radar transmits a box, or pulse, of coherent RF energy at 
the operating frequency of the radar. The frequency inside these boxes reacts the 
same way as the continuous waves of a CW radar. However, since the RF waves 
are pulsed, range determination can be accomplished by measuring the time it 
takes for the reflected pulse to return from the target. Velocity determination and 
tracking are accomplished by capturing and quantifying the Doppler shift of the 
frequencies in each box or pulse. 


b. The basic block diagram of a coherent pulse Doppler radar (Figure 4-14) is 
similar to a pulse radar except for the addition of an exciter, a radar computer, 
and a digital signal processor. The exciter generates a continuous stable low 
power signal at the desired frequency and phase for the transmitter. It also sends 
this signal as a reference to the receiver. The digital signal processor performs 
the adding and subtracting functions required to find, track, and sort targets with 
respect to velocity and range. The radar computer performs all routine functions 
of the radar such as changing modes and accounting for aircraft flight 
parameters. 
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moved from another BC set, and tuning it with a fixed capacitor to 
about 1 MHz. 

Because of a long coaxial cable run to this improvised trans- 
former, Z1 was fabricated to swamp any VHF parasitics that might 
develop. The base of the 1 MHz amplifier Q5 is connected to the 
pick-up coil in T11, resulting in a clean converted signal being 
amplified. It produces a strong field around rf choke L8, which is 
tuned to about 0.8 MHz with fixed capacitors. 

This choke is mounted close to the BC receiver loop stick so 
its field will be picked up with little attenuation. Strong spurious 
signals (birdies) are unacceptable. Therefore, the importance of 
keeping the HF LO signal out of the BC set, and the BC LO signal 
out of the HF rf amplifier cannot be overemphasized. Most of the 
receiver shielding and parts placement was made to achieve this 
isolation. 

The broadcast receiver is now able to tune and detect the 
different HF signals that have been converted to frequencies that 
are within its range. It is still not ready to be used for a reliable 
contact, because it needs at least a beat frequency oscillator and 
more selectivity. 

The BFO is a series-tuned Colpitts type. It uses a transistor 
BC set IF transformer for the frequency controlling element and a 
front panel controlled capacitor to vary the pitch. Its output is taken 
from the small untuned winding in the IF transformer. 

The receiver's fine selectivity is achieved by connecting a 
crystal filter between the collector of the BC set's first IF amplifier 
transistor and its output transformer. To implement this, the 
collector lead is disconnected from its original place, and recon- 
nected through a coaxial cable to another identical IF transformer 
located on the Y MHz crystal filter and ANL circuit board (Fig. 
5-10). 

This transformer, T12 provides the input for the FT-241 low 
frequency crystal Y6 and the 180 degree out-of-phase signal for the 
phase control C20. When C20 is critically adjusted from the front 
panel, stray signals shunted around Y6 are canceled and the filter 
output has an extremely narrow bandwidth. 

When it is closed, it sends a strong signal around Y6 and the 
bandwidth is useful for SSB communication. The output of Y6 is 


Fig. 5-9. Shielded oscillator coil. | 


183 


Chapter 4. Radar System Components Electronic Warfare Fundamentals 


Antenna 


Exciter | Transmitter 


Radar | Duplexer 


y 


Computer 


Radar Receiver 
Display Signal Protector 


‘ Processor 
ER y 


Receiver 


Figure 4-14. Basic Pulse Doppler Radar Diagram 


9. MONOPULSE RADAR 


The primary functions of monopulse radars include target tracking and weapon 
guidance. Monopulse radars were developed to overcome the limitations and 
jamming susceptibility of scanning radar systems. A monopulse radar typically 
receives returned radar energy in two, three, or four separate receivers, or 
channels, each looking at a different area. By comparing the returns from each 
receiver, track errors can be determined. For example, in Figure 4-15, this radar 
compares the amplitude, or signal strength, in each channel. Obviously, an 
aircraft in area “A” will produce a stronger return in receiver “A” since that 
receiver is focused in that direction. Since this type of system uses signal 
strength to determine position, typical noise jamming will only highlight an 
aircraft” position. Other coherent radars can measure phase differences verses 
the amplitude differences used in the last example. If a signal is directly ahead of 
the antenna, each quadrant will receive the returned signal at exactly the same 
time and therefore the same exact phase. However, if a return is off-center, the 
returned signal will strike part of the antenna slightly ahead of the opposite side 
and each quadrant will measure a different phase. This phase difference is used 
to determine azimuth error. 
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Figure 4-15. Monopulse Radar 


a. Monopulse radars operate by comparing the amplitude or the phase of the 
received signal in each of the transmitted beams. A complex set of comparator 
circuits, called magic T's, do the addition and subtraction of the received signals 
based on the orientation of the magnetic field, or H-plane, and the electrostatic 
field, or E-plane (Figure 4-16). The received signal from antenna A enters the 
magic T in the H-plane arm while the signal from antenna B enters the magic T in 
the E-plane arm. 


H-Plane Arm 


E-Plane Arm 


Figure 4-16. Monopulse Magic T’s 


b. Figure 4-17 depicts the output of a magic T. Output is the sum and 
difference of the two input signals. These sum and difference values, in amplitude 
or phase, are used to generate azimuth and elevation error signals and to 
compute range. 


Chapter 4. Radar System Components Electronic Warfare Fundamentals 


(A - B) ER 
= -B 


(Difference) 


Figure 4-17. Magic T Output Signals 


c. These sum and differences computed by the magic T's are sent as signals 
to the monopulse tracking servos to generate both azimuth and elevation 
corrections to keep the monopulse antenna centered on the target (Figure 4-18). 
Target range is computed by calculating the difference of signal transmission 
time with the reception time of the target echo. Range information is displayed to 
the operator for range tracking. 
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Figure 4-18. Monopulse Radar Track 
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d. If the signal in antenna A equals the signal in antenna B, equals the signal 
in antenna C, and equals the signal in antenna D, the target is in the center of the 
four radar beams (Figure 4-19). This is the condition the monopulse tracker 
attempts to maintain when tracking a target. 


Figure 4-19. Monopulse Radar Track Logic 


6. SUMMARY 

This chapter has discussed the basic components of a simple pulse radar, a 
continuous wave radar, a pulse Doppler radar, and a monopulse radar. The 
characteristics of these components determine the capabilities and limitations of 
a particular radar system. 
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CHAPTER 5. RADAR PRINCIPLES 


1. INTRODUCTION 


The primary purpose of radar systems is to determine the range, azimuth, 
elevation, or velocity of a target. The ability of a radar system to determine and 
resolve these important target parameters depends on the characteristics of the 
transmitted radar signal. This chapter explains the relationship of radar frequency 
(RP), pulse repetition frequency (PRF), pulse width (PW), and beamwidth to target 
detection and resolution. 


2. RADAR RANGE 


A basic pulse radar system consists of four fundamental elements: the 
transmitter, the receiver, the antenna, and the synchronizer, or master timer. 


a. The transmitter, through the antenna, sends out a pulse of RF energy at a 
designated frequency. The presence of a target is revealed when the RF energy 
bounces off the target, returns to the radar antenna, and goes into the receiver 
(Figure 5-1). The master timer measures the time between the transmission of a 
pulse and the arrival of a target echo. 


Figure 5-1. Basic Radar Pulse 


(1) RF energy travels at the speed of light (c) which is 3 x 10% meters per 
second. Target range can be computed by using the basic radar range 
determination equation (Equation 5-1). 
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Measured Time x Speed of Light (c) 


Target Range = r 


Equation 5-1. Basic Radar Range Determination Equation 


(2) Another useful measurement is the radar mile, which is the round trip 
time for an RF wave to travel to and from a target one nautical mile away (Figure 
5-2). Solving the radar range equation for time results in Equation 5-2. 
Substituting the appropriate values into the equation and solving for time gives 
measured time of 12.4 microseconds for a one nautical mile (1853 meters) round 
trip. 


Figure 5-2. Radar Mile 


Target Range x 2 1853 meters x 2 


Measured Time = = = —————— = 12.4 usec 
Speed of Light (c) 3 x 10° meters/second H 


Equation 5-2. Radar Mile 
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(3) A limitation on radar detection range is the concept of a second time 
around echo. A second time around echo occurs when a target echo associated 
with a particular radar pulse arrives at the antenna after another radar pulse has 
been transmitted. The radar master timer always assumes the target echo is 
associated with the last pulse transmitted. This makes the target echo ambiguous 
in range. Figure 5-3 depicts a radar signal with a pulse recurrence time (PRT) of 
248 microseconds. Radar pulse A takes 372 microseconds to travel to the target 
and return. Using the range determination equation, actual target range is 30 
nautical miles (nm). However, before the target echo returns to the antenna, radar 
pulse B is transmitted. The master timer associates the target echo of pulse A 
with radar pulse B, and calculates a target range of 10 nm. This ambiguous and 
false range is displayed to the operator. 


Actual Range Sweep 
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Apparent 
Range 
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Echo from Pulse A 
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Figure 5-3. Second Time Around Echo 


(4) Range ambiguities caused by second time around echoes limit the 
maximum unambiguous range of a radar system. This important capability can be 
calculated by using Equation 5-3. An analysis of this equation shows that a radar 
system designed for long-range detection should transmit a radar signal with a 
large PRT. In addition, as the PRF of a radar signal increases, the PRT decreases, 
and the maximum unambiguous range decreases. 
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PRT (usecs) 


Maximum Unambiguous Range = 


12.4 (usecs/nm) 


Equation 5-3. Maximum Unambiguous Range 


b. A critical aspect of range determination is range resolution. Range 
resolution is the ability of a radar to separate two targets that are close together 
in range and are at approximately the same azimuth (Figure 5-4). The range 
resolution capability is determined by pulse width. Pulse width is the time that the 
radar is transmitting RF energy. Pulse width is measured in microseconds. 
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Physical Length of the Pulse Width = PW (usec) x 984 ft/sec 


Figure 5-4. Radar Pulse 


(1) A radar pulse in free space occupies a physical distance equal to the 
pulse width multiplied by the speed of light, which is about 984 feet per 
microsecond. If two targets are closer together than one-half of this physical 
distance, the radar cannot resolve the returns in range, and only one target will 
be displayed. 
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(2) To illustrate range resolution, consider Figure 5-5, in which two aircraft 
are separated by a distance of one-half the pulse width or less. At T1, the leading 
edge of the radar pulse hits the lead aircraft. 


ae 


Figure 5-5. Radar Pulse at T1 


(3) In Figure 5-6, at T2 the leading edge of this same pulse hits the trailing 
aircraft. Since the trailing aircraft is less than one-half the pulse width from the 
lead aircraft, the return echo from the lead aircraft is received by the antenna 
before the entire pulse has left the trailing aircraft. 
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Figure 5-6. Radar Pulse at T2 
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(4) T3 depicts the merging target echoes at the radar (Figure 5-7). The 
radar would display only one target in this situation, such as the one shown on 
the radar scope in Figure 5-6. 


Echos Merge 


Figure 5-7. Radar Pulse at T3 


(5) Two targets separated by more than one-half the pulse width, as in 
Figure 5-8, will be displayed as two targets. In this case, the transmitted pulse is 
completely past the lead aircraft before the return echo from the trailing aircraft 
reaches the antenna. 


A Scope 


n E, 


Figure 5-8. Radar Range Resolution 
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(6) The range resolution of the radar is usually expressed in feet and can 
be computed using Equation 5-4. It is the minimum separation required between 
two targets in order for the radar to display them separately on the radar scope. 


Pulse Width x 984 feet 


Range Resolution = 3 


Equation 5-4. Range Resolution 


3. AZIMUTH DETERMINATION 


The beamwidth of a radar system is the horizontal and vertical thickness of the 
radar beam (Figure 5-9). Beamwidth depends on antenna design and is normally 
measured in degrees from the center of the beam to the point at which the power 
drops off by half. This half-power point is -3 dB in power drop-off. Beamwidth 
governs the azimuth and elevation accuracy and resolution capability of a radar 
system in the same way that pulse width governs radar range accuracy and 
resolution. 


Beamwidth 


| 
1 


% Power Point 
(-3 dB) 


Figure 5-9. Radar Beamwidth 


a. In order for a radar system to figure out target azimuth, the antenna must 
be aligned with a point of reference and pointed at the target during the 
transmission and reception of several pulses of radar energy. If the antenna is 
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referenced to true North, the azimuth of the target can be measured relative to 
true North (Figure 5-10). Azimuth determination is based on the position of the 
antenna when the target is being illuminated. 


Figure 5-10. Azimuth Determination 


(1) To provide accurate azimuth determination over a large area, many 
radars employ a narrow beam and scan the antenna in a predictable pattern. The 
most common scan pattern is a 360* circular scan at a constant rate (Figure 5-11). 
The plan position indicator (PPI) radar scope display is normally associated with 
this scan pattern. As the radar beam sweeps, a target is detected and displayed. 
The position of the antenna, when the target is displayed, shows the relative 
azimuth. 


Figure 5-11. Antenna Scan 
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(2) The azimuth accuracy of a radar system is determined by the horizontal 
beamwidth (HBW). In Figure 5-12, radar system A has a horizontal beamwidth of 
10°. As the beam sweeps, the target is illuminated for as long as it is in the beam. 
This means that the target covers 10° in azimuth on the PPI scope. Radar system 
B has a beamwidth of 1°. A target displayed on the PPI scope will cover 1° in 
azimuth. The narrower the horizontal beamwidth, the better the azimuth accuracy. 


HBW=10° 


Figure 5-12. Horizontal Beamwidth Comparison 


b. Azimuth resolution is the ability of a radar to display two targets flying at 
approximately the same range with little angular separation, such as two fighters 
flying line-abreast tactical formation. The azimuth resolution capability is usually 
expressed in nautical miles and corresponds to the minimum azimuth separation 
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required between two targets for separate display. Azimuth resolution depends 
on the horizontal beamwidth of the radar. The radar system in Figure 5-13 has a 
horizontal beamwidth of 10°. The two targets are so close in azimuth that the 
return echoes are blended into one return. 


Figure 5-13. Horizontal Beamwidth and Azimuth Resolution 


(1) The radar system in Figure 5-14 has a horizontal beamwidth of 1°. The 
radar beam not only hits the targets, but passes between them without causing a 
return. This allows the radars to display two distinct radar returns. A small 
horizontal beamwidth improves azimuth resolution. 


Figure 5-14. Azimuth Resolution 
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(2) Azimuth resolution, in nautical miles, can be computed using Equation 
5-5. Notice that this equation is the “60 to 1 rule” used for navigation. A 1° 
beamwidth will yield a one-mile-wide cell at 60 nautical miles. 


Horizontal Beamwidth x Range 


Azimuth Resolution = a 


Equation 5-5. Azimuth Resolution 


4. ELEVATION DETERMINATION 


Since a radar beam is three-dimensional, the vertical beamwidth is the primary 
factor in determining altitude resolution capability. Altitude resolution is the 
ability of a radar to display two targets flying at approximately the same range 
and azimuth with little altitude separation, such as two fighters flying a vertical 
stack formation. The altitude resolution capability is usually expressed in feet and 
corresponds to the minimum altitude separation required between two targets for 
separate display. The radar system in Figure 5-15 has a vertical beamwidth of 10°. 
The two targets are so close in altitude that the return echoes depicted on the 
range height indicator (RHI) are blended into one. 
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a. The radar system depicted in Figure 5-16 has a vertical beamwidth of 1°. 
This small beam not only hits the targets, but passes between them without 
causing a return. This allows the radar to display two distinct targets. 


Figure 5-16. Elevation Resolution 


b. Altitude/elevation resolution, in thousands of feet, can be computed using 
Equation 5-6. 


: y Vertical Beamwidth x Range 
Altitude Resolution = ” —————————————— 


60 


Equation 5-6. Altitude Resolution 


9. RADAR RESOLUTION CELL 


A radar's pulse width, horizontal beamwidth, and vertical beamwidth form a three- 
dimensional resolution cell (RC) (Figure 5-17). A resolution cell is the smallest 
volume of airspace in which a radar cannot determine the presence of more than 
one target. The resolution cell of a radar is a measure of how well the radar can 
resolve targets in range, azimuth, and altitude. The horizontal and vertical 
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dimensions of a resolution cell vary with range. The closer to the radar, the 
smaller the resolution cell. 


One Target Detected 


Figure 5-17. Radar Resolution Cell 


a. The physical dimensions of a radar's resolution cell can be computed. For 
a radar with a pulse width of 1 microsecond, a horizontal beamwidth of 1°, and a 
vertical beamwidth of 10°, the formulas for range resolution, azimuth resolution, 
and altitude resolution can be used to compute the dimensions of the resolution 
cell. In the example in Figure 5-18, at a target range of 10 nm, the physical 
dimensions of the radar's resolution cell are 492 feet in range, by 1000 feet in 
azimuth, and 10,000 feet in altitude. These figures can be confirmed by using 
Equations 5-4, 5-5, and 5-6. 


— 


Speed of Light 
2 


984 feet per microsecond 
2 


A = Pulse Width x 


A = 1 Microsecond x 


A = 492 feet 


Figure 5-18. Radar Resolution Cell Dimensions 
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b. Based on these computations, two, or more, aircraft flying a trail formation 
closer than 492 feet would be displayed as a single target. Two, or more, aircraft 
flying line abreast closer than 1000 feet would be displayed as a single target. 
Two, or more, aircraft flying a vertical stack closer than 10,000 feet would be 
displayed as a single target. This also shows that the shorter the pulse width, the 
better the range resolution capability of a radar system. The narrower the 
horizontal beamwidth, the better the azimuth resolution capability. The narrower 
the vertical beamwidth, the better the altitude resolution capability. 


c. Another type of resolution is velocity resolution. For a Doppler radar 
aircraft flying within the conventional resolution cell described above can be 
distinguished as separate targets if they have enough speed differential. 
Paragraph 6 below will describe how this is carried out. 


6. PULSE DOPPLER VELOCITY DETERMINATION 


To fully understand how a pulse Doppler radar determines target velocity, it is 
necessary to know more about the pulsed waveform. To generate a pulse 
modulated wave, a continuous carrier sine wave, like the output from a CW radar, 
is combined with a rectangular wave, like that of a pulse radar, to produce the 
pulse modulated waveform. Figure 5-19 depicts pulse modulation. 


Rectangular Pulse Modulated 
Pulse Waveform 


Carrier 


Figure 5-19. Pulse Modulation 


a. Mathematically, any waveform other than a sine wave is composed of many 
different pure sine waves added in the proper amplitude and phase relationships 
(Figure 5-20). In a pulsed modulated waveform, the sine waves correspond to the 
fundamental frequency, which is the PRF, and the sum of all harmonics in the 
proper amplitude and phase. The frequency of the harmonic is the basic 
frequency plus or minus a multiple of the PRF. 
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Fundamental Third Second 
AT PRF Harmonic Harmonic 


Figure 5-20. Harmonics of a Pulse Modulated Waveform 


(1) Figure 5-21 is a plot of the harmonic content of a pulse modulated 
waveform operating at a carrier frequency of 2800 megahertz (MHz) with a PRF of 
1 MHz. Note the loops of frequencies on either side of the carrier frequency. 
These are the additions and subtractions of all the frequencies in the rectangular 
pulse to the carrier frequency. The important thing to remember is that there are 
many frequencies present, and a pulse Doppler radar must deal with a crowded 
frequency spectrum. This becomes even more important when one considers the 
fact that every frequency present will experience a Doppler shift when it is 
reflected by a moving target. The individual frequencies shown are called spectral 
lines. 
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Figure 5-21. Harmonic Content 


(2) For a pulse Doppler radar to accurately measure velocity, it must 
compare the frequency change, or Doppler shift, between the carrier frequency 
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Fig. 5-10. Radio schematic. 
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and the frequency returning from the target. It is a difficult task for the radar to 
differentiate between the returning carrier and all the harmonic frequencies 
(Figure 5-22). 


Transmitter Frequency 
Returned Frequency 


Amplitude 


10 kHz 10 kHz 


ne _ Frequency 
Receiver Bandwidth 64 kHz 


Figure 5-22. Spectral Line Frequencies 


b. The radar differentiates between the returning carrier frequencies and all 
other harmonic frequencies by using clutter cancellers, or filters, at the known 
harmonic frequencies (Figure 5-23). The radar cannot process frequencies 
cancelled by these filters. The filters create “blind speeds” for the radar. The 
closer together the spectral lines, the more “blind speeds” the radar will have. 


Transmitter Frequency 
Returned Frequency 
Amplitude 
10 kHz 10 kHz 


20 kHz 20 kHz 


30 kHz 30 KHz 
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Clutter Cancellers 


Figure 5-23. Selective Clutter Canceling 
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(1) Since the position of the harmonics in relation to the carrier frequency 
is based on PRF, the number of blind speeds can be reduced by changing the 
PRF of the radar. The higher the PRF, the wider the spacing of the spectral lines 
and the fewer blind speeds due to selective clutter canceling. However, a high 
PRF increases the problem of range ambiguities. Most modern pulse Doppler 
radars employ a medium and high PRF mode. Medium PRF equates to fewer 
range ambiguities but more blind speeds. High PRF has fewer blind speeds but 
more range ambiguities (Figure 5-24). 
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Figure 5-24. PRF and Spectral Lines 


(2) To separate the returning target frequency shifts from all other 
frequencies in the returning waveform, the pulse Doppler radar employs filters to 
cancel the known harmonic frequency shifts. In addition, the radar cancels out all 
returns with no frequency shift, which equates to canceling all returns with no 
movement relative to the radar. However, if the radar has too many clutter filters, 
this creates multiple blind speeds, and targets will be missed. In Figure 5-25, the 
detection filters allow target frequencies to be processed, and clutter filters 
cancel unwanted frequency shifts. Target 1 will be detected, but Target 2 will be 
canceled. 
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Returned Frequency 
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Clutter Detection 
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Figure 5-25. Pulse Doppler Filters 


7. BASIC RADAR EQUATION 


The basic radar equation relates the range of a radar system to the 
characteristics of the transmitter, receiver, antenna, and the target. The radar 
equation provides a means not only to figure out the maximum range of a 
particular radar system, but it can be used to understand the factors that affect 
radar operation. In this section, the simple forms of the radar equation are 
developed, starting with the power density of the transmitting antenna to the 
power received by the receiving antenna. 


a. Power density is the power of a radio wave per unit of area normal to the 
direction of propagation. The power density generated by a practical antenna can 
be expressed in Equation 5-7. 


> G E = transmitted power 


Power Density from Antenna = G = antenna gain 


Anr? 


r =radius of the antenna 


Equation 5-7. Power Density From an Antenna 


b. As the radar beam propagates through space, it arrives at a target at some 
range (R) from the antenna. As the radar beam travels through space, the 
wavefront of the beam expands to a very large cross-sectional area, especially in 
relation to the target dimensions. The power density of the radar beam, across 
this wide area, at the target, is detailed in Equation 5-8. 
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PxG P_ = transmitted power 
G = antenna gain 


Power Density at Target = 


£ 
ATR* 
R = range to the target 


Equation 5-8. Power Density at the Target 


c. Since the cross-sectional area of the radar beam is so large, only a small 
portion of the total power in the beam can be reflected toward the antenna. The 
rest of the radar energy continues through space and is dissipated, absorbed, or 
reflected by other targets. The small portion of the radar beam that hits the target 
is reradiated in various directions. The measure of the amount of incident power 
intercepted by the target and reradiated back in the direction of the antenna 
depends on the radar cross section (RCS) of the target. Equation 5-9 details the 
power density of the target echo signal reflected back to the radar antenna. 


io = transmitted power 


. P. x G G = antenna gain 
Power Density at Antenna = 


4nR° g =RCS 


R =range to the target 


Equation 5-9. Power Density at the Antenna 


d. As the target echo reaches the antenna, part of the echo is captured by the 
antenna based on the effective aperture (Ae). Equation 5-10 details the actual 
signal power received by the radar system. This is one form of the basic radar 
equation and is the signal strength of a radar return from a specific target at 
range (R) from the radar. 
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oS = transmitted power 


P.GOA, G =antenna gain 


(47) R4 7 =RCS 


Signal Power Density (S) = 


R = range to the target 


A,= antenna aperture area 


Equation 5-10. Signal Power Density 


e. A detailed analysis of this equation is not required to draw some basic 
conclusions about the factors affecting the detection of an aircraft. If any factor in 
the numerator, such as transmitted power, is increased by a factor of three, the 
signal received by the radar will increase by only 30 percent. This clearly shows 
why radar system operation is characterized by the transmission of megawatts of 
power and the reception of microwatts of returning power. In addition, this 
equation shows that the most critical factor in determining radar detection is 
target range. 


f. The maximum radar range (Rmax) occurs when the signal power density 
received just equals the minimum detectable signal (Sun) for the receiver. Solving 
Equation 5-11 for range, and substituting Smin, yields the basic radar equation for 
Rmax for a specific target. This is another form of the basic radar equation. 


pe = transmitted power 


G = antenna gain 


O = RCS 


A.= antenna aperture area 


R = range to the target 


Equation 5-11. Basic Radar Equation 
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g. It is important to note that the basic radar equations do not consider such 
factors as meteorological conditions, changes in aircraft RCS, the impact of 
clutter on gain, or operator abilities. The radar equation does explain why a radar 
system designed for long-range detection should transmit a very high power 
signal, concentrated into a narrow beam, collected by a large antenna, and 
processed by a very sensitive receiver. 


8. SUMMARY 


This chapter has discussed the methods employed by radar systems to 
determine target range, azimuth, elevation, and velocity. The relationship between 
pulse width and range resolution, beamwidth and azimuth/elevation resolution, 
and PRF and velocity resolution have been explained. In addition, an explanation 
of the complex radar equation has been presented. The capabilities and 
limitations of a specific radar system to determine these critical target parameters 
is the key to understanding the countermeasures designed to defeat this system. 
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CHAPTER 6. ANTENNA CHARACTERISTICS AND SCANS 


1. INTRODUCTION 


The function of the antenna during transmission is to concentrate the radar 
energy from the transmitter into a shaped beam that points in the desired 
direction. During reception, or listening time, the function of the antenna is to 
collect the returning radar energy, contained in the echo signals, and deliver 
these signals to the receiver. Radar antennas are characterized by directive 
beams that are usually scanned in a recognizable pattern. The primary antenna 
types in use today fall into three categories: parabolic, Cassegrain, or phased 
array antennas. Additionally, the method radar antennas employ to sample the 
environment is a critical design feature of the radar system. The scan type 
selected for a particular radar system often decides the employment of that radar 
in an integrated air defense system (IADS). The process the radar antenna uses to 
search airspace for targets is called scanning or sweeping. This chapter 
discusses circular, unidirectional, bidirectional, helical, raster, Palmer, and 
conical scans, and track-while-scan (TWS) radar systems. 


2. PARABOLIC ANTENNA 


One of the most widely used radar antennas is the parabolic reflector (Figure 6-1). 
The parabola-shaped antenna is illuminated by a source of radar energy, from the 


Figure 6-1. Parabolic Antenna 
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transmitter, called the feed. The feed is placed at the focus of the parabola, and 
the radar energy is directed at the reflector surface. Because a point source of 
energy, located at the focus, is converted into a wavefront of uniform phase, the 
parabola is well suited for radar antenna applications. By changing the size and 
shape of the parabolic reflecting surface, a variety of radar beam shapes can be 
transmitted. 


a. The antenna depicted in Figure 6-1 generates a nearly symmetrical pencil 
beam that can be used for target tracking. 


b. Elongating the horizontal dimensions of the parabolic antenna creates a 
radar antenna called the parabolic cylinder antenna (Figure 6-2). The pattern of 
this antenna is a vertical fan-shaped beam. Combining this antenna pattern with a 
circular scan technique creates a radar system well suited for long-range search 
and target acquisition. 
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Figure 6-2. Parabolic Cylinder Antenna 


c. Elongating the vertical dimensions of the parabola creates a radar antenna 
that generates a horizontal fan-shaped beam with a small vertical dimension 
(Figure 6-3). This type of antenna is generally used in height-finding radar 
systems. 


6-2 


Electronic Warfare Fundamentals Chapter 6. Antenna Characteristics and Scans 


Figure 6-3. Height-Finder Parabolic Antenna 


d. Another variation of the basic parabolic antenna includes using an array of 
multiple feeds instead of a single feed (Figure 6-4). This type of parabolic antenna 
can produce multiple radar beams, either symmetrical or asymmetrical, 
depending on the angle and spacing of the individual feeds. 


Figure 6-4. Multiple-Feed Parabolic Antenna 


3. CASSEGRAIN ANTENNA 


A Cassegrain antenna uses a two-reflector system to generate and focus a radar 
beam (Figure 6-5). The primary reflector uses a parabolic contour, and the 
secondary reflector, or subreflector, has a hyperbolic contour. The antenna feed 


6-3 


kept at a very high impedance and connected to gate 1 of Q6. Gate 2 
has the BFO output and the ANL bias feed to it. The BFO is mixed 
with the IF in this manner to prevent strong signals from pulling its 
frequency. 

The gain of Q6 is regulated by the amount of ANL bias at gate 
2. Its drain is connected through another coaxial cable back to the 
BC set IF transformer at the original collector connection of the 
first IF amplifier transistor. This completes the IF amplifier circuit 
again, but with the crystal filter, ANL, and BFO added to it. 

To develop the automatic noise limited bias, the IF signal at 
the input of the crystal filter is transformed to a low impedance by 
Q7 and diode CR4 changes it to negative dc, filtered by C24. This 
diode is biased to different values above cut-off by the front panel 
control R26. 

When the signal exceeds this bias, the negative voltage is 
developed which is subsequently fed to gate 2 of Q6. 

The gain of Q6 will vary with a noise pulse all the way to 
cut-off, depending upon the setting of the ANL pot R26. The diode 
limiters are also part of the ANL but they are not adjustable. The 
main function of CR1-CR2 is to prevent serious overloads from 
damaging any components when the transmitter is keyed, and that 
of CR5-CR6 is to prevent audio distortion. 

The S-meter circuit has an unusual input network that nulls 
out of the BFO component of the IF signal so it will not deflect the 
meter. This is accomplished by adding the exact amount of 180 
degree out-of-phase BFO power to the input of Q9 (Fig. 5-10). 

It might look like a marginal balance, but I have not had to 
change the original adjustment of R32, and a year has passed 
without the meter being slightly deflected by the BFO. The rest of 
the circuit is conventional with a voltage amplifier Q9 followed bya 
collector detector Q10 that deflects the meter. 

The final two modifications require soldering inside the BC 
set. One is to add manual IF gain control to prevent overloading, 
and the other to stabilize the collector voltage that feeds the MF 
LO to prevent modulation and drift. To locate the proper place to 
do both jobs will take some looking around. 

A zener diode, CR3 (Fig. 5-10), is connected across the large 
capacitor on the load side of the decoupling resistor feeding the 
collector power to the rf circuits. The resistor is about 100 ohms 
and the large can type capacitor makes it fairly easy to locate. 

Next you will have to find the forward biasing resistor of the IF 
amplifier base bias divider. My receiver has only one IF stage and 
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is located at one of the two foci of the hyperbola. Radar energy from the 
transmitter is reflected from the subreflector to the primary reflector to focus the 
radar beam. Radar energy returning from a target is collected by the primary 
reflector and reflected as a convergent beam to the subreflector. The radar 
energy is rereflected by the subreflector, converging at the position of the 
antenna feed. The larger the subreflector, the closer it can be to the primary 
reflector. This reduces the axial dimensions of the radar but increases aperture 
blockage due to the subreflector. A small subreflector reduces aperture blockage, 
but it must be positioned at a greater distance from the primary reflector. 


Subreflector 


Parabolic 
Reflector 


Figure 6-5. Cassegrain Antenna 


a. To reduce the aperture blockage by the subreflector and to provide a 
method to rapidly scan the radar beam, the flat plate Cassegrain antenna was 
developed. This type of Cassegrain antenna is depicted in Figure 6-6. 
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Figure 6-6. Flat Plate Cassegrain Antenna 
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The fixed parabolic reflector is made up of parallel wires spaced less than a half 
wavelength apart and supported by a low-loss dielectric material. This makes the 
fixed parabolic reflector polarization sensitive. It will completely reflect one type 
of linear polarization and be transparent to the orthogonal polarization. The fixed 
antenna feed, in the middle of the moveable mirror, transmits a radar signal 
polarized to be reflected by the parabolic reflector. The moveable mirror is 
constructed as a twist reflector that changes the polarization of the radar signal 
by 90°. The signal from the feed is reflected by the parabolic reflector to the 
mirror, which rotates the polarization 90°. This rotation makes the transmitted 
signal transparent to the parabolic reflector, and the signal passes through with 
minimal attenuation. The radar beam can be scanned over a wide area by rotating 
the moveable mirror. A deflection of the mirror by the angle 6 results in the beam 
scanning through an angle of 20. 


b. The geometry of the Cassegrain antenna is especially well suited for 
monopulse tracking radar applications. Unlike the parabolic antenna, the complex 
feed assembly required for a monopulse radar can be placed behind the reflector 
to avoid aperture blocking. 


4. PHASED ARRAY ANTENNA 


The phased array radar is a product of the application of computer and digital 
technologies to the field of radar design. A phased array antenna is a complex 
arrangement of many individual transmitting and receiving elements in a 
particular pattern. A phased array antenna can, in effect, radiate more than one 
beam from the antenna by using a computer to rapidly and independently control 
groups of these individual elements. Multiple beams and computer processing of 
radar returns give the phased array radar the ability to track-while-scanning and 
engage multiple targets simultaneously. Figure 6-7 is a view of the phased array 
radar antenna. 


Figure 6-7. Phased Array Antenna 
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a. A phased array radar uses the principle of radar phase to control the 
individual transmitting and receiving elements. When two transmitted frequencies 
are in-phase, their amplitudes add together, and the radiated energy is doubled. 
When two transmitted frequencies are out-of-phase, they cancel each other. 
Phased array radars use this principle to control the shape of the transmitted 
radar beam (Figure 6-8). 
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Figure 6-8. Phase Relationships 


b. Phase relationships and antenna element spacing determine the 
orientation of the transmitted beam. In Figure 6-9, antenna elements A and B are 
separated by one-half wavelength and are radiating in-phase, that is, when one is 
at the positive peak, the other is also at a positive peak. Since the elements are 
one-half wavelength apart, when the positive peak radiated by A reaches B, B will 
be radiating a negative peak. As the peaks propagate along the X axis, they will 
cancel each other out. The total radiated power along that axis will be zero. Along 
the Y axis, however, the positive peaks from A will add to the positive peaks from 
B, causing the total radiation along this axis to be at its maximum value. This type 
of array is called a “broadside array” because most of the radiation is in the 
direction that is broadside to the line of the antenna array. 
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Figure 6-9. Broadside Array 


c. If the same antenna elements are fed out-of-phase, the principal direction 
of radiation will be along the axis of the antenna elements. In Figure 6-10, when 
the positive peak from A arrives at B, B is now positive also. These energies 
interact to strengthen the energy being radiated from the ends of the array. 
Meanwhile, when the positive peak from A, radiating along the Y axis, meets the 
negative peak from B, they are canceled. This type of array is called an “end-fire 
array.” 
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Figure 6-10. End-Fire Array 
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d. The computer controlling the phase of the signal delivered to each 
transmitting and receiving element of a phased array antenna controls the 
direction and shape of the radiated beam (Figure 6-11). By shifting the phase of 
the signals between 0° and 180°, the beam sweeps. This is the basic means of 
producing an antenna scan. In addition, the amplitude, or power, of the signal 
applied to each element can be varied to control the sidelobes. This alters the 
shape of the beam which affects the range capability and angular resolution of 
the radar. 


Broadside 


Figure 6-11. Phased Array Antenna Scan 


e. Figure 6-12 depicts a variation of the phased array antenna, known as a 
planar array antenna. A planar array antenna uses transmit and receive elements 
in a linear array, but, unlike the phased array radar, the elements are smaller and 
are placed on a movable flat plate. The ability to simultaneously track several 
targets is one advantage of this type of radar. 
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Figure 6-12. Planar Array Antenna 


5. ANTENNA GAIN 


The most important characteristic of any type of antenna is antenna gain. 
Antenna gain is a measure of the ability of an antenna to concentrate energy in 
the desired direction. Antenna gain should not be confused with receiver gain, 
which is designed to control the sensitivity of the receiver section of a radar 
system. There are two types of antenna gain: directive and power. 


a. The directive gain of a transmitting antenna is the measure of signal 
intensity radiated in a particular direction. Directive gain is dependent on the 
shape of the radiation pattern of a specific radar antenna. The directive gain does 
not take into account the dissipative losses of the antenna. Directive gain is 
computed using Equation 6-1. 


: Maximum Radiation Intensity (Desired Direction) 


Average Radiation Intensity 


Equation 6-1. Directive Gain 
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b. The power gain does include the antenna dissipative losses and is 
computed using Equation 6-2. 


Maximum Radiation Intensity (Practical Antenna) 


G (Power Gain) = 
Radiation Intensity of an Isotropic Antenna 


Equation 6-2. Power Gain 


c. The term isotropic antenna describes a theoretical spherical antenna that 
radiates with equal intensity in all directions. This results in a spherical radiation 
pattern. The power density for any point on an isotropic antenna is the radiation 
intensity and can be calculated by dividing the total power transmitted (Py) by the 
total surface area of the sphere, as shown in Equation 6-3. 


P, (Watts) 


Power Density (Isotropic Antenna) = —————$_____. 
i ga R ) 41 r* (Centimeters?) 


Equation 6-3. Power Density for an Isotropic Antenna 


d. The radiation pattern of an isotropic, or spherical, antenna would provide 
neither azimuth or elevation resolution and would be unusable for radar 
applications. To provide azimuth and elevation resolution, a practical antenna 
must focus the radar energy. The power density of a practical antenna differs 
from the isotropic antenna only in terms of antenna gain (G). Solving Equation 6-3 
for the power density of a practical antenna yields Equation 6-4. 


PG 


Power Density (Practical Antenna) = ———— 


47r 


2 


Equation 6-4. Power Density for a Practical Antenna 
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e. The actual power gain (G) of a practical antenna can be calculated by using 
Equation 6-5. 


G= 4TA 6 A. = effective area of aperture 
À wavelength of the radar 


NOTE: The effective area of aperture (A,) is the effective 
antenna area presented to the returning radar echo. 


Equation 6-5. Power Gain of a Practical Antenna 


6. POWER DENSITY 


The power density and gain of an antenna are a function of the antenna pattern of 
a radar system. Figures 6-13 and 6-14 illustrate the antenna pattern of a typical 
parabolic antenna. Most of the power density of the radar is concentrated in the 
main beam. However, since the radar is not a perfect reflector, some radar energy 
is transmitted in the sidelobes. In addition, there is spillover radiation due to the 
energy radiated by the feed that is not intercepted by the reflector. Finally, the 
radar has a back lobe caused by diffraction effects of the reflector and direct 
signal leakage. Sidelobes and backlobes are all undesirable radiations that 
adversely affect the maximum radar range and increases the vulnerability of the 
radar to certain jamming techniques. 


<%= Mainlobe 


ao vestigial lobe or shoulder 
wt sidelobe 


ae Other minor lobes Spillover radiation 


Backlobe 
> 


Relative Radiation Intensity, dB 


60 80 100 120 140 160 180 
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Figure 6-13. Radiation Pattern for a Parabolic Antenna 
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Sidelobes 


Sidelobes 


Figure 6-14. Radar Antenna Pattern 


a. All radars have a primary main beam, which is where the radar has the 
most power and where target detection usually occurs. The dimensions of this 
main beam are highly dependent on the design of the antenna. 


b. Besides the main beam, all radars have what is called a backlobe. This lobe 
is directly opposite to the location of the main beam. The sensitivity and signal 
strength associated with the backlobe is significantly less than that in the main 
beam. 


c. Sidelobes add another dimension to the radar pattern. As with the 
backlobe, sidelobes do not have the signal strength or sensitivity associated with 
the main beam. Normally, the sensitivity associated with the sidelobes is 40-50 
decibels (dBs) less than the main beam. The radar signal weakness in the 
backlobe and sidelobes of the main beam make these areas of the radar signal 
vulnerable to jamming. It is much easier to introduce jamming into these areas 
because of the reduced jamming-to-signal ratio needed to be effective. It is 
difficult for jamming to be effective in the main beam because the radar signal is 
very powerful in that region. 


7. CIRCULAR SCAN 


A circular scanning radar uses an antenna system that continuously scans 360° 
in azimuth (Figure 6-15). The time required for the antenna to sweep one complete 
360° cycle is called the scan rate. Scan duration is the number of “hits per scan,” 
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or the number of pulses, reflected by a target as the radar beam crosses it during 
one full scan. Most pulse radars require 15 to 20 hits per scan to obtain sufficient 
information to display a target. The factors that determine the number of hits per 
scan the radar receives include pulse repetition frequency (PRF), antenna 
beamwidth, and scan duration. 
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Figure 6-15. Circular Scan Radar 


a. Circular scan radars provide accurate target range and azimuth 
information. This makes these radars ideal for the roles of early warning and 
initial target acquisition. To accomplish these missions, the antenna generates a 
fan beam that has a large vertical beamwidth and a small horizontal beamwidth. 
Since elevation information will normally be provided by height finder radars, the 
size of the vertical beamwidth is not a limitation. This antenna scan allows the 
radar to scan large volumes of airspace for early target detection. Since early 
detection is the primary goal of early warning radars, accurate altitude and 
azimuth resolution are secondary considerations. 


b. Circular scan radars designed for early warning transmit a radar signal with 
a low PRF. A low PRF allows sufficient time for the radar pulse to travel long 
distances, and return, before another pulse is transmitted. This gives the radar 
system a long, unambiguous range capability. Circular scan radars with low PRFs 
generally use long pulse widths in order to increase their average power and 
long-range detection capability. The scan durations of early warning radars are 
relatively long to provide the required “hits per scan” for long-range target 
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it was no trouble to find. It will be about 150k and it feeds the power 
we just stabilized through the AM detector diode, which also dou- 
bles as the AGC generator, on to the cold side of the IF transformer 
base winding. This resistor is disconnected from the stabilized 
voltage and reconnected to the wiper of the front panel controlled rf 
gain pot, R16 (Fig. 5-10). 


Construction 

[assembled my receiver ona 15cm x 10cm x5cm(6 x4 x2 
inch) chassis having a 18.4 cm x 12.7 cm (7% x 5 inch) front 
panel. The transistor AM broadcast receiver was selected because 
of its tuning dial and volume control layout. The negative side of its 
battery was connected to the ground plane, and the speaker open- 
ing was covered with a gold metal screen that would make a pretty 
good shield. 

I found later that it had only one IF stage, but this certainly did 
not affect its sensitivity or degrade the project. The BC set must 
have extension shafts epoxied to its tuning and volume control dials 
so they can be operated outside the front panel. The new tuning dial 
is a vernier type and had to be mounted on a 1.1 cm (7/16 inch) 
homemade spacer so it would fit on the capacitor shaft. 

The front panel controls, S-meter, speaker, and phone jack 
are located so that they are easily accessible. After the BC set has 
had its IF retuned to match the filter crystal, it is fastened to the 
front panel with two #2-56 bolts. One of the bolts has a solder lug 
under its nut so the BC set ground plane can be connected to the 
metal front panel through it. 

The outboard circuits that convert the BC set into our com- 
munication receiver are made on pieces of “vector” breadboard 


PF FREQUENCY (Mir) 


a 4 1-1 
DIAL SETTING 


Fig. 5-11. Typical calibration chart. 
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detection. The plan position indicator (PPI) scope display is normally used with a 
circular scan radar (Figure 6-16). 


Figure 6-16. PPI Scope Display 


c. In order to provide coverage for a large volume of airspace, the beamwidth 
associated with a circular scan radar is relatively wide. This wide beamwidth, 
coupled with the long pulse width and low PRF, gives the circular scan radar a 
large resolution cell, especially at long ranges (Figure 6-17). This limitation can be 
exploited to mask force size and composition. However, as range decreases, the 
dimensions of the resolution cell decrease, and a circular scan radar will begin to 
break out target formations. 


W | 


One Target Detected 


Figure 6-17. Resolution Cell 
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d. Circular scan radars provide range and azimuth information for both early 
warning and acquisition roles. Modified circular scan radars that can also provide 
elevation information may be used for ground control intercept (GCI) roles. Two 
modified circular scan radars that determine range, azimuth, and elevation are the 
V-beam and the stacked beam. 


(1) The V-beam radar transmits two fan-shaped beams that are swept 
together (Figure 6-18). A vertical beam provides range and azimuth information. A 
second beam, rotated at some convenient angle, provides a measure of the 
altitude of the target. 


Figure 6-18. V-Beam Radar 


(2) A stacked beam radar (Figure 6-19) employs a vertical stack of fixed 
elevation “pencil” beams which rotate 360°. Elevation information is obtained by 
noting which beam contains the target return. Range and azimuth information is 
determined in the same manner as in an early warning radar. 


Figure 6-19. Stacked Beam Radar 
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8. LINEAR SCAN 


Linear scan is a method used by some radar systems to sweep a narrow radar 
beam in a set pattern to cover a large volume of airspace. Linear scans can be 
oriented in a vertical direction for height finder radars or in a horizontal direction, 
or raster, for acquisition and target tracking radars. A unidirectional linear radar 
scans in a single direction then begins its sweep all over again (Figure 6-20). 
Generally, linear scans offer excellent single-axis coverage, and the narrow beam 
offers enhanced azimuth and elevation resolution. 


Figure 6-20. Unidirectional Linear Scan 


9. UNIDIRECTIONAL SCAN 


A helical scan is a unidirectional scan pattern that allows a “pencil” beam to 
search a 360° pattern. In Figure 6-21, the antenna sweeps a 360° sector in a 
clockwise direction. After each complete revolution, the antenna elevation is 
increased. This scan pattern is repeated for a specified number of revolutions, in 
this case, three, 360° sweeps. At the end of the scan pattern, the antenna 
elevation is reset to the initial elevation and the scan is repeated. A helical scan 
pattern is commonly used as a target acquisition mode for radar systems with 
narrow vertical and horizontal beamwidths. 
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Figure 6-21. Helical Scan 


10. BIDIRECTIONAL SCAN 


A bidirectional linear scan, such as a raster scan, sweeps both horizontally and 
vertically (Figure 6-22). A raster scan uses a thin beam to cover a rectangular area 
by horizontally sweeping the area. The angle of elevation is incrementally 
stepped up or down with each horizontal sweep of the desired sector. After the 
sector has been covered, the angle of elevation is reset to the original value and 
the process is repeated. The number of raster bars is set by the number of 
horizontal sweeps in the basic raster pattern. Figure 6-22 shows a four-bar raster 
scan, which is normally associated with an airborne interceptor (Al) radar. 


Figure 6-22. Raster Scan 
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11. CONICAL SCAN 

A conical scan, or conscan, radar is generally used for precision target tracking. 
A conical scan radar (Figure 6-23) employs a pencil beam of radar energy that is 
continuously rotated around the target. This circular rotation of a pencil beam 
generates a cone-shaped scan pattern with the apex of the cone located at the 
antenna. Thus, the name conical scan. 


Figure 6-23. Conical Scan 


a. As the pencil beam rotates, the circular scan patterns overlap in the center. 
This creates a central tracking area that has a much smaller effective beamwidth 
than the rotating pencil beam (Figure 6-24). This results in a very precise tracking 
solution. 


Central Tracking 


Effective Beam Width 


Actual Beam Width 


Figure 6-24. Conical Scan Tracking Area 
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b. Since conical scan radars are designed for precision target tracking, these 
radars normally operate at high frequencies, high PRF, narrow pulse widths, and 
narrow beamwidths. The rotation rate of the pencil beam can exceed 1,800 
revolutions per minute. This means that both azimuth and elevation data can be 
updated about 30 times per second. 


c. The combination of conical scan and raster scan is called a Palmer-raster 
scan (Figure 6-25). A Palmer-raster scan uses a thin beam, employing a conical 
scan searching pattern, for a specific sector of airspace. With each sweep of the 
sector, the angle of elevation is incrementally stepped up or down. After the 
vertical sector has been covered, the angle of elevation is set at the original 
elevation and the process is repeated. The number of bars is determined by the 
number of vertical search scans. 


Figure 6-25. Palmer-Raster Scan 


d. The combination of a conical scan and a circular scan is called a Palmer 
scan. Palmer scans incorporate a circular scanning antenna to search the entire 
horizon while simultaneously performing a conical scan. If the radar antenna is 
also performing a unidirectional altitude search in conjunction with this scan, it is 
employing a Palmer-helical scan (Figure 6-26). 
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Figure 6-26. Palmer-Helical Scan 


12. TRACK-WHILE-SCAN 


A track-while-scan (TWS) system uses a technique that allows a radar to track 
one or more targets while scanning for others. Radar systems with a TWS 
capability must be able to generate two or more distinct radar beams. 


a. A conventional TWS radar employs two antennas that work with each other 
to perform the scan function (Figure 6-27). Each antenna produces a separate 
unidirectional beam. Each beam is transmitted at a different frequency. The 
vertical antenna generates a beam employing a vertical sector scan similar to a 
height finder radar except the beamwidth is narrower and it scans at a higher 
rate. The horizontal antenna generates an identical beam employing a horizontal 
sector scan at a different frequency. The track function is accomplished in the 
area where the two beams pass through each other. A target that is within this 
center area is tracked, and positional information on range, elevation, and 
azimuth is updated each time the beams sweep through the area. 
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80% of Scan Areas Overlap Azimuth Beam 


Elevation Beam 


Figure 6-27. Conventional TWS Radar 


b. The phased array radar is a product of the application of computer and 
digital technologies to the field of radar design. A phased array is a complex 
arrangement of many individual transmitting and receiving elements in a 
particular pattern (Figure 6-28). Common arrays include linear, planar, curved, 
and conformal, with linear being the most common. By using a computer to 
rapidly and independently control groups of these individual elements, a phased 
array antenna can, in effect, radiate more than one beam from the antenna. 
Multiple beams and computer processing of radar returns give the phased array 
radar the ability to perform the TWS function. The most common employment of 
the TWS capability of the phased array radar is in the air-to-air arena. 


Figure 6-28. Phased Array Antenna 
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(1) The number of individual transmitting and receiving elements is limited 
by the size of the radar antenna. The number of targets a phased array radar can 
track is limited by the number of independent beams the antenna can generate. 
Many phased array radars, especially air-to-air radars, do not track and scan 
simultaneously, but rapidly switch between the two modes to overcome this 
limitation (Figure 6-29). 
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Figure 6-29. Phased Array TWS 


(2) Modern TWS radars employ computer signal processing and complex 
computer algorithms to simplify the problem of target correlation (Figure 6-30). 
An air-to-air radar typically uses a raster scan to search a volume of airspace. In 
the search mode, the radar simply presents all targets detected in this airspace to 
the pilot on his radar display. In the TWS mode, the radar employs computer 
processing to figure out target correlation and update target information. This is 
done automatically, and the results are presented on the display. 


6-22 


Electronic Warfare Fundamentals Chapter 6. Antenna Characteristics and Scans 


6 Bar, +30° Scan Pattern 


Figure 6-30. Phased Array TWS Radar Display 


13. IMPACT OF TERRAIN ON RADAR SCANS 


No matter what type of scan a radar system employs, terrain can limit radar line 
of sight (LOS) and target detection. The concepts of radar horizon, direct terrain 
masking, and indirect terrain masking are important factors in radar target 
detection and mission planning. 


a. RF waves traveling in the atmosphere are bent, or refracted, and do not 
travel in a straight line. However, the degree of refraction depends on 
atmospheric conditions which vary significantly and are difficult to accurately 
quantify and predict. For these reasons, most radar computations are based on 
the assumption that RF waves travel in a straight line. The concept of the radar 
horizon is based on this assumption. 


(1) The radar horizon shown in Figure 6-31 is the maximum range a radar 
system can detect a target due to the curvature of the earth. The distance (d) to 
the horizon for a radar antenna at a height (h) can be computed using Equation 
6-6. 


> a Radar Ray 


Curvature of the Earth 


Figure 6-31. The Radar Horizon 
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Fig. 5-12. Looking toward front panel with top half of cabinet removed. 
Top, left to right: S-meter, 1 MHz coupler next to loop stick antenna, AM 
broadcast set. Bottom: HF LO crystal shield, S-meter amplifier over the rf 
transformer shield, crystal filter and ANL circuit board. 


material, and the components are soldered to press-in terminals. 
They were all made as small as possible and tested before they 
were mounted, using spacers, in the main chassis. 

The bandswitch has two levels with three poles on each. All rf 
amplifier connections are kept on one level, with converter and HF 
LO connections on the other. A lot of effort was spent trying to 
keep the leads short and separated from each other, but it still 
turned out a mess. However, it works better than anyone could 
have imagined. I used #22 AWG solid insulated wire for the 
interconnections, and bare wire for the jumpers. 

All rf transformers are mounted on the top of the chassis and 
are well shielded. The converter transformers are preassembled 
on a plate that fastens to a flange around a cut-out in one end of the 
chassis. These coils project into the underside of the chassis, 
isolating them from the rf amplifier input. The tuning is broadened 
by the heavy loading of both sets of coil with more primary (un- 
tuned) turns than would be used for high Q operation. 

I used as much shielding as I could make without getting sick. 
It is very important to keep the outputs of the two local oscillators 
out of each other’s converters, and the BFO harmonics out of the 
HF rf amplifier. 

The cabinet is fabricated out of aluminum sheet and provides 
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Distance to Horizon (d) = v2kah 


k = constant (4/3) 


a = radius of earth 
h = height of radar antenna 


Equation 6-6. Basic Radar Horizon Equation 


(2) In Equation 6-6, the constant, k, is commonly used to compensate for 
the assumption of straight line propagation of RF waves. Using the assumption 
that the height of the radar antenna is small compared to the radius of the earth, 
distance is measured in nautical miles (nm), and height is measured in feet, then 
Equation 6-6 reduces to Equation 6-7. 


Distance to Horizon (d) = 1.06 Vh 


Equation 6-7. Simplified Radar Horizon Equation 


(3) Another application of Equation 6-7 is in calculating the range at which 
a radar antenna will achieve LOS with a low-altitude target. To compute this 
distance (D), Equation 6-8 can be used. 


Target Detection Distance (D) = 1.06 (Vh + ytarget altitude) 


Equation 6-8. Target LOS Distance 
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(4) To illustrate the use of Equations 6-7 and 6-8, consider the example of a 
radar antenna located at a height of 25 feet and a target aircraft flying at an 
altitude of 100 feet. From Equation 6-7, the radar horizon for this system would be 
5.3 nm. From Equation 6-8, the radar antenna will have LOS with the target 
aircraft at 16 nm. 


b. The previous discussions of the radar horizon assumes the radar is 
operating over water or level terrain. Radar operations over rough terrain can 
present other radar LOS limitations. As illustrated in Figure 6-32, prominent 
terrain features can limit radar detection. In this illustration, a mountain acts as a 
radar horizon and limits target LOS in one sector of the radar scan. This situation 
is called direct terrain masking. Placing prominent terrain features between the 
aircraft and threat radar systems effectively negates these systems and is an 
integral part of threat avoidance during combat mission planning. 


Radar Beam 


Figure 6-32. Direct Terrain Masking 


c. Figure 6-33 depicts another impact of terrain on target detection/indirect 
terrain masking. When both the aircraft and a prominent terrain feature are 
illuminated by a radar beam, a pulse radar system may not be able to differentiate 
the target return from the return generated by the terrain. Indirect terrain masking 
is most effective when the aircraft is flying abeam the radar site. Pulse Doppler 
radars and radar systems employing moving target indicator (MTI) circuits may 
be able to negate the effectiveness of indirect terrain masking. However, indirect 
terrain masking is another important consideration for threat avoidance during 
combat mission planning. 
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Figure 6-33. Indirect Terrain Masking 


14. SUMMARY 


This chapter has introduced basic antenna characteristics and how these 
characteristics influence their employment. The concepts of antenna gain and 
power density were also explained. The remainder of the chapter discussed the 
different types of radar scans. A radar's scan pattern is designed to enhance 
target detection and facilitate target tracking. The radar horizon, direct terrain 
masking, and indirect terrain masking are LOS limitations to all radar scans. The 
scan pattern chosen for a specific radar system determines the ability of that 
radar to provide accurate range, azimuth, elevation, or velocity of the detected 
target. 
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CHAPTER 7. TARGET TRACKING 


1. INTRODUCTION 


A target tracking radar (TTR) is designed to provide all the necessary information 
to guide a missile or aim a gun to destroy an aircraft. Once a target has been 
detected, either by a dedicated search radar or by using an acquisition mode, the 
TTR is designed to provide accurate target range, azimuth, elevation, or velocity 
information to a fire control computer. 


a. A typical TTR has individual tracking loops to track a target in range, 
azimuth, elevation, or velocity. The antenna of the TTR is pointed at a single 
target, and the radar initiates acquisition and target track. TTRs normally employ 
automatic trackers to continuously measure target data. The range tracking loop 
employs an early gate/late gate range tracker to maintain automatic range 
tracking. The azimuth and elevation tracking loops generate error signals to 
position the antenna and maintain constant target illumination. The velocity 
tracking loop found on pulse Doppler and CW radars is used to reject clutter and 
generate accurate target radial velocity information. All this critical information is 
passed to a fire control computer for weapons employment. 


b. The fire control computer is programmed with critical information on the 
capability of the weapon to be employed. For a missile, the fire control computer 
is programmed with the aerodynamic and range capabilities of the missile. For 
antiaircraft artillery (AAA), the fire control computer is programmed with the 
ballistics for the gun, rate of fire, and tracking rate. The fire control computer 
uses the precise target information from the TTR and the programmed weapon's 
parameters to compute a firing solution. Once a firing solution has been 
computed, the fire control computer either fires the weapon automatically or 
alerts the operator, who fires the weapon. For missile employment, the fire 
control computer may continue to provide missile guidance and fusing 
commands until missile impact or initiation of an active missile guidance mode. 
For AAA engagement, the fire control computer computes the required lead 
angle, aims the guns, and initiates firing. 


c. To provide the required azimuth and elevation resolution, most TTRs use a 
high frequency to provide narrow antenna beamwidths for accurate target 
tracking. High frequency operation also allows the radar to transmit wide 
bandwidths. To provide the required range resolution, most TTRs employ narrow 
pulse widths and high pulse repetition frequencies (PRFs) to rapidly update 
target information. In this chapter, the target tracking techniques of conical scan, 
track-while-scan, lobe-on-receive-only, monopulse, Doppler radars, and pulse 
Doppler radars will be discussed. 
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2. RANGE TRACKING 


In most TTR applications, the target is continuously tracked in range, azimuth, 
and elevation. Range tracking can be accomplished by an operator who watches 
an “A” scope presentation and manually positions a handwheel to maintain a 
marker over the desired target return. The setting of the handwheel is a measure 
of target range and is converted to a voltage used by the fire control computer. 
As target speeds and maneuvers increase, the operator may have extreme 
difficulty maintaining manual target range tracking. To avoid this situation, most 
TTRs employ an automatic range tracking loop. All pulse TTRs, which includes 
conical scan, track-while-scan, monopulse, and pulse Doppler radars, employ 
either a split gate or leading-edge automatic range tracking system. In a TTR, 
automatic range tracking serves two essential functions: (1) it provides the 
critical value of target range, and (2) it provides a target acceptance range gate 
that excludes clutter and interference from other returns. Since radar range is 
normally the first target discriminator used to initiate automatic target tracking, 
the second function is essential to the proper operation of the other tracking 
loops. 


a. A range gate circuit is simply an electronic switch that is turned on for a 
period of time after a pulse has been transmitted. The time delay for switch 
activation corresponds to a specific range. Any target return that appears inside 
this range gate is automatically tracked. The most common type of automatic 
range tracking is accomplished by a split-gate tracker. Two range gates are 
generated as shown in Figure 7-1. The automatic range tracking loop attempts to 
keep the amount of energy from the target return in the early gate and late gate 
equal. The range tracking error is computed by subtracting the output of the late 
gate from the output of the early gate. The amount of the range tracking error 
signal is the difference between the center of the pulse and the center of the 
range gate. The sign of the error signal determines the direction in which the 
gates must be repositioned to continue to track the target. 
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Figure 7-1. Split-Gate Range Tracker 


1-2 


Electronic Warfare Fundamentals Chapter 7. Target Tracking 


b. Leading-edge range tracking is an electronic protection (EP) technique 
used to defeat range-gate-pull-off (RGPO) jamming. Figure 7-2 illustrates the 
application of leading-edge tracking. The leading-edge tracker obtains all range 
data from the leading edge of the target return. All RGPO cover pulse jamming 
tends to lag the target return by some increment of time (see (a) in Figure 7-2). By 
differentiating the entire return with respect to time, the target return can be 
separated from the jamming pulse (see (b) in Figure 7-2). Employing a split-gate 
tracker electronically positioned at the initial pan, or leading edge, of the 
returning pulse, the range tracking loop can track the target return and ignore any 
jamming signals. The range tracking loop then uses split-gate tracking logic to 
determine the magnitude and direction of range tracking errors and reposition the 
range gate. 


Jammer 
Delay RGPO Cover Pulse Jamming 


Target Return 


(a) Target Signal Plus Jammer Waveform 


Target RGPO Cover Pulse Jamming 
Return Derivative Waveform 
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(b) Split Gate Tracking Derivative Pulse 


Figure 7-2. Leading-Edge Range Tracker 


c. The width of the tracking gate is an important radar design consideration. 
The range gate should be sufficiently narrow to effectively isolate the target from 
other returns at different ranges. It should be wide enough to allow sufficient 
energy from the target echo to be displayed. The width of the range tracking gate 
is normally equal to the pulse width of the radar. 
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d. Nearly all range tracking gates employ some form of automatic gain control 
(AGC). AGC is designed to limit target clutter and glint. It is also designed to 
avoid excessive false alarms. 


3. CONICAL SCAN 


A conical scan tracking system is a special form of sequential lobing. Sequential 
lobing implies that the radar antenna beam is sequentially moved between beam 
positions around the target to develop angle-error data. For a conical scan radar 
to generate azimuth and elevation tracking data, the beam must be switched 
between at least four beam positions as shown in Figure 7-3. 


Beam is "Locked On" 
Target in This Area 


Actual Beam Width 


Figure 7-3. Conical Scan Positions 


a. One of the simplest conical scan antennas is a parabola with an offset rear 
feed that rotates, or nutates, to maintain the plane of signal polarization. The 
radar beam is rotated at a fixed frequency around the target. The angle between 
the axis of rotation (normally the axis of the antenna) and the axis of the antenna 
beam is called the squint angle. 


b. A conical scan radar first tracks the target aircraft in range. For azimuth 
and elevation tracking, the target return is modulated at a frequency equal to the 
rotation frequency of the radar beam. This results in a target signal output that 
resembles a sine wave (Figure 7-4). The azimuth and elevation tracking loops 
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drive servo motors to position the antenna to keep the energy level in each of the 
four positions equal. The amount of the modulated signal determines how far the 
target is off the antenna boresight while the phase of the modulation (positive or 
negative) determines the direction. 


+ Position 1 Position 3 


¿(AIM 
Í | \ 


== Position 2_ = Position 4 


Figure 7-4. Conical Scan Modulation 


c. In Figure 7-5, most of the target energy is in position 1, with a small amount 
of energy in position 4. The output from the elevation tracking loop is positive 
and drives the antenna servos upward. The output from the azimuth tracking loop 
moves the antenna to the right. 


__Fosition2__ Position 4] 


Figure 7-5. Conical Scan Tracking Errors 
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d. Once a balance of target energy in each scan position is achieved, the 
target is in the central tracking area (Figure 7-6). The azimuth and elevation 
tracking circuits continue to drive the antenna servos to maintain this energy 
balance which keeps the radar beam on the target. 


+| Position 1 Position 3 


Position 2 Position 4 


Figure 7-6. Conical Scan Tracking 


e. The primary advantage of a conical scan radar is the small beamwidth 
which provides extremely accurate target tracking information. The primary 
disadvantages of conical scan include the following: (1) the narrow beamwidth 
makes target acquisition a problem. Even using a Palmer-helical scan, it may take 
considerable time to find and initiate track on a target; (2) conical scan radars are 
vulnerable to inverse gain modulation jamming based on the scanning frequency 
of the rotating beam; (3) a conical scan radar must analyze many radar return 
pulses to generate a tracking solution. 


4, TRACK-WHILE-SCAN (TWS) 


TWS is a combined search and tracking mode that sacrifices the continuous 
target observation capability of the dedicated tracker in return for the ability to 
monitor a finite sector of airspace. This is accomplished while maintaining tracks 
on multiple targets moving through the covered airspace. There are two types of 
radar systems capable of TWS operation: conventional and phased array. 


a. Conventional track-while-scan threat radars use two separate antennas to 
generate two separate beams (Figure 7-7). These beams operate at two different 


7-6 


Electronic Warfare Fundamentals Chapter 7. Target Trackin 


frequencies and are sectored so they overlap the same region of space. This 
overlap area provides a tracking area for a single target. One beam is sectored in 
the vertical plane to give range and elevation. The other beam is sectored in the 
horizontal plane to provide range and azimuth. Each beam scans its sector at a 
rate of 5 to 50 times per second. This provides a rapid update on target range, 
azimuth, and elevation. 


80% of Scan Areas Overlap 


Elevation Beam 


Azimuth Beam 


Figure 7-7. Conventional TWS Radar Beams 


(1) The two TWS antennas generate their beams using an electro- 
mechanical principle. Each antenna provides inputs to its own display and 
provides angle and range information for all targets in the coverage of the radar. 
The display from the elevation beam is calibrated in range and elevation, while 
the display from the azimuth beam is calibrated in azimuth and range. Operators 
position a cursor over the returns on these displays using range as the primary 
parameter. Once a target has been designated for engagement, the radar 
automatically attempts to keep the tracking axis of the radar beams centered on 
the target. 


(2) Once the target is designated by the operator, the range gate is enabled 
and tracks the target using a split-gate tracker. The azimuth and elevation 
tracking loops receive information only from targets inside the range gate. As the 
beams scan across the target, a burst of pulse returns is received that have an 


7-7 


sO 


the shielding needed to keep out broadcast station signals. The 
front and rear panels are marked, after painting, with Datak dry 
letter transfers, and then sprayed with clear plastic to prevent 
them from being worn off. When the wrap-around top, bottom, and 
side piece is buffed carefully, the receiver has a professional 
appearance. 

My semiconductors were selected because they were readily 
available to me. The SE 4010 transistors came from an old printed 
wiring board bought from a mail order house. When I ran out of 
these, I used 2N2222 transistors from another board. Both are 
replaceable with Motorola HEP55, a NPN rf transistor. 

The MOSFETs, Q1, Q2 and Q6, are the contents of a Radio 
Shack Archer Pack #276-628 called “Three MOSFET N Channel 
Transistors.” You must watch how you solder these units in place. 
Keep all the leads shorted together during the process or the gates 
will surely be ruined. After they are in place nothing seems to be 
able to keep them from working. See Figs. 5-12 through 5-14 and 
Table 5-1. 


Alignment 
I aligned the tuned circuits of my receiver using equipment 
commonly found in the ham shack. Operation one is to tune the rf 


and converter transformers to the center frequency of their bands 
using a grid dip meter for an indicator. 


Fig. 5-13. Looking toward front panel with all shields removed, along with 
cabinet. Left to right: converter transformers on loose panel, HF LO crys- 
tals on home brew holder, 1 MHz coupler, rf transformers, rf amplifier, BC 
set, S-meter amplifier, crystal filter, ANL board. 
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amplitude envelope corresponding to the beam pattern. The azimuth beam 
pattern is shown in Figure 7-8. 


v 
© 
5 
Q 
z 
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Azimuth 


Figure 7-8. Conventional TWS Azimuth Tracking 


(a) The azimuth tracker is typically a split-gate tracker, identical in 
concept to a split-gate range tracker. However, range delay time is replaced by 
azimuth scan time. The azimuth tracker uses a left gate and right gate. Each gate 
integrates its share of the target return to generate a voltage/time value. When the 
azimuth gate is centered on the target, the areas are equal and the error signal 
(right gate minus left gate) is zero. The azimuth tracking loop sends signals to the 
antenna servos to keep the target centered in the scan area. 


(b) Elevation tracking is accomplished in the same manner by using an 
up gate and a down gate. The elevation tracking loop also sends signals to the 
antenna servos to keep the target centered in the scan area. 


(3) Once the target is designated and the radar is automatically keeping 
the radar return centered in the tracking area, target range, azimuth, and elevation 
information is sent to a fire control computer. The radar continues to provide 
information on other targets in the scan area. The fire control computer indicates 
the firing solution has been achieved for the designated target, and a missile is 
launched. The radar tracks the target and the missile and provides in-flight 
corrections to the missile right up to the moment of missile impact. These 
corrections are based on both target and missile azimuth, range, and elevation 
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information. Information is passed to the missile from a dedicated antenna on the 
radar to special antennas on the missile. Commands from the radar to the missile 
are called uplink guidance commands. Information from the missile back to the 
radar and fire control computer is called downlink information. 


(4) The advantages of a conventional TWS radar include the following: (1) 
TWS radars have the ability to maintain radar contact with all targets in the sector 
scan area while maintaining target track on a single target, and (2) the rapid 
sector scan rate provides a rapid update on target parameters. The primary 
disadvantages of a conventional TWS radar include: (1) a large resolution cell due 
to the wide azimuth and elevation beams, and (2) vulnerability to modulation 
jamming based on the scan rate of the independent beams. 


b. Many modern radars employing a planar or phased array antenna system 
have a TWS mode. The radar does not really track and scan simultaneously, but 
rapidly switches between search and track (Figure 7-9). 


Track 


Figure 7-9. Phased Array TWS 


(1) The most common air-to-air radar system uses a planar array antenna. 
In the scan mode, the radar antenna generates a pencil beam and uses a raster 
scan to detect targets in the search area. Targets detected are presented to the 
pilot on the aircraft's radar display (Figure 7-10). 
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6 Bar, +30” Scan Pattern 


Figure 7-10. Air-to-Air TWS Display 


(a) In the track mode, the antenna generates multiple beams to 
illuminate individual targets. The radar typically uses monopulse or pulse 
Doppler techniques to update target range, azimuth, elevation or velocity. These 
tracking techniques will be covered later in this chapter. The radar initiates a 
track file on each detected target that contains all current data on the target and 
an estimate of future target position. 


(b) As the radar switches between track and scan modes, target 
parameters are updated in the tracking loop (Figure 7-11). The new target 
information is compared to the predicted information in the measurement data 
processing cell. If the two sets of data agree within certain limits, target position 
and information are updated. This process is called gating. 


Radar Measurement i = Track Initiation 
Sensor | > Data Processing cotton | | and Detection 


Gate Filtering (Prediction 
Formation and Update) 


Figure 7-11. Planar/Phased Array TWS Tracking Loop 
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(c) If the updated target information does not correspond to the 
predicted values, the information is sent to the correlation processor. The 
correlation processor attempts to resolve the conflict based on further refinement 
of target data. If the correlation processor cannot assign the target parameters to 
an existing track file, a new track file is generated and displayed. 


(2) The obvious advantage of a planar/phased array TWS radar is that it 
can search a large volume of airspace while tracking individual targets. The 
number of targets that can be tracked is limited by the number of beams the radar 
can generate. Planar/phased array radars have increased peak and average 
power when compared to pulse radar systems. Since the radar beam of a 
planar/phased array radar is electronically controlled and can rapidly change 
beams and scans, it is resistant to many jamming techniques. The primary 
disadvantages of a planar/phased array TWS radar include its complexity, cost, 
and reliance on computer processing. 


5. LOBE-ON-RECEIVE-ONLY (LORO) 


LORO is a mode of radar operation developed as an EP feature for a track-while- 
scan radar. LORO can be employed by any radar that has the capability to 
passively track a target. In a LORO mode, the radar transmits a continuous signal 
from a set of illuminating antennas. This continuous signal hits the target, and 
the return echo is received by a different set of receive antennas (Figure 7-12). 
The receive antennas are passive and generate azimuth and elevation tracking 
signals by electronically scanning the reflected signal. The tracking signals are 
sent to the antenna servos to keep the illuminating antennas pointed at the target 
and centered in the receive antenna tracking area. The range tracking circuit uses 
the time delay between the transmission and reception of the illuminating 
antenna signals. A split-gate tracker is used to provide range tracking. 


Transmit Antennas 


Figure 7-12. LORO Mode 
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a. The illuminating antennas used in the LORO mode have very narrow 
beamwidths and transmit at a high power level. This reduces the effectiveness of 
noise jamming techniques against a radar employing a LORO mode. In addition, 
the continuous signal from the illuminating antennas negate the effectiveness of 
most angle deception jamming techniques designed to defeat TWS radars. These 
specialized jamming techniques exploit the scan rate of TWS antennas. In the 
LORO mode, the illuminating antennas do not have a scan rate. The limited 
effectiveness of both noise and deception jamming techniques is the major 
advantage of the LORO mode. 


b. The LORO mode also provides a track-on-jam (TOJ) capability to exploit 
noise jamming techniques. In a TOJ mode, the receive antennas passively track 
any detected noise jamming signals. The radar assumes that the most intense 
jamming signal is the target. The receive antennas process the strongest 
jamming signal as if it were a target echo from the transmit antenna signal. The 
receive antennas generate azimuth and elevation tracking signals to keep the 
jamming signal centered in the tracking area. The TOJ mode does not provide 
target range. 


6. MONOPULSE RADAR 


Monopulse radars are among the most complex radar systems. From a single 
pulse, a monopulse radar can derive all the data needed to update a target’s 
position. It does this by comparing the relationship of two or more radar beams 
that are transmitted together from the same antenna but received separately. By 
comparing the phase or amplitude of the energy in these returned beams, target 
azimuth and elevation can be found. The speed that a monopulse radar updates 
the target’s position, coupled with its azimuth/elevation accuracy and resistance 
to jamming, make this a popular choice amongst many newer TTRs. 


a. The Magic T circuit allows monopulse radars to gather and process 
information from a single pulse that is transmitted and received using separate 
antennas. Figure 7-13 depicts a four-beam monopulse radar system. The Magic T 
is a sophisticated wave guide that can separate multiple signals by their phase 
relationships. This allows the radar tracking computer to compare the signal 
amplitude from the reflected pulses in several distinct ways. As the reflected 
energy enters the Magic T, it is separated by phase. The energy in the “H” arm 
will be in-phase and will exit from ports 1 and 2. The received energies entering 
the wave guide in the “E” arm exit at the number 1 port. This energy is exactly 
180° out-of-phase with energy entering the H arm. This ensures there is no 
transfer of energy between the E and H plane arms. A typical monopulse radar 
would have eight Magic T's. 
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Figure 7-13. Monopulse Magic T 


b. The output of a Magic T is the sum and difference of the two signals. These 
sum and difference values in amplitude or phase are used to generate azimuth 
and elevation error signals as well as to compute range. Monopulse radars may 
split the incoming signal as depicted in Figure 7-14. Upper antennas receive the A 
and B signals. Lower antennas receive the C and D signals. The various 
combinations of signals are processed and compared by simple addition and 
subtraction of the signal characteristics. From these steps, azimuth, range and 
elevation data are computed. 


Figure 7-14. Magic T Output Signals 
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(1) The top equation in Figure 7-15 is used to compute target range. Target 
range is derived by adding the signal from the A scan to the signal from the B 
scan. This value is then added to the sum of the C and D scan signals. The output 
of these combinations is then passed to the range circuit which figures out the 
range of the target and displays it to the operator. Monopulse range tracking is 
accomplished by using either a leading-edge or split-gate tracking loop. 


(2) Target elevation tracking error is derived using the middle equation 
from Figure 7-15. The signal from the A scan is added to the signal from the B 
scan. The signals from the C and D scans are also added. This time, however, the 
sum of A+B is subtracted from the sum of C+D. This value is then passed to the 
elevation circuit. Elevation signals are sent to the operator display and the servo 
mechanism, which corrects to the updated position of the target. 


(3) The bottom equation from Figure 7-15 is used to compute the azimuth 
error. The signal from the A scan is added to the signal from the C scan. The B 
and D scans are also added together. The sums of these values are subtracted 
from each other. This difference equals the tracking error in azimuth. The radar 
system will then position the search beam to even the energy level between the 
two pairs of sums. When this occurs, the azimuth tracking error is zero. 


(A+B) + (C+D) 5 _ IF Amp and 
Range Detector 


(A+B) - (C+D 
sl A DO IF Amp and Sato Elevation 
Elevation Detector Correction 
Error | , 


Scope Range 


to | 


dead Bo eh MEN IF Amp and 


Azimuth | Detector 
Error | 


Azimuth 


Servo Correction 


Figure 7-15. Monopulse Tracking Loops 


c. A further illustration of the idea of signal combinations can be seen by 
referring to the F-16 in Figure 7-16. All the energy is received in the B scan area. 
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The A scan signal is added to the B scan signal. The signals from the C and D 
scans are also added. However, the sum of A+B is now subtracted from the sum 
of C+D. In this case, the values from the A scan and the C scan are zero. This 
total value of (A+B) - (C+D) is then passed to the elevation circuit. 


Figure 7-16. Monopulse Elevation Tracking Error 


(1) The comparison in Figure 7-17 shows that all the energy is in the B 
scan. The radar will reposition the scan vertically to balance the energy between 
the B and D scans. When the energy level is balanced, the elevation error is zero. 


Elevation error =0 
Azimuth Error Remains 


C D 


Figure 7-17. Monopulse Elevation Track 
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(2) Using the azimuth error equation from Figure 7-15, the azimuth tracking 
loop computes the azimuth error and repositions the antenna to equalize the 
received energy in all the beams. The monopulse radar has now established a 
tracking solution (Figure 7-18). All these computations are done instantaneously 
on a pulse-to-pulse basis. 


Figure 7-18. Monopulse Azimuth Track 


7. CONTINUOUS WAVE (CW) RADARS 

CW radar was one of the earliest forms of radar systems. Unlike pulse radar 
systems, CW radars emit a continuous beam of RF energy with no interruptions 
in the transmissions to detect returning echoes. A continuous radar transmission 
from the antenna requires that a classic CW radar have two antennas, one for 
transmission and one for reception (Figure 7-19). 


Figure 7-19. CW Radar 
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a. Since a continuous transmission results in a continuous echo signal, it is 
impossible to tell what part of the echo is associated with any particular part of 
the transmission. This makes range typical determination impossible. The 
azimuth and elevation tracking capability of a CW radar is based on the antenna 
position when the target is illuminated. The simple application of the Doppler 
principle provides a means for a CW radar to track a target in velocity and reject 
clutter. The Doppler principle deals with the fact that a radar return from a moving 
target will be shifted in frequency by an amount proportional to its radial velocity 
compared with the radar site. Using the difference in frequency from the 
transmitted signal to the received signal, a CW radar can separate the target 
return from clutter based on a change in frequency. This type of radar is called a 
CW Doppler radar. 


b. The most serious disadvantage of a simple CW Doppler radar is that it does 
not provide any range information on the target. One method of obtaining range 
information from a CW radar uses frequency modulation (FM). The modulation 
can be sinusoidal, sawtooth, triangular, or any shape, as long as the rate of 
frequency change is known. The transmitter emits a continuous signal, but the 
frequency is changed in a known pattern. When the echo returns from the target, 
it is then compared to the frequency being transmitted. This frequency difference 
is directly proportional to the range of the target. 


(1) Figure 7-20 shows how a FM CW radar measures range. Using a 
triangular wave for modulation, a plot of transmitted frequency over time would 
look like the solid line. It is important to note that this is not a depiction of the 
transmitted wave but a plot of how the frequency of the wave varies with time. For 
a target, without any relative motion, the frequency returning to the receiver is 
depicted by the dotted line. The target echo frequency lags the transmitted 
frequency by time (t) There is also a frequency difference between the 
transmitted and received signals. Range to the target may be computed by 
measuring this frequency difference and dividing by the rate of change of the 
transmitted frequency. The result is time. Dividing this time by 12.4 microseconds 
per radar mile yields range to the target. The frequency difference is constant for 
a target, without any relative motion, except for the brief intervals when the 
change in frequency goes from a positive to a negative slope. These “ditches” 
are negligible and can be disregarded when calculating range. The average 
amplitude is equal to target range. 


7-17 


Fig. 5-14. Underside of chassis. Left to right: converter transformers on 
loosened panel, HF LO converter circuit board in back of bandswitch, LO 
multiplier, BFO in back of shield, 1 MHz amplifier. 


Next, you must have the shields fastened into place, power 
switch placed on, rf gain turned fully on, audio gain one quarter up, 
ANL off, BFO off, phase capacitor fully closed, and the antenna 
input supplied with a signal from a VFO. The coupling must be very 
loose to the VFO. 

The coupling recommended is two 50 ohm resistors side by 
side, one fed by the VFO and the other across the coax connected to 
the receiver antenna terminal. There is no hard electrical connec- 
tion between the resistors (only the rf field), and the spacing 
between the two should be variable. 

Back on the receiver, an oscilloscope is connected to the input 
of the filter crystal, Y6, using a high Z probe. The slugs in T11 and 
T12 are centered, and the bandswitch set to the VFO frequency 
range. The VFO or the receiver dial is varied until the rf is picked 
up and a Y. MHz IF signal is seen on the scope. T11, T12, and the rf 
converter transformer combination, when switched in, are ad- 
justed until the IF signal is amplitude. 

The rf gain should be reduced along with the coupling to the 
VFO during these adjustments, to keep the scope presentation at 
an amplitude easy to see but not overloading the circuits (about a 
volt peak). 

Connect the scope probe to the drain of Q6 and retune the 
receiver dial for a maximum display. Set the phase capacitor to its 
minimum bandwidth position, which is found by moving the VFO 
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Figure 7-20. FM CW Radar Range Determination (No Relative Motion) 


(2) For a target moving toward the radar, the FM CW radar measures both 
target range and velocity. In Figure 7-21, the frequency of the return signal will be 
increased as depicted by the dotted line. Remember, this is a graph of frequency 
versus time, not a depiction of the radar wave. For a moving target, this results in 
a varying frequency difference. A plot of the frequency difference over time 
provides target range by averaging the difference, while target velocity is found 
by comparing the two frequency differences. 
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Figure 7-21. FM CW Radar Range Determination (Relative Motion) 
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c. The primary advantage of the FM CW Doppler radar is its ability to combine 
the clutter rejection features of a simple CW Doppler radar with the capability to 
detect range. The widest application of FM CW Doppler radars is in radar 
altimeters for aircraft. In addition, the HAWK missile system uses an FM CW 
Doppler acquisition radar and a CW target illuminator. 


d. Another method used for clutter rejection in a pulse radar system is to 
employ special circuits, or Doppler processing, to identify and reject clutter. 
These special circuits are added to the receiver section of a pulse radar and are 
called moving target indicators (MTIs). There are two types of MTIs, non-coherent 
and coherent. 


(1) The earliest form of MTI was called non-coherent MTI or “area” MTI. 
Non-coherent MTI radars do not process Doppler frequencies. The returns from 
one scan are subtracted from returns from the next scan. All targets that move at 
least one resolution cell in the time between scans are displayed. All stationary 
objects, including fixed clutter, are cancelled and not displayed. In this type of 
MTI, clutter cancellation is based on the size and movement of the return. Due to 
changes in the clutter cross section, instabilities in radar operations, variations 
such as rain or clouds, and noise from the transmitter, clutter cancellation is 
never complete. In another form of non-coherent MTI, the radar returns from 
moving targets are compared to the returns from fixed targets, and the fixed 
targets are cancelled. These non-coherent MTls are simple, but they do not 
provide the clutter rejection available from coherent MTI radars. 


(2) A coherent MTI uses the fact that Doppler shifts appear to a pulse radar 
as phase shifts on the received target pulse. Coherent MTI uses sophisticated 
circuitry, including stable local oscillators (STALOs) and coherent local 
oscillators (COHOs) to capture and process these phase shifts. Further 
processing of these phase shifts yields velocities for each return. Those 
velocities associated with stationary targets are rejected and only moving targets 
are displayed. Coherent MTIs have a major problem called “blind speeds.” Blind 
speeds occur for all target Doppler frequencies that are the exact PRF, or any 
multiple of the PRF, of the radar signal. When a target is moving at a velocity that 
produces this Doppler frequency, its return is cancelled along with fixed returns. 


(3) There are three techniques to limit “blind speeds.” The first technique 
is to use a PRF stagger. By staggering the PRF, the blind speed associated with 
one PRF will be covered by the other PRF. The second method is called the delay 
line and canceler. This involves delaying each pulse so it can be compared to the 
next pulse before processing. This method enhances Doppler frequency 
comparison and rejects clutter more effectively. The third way is to use range 
gates and Doppler filters. A range gate is simply a switch that opens for a time 
corresponding to the time a radar return would arrive for a target at a specific 
range. For example, a range gate for all targets between 10 and 11 nautical miles 
would open 124 microseconds after the transmitted pulse (12.4 microseconds per 
mile) and close 12.4 microseconds later. A target return at this range would trip 
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this gate and be processed by Doppler filters to find velocity. Fixed targets would 
trip the range gate and be eliminated by the Doppler filters. This is a 
sophisticated technique that is also used by pulse Doppler radars. 


8. PULSE DOPPLER RADAR 


Pulse Doppler radars combine the advantages of both pulse and Doppler radar 
systems. Because the signal is pulsed, the radar can find range, azimuth, and 
elevation, similar to a conventional pulsed radar. A pulse Doppler radar can also 
compute overtake, or rate of closure, compared with the radar system on a pulse- 
to-pulse basis. A pulse Doppler radar operates much like an MTI, and the terms 
are sometimes used interchangeably. However, an MTI uses Doppler frequency 
shifts only to reject clutter while a pulse Doppler radar uses Doppler frequency 
shifts to reject clutter and to track targets in velocity. A pulse Doppler radar 
transmits a box or pulse of RF energy at the operating frequency of the radar 
(Figure 7-22). The frequency inside these boxes reacts the same way as the 
continuous waves of a CW radar, but since the RF waves are pulsed, range 
determination can be accomplished by measuring the time it takes for the 
reflected pulse to return from the target. Velocity determination and tracking are 
accomplished by capturing and quantifying the Doppler shift of the frequencies in 
each pulse. 


CW 
Radar 


Pulsed 
Doppler 
Radar 


Velocity Range 
Tracking Tracking 


Figure 7-22. Comparison of CW Radar and Pulse Doppler Radar 


a. A pulse Doppler radar tracks a single target in azimuth and elevation by 
employing either conical scan (sequential lobing) or monopulse tracking. Angle 
and elevation tracking employing these techniques is covered in Sections 3 and 6 
of this chapter. The error signals generated by these techniques are sent to the 
antenna servos to keep the target return centered in the antenna beam. 


b. Range tracking of a single target in a pulse Doppler radar is normally 
accomplished by a split-gate or leading-edge range tracking loop. Some pulse 
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Doppler radars employ an FM technique to provide range information during high 
PRF operations. 


c. For velocity tracking, each range gate has a complete set of Doppler filter 
banks as depicted in Figure 7-23. Each pulse of RF energy is composed of many 
frequencies. To separate the returning target frequency from all other frequencies 
in the returning waveform, the pulse Doppler radar employs filters to cancel the 
unwanted frequencies. In addition, it cancels out all returns with no frequency 
shift, which equates to canceling all returns with no movement relative to the 
radar. 


Frequency 


Clutter Filter Detection Filters 


Transmitter Frequency 
Returned Frequency 


Figure 7-23. Range Ambiguity 


d. The ability of a pulse Doppler radar to accomplish range, azimuth, and 
velocity tracking is dependent on the PRF of the radar. Table 7-1 summarizes 
these capabilities based on PRF. Low PRF tracking in velocity is extremely 
difficult due to the spacing of the spectral lines. Low PRF gives accurate range 
and azimuth as well as long, unambiguous range. Medium PRF tracking in range, 
azimuth, and velocity is easy for the radar to handle. High PRF provides excellent 
velocity resolution, but range ambiguities become a problem. 


Table 7-1. Pulse Doppler Tracking Capabilities 


_Prefix__ | Velocity | Range | Azimuth | 
__LowPRF | Poor | Good | Good | 


Med PRF A __ Good. j Sood | Good 
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e. Weaknesses of pulse Doppler radars include velocity blind speeds, range 
ambiguity, and range eclipsing. 


(1) The primary operator exploitable weakness of a pulse Doppler radar 
takes advantage of the pulse Doppler radar's biggest strength. The pulse Doppler 
is designed to eliminate ground returns so that the attacker is able to track an 
aircraft that used to be able to hide in ground clutter. To remove the ground 
clutter and avoid tracking unwanted targets like cars on a road, a filter is 
designed in the radar to eliminate all targets with a low velocity relative to the 
radar. The key to breaking track of a pulse Doppler radar is to place the aircraft in 
a speed less than the speed gate relative to the radar (Figure 7-24), commonly 
referred to as the Doppler notch. 
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Figure 7-24. Pulse Doppler Speed Gate 


(2) Range ambiguity occurs primarily with long-range targets when the 
return comes back to the radar after another pulse has already been transmitted 
(Figure 7-25). The radar will see this return and base its range calculations on the 
transmission time of the immediately preceding pulse, instead of the pulse that 
generated the return. The result will be an incorrect range calculation. 
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Figure 7-25. Range Ambiguity 


(3) Range eclipsing occurs when a target return comes back to the radar 
antenna while a pulse is being transmitted (Figure 7-26). Since the radar cannot 
receive while transmitting, the return will not be displayed. 


Not Seen 


A 


Return 
from 
Pulse 1 


Figure 7-26. Range Eclipsing 


(4) To solve the problems of range ambiguity and eclipsing, a pulse 
Doppler radar employs different PRFs and computer logic. In Figure 7-27, at 
PRF 1, the return from target 1 is eclipsed, and target 2 is ambiguous. By 
changing the PRF slightly, these range problems can be resolved. Notice that at 
PRF 2, neither target is eclipsed, and at PRF 3, target 2 is eclipsed. The computer 
logic needs to be extremely advanced to compensate for these problems. These 
simplistic examples show the complex problem of using multiple PRFs. 
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Figure 7-27. Resolving Range Ambiguity and Eclipsing 


9. SUMMARY 


This chapter has discussed the range, azimuth, elevation, and velocity tracking 
techniques employed by conical scan, TWS, LORO, monopulse, CW Doppler, and 
pulse Doppler radar systems. The method used by a specific radar system to 
track a target determines the type of jamming technique required to counter this 
system. A basic understanding of the target tracking techniques will enable you 
to understand the basic jamming techniques employed to defeat these threats. 
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CHAPTER 8. RADAR MISSILE GUIDANCE TECHNIQUES 


1. INTRODUCTION 


Once a target has been designated, acquired, and tracked by a radar system, the 
final stage in target engagement is to guide a missile or projectile to destroy the 
target. There are three basic requirements for successful missile guidance: (1) 
precise target tracking by a target tracking radar (TTR) to provide target 
parameters (range, azimuth, elevation, velocity, etc.), (2) a method to track the 
position of the missile compared with the target, and (3) a fire control computer to 
generate missile guidance commands based on target and missile position. The 
missile guidance techniques employed by modern air-to-air and surface-to-air 
missile (SAM) systems will be covered in this chapter. In addition, the target 
engagement techniques employed by antiaircraft artillery (AAA) systems will also 
be discussed. There are three distinct phases in any missile intercept: boost, 
mid-course, and terminal. 


a. Nearly all missiles are unguided during the initial boost phase (Figure 8-1). 
During the boost phase, the missile electrical and hydraulic systems are activated 
and are coming up to operating parameters. The missile is gathering speed and 
normally will be in an unguided mode of flight. 


Figure 8-1. Initial Boost Phase 


b. During the mid-course phase, the missile is actively being guided to the 
target using some type of guidance signal (Figure 8-2). Guidance signals deflect 
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the control vanes of the missile to change its direction. These vanes change the 
roll, pitch, and yaw, in some combination, to control the missile flight path. 
Normally a gas grain generator powers a small hydraulic pump that deflects the 
control vanes in response to guidance signals. Each missile carries a limited 
supply of hydraulic fluid for maneuvering. The fluid is expended through vents 
with every control surface activation. The limited quantity of hydraulic fluid can 
be a significant factor during a long-range missile intercept. 


Figure 8-2. Mid-Course Guidance Phase 


c. The final phase of an intercept is the terminal phase (Figure 8-3). During 
this phase, the missile attempts to pass close enough to the target to detonate 
the fuse while the target is within the lethal radius of the warhead. Modern 
missiles employ both a contact fuse and some type of proximity fuse. Proximity 
fuses range from command detonation for command-guided missiles, fractional 
Doppler gates for semi-active guided missiles, to active laser fuses for IR-guided 
missiles. 
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Figure 8-3. Terminal Guidance Phase 


2. COMMAND GUIDANCE 


Command guidance uses a fire control computer to constantly send course 
correction commands to the missile throughout its flight. These commands are a 
series of electrical missile guidance pulses called doublets or triplets. These 
pulses provide steering commands to the missile by varying the spacing between 
each guidance pulse. Each pulse, or pulse combination, relays some roll, pitch, 
and yaw command to the missile. These inputs are constantly corrected for the 
spatial relationship between the missile and the target's present position and rate 
of motion. Guidance commands are passed to the missile by specialized 
antennas on the TTR and an antenna installed on the missile, called a missile 
beacon. The beacon is a special radio receiver and transmitter that is attached to 
the rear of the missile. lt acts like a transponder in that the TTR tracks and 
receives guidance commands. The guidance frequency may be widely separated 
from the target tracking radar frequency to minimize interference. This beacon is 
usually masked until missile booster separation. This results in the missile being 
launched unguided for the first 2-3 seconds. This type of delay is one of the 
reasons that all command-guided missile systems have a minimum launch range. 
Command guidance is used by the SA-2, SA-3, SA-4, and SA-8. 


a. Command-guided missiles will generally fly a rectified (full or half) or three- 
point pursuit geometry during the mid-course portion of the intercept (Figure 8-4). 
However, a command-guided missile may transition to a pure pursuit geometry 
during the terminal phase of the intercept. Rectified geometry involves the 
prediction of where the target and the missile will be at some point in the future. 
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The target's direction and rate of movement is tracked and predicted. The missile 
is then launched, pulls lead on the target, and is guided to the point in the sky 
where the intercept is predicted to take place. This profile requires the constant 
update of both the target and missile positions. 


Impact Point 


Figure 8-4. Rectified Flight Profile 


b. Three-point pursuit geometry is often used when there is incomplete range 
tracking data on the target. In this case, it will be impossible to predict exactly 
where the target will be at some point in the future. In this profile, the target 
tracking radar constantly tracks the target. The missile location will be updated 
by the missile beacon. The fire control computer will direct the missile to fly 
directly down the tracking radar beam toward the target. In this geometry, the 
missile may start out on a direct intercept course and, depending on the target's 
direction and rate of movement, transition to a pure pursuit intercept. The three 
points in three-point missile geometry are depicted in Figure 8-5. Point one is the 
target tracking radar, point two is the missile itself, and point three is the target. 
By keeping all three points always in a line, the missile will intercept the target at 
some point, although the range of the target is unknown. 


8-4 


Electronic Warfare Fundamentals Chapter 8. Radar Missile Guidance Techniques 


e Point 1 


e 


Figure 8-5. Command Guidance: Three-Point Pursuit 


c. Command guidance techniques have many advantages. First, command- 
guided missiles can adjust their flight geometry throughout an intercept profile. 
Second, the missiles are uncomplicated since they do not carry onboard 
computers or target tracking equipment. The fire control computer associated 
with the TTR accomplishes all intercept calculations. Third, the primary intercept 
profile, a full- or half-rectified intercept, is the fastest and most fuel-efficient 
intercept. Fourth, command guidance is difficult to jam since the missile beacon 
antenna is at the rear of the missile and can be relatively high-powered. And 
finally, an intercept is possible even without accurate range information by using 
the three point intercept profile. 


d. Command guidance has several disadvantages. First, the use of a missile 
beacon delays the capture of the missile by the tracking radar. This can cause a 
large dead zone which equates to a larger minimum engagement range. Second, 
the accuracy of the intercept geometry is only as good as the tracking 
information provided by the target tracking radar. Jamming, interference, or loss 
of signal will adversely affect the intercept accuracy. In addition, normal radar 
characteristics could produce sufficient errors to cause the missile to miss the 
target, especially at longer ranges. Third, with insufficient range information, the 
three-point intercept profile is very slow and could result in the missile running 
out of energy before it gets to the target. Fourth, command guidance is reactive. 
The fire control computer constantly updates the intercept geometry based on 
target maneuvering. This results in missile maneuvering lagging target 
maneuvers. 
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3. SEMI-ACTIVE GUIDANCE 


Semi-active guidance is significantly different from command guidance, but only 
after launch. The first requirement is still for the target tracking radar to maintain 
a solid target track, with the tracking data being supplied to the fire control 
computer. The fire control computer then directs a target illumination antenna to 
point at the target and illuminates it with CW energy. The missile then passively 
homes on the reflected CW energy. 


a. The missile used by a threat system that uses CW homing is vastly 
different from the missile being guided by a command guidance signal. The 
missile that homes on CW energy must be equipped with a seeker section 
composed of an antenna and an internal receiver. The seeker section processes 
and computes the necessary course corrections as it flies toward the target. lt 
can do this by knowing the zero boresight line of the antenna within the missile 
(Figure 8-6). As the reflected CW energy is received by the seeker, there is 
normally some deviation from the zero reference position. The onboard computer 
then directs the control surfaces to change the flight path to reduce the reference 
errors in the antenna to zero, if possible. When the error between the antenna 
position and the boresight position is zero, the missile is pointed directly at the 
target. 
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Figure 8-6. Semi-Active Guided Missile 


b. Missile systems that use semi-active guidance normally use velocity as the 
primary target discriminator during the intercept. The missile seeker locks onto a 
reference Doppler signal provided by the fire control computer before launch. 
This Doppler signal establishes a tracking gate around the velocity of the target. 
After the missile is launched, it initially compares the reference Doppler to the 
target Doppler signal. 
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c. The mid-course phase for a semi-active missile is also different from that of 
a command-guided missile. A semi-active guided missile follows the reflected CW 
energy during the mid-course phase of the intercept and normally attempts to fly 
a lead pursuit profile to the target (Figure 8-7). If the target maneuvers, however, 
the missile may transition to a pure pursuit flight path. Unlike a command-guided 
missile, a semi-active guided missile does not use a missile beacon. The fire 
control computer does not need to know where the missile is to compute course 
corrections since all that is necessary is to illuminate the target with the CW 
illuminator. This also means that the missile can begin to track and guide when it 
is launched and locked on to the reference Doppler gate. Semi-active guidance is 
the primary mode of guidance for many surface-to-air missiles, and almost all 
radar-guided air-to-air missiles. 


Figure 8-7. Semi-Active Guidance (Mid-Course) 


d. As the missile enters the terminal phase of the intercept, there is no 
change in the guidance mode used by a CW homing missile. The missile may 
complete the terminal phase of the intercept geometry by going to a pure pursuit 
flight path, if necessary (Figure 8-8). The missile continues to home in on the 
reflected CW signal until it passes close enough for the fuse to function. 
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Figure 8-8. Semi-Active Guidance (Terminal Phase) 


e. Semi-active missile guidance has many advantages. First, a semi-active 
guided missile is resistant to electronic jamming that may be used to deny range 
information. Second, a semi-active missile can be guided almost immediately 
after launch. This gives it a very small minimum range since it can maneuver 
almost as soon as it clears the launch rail. Third, it computes its own course 
corrections as necessary. This allows for a much quicker reaction to target 
maneuvers compared to a command-guided missile. Fourth, during a long-range 
intercept, a CW missile can be more accurate than a command-guided missile. 
This is accomplished by taking the inherent long-range radar tracking errors out 
of the equation. The target tracking radar only has to keep the target illuminated 
so that it can point the CW antenna at the target. 


f. Although semi-active missile guidance is generally considered an excellent 
guidance technique, it does have some disadvantages. First, a semi-active guided 
missile normally requires reference Doppler values to be entered into the missile 
computer before launch. Without this reference, a semi-active missile cannot be 
launched (Figure 8-9). Second, a semi-active homing missile must maintain a lock 
onto the target Doppler. The use of chaff and beam maneuvers, which result in a 
near zero target Doppler, may cause a missile or radar to break lock. Third, if a 
break-lock occurs, a CW homing missile normally cannot regain target track and 
complete the intercept. 
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Figure 8-9. Semi-Active Guidance CW Reference Signal 


4, ACTIVE GUIDANCE 

Active guidance is an improvement that has been included in several new long- 
range missiles such as the AlM-54 Phoenix and the AIM-120 AMRAAM. This 
specialized guidance mode is only active during the terminal phase of flight. The 
mid-course phase usually employs semi-active or command guidance (Figure 
8-10). 


LAA 


Figure 8-10. Active Guidance Mid-Course Intercept Phase 
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a. The range at which the missile goes “active” is dependent on the intercept 
geometry. High-aspect angle intercepts allow the activation of active guidance 
sooner than beam or tail-aspect intercepts. Missiles that employ active guidance 
carry a complete miniature radar system and fire control computer within the 
missile. As the missile nears the target, its internal radar system turns on and 
locks onto the target. The internal fire control computer directs control inputs to 
complete the intercept (Figure 8-11). 


Terminal 


Missile's Active Radar Locks 
On and Completes Intercept 


` Ground/Aircraft Radar Turns Off 
After Missile's Active Radar Turns On 


Figure 8-11. Active Guidance Phase 


b. Active-guided missiles have many advantages. First, active-guided 
missiles are very accurate at long ranges. This is because they do not rely on the 
target tracking radar once their internal radar takes over the intercept. Second, an 
active missile is extremely difficult to jam. It uses a narrow beam and its relative 
power is constantly increasing as it nears the target. Third, an active-guided 
missile is a fire-and-forget weapon. Command or semi-active missile guidance 
requires the target tracking radar to maintain lock-on until the intercept is 
completed. In an air-to-air engagement, this means the interceptor is predictable 
until the missile hits the target, and vulnerable to an enemy missile attack. An 
interceptor with an active missile, however, may launch the missile and, once it 
goes “active,” can then turn around or maneuver defensively. 


c. Active-guided missiles have a few disadvantages as well. First, the active 
homing missile is a complex missile integrating both command and active 
guidance modes. Second, the missile may still be susceptible to electronic 
jamming during the mid-course phase of flight. Remember, during the mid-course 
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phase, the missile relies on command or semi-active guidance. Jamming the 
target tracking radar may affect the missile's ability to “see” the target near the 
terminal phase. 


9. SEEKER-AIDED GROUND GUIDANCE/TRACK-VIA-MISSILE GUIDANCE 


In seeker-aided ground guidance (SAGG) and track-via-missile (TVM) guidance, 
the target is illuminated by the ground-based radar and the missile receives 
reflected energy from the target. Unlike conventional semi-active homing, the 
missile does not generate its own guidance commands. Instead, the missile 
transmits raw engagement data to the ground-based fire control system (FCS) in 
order to generate uplink guidance commands. TVM is similar to SAGG; however, 
additional processing is done on-board the missile prior to transmitting the 
engagement data to the ground-based FCS. 


SLMS wy. 


Doppler Processing of Seeker Signal Data 
and Correlation with Other Information 


Figure 8-12. SAGG/Track-Via-Missile Guidance 


a. Track-via-missile and seeker-aided ground guidance are two relatively new 
missile guidance techniques with similar advantages. First, they are extremely 
accurate at long ranges where the inherent radar tracking errors may be large 
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enough to cause a miss. Second, they can respond very quickly to any actions 
taken by the target since the missile seeker can track these changes and transmit 
the new position to the TTR fire control computer. Third, TVM and SAGG can be 
used with a large and capable fire control computer since most computations are 
accomplished by the TTR. Fourth, the integration of a phased array radar and the 
powerful TTR fire control computer allows the missile system to engage multiple 
targets. The Patriot missile battery, for example, can track and engage at least 
four targets simultaneously. 


b. The major disadvantage of track-via-missile and seeker-aided ground 
guidance is that they are the most complex forms of missile guidance. They 
require the use of sophisticated computers to combine radar tracking data and 
data received from the missile. This required hardware is expensive and demands 
greater maintenance and logistical support. In addition, the missile itself needs to 
be large enough to store the appropriate hardware for computations and data 
transfer. 


6. ANTIAIRCRAFT ARTILLERY (AAA) 


The classic role of AAA is point defense. AAA systems provide close-in defense 
for high-value targets. AAA systems are deployed to defend cities, airfields, 
bridges, industrial centers, lines of communications, command and control 
centers, infantry/tank units, and SAM sites. There are two types of AAA systems: 
towed and mobile. Towed AAA is normally deployed in fixed sites around key 
targets. Mobile AAA systems are deployed to provide air defense for army units 
and to protect mobile SAM sites. The effectiveness of AAA systems, towed or 
mobile, depends on the ability of the system to predict an aircraft's future 
position to fire its unguided ballistic projectile to intercept the aircraft and 
destroy it. To accomplish this objective, AAA systems employ two primary 
tactics, aimed fire and sector/barrage fire. 


a. Aimed AAA fire requires very accurate aircraft position information and an 
accurate prediction of future position. For aimed AAA fire, this information can be 
derived by using an optical sighting system on the gun or by employing a radar 
system coupled with a fire control computer. Smaller caliber AAA guns generally 
rely on optical target acquisition and firing (Figure 8-13). The high rate of fire, 
short range, and short projectile time of flight (TOF) simplifies the prediction and 
aiming problem for these systems. Smaller caliber AAA can also use tracer 
ammunition to help the gunner in correcting his optical firing solution. Larger 
caliber AAA systems, with slow rates of fire, long range, and long projectile TOF, 
generally use a TTR and a fire control computer to solve the problems associated 
with aimed fire (Figure 8-14). 
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Figure 8-13. Optically Aimed AAA 


(1) The typical engagement sequence for an aimed AAA engagement 
employing a TTR and fire control computer begins with initial target data from an 
acquisition radar. The guns and TTR are pointed toward the target. The TTR 
initiates search and lock-on to the target. The TTR associated with large caliber 
AAA is usually a conical scan radar to provide accurate target positioning 
information. Target information is fed into the fire control computer which 
calculates the aim point, points the guns, and initiates firing. The fire control 
computer uses the target kinematic data, gun ballistics, wind, air density, and 
projectile dispersion pattern to compute the required aim point. All these 
computations are based on the assumption that the target will continue on the 
same heading, at the same altitude, and at the same airspeed during the projectile 
TOF. 
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dial around the detected frequency. Move the scope probe back to 
the input of Y6 and tweak up T12 and the first BC set IF transformer 
so that their bandpass is centered on Y6's frequency. 

Connect the scope to the output of the last BC set IF trans- 
former and tweak up the remaining BC set IF transformers so they 
are also center tuned to Y6's frequency. The BFO is switched on, 
the pitch capacitor centered, and the slug in T13 adjusted for a zero 
beat, noted at the scope and the tone at the speaker. 

The last and simplest adjustments are made to the S-meter 
calibration pots, R32 and R33. Without an rf signal being applied to 
the receiver input, rotate R34 fully clockwise, place the BFO 
switch on, and adjust R33 to a position where M1 indicates zero. 
When an rf signal is present, M1 will deflect to a value proportional 
to its power. There is no clear-cut amount of rf power per S unit, so 
set R33 to a place where what you believe is a S9 signal in the 
phones reads S9 on the meter. 

If you use a dial marked 1 through 100 like I did, a calibration 
chart will have to be made. One curve, and only one, is needed for 
all bands, because the BC set does the tuning each time. Figure 
5-11 shows how an easy-to-read chart may be laid out. The points 
for the curve are located by picking up the output of a 100 kHz 
crystal calibrator, and knowing the frequency of the converter 
crystals. Subtracting the HF rf frequency from it will locate the 
band scales on the chart. 

Conclusion 

This whole project was a very satisfying success. However, 
you could always do better if you had a second chance. The next 
time, I would replace the FT-243 style crystals with smaller 
devices, even though it would run up the cost. 

Also, their frequencies would be such that the LO multiplier 
could be eliminated, reducing the battery drain by 5 mA. I believe 
that I would make the front panel larger to accommodate a different 
type of dial. I cannot find any fault with the semiconductor devices 
or the BC set, so I would stick with them. 


LOW-COST RECEIVER FOR SATELLITE TV 


Unlike the vestigial-sideband AM video standard used for 
terrestrial TV broadcast, DOMSAT video incorporates a wideband 
FM format, with audio multiplexed onto a subcarrier prior to 
modulating the composite. The resulting wideband channel (see 
Table 5-2) affords considerable “FM advantage” (signal-to-noise 
enhancement for a given carrier-to-noise ratio); however, the 
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Figure 8-14. Radar-Directed AAA 


(2) The typical engagement sequence for an aimed AAA engagement, 
employing optical target tracking begins with initial target information from an 
acquisition radar to the fire director. The fire director gives gross aiming 
commands to the individual guns. The gunners then visually search for the target 
and use the on-carriage gun sights to predict the required lead angle and initiate 
firing. 


b. Sector or barrage fire tactics are employed when the aircraft cannot be 
accurately tracked (Figure 8-15). Acquisition information suggests an aircraft will 
traverse a volume of airspace or a specific sector. The fire director instructs the 
gunners to fire randomly into this sector in an effort to hit the aircraft with the 
barrage of AAA fire, or have the aircraft fly into a “curtain” of AAA fire. This tactic 
is especially effective for point defense for a fixed target. Attacking aircraft may 
have to fly a predictable flight path during weapons delivery. Sector/barrage fire 
can be directed to cover the expected attack directions and altitudes. 
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Figure 8-15. Sector/Barrage AAA 


7. SUMMARY 


This chapter has discussed the most common missile guidance techniques and 
AAA firing modes used by modern threat systems. A familiarity with the guidance 
technique employed by specific threat systems is the key to understanding the 
jamming techniques, chaff/flare employment settings, and tactical maneuvers 
designed to counter these systems. 
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CHAPTER 9. INTRODUCTION TO RADAR JAMMING 


1. INTRODUCTION 


Radar jamming is the intentional radiation or reradiation of radio frequency (RF) 
signals to interfere with the operation of a radar by saturating its receiver with 
false targets or false target information. Radar jamming is one principal 
component of electronic combat (EC). Specifically, it is the electronic attack (EA) 
component of electronic warfare (EW). Radar jamming is designed to counter the 
radar systems that play a vital role in support of an enemy integrated air defense 
system (IADS). The primary purpose of radar jamming is to create confusion and 
deny critical information to negate the effectiveness of enemy radar systems. 
This chapter will introduce the two types of radar jamming, the three radar 
jamming employment options, and discuss the fundamental principles that 
determine the effectiveness of radar jamming. 


2. RADAR JAMMING TYPES 
There are two types of radar jamming: noise and deception. 


a. Noise jamming is produced by modulating a RF carrier wave with noise, or 
random amplitude changes, and transmitting that wave at the victim's radar 
frequency. It relies on high power levels to saturate the radar receiver and deny 
range and, occasionally, azimuth and elevation information to the victim radar 
(Figure 9-1). Noise jamming takes advantage of the extreme sensitivity of the 
radar receiver and the transmission pattern of the radar antenna to deny critical 
information to the victim radar. 


Figure 9-1. Noise Jamming 
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b. Deception jamming uses complex receiving and transmitting circuits to 
process and retransmit jamming pulses that appear as a real target to the victim 
radar. A deception jammer receives the signal from the victim radar and alters the 
signal to provide false range, azimuth, or velocity information. The altered signal 
is then retransmitted (Figure 9-2). The victim radar processes this signal, which 
disrupts the victim radar and confuses the radar operator. To be effective, 
deception jamming must match not only the victim radar's operating frequency, 
but all the other operating characteristics, including pulse repetition frequency 
(PRF), pulse repetition interval (PRI), pulse width, and scan rate. 


a a | 
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Figure 9-2. Deception Jamming 


c. Both noise and deception jamming effectiveness are heavily dependent on 
another component of EW, specifically, electronic warfare support (ES). ES 
assets, either airborne or ground-based, provide the threat system specific radar 
parametric data and update this critical information based on observed threat 
system operations. This data provides the foundation for developing noise and 
deception jamming techniques. Intelligence and engineering assessment of this 
data are used to identify specific threat system weaknesses that can be exploited 
with the optimum noise, deception, or combination of jamming techniques. This 
information is then programmed into jamming systems to counter specific 
threats. 
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3. RADAR JAMMING EMPLOYMENT OPTIONS 

There are currently two primary employment options for both noise and 
deception jamming techniques. These options are: (1) support jamming, and (2) 
self-protection jamming. Support jamming can be broken down further into stand- 


off jamming (SOJ), and escort jamming. 


a. To counter early warning, ground control intercept (GCI), and acquisition 
radars associated with an enemy IADS, noise and deception jamming techniques 
are employed by specialized support jamming aircraft. The goal of support 
jamming is to create confusion and delays within the command and control 
structure of the IADS. Deny, delay or degrade the enemy's ability to engage 
friendly forces. Support jamming operations can be focused against a national 
level IADS through the use of a stand-off jamming (SOJ) profile (Figure 9-3) or 
against a target area threat array using an escort jamming profile. 
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Figure 9-3. Stand-Off Jamming 


(1) From an orbit area outside the surface-to-air missile (SAM) engagement 
zone, SOJ aircraft employ specialized jamming techniques to deny the enemy 
information about the attack package. SOJ aircraft employ specialized noise 
jamming techniques to generate jamming strobes on the victim radar display. 
This effectively denies range and azimuth information on aircraft ingressing and 
egressing the area covered by the noise jamming strobes. Intensity of the strobes 
is based on the power in the jamming. The area covered is based on the amount 
of jamming that can be injected into the main beam and sidelobes of the victim 
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radar. The effectiveness of SOJ noise jamming is determined by the power the 
jammer can generate relative to the power the victim radar can generate. This is 
called the jamming-to-signal (J/S) ratio. 


(2) SOJ aircraft can also employ a deception technique to generate false 
targets to confuse the radar operator and mask the presence of real targets 
(Figure 9-4). In this specialized technique, the deception jammer must tune to the 
frequency, PRF, and scan rate of the victim radar. The jammer then transmits 
multiple jamming pulses that the victim radar receiver processes like real target 
returns. With enough power, the deception jammer can generate multiple false 
azimuth targets by injecting jamming pulses into the sidelobes of the victim 
radar. False moving targets and false range targets are generated by varying the 
time delay of the jamming pulses based on the PRF and scan rate of the victim 
radar. 
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Figure 9-4. False Target Jamming 


(3) Escort jamming is a specific tactic used by the EA-6B Prowler. The 
EA-6B is employed as an integral part of the attack package and is normally 
positioned behind and above the attack package (Figure 9-5). 
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Figure 9-5. Escort Jamming 


Using noise jamming, the EA-6B attempts to deny range and azimuth 
information to the victim radar by injecting high power signals into the main radar 
beam and sidelobes. To be effective, the EA-6B must be properly positioned in 
relation to the ingressing or egressing attack package (Figure 9-6). 


Figure 9-6. Escort Jamming Alignment 
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b. Self-protection radar jamming targets the radar systems that support 
jamming cannot negate. Self-protection jamming systems are part of a self- 
protection suite that includes a self-protection jamming pod, a chaff/flare 
dispenser, and on some aircraft, a towed decoy system. The overall purpose of 
these systems is individual aircraft survivability. These systems are designed to 
counter the individual SAM, AAA, and Al assets associated with the enemy lADS. 
They employ deception jamming techniques against the target tracking radars 
(TTRs) associated with these threats. They are designed to break the radar track 
or generate sufficient tracking errors to cause the missile or bullet to miss the 
aircraft. 


(1) Self-protection radar jamming systems usually employ deception 
jamming techniques based on several factors. First, effective deception jamming 
techniques generally require less power than noise jamming techniques. Second, 
less power means less weight and space, which are very important 
considerations for modern tactical aircraft. Finally, deception jammers can be 
designed to jam multiple threats, which is a critical requirement for operations in 
a dense threat environment (Figure 9-7). 
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Figure 9-7. Self-Protection Jamming 


(2) Despite the advantages of deception jamming techniques for self- 
protection jamming, there are some limitations that must be considered. First, 
deception jammers are complex electronic systems that must receive a victim 
radar's signal, memorize all its characteristics, modify the signal, and retransmit 
this modified signal at a high power level. Second, to be effective, deception 
jammers must be programmed with all the signal parameters (frequency, PRF, 
PRI, pulse width, scan rate, etc.) of the victim radar. Finally, because many 
deception techniques can be effective against specific threats, selecting optimum 
techniques to employ against these threats must be based on identified threat 


9-6 


Electronic Warfare Fundamentals Chapter 9. Introduction to Radar Jamming 


system limitations. Identifying these specific threat systems limitations may be 
difficult. 


4. FUNDAMENTALS OF RADAR JAMMING 


There are some fundamental principles that apply to all types of jamming and to 
all jamming employment options. These principles are based on the 
characteristics of the jamming system and the characteristics of the victim radar. 
They include frequency matching, continuous interference, signal-to-noise ratio, 
jamming-to-signal ratio, and burnthrough range. 


a. Based on the data provided by ES systems and intelligence evaluations, 
radar jamming systems must transmit signals at the frequency of the victim radar 
This applies to both noise and deception jamming. If a jamming signal does not 
match the transmitter frequency, the jamming signal is not received and 
displayed on the scope (Figure 9-8). When a jamming signal matches the 
transmitter frequency, the jamming signal is received and masks the target 
display (Figure 9-9). 
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Figure 9-8. Jamming Frequency Error 
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bandwidth and format tend to complicate the receiver design task. 

Were a signal consisting of vestigial-sideband AM video with 
intercarrier narrowband FM audio available from the satellites, 
receive processing would involve merely heterodyning the 
selected channel in the 4-GHz transmission band against a stable 
microwave local oscillator (LO), and applying the VHF difference 
signal directly into the tuner of a conventional TV set. Unfortu- 
nately, with DOMSAT signals as they are currently formatted, 
such a down-conversion process would merely spread unintelligi- 
ble sidebands across six adjacent TV channels. Thus, it becomes 
necessary to design a complete receiver, including heterodyne 
conversion stages, demodulators, and video and audio processing 
circuitry, to recover and display satellite TV. 


Frequency Agility 

It will be noted from Table 5-2 that the downlink band used by 
most North American DOMSATs is 500 MHz wide, and that for a 
given antenna polarization there will be present up to twelve video 


Table 5-2. Typical DOMSAT Signal Characteristics. 


Video Carrier 

Channels 24 
Adjacent channel spacing 40 MHz 
Orthogonal channel spacing 20 MHz 
Frequency band 3.7-4.2 MHz 
Peak deviation 10.25 MHz 
Max. video frequency 4.2 MHz 


Pre-emphasis curve CCIR 405-1 


Audio Subcarrier 


Frequency 6.8 MHz 
Peak deviation 75 kHz 
Max. audio frequency 15 kHz 


Pre-emphasis time const. 75 usec 


Energy Dispersal 
Waveform Triangular 
Frequency 30 Hz 

Peak deviation 


Composite 
EIRP +65 dBm 
Path loss — 196 dB 
99% power bandwidth 36 MHz 
Received spectral density — 206 dBm/Hz 
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Figure 9-9. Correct Jamming Frequency Matching 


b. For maximum effectiveness, a jamming transmitter should produce 
continuous interference. In much the same way intermittent static on a radio 
receiver does not completely block out a signal, intermittent jamming on a radar 
scope may not completely mask the target. An experienced radar operator or 
advanced automatic tracker can “read through” intermittent jamming and derive 
sufficient target information to negate jamming effectiveness. While true for noise 
jamming techniques, continuous interference also applies to deception 
techniques, especially when target reacquisition is considered. 


c. The signal-to-noise (S/N) ratio is a measure of the ability of the victim radar 
to detect targets. It is also an indication of the vulnerability of the radar to certain 
jamming techniques, especially noise jamming. 


(1) From the discussion of the basic radar equation in Chapter 5 (Equation 
5-10), Equation 9-1 is the signal power density of a target return at the radar 
receiver. The signal power density of the target return is so weak that it requires 
very strong amplification before processing and display. Besides the signal 
power from the target, some level of thermal noise is also generated and 
amplified along with the target signal. For an “ideal” (no noise) amplifier, 
Equation 9-2 is used to compute the level of thermal noise generated by the 
amplifier. 
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P, = transmitted power 
G =antenna gain 


O = target radar cross section (RCS) 
Ae = antenna aperture area 
R = range to the target 


Equation 9-1. Signal Power Density 


K = Boltzman's Constant 
(1.38 x 10 watts/Hz degrees K) 


Thermal Noise (N) = KTBF T = standard temperature (290 K) 


B = radar receiver equivalent bandwidth 
F = radar receiver noise figure 
(one for "ideal" receiver) 


Equation 9-2. Thermal Noise 


Note: The instantaneous bandwidth of a receiver is the frequency range over 
which the receiver can simultaneously amplify two or more signals to within a 
specified gain. 


(2) The radar receiver amplifies both target signal and thermal noise. The 
output of the radar receiver will contain the target signal and the noise amplified 
across the bandwidth of the receiver. Separating the desired target signal from 
the undesired noise signal is one of the major problems confronting radar 
designers. 


(3) Equation 9-3 is derived by dividing Equation 9-1 by Equation 9-2. Many 
factors in this equation fluctuate and must be estimated using statistical 
calculations. For example, target RCS fluctuates based on the changing angle of 
the antenna beam and corresponding changes in the reflected signal. Effective 
antenna aperture is also a statistical phenomenon based on the fluctuations in 
target RCS. The thermal noise generated by a receiver is also a fluctuating factor 
and must be treated statistically. This means that the S/N ratio is a statistical 
factor associated with a probability of target detection and a probability of a false 
alarm. A false alarm occurs when the radar operator or automatic tracking circuit 
designates a fluctuation in noise level as a target. The higher the S/N ratio, the 
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higher the probability of target detection with a corresponding reduction in the 
probability of a false alarm. 


1 
P GJA, be y 7) 


KTBF 


Signal-to-Noise Ratio = 


P, = transmitted power K = Boltzman's Constant 

G =antenna gain (1.38 x 10 watts/Hz degrees K) 

T = standard temperature (290° K) 

B = radar receiver equivalent bandwidth 


4 F = radar receiver noise figure 
rango onno argar (one for "ideal" receiver) 


o = target radar cross section (RCS) 
Ae = antenna aperture area 


Equation 9-3. Signal-to-Noise Ratio 


(4) An analysis of Equation 9-3 suggests that any action that increases the 
power in the target signal (for example, increasing transmitted power, increasing 
antenna gain/aperture area, or decreasing target range) will improve the S/N ratio 
and improve the probability of target detection. It would also appear that 
decreasing the bandwidth of the radar receiver will increase the S/N ratio and 
enhance the probability of target detection. However, if the effective bandwidth of 
the receiver is reduced, this may eliminate a significant portion of the radar signal 
spectrum and decrease the probability of target detection. 


(5) The S/N ratio is also an indication of the range at which a target will be 
detected. A plot of the receiver output of a typical radar is shown in Figure 9-10. 
The weak target signal at an extended range is just above the receiver noise level. 
The target at closer range is easily detected above the noise level. A radar 
operator or automatic target detector could mistake the very weak target return 
as a fluctuation in the receiver noise level. This could result in a missed 
detection. The lack of discrimination between noise and target returns because of 
a poor S/N ratio can also result in designating fluctuations in the noise level as 
actual target signals, known as false alarms. 
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Figure 9-10. S/N Ratio and Target Detection 


(6) To preclude, or minimize false alarms, the radar receiver may be 
equipped with electronic circuits to establish a false alarm threshold. If the signal 
strength of a radar return is below this threshold level, it will not be detected or 
displayed (Figure 9-11). This false alarm threshold also influences the probability 
of target detection. With the threshold set too high, many detected targets will not 
be displayed. Additionally, if the false alarm threshold is raised automatically in 
relation to the amplitude of the receiver noise, the radar receiver is more 
vulnerable to noise jamming. 
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(7) For any target return to be detected by the radar, the S/N ratio must be 
greater than one. If the S/N ratio is less than one, the target will not be detected 
above the receiver noise level. The purpose of noise jamming is to raise the level 
of noise in the radar receiver to reduce the S/N ratio to less than one. This masks 
the presence of the true target return. If a false alarm threshold is used, noise 
jamming raises this threshold to further complicate target detection. Figure 9-12 
depicts a S/N ratio greater than one. Figure 9-13 depicts a S/N ratio of less than 
one due to noise jamming. 


Figure 9-12. S/N Ratio Greater Than One 


Figure 9-13. S/N Ratio Less Than One 
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d. The jamming-to-signal (J/S) ratio is a fundamental measure of jamming 
effectiveness. The J/S ratio compares the power in the jamming signal with the 
power in the radar return. Equation 9-4 is an expression of the J/S ratio. It is 
important to note that the J/S ratio should be measured at the output of the radar 
receiver. This will allow consideration of the receiver signal processing gain 
applied to the jamming signal. 


Jamming-to-Signal Ratio = 


TEET 
P, = jamming power transmitted 
G, = jamming antenna gain 
P, = peak power transmitted by the radar 
G, = radar antenna gain 
R =range from jammer to radar 
o = aircraft RCS 


Equation 9-4. Jamming-to-Signal Ratio 


(1) The most critical factor in both the S/N and the J/S ratios is range. The 
S/N ratio is calculated based on R to the fourth power. This equates to a signal 
traveling from the radar to the target, and back to the radar receiver. The J/S ratio 
is calculated using R to the second power. This factor reflects the “one way” 
transmission of the jamming pulse from the jammer to the victim radar's receiver. 


(2) For a jamming signal to be effective, the J/S ratio must be greater than 
one. In general, threat radars, especially ground-based radars, transmit much 
more power than does an airborne jamming system. However, this power must 
travel twice as far as the airborne jamming signal. At long ranges, a low power 
jamming system can generate a J/S ratio much greater than one. In Figure 9-14, 
the jamming pulse completely masks the target return. As the jamming system 
approaches the target, the distance the radar pulse travels decreases with a 
corresponding increase of power in the radar return. This reduces the J/S ratio to 
a value less than one and the radar “sees” the target. This is called the 
burnthrough range (Figure 9-15). 
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Figure 9-14. J/S Ratio Greater Than One 
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Figure 9-15. J/S Ratio Less Than One 


e. Burnthrough occurs when the power in the reflected target signal exceeds 
the power in the jamming signal. Even when an optimum and continuous 
jamming technique is transmitting on the exact frequency of the victim radar, the 
jamming starts to lose effectiveness as it nears the radar. For a particular radar 
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jamming technique, burnthrough range depends on the detection capability of the 
victim radar, expressed as the S/N ratio, and the capability of the aircraft's 
jamming system, expressed as the J/S ratio. The idea of burnthrough range 
explains why a jamming technique, especially noise jamming, loses its 
effectiveness as the aircraft approaches the radar. When plotting the jamming 
and signal power versus range (Figure 9-16), these two values intersect at the 
point where the J/S ratio is one. At closer ranges, the jamming pulse is no longer 
masking the aircraft, and the aircraft can be detected. Burnthrough range is the 
point where the radar can see through the jamming. 
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Figure 9-16. Burnthrough Range 


5. SUMMARY 


The purpose of radar jamming is to confuse or deny critical data to the radar 
systems that play a vital role in supporting the mission of an integrated air 
defense system. Two types of radar jamming, noise and deception, can be 
employed in a support-jamming role, or in a self-protection role for individual 
aircraft. The effectiveness of a jamming technique depends on the ability of the 
jamming system to generate a jamming signal that replicates the parameters of 
the victim radar, especially its frequency. The signal-to-noise ratio of the victim 
radar determines the vulnerability of the radar receiver to jamming while the 
jamming-to-signal ratio is an indication of the ability of the jamming system to 
effectively jam the victim radar. These basic radar jamming concepts are 
fundamental to understanding the impact of specific jamming techniques on 
radar systems. 
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CHAPTER 10. RADAR NOISE JAMMING 


1. INTRODUCTION 


A radar noise jamming system is designed to generate a disturbance in a radar 
receiver to delay or deny target detection. Since thermal noise is always present 
in the radar receiver, noise jamming attempts to mask the presence of targets by 
substantially adding to this noise level. Radar noise jamming can be employed by 
support jamming assets or as a self-protection jamming technique. Radar noise 
jamming usually employs high-power jamming signals tuned to the frequency of 
the victim radar. This chapter will discuss the factors that determine the 
effectiveness of radar noise jamming, radar noise jamming generation, and the 
most common noise jamming techniques. These noise jamming techniques 
include barrage, spot, swept spot, cover pulse, and modulated noise jamming. 


2. RADAR NOISE JAMMING EFFECTIVENESS 

The effectiveness of radar noise jamming depends on numerous factors. These 
factors include the jamming-to-signal (J/S) ratio, power density, the quality of the 
noise signal, and the polarization of the transmitted jamming signal (Figure 10-1). 


Detected Target Returns 


e 


Figure 10-1. Noise Level in a Typical Radar Receiver Output 


a. One of the most important factors that impacts the effectiveness of radar 
noise jamming is the J/S ratio (Figure 10-2). As discussed in Chapter 9, the power 
output of the noise jammer must be greater than the power in the target return, as 
measured at the output of the radar receiver. To achieve this level of jamming 
power, radar noise jammers usually generate high-power jamming signals. These 
high-power jamming signals can be introduced into the victim radar's main beam 
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Fig. 5-15. Spectral display of a 4-GHz DOMSAT downlink recovered on a 
4.7-meter antenna and amplified by a GaAs FET Low-Noise Amplifer (LNA). 
Horizontal deflection is 100 MHz/div, and vertical sensitivity is 10 dB/div. 
Eleven video carriers, along with their associated FM sidebands, are visi- 
ble. Note that the fourth channel above the bottom of the band is vacant. 
Otherwise, channel spacing is 40 MHz and carrier-to-noise ratio appears 
to be on the order of 10 dB. 


carriers, spaced 40 MHz apart (see Fig. 5-15). That these signals 
are of extremely low amplitude complicates the design of the Earth 
station's antenna and low noise preamplifier,but we will assume for 
the moment that an adequate signal-to-noise ratio exists at the 
input of the receiver to permit signal recovery. The problem at 
hand, then, is to select a particular 40-MHz wide channel from 
among 12 such signals in a 500-MHz wide band, while adequately 
attenuating the adjacent channels. 

A Tuned Radio Frequency (TRF) approach, with detection 
occurring directly at the downlink frequency, would require 
readily-tunable bandpass filters of high Q (to accommodate the 1% 
or so channel bandwidth) and skirts steep enough to reject adjacent 
channels. Tuning requirements rule out both LC and resonant 
cavity filters, suggesting the use of Yttrium-Iron-Garnett (YIG) 
sphere resonators for channel selection. 

Although YIG filters can readily be bias-tuned, their cost and 
the complexity of the required driving circuitry tend to rule them 
out for private terminal applications. Furthermore, it is far easier 
to tune a single oscillator than a bank of filters. This suggests 
heterodyne-downconverting a selecting channel into a fixed inter- 
mediate frequency, at which demodulation may take place. 


I-f Selection 

The selection of intermediate frequencies for super- 
heterodyne receivers involves careful attention to the required and 
realizable mixer bandwidths, image rejection criteria, demodulator 
circuit capabilities, and tuning constraints. These various consid- 
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to deny range information and into the victim radar's sidelobes to deny azimuth 
information. 
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Figure 10-2. Impact of Noise Jamming 


b. Another factor which impacts the effectiveness of radar noise jamming is 


the power density. The power density of the noise jamming signal has a direct 
relation to the J/S ratio. 


(1) Ifthe noise jamming signal is centered on the frequency and bandwidth 
of the victim radar, the jamming signal has a high power density. The ability of a 
noise jammer to concentrate the jamming signal depends on the ability of the 


jammer to identify the exact frequency and bandwidth of the victim radar 
(Figure 10-3). 
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Figure 10-3. Power Density — Narrow Bandwidth 
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(2) If the generated noise jamming signal has to cover a wide bandwidth or 
frequency range, the power density at any one frequency is reduced (Figure 10-4). 
Radar systems that are frequency agile or that employ a wide bandwidth can 
reduce, or negate, the effectiveness of noise jamming by reducing the power 
density of the jamming signal. 
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Figure 10-4. Power Density — Wide Bandwidth 


c. The quality of the noise jamming also determines its effectiveness. To 
effectively jam a radar receiver with noise, the jamming signal must emulate the 
thermal noise generated by the receiver. This ensures that the radar operator or 
automatic detection circuit cannot distinguish between the noise jamming and 
normal thermal noise. Thermal noise is referred to as white noise and has a 
uniform spectrum. All of the frequencies in the bandwidth of the receiver have the 
same spectrum and an amplitude that varies based on Gaussian distribution. A 
Gaussian distribution is simply a bell-shaped distribution of amplitudes. In order 
to be effective, the jamming signal should exactly match the characteristics of the 
thermal noise signal of the victim radar receiver. 


d. Polarization of the noise jamming signal is another significant factor that 
impacts its effectiveness. As discussed in Chapter 2, if the polarization of the 
jamming signal does not match the antenna polarization of the victim radar, there 
is a significant power loss in the jamming signal. Noise jamming systems 
designed to counter multiple threat radars, with various polarizations, generally 
use a transmitting antenna with a 45° slant or use circular polarization. Most 
threat systems are horizontally or vertically polarized. This results in a 50% 
reduction in effective radiated power (ERP) for most threat systems. A more 
serious power loss, nearly 100%, in ERP occurs when the jamming antenna is 
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orthogonally polarized with the victim antenna. The polarization of the noise 
jamming signal impacts the J/S ratio and the power density. 


3. RADAR NOISE JAMMING GENERATION 


Noise jamming is produced by modulating an RF carrier wave with random 
amplitude or frequency changes, called noise, and retransmitting that wave at the 
victim radar's frequency. Since noise from numerous sources is always present 
and displayed on a radar scope, noise jamming adds to the problem of target 
detection. Reflected radar pulses from target aircraft are extremely weak. To 
detect these pulses, a radar receiver must be very sensitive and be able to 
amplify the weak target returns. Noise jamming takes advantage of this radar 
characteristic to delay or deny target detection. 


a. The simplest method of generating a high-power Gaussian noise jamming 
signal is to employ a highly amplified diode to generate a noise signal at the 
frequency of the victim radar. This signal is filtered and directly amplified to the 
maximum power that can be generated by the transmitter. This method is called 
direct noise amplification (DINA). The DINA method of noise generation has a 
serious limitation. The maximum power available from linear wideband power 
amplification is extremely limited. Employing any other form of power 
amplification would alter the Gaussian distribution of the jamming signal. This 
method of generating radar noise jamming was used extensively during WW Il. 


b. Modern noise jamming systems generate noise jamming signals by 
frequency modulating a carrier wave at the frequency of the victim radar. FM 
noise jammers employ a receiving antenna to intercept the victim's radar signal. 
The antenna passes the victim radar signal to the receiver for identification. The 
receiver also tunes the jamming signal generator to the correct frequency. The 
receiver uses an automatic frequency control (AFC) circuit to tune the voltage- 
controlled oscillator (VCO) to the frequency of the victim radar. A noise signal is 
generated by the jamming signal generator and added to the tuning voltage of the 
VCO to get an FM jamming signal. This signal is sent to a traveling wave tube 
(TWT) power transmitter. The TWT is normally operated in a saturated mode 
which produces a high-power jamming signal that covers a wider bandwidth than 
the victim radar. This reduces the power density of the signal, but the high power 
levels available from the TWT amplification of an FM signal compensate for this 
loss. The signal is sent to the transmitting antenna and directed toward the victim 
radar. 


c. Figure 10-5 highlights an important feature of a modern radar noise 
jamming system: a look-through capability. A look-through mode allows the 
receiver to periodically sample the signal environment. The objective of the look- 
through mode is to allow the jammer to update victim radar parameters and 
change the jamming signal to respond to changes in the signal environment. This 
greatly enhances the effectiveness of noise jamming systems. One method used 
to provide a look-through capability is to isolate the transmit and receive 
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antennas to allow continuous operation of the receiver to update signal 
parameters. Another method is to switch off the jammer for a brief period to allow 
the receiver to sample the signal environment. Since this latter look-through 
method eliminates the jamming signal, the amount of time the jammer is switched 
off must be kept to a minimum. 
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Radar Signal 


Jamming Signal Modulator | 


Look-Through 


Figure 10-5. Frequency Modulated (FM) Noise Jamming System 


4. BARRAGE JAMMING 


An important aspect of jamming power is power density. Noise jamming depends 
on power density for its effectiveness. Power density is a function of the 
frequency range, or bandwidth, of the jamming signal. lf a jammer covers a 
narrow frequency range, it can concentrate energy in a narrow band. If a jammer 
covers a wide frequency range, the energy is spread over that entire range. Since 
the jammer has fixed radiated power, this lowers the effective jamming power at a 
given frequency. Barrage jamming is a jamming technique where high power is 
sacrificed for the continuous coverage of several radar frequencies (Figure 10-6). 
The jamming signal is spread over a wide frequency range, which lowers the ERP 
at any one frequency. This type of jamming is useful against frequency-agile 
radars, against a radar system that uses multiple beams, or against multiple radar 
systems operating in a specific frequency range. By spreading the jamming over 
a wide frequency range, there is some level of jamming no matter what frequency 
the radar uses. Barrage jamming was used extensively during World War Il. 
Advantages of barrage jamming are its simplicity and ability to cover a wide 
portion of the electromagnetic spectrum. The primary disadvantage is the low 
power density, especially when a high J/S ratio is needed against modern radars. 
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Figure 10-6. Barrage Jamming 


5. SPOT JAMMING 


One way to take advantage of the noise jammer's simplicity, but raise the 
jamming signal power, is to use a spot jammer. The earliest spot jammers were 
very narrow band jammers covering a bandwidth of 10 megahertz or less (Figure 
10-7). This narrow band spot jammer was tuned to the anticipated frequency of 
the target radar. When it is necessary to jam a number of radars at different 
frequencies, more than one jammer is used. One problem that developed was of 
carrying the required number of spot jammers to counter a modern IADS. Also, 
radars that change their operating frequency, or are frequency-agile, defeat the 
spot jammer. Today, intercept panoramic receivers work with spot jammers to 
determine the frequency of the victim radar. A look-through capability is included 
in the system so that the target radar signal can be monitored to assess jamming 
effectiveness. The jamming signal can be adjusted for any changes in the 
operating frequency of the radar. 
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Figure 10-7. Spot Jamming 
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a. The primary advantage of spot jamming is its power density. Radar or 
communications receivers can be countered at longer ranges than when using a 
barrage jammer of equal output power (Figure 10-8). 
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Figure 10-8. Spot Jamming Effectiveness 


b. A disadvantage of the spot jammer is its coverage of a narrow band of the 
frequency spectrum. An operator or computer in the receiver must constantly 
monitor and tune the jamming signal to the target radar's frequency. The 
complexity of this process increases when jamming frequency-agile radars that 
can change frequencies with every pulse. 


6. SWEPT-SPOT JAMMING 


When high power density is required over a large bandwidth, one solution is to 
take spot jamming and sweep it across a wide frequency range (Figure 10-9). This 
preserves the high power density but allows the jamming to cover a large 
bandwidth. The jamming spot is swept across a broad frequency range at varying 
speeds. With this technique, a number of radar systems can be covered. Because 
of their high jamming power, swept-spot jammers are able to cover a number of 
radars operating in a broad frequency range. However, jamming is not 
continuous. Fast swept-spot jamming can approximate continuous jamming by 
causing a phenomenon known as “ringing.” Fast sweeping spot noise is like a 
burst of energy which sets up vibrations within the receiver section. When these 
vibrations last until the next burst of energy is received, this is known as ringing. 
Three factors determine swept-spot jamming effectiveness. The first is the power 
in the spot. The next is the bandwidth, or frequency range, the spot covers. The 
last is the sweep rate. 
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Figure 10-9. Swept-Spot Jamming 


7. COVER PULSE JAMMING 


Cover pulse jamming is a modification of swept-spot jamming. This is a “smart 
noise” technique that is responsive for a short period of time (Figure 10-10). A 
repeater jammer acts as a transponder. It receives several radar pulses and 
determines the PRF of the victim radar. It then uses this data to predict when the 
next radar pulse should arrive. Using an oscillator that is gated for a period of 
time based on predicted pulse arrival time, a noise-modulated signal is amplified 
and transmitted. This process works against a radar with a steady PRF, and 
allows a low-powered repeater to respond to a number of threats by time-sharing. 


Cover Pulse 


Figure 10-10. Cover Pulse Jamming 
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a. Cover pulse jamming is used to initiate a range gate pull-off (RGPO) 
deception jamming technique. The deception jammer transmits a noise jamming 
signal, or cover pulse, that is much stronger than the target return. The cover 
pulse raises the automatic gain inside the range gate, and the range tracking loop 
initiates tracking on the cover pulse. The deception jammer then increases the 
time delay in the jamming pulse and moves the range tracking gate away from the 
real target (Figure 10-11). 
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Figure 10-11. Range Gate Pull-Off Cover Pulse 


b. A form of cover pulse jamming is also used to initiate a velocity gate pull- 
off (VGPO) technique against continuous wave and pulse Doppler radars. The 
cover pulse, in this case, is a strong jamming signal with the same frequency 
shift as the aircraft return. This cover pulse steals the velocity tracking gate and 
sets up the velocity tracking loop to steal the velocity tracking gate based on 
false target Doppler shifts (Figure 10-12). 
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Figure 10-12. Velocity Gate Pull-Off Cover Pulse 


8. MODULATED NOISE JAMMING 


Modulated jammers are special hybrid jammers which employ noise jamming that 
is either amplitude or frequency modulated. The purpose of this modulated noise 
is to defeat target tracking radars (TTRs) rather than deny range information. 
Modulated noise jamming has proven effective against conical scan and track- 
while-scan (TWS) TTRs. 


a. Modulated jamming alters the noise jamming signal at a frequency that is 
related to the scan rate of the target radar. If modulated jamming is used against 
a conical scan radar, a sine wave signal is used (Figure 10-13). The frequency of 
the sine wave is slightly higher than the scan rate of the victim radar. The 
amplitude difference results in a constantly varying phase between the radar and 
the jamming signal. This phase differential produces false targets with a strong 
signal amplitude everywhere the signals reinforce each other. This causes the 
conical scan radar to track the false returns and lose the real target return. For 
this technique to work, the scan rate of the intended victim radar must be known. 
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Figure 10-13. Conical Scan Modulated Jamming 
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b. Against a TWS radar, a rectangular waveform is used to modulate the noise 
signal. The PRF of the modulation is set at some harmonic of the TWS rate. This 
synchronization results in a number of jamming strobes on the radar scope. Each 
jamming strobe is at a different azimuth or elevation depending on which radar 
beam is being jammed. The number of jamming strobes depends directly on the 
harmonic used to modulate the signal. In Figure 10-14, a modulating signal 
frequency that is four times the scan rate of the radar will produce four jamming 
strobes on the scope. If the jamming is slightly out of tune with the scan rate, the 
jamming strobes will appear to roll across the radar scope. 
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Figure 10-14. TWS Modulated Jamming 


9. SUMMARY 


Radar noise jamming is employed to deny target acquisition and target tracking 
data to a victim radar. This is accomplished by injecting amplitude or frequency 
modulated noise jamming signals into the victim radar's receiver. The radar noise 
jamming techniques discussed in this chapter included barrage, spot, swept- 
spot, cover pulse, and modulated jamming. The effectiveness of these noise 
jamming techniques depends on the power density of the jamming signal 
compared to the power in the radar return, or the J/S ratio. Radar noise jammers 
are generally simple, high-power systems which can be effectively employed in a 
support or self-protection role. Radar noise jamming can be employed in 
conjunction with deception jamming techniques to maximize the impact of 
jamming on victim radars. 
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erations tend to be mutually exclusive, but it has been shown that 
for narrowband systems, a reasonable compromise is achieved by 
selecting an intermediate frequency approximately one-tenth the 
frequency of the incoming the frequency of the incoming signal. 
Although DOMSAT video hardly qualifies as anarrowband service, 
we can use the one-tenth rule of thumb to establish a starting point. 
For a 4-GHz input signal, this suggests a UHF i-f. However, the 
various demodulator circuits compatible with wideband FM video 
(quadrature detector, ratio detector, Foster-Seely discriminator, 
phase-locked loop and the like) are all the most readily realized in 
the lower portion of the VHF spectrum. An obvious solution is to 
utilize dual downconversion, with first and second i-fs near 400 and 
40 MHz, respectively. . 

In fact, numerous experimental DOMSAT video terminals 
have adopted the above frequency scheme, many employing UHF 
TV tuners for the second downconversion. The drawbacks to such 
an approach include the typical UHF tuner’s restricted channel 
bandwidth, relatively high noise figure, and poor local oscillator 
stability. Nevertheless, when cost is the primary design con- 
straint, these problems can be circumvented. 

Not so readily resolved is the input filtering requirement 
which such a frequency scheme imposes. Assuming low-side first 
LO injection and top-channel reception, the first conversion will 
generate an image frequency which falls a mere 300 MHz below the 
bottom edge of the down-link passband. An input filter capable of 
providing adequate passband flatness and minimal insertion loss 
over the 3.7- to 4.2-GHz band is unlikely to provide adequate 
image rejection if a 400-MHz first i-f is utilized. One may wish to 
raise the first i-f high enough to separate the image frequency band 
well away from the downlink passband, thus simplifying input 
filtering. 

In fact, if the Low-Noise Amplifier (LNA) which precedes the 
receiver utilizes a waveguide input, then an image filter already 
exists. Rectangular waveguide is a high-pass transmission line. If 
low-side first LO injection is used and the first i-f is carefully 
selected, the LNA’s waveguide input will itself reject the image 
frequency. 

Most commercial LNA’s utilize an EIA standard WR-229 
waveguide input. This guide has a lower TE, , cutoff frequency 
near 2.5 GHz. This cutoff frequency i is about 1.2 GHz below the 
bottom edge of the receiver’s required passband, so input losses 
will be minimal. But a first i-f of, say, 1.2 GHz, will place the image 
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CHAPTER 11. DECEPTION JAMMING 


1. INTRODUCTION 


Deception jamming systems are designed to inject false information into a victim 
radar to deny critical information on target azimuth, range, velocity, or a 
combination of these parameters. To be effective, a deception jammer receives 
the victim radar signal, modifies this signal, and retransmits this altered signal 
back to the victim radar. Because these systems retransmit, or repeat, a replica of 
the victim's radar signal, deception jammers are known as repeater jammers. The 
retransmitted signal must match all victim radar signal characteristics including 
frequency, pulse repetition frequency (PRF), pulse repetition interval (PRI), pulse 
width, and scan rate. However, the deception jammer does not have to replicate 
the power of the victim radar system. 


a. A deception jammer requires significantly less power than a noise jamming 
system. The deception jammer gains this advantage by using a waveform that is 
identical to the waveform the radar's receiver is specifically designed to process. 
Therefore, the deception jammer can match its operating cycle to the operating 
cycle of the victim radar instead of using the 100% duty cycle required of a noise 
jammer. To be effective, a deception jammer's power requirements are dictated 
by the average power of a radar rather than the peak power required for a noise 
jammer. In addition, since the jammer waveform looks identical to the radar's 
waveform, it is processed like a real return. The jamming signal is amplified by 
the victim radar receiver, which increases its effectiveness. The reduced power 
required for effective deception jamming is particularly significant when 
designing and building self-protection jamming systems for tactical aircraft that 
penetrate a dense threat environment. Deception jamming systems can be 
smaller, lighter, and can jam more than one threat simultaneously. These 
characteristics give deception jammers a great advantage over noise jamming 
systems. 


b. Although deception jammers require less power, they are much more 
complex than noise jammers (Figure 11-1). Memory is the most critical element of 
any deception jammer. The memory element must store the signal characteristics 
of the victim radar and pass these parameters to the control circuitry for 
processing. This must be done almost instantaneously for every signal that will 
be jammed. Any delay in the memory loop diminishes the effectiveness of the 
deception technique. Using digital RF memory (DRFM) reduces the time delay 
and enhances deception jammer effectiveness. Deception jamming employed in a 
self-protection role is designed to counter lethal radar systems. To be effective, 
deception jamming systems must be programmed with detailed and exact signal 
parameters for each lethal threat. 
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Figure 11-1. Deception Jamming System 


c. The requirement for exact signal parameters increases the burden on 
electronic warfare support (ES) systems to provide and update threat information 
on operating frequency, PRF, PRI, power pulse width, scan rate, and other unique 
signal characteristics. An electronic intelligence (ELINT) architecture is required 
to collect, update, and provide changes to deception jamming systems. In 
addition, intelligence and engineering information on exactly how a specific 
threat system acquires, tracks and engages a target is essential in identifying 
system weaknesses. Once a weakness has been identified, an effective deception 
jamming technique can be developed and programmed into a deception jammer. 
For example, if a particular radar system relies primarily on Doppler tracking, a 
Doppler deception technique will greatly reduce its effectiveness. Threat system 
exploitation is the best source of detailed information on threat system 
capabilities and vulnerabilities. Effective deception jamming requires much more 
intelligence support than does noise jamming. 


d. Most self-protection jamming techniques employ some form of deception 
against a target tracking radar (TTR). The purpose of a TTR is to continuously 
update target range, azimuth, and velocity. Target parameters are fed to a fire 
control computer that computes a future impact point for a weapon based on 
these parameters and the characteristics of the weapon being employed. The fire 
control computer is constantly updating this predicted impact point based on 
changes in target parameters. Deception jamming is designed to take advantage 
of any weaknesses in either target tracking or impact point calculation to 
maximize the miss distance of the weapon or to prevent automatic tracking. This 
chapter will discuss the most commonly employed deception jamming 
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techniques, including false target jamming, range deception jamming, angle 
deception jamming, velocity deception jamming, and monopulse jamming. 


2. FALSE TARGET JAMMING 


False target jamming is an effective jamming technique employed against 
acquisition, early warning, and ground control intercept (GCI) radars. The 
purpose of this type of jamming is to confuse the enemy radar operator by 
generating many false target returns on the victim radar scope. When false target 
deception jamming is successfully employed, the radar operator cannot 
distinguish between false targets and real targets (Figure 11-2). 
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Figure 11-2. False Target Generation 


a. To generate false targets, the deception jammer must tune to the 
frequency, PRF, and scan rate of the victim radar. The jamming pulse must 
appear on the radar scope exactly like a radar return from an aircraft. Multiple 
false targets greater in range than the jammer are generated by delaying the 
transmission of a jamming pulse until after the victim radar pulse has been 
received. False targets closer in range are generated by anticipating the arrival of 
a radar pulse and transmitting a jamming pulse before the victim radar pulse hits 
the aircraft. If the victim radar employs a jittered PRF, only targets greater in 
range can be generated. 


b. To generate different azimuth false targets, the deception jammer 
synchronizes its transmitted pulse with the victim radar's sidelobes. Due to their 
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reduced power, when compared to the main beam, sidelobes are difficult to 
detect and analyze. The receiver in the deception jammer must be sensitive 
enough to detect these sidelobes and not be saturated by the power in the main 
radar beam. A false target deception jammer must inject a jamming pulse that 
looks like a target return into these sidelobes. To penetrate the radar sidelobes 
requires a lot of power. However, the power must be judiciously used. lf a 
powerful jamming pulse is injected into the main beam, the false targets will be 
easy to detect. Most false target jammers vary the power in the jamming pulse 
inversely with the power in the received signal, on a pulse-by-pulse basis. This 
means the repeater jamming signal is at minimum power when the main beam of 
the victim radar is on the aircraft and at maximum power when the sidelobes are 
being jammed. To effectively generate false azimuth targets, the jammer must 
have a receiver with a wide dynamic range to detect both the main beam and the 
sidelobes. In addition, the jamming system must be able to generate high power 
that can be effectively controlled by the receiver. 


c. To generate moving false targets, the deception jammer must synchronize 
with the main beam and the sidelobes in frequency, pulse width and PRF. 
Amplitude modulated jamming signals, with variable time delays, are transmitted 
into the sidelobes of the victim radar. The variable time delay provides a false 
target that changes range, either toward or away from the radar, depending on 
the time delay. The amplitude modulation provides false azimuth targets that 
appear to be moving. 


d. The effectiveness of false target generation is based on the credibility of 
the generated false radar returns. If the victim radar can easily distinguish 
between false returns and target returns, the technique is a failure. The false 
returns must look identical to an aircraft return. The radar return on the victim 
radar scope should have the same intensity, depth, and width as a target return. 


(1) Power determines the false target intensity when it is displayed on the 
victim radar scope. Varying jammer output power inversely with received power 
ensures that each false target has nearly the same intensity as a true target 
return. The depth, or thickness, of the false target depends on the pulse width of 
the victim radar. By matching the pulse width of the jamming pulse with the pulse 
width of the victim radar, the jammer can generate false targets with the same 
depth as a real target return. 


(2) The width of the false target depends on the antenna pattern of the 
victim radar. This can pose a problem for false-target deception jammers. 
Because the jamming pulse is transmitted the entire time the radar beam is on the 
jammer, the width of a false target will tend to be greater than a real target return. 
Aircraft radar return varies with main beam cross-section. To correct this 
problem, most false target deception jammers use random modulation in the 
power of the transmitted pulses. This will vary the width of the false targets and 
make them look more like the variable returns of actual targets. 
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3. RANGE DECEPTION JAMMING 


Although a specific TTR can track multiple targets and direct multiple weapons, 
the tracking circuit must select a single target return and track it while ignoring 
all other returns. Target selection is done by using gate bins. The range gate is 
used as the primary gate for target selection. A range gate is an electronic switch 
that is turned on for a period of microseconds based on a certain range or time 
delay after a pulse is transmitted (Figure 11-3). 
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Figure 11-3. Range Gate Tracking 


a. Range deception jamming exploits any inherent weakness in a TTR's 
automatic range gate tracking circuits. When a TTR's range gate locks on to an 
aircraft, the range deception jammer detects the radar signal. The range 
deception jammer then amplifies and retransmits a signal much stronger than the 
radar return. This retransmitted signal, called a cover pulse, is displayed in the 
range gate with the target signal (Figure 11-4). 
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Figure 11-4. Range Gate Jamming Cover Pulse 


b. The automatic gain control (AGC) circuit lowers the gain in the range 
tracking gate to control the amplitude of the cover pulse in the range gate. 
Reduced gain causes the real target return to be lost, and the range gate only 
tracks the jamming signal. This is known as range gate capture. 


c. Once the range gate is captured by the cover pulse, a technique called 
range gate pull-off (RGPO) is employed (Figure 11-5). The deception jammer 
memorizes the radar signal and introduces a series of time delays before 
retransmitting. By increasing these time delays, the range gate will detect an 
increase in range and automatically move off to a false range. Once the range 
gate has moved well away from the real target, the range deception jammer shuts 
down, and the radar range gate is left with no target to track. The range gate 
breaks lock and the TTR must again go through the process of search, 
acquisition, and lock-on to re-engage the target. 


Electronic Warfare Fundamentals Chapter 11. Deception Jamming 


AGC 
Clutter Level 


me . 
T = 
E = 
pl : 
= . 
< ; 


Clutter 
or Noise 


Time Delay 2 
Range or Time Delay ————> 


Figure 11-5. Range Gate Pull-Off 


d. There are several advantages of range deception jamming, especially when 
used as a self-protection technique. It can generate sufficient errors to deny 
range information and is effective against most automatic range tracking 
systems. This technique does not require a large amount of power, just enough 
to cover the radar return of the aircraft. If the time delays are not exaggerated, an 
operator may not detect the loss of range lock-on until after a missile has been 
fired. The insidious nature of range deception jamming may generate enough 
miss distance to save the aircraft and pilot. 


e. There are disadvantages to using range deception jamming. First, it can be 
defeated by a trained radar operator. If the operator detects a problem with the 
automatic range tracking circuit, the system can be switched to manual range 
tracking mode to defeat RGPO. Also, if the threat system is still able to track the 
aircraft's azimuth and elevation, range information may not be required to 
complete target engagement. To maximize range deception jamming 
effectiveness, it should be employed in conjunction with azimuth and elevation 
jamming. Finally, this type of range deception jamming is not effective against a 
leading-edge range tracking system. A leading-edge tracker will not see the 
delayed cover pulse. As the cover pulse moves off the target, AGC circuits reset 
the gain to continue tracking the real target. The only way to defeat a leading- 
edge range tracker is with a deceptive jammer that anticipates the next radar 
pulse and sends a jamming cover pulse before it reaches the aircraft. This 
jamming technique can also be defeated by randomly varying the radar PRF. 
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4. ANGLE DECEPTION JAMMING 


Angle deception jamming is designed to exploit weaknesses in the angle tracking 
loop of the victim radar. The specific technique depends on the tracking method 
used to derive azimuth and elevation information. Inverse amplitude modulation 
jamming is the main angle deception technique used against TWS radars. For 
conical scan radars, scan rate modulation and inverse gain jamming are used. 
Swept square wave (SSW) jamming is used against LORO tracking radars. 
Monopulse angle deception jamming will be covered separately. 


a. The azimuth and elevation tracking loop for a TWS radar is based on target 
signal amplitude modulation. The inverse amplitude modulation jammer 
generates a signal with modulation exactly opposite the expected return. To 
accomplish this, the angle deception jammer must receive the radar signals from 
the tracking beams. The jammer responds with a signal of the same frequency, 
PRF, and scan rate synchronized to the inverse of the radar antenna pattern 
(Figure 11-6). This induces an error in the angle tracking gate that, over a series 
of scans, causes the radar to lose target angle tracking. 
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Figure 11-6. Inverse Amplitude Modulation Jamming 
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b. Inverse gain jamming is also effective against conical scan radars. Since 
conical scan radars use the phase of the target returns to generate error signals, 
an inverse gain deception jammer attempts to alter the phase by inducing fake 
signals into the antennas. In addition, by altering the amplitude of the signal, the 
jammer induces large errors into the tracking loop. To accomplish this, the 
jammer must determine the frequency, PRF, and scan rate of the victim radar. lt 
then transmits signals that change the phase and amplitude of the target signal, 
resulting in a signal 180 degrees out of phase with the actual target (Figure 11-7). 
This 180-degree error rapidly drives the antenna off the target and causes 
break-lock. 
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Figure 11-7. Inverse Gain Jamming 


c. Scan rate modulation is also used against conical scan radars. This angle 
deception technique modulates the jamming pulse at or near the victim radar 
nutation frequency. As the modulation approaches the radar's nutation 
frequency, large error signals appear in the radar servo tracking loops, producing 
random gyrations in the antenna system, causing break-lock. This technique is 
most effective if the modulation jamming is slowly swept in frequency until it 
matches the nutation rate. 


frequency as far below cutoff as the input passband is above cutoff. 
The image thus ends up quite far down the waveguide high-pass 
filter's skirts, and may effectively be ignored. 

True, the fixed 1.2-GHz first i-f requires that the first LO be 
tunable, but we mentioned earlier that it's far easier to tune a single 
oscillator for channel selection than a bank of filters. And even at 
the top of the down-link passband, where the first LO must be 
tuned up to 3 GHz, the image at 1.8 GHz is sufficiently far below 
cutoff so that a 12-cm long input waveguide will afford on the order 
of 60 dB of image rejection. 

Another signpost pointing to the selection of 1.2 GHz as a first 
i-f is realizable amplifier Q. The 3-dB bandwidth of the i-f amplifier 
string must be greater than or equal to the 20-dB channel 
bandwidth in order to avoid unduly attenuating significant 
sidebands. Assuming a channel bandwidth of 40 MHz and an i-f of 
1.2 GHz, this dictates an effective first i-f Q of 30. This value is 
readily realized with microstripline circuitry. 

Despite the obvious economic advantages of the modified 
UHF TV tuner conversion scheme, it was decided to employ a 
1.2-GHz first i-f in the Microcomm DOMSAT video receiver. But 
what of the second i-f—is it similarly constrained by the wide 
downlink passband? Actually not. With channel selection occurring 
in the first downconversion, the second i-f need only be wide 
enough to accommodate a single video channel. Downconverting 
the 1.2-GHz first i-f to any desired VHF frequency will allow ample 
second-conversion image rejection with simple i-f filtering while 
providing adequate bandwidth to pass the 40-MHz composite. 

Since the communications industry has long utilized 70 MHz 
as a standard i-f for microwave links, it was decided to employ a 
70-MHz second i-f in the DOMSAT video receiver. This makes it 
possible to utilize any of the readily available 70-MHz wideband 
FM i-f strips to demodulate the video information. 


Gain Distribution 

Gain partitioning for the DOMSAT video receiver depends 
upon the available power from the satellite, the threshold sensitiv- 
ity of the demodulator circuit selected, and the gain of the receive 
antenna utilized. It has been shown that for the illumination con- 
tours typical of most North American DOMSATs, an optimum 
private-terminal antenna will exhibit on the order of +41-dBi gain. 
Given the EIRP and path loss numbers listed in Table 5-2, it 
appears that the signal level available to the LNA will be on the 
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d. Both inverse scan and scan rate modulation jamming require very little 
power and have proven extremely effective against TWS and conical scan radars. 
To be effective, however, the angle deception jammer must find the precise scan 
rate of the victim radar. The jammer must concentrate on one signal at a time, 
limiting the number of threat systems that can be jammed simultaneously. In a 
dense threat environment, this can be a severe limitation. 


e. The effectiveness of inverse gain and scan rate modulation jamming led 
radar designers to employ antennas that scan only during the receiving function 
of the radar system. Generally, this is accomplished by using two antennas. The 
transmitting antenna illuminates the target. Receiving antennas scan to produce 
the amplitude modulation of the reflected signal for effective angle tracking. This 
technique is called Lobe-On-Receive-Only (LORO). Since the transmitting 
antenna does not nutate, or scan, angle deception jammers cannot detect the 
modulation required to generate effective inverse gain modulation. Swept square 
wave (SSW) jamming is the angle deception technique developed to counter 
LORO angle tracking. 


f. SSW jamming continuously varies the frequency of amplitude modulation 
on the jamming pulse over an expected range of nutation or scanning 
frequencies. This range is established by either electronic intelligence (ELINT) 
data on a particular system, or by exploitation. The dotted line in Figure 11-8 
shows a threat's nutation or scan frequency. As the frequency of the modulated 
jamming pulse approaches the threat scan frequency, it induces errors in the 
angle tracking loop of the victim radar. The longer the SSW jamming stays near 
the scan frequency, the greater the induced errors. It is important that the sweep 
rate of the modulating jamming be slow enough to maximize its impact on the 
victim radar. 
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Figure 11-8. Swept Square Wave Jamming 
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9. VELOCITY DECEPTION JAMMING 


Pulse Doppler and continuous wave (CW) radars track targets based on velocity 
or Doppler-shifted frequency (Figure 11-9). The objective of velocity deception 
jamming is to deny velocity tracking information and generate false velocity 
targets. The primary techniques include velocity gate pull-off (VGPO), Doppler 
noise, narrowband Doppler noise, and Doppler false targets. 
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Figure 11-9. Velocity Tracking Gate 


a. Velocity gate pull-off counters pulse Doppler or CW radars by stealing the 
velocity gate of their automatic tracking loop. The objective of VGPO is to capture 
the Doppler velocity tracking gate by transmitting an intense false Doppler signal. 
Then the frequency of the false signal is changed to move the tracking gate away 
from the true target Doppler. This is analogous to the RGPO technique used 
against the range gate tracking loop. 


(1) To accomplish an effective VGPO technique, the jammer receives the 
CW or pulse Doppler signal. It then retransmits a CW or pulse Doppler signal that 
is higher in power than the return from the aircraft, but at approximately the same 
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Doppler frequency (Figure 11-10). It is important that the frequency of this initial 
jamming pulse appears within the same velocity tracking filters as the target 
return or the victim radar will disregard it. The frequency band of the Doppler 
tracking filters is an important piece of intelligence information. The velocity 
tracking gates are quite narrow, roughly 50 to 250 MHz. Once the jamming pulse 
appears in the tracking gate, the automatic gain control circuit gains out the 
target return, and the jamming pulse has captured the velocity gate. 
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Figure 11-10. Velocity Gate Capture 


(2) Once the jamming pulse has captured the tracking gate, the deception 
jammer slowly changes the Doppler frequency (Figure 11-11). This frequency 
shift is accomplished by several methods. The most common method uses 
frequency modulation (FM) within the jammer’s traveling wave tube (TWT). By 
varying the TWT voltage, the Doppler frequency of the jamming pulse is changed 
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linearly, and the radar tracking gates follow the jamming pulse. By using FM, the 
jamming pulse can be moved in either a positive or negative direction, depending 
on the slope of the voltage. By slowly changing the frequency of the modulation, 
the jamming pulse pulls the tracking gates off the target. When the maximum 
offset has been achieved, nominally 5 to 50 kHz, the FM is “snapped back” to a 
minimum value, and the process is repeated to preclude target reacquisition. 
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Figure 11-11. Velocity Gate Pull-Off 


(3) The rate of change of frequency offset in a VGPO pulse is an extremely 
critical parameter. Many CW and pulse Doppler radars employ acceleration stops 
as part of the tracking gates. By differentiating the velocity outputs of the velocity 
tracking gates with respect to time, the velocity tracker computes target 
acceleration. Acceleration stops detect and reject unusually large changes in 
target acceleration. If the VGPO technique changes the frequency of the jamming 
pulse too rapidly, the tracking loop, with acceleration stops, will reject the 
jamming pulse and stay on the target. This means that an effective VGPO 
technique may take from one to ten seconds. 


b. Doppler noise differs from most noise techniques in that it is a repeater 
technique. The jamming system must receive the pulse Doppler radar signal in 
order to generate an appropriate jamming pulse. Also, noise jamming output is 
done on a pulse-by-pulse basis and only lasts as long as the pulse duration, or 
pulse width, of the victim radar signal (Figure 11-12). The Doppler noise jammer 
receives each pulse and applies a random frequency shift, either positive or 
negative, to each pulse. 
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Doppler Radar Doppler Noise Jammer 


Figure 11-12. Doppler Noise Jamming 


(1) When Doppler noise jamming pulses are processed by the signal 
processor, and the Doppler frequencies are sent to the velocity tracking gate, 
there are so many different velocities that the tracking gate cannot distinguish 
the target from the jamming. The random distribution of target velocities 
effectively masks the true target Doppler velocity. If the velocity tracking loop is 
not saturated, multiple false targets traveling at different speeds will be 
displayed. 


(2) When a technique called Doppler noise blinking is employed, it 
interferes with the angle and velocity tracking within most semi-active radar 
missiles. Doppler noise blinking is accomplished by rapidly transmitting bursts of 
Doppler noise jamming (Figure 11-13). 
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Figure 11-13. Impact of Doppler Noise Jamming 
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(3) Doppler noise jamming is effective against most pulse Doppler radars 
and the semi-active missiles employed with these radars. One disadvantage, 
however, is that it is only effective against the velocity tracking loop. If range 
tracking is still available to the radar, Doppler noise may highlight the jamming 
aircraft. Another disadvantage is that Doppler noise requires a sophisticated 
jammer able to receive the victim radar pulse, generate random positive and 
negative frequency modulations on this pulse, and retransmit the jamming pulses 
at the PRF and pulse width of the victim radar. This requires an extremely fast 
signal processing capability and detailed intelligence information on the victim 
radar. 


c. Narrowband Doppler noise is also a repeater technique. The jamming 
system receives the pulse Doppler radar signal and generates a noise jamming 
signal on a pulse-by-pulse basis (Figure 11-14). Narrowband Doppler noise 
requires detailed information on the frequency coverage of an individual velocity 
tracking filter, or velocity bin, employed by the victim radar. Once this frequency 
range is known, the jammer receives each pulse from the victim radar and 
transmits jamming pulses with a higher and lower frequency shift based on the 
real target Doppler. These frequency shifts are always within the frequency range 
of the velocity bin. 
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Figure 11-14. Narrowband Doppler Noise 


(1) When these pulses are processed by the signal processor and the 
Doppler signals are sent to the velocity tracking gates, the particular bin that 
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contains the target Doppler also contains several other targets generated by the 
jammer. The victim radar signal processor attempts to distinguish the target 
Doppler from the jamming pulses. It raises the gain in the velocity tracking bins, 
thinking that the signal with the highest amplitude is the target. But, as the signal 
gain is increased, the target is “gained out” with the jamming signals and no 
target is displayed. This is called velocity bin masking and can completely deny 
target information to a pulse Doppler radar (Figure 11-15). 
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Figure 11-15. Velocity Bin Masking 


(2) The advantage of narrowband Doppler noise is that it completely 
masks an aircraft's velocity from a pulse Doppler radar. The disadvantages 
include the following: When the victim radar can range-track an aircraft, 
narrowband Doppler noise highlights the aircraft's presence. To be effective, 
narrowband Doppler noise requires knowledge of the frequency range of the 
victim radar's velocity tracking bins, or filters. This detailed information may be 
available only through threat system exploitation. Finally, sophisticated signal 
processing and jamming systems are required to receive and transmit in the very 
narrow frequency band of the velocity bin. 


d. Doppler false target jamming is normally used with narrowband Doppler 


noise or other deception techniques. Its purpose is to initially confuse the radar 
signal processor with multiple targets and then force the radar signal processor 
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to raise its gain levels in the velocity tracking loop. The Doppler false target 
jammer receives each pulse of the victim radar and applies a random frequency 
shift to a selected number of these pulses (Figure 11-16). 
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Figure 11-16. Impact of Doppler False Target Jamming 


(1) The selected pulses are processed by the signal processor, and 
multiple Doppler frequencies are sent to the velocity tracking gate. In an attempt 
to distinguish the target from the jamming pulses, the signal processor increases 
the gain in each tracking filter, assuming the target Doppler has a higher 
amplitude than the jamming pulses. This increase in gain sets up the velocity 
tracking loop for a narrowband Doppler noise technique that will cause the real 
target to be lost among the generated false targets. 


(2) The advantage of Doppler false target jamming is that it can initially 
confuse the radar signal processor and the radar operator as to the velocity of 
the real target. lt also sets up the radar for narrowband Doppler noise technique 
and increases its effectiveness. The disadvantage is that the signal processor or 
the radar operator will eventually be able to distinguish the real target from the 
false targets based on its velocity. This jamming technique is much more 
effective when used in conjunction with other Doppler jamming techniques. 


6. MONOPULSE DECEPTION JAMMING 


The ability of monopulse tracking radars to obtain azimuth, range, and elevation 
information on a pulse-by-pulse basis make them extremely difficult to jam 
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(Figure 11-17). Amplitude modulation jamming used against conical scan or TWS 
radars, such as inverse scan and swept square wave, highlights a target, making 
monopulse tracking easier. Frequency modulation techniques, such as RGPO 
and VGPO, are equally ineffective. They serve as a beacon that aids the 
monopulse radar's target tracking ability. The monopulse radar may be able to 
track the jammer with more accuracy than tracking actual radar returns because 
target glint effects are absent from the jamming pulse. Monopulse angle jamming 
techniques can be divided into two main categories, system-specific and 
universal. Examples of system-specific jamming techniques include skirt 
frequency jamming, image jamming, and cross-polarization jamming. These 
techniques attempt to exploit weaknesses in the design and operation of specific 
monopulse radars. Cross-eye jamming, a universal technique, attempts to exploit 
all monopulse radar systems. 
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Figure 11-17. Monopulse Radar Receiver 


a. Skirt frequency jamming, or filter skirt jamming, is designed to counter the 
monopulse receiver. Skirt frequency jamming is based on the fact that the 
intermediate frequency (IF) filter of the monopulse receiver must be correctly 
tuned to the transmitting frequency of the monopulse radar. lt these two 
components are not exactly tuned, the target signal may be presented on the 
edge, or skirt, of the receiver IF filter. This offers an opportunity to inject a 
jamming signal into this skirt (Figure 11-18). 
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Figure 11-18. Filter Skirt Jamming Pulse 


(1) Filter skirt jamming attempts to take advantage of this frequency 
imbalance by transmitting a jamming pulse tuned slightly off the radar 
transmitted frequency and in the middle of the receiver IF filter. This jamming 
pulse will generate a false error signal and drive the antenna away from the true 


target return. 


(2) A well designed and maintained monopulse system does not have a 
frequency imbalance. The transmitter and IF filter frequencies will be identical. 
Jamming signals that are even slightly out of this narrow frequency range will not 
affect the monopulse tracking capability of the radar (Figure 11-19). 
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Figure 11-19. Ineffective Filter Skirt Jamming 
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order of — 90 dBm. 

The input threshold for a typical phase-locked loop (PLL) 
integrated circuit operating as an FM demodulator at 70 MHz is on 
the order of — 20 dBm. This suggests that between the antenna and 
the demodulator, roughly 70 dB of conversion gain is required. 

There are three sources of gain available between the antenna 
and the PLL. These include the LNA and first and second i-f 
amplifiers. There are, similarly, three sources of loss in the sys- 
tem: the insertion loss of the transmission line which connects the 
LNA to the receiver, and the conversion loss of the first and second 
mixers. For a typical home installation, the feedline insertion loss 
may be on the order of 6 dB, and if double-balanced diode mixers 
are used for the two frequency conversions, it is safe to assume 
that the conversion loss of each will be on the order of 7 dB. This 
suggests that the overall gain of the LNA, first, and second i-f 
amplifiers will need to total 90 dB for adequate DOMSAT video 
reception. 

In the interest of maximizing system stability and dynamic 
range, it is desirable to distribute the required 90 dB of gain 
uniformly between the rf and two i-f frequencies. A 30-dB gain 
LNA is clearly feasible at 4 GHz and would require three stages of 
GaAs FET amplification. This amount of LNA gain is sufficient to 
adequately mask the noise temperature contribution of the feedline 
and receiver, allowing the low-noise temperature of the FETs to 
predominate. Similarly, it is practical to achieve the desired 30 dB 
of 1.2-GHz gain by cascading two stages of ion-implanted silicon 
bipolar transistor amplification. At 70 MHz, the required gain is 
readily available from thin-film wideband gain blocks produced by a 
number of different vendors. 

A block diagram for the dual downconversion portion of the 
DOMSAT video receiver, partitioned in accordance with the fore- 
going discussion, is shown in Fig. 5-16. 


Construction of Conversion Circuitry 


During the initial system-development phase of any new 
product, it is common practice to build a number of different 
amplifier, mixer, filter, and oscillator circuits, each connectorized 
for coaxial input and output and with each circuit separately boxed 
and shielded. A modular developmental system provides the en- 
gineer with the flexibility of changing one or more circuits without 
having to disrupt the rest of the system. 

But modularization has advantages for a production system as 
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(3) Effective filter skirt jamming requires extensive knowledge of the 
internal operation of the IF filter. This information can normally be obtained only 
by system exploitation. Variances from radar to radar and frequency imbalance 
exists from one radar IF filter to another. This creates a high degree of 
uncertainty in the effectiveness of this technique. 


b. Image jamming exploits another potential weakness in the monopulse 
receiver (Figure 11-20). Some monopulse receivers have a wide-open front end 
with no preselection before the mixer. If the jammer transmits a pulse at the 
intermediate, or image, frequency, but out of phase with this frequency, the phase 
of the target tracking signal will be reversed and the antenna will be driven away 
from the target (Figure 11-21). Effective image jamming requires detailed 
information on the operation of the monopulse receiver. Of particular importance 
is the image, or intermediate, frequency and whether the local oscillation 
frequency is above or below the transmitted frequency. This may require 
exploitation of the monopulse threat system. In addition, a well-designed 
monopulse system has preselection in the front end and will reject signals that 
are out of phase with the transmitted frequencies. This capability renders image 
jamming ineffective. 
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Figure 11-20. Monopulse Image Frequency 
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Figure 11-21. Monopulse Image Jamming 


c. Cross-polarization jamming exploits the difference in the monopulse 
antenna pattern for a jamming pulse that is polarized orthogonal to the design 
polarization. The antenna pattern for a two-channel monopulse radar using sigma 
and delta beams shows the tracking point to be between the two beams (Figure 
11-22). This is true if the radar is using its design polarization. However, the radar 
antenna also has a receiving pattern for a signal that is cross-polarized with the 
design frequency. For a cross-polarized signal, the tracking point is shifted one 
beamwidth to the right. This shift in the tracking point results in a target tracking 
signal that is 180% out of phase with the real signal. To be effective, a jamming 
signal polarized orthogonally to the design frequency of the radar would have to 
be 25 to 30 decibels, or about 1000 times, stronger than the radar signal. 
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Figure 11-22. Cross-Polarization Antenna Pattern 
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(1) A cross-polarized jammer must receive and measure the polarization of 
the victim monopulse radar. The jammer then transmits a very high power 
jamming signal at the same frequency, but orthogonally polarized, to the victim 
radar. As a rule, the jamming signal must be 25 to 30 dBs stronger than the target 
return to exploit the tracking errors in the cross-polarized antenna pattern. 
Additionally, it must be as purely orthogonal to the design polarization as 
possible. Any jamming signal component that is not purely orthogonal will 
highlight the target and require more jamming power to cover the target return. 


(2) A cross-polarized jammer must be able to generate a powerful jamming 
pulse that is polarized orthogonal to the victim radar. A cross-polarized jammer 
that generates the power and purity of polarization required to defeat monopulse 
angle tracking poses extreme technological challenges. 


d. Cross-eye jamming is a complex technique that attempts to distort the 
wavefront of the beams in a monopulse radar and induce angle tracking errors. lt 
exploits two basic assumptions of monopulse tracking logic in comparing target 
returns on a pulse-by-pulse basis. The first assumption is that a target return will 
always be a normal radar pulse echo. The second assumption is that any shift in 
amplitude or phase in a target return is due to the tracking antenna not pointing 
directly at a target. This condition generates an error signal and the antenna tries 
to null, but the amplitude or phase shifts. 


(1) Cross-eye jamming attacks the two assumptions through a process of 
receiving and transmitting jamming pulses from different antennas separated as 
far apart as possible. In Figure 11-23, the phase front of a monopulse signal is 
received by the number 1 receive antenna, amplified by the repeater, and 
transmitted by the number 2 transmit antenna. The same phase front then hits 
receive antenna number 2, is shifted 180°, amplified by the repeater, and 
transmitted by the number 1 transmit antenna. These two out-of-phase signals 
must be matched in amplitude and must exceed the amplitude of the target 
return. 


(2) When these jamming signals arrive at the victim radar, the tracking 
loop attempts to null out the amplitude and phase differences. With two widely 
spaced jamming sources at different phases, the antenna never achieves a null 
position or tracking solution. The distance between antenna pairs is an important 
parameter that determines the effectiveness of cross-eye jamming. The wider the 
spacing between antenna pairs, the more distortion in the victim's wave front 
near the true radar return. Most fighter aircraft do not provide sufficient spacing 
between the antennas to maximize effectiveness. Effectiveness is also lost when 
the aircraft is abeam or going away from the radar. To further complicate matters, 
when the radar is directly in front of the aircraft, the jamming pulses must have a 
power at least 20 dBs above the target return. Cross-eye jamming can also be 
defeated with a leading-edge tracker that rejects jamming signals arriving at the 
antenna behind the target return. 
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(3) Countering monopulse angle tracking is the greatest challenge for self- 
protection jamming systems. Skirt jamming and image jamming have had limited 
success. Cross-polarization and cross-eye jamming techniques require complex 
and sophisticated circuitry and much power. 
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Figure 11-23. Cross-Eye Jamming 


7. TERRAIN BOUNCE 


Terrain bounce is a jamming technique used primarily at low altitude. It is used to 
counter semi-active, air-to-air missiles and monopulse tracking radars. The 
technique involves a repeater jammer that receives the radar or missile guidance 
signal. The jammer amplifies and directs this signal to illuminate the terrain 
directly in front of the aircraft. The missile or radar tracks the reflected energy 
from the spot on the ground instead of the aircraft (Figure 11-24). 
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Figure 11-24. Terrain Bounce 


a. To be effective, the terrain bounce jamming antennas should have a narrow 
elevation beamwidth and a broad azimuth beamwidth. This transmission pattern 
maximizes the energy directed toward the ground and minimizes the energy 
transmitted toward the missile or radar. To overcome signal losses associated 
with uncertain terrain propagation, the jamming system should also generate 
high jamming power. This ensures the energy reflected from the terrain is higher 
than the energy in the aircraft return. The terrain bounce jamming antennas 
should have very low sidelobes to preclude activation of any home-on-jam (HOJ) 
missile capability. For an air-to-air missile, the terrain bounce technique should 
be activated at long range. This will initially put the aircraft and the jamming spot 
in the same resolution cell. As the range decreases, the missile will be decoyed 
by the higher power in the jamming spot. 


b. Some problems associated with terrain bounce jamming include the 
uncertainty of the signal scattering parameters of the various terrain features and 
the possible changes in signal polarization caused by terrain propagation. In 
addition, terrain bounce jamming can place maneuvering restrictions and 
maximum altitude limitations on the aircraft. 


8. SUMMARY 


There are several deception jamming techniques that can be employed to counter 
threat radar systems. The effectiveness of these techniques can be enhanced 
when they are employed in combination. For example, the effectiveness of an 
RGPO technique is enhanced when an angle deception technique is also 
employed. Determining the most effective deception technique, or combination of 
techniques, can present a challenge to intelligence and engineering analysts. 
However, when employed with maneuvers and chaff, deception techniques can 
mean the difference between success and failure on the modern battlefield. 
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CHAPTER 12. DECOYS 


1. INTRODUCTION 


A decoy is a device designed to look to an enemy radar more like an aircraft than 
the actual aircraft itself. Decoys do three primary missions: they saturate the 
enemy's integrated air defense system (IADS), coerce the enemy into exposing 
his forces prematurely, and defeat tracking by enemy radar. This chapter will 
discuss saturation decoys, towed decoys, and expendable active decoys. Chaff 
and flare systems will be discussed in separate chapters. 


2. SATURATION DECOYS 


A saturation decoy is usually an expendable vehicle designed to emulate a 
penetrating aircraft. lts mission is to deceive and saturate an enemy's IADS. 
Employing multiple saturation decoys can force an IADS to devote critical 
resources to engage these false targets. This depletes enemy assets available to 
engage penetrating aircraft. In addition, ground or air launched saturation decoys 
can be used to stimulate the IADS, to collect intelligence data, or to initiate 
attacks by suppression of enemy air defense (SEAD) assets. The three main 
characteristics of saturation decoys are their electronic signature, their flight 
program, and their mission type. 


a. Saturation decoys must present an electronic signature, or radar return, 
that is indistinguishable from the aircraft they are protecting. Decoys can do this 
by either passive or active measures, or use a combination of both. A passive 
decoy is essentially a flying radar reflector. The size, shape, and materials used in 
the decoy are optimized to ensure that the proper amount of radar energy is 
returned to the enemy radars. Active decoys employ radar repeater systems to 
receive the enemy radar signal, amplify it and send back a radar return of the 
proper size to confuse the enemy. Reflecting or transmitting the proper size radar 
return is critical for both passive and active decoys. A return that is too large or 
too small will allow the enemy radar operator to differentiate between decoys and 
aircraft, causing the decoys to be ignored. 


b. To continue deceiving an enemy IADS, a decoy must do more than provide 
the proper-sized radar return. Possessing flight characteristics similar to the 
aircraft it is protecting increases the probability that the decoy will effectively 
deceive an IADS for a sustained period of time. Modern decoys can either be 
powered with rockets, miniature engines, or simply glide for very long distances 
based upon the altitude and airspeed of the jet that releases them. Additionally, 
their flight paths can be pre-programmed into an onboard autopilot, allowing the 
decoy to fly an independent ground track, thus increasing their appearance as 
attack aircraft worth tracking. 
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c. Saturation decoys carry out two of the three decoy missions. Launched in 
significant numbers, they can saturate or overburden an IADS. Meanwhile, their 
realistic electronic image and preprogrammed flight paths entice the enemy to 
turn on radars and show his forces. 


(1) Saturation decoys launched in coordination with an attacking strike 
package force the enemy to take time to process meaningless tracks and tie up 
critical assets. In this role, decoys primarily work against the early warning 
network of the enemy IADS by presenting the IADS with numerous targets to sort 
and track. Resources committed to tracking decoys may not be available to track 
actual aircraft. Additionally, if an enemy knows that decoys are present, he may 
not commit any resources against targets for fear they are just decoys. 


(2) Time of radiation or “emission control” is a critical factor for 
acquisition and target tracking radars. To be effective and survive on the 
battlefield, ground threat radars radiate as little as possible; too much time 
radiating allows ELINT collectors to find their location and either direct aircraft to 
avoid them or call in an attack upon them. Therefore, when a decoy can get a 
radar to emit, the radar is now essentially compromised and can be avoided or 
attacked. Getting the enemy's radars to emit is called “stimulating the IADS,” 
which is generally a precursor to any threat suppression mission. 


(3) An extremely successful example of using decoys to stimulate the 
IADS was carried out in the Bekaa Valley in 1982. The Israelis opened the conflict 
by launching saturation decoys to successfully simulate an attack. While the 
Syrians reloaded, Israeli fighters attacked, destroying 17 of 19 Syrian SA-6s in the 
beginning of the battle. With the ground threat neutralized, the Israeli Air Force 
went on to destroy 85 Syrian fighters in the pure air-to-air conflict that resulted. 


Figure 12-1. Tactical Air Launched Decoy 


d. Two examples of saturation decoys are the Navy's Tactical Air Launched 
Decoy (TALD) in Figure 12-1 and the Air Force's proposed Miniature Air Launched 
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Decoy (MALD) in Figure 12-2. Both of these decoys can work actively or passively 
and both have pre-programmable flight paths. The TALD is an unpowered decoy 
normally launched from an F-14 Tomcat. The Air Force's MALD is a smaller jet- 
powered decoy also designed to be used by fighter aircraft. The MALD is 90 
inches long, 6 inches in diameter, and has 25-inch wings that are foldable- 
essentially it is the size of an air-to-air missile. Because of its small size, the 
MALD can be carried into the target area before it is launched. Once launched it 
uses its speed, independent flight path, and electronically manipulated radar 
signature to make acquisition radars and target tracking radars mistake it for one 
of the attacking aircraft. 


Figure 12-2. Miniature Air Launched Decoy (MALD) 


3. TOWED DECOYS 


A towed decoy is a small jammer that is physically attached to the aircraft (Figure 
12-3). Unlike the saturation decoys that work against the IADS, the towed decoys 
are for individual aircraft survival. Towed decoys are designed to defeat enemy 
missiles in the final stages of an engagement; therefore, towed decoys, as well as 
other expendables, are known as endgame countermeasures. While towed 
decoys are primarily designed to provide sufficient miss distance between an 
attacking semi-active radar missile and the protected aircraft, they may also be 
effective against pulse Doppler radars and monopulse radars. 


a. To be effective, the towed decoy must turn on within the threat radar's 
resolution cell after the radar is tracking the protected target. To successfully 
decoy the missile, the towed decoy must return radar signals with sufficient 
power to simulate a radar cross section (RCS) significantly larger than that of the 
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protected target. There are currently two generations of towed decoys on the 
market. Their primary difference lies in the connection each has with the aircraft 
towing it. 
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Figure 12-3. Towed Decoy 


(1) The first generation of towed decoys contains a simple repeater 
jammer that enhances any signal it receives in the proper frequency range. The 
enhanced signal is stronger than the aircraft signal so the missile is lured 
towards the decoy. These decoys are stand-alone units that contain all the 
electronics, processors, receivers and transmitters within them. The only tie to 
the aircraft is for power and status. One of the big advantages of these simple 
repeater devices is that they do not require the exact frequency of the enemy 
radar systems to be effective, they will enhance any signal coming at them. An 
area of concern with the use of towed decoys is possible conflict between the 
onboard jamming system and the towed decoy. The onboard system could 
overpower the decoy, causing the attacking missile to ignore the decoy and track 
the aircraft. 


(2) The second generation of decoys is tethered to the aircraft via fiber 
optic cable. Through this cable travels the different jamming modulations to be 
used by the decoy. These fiber optic towed decoys (FOTD) only contain the 
transmitters; the remaining items are in the jet or the pod. This system allows for 
more complex jamming through the decoy, including cooperative jamming 
between the aircraft and the decoy. 


b. The separation required between the decoy and the aircraft is a primary 
consideration in developing a towed decoy system. The towed decoy should be 
positioned far enough behind the aircraft to preclude warhead fragments from 
missiles guiding on the decoy from also impacting the aircraft. Missile A in Figure 
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12-3 depicts a situation where the missile will detonate well outside of the 
aircraft's safety circle. From a pilot perspective, any restrictions on aircraft 
maneuvering imposed by a towed decoy are very important. The number of 
decoys that can be carried and the time required for decoy deployment are also 
important employment considerations. 


c. Achieving 360° coverage is a primary limitation of a towed decoy system. 
When an aircraft equipped with a towed decoy is abeam a threat radar, the radar 
may be able to discriminate between the aircraft and the decoy. This is a function 
of the resolution cell of the radar. In addition, missiles approaching from a high- 
aspect angle, and above the aircraft (Figure 12-3 - Missile B), may fuse on the 
aircraft while guiding to the decoy. Missiles approaching from a low-aspect angle 
(Figure 12-3 - Missile C) may not fuse on the decoy and subsequently acquire and 
fuse on the aircraft. Finally, if the decoy is destroyed or lost, the time required to 
deploy a replacement decoy is critical, especially if the aircraft is engaged by 
multiple missiles. 


d. An example of a fielded towed decoy system is the AN/ALE-50 (Figure 
12-4). This first generation towed decoy system is found on Air Force F-16 and 
B-1 aircraft, and there is a version that is integrated into the ALQ-184 pod. 


Figure 12-4. AN/ALE-50 System 


(1) The system consists of a launch controller subsystem and towed 
decoys. The launch controller houses the decoy before it is launched, provides 
power to the decoy, and provides for the monitoring of the electronics. The decoy 
body is a factory sealed, self-contained unit with everything except for power. 
Power comes through the tether from the host aircraft; the decoy sends its 
operating status back through the tether to the aircraft. 
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well. If every function represented by a block in Fig. 5-16 is 
implemented in a separate, shielded module, then isolation be- 
tween stages is maximized and the crosstalk and stability problems 
associated with stray rf coupling can be eliminated entirely. 
Further advantages are realized in the area of maintainability. 
Should a receiver fail, fault isolation by module substitution be- 
comes a viable troubleshooting technique. And, of course, a modu- 
lar system maximizes user flexibility by allowing customers to 
assemble from standard modules a custom system designed to 
meet their precise needs. 

The specifications of the modules developed to implement 
Fig. 5-16 appear here as Table 5-3. Each of these modules employs 
microstripline construction, as shown in Fig. 5-17, to minimize 
component count and assure duplicability. 


Baseband Processing 


Before the wideband FM composite shown in Fig. 5-18 can be 
displayed, several processing steps are necessary. The 70-MHz i-f 
signal will, of course, be demodulated first, and this may be 
accomplished readily by using a monolithic PLL in a standard 
circuit. The output waveform from the PLL will contain both the 
video waveform and the modulated audio subcarrier, but superim- 
posed on these will be found the 30-Hz triangular energy dispersal 
waveform added to all DOMSAT downlink signals as an interfer- 
ence reduction technique. This waveform is evident in the oscil- 
loscope display in Fig. 5-19. 

Prior to attempting to remove the energy dispersal waveform, 
it is desirable to amplify the rather feeble video level available from 
the PLL demodulator, and this may be accomplished using a single 
monolithic TV video-amplifier IC. Next an emitter-follower per- 
mits splitting off the 6.8-MHz audio subcarrier for demodulation in 
a standard TV sound 1-f microcircuit, whose associated circuitry is 
modified slightly for compatibility with the higher carrier fre- 
quency and peak deviation used on satellite audio. 

After passing through a de-emphasis filter and passive video 
low-pass filter, the video waveform may finally be applied to a 
diode clamp circuit which will remove the energy dispersal 
waveform (see Fig. 5-20). An emitter-follower then establishes 
the desired 75-ohm video output impedance to drive recording or 
display circuitry, as required. 

A block diagram for a complete baseband processing subsys- 
tem is shown in Fig. 5-21. This circuit can be constructed on a 
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(2) ALE-50 decoy use is cleared throughout the flight regime of the F-16 
and B-1. Decoys can be deployed without being turned on, but once a decoy has 
been deployed, it cannot be reeled back in and must be severed before landing. 
Procedures are in place to reduce the chance that the onboard jamming system 
will negate the decoy. 


(3) The ALE-50 towed decoy is a wideband RF repeater that provides self- 
protection EA by receiving, electronically amplifying, and retransmitting enemy 
radar RF signals. Upon receiving a threat radar signal, this simple repeater 
amplifies the signal and retransmits it. This provides the radar with two signals, 
one reflected from the aircraft and a stronger one from the decoy. With the signal 
from the decoy being the more attractive, the radar or missile guides towards the 
decoy. During combat operations over Kosovo, ALE-50 decoys were credited with 
saves for both F-16s and B-1s. 


4, EXPENDABLE ACTIVE DECOYS 


Expendable active decoys are designed to lure the tracking gates of an enemy's 
radar away from the aircraft. They are endgame countermeasures like towed 
decoys, but they differ in that expendable decoys free-fall or glide to the ground 
as opposed to being towed behind the aircraft. 


a. Expendable decoys are small, active jamming systems designed to be 
expended by existing aircraft chaff and flare dispensers, such as the AN/ALE-40 
or the AN/ALE-47. Expendable decoys can employ noise or deception jamming 
with noise jamming being the most common. Deception jamming techniques can 
be employed to enhance effectiveness against pulse Doppler radars. There are 
two challenges associated with expendable jammers: the amount of the time the 
jammer is effective and the packaging (Figure 12-5). 


Figure 12-5. Generic Expendable 
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b. Expendable decoys are designed to provide protection for the dispensing 
aircraft for a specific period. The dispensing altitude and rate of fall determine 
this period of effective coverage. Expendable decoys can employ small 
parachutes of aerodynamic design to slow the rate of fall and increase the time of 
effective coverage. If the period of coverage is too short, multiple expendable 
decoys must be employed. This places a premium on timely employment and 
expendables management. 


c. The primary components of an expendable decoy are the transmit and 
receive antennas, techniques generator, amplifier, and power supply. The 
transmit and receive antennas should be isolated and capable of high gain, wide 
bandwidth, and should use compatible polarization with the victim radar. The 
techniques generator must recognize the victim radar signal and generate the 
appropriate jamming response. The amplifier must be capable of generating a 
high power jamming signal over a wide frequency range. To meet these 
requirements, sophisticated computer and miniaturization techniques are used, 
and the components packaged to all fit in the aircraft dispenser. These factors 
impact the cost of expendable decoys and may limit the availability of these 
assets. 


d. The Generic Expendable, RTE-1489, commonly called the GEN-X decoy is a 
fielded expendable active decoy. The decoy is sized to fit into a 1.4 x 1.4 x 5.8 
inch cartridge and take advantage of new microwave/millimeter-wave integrated 
circuit (MMIC) technology. The GEN-X is programmable and features a broadband 
antenna and wide frequency coverage. After ejection, the decoy extends three 
small fins for stability. Its battery ignites to provide power, the receiver locks on 
to the threat radar signal, and a deception signal is generated and transmitted. 


9. SUMMARY 


Decoys simply provide the enemy with more targets to process. In the case of 
saturation decoys, this forces the enemy to commit resources against false 
targets, or show his defenses. For towed decoys and expendable active decoys, it 
makes the missile or tracking radar separate a real target from more 
electronically attractive decoys. 
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CHAPTER 13. CHAFF EMPLOYMENT 


1. INTRODUCTION 


Chaff was first used during World War ll when the Royal Air Force, under the 
code name “WINDOW,” dropped bales of metallic foil during a night bombing raid 
in July 1943 (Figure 13-1). The bales of foil were thrown from each bomber as it 
approached the target. The disruption of German AAA fire control and ground 
control intercept (GCI) radars rendered these systems almost totally ineffective. 
Based on this early success, chaff employment became a standard bomber tactic 
for the rest of the war. 


Figure 13-1. “WINDOW” — The First Operational Employment of Chaff 


a. Chaff is one of the most widely used and effective expendable electronic 
attack (EA) devices. It is a form of volumetric radar clutter consisting of multiple 
metalized radar reflectors designed to interfere with and confuse radar operation. 
It is dispensed into the atmosphere to deny radar acquisition, generate false 
targets, and to deny or disrupt radar tracking. Chaff is designed to be dispensed 
from an aircraft and function for a limited period. 


b. Even with the development and deployment of advanced radar threat 
systems, chaff continues to be an extremely effective EA device. Experience 
gained during the Vietnam conflict, the 1973 Yom Kippur War, and DESERT 
STORM clearly shows that chaff effectiveness against radar threats is still a 
factor with which the enemy must contend. This is especially true when chaff is 
employed with self-protection jamming and aircraft maneuvers. 
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c. Chaff screening and self-protection are the two basic chaff employment 
tactics. Chaff screening tactics, including area saturation and chaff corridor 
employment, are designed to confuse and deny acquisition information to the 
early warning, GCI, and acquisition radars supporting surface-to-air missile 
(SAM) systems. Self-protection tactics are designed to counter acquisition and 
target tracking radars (TTRs). When used with jamming and maneuvers, chaff can 
cause TTRs to break lock or generate survivable miss distances if a SAM is fired 
at the aircraft. 


2. CHAFF CHARACTERISTICS 


To understand how chaff affects radar systems, it is important to understand its 
characteristics. The most important chaff characteristics are radar cross section 
(RCS), frequency coverage, bloom rate, Doppler content, polarization, and 
persistence. 


a. RCS is a measure of the net reradiated energy from a target to the 
illuminating radar. The RCS of an aircraft varies based on the size, shape, type of 
skin surface, configuration, and aspect to the illuminating radar. Figure 13-2 
shows the effect of aspect on aircraft RCS. The RCS is greatest when the aircraft 
aspect is 90°, or abeam the radar. The lowest RCS occurs near the 30-70° and 
110-150° of aspect. Since the aircraft RCS also varies based on frequency, the 
victim radar's frequency is a key factor. To be effective, chaff must be dispensed 
in large enough quantities to create an RCS greater than the aircraft RCS. 
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Figure 13-2. Aircraft Radar Cross Section (RCS) 
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(1) The RCS of a chaff bundle depends on the frequency of the victim radar 
and the dispensing aircraft's relative position, or aspect. Figure 13-3 shows the 
RCS of a single RR-170 chaff cartridge based on frequency. lt shows that the 
largest RCS occurs at about 3 GHz. However, for the spectrum between 2-18 GHz, 
which includes most SAM TTRs, the RCS of the RR-170 cartridge is over 50 
square meters. Since the typical fighter aircraft RCS varies between 1 and 10 
square meters, depending upon frequency and aspect, the RR-170 chaff cartridge 
should provide a sufficient RCS to mask the aircraft RCS. 
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Figure 13-3. RR-170 Chaff Cartridge RCS 


(2) The angular relationship, or aspect, between the aircraft and chaff 
bundle affects the chaff RCS presented to the victim radar. Chaff RCS is greatest 
when the chaff bundle and the aircraft are abeam the threat radar. It is smallest 
when the threat radar is off the nose or tail of the aircraft. Aspect is important 
when developing self-protection maneuvering and chaff dispensing tactics 
against threat radars (Figure 13-4). 
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Chaff Bundle 


Figure 13-4. Threat Radar Aspect and Chaff RCS 


(3) Dispensing multiple chaff bundles simultaneously does not necessarily 
increase chaff RCS. Multiple bundles increase the density of the chaff but do not 
directly enhance self-protection capabilities (Figure 13-5). This is an important 
consideration when developing chaff dispenser rates to counter threats. 
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Figure 13-5. Impact of Multiple Chaff Cartridge Employment on Chaff RCS 
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b. Each strip of chaff is a dipole reflector that reradiates the electromagnetic 
energy received from an emitting radar and creates a radar echo. The optimum 
size is cut to about one-half the wavelength of the victim radar's RF. Since a 
single cut length is restricted in effectiveness to a narrow range of frequencies, 
different lengths are normally packaged together to provide coverage over a wide 
range of frequencies (Figure 13-6). 


Single Strand Cut to Nearly 100% E/F Band 
E/F Band Length Reradiated Energy Radar Frequency 


Single Strand Cut to Only 40% 
E/F Band Length Reradiated Energy Radar Frequency 


Figure 13-6. Chaff Length and Frequency Coverage 


(1) Considerable research and development has reduced the size and 
increased the effectiveness of self-protection chaff. There are various chaff sizes, 
shapes, and materials. Most chaff carried on fighter aircraft are made of small 
aluminum strips, coated strips of nylon, or fiberglass. These strips are cut to 
various lengths and compressed into bundles that are small and light enough to 
allow the aircraft to carry and dispense multiple chaff bundles. These cuts of 
chaff are packaged into chaff cartridges and inserted into a dispenser on the 
aircraft. An explosive squib assembly ejects the cartridges from the dispenser 
and disperses the chaff (Figure 13-7). 
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Figure 13-7. RR-170 Chaff Cartridge 


(2) To provide as many dipoles as possible and present the maximum 
radar cross section, each chaff bundle has numerous chaff cuts to match a 
predetermined range of frequencies. Each chaff cartridge contains almost 3 
million dipoles packaged in an eight inch by one-inch cartridge. The dipole 
frequencies cover the frequency range where most SAM TTRs and air-to-air 
radars operate (2 - 18 GHZ). 


c. Bloom rate, the rate at which chaff will scatter, is also a very important 
characteristic of self-protection chaff. Self-protection chaff effectiveness is based 
on the relationship of bloom rate, chaff RCS, aircraft RCS, and the resolution cell 
of the threat radar system. The ability of chaff to effectively defeat a target 
tracking radar is directly related to the chaff dispense rate, which determines the 
chaff RCS, which should be larger than the aircraft's RCS. The chaff bundles 
must also bloom within the resolution cell of the radar. 


(1) Chaff bloom rate is dependent on aerodynamic factors associated with 
the chaff type, the location of the dispenser on the aircraft, and the aircraft wake 
or turbulence. Heavy or dense chaff falls faster and blooms slower than lighter 
and less dense chaff. The location of the chaff dispenser on the aircraft affects 
the airflow in which the chaff will be dispensed. The ideal position for the 
dispenser is in the area where there is the most turbulence from the aircraft. 
Turbulence behind the aircraft is probably the most important factor affecting 
bloom rate. The more turbulent the airflow, the greater the bloom rate (Figure 
13-8). Maneuvering the aircraft while dispensing chaff also enhances the chaff 
bloom rate. 
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Figure 13-8. Impact of Turbulence and Chaff Bloom Rate 


(2) To ensure that the victim radar is decoyed or that it transfers automatic 
tracking to the chaff, the chaff must bloom within the radar resolution cell. This 
resolution cell is a three-dimensional spheroid with dimensions based on the 
pulse width, horizontal beamwidth, vertical beamwidth, and the range of the 
aircraft (Figure 13-9). There are some rules of thumb that can be used when 
considering the bloom rate of chaff and the resolution cell of a particular radar. 
The shorter the pulse width of a radar, the faster the chaff has to bloom to be 
effective. The narrower the horizontal and vertical beamwidths, the faster the 
chaff has to bloom to be effective. 


Figure 13-9. Chaff Bloom Rate and Radar Resolution Cell 
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Fig. 5-16. Block diagram of the heterodyne downconversion portion of the DOMSAT video receiver. Shown at left is the 3.7- to 4.2-GHz 
input terminal from the LNA and feedline. The 70-MHz i-f output at right feeds the baseband demodulator and processing circuitry (see 
Fig. 7). The potentiometer shown at the lower left represents the resistive voltage divider which tunes the first LO for channel selection. 
Gain partitioning of the various blocks is discussed in the text. 
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d. Against Doppler radars, self-protection chaff is most effective when 
dispensed at or near the beam, relative to the threat radar. When chaff is 
dispensed in the airstream, the drag on an individual dipole is so great compared 
to its mass that it slows to the velocity of the surrounding air mass almost 
instantly. Since the relative velocity of the chaff, in relation to the radar, is zero, 
radar systems employing Doppler processing and tracking will not display the 
chaff. Doppler processing radars will continue to track the aircraft unless it also 
has a relative velocity of zero. This occurs when the aircraft is abeam the radar. 
Chaff corridor and area saturation tactics against Doppler tracking radars will 
have limited effectiveness. 


e. Chaff persistence and polarization are two additional characteristics that 
are important employment considerations for area saturation or chaff corridor 
operations. These individual chaff element characteristics are directly related to 
the combined effects of aerodynamic, atmospheric, and gravitational influences. 


(1) Chaff persistence is the length of time the chaff is at an effective 
altitude to screen ingressing aircraft during area saturation or chaff corridor 
operations. The time span depends on the fall rate of the chaff and varies 
according to the density of the dipoles. The prevailing atmospheric conditions, 
such as wind and temperature also affect chaff persistence. Generally, the longer 
cuts used for lower frequency radars fall faster than the shorter cuts used for 
higher frequency radars. Each type has its own rate of fall based on these 
conditions. The rate of fall is a critical mission planning consideration for 
determining the amount of time between chaff corridor or area saturation 
initiation and the arrival of the aircraft being screened. If the chaff is employed 
too early, it may not be at the correct altitude or may have dispersed to the point 
that it is not effective to screen ingressing aircraft. 


(2) Each chaff strand is a polarized dipole with positive and negative ends. 
The orientation of these strands determine their polarity (Figure 13-10). Chaff cuts 
with the positive and negative ends oriented vertically are vertically polarized. 
Chaff cuts with the positive and negative ends oriented horizontally are 
horizontally polarized. Since chaff strands are initially buffeted by turbulence and 
airstream vortices, the dipole orientation and polarization, changes rapidly and 
randomly. Eventually, the strands separate into two groups; one descending 
horizontally, and one descending vertically. Since the vertically oriented strands 
tend to fall faster, the lower part of the chaff cloud tends to become more 
vertically polarized, while the upper portion is horizontally polarized. A threat 
radar that uses vertical polarization will receive minimal affects from the upper 
(horizontally polarized) portion of the chaff cloud. If the aircraft being screened 
are flying within this portion of the chaff cloud, they may be detected and 
engaged. This is another mission planning consideration for chaff area saturation 
or chaff corridor operations. 
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Figure 13-10. Impact of Chaff Polarization 


3. CHAFF OPERATIONAL EMPLOYMENT 


The two primary chaff employment tactics are force screening and self- 
protection. Force screening tactics include area saturation and corridor 
operations. Self-protection tactics include the reactive employment of chaff to 
negate a potentially lethal engagement. Different chaff dispensing techniques are 
used for each employment tactic and are important planning considerations for 
all chaff employment tactics. This section will discuss area saturation, corridor 
operations, and self-protection chaff employment. 


a. The objective of area saturation operations is to present multiple false 
targets in a specific area in order to saturate radar systems and confuse the 
enemy integrated air defense system (IADS). Area saturation can be 
accomplished by fighter aircraft or drones equipped with chaff pods employing 
random chaff dispensing techniques. The chaff dispenser is set to release 
random bursts of chaff along the ingress and egress route of the attack package. 
Chaff pods may be supplemented with chaff bombs containing special fuses that 
provide false targets at varying altitudes. Attack aircraft can also contribute to 
area saturation by randomly dispensing self-protection chaff as they ingress and 
egress. However, this tactic can deplete the number of chaff bundles an attack 
aircraft may need to defeat a potentially lethal radar system encountered at a later 
time in the mission. 


(1) The chaff cuts must provide frequency coverage for the threat radar 
systems. Also the RCS of each chaff burst should be large enough to present a 
realistic target to the victim radars. Multiple false targets created by chaff area 
saturation may confuse threat system operators and encourage them to expend 
missiles on false chaff targets. 
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(2) Saturation also masks the number of attacking aircraft (Figure 13-11). 
When used with false target deception jamming, area saturation can greatly 
enhance mission success. However, the technique is resource-intensive since 
aircraft employing chaff pods and chaff bombs cannot attack targets. These 
aircraft are vulnerable to attack and should be supported by standoff jamming. 
Area saturation tactics may have limited success against Doppler processing 
radars. 


Figure 13-11. Area Saturation Tactics 


b. The objective of chaff corridor operations is to screen the ingress and 
egress of an attack package by dispensing large quantities of chaff in a 
continuous “ribbon.” Fighter aircraft, or drones equipped with chaff pods such as 
the ALE-38, employ a stream chaff dispensing technique to “lay” the chaff 
corridor. The pods are set to provide a continuous line of chaff dense enough to 
hide ingressing and egressing aircraft. The chaff cuts should provide frequency 
coverage for the radar systems that must be countered. Timing for the chaff 
aircraft in relation to the attack package must consider the fall rate and 
persistency of the chaff to ensure that the chaff corridor covers the required 
altitude for a time sufficient to allow the attack package to ingress and egress. An 
effective chaff corridor completely denies a radar's ability to distinguish between 
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the chaff and the attack aircraft. To do this, the radar cross section, or RCS, of the 
chaff within the resolution cell of the radar must exceed the RCS of the aircraft. 
This condition must be met throughout the length of the chaff corridor. When this 
condition is met, the chaff corridor will appear as a continuous return on the 
victim radar scope, and the attack package cannot be detected (Figure 13-12). 


Figure 13-12. Chaff Corridor Tactics 


(1) One advantage of a chaff corridor is that it can screen ingressing and 
egressing aircraft from pulse radar systems. However, chaff corridors are 
resource-intensive. Aircraft “laying” the corridor cannot strike critical targets. 
The chaff aircraft are also vulnerable to attack. Therefore, standoff jamming and 
self-protection jamming systems should be employed to provide some screening 
and protection for the chaff dispensing aircraft. Finally, chaff corridors may not 
be effective against radars with Doppler processing. 


(2) To be effective, chaff corridor operations require detailed planning. 
Electronic combat (EC) planners must first determine that a chaff corridor is the 
most effective way to screen the attack force. This decision is based on the 
vulnerability of the attack aircraft to the anticipated threat radar systems and the 
availability of chaff assets. Once the decision is made to employ a chaff corridor, 
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planners must select the location, determine the length of the chaff corridor, 
select the ingress and egress altitudes, and establish the timing for the chaff 
aircraft and the attack package. Once the location of the chaff corridor is 
determined, planners must assess the threat radar systems that must be 
countered. The specific operating frequencies of the threat radars will determine 
the cuts of chaff that must be dispensed. The resolution cells of the threat radars 
will determine the density of chaff required. The length of the chaff corridor and 
the chaff density will determine the number of chaff aircraft required to seed the 
chaff corridor. The chaff fall rate and the atmospheric conditions impact the 
timing between the chaff aircraft and the attack package, and the altitude that the 
chaff dispensing aircraft must fly. 


c. Self-protection chaff tactics are based on the use of chaff dispensers that 
use burst chaff dispensing techniques to defeat a TTR. Burst chaff dispensing, 
employed during the final phase of an engagement by air-to-air or surface-to-air 
weapons, can generate tracking errors or a radar break-lock. Burst chaff 
effectiveness is greatly enhanced when accompanied by jamming and evasive 
maneuvers (Figure 13-13). 
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Figure 13-13. Self-Protection Chaff Tactics 


(1) Self-protection chaff has proven effective against all pulse radar threat 
systems when employed with maneuvers and jamming. This is especially true for 
TTRs operating in an automatic tracking mode. 
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(a) Chaff employed against a track-while-scan (TWS) radar is designed 
to put multiple targets, with an RCS greater than the aircraft, in the resolution cell 
of the horizontal and vertical radar beams (Figure 13-14). Since the tracking loop 
tracks the largest return, the TWS radar will automatically switch to the chaff. 
After dispensing chaff, the pilot can maneuver vertically or horizontally to move 
the aircraft out of the resolution cell. 
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Figure 13-14. Self-Protection Chaff Effect on a TWS Radar 


(b) Against a conical scan radar, chaff puts multiple, large RCS targets 
within the separate scans of the radar (Figure 13-15). These multiple targets 
generate error signals in the tracking loop and drive the separate scans off the 
aircraft return. As the conical scan radar tracking loop attempts to resolve these 
error signals, it will eventually lock on to the chaff. Maneuvering outside the 
overlapping scan area enhances chaff effectiveness and facilitates the transfer of 
radar lock-on to the chaff. 
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Figure 13-15. Self-Protection Chaff Impact on a Conical Scan Radar 


(c) Chaff employed against a monopulse radar is designed to put 
multiple targets in at least two of the tracking beams (Figure 13-16). This 
generates errors in the azimuth, elevation, and range tracking circuits. Multiple 
chaff targets continue to generate azimuth and elevation errors that can 
eventually generate a break-lock condition, as the radar transfers lock-on to the 
chaff. Chaff is most effective against monopulse radars when employed on the 
beam in order to create the maximum angular tracking error. 
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Figure 13-16. Self-Protection Chaff Impact on a Monopulse Radar 


(d) Modern radars may employ some form of Doppler filtering to negate 
the effectiveness of chaff and other sources of clutter. Pulse Doppler and 
continuous wave radar systems track targets based on target velocity relative to 
the radar. Radars employing a moving target indicator (MTI) use relative target 
velocity to distinguish between targets and clutter. Chaff slows to near zero 
relative velocity almost immediately after dispensing. For self-protection chaff to 
be effective, the aircraft velocity relative to the radar site must also be near zero 
This occurs when the aircraft's aspect to the radar is 90°, or on the beam. By 
maneuvering to a beam aspect against a Doppler radar, the pilot is exploiting the 
“notch” where radar cannot discriminate targets based on Doppler frequency 
shift (Figure 13-17). 
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Figure 13-17. Self-Protection Chaff Impact on a Doppler Radar 


4. SUMMARY 


Chaff is one of the oldest and most effective pulse radar countermeasures. The 
fundamental characteristics of chaff (RCS, frequency coverage, bloom rate, 
Doppler content, polarization, and persistence) determine the effectiveness of 
chaff employment. The primary chaff employment tactics of force screening and 
self-protection are designed to maximize the impact of chaff on threat radar 
systems. Self-protection chaff, together with jamming and maneuvers, is often 
the “last line of defense” against lethal radar threat systems. 
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CHAPTER 14. IR FUNDAMENTALS 


1. INTRODUCTION 


Since their introduction in the 1950s, infrared (IR) missiles have been an 
increasing threat from both ground-based and airborne systems. The range, 
reliability, and effectiveness of IR missiles have been continuously improved by 
advanced detector materials and computer technology. Since IR missiles are 
passive, they are relatively simple and inexpensive to produce. These 
characteristics have contributed to the proliferation of IR missiles in the combat 
arena. Nearly every aircraft flying in either the air-to-air or air-to-surface role now 
carries an all-aspect IR missile. Additionally, every infantry unit down to the 
platoon level is equipped with shoulder-fired IR missiles (Figure 14-1). This 
chapter will cover basic IR theory, IR missile detection, IR seekers, and conclude 
with a section on IR flare rejection. 


Figure 14-1. The IR Threat 


2. BASIC IR THEORY 


Because of its location in the frequency spectrum, IR radiation exhibits some of 
the characteristics and limitations of microwaves and visible light. 


a. All warm objects emit IR energy. The object's temperature dictates the 


characteristics of this radiation. As the temperature of the material increases, the 
radiant intensity increases and shifts to shorter and shorter wavelengths or 
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Table 5-3. Typical Parameters for Conversion Modules. 


MX-4200 DOUBLE-BALANCED MIXER 
Input frequency 3.7 —4.2 GHz 
LO frequency 2.5—3.0 GHz 
Intermediate frequency 1.2 GHz 
Isolation 20 dB 
Conversion loss 7 dB 
LO-3000 VOLTAGE CONTROLLED OSC 
Output frequency 2.5—3 GHz 
Output power +7 dBm 
Spurious rejection 20 dB 
Tuning voltage range 3—10 V dc 
Supply potential +13.5 V de 
RF-1200 AMPLI-FILTER 
Center frequency 1.2 GHz 
3-dB bandwidth 50 MHz 
Gain 15 dB 
Noise figure 2 dB 
Supply potential + 13.5 V de 
LO-1270 LOCAL OSCILLATOR 
Output frequency 1270 MHz 
Stability + 0.001 % 
Power out +7 dBm 
Spurious rejection 40 dB 
Supply potential + 13.55 V de 
MA-1200 MIXER-AMPLIFIER 
Input frequency 1200 MHz 
LO frequency 1270 MHz 
Intermediate frequency 70 MHz 
Conversion gain 20 dB 
3-dB bandwidth 40 MHz 
Supply potential + 13.5 V de 
Isolation 20 dB 


single printed circuit board and incorporated into a complete 
DOMSAT video receiver by simply interfacing it to the downcon- 
version circuitry shown in Fig. 5-16. 


Display Options 

An ideal DOMSAT video receiver for the home Earth-station 
market would provide an intercarrier audio, vestigial sideband rf 
output for direct interface to the user's VHF TV receiver. Such an 
rf output may readily be realized by using any of the available video 
modulator microcircuits developed for the TV game and home 
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higher and higher frequencies. The frequency band of IR radiation falls between 
the upper limit of microwaves and the lower limit of visible light. When discussing 
IR radiation, it is more convenient to refer to wavelength instead of frequency 
(Figure 14-2). The wavelength of the highest frequency IR is 0.72 x 10° meters. A 
unit of measure called the micron (u), is one millionth, or 10°, of a meter and is 
used to designate IR wavelengths. IR energy falls in the electromagnetic 
spectrum between the wavelengths of 1000 and 0.72 microns, while visible light 
occupies the spectrum from 0.72 to 0.39 microns. 
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Figure 14-2. IR Frequency Band 


14-2 


Electronic Warfare Fundamentals Chapter 14. IR Fundamentals 


b. As the IR energy travels through the atmosphere, certain wavelengths are 
absorbed or attenuated. The greatest IR attenuator is atmospheric water vapor, 
which varies as the weather conditions vary, with negligible absorption at 
altitudes above 30,000 feet. Another significant attenuator is carbon dioxide. The 
percentage of carbon dioxide in the atmosphere is practically constant up to a 
height of 30 miles. Carbon dioxide absorption is predictable and occurs only in 
the IR region. Scattering is another form of atmospheric attenuation and is 
caused by dust particles and water droplets. Scattering is also largely dependent 
on weather conditions and cannot be predicted. Most of the scattering occurs at 
lower altitudes and at the shorter wavelengths. Other atmospheric elements 
cause little or no attenuation of IR energy. Figure 14-3 shows atmospheric IR 
transmission at sea level. There is a relatively large window of IR transmission in 
the region from one to five microns. This is the region where the aircraft engine 
heat signature is at its maximum intensity and where most IR missiles are 
designed to operate. 
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Figure 14-3. Atmospheric IR Transmission 


c. IR energy exhibits some of the transmission characteristics of both RF 
energy and visible light. As with visible light, it can be optically focused by lenses 
and mirrors. This characteristic is used in the IR missile detector elements 
(Figure 14-4). As with RF energy, the intensity of IR radiation diminishes inversely 
with the square of the distance between the source and the receiver. 
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Figure 14-4. IR Missile Seeker 


d. If the intensity of the aircraft's IR signature, while in the military power 
setting, is plotted in relation to wavelength, it reaches a peak at approximately 3 
microns (Figure 14-5). In afterburner, the aircraft's IR intensity reaches a peak at 
approximately 1.5 microns. Since IR missiles are designed to detect and track the 
aircraft's IR signature, most IR missiles operate in the region of 1 to 5 microns. To 
be effective, the IR intensity of a flare must also fall within this micron region. 
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Figure 14-5. Aircraft IR Intensity 
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e. An aircraft's relative IR signature is based on aspect angle, airspeed, 
altitude, and afterburner status. The minimum relative IR intensity is at the nose 
and maximum at the tail. As airspeed increases, the relative IR intensity increases 
due to the heat generated by friction and increased engine temperatures. As 
altitude increases, the relative IR signature increases at all aspect angles, due to 
the reduction in atmospheric attenuation (Figure 14-6). 


Infrared Signature Versus Aspect Angle 


o 


Relative IR Signature 


Figure 14-6. IR Signature Versus Aspect Angle 


3. IR SIGNATURE SOURCES 


IR guidance is based on the fact that every object with a temperature above zero 
degrees Kelvin emits IR radiation. The temperature of the object dictates the 
characteristics of this radiation. As the temperature of the object increases, the 
radiant intensity increases and shifts to higher and higher frequencies and 
correspondingly shorter and shorter wavelengths. The F-16 at Figure 14-7 
demonstrates the different wavelengths found at different areas of the aircraft. 
Emissivity in Figure 14-7 is a relative measure of the IR energy emitted when a 
surface is directly viewed. 
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Figure 14-7. Target Signature Sources 


a. The main aircraft signature sources are the plume, the engine hot parts, 
and the skin. The skin is large in area, but usually fairly cool. Thus the best 
detection of the aircraft skin is usually in the long wave IR band (8-12 microns). 


b. The engine hot parts offer excellent detection when one is looking at the 
right angle. They have high temperatures and high emissivity. However, 
depending on the viewing angle, they may have a low perceived area. 


c. The plume has high temperatures and a high perceived area. This large 
perceived area allows near all-aspect detection. Unfortunately, it has a relatively 
low emissivity except near 4.2 microns. It is the strategy of the new breed of all- 
aspect missiles to detect the plume in the mid-wave IR, around 4.2 microns. 


d. Figure 14-8 shows some of the common IR detector materials. Note that the 


cooled detectors are sensitive to longer wavelength (lower energy) photons, as 
discussed earlier. 
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Material Wave-Band 


Lead Sulfide (PbS) - Uncooled 1.5 - 2.5 micrometers 


Lead Sulfide (PbS) - Cooled 2.0 - 4.0 micrometers 


Lead Selenide (PbSe) - Uncooled 2.0 - 4.2 micrometers 
Lead Selenide (PbSe) - Cooled 3.0 - 5.0 micrometers 
Indium Antimonide (InSb) - Cooled 2.0 - 5.0 micrometers 


- Mercury-Cadium-Telluride 
(Hg... Cd,, Te) - Cooled 8.0 - 13.0 micrometers 


Figure 14-8. IR Detection Materials 


4. IR SEEKER CHARACTERISTICS 


Guidance units are designed to detect and home in on the IR radiation of the 
aircraft. The job of the seeker is to view the scene and output the estimated target 
position. Figure 14-9 shows the hardware that makes up the seeker of a generic 
IR missile system. 
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Figure 14-9. IR Missile Seeker 
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a. The dome acts as an IR transparent protective cover. Most IR missiles use 
the hemispherical dome because that shape does not alter the path of the 
incoming light rays. The optics focus the scene through the reticle onto the 
detector. The reticle pattern enables the detector output to “code” the position of 
the target. 


b. The internal workings of the missile are similar to those found in a radar 
tracking system. There is an automatic gain control (AGC) to adjust the levels of 
the detector output so that it is not too large or too small. The demodulation 
circuit “decodes” the detector signal. The threshold circuit cancels signals that 
are below the specified threshold value, similar to the clutter rejection function 
found in radar systems. Finally, the phase analyzer reads the target position from 
the signal and sends the result to the autopilot. The autopilot then adjusts the 
missile’s flight path to track the target. 


c. IR systems employ filters and detectors to filter out unwanted IR radiation 
from the sun, sunlit clouds, smoke, the earth, and other background radiation 
sources (Figure 14-10). The detection unit is coupled with a guidance system to 
generate commands to the missile control vanes to keep the target centered in 
the field of view. 
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Figure 14-10. Spin Scan Reticle 


d. A defining characteristic of an IR missile is its field of view (FOV) and field 
of regard (FOR) (Figure 14-11). The angular size of the image in degrees is called 
the field of view. To provide the greatest possibility of collecting IR radiation from 
the target, the receiver must have the greatest possible FOV. This in turn may 
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create problems. A large FOV increases the possibility that the receiver may not 
be able to distinguish the target from other sources of IR radiation. To avoid this 
problem, a relatively small FOV is scanned through a wider area. This wider area 
is referred to as the FOR. The gimbal enables the FOV to be scanned, so that an 
entire FOR can be searched. 
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Figure 14-11. Missile Field of View 


9. IR SEEKER TYPES 


Through the years advances in seeker technology have resulted in significant 
changes to IR missile engagement tactics. This section will discuss spinning 
reticle, conical scan, cooled, and imaging IR seekers. 


a. First generation IR missiles, like the SA-7, use a spinning reticle as the 
means to track the target. Due to their relatively low cost and ease of use, IR 
missiles of the first generation can still be encountered. The spinning reticle is 
inserted in the seeker just before the IR radiation reaches the detector. The reticle 
is a thin plate of optical material which has a transparent and opaque pattern on 
it. As the reticle is rotated, the IR energy is chopped at a rate determined by the 
reticle pattern. This system produces error signals when the target is not exactly 
centered in the field of view. Figure 14-12 is an example of a reticle pattern that 
can provide both azimuth and elevation information. If the target is located in the 
upper half of the pattern, the IR intensity on the detector is constant as the reticle 
rotates. As the pie-shaped half of the disc rotates over the target, the IR energy is 
pulsed and the amplitude of the pulses is an indication of relative elevation angle. 
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When the target moves to the right or left, the pulsing starts and stops at different 
times, indicating target azimuth. Center spun spin-scan seekers, also called 
center null reticles, are relatively insensitive when the target is in the center of the 
seeker scan where there is no tracking error. This is because the point target 
tends to bleed energy into all the spokes at once, eliminating the pulsed signal 
output of the detector. Once the target falls off the center of the reticle, the seeker 
generates an error signal that initiates guidance commands to recenter the target. 
This is the reason early IR missiles flew an undulating path toward the target. 
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Figure 14-12. IR Missile Reticle 


b. IR conical-scan (con-scan) seekers were developed to solve some of the 
problems with spin-scan seekers; notably the lack of error response when the 
target is near the center of the seeker field of view (FOV) (Figure 14-13). In a 
typical con-scan seeker, the reticle is fixed and does not spin. Instead, a 
secondary mirror is tilted and spun. This causes the target image to be scanned 
in a circular path around the outer edge of the reticle. When the target is centered 
in the seeker scan, the detector generates a pulsed output similar to that of the 
spin-scan seeker. However, as the target leaves the center, the output of the 
detector is a frequency modulated (FM) sine wave. The frequency of the 
modulation is directly proportional to the amount of target displacement from the 
center of the seeker scan. Con-scan optics are usually designed to spin the target 
very close to the edge of the reticle. This generates the greatest amount of FM 
modulation for a given target tracking error and gives the con-scan IR missile a 
more sensitive and tighter tracking loop. The center of the reticle is only used for 
acquisition. 
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Figure 14-13. Conical Scan IR Seeker 


c. A significant improvement to IR seekers resulted from the cooling of the 
detector with an inert gas such as argon. Older IR missiles, using uncooled lead- 
sulfide detectors, have a peak sensitivity in the 2 micron region. This limits these 
missiles, the SA-7 for example, to stern attacks because the missiles can only 
discriminate the IR signature of the engine turbine from background IR energy. 
By cooling the detector with an inert gas, like argon, the detectors of newer IR 
missiles can track longer wavelength IR radiation associated with airframe 
friction. Using newer detector materials like indium antimonide (InSb), require 
cooling to have increased target detection range and all-aspect tracking 
capability. 


d. Imaging IR is the most recent advancement in IR seeker technology. The 
technology for these seekers is similar to that found in the AGM-65 Maverick 
missile. Imaging IR seekers are harder to decoy with flares than older seekers, 
and they are resistant to pulsed light jamming. Imaging detection involves 
creating an IR picture of the scene in one of two ways, scanning or staring. A 
scanning system uses one detector (or a mix of detectors and mirrors) which 
moves relative to the scene until the entire scene is scanned. This is an easy 
system to fabricate, but it can be noisy because the detector can't stay very long 
at each position, and it does not have a lot of time to measure the signal. A 
staring system uses many detectors, each of which detects a small portion of the 
scene. Each detector can “dwell” on its part of the scene for the entire frame 
time. However, such systems, also called focal plane arrays, are difficult to 
fabricate in a way such that each detector has the same sensitivity. One of the 
prime advantages with using imaging IR seekers is that they can be programmed 
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computer industries. In fact, the video and audio levels available 
from the baseband unit shown here are entirely compatible with 
such modulators. 

Unfortunately, incorporating an rf modulator in commercial 
DOMSAT video receiver would subject the entire receiver to FCC 
type acceptance in United States. As more than one home com- 
puter manufacturer has discovered, the type-acceptance procedure 
is burdensome in the extreme, with bureaucratic delays often 
precluding a timely market entry. In addition, the resolution and 
clarity of most of the available low-cost video modulators leave 
quite a bit to be desired, and rf modulation would tend to degrade 
overall video quality noticeably. 

A possible solution would be to provide the user with simply a 
video and audio output from the DOMSAT receiver and allow him 
to display the receiver's output on a studio-quality TV monitor. 
However, few videophiles possess such a monitor, and the cost is 
prohibitive. 

Fortunately, most videophiles do possess a video-tape re- 
corder (in fact, the owner of a home satellite Earth station would 
most likely find it impossible to function without one!) and the 
average video recorder contains an extremely high quality rf mod- 
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Fig. 5-17. Typical microstripline circuit module used for satellite video 
downconversion. Each module in the receive system is mounted in its own 
shielded enclosure,and all are interconnected via coaxial cable as dis- 
cussed in the text. 
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to track a particular IR shape or scene, significantly reducing the effectiveness of 
decoy flares. 


6. IR MISSILE FLARE REJECTION 


Flares are the primary countermeasure used to defeat the IR missile. Advanced IR 
missiles use different techniques to overcome the use of self-protection flares. 
There are two important characteristics of infrared (IR) missiles that influence the 
effectiveness of self-protection flares. The first is the ability of the IR missile 
seeker to discriminate between the IR signature of the aircraft and the IR 
signature of background interference, especially clouds. The second is the flare 
rejection capability built into the missile seeker and the missile guidance section. 


a. The major source of IR background interference is sunlit clouds. Space 
filtering using a spinning reticle as described in the previous section is the 
method most widely used to suppress background interference and improve 
discrimination. IR energy from the target is gathered by the optical system and 
focused on the spinning reticle. The reticle chops the signal into a series of 
pulses that are focused onto the IR detector element. The signal output of a point 
source of IR energy, such as a target aircraft, will be a series of pulses. The signal 
output of a cloud, which covers several segments of the reticle, will be a single 
large pulse. An electrical filter eliminates the single large cloud pulse, and passes 
the multiple pulses generated by the target to the missile guidance section. 


(1) IR missiles using spin-scan seekers have very little ability to reject 
flares. Flares provide the missile seeker with a hotter target than that of the 
aircraft, causing the spin-scan seeker to track the flare. The typical flare burns 
with a peak energy emission in the 2 micron range. Since the flare energy 
emission is greater than that of the target aircraft, the missile seeker transfers 
lock to the flare. 


(2) Due to the scan pattern, con-scan seekers have some inherent 
resistance to flares. As described in the previous section, the reticle in a con- 
scan seeker is fixed and does not spin. Instead, a secondary mirror is tilted and 
spun. This causes the target image to be scanned in a circular path around the 
outer edge of the reticle. Because flares tend to drop away from the aircraft, they 
will drop off the con-scan reticle much faster than for a spin-scan reticle; 
therefore, flare resistance is built-in. 


(3) Reducing the missile FOV is another method to help an IR missile 
discriminate the target IR signature from background IR (Figure 14-14). Limiting 
the FOV of the missile also makes the missile more resistant to flares. To decoy 
an IR missile seeker, the flare must create a heat source hotter than the aircraft 
and within the missile FOV. To decoy an IR missile with a narrow FOV, the flare 
must reach peak intensity almost immediately after ejection (Figure 14-15). 
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Figure 14-15. IR Missile — Narrow Field of View 
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(4) The detector also influences the ability of an IR missile to discriminate 
target IR from background IR. Newer IR seekers can track longer wavelength IR 
radiation. The seeker's ability to track through a wider frequency range forces 
flares to decoy that wider frequency range to be successful. Additionally, the 
cooled seeker's ability to track from all angles could cause geometry problems, 
the missile may never see a flare ejected from the bottom rear of an aircraft. 


b. IR missile designers have combined computer signal processing and 
modern IR missile seekers to detect the presence of flares and reject them as 
targets. This flare rejection capability, or IR counter-countermeasure (IRCCM), 
allows newer IR missiles to track the aircraft IR signature while rejecting multiple 
flares. Flare rejection is based on two computer functions. The first is called the 
“trigger,” which detects the flare in the seeker field of view. The “trigger” function 
activates the “response” computer processing, the action the seeker takes to 
reject the flare. Both the “trigger” and “response” must operate to successfully 
reject flares. Each advanced IR missile employs different computer techniques 
for both the “trigger” and “response.” A flare technique developed to counter one 
IR missile may not work against another IR missile that uses different flare 
rejection computer techniques. 


(1) There are several “trigger” techniques that can be used by IR missiles 
to detect flares. Advanced IR missiles may employ one or more of these 
techniques to detect the presence of a flare in the seeker FOV. These “trigger” 
techniques include rise time, two-color, kinematic, and spatial. 


(a) An IR missile using a rise time “trigger” monitors the IR energy 
level of the target. A sharp rise in the received IR energy within a specified time 
limit indicates a flare in the IR seeker FOV. When the missile detects this rapid 
rise in IR energy, the rise-time “trigger” triggers a flare “response.” The 
“response” is switched off when the received IR energy drops to its original level. 
The thresholds for the rise in IR energy and the response time are set to preclude 
activating the rise time “trigger” when the aircraft selects afterburner. An IR 
missile using the rise time “trigger” can be decoyed by multiple flares with slow 
rise times. 


(b) IR missiles using a two-color “trigger” to detect flares sample the 
energy level in two different wavelength bands. In Figure 14-16, a non- 
afterburning target would have more IR intensity in band B than in band A. The 
typical flare produces more IR intensity in band A than band B. A sudden 
increase in band A intensity compared to band B intensity indicates a flare in the 
seeker FOV. The two-color “trigger” would then trigger a flare “response.” 
Advanced IR missiles using a two-color “trigger” can employ different detectors 
composed of different materials to monitor the intensity in two bands. A lead 
sulfide detector could be used for band A and indium antimonide for band B. IR 
missiles using a single detector can employ a reticle with different bandpass 
filters to monitor IR intensity in both bands. To track the target, IR missiles 
employing a two-color “trigger” may use either band, or use data from both 
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bands of a dual-channel tracker. An IR missile using the two-color “trigger” can 
be decoyed by multiple flares that provide equal IR intensity in each band. 
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Figure 14-16. Two-Color IR “Trigger” 


(c) A kinematic “trigger” takes advantage of the fact that flares 
separate very quickly from the dispensing aircraft due to aerodynamic drag. In a 
beam aspect engagement, an IR seeker that transfers track from the target to the 
flare will have a dramatic change in the line-of-sight rate due to the rapid 
separation of the flare from the aircraft. An IR missile employing a kinematic 
“trigger” detects this change and initiates the “response.” IR missiles employing 
a kinematic “trigger” may have difficulty in flare detection in a head-on or stern 
engagement due to the small line-of-sight change between target and flare. 
Multiple flares dispensed at very short intervals will probably decoy an IR missile 
employing a kinematic “trigger”. 


(d) The spatial “trigger” operates like the kinematic “trigger” in that it 
uses the rapid separation of the flare from the aircraft to trigger the “response.” 
An IR missile employing a spatial “trigger” uses the seeker to detect a flare. 
When the flare separates to the rear of the aircraft, the seeker will see the target 
on the edge of the FOV corresponding to the direction of target movement. The 
flare will be on the opposite side of the FOV. Once two hot objects on opposite 
sides of the FOV are distinguishable, the spatial “trigger” triggers the flare 
“response.” IR missiles employing a spatial “trigger” can be decoyed by 
dispensing multiple flares at very short intervals. 


(2) The seeker’s “response” to the “trigger” is to reject the flare or limit its 
effect on target track. As long as the flare remains in the seeker FOV, the missile 
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is tracking the target in a degraded mode. Most IR seekers have a FOV of less 
than 2.5°. At long ranges, the flare will remain in the FOV for a relatively long 
period of time. At close range, the flare will be in the missile FOV for a relatively 
short period of time. Several different “response” techniques may be used, either 
alone or in combinations, to defeat a flare. These “response” techniques include 
simple memory, seeker push-ahead, seeker push-pull, and sector attenuation. 


(a) When the simple memory “response” is initiated, the missile 
continues the maneuver it was performing just before the “trigger.” This 
“response” assumes the flare will separate to the rear of the target. The missile 
rejects the seeker track data and maintains its motion relative to the target, 
waiting for the flare to leave the seeker FOV. The missile will continue to reject 
track data until the flare leaves the FOV or until the “trigger” times out. When the 
“trigger” times out, the “response” is discarded and the seeker operates in the 
normal track mode. If the “trigger” times out while a flare remains in the FOV, the 
seeker will usually transfer lock to the flare. 


(b) The seeker push-ahead “response” causes the seeker gimbals to 
drive the seeker forward in the direction the target is moving (Figure 14-17). 
Pushing the seeker forward causes the flare to depart the FOV faster than with 
simple memory, minimizing the amount of time the missile is not tracking the 
target. The greater the amount of forward movement (called “bias”), the faster the 
flare will depart the FOV. If the amount of forward bias applied is too great, the 
seeker may be pushed forward of the target. This could cause both the target and 
the flare to depart the FOV and the missile would have to reacquire the target. 


Figure 14-17. Seeker Push-Ahead “Response” Technique 
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(c) The seeker push-pull “response” assumes flares will have a higher 
intensity IR signature than the target. The “response” is initiated when the target 
and flare are on opposite sides of the seeker FOV (Figure 14-18). This 
corresponds to a spatial “trigger” condition. The received energy will rise and fall 
as the energy of the target and flare is scanned across the detector. When the 
flare energy is at a peak, the seeker gimbals drive the seeker away from the flare. 
When the lesser energy from the target is detected, the seeker's gimbals pull the 
seeker in the direction of the target. As a result, the seeker is moved away from 
the flare and toward the coolest IR source in the FOV, the target aircraft. 


Seeker Push-pull 
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Figure 14-18. Seeker Push-Pull “Response” Technique 


(d) The sector attenuation “response” is initiated by placing an 
attenuation filter across part of the seeker FOV (Figure 14-19). This filter reduces 
the seeker sensitivity in that part of the FOV. If the target being tracked is in the 
center of the FOV, then placing an attenuator in the quadrant below and to the 
rear of the target should reduce any energy received from a flare. If the attenuated 
flare energy is below that of the target energy, the seeker will continue to track 
the target. 
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Figure 14-19. Sector Attenuation “Response” Technique 


7. SUMMARY 


This chapter provided some background on IR theory and IR detection, then went 
into some of the basics about the different types of IR missile seekers. Finally 
factors that impact the ability of an IR missile to reduce the effectiveness of self- 
protection flares were discussed. This ability depends on the discrimination 
capabilities of the missile seeker, the type of detector, the missile FOV, and the 
missile flare rejection capabilities. Modern IR missiles that employ sophisticated 
flare rejection techniques and advanced missile seeker technologies present a 
growing, and potentially lethal, threat. 
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CHAPTER 15. IR COUNTERMEASURES 


1. INTRODUCTION 


Defeating IR missiles used to be an afterthought placed well behind surviving the 
radar missile threat. Now with the proliferation of advanced IR missiles, defeating 
the IR threat is becoming more important and more difficult. The primary 
countermeasure used to defeat IR missiles is the self-protection flare. This 
chapter will discuss flare characteristics and employment considerations. One of 
the main difficulties in defeating an IR missile is knowing that one has been 
launched. This chapter will also discuss some of the methods currently available 
to detect an IR missile attack. 


2. FLARE CHARACTERISTICS 


Self-protection flares were developed to counter threat systems operating in the 
IR spectrum. Self-protection chaff and flare dispensers, such as the ALE-40, 
ALE-45, or the ALE-47, are designed to allow the pilot to dispense flare cartridges 
when engaged by an IR threat. These flare cartridges are pyrotechnic and 
pyrophoric devices designed to produce an IR source that is more attractive than 
the IR signature of the aircraft. To decoy an IR missile seeker, the flare must 
create a heat source more attractive than the aircraft, within the missile field of 
view. The most important flare characteristics that determine the ability of a flare 
to decoy an IR missile are IR wavelength matching, flare rise time, and flare burn 
time. The MJU-7 flare cartridge will be used as an example of a typical flare 
cartridge. 


Assembly A $ EA Payload 


Piston 


Figure 15-1. The MJU-7 Flare 
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a. The MJU-7 flare cartridge (Figure 15-1) is an example of a flare cartridge 
used in both the ALE-40 and the ALE-47 dispensers. The flare grain is composed 
of magnesium and tetraflouroethylene, or C2F4, which burns at 2000 to 2200°K. As 
the flare burns, it emits IR energy of different wavelengths from the luminous 
zone that emulates the aircraft IR signature. The burning flare also produces a 
large quantity of white smoke, which may highlight the position of the dispensing 
aircraft. 


b. A flare must reach peak intensity shortly after ejection or it will not be 
effective in decoying the IR missile seeker. Flare rise time is the time required for 
the flare to reach peak intensity. 


(1) To counter a short-range IR missile with a narrow field of view, a flare 
must reach peak intensity quickly. On the other hand, some advanced IR missiles 
now look for a rapid rise in IR energy as a trigger to know when a flare is trying to 
decoy it (Figure 15-2). 


Missile 
Field of View 


Flare + 


Figure 15-2. Impact of Flare Rise Time 


(2) Flare rise time varies dramatically with altitude. The flare burns longer 
at high altitude, but it takes much longer to reach peak intensity. This increase in 
flare rise time at high altitude can impact the effectiveness of flares to decoy and 
defeat IR missiles particularly in the air-to-air combat environment. 


c. Flare burn time is the time span that the flare burns and determines how far 
the IR seeker will be pulled off the target. The longer the burn time, the longer the 
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IR seeker is pulled off the target aircraft. The flare should burn long enough to 
ensure that the aircraft is no longer in the missile field of view. Flare burn time, 
like flare rise time, varies with altitude. A flare will burn longer, but at lower 
intensity, at higher altitudes. A longer flare burn time increases the probability the 
IR missile will be decoyed by a single flare. 


3. ADVANCED FLARES 


To counter the advances in IR missile seeker technology the Air Force and Navy 
formed the Advanced Strategic and Tactical Expendables program to develop and 
field advanced IR decoys. Two products to come out of this program are the 
kinematic flare, MJU-47, and the covert flare, MJU-50/51. 


a. Kinematic Flares. A significant characteristic of conventional flares is that 
upon ejection they rapidly slow down and separate from the aircraft. As 
described in Chapter 14, modern IR missiles exploit this rapid separation between 
the aircraft and the flare. The rapid separation triggers a flare rejection response 
in the missile seeker causing it to ignore the flare and continue tracking the 
aircraft. The kinematic, or thrusted, flare delays the missile response by 
propelling itself in the direction of the aircraft and negating or delaying the 
missile's flare rejection trigger. The MJU-47 is the same size as the currently 
fielded MJU-10 flares. The flare's decoying pyrotechnics are vectored out the end 
of the flare to provide a means of propulsion (Figure 15-3). 


Figure 15-3. Kinematic Flare 


15-3 


Fig. 5-18. Spectral display of a single wideband FM video channel after 
dual-downconversion to a 70-MHz second i-f. Horizontal deflection is 3 
MHz/div. and vertical sensitivity is 10 dB/div. This is the composite FM 
signal from which video and audio are to be demodulated. 


ulator. Allowing the user to interface his DOMSAT receiver tothe 
TV via a video recorder provides an ideal solution to the type- 
acceptance dilemma. And those users who have no recorder are, of 
course, free to add an external rf modulator, any number of which 
are available in kit or assembled forms. 
Equipment Availability 

Once priced in the tens of thousands of dollars, DOMSAT 
video receivers are now being brought within the reach of the 


Fig. 5-19. Baseband output of the PLL demodulator. Presence of the 
energy dispersal waveform on the video composite is evident. 
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b. Covert Flares. Though an effective tactic at defeating MANPADS, pre- 
emptively dropping flares in a target area carries a significant risk. The risk is that 
enemy air defense systems that may not have known the aircraft's location will 
surely see the flares, day or night, and any chance for surprise is lost. Figure 15-4 
shows the visual signature of conventional flares. The danger of highlighting 
oneself becomes even more likely as aircraft become fitted with chaff and flare 
systems that automatically dispense expendables based upon inputs from the 
RWR or a missile attack warning system (MAWS). Automatic systems tend to 
error on the side of caution which means expendables will be dropped if there is 
any ambiguity. Visually covert flares, named the MJU-50 and MJU-51, remove this 
problem by not leaving a visual signature such as smoke or flame. These covert 
flares are made of material that oxidizes, pyrophoric instead of pyrotechnic, when 
released in the air. The MJU-50 is the size of the small M-206 flare while the 
MJU-51 is the size of the MJU-7 flare. 


Figure 15-4. Flare Visual Signature 


4. FLARE EMPLOYMENT 


The purpose of employing a self-protection flare cartridge is to decoy the seeker 
head of an IR missile. This is accomplished by presenting the IR missile with a 
second heat source with an IR signature that exceeds the aircraft signature. The 
flare or IR source must appear in the field of view of the IR missile at the same 
time as the aircraft. As the flare separates from the aircraft, the IR missile seeker 
tracks the most intense IR signature, which ideally is the flare, and is decoyed 
away from the aircraft. 
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a. lt is important to perform maneuvers along with flare employment to 
effectively defeat IR missiles. Maneuvers compound the IR missile’s tracking 
problems and increase the distance between the aircraft and flare. Maneuvers 
that put the aircraft outside the IR missile field of view increase the ability of the 
flare to decoy the missile. When engaged by an IR threat, one tactic is to 
immediately dispense a flare and maneuver to put the missile on the beam. This 
increases the line-of-sight rate the missile guidance system must process and 
gives maximum separation between the aircraft and the flare (Figure 15-5). 


Figure 15-5. Initial Maneuver and Flare Employment 


b. With the IR threat on the beam, the pilot has the best chance for achieving 
a “tally-ho” on the missile to determine range and keep the missile on the beam. 
Visually acquiring the missile increases the chances of surviving the encounter. 
Modern chaff and flare dispensers, such as the ALE-47 and ALQ-213, can be 
programmed to dispense flares in a sequence optimized to defeat specific IR 
missiles. Programs are selected by the pilot based upon the most likely threat. 
Classified tactics manuals provide aircraft specific maneuvers and flare 
dispensing programs to defeat the IR threat. 


5. IRCM TACTICS 


Besides maneuvers and flare employment, there are other IR countermeasures 
that can reduce the effectiveness of IR threat systems. The first is to reduce the 
intensity of the heat signature of the aircraft by reducing the power setting. The 
engines produce the largest IR signature and are the only source of IR radiation 
that the pilot can influence. By reducing the power setting, the IR signature is 
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reduced and the required flare intensity is thereby reduced. Use of afterburner 
should be minimized for exactly the same reason; the required flare intensity 
necessary to cover an aircraft in afterburner is difficult to obtain. The pilot should 
not reduce the power setting below the minimum required to maintain sufficient 
maneuvering airspeed. 


a. Another effective IRCM is to use the sun. Maneuvering into the sun masks 
the aircraft's IR signature from most IR threat systems. When attacking a target 
defended by IR systems, an attack axis that places the sun behind the attacker 
may limit the effectiveness of these systems. 


b. Clouds or smoke can also confuse IR threat systems (Figure 15-6). The 
water vapor making up clouds diffuses the IR energy making it difficult for an IR 
system to get a point to track, similar to how sun's light is diffused on a cloudy 
day. The particles found in smoke can have a similar effect on IR energy. The final 
IRCM is to reduce the IR signature of the aircraft by careful design of the engines 
and exhaust system. For example, the F-117 was specifically designed to provide 
the lowest possible IR signature. 


Figure 15-6. IRCM 


6. MISSILE APPROACH WARNING SYSTEMS (MAWS) 

One of the most important factors in defeating an IR missile attack is knowing 
that an attack is in progress. Since IR threat systems are generally passive, the 
radar warning receiver (RWR) will provide no attack warning unless the threat 
uses some detectable radar energy for acquisition prior to launching an IR 
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missile. MAWS are designed to provide the crew some warning of an ongoing 
missile attack. These systems have been widely deployed on larger aircraft. 
Advances in technology allowing them to be smaller and promising lower false 
alarm rates have increased the possibility that fighter size aircraft may be 
outfitted with this equipment. 


a. The two primary requirements for MAWS are timeliness and reliability. An 
IR missile engagement is an extremely short event providing very little time for 
the targeted aircraft to respond with maneuvers and flares. Secondly, there must 
be a very low false alarm rate. In earlier systems the sun, flares, or the wingman's 
aircraft have been known to cause false alarms. Aside from being annoying, a 
false alarm can become a tactical problem if the MAWS is tied directly into the 
countermeasures dispenser set allowing for automatic dispensing of chaff and 
flares when the MAWS senses an attack. False alarms in this type of scenario 
would only serve to highlight a previously untargeted aircraft. 


b. MAWS detect incoming missiles either actively or passively. The active 
MAWS use a pulse Doppler radar to detect and track the in-flight approach of an 
attacking missile. Pulse Doppler radar is used for this purpose because of its 
ability to use relative velocity to pull targets out of clutter. An incoming missile 
will have a high velocity relative to the surrounding background. Range and time 
to impact are computed automatically, updated continuously, and provided to the 
crew to assist in defensive maneuvers (Figure 15-7). The down side to active 
MAWS is the requirement to continuously radiate for long periods of time to 
ensure protection. This contradicts the common tactic of keeping radar 
transmissions to a minimum to avoid being tracked via passive detection 
measures. This situation has led to the latest generation of MAWS being mostly 
of the passive type. 


Figure 15-7. Missile Alert Warning System (MAWS) 
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c. The passive MAWS operate in either the ultraviolet, or the infrared 
frequency spectrum. These systems are tuned to look for the IR signature of a 
missile's rocket motor, then pass a warning and the position of the inbound 
threat to the pilot. To obtain all-aspect missile warning, multiple MAWS sensors 
must be positioned on the aircraft in a similar fashion to RWR antennas. All- 
aspect MAWS face the same challenges that RWR systems face: false multiple 
targets due to maneuvers and accurate threat position reporting, to name a few. 


7. SUMMARY 


The proliferation of IR threat systems has elevated the importance of IRCM to 
survival on the modern battlefield. The most effective IRCM is still the 
employment of flares in conjunction with maneuvers. The specific flare 
characteristics of IR spectrum coverage, rise time, and burn time are critical 
factors in determining flare effectiveness. Other IRCM tactics are designed to 
enhance the effectiveness of flares and take advantage of IR missile limitations. 
The effectiveness of all IRCM tactics depends on some type of attack warning. 
The new generation of MAWS should provide some measure of warning to the 
crews and in some cases automatically defeat the IR missile. 
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CHAPTER 16. RADAR ELECTRONIC PROTECTION (EP) 
TECHNIQUES 


1. INTRODUCTION 


Electronic warfare (EW) is defined as military action involving the use of 
electromagnetic and directed energy to control the electromagnetic spectrum or 
to attack the enemy. Nearly every military action, from command and control of 
an entire integrated air defense system (IADS) to precision guidance of an 
individual weapon, depends on effective use of the electromagnetic spectrum. 
Radar systems have become a vital element of nearly every military operation. 
Since these systems operate across the entire electromagnetic spectrum, much 
of the EW effort is concerned with countering radar systems. All of the jamming 
techniques discussed in Chapters 10 and 11 and the chaff employment options 
discussed in Chapter 13 are specifically designed to counter radar systems. 
These actions are classified as electronic attack (EA), which is a part of EW. 


a. EW is somewhat like a chess game—a series of moves and countermoves 
within the electromagnetic spectrum. As we develop jamming techniques to 
counter radar systems, our adversaries develop counter-countermeasures to 
negate the effectiveness of these techniques. In response, we develop newer 
techniques and our adversaries respond with new modifications to their radar 
systems. This series of moves and countermoves can continue for decades. The 
development and application of radar counter-countermeasures are classified as 
electronic protection (EP), also a part of EW. 


b. The continuing battle to control the electromagnetic spectrum for 
unrestricted radar employment has resulted in over 150 radar EP techniques. 
These techniques are designed to negate the effectiveness of electronic jamming 
and chaff on radar systems. These radar EP techniques can be incorporated into 
the design of a radar system or added to an existing radar system in response to 
a jamming technique. It is beyond the scope of this text to discuss all the radar 
EP techniques in use today. This chapter will discuss the most common EP 
techniques. They have been organized by function of the technique within the 
radar. These functions include radar receiver protection, jamming avoidance, 
jamming signal exploitation, overpowering the jamming signal, pulse duration 
discrimination, angle discrimination, bandwidth discrimination, Doppler 
discrimination, and time discrimination. 


2. RADAR RECEIVER PROTECTION 


The following are some of the most common radar counter-countermeasures 
designed to prevent receiver overload or saturation. 
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a. Sensitivity time control (STC) is used to counter close-in chaff or close-in 
clutter. Receiver gain is set at normal for long ranges and reduced for close-in 
ranges. One problem with using STC is that close-in targets may be missed if 
STC is improperly adjusted. 


b. Automatic gain control (AGC) is used to counter chaff, clutter, and most 
types of transmitted jamming. AGC senses the signal level of a receiver's output 
and develops a back-bias, producing a constant output level. This technique has 
a slow response time compared to fast AGC and instantaneous AGC, both of 
which are employed instead of AGC. Also, it cannot maintain correct IF output 
levels for different intensity signals that are close in range because the bias 
voltage has a long buildup and decay time. 


c. Fast automatic gain control (FAGC) is also employed against chaff, clutter, 
and most types of transmitted jamming. FAGC works by sensing the signal level 
of receiver output and develops a back-bias, tending to hold output constant. 
Response time is within milliseconds, permitting fast response and recovery as 
the antenna traverses the jammer's bearing. There are several precautions to note 
when using FAGC. First, targets may be suppressed and lost without the operator 
knowing that jamming is present. Second, a strong pulse or echo may cause 
ensuing weak targets to be lost. Lastly, FAGC has difficulty getting an accurate 
bearing on the jamming source. 


d. Instantaneous automatic gain control (IAGC) is another technique to 
counter chaff, clutter, and most types of transmitted jamming. IAGC senses the 
signal level of each echo or jamming pulse and develops a back-bias that holds 
the stage output constant. Gain control response time is within milliseconds and 
extends the dynamic range of the receiver. There are several precautions to note 
when using IAGC. First, it is not effective against signals whose “in band” time is 
less than the IAGC response time. Also, with continuous duty cycle jammers, 
targets may be lost without the operator knowing that jamming is present. Finally, 
it is difficult to get an accurate bearing on the jamming source. 


e. Automatic noise leveling (ANL) counters noise jamming and modulated or 
unmodulated constant wave jamming. ANL samples receiver noise content at the 
end of each PRF and sets the gain accordingly for the next pulse interval. 
Continuous jamming reduces gain to keep output the same as the original noise 
level. ANL also follows the scanning rate of the antenna so that receiver noise 
output is constant as the antenna rotates. When using ANL, targets may be 
suppressed and lost without the operator knowing that jamming is present. Also, 
receiver gain is unstable when pulses or swept jamming enter the sampling gate 
intermittently. 


f. The logarithmic receiver (LOG) counters most types of transmitted 


jamming by amplifying and demodulating large dynamic-range signals in 
logarithmic amplifiers. This produces “amplitude compression” of the strong 
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signals. However, when using LOG, output is nearly constant so the operator 
cannot easily tell when jamming is present. 


g. The logarithmic receiver with fast time constant (LOG-FTC) counters 
narrowband jamming, chaff, and clutter. This technique amplifies and 
demodulates large dynamic-range signals in logarithmic amplifiers, producing 
“amplitude compression” of the strong signals. Video is coupled through FTC 
circuits to eliminate rectified carrier and low frequency sideband products. There 
are problems with using LOG-FTC. First, the receiver output is nearly constant, 
so the operator cannot always tell when jamming is present. Second, LOG-FTC is 
not effective against wideband, or fast-swept, short pulse jamming. Lastly, 
LOG-FTC causes a broadening of displayed jam sector. as well as degrading 
bearing accuracy on the jam source. 


h. Dicke-fix (DF) counters wideband and fast-swept jamming and is similar in 
employment to wideband limiting (WBL). DF amplifies without ringing, clips down 
all pulses to a common level, then amplifies the narrowband echo signal more 
than the wideband jamming. Noise level is held constant, independent of jamming 
intensity. There are precautions to note when using DF. Jamming that enters the 
wideband limiter can capture limiters, causing poor receiver sensitivity. Targets 
may be suppressed without the operator knowing that jamming is present. Also, 
resolution and target detection range are reduced, even in a non-jamming 
environment. Finally, DF is ineffective against extremely fast-swept spot jamming. 


i. WBL is used to counter wideband jamming and fast-swept jamming. WBL 
amplifies without ringing, clips down all pulses to a common level, then amplifies 
the narrowband echo signal more than the wideband jamming. Noise level is held 
constant, independent of jamming intensity. However, jamming that enters the 
wideband limiter can capture limiters and cause poor receiver sensitivity. 
Resolution and target detection range is reduced, even in a clear environment. 
Targets may be suppressed without the operator knowing that jamming is 
present. Finally, WBL is ineffective against fast-swept spot jamming. 


j. Adaptive video processing (AVP) counters chaff corridors, weather, sea 
clutter, and most types of transmitted jamming. AVP combines the adaptive 
threshold, beam-to-beam correlation, and wide-pulse blanking in frequency- 
scanning three-dimensional radars to avoid collapsing undesired returns on the 
PPI display. However, when using AVP, there is a decreased probability of 
detection in some multiple target situations. Also, targets may be suppressed 
without the operator knowing that jamming is present. Finally, AVP passes all 
point targets. 
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3. JAMMING SIGNAL AVOIDANCE 
The following are some EP techniques used to avoid jamming signals. 


a. Frequency agility (FA) counters narrowband jamming and some types of 
repeater and deception jamming. FA enables the radar to make rapid changes of 
transmitter and receiver operating frequency, sometimes on a pulse-to-pulse 
basis. Manual frequency changes may cause mutual interference with other 
radars and services. 


b. Frequency diversity works against narrowband jamming and some types of 
repeaters and transponders. It is a multiple-radar coordination procedure in 
which radars are assigned operating frequencies that are separated to reduce 
mutual interference and their susceptibility to a single jammer. It is important to 
note that other radars may be operating at the same allocated operating 
frequency. 


c. Polarization diversity is used to counter chaff, weather, and transmitted 
jamming. Polarization diversity attenuates jamming input to a radar receiver by 
using antenna polarization different from jammer polarization, and usually 
involves separate radars of different polarization. There are two precautions when 
using polarization diversity: (1) ground clutter worsens on vertical polarization, 
and (2) close coordination is necessary if separate radars are used; for example, 
one horizontally polarized search radar and one vertically polarized search radar. 


d. Circular polarization (CP) works against chaff, weather, and transmitted 
jamming. CP attenuates jamming input to a radar receiver by using antenna 
polarization different from jammer polarization, and usually involves separate 
radars of different polarization. CP also improves target detection in rain clutter. 


e. Conical-scan-on-receive-only (COSRO) is employed against inverse conical 
scan jamming to deny a jammer the ability to sense and upset scan angle 
tracking information. A constantly transmitted illumination beam is received and 
scanned to derive target angle information. However, the jammer can still 
degrade angle tracking if it can approximate the received signal scan rate. 


f. Speedgate tracking is used against all types of transmitted jamming. The 
technique provides a very narrow bandpass having a center frequency related to 
Doppler shift. Only jamming within the restricted band is effective. It has the 
advantages of accurate target Doppler discrimination and good target tracking at 
low target levels. However, the speedgate can be stolen by gate stealers and 
some types of swept jamming. 


g. Leading-edge track (LET) is used to counter an incoming target dropping 


chaff by allowing target tracking on the leading edge of the target. Trailing edge 
track (TET) is used to counter a receding target dropping chaff. 
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h. Track coast is used to counter chaff, clutter, multiple targets, range gate 
stealers, jam fades, and blinking jamming by placing tracking radar in a rate- 
aided coast condition. The system “estimates” target position to avoid 
interrupting the fire control solution. A lock-on or return to acquisition mode 
terminates the track coast condition. Track coast requires adequate storage of 
rate-aided information, and no true tracking information will be developed while 
track coast is operating. 


i. Guard gates work against chaff, clutter, multiple targets, range gate 
stealers, jam fades, and blinking jamming. Guard gates provide automatic 
detection of a foreign signal and “estimates” target position to avoid interrupting 
fire control solutions. Like track coast, guard gates require an adequate store of 
rate-aided information with no true tracking information developed. 


4. JAMMING SIGNAL EXPLOITATION 


The following are some EP techniques that use the jamming signal for target 
acquisition and engagement. 


a. Passive angle tracking (PAT) counters most types of transmitted jamming 
by allowing the radar to acquire and angle-track the source of jamming signals. 
There are some problems with this technique. Blinking jamming can cause severe 
instability, and the range of the jammer is unavailable until the target reaches 
burnthrough range. 


b. Home-on-jamming (HOJ) counters most types of transmitted jamming by 
allowing the missile or radar to use the jamming signals, locate the source, and 
home on it. However, blinking jamming can cause severe instability, and the 
range of the jammer is unavailable until burnthrough. 


c. Jamming signals produce recognizable sounds that help in their detection 
and identification. Aural recognition allows an operator to listen to the Doppler 
frequency associated with a moving target. It is used to counter most types of 
jamming. 


d. The local oscillator off technique counters continuously transmitted 
jamming. No receiver output occurs unless a target echo signal and a jamming 
signal are present. Limitations of this technique include: targets only display in 
an area where jamming is present; and, if the antenna rotates away from the 
jammer, or if jamming is turned off, no targets are displayed on the radar scope. 


e. The jamming strobe indicator counters any transmitted jamming with high- 
duty-cycle modulation. The indicator is a variable marker strobe on the radar 
display that moves in range proportional to jamming strength. The indicator 
traces an antenna lobe pattern on the display, showing the azimuth of the 
jamming source. There are some problems with the jamming strobe indicator. 
First, it interrupts normal video in some radars. Second, inverse or sidelobe 
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Fig. 5-20. The dc restorer is simply a diode clamp circuit which removes 
from the video waveform any vestiges of the energy dispersal waveform 
seen in Fig. 5. 


American consumer. The conversion modules shown in Fig. 5-16, 
for example, have, since late 1978, been available to the experi- 
menter at $1000 complete, and to the OEM at significantly lower 
prices in production quantities. 


WWV-TO-80-METER CONVERTER 


This simple inexpensive frequency converter will place the 
WWV 10-MHz signal anywhere within the 80-meter band. 


PLL VIDEO EMITTER 
DEMODULATOR AMPLIFIER FOLLOWER 


| 


SUBCARRIER 
DEMODULATOR 


600 OHMS 


VIDEO OUT 
IV P-P 
75 OHMS 


DE-EMPHASIS 42 MHz De EMITTER 
FILTER VIDEO LPF RESTORER FOLLOWER 


Fig. 5-21. Block diagram of the complete baseband processing portion of 
the DOMSAT video receiver. The above circuitry is driven by the output of 
the downconversion module set (see Fig. 3), and provides standard 1-volt 
video and 0-dBm audio outputs toan external modulator, studio monitor, 
or video tape deck. 


203 


Chapter 16. Radar EP Techniques Electronic Warfare Fundamentals 


jamming can cause erroneous strobes. Finally, the jam strobe does not react to 
unmodulated CW or low-duty-cycle jamming for some radar systems. 


f. The jamming indicator lamp, located on the operator console, is used on 
radars with automatic noise leveling (ANL) to counter continuous transmitted 
jamming. The lamp alerts the operator to the presence of jamming, and the ANL is 
manually shut off. This action allows the operator to determine jammer bearing. 


g. Clean strobe generation (CSG) counters any transmitted jamming by using 
the sidelobe blanking circuits of a radar. An azimuth strobe appears when the 
jamming level in the main antenna exceeds the jamming level in the sidelobe 
auxiliary antennas. The operator is alerted to the presence and bearing of a 
jamming source, even with a constant false alarm radar (CFAR) receiver. 


h. Jamming attenuation (JAM ATTEN) counters both clutter and any type of 
jamming. Receiver gain is reduced to avoid receiver saturation by inserting an 
attenuator pad that enables the operator to recognize presence, type, and bearing 
of a jamming source. When using JAM ATTEN, however, the reduced gain may 
cause loss of targets, even in non-jammed sectors. Also, any improvement in 
signal-to-jam ratio is not possible. 


i. Receiver manual IF gain (MAN GAIN or IF GAIN) also counters clutter and 
jamming. Receiver gain is reduced to avoid jamming saturation by manually 
reducing stage gain, allowing the operator to identify jammer presence, type, and 
bearing. When using IF GAIN, the reduced gain may cause a loss of targets, even 
in non-jammed sectors. Also, any improvement in signal-to-jam ratio is not 
possible. 


9. OVERPOWERING THE JAMMING SIGNAL 


Following are some EP techniques a radar system can employ to overpower 
jamming and reduce the jamming-to-signal (J/S) ratio to less than one. 


a. Burnthrough counters most types of transmitted jamming. Energy in the 
target pulse is raised by increasing the peak power, that is, the PRF or pulse 
width, or by increasing the time the radar illuminates the target by reducing the 
scan rate or scan angle. Some radars have modes in which the radar 
concentrates its power in narrow azimuth and elevation sectors about the 
suspected target position. However, burnthrough can degrade general radar 
performance by overloading the receiver if a large radar cross section target is 
detected. High power may impact radar operation in clutter or dense chaff 
environments. 


b. Narrowband long pulse (NBLP or NLP) counters most types of transmitted 


jamming by using a high-energy long pulse. The signal uses a narrowband 
receiver for reception, and increases detection range for targets in jamming and 
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in the clear. Simultaneously, it reduces resolution, which causes poor radar 
performance in chaff and clutter. 


6. PULSE DURATION DISCRIMINATION 


The following are some radar counter-countermeasures that use pulse duration 
to discriminate between radar and jamming signals. 


a. The fast time constant (FTC) is used to counter chaff, clutter, and 
narrowband jamming. A video circuit provides low frequency attenuation to reject 
carrier and low frequency modulation jamming. FTC passes normal radar pulse 
lengths with little attenuation, but causes some loss of receiver sensitivity. 


b. Pulse width discrimination (PWD), clutter eliminate (CE), and wide pulse 
blanking (WPB) are designed to counter chaff, most types of jamming, EMI, and 
some types of deception jammers. A video coincidence gate, involving a delay 
line matched to the expected signal duration, senses if a return is the proper 
pulse width. PWD, CE, and WPB provide an enabling path for qualified signals. 
However, weak signals may be lost in the signal processing. 


c. Pulse expansion-compression (PC) is used to counter most types of noise 
jamming and some types of deception jamming. An expanded pulse is coded for 
transmission. This expanded pulse is transmitted and decoded on return. Echo 
responses are then compressed in a decoding process. This 
expansion/compression is equivalent to NLP, which provides longer detection 
ranges, and wideband short pulse, which provides increased resolution. Using 
PC is not without problems. Unwanted residues may cause loss of weak targets. 
Additionally, range error proportional to the Doppler shift, or radial velocity, 
affects the accuracy of the PC. 


7. ANGLE DISCRIMINATION 


The following techniques use angle discrimination to distinguish between radar 
returns and jamming signals. 


a. Sidelobe blanking (SLB) and sidelobe cancellation (SLC) are types of 
sidelobe suppression (SLS) used to counter sidelobe response to chaff, clutter, 
transmitted jamming, sidelobe jamming, and deception jamming. An auxiliary 
antenna approximates the pattern and gain of sidelobes of the main antenna and 
produces a signal for comparison with the signal received in the main antenna. If 
the signal in the auxiliary antenna is greater, the signal in the main antenna 
channel is blanked. This permits bearings to be obtained on a jamming source 
and rejects sidelobe jamming. SLB is useful only for determining the bearing to 
the jamming source. 


b. Antenna manual positioning, antenna traverse and elevation angle offset, 
antenna jog, and antenna slow scan are EP techniques used to counter main 
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beam and sidelobe jamming and deception. These techniques are designed to 
increase the antenna scans across the jammed sector to increase the blip-scan 
ratio. These techniques increase the number of pulses integrated, as well as the 
operators' sorting capability. 


8. BANDWIDTH DISCRIMINATION 


The following are EP techniques that use bandwidth to distinguish between radar 
jamming and target returns. 


a. Dicke-fix (DF) counters wideband and fast-swept jamming. A wideband 
limiter amplifies without ringing and clips all pulses down to a common level. 
Then an amplifier increases narrowband target echo signals more than the 
wideband jamming. There are some problems associated with DF. Any jamming 
entering the wideband limiter can “capture” the limiters and cause poor receiver 
sensitivity. Targets may be suppressed without the operator knowing that 
jamming is present. Resolution and target range is reduced, even in a clear 
environment. Finally, DF is ineffective, even harmful, when the jamming 
bandwidth is near the bandwidth of the desired echo signal. 


b. Transmitter pulse lengthening (TPL) counters wideband and fast-swept 
jamming. TPL concentrates power into a narrow band about the carrier frequency 
by lengthening the transmitting pulse. While this allows use of a narrowband 
receiver, it impairs resolution, causing poor chaff and clutter performance. 


c. Transmitter pulse shaping (TPS) counters wideband and fast-swept 
jamming. The sideband range is limited by shaping the transmitted pulse. This 
allows use of a narrowband receiver, but impairs resolution, causing poor 
performance in chaff and clutter. 


d. Narrowband pulse limiting (NBLP or NLP) is a form of transmitter pulse 
lengthening that counters wideband jamming and fast-swept jamming. NBLP 
concentrates power into a narrow band in the carrier frequency by lengthening 
the transmitting pulse. This allows use of a narrowband receiver, but impairs 
resolution, causing poor chaff and clutter performance. 


e. The fast time constant (FTC) is used to counter chaff, clutter, and 
narrowband jamming. A video circuit provides low frequency attenuation to reject 
carrier and low frequency modulation of jamming. FTC passes normal radar pulse 
lengths with little attenuation, but causes some loss of receiver sensitivity. 


f. High video pass (HVP) is used to counter chaff, clutter, and narrowband 
jamming. It is similar to FTC. A video circuit provides low frequency attenuation 
to reject carrier and low frequency modulation jamming. HVP passes only the 
leading edge of the received pulses. HVP can cause some loss of receiver 
sensitivity. 
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g. The wideband short pulse (WSP) counters chaff, clutter, and narrowband 
jamming by transmitting a short pulse and using a wideband receiver for 
reception. Echo resolution and accuracy are improved, and performance against 
narrowband jamming is enhanced. However, the maximum detection range is 
decreased and system vulnerability to wideband jamming is increased. 


h. Narrowband limiting (NBL) counters chaff, clutter and narrowband 
jamming. A narrowband filter positioned in the front of the amplifier section 
allows only the target signal bandwidth to enter the limiter, reducing wideband 
and off-frequency jamming. The limiter clips all signals and noise to a common 
level. This technique is useful only when followed by pulse compression or other 
“decode” techniques. NBL is not effective against wideband jammers capable of 
causing “ringing” of the NBL bandpass filters. Targets may be suppressed and 
lost without the operator knowing that jamming is present. Finally, target 
detection and resolution are poor. 


9. DOPPLER DISCRIMINATION 


EP techniques that use Doppler frequency discrimination between radar and 
jamming signals to negate jamming effectiveness include the following: 


a. Moving target indication (MTI) is used to counter chaff and clutter. The 
phase of returned target echoes is compared on a pulse-to-pulse basis. Those 
with no phase change (no change in radial velocity) are cancelled using a delay- 
line canceler. Sensitivity using MTI is poor for weak targets, even in the clear. 
Also, it is blind to targets that have a Doppler frequency that is equal to a multiple 
of the radar PRF, unless PRF stagger is used. Finally, limited dynamic range does 
not allow full cancellation of strong clutter echoes. 


b. Compensated coherent MTI, also known as compensated COHO MTI, 
counters chaff and clutter by comparing the phase of returned target echoes on a 
pulse-to-pulse basis. Those pulses with no phase change, that is, no change in 
radial velocity, are cancelled. Corrections to the coherent oscillator are applied to 
compensate for motion of the platform and radar antenna. Sensitivity is poor for 
weak targets, even in the clear, and it is blind to targets that have a Doppler 
frequency equal to, or a multiple of, the radar PRF, unless PRF stagger is used. 


10. TIME DISCRIMINATION 


The following EP techniques use time discrimination between radar and jamming 
signals to negate jamming effectiveness. 


a. Video integration (VINT) and integrate-multiply (INT-MULT) counter any 
form of transmitted jamming not synchronous with radar PRF. The video 
continuously circulates through a delay line, delaying signals exactly one pulse 
recurrence time (PRT), then combines them with signals from the next PRT. 
Synchronous target signals add together to increase video output, but noise and 
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random pulses are suppressed. Unless MTI and FTC are employed, VINT and INT- 
MULT will enhance chaff, clutter, and jamming along with target returns. Also, 
feedback control, or loop gain, must be carefully adjusted for optimum results. 


b. PRF stagger and jitter are EP techniques designed to counter quasi- 
synchronous jamming, EMI, MTI blind-speeds, “second trip” echoes, and repeater 
jammers simulating “closer-than-real” targets. The transmitter pulse interval is 
varied to break up synchronous patterns. Received signals must be “de- 
staggered” for use with MTI or integration. When using any of these techniques, 
video de-stagger balance must be accurate or “double video” occurs. These 
techniques are not effective against exact synchronous deception jamming. 


c. Pulse-to-pulse correlation (PPC) is used to counter slow-swept blinking or 
pulsed jamming not synchronized with radar PRF, and some types of deception 
jammers. To be displayed, target video must exceed a threshold voltage for two 
successive pulses. The technique avoids displaying non-synchronous jamming 
and EMI, but is not effective against synchronous jamming, and may cause weak 
targets to be missed. 


d. Beam-to-beam correlation (BBC) is used to counter slow-swept blinking or 
pulse jamming not synchronous with radar PRF and some types of repeaters and 
transponders. It is used in three-dimensional frequency scanning or frequency 
agile radars. To be displayed, the target return echo signal must exceed a 
threshold value in two adjacent antenna beams. BBC is not effective against 
synchronous jamming. It may also cause weak targets to be missed. 


e. Single beam blanking (SBB) is used to counter slow-swept, blinking, 
pulsed jamming, and narrowband jamming. It is used in three-dimensional 
frequency scanning or frequency agile radars to avoid displaying vertical beams 
containing jamming. A blanking pulse is generated for vertical beams containing 
jamming so that they are not displayed. The technique is not used on RHI video. 
Also, it can cause a loss of targets at the jammed elevation angle on the PPI 
display. 


11. SUMMARY 


This chapter has discussed some of the most widely employed EP techniques 
designed to counter radar jamming. The capabilities of the individual radar 
operator were not discussed. However, the radar operator is as important as the 
EP techniques designed for the radar system. Many of the most effective EP 
techniques are designed to ease operator interpretation of the radar display. In 
the chess game of EW, the capabilities of individual radar operators can be as 
important as the sophisticated EP techniques in determining the final outcome. 
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CHAPTER 17. RADAR WARNING RECEIVER (RWR) BASIC 
OPERATIONS AND GEOLOCATION TECHNIQUES 


1. INTRODUCTION 


Radar surveillance and radar-directed weapons represent the biggest threat to 
aircraft survival on the modern battlefield. The first step in countering these 
threat systems is to provide the pilot or crew with timely information on the signal 
environment. The radar warning receiver (RWR) is designed to provide this vital 
information to the pilot. The RWR system is an example of an electronic warfare 
support (ES) system. The primary purpose of an RWR system is to provide a 
depiction of the electronic order of battle (EOB) that can have an immediate 
impact on aircraft survival. Though the RWR system is complex, the basic 
operations of the various components are straightforward. A step above RWR 
systems is threat geolocation. While an RWR provides the EOB for a single 
aircraft, threat geolocation systems can provide accurate threat location data for 
numerous aircraft over an entire region. Threat location data is used for aircraft 
threat avoidance and, more common today, the preemptive attacking of enemy 
radar sites. This chapter will discuss the functions of the various components of 
a RWR system including the antennas, receiver/amplifiers, signal processor, 
emitter identification (ElD) tables, RWR scope, RWR audio, and limitations to 
RWR systems. This chapter will then go on to discuss three of the methods used 
to geolocate radar threat systems. 


2. RWR ANTENNAS 


Antennas are designed to receive radar pulses from threat radar systems. Factors 
that impact the operation of the RWR antennas include location, pattern, 
sensitivity, and polarization. 


a. The physical location of the RWR antennas on the aircraft can affect its 
ability to detect a radar signal. Antennas are arranged to cover a predetermined 
area of horizontal and vertical space around the aircraft (Figure 17-1). 


b. The antennas and their patterns play an essential part in displaying the 
spatial relationship of a threat radar to the aircraft. The antenna patterns are the 
areas, or “footprints,” that the antennas are specifically designed to cover. These 
footprints are directly affected by the relative position of the antennas to the 
threat systems. This is because the signal processor measures and compares 
signal strength from all the aircraft antennas to compute threat signal location 
relative to the aircraft. This relative location is then presented on the RWR scope 
display. Aircraft movement and maneuvering shifts these relative positions 
during flight and can distort the true threat position on the RWR scope. Precise 
position determination is not possible with most RWRs. 
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Figure 17-1. Radar Warning Receiver (RWR) Antennas 


c. The sensitivity of an RWR antenna directly affects its ability to detect a 
radar signal. The more sensitive the antenna, the further it can detect a signal. 
The sensitivity of a system and its ability to intercept a radar signal is usually 
expressed in decibels relative to milliwatts or dBm units. A 10 dBm change in 
sensitivity can result in a 25 nm range difference in target detection. In general, 
sensitivity levels of -50 to -60 dBms are required to detect signals at long ranges 
(Figure 17-2). 


Figure 17-2. RWR Antenna Sensitivity 
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d. Another factor affecting antenna detection range is the polarization of the 
antennas. lf the polarization of the RWR antenna and the threat system antenna 
are mismatched, or cross-polarized, initial detection of a threat signal could be 
delayed until the aircraft is within the lethal range of a threat system. In this 
situation, the aircraft could be engaged with minimal warning (Figure 17-3). 


Normal Detection Range Polarization 
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Figure 17-3. RWR Antenna Polarization 


3. RWR RECEIVER/AMPLIFIERS 


The RWR receiver/amplifier section processes the radar signals from the 
antennas. Most RWR systems use frequency bands to differentiate signals. 
Nominal band designations are summarized in Table 17-1. There are two types of 
receivers currently used in RWR systems: the crystal video receiver and the 
superheterodyne receiver. 


Table 17-1. RWR hill cada Band elias it 


_RWR Frequency Band _ EW Frequency Band | 


f Charlie-Delta Bands | 
Echo-Foxtrot Bands | 


Golf-Hotel Bands 
India-Juliet Bands 
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a. A crystal video receiver (CVR) is the simplest type of microwave receiver. lt 
is used primarily for detection of pulse radar signals in the 2 to 18 GHz band. A 
CVR used in a radar warning receiver incorporates crystal detectors for each 
designated frequency band. A pulse radar signal is detected by the antenna and 
passed to the multiplexer. The multiplexer divides the received radar signals by 
frequency band and sends the signals to the appropriate band channel. The RF 
amplifier boosts the radar signal and passes it to the crystal detector (Figure 
17-4). 
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Figure 17-4. Crystal Video RWR Receiver 


(1) The crystal detector is an RF diode, which converts the RF signal into a 
video signal. The voltage level of the output video signal is dependent only on the 
amplitude of the input signal and not on the frequency or phase. The sensitivity 
of a CVR is limited by the sensitivity of these crystal detectors. The sensitivity of 
crystal detectors currently available is generally adequate to detect main beam 
radiation from most threat radars. The video output of the crystal detectors is 
amplified by a high-grain compressive video amplifier and sent to the RWR scope 
for display. 


(2) A CVR is extremely fast, sensitive, and covers a wide frequency range. 
These characteristics coupled with low cost and small size make CVRs ideal for 
use in radar warning receivers. The primary disadvantage of a CVR is that it is 
indiscriminate in reception and can be saturated in a dense signal environment. 
Multiple signals in the same band can cause amplitude distortion which can mask 
key threat signals. 
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b. A superheterodyne RWR receiver uses a pre-selector filter, mixer, and a 
local oscillator to translate the received signal to a lower intermediate frequency 
(IF). This lower IF allows the receiver to amplify and filter the received signal to 
provide greater sensitivity and frequency selectivity than a CVR (Figure 17-5). 
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Figure 17-5. Superheterodyne RWR Receiver 


(1) Superheterodyne RWR receivers use special scanning techniques 
controlled by the signal processor to tune the pre-selector filter and the local 
oscillator to rapidly scan selected threat system frequency bands. If the receiver 
detects activity in any of these bands, the scan stops to allow the processor to 
analyze the detected signals. The signal is combined with the local oscillator 
signal to lower the frequency to the IF. This signal is amplified, filtered, and 
amplified again before it reaches the signal processor. The signal processor 
classifies the threat and displays the proper threat symbol to the pilot. This entire 
process is accomplished in a matter of microseconds. 


(2) The scanning superheterodyne receiver has important features that 
make it effective for RWR system application. It has excellent sensitivity and 
selectivity. lt also has good frequency resolution. These features give the 
superheterodyne receiver a very low false alarm rate. The major disadvantage of 
the scanning superheterodyne receiver is its limited capability to receive signals 
from threat systems employing scanning antenna patterns. This limitation can be 
overcome with specific computer-controlled tuning to look for these threat 
signals. 
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Fig. 5-22. Schematic diagram of the WWV converter. Resistors are Ya or Y 
watt. Capacitors C3 and C10 are Mylar™, with all others being disc 
ceramic. 


Referring to the schematic in Fig. 5-22. L1-C2 are tuned to the 
WWV 10-MHz signal. This signal is coupled to the base of Q1 by 
L2. Oscillator Q2 operates at any selected crystal frequency be- 
tween 6 and 6.5 MHz, and is coupled to the emitter of Q1 by C7. Q1 
mixes the two frequencies. The L3-C5-C6 combination is tuned to 
the 3.5-to-4 MHz difference frequency which appears at the collec- 
tor of Q1. Impedance matching to the 50-ohm receiver antenna is 
provided by the C5-C6 capacitive divider. 

Crystal frequency is determined by subtracting the desired 
80-meter frequency from the WWV 10-MHz frequency. The 3750- 
to 3800-kHz range (6250-to-6200-kHz crystal) might be a good 
choice for minimum signal interference. The crystal may be ob- 
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4. SIGNAL PROCESSOR 


The signal processor is the heart of the radar warning receiver. The signal 
processor is also known as the digital processor or analysis processor in 
different RWR systems. lts primary functions are to process numerous complex 
radar signals and identify, among the thousands of similar signals, those 
generated by lethal threat systems. The signal processor accomplishes this task 
continuously over the duration of the mission and displays the identified threat 
system to the aircrew almost instantly. 


a. Signal processing begins when RF energy strikes the receive antennas on 
the aircraft. The received signals are then boosted in strength by intermediate 
amplifiers or antenna receivers. These amplified signals are then sent to the 
signal processor, or digital processor, where they are assigned a track file for 
reference to other signal characteristics. Data in these files is compared to those 
in the emitter identification (ElD) table to process the signal for identification. 
Once identification is complete, a video and, if necessary, an audio signal, is sent 
to the cockpit display. The audio and video signals alert the aircrew to the 
electronic environment around the aircraft. This whole process takes less than a 
microsecond (Figure 17-6). 
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Figure 17-6. RWR System 


b. Since many signals may be present, the amplifier detectors boost the 
signal strength, and also tag each signal by certain characteristics such as its 
time of arrival, direction of arrival, and/or frequency. These signals, along with 
their respective tags, are sent to the signal processor for further processing and 


17-6 


Electronic Warfare Fundamentals Chapter 17. RWR Basic Operations 


identification. The signal processor then makes a track file for each signal it 
receives from the amplifier detector. 


c. The signal processor classifies each received signal and corresponding 
track file by its unique radar signal characteristics. Identifying characteristics 
used by a signal processor can include radio frequency, pulse width, pulse 
repetition frequency, EP techniques, and more. Characteristics of one signal may 
be identical to characteristics from different signals, while certain other 
characteristics can be as unique as a human fingerprint. The signal processor 
uses these primary characteristics to identify specific signals. When the primary 
characteristics of two or more signals are similar, the signal processor uses 
additional signal characteristics to resolve any confusion between two or more 
signals. 


d. The signal processor ranks the track files based on priorities determined 
from tests it conducts on the signal characteristics and the threat priorities 
contained in the EID tables. It then quickly processes signals belonging to lethal 
threats before it processes signals belonging to non-lethal threats. For example, 
three signals enter the processor together and separate track files are 
established for each signal (Figure 17-7). A test on the first characteristic 
discriminant, frequency, will delay the further processing of Signal 3, since no 
lethal threat systems operate at a frequency less than 2000 megahertz. A further 
test on the remaining prioritized signals may eliminate Signal 2 as a threat system 
signal, leaving more processor time for the identification of the threat system 
which generated Signal 1. These tests do not stop the processor from attempting 
to identify all received signals. The signal processor merely delays the identifying 
sequence until all high priority signals have been processed. 
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Figure 17-7. Signal Processor Signal Priority 
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9. EMITTER IDENTIFICATION (ElD) TABLES 


The signal characteristics in each track file are filled with processed data, and are 
constantly updated based on the time of arrival and location of the received 
signals. In addition, the track files are constantly compared to the ElD table 
installed in the signal processor's computer memory. The EID table is a 
predefined table of radar characteristics associated with known radar systems 
(Figure 17-8). It is created from information gathered from electronic warfare 
support (ES) assets and intelligence sources. This table can be changed and 
updated as necessary to reflect the most current radar characteristics available 
for the anticipated threats in the planned theater of conflict. Each RWR system 
has unique procedures to reprogram the signal processor and update the EID 
tables. Emergency reprogramming actions, such as would be taken if a new 
threat appears that is not part of the current EID, are called a Pacer Ware. 


Frequency RF Scan Rate PW 
5000 MHz 2000 pps 16.0 Hz | 0.5 ms 1500 kw 


Modulation Polarization Beams 
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Missile Frequency 
Guidance Agility 


a a E is eo 


Figure 17-8. Sample ElD Table 


6. RWR SCOPE DISPLAY 


The signal processor continually compares signal characteristics in the track 
files with the data in the ElD tables. Once the signal processor has determined 
that enough of the signal characteristics match the information in the ElD tables, 
it generates and positions a video symbol on the RWR scope. The video symbol 
represents a specific threat, and each threat system has its own unique symbol. 
In addition, an audio tone is generated to alert the pilot. The signal processor also 
generates symbols and audio associated with specific threat system actions, 
including search, track, and missile launch. The position of the threat symbol on 
the RWR scope always represents the relative position of the threat in relation to 
the aircraft which is the center of the RWR scope. The signal processor compares 
the received signal strength in the different antennas to determine the proper 
location of the threat symbol. Figure 17-9 depicts a situation where the two 
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forward antennas receive equal signal strength therefore the signal processor 
places the symbol at the 12 o'clock position. 
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Figure 17-9. RWR Scope Azimuth Positioning 


7. RWR AUDIO 


In addition to generating threat symbols for each identified threat, the signal 
processor also generates threat audio. Threat audio first alerts the aircrew to the 
detection of a threat system. This RWR audio is generally referred to as “new 
guy” alert audio. The signal processor can also present constant audio from a 
selected threat. The aircrew controls this function through the interface control 
unit. The constant audio provided by an RWR system can be either “real” or 
synthetic. “Real” audio is normally based on the actual pulse repetition frequency 
(PRF) of the threat system radar whether the signal processor has identified it or 
not. Synthetic audio is based on the classification of the threat (SAM, Al, etc.) as 
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determined by the signal processor. The signal processor also generates a 
launch warning audio when the signal characteristics of the threat indicate a 
missile launch condition exists. 


8. RWR INTERFACE CONTROL UNIT (ICU) 


Every RWR system has some type of an ICU which provides the aircrew interface 
with the signal processor (Figure 17-10). The buttons on the ICU control specific 
functions of the signal processor. The ICU allows the aircrew to optimize the 
RWR system based on mission tactics. This optimization includes selecting 
appropriate priority lists based on ingress and egress tactics, controlling threat 
audio presentation, and determining the number and types of threats displayed. 
In addition, the ICU provides an additional visual indication of missile launch. All 
system test functions are controlled by the ICU to allow the aircrew to monitor the 
status of the RWR system. 
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Figure 17-10. RWR Interface Control Unit 


9. RWR LIMITATIONS 


There are several limitations associated with all RWR systems. The most 
important limitations include ambiguities, impact of maneuvering, and 
electromagnetic interference (EMI). 


a. The sheer number and diversity of radar systems associated with an 
enemy IADS greatly compound the problem of threat identification and warning 
for RWRs. Adding to this problem is the fact that many different threat systems 
use operating modes that are parametrically similar. When an RWR processes a 
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radar signal that has the same characteristics of a signal from a different system, 
an ambiguity may occur. An RWR ambiguity is defined as the display of more 
than one symbol for a specific threat signal. RWR ambiguities may occur from 
both enemy and friendly radar systems. 


(1) Figure 17-11 depicts a number of friendly and threat signals that 
operate between 8000 and 10,000 megahertz. On any given combat mission, it is 
quite possible that the RWR will receive signals from one or more of these threat 
systems at the same time. lf frequency is the only signal characteristic available 
for processing, the RWR will not be able to determine which system the signal 
represents. Since threat systems operating in this frequency range are potentially 
lethal systems, the signal processor will attempt to match the frequency with a 
threat system from the ElD table. 
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Figure 17-11. Signal Frequency Spectrum 


(2) Matching partially processed signals to threat systems in the EID table 
may result in the wrong threat symbol being displayed, or numerous symbols 
being displayed on top of each other, making it difficult for the pilot to distinguish 
the exact threat. Incorrect threat symbology, or numerous combined symbols, are 
called RWR ambiguities. 


b. RWRs are designed to provide accurate threat positioning information 
when the aircraft is flying straight and level. Most RWRs will also provide 
accurate threat positioning information when the aircraft is maneuvering up to 
certain limits of bank angle and turn rate. If aircraft maneuvering exceeds these 
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limits, RWR threat positioning data becomes unreliable. The two RWR limitations 
associated with aggressive maneuvering are inaccurate threat azimuth and 
multiple threat symbols. 


(1) In Figure 17-12, the right forward and right aft RWR antennas detect a 
threat signal from a TTR. The left forward and left aft antennas are shielded by the 
aircraft and do not detect the signal. The signal processor determines the threat 
position, using the azimuth positioning algorithm, and displays the threat symbol 
at the 2 o'clock position. 
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Figure 17-12. RWR Threat Azimuth Position Determination 


(2) When the pilot maneuvers aggressively to put the threat symbol on the 
beam, he exceeds the RWR maneuvering limitations (Figure 17-13). Now all four 
RWR antennas detect the TTR signal. The signal strength in the right and left 
forward antennas is nearly equal. Based on this information, the signal processor 
displays the RWR symbol at the one o'clock position while the threat is actually at 
the three o'clock position. 
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Figure 17-13. RWR Azimuth Error 


(3) During aggressive maneuvering, the RWR signal processor may 
generate multiple symbols for a single threat emitter. In Figure 17-14, as the 
aircraft maneuvers, the relative azimuth of the threat position changes rapidly 
causing signal strength detected by each antenna to also change rapidly. The 
signal processor interprets these changing signals as new and different threat 
systems with the same signal characteristics. The number of “false” threat 
symbols displayed for a single threat is determined by the processing speed of 
the signal processor and a parameter called the symbol “age-out” time. Symbol 
age-out is the time, normally in seconds, that the RWR will continue to display a 
threat symbol after the signal processor has determined that the threat is no 
longer transmitting. The symbol age-out time is set for each threat in the ElD 
tables. 
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Figure 17-14. RWR Multiple Threat Symbols 


c. Electromagnetic interference (EMI) is defined as any electromagnetic 
disturbance that interrupts, obstructs, or otherwise degrades or limits the 
effective performance of electronic systems. EMI can be induced intentionally, by 
way of jamming, or unintentionally as a result of spurious emissions and 
modulations. Certain RWR characteristics make them susceptible to EMI. Modern 
RWR systems are designed to receive and process signals in a wide frequency 
range, nominally 0.5 to 18 GHz, where most threats operate. This broad frequency 
coverage combined with the sensitive antennas make RWR systems susceptible 
to EMI. The primary source of EMI that impacts RWR operation is noise and 
deception jamming designed to counter enemy threat systems. 


(1) High power noise jamming, such as that provided by a stand-off 
jamming aircraft, causes the RWR to raise the receiver threshold in the frequency 
band of the jamming. This effectively reduces the sensitivity of the RWR receiver 
and could delay the display of threat signals in that band. The reduction in 
sensitivity depends on the power that the jammer is transmitting, the beamwidth 
of the jamming beam, and the distance from the jammer to the aircraft. High 
power jamming may also generate multiple threat symbols on the RWR scope at 
the approximate azimuth to the jammer's position relative to the aircraft. 
Additionally, jamming from a wingman's self-protection system can generate 
multiple threat symbols and reduced sensitivity. 
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(2) A limitation of all RWR systems, related to EMI, is the problem of 
inaccurately identifying threat radar systems as friendly radar systems. This 
occurs when the parameters of a friendly radar are similar to the parameters of a 
threat radar system. The RWR will either display a threat radar symbol or an 
ambiguity associated with a threat radar. These RWR misidentifications are 
especially prevalent for Al radar systems. 


(3) The impact of EMI on the operation of an RWR system depends on the 
signal environment. The pilot has little control over the number and diversity of 
friendly and enemy signals the RWR system must process. EMI is an unfortunate 
consequence of the reliance of modern military forces on operations in the 
electromagnetic spectrum. Aircrews should be keenly aware that EMI will impact 
RWR operation and be must be familiar with common RWR displays of EMI. 


10. THREAT GEOLOCATION TECHNIQUES 


The purpose of threat geolocation is to put a defined position, normally 
coordinates, on a threat radar. This information can be used to simply warn other 
aircraft about the threat or, if the coordinates are accurate enough, to allow for 
targeting and attack of the threat. Until recently, threat geolocation could only be 
performed by strategic assets and specialized tactical aircraft, specifically the 
F-4G Wild Weasel. Due to inherent time delays, data provided through strategic 
channels often did not apply to mobile threat systems. The mobile systems would 
relocate making the data obsolete. This section will discuss three techniques 
used to geolocate, also known as direction finding (DF), emitting radars that can 
be used by tactical assets to rapidly locate radar threat systems. The three are 
triangulation, interferometry, and time of arrival. All three techniques are heavily 
dependent upon the receiving aircraft's ability to accurately determine its present 
position, and the advent of GPS receivers has made this significantly easier. 


a. Triangulation is the most basic form of DF available. lt involves taking 
direction measurements from more than one source. The intersection of the 
azimuth measurements, called “lines of bearing”, is the likely location of the 
emitter (Figure 17-15). To be effective, the participating aircraft must have 
accurate data of their current positions when getting the lines of bearing. 


(1) Triangulation can be carried out by multiple aircraft equipped with 
receiver equipment or by one aircraft over a period of time. The advantage of 
having multiple aircraft providing azimuth measurements is the increased angle- 
off and the speed of interception. In triangulation the best azimuth cuts are those 
that approach 90° angles. The speed of interception comes into play because 
threat emitters, knowing that DF operations are underway, attempt to transmit for 
as little time as possible. The disadvantage of multiple platforms is the 
communication required to ensure that all the platforms are measuring the same 
radar. In a dense radar environment this can be a difficult task. 
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Fig. 5-24. Close-up of the L1-L2 inductor. L1 is 12 cew turns and L2is4 cow 
turns of #24 enameled wire. L3 is 35 cw turns of #32 enameled wire. All 
inductors are wound on a %-inch slug-tuned coil form. 


tained from Jan Crystals, 2400 Crystal Drive, Ft. Myers FL 33906. 
Specify type FT-243 holder and desired crystal frequency. This 
crystal will be .005% tolerance. 

The circuit board can be quickly and easily made by first 
positioning and securing the copper face of a 1-34” x 3-36” board 
under the circuit pattern in Fig. 5-23. Next, mark through the 
pattern at each hole location and then drill a #60 hole at each mark. 
The inductor pin and crystal socket holes may require pattern 
adjustment and larger holes. Also, check the lead spacing of your 
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Figure 17-15. Triangulation 


(2) Single aircraft triangulation eliminates the problem of signal 
coordination with other aircraft, but it also requires that the aircraft transit some 
distance to get multiple azimuth measurements. The accuracy of single ship DF 
operations is a function of the quality of the receiver equipment, distance away 
from the targeted radar, speed of the aircraft, and the amount of time that the 
targeted radar radiates. 


b. The second technique is called interferometry. This technique is also 
known as phase interferometry, or phase difference of arrival. These systems 
operate by comparing the phase of a radar wave as it impacts two or more DF 
antennas; this phase difference is then used to compute an angle of arrival 
(AOA). For aircraft, the desire is to have these DF antennas on different parts of 
the same aircraft. Multiple AOA measurements are then used to provide the range 
and position of the threat. 


(1) The key elements in an interferometer system are two antennas in fixed 
locations with matched receivers, a phase comparator, and a processor (Figure 
17-16). An intermediate frequency output from each receiver is passed to a phase 
comparator, which measures the relative phase of the two signals. This relative 
phase position is passed to a processor, which calculates the AOA relative to the 
orientation of the two antennas (called the baseline). In most systems, the 
processor also accepts information about the orientation of the baseline (relative 
to true North or local horizontal) to determine the true azimuth or elevation angle 
to the emitter. 
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Figure 17-16. Interferometer Components 


(2) To obtain rapid emitter locations some interferometer systems use 
multiple receive antennas in an array setup. This allows for simultaneous azimuth 
and elevation measurements to rapidly locate the emitter. An array allows for the 
mixing of long and short baselines in different patterns by selecting different 
pairs of antennas (Figure 17-17). The terms long baseline and short baseline are 
often used to designate the distance between the antenna elements in an 
interferometer system. Long baselines have the advantage of providing a quick 
and accurate location of the emitter, but they can suffer from ambiguities 
resulting from different wavefronts hitting the different antenna elements. In 
addition to the array depicted in Figure 17-17, a long baseline system could be 
created by using the existing RWR antennas on an aircraft, and supplementing 
these with a small short baseline system to compensate for the ambiguities. 


Long Baseline 


Figure 17-17. Interferometer Array 
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c. Time of arrival (TOA) and time difference of arrival (TDOA) techniques are 
the final type of location techniques to be covered in this section. Both 
techniques are based around the fact that radar signals travel at approximately 
the speed of light. Both techniques, using the speed of light as a constant, solve 
for the distance that the emitter is away from the receiver using the equation 
distance equals rate multiplied by time. Because there is not any directional 
information, the equation represents the radius of a circle around the receiving 
antenna; multiple distance measurements taken from multiple receivers are then 
overlayed. The intersection of the circles is the position of the emitter. If only two 
receivers are used, a simple DF technique can solve the ambiguity of which 
intersection represents the emitter (Figure 17-18). 


Emitter 


Figure 17-18. Time of Arrival Measurements 


(1) TOA positioning is calculated by taking the time that a signal leaves a 
radar, measuring its arrival time at the receiver and mathematically solving for 
distance using the techniques described above. One of the primary challenges 
involved with TOA positioning is determining when the measured signal was 
transmitted, this requires either a very cooperative enemy or a radar signal with 
some type of exploitable time reference. Another challenge involves insuring that 
multiple receivers are timing the same signal. This is especially difficult in a 
threat intensive environment. 


(2) TDOA is used when it is not possible to determine when a signal was 
transmitted. TDOA uses most of the same principles as TOA except that it must 
compensate for not knowing the time the signal was transmitted. It does this by 
using an extra receiver a known distance from the first receiver to generate a 
distance curve. The arrival of the signal is precisely measured at the two 
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receivers, the theory is that a signal that arrives at the two receivers at times t1 
and t2 had to originate from a point on a curve defined by that difference in arrival 
time. For example, if the signal arrives at the two points at exactly the same time, 
then the transmitter must be equal distance from the two receivers. In this case 
the curve is actually a line of possible locations equal distance from the receivers 
and can easily be drawn. For situations where the signal arrives at different times 
at the receivers, a hyperbolic curve instead of a straight line denotes all the 
possible locations of the transmitter. Figure 17-19 shows an example of when the 
signal arrives at a different time, the constant value is the time difference 
multiplied by the speed of light yielding a distance. To solve for the emitter's 
location using TDOA another antenna receiver is required that is not in line with 
the first two receivers to generate an independent curve that will cross the first 
curve at the transmitter location. 


Emitter 


NS 


Receiver Baseline Receiver 


Figure 17-19. Time Difference of Arrival Measurements 


(3) Timing techniques require very good timing accuracy in the receiving 
systems. If the receivers are far apart, such as different aircraft, then a separate 
time measurement is required at the source before sending to a processor. As 
with triangulation, one of the major challenges of multiple aircraft measurements 
is the coordination to ensure that the same signal is being looked at by all aircraft 
involved. 


(4) Timing techniques are affected by the type of radar that they are trying 
to locate. Pure CW radars are not practical for a timing technique because there 
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is not a pulse to time. Pulsed signals, on the other hand, are much more 
susceptible to this type of location technique. 


11. SUMMARY 


An RWR system is designed to provide a picture of the electronic order of battle 
(EOB) operating in the vicinity of an aircraft. The signal processor is the heart of 
the RWR system and controls the function of all other system components. The 
signal processor, using inputs from the antennas and the receiver/amplifiers, 
compares the signal parameters with the parameters in the ElD tables. The 
identified signals are displayed on the RWR scope with the appropriate audio. 
The ICU provides the aircrew interface with the signal processor to allow the 
aircrew to customize RWR operation for each combat mission. Modern RWR 
systems have some limitations that can effect aircrew survival. These limitations 
include ambiguous threat displays, maneuvering limitations, and EMI. Despite 
these limitations, an operational RWR system is one of the keys to survival on 
today's electronic battlefield. A product of advances on the electronic battlefield 
is rapid threat geolocation. New threat geolocation techniques are designed to 
provide advanced threat information to allow pilots to avoid, suppress, or destroy 
the mobile threat. The three most common techniques are basic triangulation 
using lines of bearing, interferometry using phase difference of arrival, and time 
difference of arrival using time differences to determine distance curves. 
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CHAPTER 18. SELF-PROTECTION JAMMING SYSTEM 
OPERATIONS 


1. INTRODUCTION 


Self-protection jamming systems are designed to counter surface-to-air missile 
(SAM), airborne interceptor (Al), and antiaircraft artillery (AAA) acquisition and 
target tracking radars. Self-protection jamming systems generate noise and 
deception jamming techniques to either deny threat system automatic tracking 
capability or generate sufficient tracking errors to prevent a successful 
engagement. 


a. To counter the diverse array of threats and their associated frequencies in 
an integrated air defense system (IADS), a self-protection jamming system must 
be able to simultaneously jam multiple signals operating in a wide frequency 
range. The system must also be able to generate sufficient power to mask the 
radar return of the aircraft. Since many modern self-protection jamming systems 
are carried internally or externally on aircraft, their size, shape, and weight must 
be carefully controlled to minimize adverse effects on aircraft performance and 
handling. These design requirements may require a trade-off between additional 
power or capability and aircraft compatibility. 


b. A self-protection jamming system must have receive antennas to receive 
radar signals, a system processor to identify received signals, a jamming 
techniques generator to produce an optimum jamming technique for the 
identified threat, and transmit antennas to transmit the required jamming 
techniques. These system components will be discussed in this chapter. 


c. There are numerous internal and externally mounted self-protection 
jamming systems in use today. To simplify the discussion, the ALQ-184 pod will 
be used as an example of a modern, self-protection jamming system (Figure 
18-1). The functions and operations of the ALQ-184 components are 
representative of currently deployed self-protection systems. 


Figure 18-1. ALQ-184 Pod 
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2. RECEIVE ANTENNAS 


The ALQ-184 pod has two sets of receive antenna assemblies located on the front 
and rear of the lower pod “gondola” (Figure 18-2). Each receive antenna 
assembly set consists of a low-band antenna and a mid/high-band antenna. The 
low-band antenna's signals are combined to form the input for the low-band 
receiver. The mid/high-band antennas provide signals to the separate mid/high- 
band portion of the pod. 


Forward Rear 
Receive Antenna Receive Antenna 


Figure 18-2. ALQ-184 Receive Antenna Location 


a. The low-band receive antennas are circularly polarized spiral arrays. The 
mid/high-band receive antenna covers eight sub-bands via an eight element array 
that corresponds to the eight element transmit array. The mid/high-band antenna 
is also circularly polarized. 


b. Each signal received via the receive antenna generates a corresponding 
transmit signal through a crystal video receiver. The angle of arrival (AOA) of 
each signal is determined by comparing the output of the crystal video receiver 
for each antenna. 


3. RECEIVER SECTION 


The forward and aft receive antennas detect radar signals and send them to the 
receiver section. The receiver section contains an AOA receiver and a multiplexer 
that separates frequencies. The AOA receiver determines the AOA of a signal 
based on the output signal level of each antenna element. The AOA data is 
passed to the system processor to control the angle of transmission of the 
jamming signal. The multiplexer separates all received threat signals into eight 
frequency sub-bands consisting of five mid-band and three high-band frequency 
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ranges. The multiplexer categorizes the received radar signals by sub-band and 
azimuth and then sends them to the system processor and the exciter. 


4. SYSTEM PROCESSOR 


The system processor is the “brain” of the ALQ-184 pod. It receives the threat 
signals from the receiver section that have already been categorized by sub-band 
and distinguished by AOA. Each received signal and its corresponding AOA is 
counted. When the signal count exceeds a pre-set threshold, the system 
processor validates the signal and identifies it using the emitter identification 
(EID) tables. Based on this threat identification, the system processor directs the 
techniques generator to initiate a jamming program through the exciter. At the 
same time, the system processor, through a signal switch control, directs the 
transmitter section to use either the forward or aft transmit antenna array, and 
specifies the transmit angle for the jamming program based on AOA. 


a. The system processor also controls the low-band portion of the pod 
(Figure 18-3). The forward or aft low-band antenna receives and combines the 
threat signal and sends it to the multiplexer. The multiplexer channelizes this 
signal into one of two low sub-bands. The signal then passes to the modulator 
where the voltage controlled oscillators (VCOs) generate a jamming technique as 
directed by the system processor techniques generator. This ensures the 
jamming technique is at the proper frequency and modulation to provide 
maximum effect against the threat system. The generated jamming signal passes 
to a second multiplexer and then to a solid state amplifier for amplification. The 
amplified jamming signal is then sent to the two low-band traveling wave tubes 
(TWTs) and transmitted from the forward and aft low-band transmit antennas. 


C-9492 

Control Indicator Unit 5 | 
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Antennas Mid/High-Band Section Antennas 
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System Processor 


Figure 18-3. ALQ-184 Simplified Block Diagram 
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b. The system processor periodically performs a background built-in-test 
(B-BIT), to check the status and calibration of the ALQ-184. The system processor 
software is updated or reprogrammed as required from a memory loader verifier 
(MLV). The system processor uses two major software programs. The operational 
flight program (OFP) manages the receiver and transmitter functions, signal 
processing, and techniques generation. The mission data generator (MDG) 
contains the threat ElD tables and the jamming techniques matrix for these 
threats. 


9. JAMMING TECHNIQUES GENERATOR 


The exciter section contains the VCOs and the keyed oscillators, which generate 
the jamming waveforms that are directed by the system processor. The exciter 
takes the threat signal from the receiver and modifies it with deception 
modulation or generates a noise program based on the techniques generator in 
the system processor. The selected jamming technique is then sent to the 
transmitter section. 


6. TRANSMIT ANTENNAS 


The transmitter section contains antenna switching circuits, a signal forming 
network, and TWTs. The antenna switching circuits are controlled by the system 
processor to ensure the transmitted jamming pulse is radiated at the proper 
azimuth. The signal-forming network controls the phase of each jamming signal. 
There are sixteen TWTs in the transmitter section, one for each front and aft 
antenna. The TWTs amplify the jamming signal for transmission from the 
appropriate transmit antenna. 


a. The ALQ-184 has two sets of transmit antenna assemblies. One set is 
located on the front and one on the rear of the main pod assembly (Figure 18-4). 
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Figure 18-4. ALQ-184 Transmit Antenna Location 


18-4 


Electronic Warfare Fundamentals Chapter 18. Self-Protection Jamming System Ops 


Each set has a low-band and mid/high-band antenna. The transmit antennas 
have opposite polarization from the receive antennas. This enables the pod to 
transmit and receive at the same time while preventing pod “ringing.” Ringing 
occurs when the pod receives its own jamming signal and generates a jamming 
program to counter its own signal. This condition can highlight the aircraft to 
enemy radar and seriously degrade pod effectiveness. 


b. The low-band transmit horn antennas are circularly polarized. The 
mid/high-band transmit antennas have the same eight-element array as the 
receive antennas. The transmit antennas generate a directional jamming signal 
for pulsed radar signals based on the AOA determined by the receive antennas. 
Detailed information on the antenna jamming pattern is contained in the ALQ-184 
ECM Handbook. 


7. C-9492 CONTROL INDICATOR UNIT 

The C-9492 Control Indicator Unit (CIU) provides control of all functions of the 
ALQ-184. It allows the aircrew to control system power, select jamming 
techniques, and monitor system status (Figure 18-5). 


Figure 18-5. C-9492 Control Indicator Unit 


8. JAMMING POD CONSIDERATIONS 


Unfortunately, jamming pods do not make the aircraft completely invisible from 
enemy threat systems. When used in conjunction with the RWR, expendables, 
and threat countertactics they do drastically increase the probability of surviving 
a threat engagement. This section contains some items of consideration to 
ensure that your self-protection jamming is being properly utilized. These 
considerations include highlighting, burnthrough, and reprogramming. 
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Fig. 5-26. Top view of the completed WWV-to-80-meter frequency conver- 
ter. 


capacitors. The layout is for %-inch spacing but room is available 
for the %-inch variety. 

Finally, carefully connect the related holes with %-inch strips 
of art or masking tape. Place masking tape over the component side 
of the board to prevent acid from entering the holes. Thoroughly 
clean the copper surface after etching. Using this method, I easily 
etched and assembled a checkout board in one afternoon. 

The inductors are wound on a %-inch diameter slug-tuned coil 
form as shown in Fig. 5-24. These may be found in most junked TV 
sets and radios. As viewed from the base, coils L1 and L2 are 
wound counterclockwise with #24 enameled wire, and L3 is wound 
clockwise with #32 enameled wire. All three inductors are wound 
with no space between turns. L2 begins at the end of L1 with no 
space between the end of L1 and the start of L2. Secure the coil 
ends with thread or tape and apply two or three coats of varnish to 
hold the coil in place. 

Capacitors C2, C5, and C6 are soldered directly to the induc- 
tor pins. I tried several sets of transistors, both NPN and PNP 
types, and they all worked. Just reverse the voltage polarity for 
PNP types. To align, connect a short antenna and set L1 and L3 for 
maximum S-meter reading with a nonmetallic tool. Use shielded 
cable for hookup to the receiver. Also, see Figs. 5-25 and 5-26. 
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a. If used improperly a self-protection pod can actually highlight the aircraft. 
This happens when a pod transmits a jamming program constantly or when 
another type of radar, not targeted for jamming but in the same frequency range, 
sees the jamming. Highlighting is normally associated with noise programs that 
transmit constantly. Most pods today avoid this by transmitting only when a 
threat requires it. Additionally, some aircraft have pod inhibit switches that allow 
the pod to remain in a standby condition until the pilot switches the pod to 
operate. What makes this system effective is that the switch is either on the stick 
or throttle allowing the pilot to rapidly go to operate without looking inside the 
cockpit (Figure 18-6). 


Cs Countermeasures 

> Management 
Switch 
(CMS) 


Figure 18-6. F-16 ECM CMS 


b. Burnthrough is described as the range that the aircraft's radar return is 
stronger than its jamming signal. Basically, the jet has gotten so close to the 
threat radar that the threat radar is overpowering the jamming pod. The range that 
this occurs varies for different radars, but it should be planned for particularly 
when there are threats in the target area. Burnthrough is also a consideration for 
support jamming systems; there is a range at which the support jammer's signal 
will be overpowered and the protected aircraft can be seen. 


c. Many self-protection jamming systems are what is called software- 


reprogrammable. This means that jamming programs can be rapidly changed to 
adjust for changes in enemy radar systems. These updates can be made to 
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systems while they are still on the jet, and can take as little as 15 minutes using 
an MLV. The process of changing electronic warfare systems is known as a Pacer 
Ware change. An exercise to check the ability to make changes is known as a 
Serene Byte exercise. The pilot of the aircraft carrying the self-protection system 
has one responsibility in this process: to ensure that his jamming system is 
carrying the most current software program, usually referred to as a software 
version. While Pacer Ware changes are not common during peacetime 
operations, they do happen quickly during combat operations often to fine tune 
the jamming systems for the particular theater of combat. 


9. SUMMARY 


The effective employment of self-protection jamming is one of the factors that 
can mean the difference between success and failure on the modern battlefield. 
When employed in concert with chaff and maneuvers, self-protection jamming 
can be extremely effective in negating potentially lethal attacks. Despite their 
limitations, self-protection jamming systems are an important part of the “bag of 
tricks” aircrews can employ to put bombs on target. 
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ANNEX A 
GLOSSARY 


Absorption - Dissipation of energy of electromagnetic waves, sound, and light 
waves into other forms of energy because of interaction with matter. Absorption 
characteristics of specific materials are used as blankets, coatings, or structural 
and surface materials for aircraft to reduce effective radar cross-sections. 


Acoustic jamming - The deliberate radiation of mechanical or electro-acoustic 
signals with the objectives of obliterating or obscuring signals which the enemy 
is attempting to receive, and of deterring enemy weapon systems. 


Acquire — 


1. When applied to acquisition radars: the process of detecting the presence 
and location of a target in sufficient detail to permit identification. 


2. When applied to tracking radars: the process of positioning a radar beam 
so that a target is in that beam to permit the effective employment of weapons. 


Acquisition radar - A radar set that detects an approaching target and feeds 
approximate position data to a fire control or missile guidance radar that then 
takes over the function of tracking the target. 


Active array radar - A phased array radar in which each radiating element 
contains a transmitter and receiver front end, as opposed to a single 
transmitter/receiver serving all phased array elements. Advantages attributed to 
active array radars include efficient use of prime power, no waveguide losses, 
very wide bandwidth, and extreme reliability due to the lack of single point of 
failure. 


Active homing guidance - A system of homing guidance in which both the source 
for illuminating the target, and the receiver for detecting the energy reflected from 
the target as the result of illumination, are carried within the missile. 


Aerosols - Solid particles dispersed in the atmosphere that have resonant size 
particles with a high index of refraction. The particles both scatter and absorb 
visual and laser-directed energy so as to lessen the effect of weapon systems 
directed by these techniques. 
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Airborne early warning and control - Air surveillance and control provided by 
airborne early warning vehicles that are equipped with search and height finding 
radar and communications equipment for controlling weapons. 


Airborne interceptor (Al) - A manned aircraft used for identification and/or 
engagement of airborne objects. (An Al may or may not be equipped with radar to 
assist in the interception.) 


Airborne Warning and Control System (AWACS) - An aircraft suitably equipped to 
provide control, surveillance, and communications capability for strategic 
defense and/or tactical air operations. 


Air defense - All defensive measures designed to destroy attacking enemy 
aircraft or missiles in the earth's envelope of atmosphere, or to nullify or reduce 
the effectiveness of such attack. 


Air surveillance radar (ASR) - A radar displaying range and azimuth that is 
normally employed in a terminal area as an aid to approach and departure 
control. 


Air-to-air missile (AAM) - A missile launched from an airborne carrier at a target 
above the surface. 


Air-to-surface missile (ASM) - A missile launched from an airborne carrier to 
impact on a surface target. 


Alternating current (AC) - An electric current that reverses its direction at 
regularly recurring intervals, the frequency being determined by the frequency of 
the alternator supplying the current. 


AM-CW jamming - Jamming in which a carrier wave is modulated at a constant 
recurring rate. The recurrence rate of amplitude modulation is variable, and 
reflects a noticeable change in the radar scope. Because of the spiraling or 
chaining effect produced, AM-CW jamming is easily identified. 


Amplifier - An electronic circuit usually used to obtain amplification of voltage, 
current, or power. 


Amplitude shift keying - A method of impressing a digital signal upon a carrier 
signal by causing the carrier amplitude to take different values corresponding to 
the different values of the digital signal. 
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Amplitude modulation (AM) - A method of impressing a message upon a carrier 
signal by causing the carrier amplitude to vary proportionally to the message 
waveform. 


Angle jamming - A deception jamming technique used to deny azimuth and 
elevation information to a TTR by transmitting a jamming pulse similar to the 
radar pulse, but with modulation information out of phase with the returning 
target azimuth modulation information. 


Angle tracking - Accomplished through the use of pulses to determine angular 
definition of a target. 


Antenna - A device used for transmitting or receiving RF energy. The function of 
the antenna during transmission is to concentrate the radar energy from the 
transmitter into a shaped beam that points in the desired direction. During 
reception, or listening time, the function of the antenna is to collect the returning 
radar energy, contained in the echo signals, and deliver these signals to the 
receiver. Radar antennas are characterized by directive beams that are usually 
scanned in a recognizable pattern. The primary radar antenna types in use today 
fall into three categories: parabolic, Cassegrain, and phased array antennas. 


Antenna cross talk - A measure of undesired power transfer through space from 
one antenna to another. Ratio of power received by one antenna to power 
transmitted by the other usually expressed in decibels. 


Antenna gain - See Gain 
Antenna polarization - See Polarization 
Antenna sidelobes - See Sidelobes 


Antiaircraft artillery (AAA) - Guns used to shoot unguided projectiles at airborne 
aircraft. Usually used in the air defense system. 


Anti-clutter circuits (in radar) - Circuits that attenuate undesired reflections to 
permit detection of targets otherwise obscured by such reflections. 


Antiradiation missile (ARM) - A missile that homes passively on a radiation 
source. 


Area defense - The concept of locating defense units to intercept enemy attacks, 
remote from, and without reference to, individual vital installations, industrial 
complexes, or population centers. 


A-3 


Annex A. Glossary Electronic Warfare Fundamentals 


Asynchronous pulsed jamming - An effective form of pulsed jamming where the 
jammer nearly matches the PRF of the radar then transmits multiples of the PRF. 
It is more effective if the jammer pulse width is greater than that of the radar. 
Asynchronous pulsed jamming is similar to synchronous jamming except that 
the target lines tend to curve inward or outward and appear fuzzy in the jammed 
sector of the radar scope. 


Attenuation - The decrease in amplitude of a signal during its transmission from 
one point to another. Attenuation increases as distance increases. The higher the 
frequency of the propagating signal, the higher the rate of attenuation. 


Automatic frequency control (AFC) - Circuits in a receiver that automatically 
correct the local oscillator frequency to prevent receiver drift in tuned frequency. 


Automatic gain control (AGC) — 


1. A feature involving special circuitry designed to maintain the output of a 
radio, radar, or television receiver essentially constant, or to prevent its 
exceeding certain limits, despite variations in the strength of the incoming signal. 
In a radio receiver, in particular, though something of a misnomer, also known as 
automatic volume control. 


2. A self-acting compensating device that maintains the output of a 
transmission system constant with narrow limits, even in the face of wide 
variations in the attenuation of the system. 


3. A radar circuit that prevents saturation of the radar receiver by long blocks 
of receiver signals, or by a carrier modulated at low frequency. 


Automatic search jamming - An intercept receiver and jamming transmitting 
system that automatically searches for and jams enemy signals of specific 
radiation characteristics. 


Automatic tracking - Tracking in which a system employs some mechanism, e.g., 
servo or computer, to automatically follow some characteristics of the signal. 


Azimuth resolution - The ability of a radar to distinguish two targets in close 
azimuth proximity and distance. 


Backlobe - The portion of the radiation pattern of an antenna that is oriented 180° 
in relation to the main beam. The antenna backlobe is a result of diffraction 
effects of the reflector and direct leakage through the reflector surface. 
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Backward wave oscillator (BWO) - A special traveling wave tube in which 
oscillatory currents are produced by using an oscillatory electromagnetic field to 
bunch the electrons as they flow from cathode to anode. 


Ballistic missile - Any missile that does not rely upon aerodynamic surfaces to 
produce lift and consequently follows a ballistic trajectory when thrust is 
terminated. 


Bandpass filter - A filter that allows a select range of frequencies to pass while 
attenuating all frequencies outside the range. 


Bandwidth - The range of frequencies within which performance, with respect to 
some characteristics, falls with specific limits (i.e., the width of frequency of a 
barrage noise package). 


Barrage noise jamming - Noise jamming spread in frequency to deny the use of 
multiple radar frequencies to effectively deny range information. Although this is 
attractive because it enables one jammer to simultaneously jam several radars of 
different frequencies, it does have the inherent problem that the wider the 
jamming spread, the less jamming power available per radar. 


Beam rider - A missile guided by an electronic beam. 


Beam-to-beam correlation (BBC) - Used by frequency scan radars to reject pulse 
jamming and jamming at swept frequencies. Correlation is made from two 
adjacent beams (pulses). The receiver rejects those targets (Signals) that do not 
occur at the same place in two adjacent beams. 


Beamwidth - The width of a radar beam measured between lines of half-power 
points on the polar pattern of the antenna. This width is measured at the 3 dB 
points. 


Beat frequency oscillator (BFO) - Any oscillator whose output is intended to be 
mixed with another signal to produce a sum or difference beat frequency. Used 
particularly in reception of CW transmissions. 


Bistatic radar - A radar where the transmitting and receiving antennas are 
separated by a considerable distance. Bistatic operation provides several 
advantages for its user. The covert positioning of the receivers poses problems 
for a potential attacking force since ELINT techniques locate the transmitter not 
the receiver. The proper placement of jamming assets is difficult, since the 
receiving sites are unknown. In addition, if a stand-off jammer is directed at the 
transmitter, its effectiveness in the direction of the covert receiver is diminished. 
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Jammers not in the same beam as the wanted targets will be attenuated by the 
receiver's sidelobe protection and these targets will be more readily detected. 


Blanking — 


1. The cutting off of the electronic beam in a cathode-ray tube when the 
picture is not being formed. The beam is blanked while the spot is returning to 
the starting position (normally right to left). 


2. Process of making a channel or device noneffective for a desired interval. 


Blinking - A jamming technique employed by two aircraft separated by a short 
distance and within the same azimuth resolution to appear as one target to a 
tracking radar. The two aircraft alternately spot jam, causing the radar system to 
oscillate from one plane to another, making an accurate solution of fire control 
problem impossible. However, keep in mind that too high a blinking frequency 
can cause the tracker to average the data while too low a frequency will cause a 
missile to home-in on one of the jammers. 


Broad pulse jamming - Transmission of broad pulses for control system jamming 
when little is known about the command pulse group. For example, a broad pulse 
might cover a whole group of command pulses, thus jamming that command. 


Burnthrough range - The ability of a radar to see through jamming. Usually 
described as the point when the radar's target return is stronger than the 
jamming signal. 


Burst chaff - The formation of a reflective volume of chaff from an individual 
bundle. 


Buzzer - Code name for airborne jamming. 


Capture - Where the jammer takes control over the guidance signal by active 
jamming. 


Capture effect - The tendency of a receiver to suppress the weaker of two signals 
within its bandpass. 


Capture of AGC - Domination of the radar's automatic gain control (AGC) level by 
a strong transmitted jamming signal. 


Carrier frequency - Frequency of an unmodulated radio wave emanated from a 
radio, radar, or other type of transmitter. 
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Carrier wave - Electromagnetic radiation used to “carry” information from one 
point to another. 


Centroid homing - When applied to antiradiation missiles, the effect on a missile 
that has two or more radiation sources in its field of view causing it to home on 
the centroid of the power from the radiating sources. 


Chaff - Ribbon-like pieces of metallic materials or metalized plastic that are 
dispensed by aircraft to mask or screen other aircraft or to cause a tracking radar 
to break lock. The foil materials are generally cut into small pieces for which the 
size is dependent upon the radar interrogation frequency (approximately 1/2 
wavelength of the victim radar frequency). Being 1/2 wavelength long, chaff acts 
as a resonant dipole and reflects much of the energy back to the radar. 


Chaff corridor - Operational technique of dropping large quantities of chaff for a 
continuous period of time. This results in a “ribbon” or “stream” of returns many 
miles long on radar scopes. The penetrating strike force can then use the 
resulting chaff corridor to mask its penetration. 


Chirp - A pulse compression technique characterized by linear frequency 
modulation on pulse (LFMOP). 


Chirp radar - Radar in which a swept-frequency signal is transmitted, received 
from a target, and then compressed in time to give a final narrow pulse called the 
chirp signal. It has high immunity to jamming and an inherent rejection of random 
noise signals. 


Circularly polarized jamming - The techniques of radiating jamming energy in 
both planes of polarization. With this method, there is a 3-dB loss of effective 
power in either plane, but the enemy cannot cross-polarize his antenna to escape 
jamming. 


Circular scan - The pattern generated by an antenna that is continuously rotating 
in one direction. 


Clipped noise modulation - A clipping action is performed to increase the. 
bandwidth of the jamming signal. Results in more energy in the sidebands, 
correspondingly less energy in the carrier, and an increase in the ratio of average 
power to peak power. 


Clutter - Unwanted signals, echoes, or images on the face of a scope that 
interferes with the observation of desired signals. Also called noise. This tends to 
mask the true target from detection or cause a tracking radar to break lock. 
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Chapter 6 
Transmitters, 
Transceivers And Accessories 


A SRY WEST RE FS 
Transmitters are easy to build and also a lot of fun. This chapter is 
intended for ham radio operators who want to build “home-brew” 
rigs. There are also projects for some pretty interesting acces- 


sories that can be easily built for a fraction of the cost of a commer- 
cial unit. 
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Clutter elimination - The clutter eliminator circuit discriminates against any target 
echo that exceeds three times the transmitted pulse width, and will not display it 
on the indicator. It is normally employed on the lower beams of a high frequency 
radar. This will allow targets above a preset signal strength to be presented, while 
the clutter (land) will be eliminated. 


Clutter gating - A technique that provides switching between MTI and normal 
videos. It results in the normal video being displayed in regions with no clutter 
and the MTI video being switched in only for the clutter areas. Clutter gating is 
achieved automatically by the PW discrimination or the use of storage tubes. It 
also can be achieved by a manually operated range azimuth gate. The clutter gate 
vastly increases the effectiveness of noncoherent MTI against chaff. 


Coherent MTI (in radar MTI) - A system in which the target echo is selected based 
on its Doppler frequency when compared to a local reference frequency 
maintained by a coherent oscillator. 


Coherent noise jamming - Noise-like jamming signal that is repetitive and in 
synch with the PRI of the radar. 


Coherent repeater jammer - A jammer that uses the phase information of the 
receiver radar signal in creating false targets thus transmitting a signal that is 
acceptable to the receiver processor of a victim coherent radar. 


Command and control warfare (C2W) - The integrated use of operations security 
(OPSEC), military deception, psychological operations (PSYOP), electronic 
warfare (EW), and physical destruction, mutually supported by intelligence to 
deny information, influence, degrade, or destroy adversary C* capabilities while 
protecting friendly C* capabilities. 


Command, control, communications, and computer systems (C4) - The process 
of, and means for, the exercise of authority and direction by a properly 
designated commander over assigned forces in the accomplishment of the 
commander's mission. 


Command guidance - A guidance system in which intelligence transmitted to the 
missile from an offboard source causes the missile to traverse a directed flight 
path. 


Communications intelligence (COMINT) - Intelligence derived from the 
interception of enemy communications signals. 


Communications security (COMSEC) - The protection resulting from all measures 
designed to deny unauthorized persons information of value that might be 
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derived from the possession and study of telecommunications, or to mislead 
unauthorized persons in their interpretation of the results of such possession 
and study. COMSEC includes: 1. Cryptosecurity; 2. transmission security; 3. 
emission security; and 4. physical security of communications security material 
and information. 


1. Cryptosecurity - The component of communications security that results 
from the provision of technically sound cryptosystems and their proper use. 


2. Transmission security - The component of communications security from 
which all measures designed to protect transmissions from interception and 
exploitation by means other than cryptoanalysis. 


3. Emission security - The component of communications security that 
results from all measures taken to deny unauthorized persons information of 
value that might be derived from intercept and analysis of compromising 
emanations from crypto equipment and telecommunications systems. 


4. Physical security - The component of communications security that results 
from all physical measures necessary to safeguard classified equipment, 
material, and documents from access thereto or observation thereof by being 
within a friendly power. 


Complex pulse - A pulse train in which there is more than one pulse width and/or 
more than one pulse repetition interval. 


Conformal antenna - An antenna which conforms to a surface whose shape is 
determined by considerations other than electromagnetic, for example, an 
antenna shaped to aerodynamically fit the side of an aircraft. 


Conical scan (CONSCAN) - A type of scanning in which the axis of the RF beam is 
tilted away from the axis of the reflector and rotated about it, thus generating a 
cone. 


Constant false alarm rate (CFAR) receiver - A radar receiver with automatic 
detection circuits designed to produce a constant number of erroneous target 
detections independent of noise level at the receiver input. CFAR techniques are 
intended to prevent receiver saturation and overload, to present clear video 
information to the display, and a constant noise level to an automatic detector. A 
device that accomplishes these objectives may respond to the signal-to-noise 
ratio, for example, rather than the absolute signal level above a fixed threshold. 
CFAR does not usually permit the detection of a target if the target is weaker than 
the jamming, but it does attempt to remove the confusing jamming effects. 
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Continuous wave (CW) - A constant, single-frequency, unmodulated carrier wave 
that is transmitted and then reflected. A good system for determining velocity. 


Correlation detection (modulation systems) - Detection based on the averaged 
product of the received signal and locally generated function possessing some 
known characteristics of the transmitted wave. Note the following caveats: 


1. The averaged product can be formed, for example, by multiplying and 
integrating, or by using a matched filter whose impulse response, when reversed 
in time, is the locally generated function. 


2. Strictly, the above definition applies to detection based on cross- 
correlation. The term correlation detection may also apply to detection involving 
autocorrelation, in which case the locally generated function is merely a delayed 
form of the received signal. 


Countdown - A technique for forcing the radar AGC to continuously change value 
and oscillate. The jammer rapidly changes the duty cycle of the deception pulses. 


Countdown blink - Self-screening AGC deception using a gated repeater or noise 
source; the period of which is short compared to the victim's AGC time constant. 


Cover pulse - A jammer covers the radar return with an AM pulse usually much 
wider than the radar pulse. Since tracking circuits are looking for largest return, 
they will transfer to the cover pulse, thereby denying range information. 


Cross-eye - A jamming technique used to produce angular errors in monopulse 
and other passive lobing radars. Jammer is a two-source interferometer that 
causes the phase front of the signal reaching the radar to be highly distorted. 
With such a technique, it is difficult for the radar to determine the points from 
which the transmissions are originating. Requires a high jam-to-signal ratio or the 
skin echo will show up in the pattern nulls. 


Cross-gated CFAR - A CFAR technique employed to achieve the fast switching 
required for an optimum combination of normal and MTI modes. Here, the MTI 
video signals are used to “gate” on the normal video when the MTI indicates a 
target in clutter. CFAR action is achieved by the wideband as in the zero-crossing 
and Dicke fix CFARs. 


Cross polarization - or “Cross Pole,” is a monopulse jamming technique where a 
cross-polarized signal is transmitted to give erroneous angle data to the radar. 
The component of the jamming signal with the same polarization as the radar 
must be very small. 
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Cross polarization jamming - A technique whereby the received signal is 
retransmitted cross-polarized and at a much higher power than the skin return- 
effective against some monopulse radars by generating erroneous angle 
information. 


CW jamming - The transmission of constant-amplitude, constant-frequency, 
unmodulated jamming signals to change the signal-to-noise ratio of a radar 
receiver. 


Data link - A communications link which permits automatic transmission of 
information in digital form. 


Deception - Those measures designed to mislead the enemy by manipulation, 
distortion, or falsification of evidence to induce him to react in a manner 
prejudicial to his interests. (See Electronic Deception, or Manipulative Deception.) 


Deception jamming - Any means of jamming consisting of false signals that have 
similar characteristics to the victim radar thereby deceiving the operator into 
erroneous conclusions. 


Decibel (dB) - A dimensionless unit for expressing the ratio of two values, the 
number of decibels being 10 times the logarithm to the base 10 of a power ratio, 
or 20 times the logarithm to the base 10 of a voltage of current ratio. A power 
increase by 3 dB indicates a doubling of the original power. 


(dBm) - Same as dBw except the reference level is one milliwatt instead of one 
watt. 


(dBw) - Unit used to describe the ratio of the power at any point in a 
transmission system to a referenced level of one watt. The ratio expresses 
decibels above and below the reference level of one watt. 


Defense suppression - A term applied to weapons systems that are intended to 
eliminate or degrade enemy detection, acquisition, or tracking equipment. 


Delayed opening chaff - Chaff that blooms at a specific elapsed time after it is 
dispensed. 


Detector balanced bias - Controlling circuit used in radar systems for anti-clutter 
purposes. 


Dicke fix - A technique specifically designed to protect the receiver from ringing 
caused by noise, fast-sweep, or narrow-pulse jamming. The basic configuration 
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consists of a broadband limiting IF amplifier, followed by an IF amplifier of 
optimum bandwidth. The limit level is preset at approximately the peak amplitude 
of receiver noise. The bandwidth may vary from 10 to 20 MHz, depending on the 
jamming environment. The device provides excellent discrimination against fast- 
sweep jamming (10 - 500 MHz), usually something about 20 to 40 dB, without 
appreciable loss in sensitivity. However, strong CW jamming will seriously 
degrade the performance of the Dicke fix because the CW signal captures the 
radar signal in the limiter. 


Dicke fix CFAR - Constant False Alarm Rate. 


Dicke fix MT CFAR - An MTI CFAR technique similar to Dicke fix CFAR. Limiting 
and narrowbanding follow wideband amplification, phase detection, and 
cancellation so as not to impair the MTI performance. 


Digital radio frequency memory (DRFM) - A computer-controlled digital device 
used in radar jamming systems. DRFM provides an extremely fast and accurate 
storage capability for victim radar signal parameters. Jamming systems 
employing DRFM can rapidly and accurately generate coherent jamming based 
on the memorized victim radar signal. 


DINA - See Direct Amplified Noise. 
Diode - An electron device having two electrodes, a cathode, and an anode. 


Diplex - Two transmitters operating alternately on approximately the same RF and 
using a common antenna. The normal procedure is to pulse each transmitter at 1⁄2 
the desired PRF, 180° out-of-phase. The advantage is that higher peak power per 
transmitter is possible because each transmitter is operating at Y the normal 
duty cycle. 


Dipole antenna - A straight, center-fed, Y wavelength antenna. Horizontally 
polarized, it produces a figure-eight radiation pattern with maximum radiation at 
right angles to the plane of the antenna. 


Direction finding (DF) - A procedure for obtaining bearings of radio frequency 
emitters with the use of a highly directional antenna and a display unit on an 
intercept receiver or ancillary equipment. 


Direct amplified noise (DINA) - DINA without a carrier frequency is used for 
increasing (saturating) the radar receiver's noise level. This is called video 
stealing. The biggest danger from this type of jamming is that the radar operator 
may not realize he is being jammed when automatic gain control (AGC) or 
automatic noise leveling (ANL) are employed. This is a barrage type of jamming 
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with a bandwidth normally more than 50 MHz. DINA appears as a bright, high 
intensity wedge when the manual gain is employed. Thus, all useful radar scope 
information is lost. 


Doppler (effect) - Continuous wave (CW) Doppler radar modules are sensors that 
measure the shift in frequency created when an object moves. A transmitter emits 
energy at a specific frequency which, when reflected, can indicate both speed 
and direction of the target. When objects move closer to the Doppler source, they 
increase in shift (positive value) and when they move further away, they 
decrease in shift (negative value). 


Doppler radar - A radar system that measures the velocity of a moving object by 
the apparent shift in carrier frequency of the returned signal as it approaches or 
recedes. 


Downlink - The signal from a transponder beacon located on a surface-to-air 
missile (SAM) used to provide a traceable radar return for missile guidance. 


Downlink jamming (DLJ) - Some command guidance missiles carry a beacon 
(downlink) which is used by the parent radar to track the missile. If this beacon 
reply can be hidden from the parent tracking radar, the missile guidance solution 
can be defeated. Hence, downlink (beacon) jamming is intended to screen the 
missile beacon signal from the parent radar's view. 


Ducting - The bending of radar rays due to atmospheric conditions. Ducting can 
either extend radar coverage beyond normal line of sight or it can deny the radar 
picture above a duct. Ducting is also called Anomalous Propagation. 


Dummy antenna - A device that has the necessary impedance characteristics of 
an antenna and the necessary power-handling capabilities, but does not radiate 
or receive radio waves. Note: In receiver practice, that portion of the impedance 
not included in the signal generator is often called a dummy antenna. 


Dummy load (radio transmission) - A dissipative but essentially nonradiating 
substitute device having impedance characteristics simulating those of the 
substituted device. This allows power to be applied to the radar unit without 
radiating into free space. 


Duplex - In radar, a condition of operation when two identical and 
interchangeable equipments are provided—one in an active state, and the other 
immediately available for operation. 


Duplexer - A switching device used in radar to permit alternate use of the same 
antenna for both transmitting and receiving. 
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Duty cycle - The ratio of the time the transmitter is actually on versus the time it 
could be on in a given transmission cycle. Mathematically, it can be expressed 
as: 


Duty Cycle = PD or Duty Cycle = PD X PRF 
PRT 


Dynamic range — 


1. The difference, in decibels, between the overload level and the minimum 
acceptable signal level in a system or transducer. Note: The minimum acceptable 
signal level of a system or transducer is ordinarily fixed by one or more of the 
following: noise level, low-level distortion, interference, or resolution level. 


2. Ratio of the specified maximum signal level capability of a system or 
component to its noise or resolution level, usually expressed in decibels. 


Early warning radar - A radar set or system used near the periphery of a defended 
area to provide early notification of hostile aircraft approaching the area. 


EA pod - A jamming system that is designed to be carried externally on an 
aircraft. 


Effective radiated power (ERP) - Input power to antenna time multiplied by the 
gain of the antenna, expressed in watts. 


Electromagnetic interference (EMI) - Any electromagnetic disturbance that 
interrupts, obstructs, or otherwise degrades or limits the effective performance of 
electronic systems. EMI can be induced intentionally, by way of jamming, or 
unintentionally because of spurious emissions and modulations. 


Electromagnetic pulse (EMP) - The generation and radiation in a transmission 
medium of a very narrow and very high-amplitude pulse of electromagnetic noise. 
The term is associated with the high-level pulse because of a nuclear detonation 
and with an intentionally generated narrow, high-amplitude pulse for EA 
applications. In nuclear detonations, the EMP signal consists of a continuous 
spectrum with most of its energy distributed throughout the low frequency band 
of 3 to 30 kHz. 


Electromagnetic radiation - Radiation made up of oscillating electric and 
magnetic fields and propagated with the speed of light. Includes gamma 
radiation, x-rays, ultraviolet, visible and infrared radiation, plus radar and radio 
waves. 
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Electromagnetic spectrum - The total range of frequencies (or wavelengths) over 
which any form of electromagnetic radiation occurs. 


Electromagnetic test environment (EMTE) - A range complex of radars, such as 
those located at Eglin AFB, FL, operating in different frequency bands and modes 
to provide a very flexible test facility for evaluating aircraft antenna patterns, 
reflectivity measurements, infrared, reconnaissance, airborne interceptors, and 
electronic warfare devices and techniques. 


Electronic attack (EA) - The use of electromagnetic energy, directed energy, or 
antiradiation weapons to attack personnel, facilities, or equipment with the intent 
of degrading, neutralizing, or destroying enemy combat capability. Action taken 
to reduce the enemy’s effective use of the electromagnetic spectrum. EA is a 
division of electronic warfare (EW). 


Electronic combat (EC) - Action taken in support of military operations against 
the enemy's electromagnetic capabilities. EC is task-oriented and includes 
electronic warfare (EW), command and control warfare (C2W), and suppression of 
enemy air defenses (SEAD). 


Electronic protection (EP) - Active and passive means taken to protect personnel, 
facilities, and equipment from any effects of friendly or enemy employment of 
electronic warfare that degrade, neutralize or destroy friendly combat capability. 
EP is a division of electronic warfare (EW). 


Electromagnetic deception - The deliberate radiation, reradiation, alteration, 
absorption, or reflection of electromagnetic radiations in a manner intended to 
mislead an enemy in the interpretation of, or use of, information received by his 
electronic systems. There are two categories of electronic deception: 


1. Manipulative deception - The alteration or simulation of friendly 
electromagnetic radiation to accomplish deception. 


2. Imitative deception - The introduction of radiations into enemy channels 
that imitate his own emissions. 


Electronic intelligence (ELINT) - The intelligence information product of activities 
engaged in the collection and processing for subsequent intelligence purposes of 
foreign, noncommunications, electromagnetic radiations emanating from other 
than nuclear detonations or radioactive sources. 


Electronic intelligence parameter limit list (EPL) - A compilation of identified 
signals with assigned ELINT notations. 
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Electronic jammers — 


1. Expendable - A transmitter designed for special use such as being dropped 
behind enemy lines. 


2. Repeater - A receiver-transmitter device that, when triggered by enemy 
radar impulses, returns synchronized false signals to the enemy equipment. The 
returned impulses are spaced and timed to produce false echoes or bearing 
errors in the enemy equipment. See Expendable and Repeater Jammers. 


Electronic jamming - The deliberate radiation, reradiation, or reflection of 
electromagnetic energy with the object of impairing the use of electronic devices, 
equipment, or systems. 


Electronic order of battle - A listing of all the electronic radiating equipment of a 
military force giving location, type function, and other pertinent data. 


Electronic reconnaissance - Specific reconnaissance directed toward the 
collection of electromagnetic radiations. Examples: 


COMINT Communications Intelligence 


ELINT Electronic Intelligence 
OPINT Optical Intelligence 
RINT Radiated Intelligence 


SIGINT Signal Intelligence 


Electronic warfare (EW) - Military action involving the use of electromagnetic 
energy and directed energy to control the electromagnetic spectrum. EW has 
three divisions: electronic attack (EA), electronic protection (EP), and electronic 
warfare support (ES). 


Electronic warfare support (ES) - Actions taken to search for, intercept, identify, 
and locate sources of intentional radiated electromagnetic energy for the purpose 
of immediate threat recognition. Surveillance of the electromagnetic spectrum 
that directly supports an operational commander's electromagnetic information 
needs. ES is a division of EW. 


Electro-optics (EO) - The interaction between optics and electronics leading to 
the transformation of electrical energy into light, or vice versa, with the use of an 
optical device. 
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Electro-optic counter-countermeasures (EOCCM) - Actions taken to ensure the 
effective friendly use of the electro-optic spectrum despite the enemy's use of 
countermeasures in that spectrum. 


Emission control (EMCON) — 


1. The management of electromagnetic radiations to counter an enemy's 
capability to detect, identify, or locate friendly emitters for exploitation by hostile 
action. 


2. Controlling the radiation of an active system to minimize detection by 
enemy sensors. 


Endgame - The period of military engagement 3-5 seconds before missile impact. 


Endgame countermeasures (EGCM) - Actions taken to defeat a tracking missile. 
This includes expendables, decoys, and maneuvers. 


Essential elements of information (EEI) - The critical items of information 
regarding the enemy and his environment needed by the commander by a 
particular time to relate with other available information and intelligence to be 
able to reach a logical decision. 


Expendable jammer - A nonrecoverable jammer. Early expendables were limited 
to chaff and flare deployments; however, various radiating jamming systems 
exist that use noise or repeater techniques. These are dispensed by aircraft or 
other delivery systems and are designed to disrupt or deceive a victim radar for a 
short period of time. 


Extremely high frequency (EHF) - Frequencies in the range of 30 to 300 GHz. 


False target - Radiated bundle of electromagnetic energy that is displaced in time 
from the echo that creates a response in the receiver where no reflecting surface 
exists. 


False target generator - Device for generating electromagnetic energy of the 
correct frequency of the receiver that is displaced in time from the reflected 
energy of the target. 


Fast automatic gain control (FAGC) - An AGC scheme characterized by a 
response time that is long with respect to a PW and short with respect to the 
target. An ultra fast FAGC will reduce the CW capture effect on the Dicke fix. 


THE KEYCODER 1 


The CW keyboard keyer described here should appeal to any 
amateur who wants to increase his code speed and send letter- 
perfect, space-perfect CW—or to anyone seriously interested in 
teaching or learning the code. 

Although there are a lot of articles and letters in ham 
magazines about amateur radio clubs teaching code, the use of a 
keyboard keyer as a teaching aid seems to have been neglected, 
possibly because most such keyers are quite expensive. Keycoder 
I, makes an excellent club project. When used as a code teacher, the 
keyboard keyer has the following advantages to recommend it: 


L] Perfect code—The learner always hears correctly formed 
characters 

O Variable speed—Character rate is continuously variable 
from about 5 wpm to over 50 wpm (unlike code records or casset- 
tes) 


O Repetition—The student can practice by himself the 
characters that he is having difficulty with (again unlike recorded 
code lessons) 

Instructor need not know CW! —A unique feature—XYLs, 
harmonics, and other non-hams can help the novice learner without 
themselves knowing the code. 

Other technical advantages of Keycoder I are: 

L TTL Logic—9 inexpensive and readily available ICs, plus 
about 2 dozen discrete components, make up most of the circuit; 7 
toroidal cores and another couple of dozen discretes provide an 
encoding matrix that would require over 100 diodes. 

O RF Insensitive— With TTL ICs and only minimal by- 
passing, no rf problems have been experienced with the two units 
illustrated. 

O Self-contained—Power supply, logic, monitor (with tone 
and volume controls), and output circuit are all contained within the 
keyboard case 

CO Simple construction—A commercially available IC board 
makes wiring the logic easy (simple point-to-point wiring with no 
critical steps) 

Figure 6-1 is a close-up photo of the unit built by Charles H. 
Haut W9UBA. Figure 6-2 shows my keyboard with a few control 
variations. 

Keycoder I is a TTL adaptation of the Touchcoder II keyboard 
keyer described in the July 1969 issue of QST. That article contains 
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Fast time constant circuit (in radar) — 


1. A circuit with short time constant used to emphasize signals of short 
duration to produce discrimination against extended clutter, long-pulse jamming, 
or noise. 


2. Aresistance-capacitance differentiating network with a time constant about 
equal to the transmitted pulse width and employed in the video portion of the 
receiver to provide the discrimination against jamming with low modulating 
frequencies. FTC is effective against CW, long jamming pulses, swept jamming, 
and clutter. It is also fairly effective against chaff corridors. Based on time, the 
radar receiver will allow only pulses equal to its own pulse width to pass and be 
presented on the indicators as targets. Because of this, only the leading edges of 
long pulses will be displayed. 


Fence — 
1. Line or network of early warning radars. 


2. Concentric steel fence erected around a ground radar transmitting antenna 
to serve as an artificial horizon and suppress ground clutter that would otherwise 
drown out weak signals returning at a low angle from the target. 


Ferret - An aircraft, ship, or vehicle especially equipped for the detection, 
location, recording, and analyzing of electromagnetic radiations. 


Field of view (FOV) - The maximum solid angle visible by an optical or electro- 
optic system. 


Fire control radar - Specialized radar systems used to locate and track airborne 
and surface targets, compute an optimum weapons firing point, and control the 
firing and sometimes guidance of its weapons. 


FM-by-noise modulation - A method of frequency modulating with effective 
jamming method against AM and fix-tuned FM receivers. Not very effective 
against continuously tunable PFM receivers; careful tuning can defeat a great 
portion of the jamming signal. For this reason, FM-by-noise is not considered 
optimum as a type of modulation for jamming FM receivers. 


FM jamming - Technique consisting of a constant amplitude RF signal that is 
varied in frequency around a center frequency to produce a signal over a band of 
frequencies. 
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Forward edge of the battle area (FEBA) - The foremost limits of a series of areas 
in which ground combat units are deployed, excluding the areas in which the 
covering or screening forces are operating, designated to coordinate fire support, 
the positioning of forces, or the maneuver of units. 


Frequency agility - A radar's ability to change frequency within its operating 
band, usually on a pulse-to-pulse basis. This is an EP technique employed to 
avoid spot jamming and to force the jammer to go into a less effective barrage 
mode. 


Frequency band designations — 


1. As decided upon by the Atlantic City Radio Convention of 1947, and later 
modified by Comite Consultatif International Radio (CCIR) Recommendation No. 
142 in 1953: 


Band RF Range Band RF Range 
VLF 0-30 kHz VHF 30-300 MHz 
LF 30-300 kHz UHF 300-3000 MHz 
MF 300-3000 kHz SHF 3-30 GHz 

HF 3-30 MHz EHF 30-300 GHz 


2. Electronic warfare uses the following designations: 


A 0-250 MHz H 6-8 GHz 

B 250-500 MHz I 8-10 GHz 

C 500-1000 MHz J 10-20 GHz 
D 1000-2000 MHz K 20-40 GHz 
E 2-3 GHz L 40-60 GHz 
F 3-4 GHz M 60-100 GHz 
G 4-6 GHz 


Frequency bandpass - The number of hertz where maximum output is obtained 
between two limits usually defined and bounded by lower and upper half power 
(3 dB) points. 


Frequency hopping - An anti-jamming technique used by a radar system. The 
carrier frequency of the pulsed transmissions are periodically or continuously 
shifted within limits on each successive pulse. 


Frequency diversity - Method of transmission and/or reception using several 
frequencies simultaneously to minimize the effects of selective fading, deliberate 
jamming, or interference. 
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Frequency modulated CW (FM-CW) jamming - FM of a CW signal to produce a 
wide band of signals when the exact operating frequency of the victim is not 
known within the CW limits. 


Frequency modulation (FM) - A method of impressing a message upon a carrier 
signal by causing the carrier frequency to vary proportionally to the message 
waveform. 


Frequency shift keying (FSK) - A form of FM where the carrier is mined code. In 
multiple FSK, the carrier is shifted to more than two frequencies. FSK is used 
principally with teletype communications. 


Frequency spectrum - The entire range of frequencies of electromagnetic 
radiation. 


G - Acceleration due to gravity (32.2 ft/sec’). 


Gain (manual) - The receiver gain control allows the operator to vary the receiver 
sensitivity. It is not designed as an AJ feature; however, when properly employed 
it may greatly reduce the effects of jamming. The radar detection capability is 
also reduced by an equal amount. 


Gain (transmission gain) - The increase in signal power in transmission from one 
point to another under static conditions. Note: Power gain is usually expressed in 
decibels. 


Glint (in radar) — 


1. The random component of target location error caused by variations in the 
phase front of the target signal (as contrasted with scintillation error). GLINT may 
affect angle, range of Doppler measurements, and may have peak values 
corresponding to locations beyond the true target extent in the measured 
coordinate. 


2. Electronic countermeasures that use the scintillating, or flashing, effect of 
shuttered or rotating reflectors to degrade tracking or seeking functions of an 
enemy weapons system. 


Ground controlled intercept (GCI) - Vectoring an interceptor aircraft to an 
airborne target by means of information relayed from a ground-based radar site 
that observes both the interceptor and target. 
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Guidance system (missile) - A system that evaluates flight information, correlates 
it with target data, determines the desired flight path of the missile, and 
communicates the necessary commands to the missile flight control system. 


Guided missile - An unmanned vehicle moving above the surface of the earth, 
whose trajectory of flight path is capable of being altered by an external or 
internal mechanism. 


Height finder - A radar used to detect the angular elevation, slant range and 
height of objects in the vertical sight plane. An air defense ground radar used 
specifically to accurately determine aircraft altitude for tracking and ground 
controlled intercepts. 


Hertz (Hz) - The unit of frequency, equal to one cycle of variation per second. It 
supersedes the unit cycle per second (cps). 


High frequency (HF) - Frequencies from 3000 - 30,000 kHz. 


Home-on-jam (HOJ) - A missile mode of operation in which a jamming signal is 
used to develop steering information for the missile to home in on the jamming 
source. 


Homing guidance - A system by which a missile steers itself toward a target by 
means of a self-contained mechanism which is activated by some distinguishing 
characteristics of the target. 


Identification, friend or foe (IFF) - A system using radar transmission to which 
equipment carried by friendly forces automatically responds, for example, by 
emitting pulses, thereby distinguishing themselves from enemy forces. It is the 
primary method or determining the friendly or unfriendly character of aircraft and 
ships by other aircraft and ships, and by ground forces employing radar 
detection equipment and associated identification, friend or foe units. 


Image frequency - An undesired input frequency capable of producing the 
selected frequency by the same process. NOTE: An image frequency is a 
frequency which differs from, but has a certain symmetrical relationship to, that 
which a superheterodyne receiver is tuned. Consequently, the image frequency 
can be mistakenly accepted and processed as a true frequency by the receiver. 


Image jamming - Jamming at the image frequency of the radar receiver. Barrage 
jamming is made most effective by generating energy at both the normal 
operating and imaging frequency of the radar. Image jamming inverts the phase 
of the response and is thereby useful as an eagle deception technique. Not 
effective if the radar uses image rejection. 
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Imitative deception - The introduction of radiations into enemy channels which 
imitates their own emissions. 


Imitative jamming - The jamming technique of transmitting a signal identical to 
the original guidance signal. 


Infrared (IR) - That portion of the frequency spectrum lying between the upper 
end of the millimeter wave region and the lower (red) end of the visible spectrum. 
In wavelength, the IR lies between 0.78 and 300 microns; in frequency, it lies 
between one and 400 terahertz (THz). 


Infrared counter-countermeasures (IRCCM) - Actions taken to effectively employ 
our own infrared radiation equipment and systems in spite of the enemy's actions 
to counter their use. 


Infrared countermeasures (IRCM) — 


1. Countermeasures used specifically against enemy threats operating in the 
infrared spectrum. 


2. Actions taken to prevent or reduce the effectiveness of enemy equipment 
and tactics employing infrared radiation. 


Instantaneous automatic gain control (IAGC) — 


1. That portion of a system that automatically adjusts the gain of an amplifier 
with varying input pulse amplitudes. The adjustment is sufficiently fast to operate 
while a pulse is passing through the amplifier. 


2. In radar, a quick-acting automatic gain control that responds to variations 
of mean clutter level, or jamming over different range or angular regions, 
avoiding receiver saturation (also known as back-bias). [AGC automatically 
adjusts the gain of the radar receiver so that strong signals do not block 
adjoining weak signals. IGAC is not quick enough to block short pulse jamming, 
extended clutter, or chaff. 


Instantaneous frequency CFAR (IFCFAR) - A technique similar to the IF DICKE 
FIX CFAR, except for having a phase detector instead of a frequency 
discriminator. The primary use of this technique, combined with rapid random 
frequency changes, is to make chaff signals appear noise-like so they can be 
handled conventionally. 
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Instantaneous inverse gain - Pulse-by-pulse amplification, modulation, and 
reradiation of the victim's radar pulse to obscure angle data. 


Intercept point - A computed point in space toward which an interceptor is 
vectored to complete an interception. 


Interference (electronic) - An electrical or electromagnetic disturbance that 
causes undesirable responses on electronic equipment. Electrical interference 
refers specifically to interference caused by the operation of electrical apparatus 
that is not designed to radiate electromagnetic energy. 


Interferometer - As pertains to radar, a receiving system which determines the 
angle of arrival of a wave by phase comparison of the signals received at 
separate antennas or separate points on the same antenna. 


Interleaved jamming - Time sharing of a jammer's output around many threats 
usually to cover pulse jamming. 


Intermediate frequency (IF) — 


1. A fixed frequency to which all carrier waves are converted in a 
superheterodyne receiver. 


2. A frequency to which a signaling wave is shifted locally as an intermediate 
step during transmission or reception. 


3. A frequency resulting from the combination of the received signal and that 
of the local oscillator in a superheterodyne receiver. 


Intermediate frequency jamming - Form of CW jamming that is accomplished by 
transmitting two CW signals separated by a frequency equal to the center 
frequency of the radar receiver IF amplifier. 


Interrogator - A device used to transmit pulse-coded challenges to an IFF 
transponder and then evaluates the pulse-coded reply for identification purposes. 


Intrapulse modulation repeater - A classified deception jamming technique. 
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Intrusion — 
1. The entry of a nonfriendly aircraft or system into friendly air space. 


2. The intentional interference in a communication system by which the 
intruder attempts to confuse, delay, or cause error by the selective introduction 
of additional data. 


Inverse conscan - One method of confusing a radar operator or fire control radar 
system is to provide erroneous target bearings. This is accomplished by first 
sensing the radar antenna scan rate and then modulating repeater amplifier gain 
so that the weapons systems will fire at some bearing other than the true target 
bearing. The angle deception technique is used to break lock on CONSCAN 
radars. 


Inverse gain - Amplification, inverse modulation, and reradiation of a radar's 
pulse train at the rotation rate of the radar scan. Deceives a conical scanning 
radar in angle. 


Inverse-gain repeater jammer - A form of repeater in which the jammer creates 
false targets by varying the output power inverse with the strength of the 
received radar signal. 


Jaff - Expression for the combination of electronic and chaff jamming. An ECM 
tactic involving the use of jammers to illuminate chaff corridors or chaff bursts to 
produce false targets. 


Jam attenuator control - Used to prevent receiver saturation from any strong 
signals, including electronic jamming, chaff, or clutter. It also permits the 
determination of the bearing and elevation of jammers that would cause wide 
sectors of the scope to be obscured. The control reduces all signals equally, 
jamming as well as targets. This control should be used in the jammed sector 
only and not for an entire antenna revolution. Targets in the jammed sector would 
only be seen if they were stronger than the jamming. However, the jammed sector 
may be reduced enough in size to allow the operator to determine either bearing 
or elevation. 


Jammer - A device used to deprive, limit, or degrade the use of communications 
or radar systems. Radio frequency jammers include noise, discrete frequency 
repeater, and deceptive equipment. 


Jamming-to-signal (J/S) ratio - The relative power ratio of jamming to the radar 
return signal at the radar antenna. The inverse of the signal-to-jamming ratio. 
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Jam strobe - Also called JAVA (jamming amplitude versus azimuth). A circuit that 
generates a marker on the PPI to indicate signal strength as a function of bearing. 
It does this by sampling the jamming intensity once each repetition period. 
Besides showing the direction of the jammer, it also indicates the severity of 
main beam and sidelobe jamming. 


Jet engine modulation (JEM) - Modulation present in the radar returns received 
from a jet aircraft, caused by the rotation of the fan or turbine blades of the 
aircraft's engines. 


Jittered pulse repetition frequency (jittered PRF) - The PRF is rapidly varied at a 
random rate so that false targets appear to jitter or appear fuzzy on the scope. An 
alternative to jittered PRF is to change the PRF momentarily. This causes the 
false targets to change their position on the scope. It provides a discrimination 
against repeater-type jammers. 


Klystron - A very stable microwave amplifier that provides high gain at good 
efficiency. This is accomplished by velocity modulating (accelerating a beam of 
electronics flowing from its cathode to its anode. 


Laser target designation - The use of a laser to direct a light beam onto the target 
so that appropriate sensors can track or home on the reflected energy. 


Leading-edge tracker - A tracking radar that obtains its data from the leading 
edge of the echo pulse from the target. 


Light amplification by stimulated emission of radiation (LASER) - A process of 
generating coherent light. The process uses a natural molecular (and atomic) 
phenomenon whereby molecules absorb incident electromagnetic energy at 
specific frequencies. It then stores this energy for short but usable periods, then 
releases the stored energy as light at particular frequencies, and in an extremely 
narrow frequency band. 


Lobe - One of the three-dimensional sections of the radiation pattern of a 
directional antenna bounded by 1-2 cones of nulls. 


Lobe-on-receive-only (LORO) - Mode of operation consisting of transmitting on 
one antenna system and receiving the reflected energy on another system (TWS, 
conical, or monopulse). 


Local oscillator off - A simple expedient of shutting off the local oscillator during 
barrage jamming. The barrage jammer will not be seen unless there is a beating 
signal such as a target; therefore, targets will appear. Since targets will not 
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appear in directions where no jamming arises, either an automatic azimuth switch 
or an additional receiver display is required. 


Logarithmic fast time constant log (LOG-FTCL) - A device consisting of a 
logarithmic IF amplifier followed by an FTC circuit. The LOG-FTC combination is 
very effective in removing variations in the video output noise level caused by 
spot noise, wideband noise, and slow sweep noise modulated AM jamming. 


Logarithmic receiver - A receiver whose response approximates the logarithm of 
the strength of the incoming signal. A special type of receiver having a large 
dynamic range of automatic gain control that gives considerable protection 
against receiver saturation by strong jamming on interference signals. Useful 
against weather, clutter, chaff, and spot jamming. 


Look-down, shoot-down - Refers to an air interceptor (Al) equipped with a pulse 
Doppler radar, or a radar that has a moving target indicator (MTI) feature, that can 
detect and lock-on to a target within ground return clutter enabling the Al to track 
and shoot the target. 


Look-through — 


1. When jamming, a technique by which the jamming emission is interrupted 
irregularly for extremely short periods to allow monitoring of the victim signal 
during jamming operations. 


2. When being jammed, the technique of observing or monitoring a desired 
signal during interruptions in the jamming signals. 


Low frequency (LF) - Frequencies from 30 - 300 kHz. 


Low power spread spectrum radar - A low power, high duty cycle radar whose 
spectrum is spread 100 MHz or more. Since this radar has a broad output 
spectrum and a high duty cycle, neither time nor frequency can be effectively 
used to resolve these signals. This leaves direction as the prime method of 
resolution. The spectrum of these radars is spread over the bandwidth by any of 
the pseudo random noise modulating techniques commonly used in 
communications. Techniques such as bi-phase modulation, quaternary phase 
modulation, chirp, random frequency jumping, etc., may be used to spread either 
a CW signal or a very high duty cycle signal. Such signals have a very good 
range resolution—approximately equal to the reciprocal of the bandwidth. 


Magnetron - A radar microwave device whose operation is based on the motion of 
electrons (AC) under the influence of combined electric and magnetic fields. 
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Mainlobe - The lobe of a transmitting or receiving antenna centered on the 
directivity axis of the antenna. 


Manipulative deception - The alteration or simulation of friendly electromagnetic 
radiations to accomplish the deception. 


Meaconing, interference, jamming, and intrusion (MIJI) - An acronym of four 
component parts to determine the intent and technique of electromagnetic 
radiation. 


Meaconing - a system of receiving radio beacon signals and rebroadcasting 
them on the same frequency to confuse navigation. Interference - unintentional 
electromagnetic radiation that may cause interference with electronic equipment. 


Jamming - the deliberate’ radiation, reradiation, or reflection of 
electromagnetic energy with the intent of impairing the use of electronic devices, 
equipment, or systems being used by the enemy. 


Intrusion - the intentional insertion of electromagnetic energy into 
transmission paths in any manner with the objective of deceiving operators or 
causing confusion. 


Medium frequency (MF) - Frequencies from 300 to 3,000 kHz. 
Micron - A unit of length equal to a micrometer (10° meters). 


Microwave amplification by stimulated emission or radiation (MASER) - A low- 
noise, radio-frequency amplifier. The emission of energy stored in a molecular or 
atomic system by a microwave power supply is stimulated by the input signal. 


Microwave communications - Line-of-sight communications, the frequency of 
which is higher than 300 MHz. 


Millimeter waves - Frequencies (30 GHz to 300 GHz) in the millimeter portion of 
the electromagnetic spectrum. 


Miss distance - The distance measured between the closest paths of a target and 
interceptor (i.e., aircraft and missile). One objective of self-protection jamming 
systems is to increase the miss distance to avoid destruction if missile launch 
cannot be prevented. 
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a very good discussion of the circuit theory and of the toroidal core 
transformers used, so this information will not be repeated here. 
Our theory discussion will take you on a tour of the TTL-version 
schematic diagram (Fig. 6-3). For convenience of discussion, the 
schematic is separated by dashed lines into the following six areas 
representing functional blocks: (1) dot generator, (2) dash 
generator, (3) shift register, (4) encoding matrix, (5) monitor, and 
(6) output stage. The discussion that follows will be so divided 
also, with some necessary overlapping. In Fig. 6-3 the logic state H 
(“1”) or L (“0”) is shown for the output of each IC. These states are 
for static conditions, when no character is being generated. 


Dot Generator 

IC1 is a 555 integrated circuit timer set up as a triggered 
multivibrator. The frequency of the multivibrator (and hence the 
code speed) is determined by the values of R1-R3 and C1, and is 
adjustable by means of R2. The duty cycle is 50% for all practical 
purposes, thus providing dots and character interelement spaces 
that are equal. (Of course other R and C values can be substituted. 
Those on the schematic are the ones in W9UBA’s unit; I used R1 = 
1k, R2 = 50k, R3 = 15k, and Cl = 2.2 uF, with equally satisfactory 
results.) 
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Fig. 6-1. Keycoder 1 built by W9UBA. 
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Missile approach warning system (MAWS) - A system used to detect and provide 
warning of approaching missiles. MAWS may be partitioned into active MAWS 
and passive MAWS. 


1. Active missile approach warning system (AMAWS) - Generally employs 
pulse Doppler radar as its sensor. This radar is able to discern a moving target in 
stationary or slow-moving background clutter. 


2. Passive missile approach warning system (PMAWS) - An ultraviolet (UV) or 
infrared-based detector system with the ability to detect and distinguish threat 
missiles from surrounding clutter and non-lethal missiles. 


Modulated barrage jamming - A technique that varies the amplitude of the output 
power of a barrage jammer with sinusoidal or complex modulation. 


Modulated CW jamming - A CW carrier waveform that has been modulated with 
another signal (such as noise, low, medium, or high frequencies), and is 
transmitted for the purpose of deception. May be AM, FM, pulse modulated (PM), 
etc. 


Modulated PRF (MPRF) - The deliberate modulation of the interpulse spacing in a 
pulse train. See PRF Jitter and PRF Stagger. 


Modulation - The variation of amplitude, frequency, or phase of an 
electromagnetic wave by impressing another wave on it. 


Modulator - A device (such as an electron tube) for modulating a carrier wave or 
signal for the transmission of intelligence of some sort. 


Monopinch - Anti-jam application of the monopulse technique where the error 
signal is used to provide discrimination against jamming signals. 


Monopulse - A method of pulse generation that allows the simultaneous 
determining of azimuth, elevation and range, and/or speed from a single pulse. 


Monopulse radar - A radar using a receiving antenna system having two or more 
partially overlapping lobes in the radiation patterns. Sum and difference channels 
in the receiver compare the amplitudes or the phases of the antenna outputs to 
determine the angle of arrival of the received signal relative to the antenna 
boresight. A well-designed monopulse tracking system will achieve a more 
accurate track under conventional jamming techniques than on the skin return. 
Certain monopulse trackers are susceptible to angular jamming techniques such 
as skirt and image jamming. Techniques such as “CROSS EYE” are designed to 
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attack all monopulse tracking systems. Monopulse deception is a major area of 
advanced R&D with no clear “best technique” yet in sight. 


Moving target indicator (MTI) - A radar presentation that shows only targets that 
are in motion. Signals from stationary targets are subtracted out of the return 
signal by the output of a suitable memory circuit. 


MTI CFAR - A technique that provides CFAR capability in an MTI receiver. The 
cancellation of ground clutter is not impaired during radar jamming. 


Multiband radar - Radar that simultaneously operates on more than one 
frequency band through a common antenna. This technique allows for many 
sophisticated forms of video processing and requires that a jammer must jam all 
channels simultaneously. 


Multiplex - Simultaneous transmission of two or more signals on a common 
carrier wave. The three types of multiplex are called time division, frequency 
division, and phase division. 


Multitarget generator jamming - A technique where a generator takes the radar's 
PRF, scan rate, and antenna lobe pattern and computes when to transmit false 
targets at the radar's frequency. The targets appear as true targets, but normally 
only about 20 percent of the targets are programmed to give a logical course and 
speed. The many targets saturate the tracking operator's capability by the sudden 
appearance of multiple targets, and/or many targets either stationary or on 
illogical courses and speeds, or maneuvers such as 90 degree turns at high 
speeds but with no displacement. Also, targets may appear in back and sidelobe 
positions. 


Music - In air intercept, a term meaning electronic jamming. 


Narrowband (NB-1) - Narrows the receiver frequency making it more selective. It 
limits the target signals and the jamming signal to a set level of amplitude and 
reduces the level of a jamming signal if the jammer is not tuned to the radar's 
exact frequency. 


Narrow pulse jamming - Jamming where the jammer pulse width is less than the 
radar's pulse width. Technique may be required by interleaved jamming. 
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Noise — 


1. Any unwanted disturbance within a dynamic electrical or mechanical 
system, such as undesired electromagnetic radiation, and any transmission 
channel or device. 


2. Uncontrolled random disturbances that arise in a guided missile system 
because of various physical phenomena. 


Noise jamming - Direct (straight) AM or FM noise on a carrier frequency that has a 
highly variable bandwidth for the purpose of increasing (saturating) the radar 
receiver's noise level. 


Nuclear effects - The electromagnetic phenomena resulting from a nuclear 
explosion. The phenomena are listed as follows: 


1. Argus phenomena (trapped electrons). The trapping in the earth's magnetic 
field of electrons produced by a nuclear burst. 


2. Blackout (radio frequency interference). An effect that is the result of 
ionization produced by a nuclear explosion in or above the atmosphere. This 
ionization can cause interference (blackout) by attenuating, reflecting, cluttering, 
and scattering radar electromagnetic pulses in a high-intensity burst of 
electromagnetic radiation, predominantly in the radio frequency range of the 
spectrum. 


3. Optical phenomena. Intense radiations covering all parts of the optical 
spectrum are produced by the interactions between the atmosphere and the 
nuclear radiation and fission products resulting from a nuclear detonation. The 
resulting auroras and airglows are created as an optical background that can 
affect reconnaissance, tracking, warning and homing systems, and personnel. 


4. Transient radiation effects on electronics. Nuclear radiation impinging on 
electronic systems or components can substantially alter the operation and 
output of these systems. The word transient refers to the type of environment and 
not to the duration of the effect since the effect may be either transient or 
permanent. 


Nulls - Points of no radiation in an antenna radiation pattern. 


Obscuration - Effects produced by masking-type jammers. Denial of either range 
or angle is achieved by submerging data interference caused by noise or noise- 
like signals. 
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Off-frequency spot jamming - A type of spot jamming in which the jammer 
frequency is off the radar operating frequency but still within the radar receiver 
bandpass. 


Optical countermeasures - Applications of electronic countermeasures in the 
visible light portion of the electromagnetic spectrum. Actions taken to prevent or 
reduce an enemy's effective use of the visible spectrum. 


Oscillator - Electronic circuit or device capable of converting direct current (DC) 
into alternating current (AC) at a frequency determined by the inductive and the 
capacitive constants of the oscillator. 


Over-the-horizon radar - A radar system that makes use of the ionosphere to 
extend its range of detection beyond line-of-sight. Over-the-horizon radars may 
be either forward scatter or backscatter systems. 


Palmer scan - Conical scan superimposed on another type of scan pattern- 
usually a spiral pattern. 


Passive angle tracking (PAT) - A target may be tracked “passively” if that target 
emits electromagnetic radiation; i.e., jamming radio, radar signal of sufficient 
duration that a DF bearing may be obtained. The emission from the target is DF- 
ed in azimuth and/or elevation. No range information will be available unless 
cross DF techniques are used by two or more passively tracking sites. 


Passive detection and tracking - By combining azimuth data on jamming strobes 
from several stations, intersections are obtained which indicate the position of 
the jammers. The number of ghosts can be reduced by increasing the number of 
friendly stations and obtaining elevation angles of strobes when available. 


Passive electronic countermeasures - Electronic countermeasures based on the 
reflection, absorption or modification of the enemy's electromagnetic energy. 
This distinction between active and passive countermeasures is not currently 
used, but is based on the presence or absence of an electronic transmitter. 


Passive homing guidance - A system of homing guidance in which the receiver in 
the missile uses radiations only from the target. 


Peak power - Maximum power output during transmission time. Expressed in 
watts or megawatts. 


Penetration aids - Techniques and/or devices employed by aerospace systems to 
increase the probability of weapon system penetration of any enemy defense. 
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Examples are: Low altitude profiles, trajectory adjustments, reduced radar cross- 
sections of attack vehicles, improved vehicle hardness to effects of defense 
engagements, terrain avoidance radar, bomber defense missiles, decoys, chaff, 
electronic countermeasures, etc. Penetration aids are used by an offensive 
system to penetrate enemy defenses more effectively. Also called PENAIDS. 


Phase modulation - A method of impressing a message upon a carrier signal by 
causing the carrier phase to vary proportionally to the waveform. 


Phase shift keying - A method of impressing a digital signal upon a carrier signal 
by causing the carrier phase to take different values corresponding to the 
different values of the digital signal. 


Phased array radar - Radar using many antenna elements that are fed out-of- 
phase to each other. The direction of the beam can be changed as rapidly as the 
phase relationships (usually less than 20 usec). Thus, the antenna remains 
stationary while the beam is moved electronically. The use of many antenna 
elements allows for very rapid and high directivity of the beam(s) with a large 
peak and/or average power. 


Point defense - The defense of specified geographical areas, cities, and vital 
installations. One distinguishing feature of point defense missiles is that their 
guidance information is received from radars located near the launching sites. 


Polarization - The direction of an electrical field is considered the direction of 
polarization. When a half-wave dipole antenna is horizontally oriented, the 
emitted wave is horizontally polarized. A vertical polarized wave is emitted when 
the antenna is erected vertically. 


Polarization diversity - The variation of polarization (such as horizontal, vertical, 
circular, or elliptical for radar use) either simultaneously or singularly. 


Power management - Generally classified methods to optimize all related EW 
activities and facilities-usually in reference to a coordinate, optimized EW suite. 


PPI scope - A radar display yielding range and azimuth information via an 
intensity modulated display and a circular sweep of a radial line. The radar is 
located at the center of the display. 


PRF jitter - PRF rapidly varied at a random rate so that false targets appear to 
jitter, or appear fuzzy, on the scope. An alternative to jittered PRF is to 
momentarily change the PRF. This causes the false targets to change their 
position on the scope. 
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PRF stagger - The technique of switching PRF or PRI to different values on a 
pulse-to-pulse basis such that the various intervals follow a regular pattern. This 
is useful in compensating for “blind speeds” in pulsed MTI radars. Interpulse 
intervals differ but follow a regular pattern. 


Pseudo noise - A modulation technique resulting in low signal selectability and 
decreased vulnerability to jamming. 


Pulse compression - A scheme whereby a specifically modulated, medium power 
long pulse is stretched and transmitted. The returned pulse is compressed in the 
receiver demodulation process to obtain the advantage of narrow pulse 
operation. Long pulses provide the advantage of long range detection and short 
(compressed) pulses provide the advantage of better resolution and accuracy. 
This technique uses matched filter techniques for discriminating against signals 
that do not correspond to the transmitted code. It permits an increase in average 
transmitted power (without an increase in peak power) with no loss in range 
resolution. Pulse compression is a special form of pulse coding and correlation. 


Pulse deception jamming - Any of the many false target techniques used to 
deceive a pulse radar, as opposed to obscurative noise techniques. 


Pulse discriminator - Device that responds only to a pulse that has a particular 
characteristic, such as duration or period. 


Pulse Doppler radar - A highly complex radar system that employs a very high 
pulse repetition frequency (usually 10,000 PPS or higher) to reduce “blind 
speeds” and measure the Doppler frequency shift to resolve target velocity. Pulse 
Doppler is applied principally to radar systems requiring the detection of moving 
targets in a ground clutter environment. It uses pulse modulation to achieve 
higher peak power, greater range, less susceptibility to unfriendly detection, and 
enhanced range resolution. 


Pulse duration - The time in microseconds that the radar set is transmitting RF 
energy. Generally, the greater the pulse duration, the higher the average power, 
but the poorer the range resolution. Also known as pulse width. More technically, 
it is the time interval, measured at the half-amplitude points, from the leading 
edge to the trailing edge of a pulse. 


Pulse group - In complex pulse trains, two or more pulses that are recognizably 
distinct from the others. 


Pulse interference suppression and blanking (PISAB) - An EP automatic 
interference blanking device that will blank all video signals not synchronous 
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with the radar PRF. PISAB does not require any trigger and operates on both 
normal and MTI modes. It is effective against random pulse signals. 


Pulse jitter - Random variation of interpulse interval. 


Pulse modulation (PM) - A special case of amplitude modulation in which the 
carrier wave is varied at a pulsed rate. This series of pulses is generally for 
transmitting data. The result is a short, powerful burst of electromagnetic 
radiation that can be used for measuring the distance from a radar set to a target. 


Pulse modulated jamming - Use of jamming pulses of various widths and 
repetition rates. 


Pulse position modulation - Modulation by variation of the interval that elapses 
between the pulse to be modulated in a group of pulses and a synchronizing 
pulse, usually the first pulse of the group. 


Pulse repetition frequency (PRF) - The rate at which pulses or pulse groups are 
transmitted from a radar set. Generally, PRF is the number of pulses generated 
per second and is expressed in hertz (Hz). 


Pulse repetition interval (PRI) - The interval of time between two transmitted radar 
pulses, usually expressed in microseconds. PRI is the inverse of PRF. 


Pulse recurrence time (PRT) - Time elapsing between the start of one transmitted 
pulse and the start of the next. It is the reciprocal of PRF. 


Pulse recurrence time (PRT) agility - Ability of the radar set to vary the number of 
pulses per set. 


Pulse width (PW) - See Pulse Duration. 


Pulse width discrimination (PWD) - An EP technique used to discriminate against 
received pulses that do not have the same duration as the radar transmitted 
pulse. PWD is used in eliminating the effects of pulse type interference when the 
interference pulses are not the same length as the real radar pulse. Since this 
circuit generates a blanking gate that shuts off the receiver whenever a pulse of 
improper length is sensed, loss of valid target data can result. PWD offers good 
discrimination against long-pulse jamming and jamming signals employing low 
frequency noise modulation. It affords little or no discrimination against short 
pulses and HF noise modulations. 
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Pulse width discriminator - A device that measures the pulse length of video 
signals and passes only those pulses whose time duration tails into some 
predetermined design tolerances. A pulse width discriminator will generally 
provide some gain against barrage jamming, similar to that of a matched filter in 
the video. 


“Rabbits” - Interference from another radar on or near the frequency of the 
receiving radar. Shows on the indicators as interference at the rate of the relative 
PRF of the interfering radar. 


Radar - From Radio Detection And Ranging. A device used to detect a distant 
target and determine and display its relative direction (azimuth) and its relative 
distance (range). 


Radar absorbent material (RAM) - Material used as a radar camouflage device to 
reduce the echo area of an object. 


Radar beacon - A receiver-transmitter combination that sends out a coded signal 
when triggered by the proper type of pulse enabling determination of range and 
bearing information by the interrogating station or aircraft. 


Radar cross section - The equivalent area intercepted by a radiated signal and, if 
scattered uniformly in all directions, produces an echo at the radar receiver equal 
to that of the target. Typical radar cross sections of aircraft vary from one to over 
1,000 square meters. The RCS of ships may exceed 10,000 square meters. 


Radar definition - The accuracy with which a radar obtains target information 
such as range, azimuth, or elevation. 


Radar homing - Homing on the source of a radar beam. 


Radar homing and warning (RHAW) - Typically consists of an airborne, wideband 
video receiver designed to intercept, identify, and display the direction to pulse- 
type emitters. 


Radar resolution - A measure of a radar's ability to separate targets that are close 
together in some aspect of range, azimuth, or elevation into individual returns. 


Radar warning receiver (RWR) - A receiver onboard an aircraft that analyzes the 
hostile radar environment and determines radar threat by type, frequency, relative 
bearing, and relative distance. The threat is displayed to the aircrew by means of 
display lights, video symbols, and aural tones. 
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Radio frequency (RF) - Electromagnetic energy radiated at some frequency. 


Radio frequency interference - An unintentional interfering signal capable of 
being propagated into electronic equipment, usually derived from sources 
outside the system. 


Railing — 


1. Pertains to radar pulse jamming at high recurrence rates (50 to 150 kHz). It 
results in an image on a radar indicator resembling fence railing. 


2. The name given to that pattern produced on an “A” scope by CW 
modulated with a high frequency signal. Railings appear as a series of vertical 
lines resembling target echoes along the baseline. 


Random modulation CW jamming - The use of a nonperiodic function to an AM, 
FM, or AM/FM CW carrier. The effects produced on a radar are similar to those 
produced by DINA. 


Random noise - Electromagnetic energy having no particular modulation or 
pattern. May be generated by either natural atmospheric phenomena or by 
electromagnetic radiation devices. 


Random pulse jamming - The technique by which a pulse transmission system is 
pulsed irregularly by random noise signals. 


Range - The distance from one object to another. 


Range gate - A gate voltage used to select radar echoes from a very short range 
interval. 


Range gate capture - A jamming technique using a spoofer radar transmitter to 
produce a false target echo that can make a target tracking radar move off the 
real target and follow the false one. 


Range gate pull-in (RGPI) - Same as range gate pull-off (see next text entry) 
except that the deceptive pulse is transmitted before the radar pulse is received. 
This is accomplished by digital storage of the pulse repetition period which must 
be extremely stable. 


Range gate pull-off (RGPO) - A deception technique used against pulse tracking 
radars using range gates. The jammer initially repeats the skin echo with 
minimum time delay at a high power to capture the AGC circuitry. The delay is 
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progressively increased, forcing the tracking gates to be pulled away (“walked 
off”) from the target echo. Frequency memory loops (FML) or transponders 
provide the variable delay. 


Range gate tracker - A radar system that tracks targets in range by measuring the 
elapsed time from the transmitted pulse to the echo return. 


Range tracking - Pulse radars measure the time difference between radar pulse 
transmission and echo reception. The range gate is positioned at a range where 
the target is expected. The receiver is blanked off except during the period where 
the range gate is positioned. Range tracking may occur at the leading edge of the 
return pulse or between ON and OFF gates. 


Recovery time (RT) - The time that a radar requires to “get ready” to receive after 
a pulse is sent out. Time is required to get ready because the high-powered pulse 
tends to fill the sensitive radar receiver with RF energy, which prevents target 
returns from being seen. A short “damping out” period occurs after the pulse 
width during which time the RF energy dissipates, allowing weak target echoes to 
once again be detected. 


Rectifier - A device (such as a vacuum tube) for converting alternating current 
(AC) into direct current (DC). 


Repeater - A receiver-transmitter combination that amplifies the received signal 
and retransmits it. 


Repeater jammer - Equipment used to confuse or deceive the enemy by causing 
his equipment to present false information. This is done by a system that 
intercepts and reradiates a signal on the frequency of the enemy equipment. The 
reradiated signal is modified to present erroneous data on azimuth, range, 
number of targets, etc. 


Repeater jamming - Interception and reradiation of a signal with the reradiation of 
a signal being modified to give erroneous azimuth, range, velocity, acceleration, 
or number of targets. 


Resolution - The ability of a system to distinguish between two adjacent objects 
and to display them separately. 


Resolution cell - The minimum volume in space in which a radar can discriminate 
between targets. It is determined numerically-for a conventional radar-by the 
width of the beam in angle, the pulse width in range, and the velocity gate width 
in speed. 
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Fig. 6-2. The author's version of Keycoder 1. 


R4, R5, and CR1 are bias components that are necessary to 
make the first dot the same length as following ones. This is 
because normal timer operation charges and discharges C1 be- 
tween Y3 and % vce. However, on the very first cycle, Cl is 
discharged, and has to charge from 0 volts to % vec. The resistors, 
which are merely a voltage divider across the power supply, 
maintain a bias voltage on Cl; CR1 prevents interference with the 
normal triggering of 1C1. 

The output of the dot generator (pin 3) is routed to both the 
output circuit and monitor through two sections of IC4 (NOR 
gates); the first section is a summing gate (discussed later), and the 
second section disables the output (and monitor) for the duration of 
3 dot lengths at the completion of each character, to provide 
automatic character spacing. 

Dots are generated when pin 6 of IC1 goes low, which occurs 
only when pin 6 of IC3 goes low. 


Dash Generator 

As with other keyers (both keyboard and manual), Keycoder I 
forms dashes by filling in the space between two successive dots, 
thus producing dashes exactly 3 units long. The circuit action is as 
follows: FF8 is a “D” type flip flop that clocks on the rising edge of 
pulses applied to pin 11. When no dashes are called for, pin 3 of IC3 
applies a “1” to the data input (pin 12) of FF8, and the Q output of 
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Response noise jammer - A repeater jammer that transmits spot noise over the 
received radar frequency even in the case of radar frequency agility. 


Ringing - The undesired oscillation or triggering of an electrical device by its own 
transmitter. 


Rope - An element of chaff consisting of a long roll of metallic foil or wire that is 
designed for broad low frequency response. (See Chaff.) 


Rope chaff - Chaff that contains one or more rope elements. (See Chaff.) 


Rotating polarization - The result of a rotating feed. This should not be confused 
with circular polarization where the electric field rotates about the axis of 
propagation at the radar frequency. 


SAM - Surface-to-air missile. 


Saturating signal - In radar, a signal of an amplitude greater than the dynamic 
range of the receiving system. 


Sawtooth modulated jamming - Electronic countermeasure technique when a 
high-level jamming signal is transmitted, thus causing large AGC voltages to be 
developed at the radar receiver that, in turn, causes the target return and receiver 
noise to completely disappear. 


Scan - The process of directing a beam of RF energy successively over a given 
region, or the corresponding process in reception. 


Scan interval - The time interval from the peak of one mainlobe in a scan pattern 
to the peak of the next mainlobe. 


Scan period - The time period of basic scan types (except conical and lobe 
switching) or the period of the lowest repetitive cycle of complex scan 
combinations. The basic unit of measurement is degrees/mils per second or 
seconds per cycle. 


Scan rate modulation - Modulation of the deception jamming signal with one or 
more frequencies that are related to the scan rate of the radar. 


Scan type - The path made in space by a point on the radar beam, for example, 
circular, helical, conical, spiral, or sector. 
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Search — 


1. A term applied to that phase of radar operation when the lobe, or beam of 
radiated energy, is directed in such a way to search for targets in the area. 


2. Asystematic examination of space to locate and identify targets of interest. 


Sector scan - A scan in which the antenna sweeps back and forth through a 
selected angle. 


Selective identification feature (SIF) - A capability which, when added to the basic 
IFF system, provides the means to transmit, receive, and display selected coded 
replies. 


Self-protection jamming - Jamming to protect the vehicle upon which the jammer 
is deployed. 


Semiactive radar homing - Semiactive homing guidance combines principles 
from both the beam rider and the active radar homing missile. Track on the target 
is established by the Al's radar; the missile is launched when the target comes 
within its effective range. During missile flight, the Al maintains track on the 
target. Radar returns from the target are received by the missile. Guidance 
commands are generated within the missile from the radar returns. 


Sensitivity time control (STC) - Programmed variation of the gain (sensitivity) of a 
radar receiver as a function of time within each pulse repetition interval or 
observation time. STC prevents overloading of the receiver by strong echoes 
from targets or clutter at close ranges. STC reduces the gain of the radar receiver 
for detection of close-in targets. It is particularly effective in removing close-in 
clutter and strong nearby signals. STC also refers to a circuit that reduces the 
gain of the radar receiver immediately following the transmission of the radar 
pulse so that the receiver is not saturated by strong radar returns from nearby 
objects. 


Serrodyne - A method of “pulling off’ the velocity gate of a Doppler radar by 
using a voltage-controlled phase shifter, usually a traveling wave tube (TWT). 
This introduces a frequency shift from zero to some maximum value, pulling the 
Doppler tracking gate away from the skin echo. The phase shift is usually 
accomplished by modulating the TWT's helix voltages. 


Sidelobe - Part of the beam from an antenna, other than the mainlobe. Sidelobe 
gain is usually less than mainlobe gain. Given that the mainlobe radiates most of 
the power at zero degrees azimuth, sidelobes inherently radiate significant power 
in the direction of +20°, 90°, and 150° relative to the mainlobe. 
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Sidelobe blanking (SLB) - A device that employs an auxiliary wide angle antenna 
and receiver to sense whether a received pulse originates in the sidelobe region 
of the main antenna and to gate it from the output signal if it does. This technique 
uses an omnidirectional antenna and compares relative signal strength between 
the omni and the radar antenna. The omnichannel (plus receiver) has slightly 
more gain than the sidelobes of the normal channel, but less gain than the main 
beam. Any signal that is greater in the omnichannel must have been received 
from a sidelobe and is blanked. This technique is effective in removing spoofed 
signals with a duty cycle up to 50%. 


Sidelobe canceller (SLC) - A device that employs one or more auxiliary antennas 
and receivers to allow linear subtraction of interfering signals from the desired 
output if they are sensed to originate in the sidelobe of the main antenna. This 
technique employs the same antenna and receiver configurations of the SLB, 
except that a gain matching and canceling process takes place. Extraneous 
signals entering the sidelobes of the main antenna are canceled while the targets 
remain. This type of system exhibits cancellation roughly 20 dB against a single 
noise jammer. With multiple jammers at various azimuths, the performance of this 
device rapidly deteriorates. 


Sidelobe jamming - Jamming through a sidelobe of the receiving antenna in an 
attempt to obliterate the desired signal received through the mainlobe of the 
receiving antenna at fixed points. 


Sidelobe suppression - The suppression of that portion of the beam from a radar 
antenna other than the mainlobe. 


Sidewinder - A solid-propellant, air-to-air missile with nonnuclear warhead and an 
infrared guidance system. Designated as the AIM-9 missile. 


Signal intelligence (SIGINT) - Intelligence derived from the interception of enemy 
communications and noncommunication signals. A generic term that includes 
both COMINT and ELINT. 


Signal-to-jamming ratio (S/J) - The ratio of the signal power to the jamming power 
or intentional interference at some point in the system. This ratio is often 
expressed in decibels. 


Signal-to-noise ratio (S/N) - Ratio of the power of the signal to the power of the 
noise. 


Signature - The set of parameters that describes the characteristics of a radar 
target or an RF emitter and distinguishes one emitter from another. Signature 
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parameters include the RF of the carrier, the modulation characteristics (typically 
the pulse modulation code), and the scan pattern. 


Sine-wave modulated jamming - Jamming signal produced by modulating a CW 
signal with one or more sine waves. 


Single beam blanking (SBB) - Used by phased array radars as an alternative 
method of Beam to Beam Correlation (BBC). It is effective, to some degree, 
against many multiple target generators and swept frequency jammers. Because 
of overlapping beamwidths, a target signal will appear in more than one beam as 
the beams are scanned past a true target. When jamming signals are transmitted 
along one beam, that beam is blanked by the radar receiver. 


Skirt jamming - Jamming that places the signal somewhat off the radar center 
frequency but within the IF skirts. The technique will degrade the tracking 
accuracy of some monopulse radars; however, good radar design makes the 
technique ineffective. 


Smart jamming - Selective jamming of threat radars with an optimized modulation 
signal at a correct time. Power management techniques are used to control smart 
jamming systems. 


Smith modulation - Deceptive technique that operates on the servo loop of the 
victim's radar. Two RF carriers are transmitted with a few cycles difference. 


Spiral scan - A pencil beam scan which moves around a central axis describing 
the surface of a cone in an ever-increasing cone size. 


Spot jamming - Narrow frequency band jamming concentrated against radar at a 
particular frequency. The jamming bandwidth is comparable to the radar 
bandpass. Used to deny range and sometimes angle information. 


Spread spectrum - Use of broader frequency bandwidths than normally required 
to transmit information, in order to gain advantages in interference rejection (anti- 
jam), message privacy/security, low probability of intercept (LPI), deny frequency 
resolution, multiplexing of more than one message in the same bandwidth, or 
high resolution range measurement. 


Spurious radiation - Emissions from a radio transmitter at frequencies outside its 
assigned or intended emission frequency. Spurious emission includes harmonic 
emission, parasitic emission, and intermodulation products, but excludes 
emissions in the immediate vicinity of the necessary band that are a result of the 
modulation process for the transmission of information. 
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Spurious response — 


1. Any response, other than the desired response, of an electric transducer or 
device. 


2. A term used in electronic warfare to describe the undesirable signal images 
in the intercept receiver resulting from the mixing of the intercepted signal with 
harmonics of the local oscillators in the receiver. 


Staggered PRF - A technique of using more than one PRF to reduce the blind 
speeds associated with MTI radars. PRF switching occurs on a pulse-to-pulse 
basis. 


Stand-off jammer (SOJ) - A powerful jammer that remains at a safe range while 
providing jamming coverage (masking) for the attacking elements. The Navy EA- 
6B is an example of a SOJ aircraft. 


Stand-off jamming (SOJ) - A jamming aircraft that orbits outside the maximum 
range of the SAM threat. As the attack package penetrates, the jamming aircraft 
directs jamming against all significant radars in the area. 


Stream - Dispensing of chaff (solid/random interval/bursts). 


Stream chaff - Operational technique of dropping large quantities of chaff for a 
continuous period of time. This results in a “ribbon” or “stream” of returns many 
miles in length on victim radar scopes. The penetrating attack package can then 
use the resulting chaff corridor to mask their penetration. 


Super high frequency (SHF) - Frequencies from 3 to 30 GHz. 


Support jamming - A tactic by which aircraft carrying electronic jamming 
equipment orbit at a safe distance from the enemy threat defenses or fly escort 
with the strike force for the primary purpose of screening them from the threat 
radars. 


Suppression of enemy air defenses (SEAD) - That activity which neutralizes, 
destroys, or temporarily degrades enemy air defense systems in a specific area 
by using physical attack, deception, and/or electronic warfare. 


Surface-to-air missile (SAM) - A missile launched from a surface launcher at a 
target above the surface. 
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Sweep jammer - Electronic jammer that sweeps a narrow band of electronic 
energy over a broad bandwidth. 


Sweep lock-on jammer - A transmitter in which a narrowband jamming signal can 
be tuned over a broad frequency band and the signal locked on a particular 
frequency. 


Swept audio - Jamming technique usually employed against conical scan-on- 
receive-only (COSRO) radars. The received pulses are amplified and 
retransmitted by the target and amplitude modulated at a frequency close to the 
suspected receiver antenna scan frequency. 


Swept jamming - An EA technique of barrage jamming in which a CW carrier or 
noise source is swept over a selected bandwidth. 


Swept-spot jamming - A jamming technique in which an oscillator is swept over a 
specific range of frequencies in the band of interest in order to be assured of 
exciting a receiver tuned to any frequency in that band. 


Synchronized-pulse jamming - The technique of attempting to insert jamming 
pulses into a receiver each time the receiver gate opens. 


Synchronous-pulsed jamming - A jamming technique that matches exactly the 
PRF of the victim's radar; then transmits multiples of the PRF. It is most effective 
if the jammer also matches the PW of the radar. Synchronous-pulsed jamming is 
easily recognized since the spacing between successive target lines is equal and 
each target line is the same in depth from the center outward. The width of the 
jammed sector is dependent upon the range of the jammer from the radar. 


Synthetic aperture radar (SAR) - A high-resolution ground mapping technique in 
which advantage is taken of the forward motion of a coherent pulsed radar to 
synthesize the equivalent of a very long sidelooking array antenna from the radar 
returns received over a period of up to several seconds or more. 


Target acquisition - The detection, identification, and location of a target in 
sufficient detail to permit the effective employment of weapons. 
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Terminal guidance — 


1. The guidance applied to a guided missile between mid-course and arrival in 
the vicinity of the target. 


2. Electronic, mechanical, visual, or other assistance given to aircraft pilots to 
facilitate arrival at, operation within or over, landing upon or departure from an air 
landing or air drop facility. 


Terminal threat - The weapon systems, generally near a target, used to directly 
engage an aircraft in order to destroy it. 


Terrain-avoidance radar - An airborne radar that provides a display of terrain 
ahead of low-flying aircraft to permit horizontal avoidance of obstacles. 


Terrain-following radar (TFR) - An airborne radar that provides a display of terrain 
ahead of low-flying aircraft to permit manual control, or signals for automatic 
control to maintain constant altitude above the ground. 


Thermal crossover - The natural phenomenon which normally occurs twice daily 
when temperature conditions are such that there is a loss of contrast between 
two adjacent objects on infrared imagery. 


Threshold - The minimum value of a signal that can be detected by a system or 
sensor under consideration. 


Time-of-arrival (TOA) - A method of locating a distant pulse emitter by measuring 
the difference in the time-of-arrival of its pulses at three separate locations. This 
method is also called Inverse LORAN. 


Track — 
1. A series of related contacts displayed on a plotting board. 
2. To display or record the successive positions of a moving object. 


3. To lock onto a point of radiation and obtain guidance from it. 
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4. To keep a gun properly aimed, or to continuously point a target-locating 
instrument at a moving target. 


5. The actual path of an aircraft above, or a ship on, the surface of the earth. 
The course is the path that is planned; the track is the path that is taken. 


Tracking - The continuous monitoring of range, velocity, or position of a target in 
space from a reference position. This is accomplished via radar and/or optical 
means. 


Tracking radar - A radar that measures the range, azimuth, elevation, and/or 
velocity of the target and provides data that may be used by the fire control 
computer to determine the target path and predict its future position. 


Track-on-jam - A method of passive target tracking using the jamming signal 
emitted by the target. 


Track-while-scan (TWS) radar - Although it is not really a tracking radar in the true 
sense of the word, it does provide complete and accurate position information for 
missile guidance by using two separate beams produced by two separate 
antennas on two different frequencies. The system uses electronic computer 
techniques whereby raw data are used to track an assigned target, compute 
target velocity, and predict its future position while maintaining normal sector 
scan. 


Transceiver - A combined radio transmitter and receiver in which some circuits 
other than those of the power supply are common to both transmitter and 
receiver, and not providing for simultaneous transmission and reception. 


Transponder - A transmitter-receiver capable of accepting the electronic 
challenge of an interrogator and automatically transmitting an appropriate reply. 


Traveling wave tube (TWT) - An electron tube in which a beam of electrons 
interacts continuously with a guided electromagnetic wave to produce 
amplification at microwave frequencies. A TWT capable of providing high 
amplification (60 dB) in frequencies over several octaves without adjustment. 
TWTs are classified by: 


1. Power Output: 


Low (less than one watt) 
High (more than 10 watts) 
Intermediate (one to 10 watts) 
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2. Noise Characteristics: 
Low (less than 20 dB) 


3. Operating Mode: 


Pulse 
CW 
Dual Mode (pulse or CW) 


4. Method of Focusing: 
PPM (periodic permanent magnet) 


Solenoid (single electromagnet) 
Coupled Cavity 


5. Terms associated with TWT operation: 


a. Gain Compression: Change in amplification a device provides as it 
operates near saturation. 


b. Overdrive: TWT is operating beyond the point of saturation. 


c. Saturation Gain: Ratio of output power to input power when the 
device is being driven at maximum output. 


d. Serrodyne: Linear translation of the phase of a signal on the helix of 
a TWT by a linear sawtooth waveform that enables the TWT to operate 
as a single sideband frequency translator. 


e. Small Signal Gain: Ratio of output power to input power when the 
TWT is operating linearly. 


Two-signal jamming (also called straddle jamming) - Jamming whereby two 
signals are transmitted on two RF frequencies slightly separated. Effective 
against certain types of radar where receiver bandwidth is narrow enough to 
defeat noise jamming. 


Ultra high frequency (UHF) - Frequencies from 300 to 3,000 MHz. 
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Unit prefixes - Prefixes used to indicate scientific units: 


Multiple Prefix Symbol 
10" tera T 
10° giga G 
10° mega M 
10° kilo k 
107 hecto h 
10 deka da 
107 deci d 
10* centi c 
10° milli m 
10° micro pl 
10° nano n 
10? pico p 
10 femto f 
10* atto a 


Unmodulated CW jamming - The transmission of a high power carrier frequency 
that causes an overload effect to occur in the radar receiver. Used against 
bandpass radars that have a limited tuning capability. Unmodulated CW jamming 
can be identified by a blackening of the scope background (no video present) in a 
wedge-shaped sector, or by a solid brightening of a wedge or sector, normally 
exceeding one bandwidth. 


Uplink - The missile guidance signal that passes command guidance intelligence 
from the site to the missile. 


Velocity gate pull-off (VGPO) - Method of capturing the velocity gate of a Doppler 
radar and moving it away from the skin echo. Similar to the RGPO, but used 
against Doppler radar systems. The target Doppler frequency, which is amplified 
and retransmitted, is shifted in frequency to provide an apparent rate change or 
Doppler shift. 


Very high frequency (VHF) - Frequencies from 30 to 300 MHz. 


Very low frequency (VLF) - Frequencies from 3 to 30 kHz. 


A-47 


Ce — A AA 


maT ATA 


Aii OA A da Oa PG 
cm Cód 

EJ oh linos 

Ge A 


D Ps migi 
D- Hii pitik 


a 


A e á]>TTO.O el 


Lic 


Fig. 6-3. Keycoder 1 schematic. 
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Video frequency — 


1. A band of frequencies extending from approximately 100 Hz to several 
MHz. 


2. The frequency of the voltage resulting from television scanning. Range 
from zero to 4 MHz or more. 


Warning receiver - A receiver with the primary function of warning the user that 
his unit is being illuminated by an electromagnetic signal of interest. 


Wideband constant false alarm rate receiver (WB-1) - Used against individual or 
combinations of rapidly swept FM-CW, noise, or CW jamming. This mode has 
nonlinear limiting and gives poor resolution of overlapping targets. 


Window — 


1. Strips of frequency-cut metal foil, wire, or bars that may be dropped from 
aircraft or missiles, or expelled from shells or rockets as a radar countermeasure. 
A confusion reflector. 


2. A passive radar deception or confusion device; usually consisting of some 
metallic structure, designed in size and shape to effectively reflect impinging 
signals, to simulate a true target. 


3. British name for chaff. 


Wobbulation - A periodic and usually slow variation of a parameter (such as 
frequency, amplitude, or period) about a central value. A low frequency 
modulation of a jamming carrier that appears on a radar display as a “wobbling” 
target. This effect is an undesired result of an angle deception or time-varying 
barrage technique. 


Wooden round - An ordnance round (shell, missile, etc.) requiring no 
maintenance or preparation time prior to loading for firing. 
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UNITED STATES 


PATENT OFFICE. 


ROBERT VOSS, OF BERLIN, GERMANY, ASSIGNOR TO JAMES W. QUEEN & CO, 
OF PHILADELPHIA, E 


INFLUENCE- MACHINE. 


SPECIFICATION forming part of Letters Patent No. 410, 053, dated August 27, 1889. 
ais filed January 21, 1889, Serial No. 297,066, (No model.) 


To all whom it may concern: 

Be it known that I, ROBERT Voss, a sitbieet 
of the King of Prussia, German Emperor, re- 
siding at the city of Berlin, in the Kingdom 

5 of Prussia, German Empir e, have invented 
certain new and useful Improvements in In- 
fluence- Machines; and I do hereby declare 
that the following is a full, clear, and exact 
description of the invention, which will ena- 


ro ble others skilled in the art to which it apper- 


tains to make and use the same. 


My invention has reference to improve- 


ments in double-acting electrical influence- 
machines; and it consists in an arrangement 
15 of three circular glass disks, two. of which are 
rotary and on the same axis, one of these re- 
ceiving any electricity that may escape on its 
side from the fixed or third disk and also gen- 
erating electricity by friction with the air. 
It also consists in certain details of con- 
struction hereinafter described, and particu- 


20 


larly pointed out in the claims which follow 


this specification. 
I carry out my invention in the way shown 
25 in the accompanying drawings, in which— 
Figures 1 and 2 are respectively front and 
top views of a machine provided with my im- 
provements. 


Similar letters of reference indicate like. 


30 parts in both of the figures. 
A is a fixed glass disk having on it two pa- 
per sectors s s, placed ‘diametrically opposite 
each other. 
Band C are the two rotary glass disks, B 
35 being set out at equal distances from its cen- 
ter with small metal knobs 0 b, which, in con- 


junction with small metal brushes c C, serve | 


to generate the electricity to be originally 
communicated to the influence-machine.: 
ddare metallicpoints servingas conductors. 
le le are electrodes, which are for the pur- 
‘pose of producing a continuous spark, and 
they are in communication with two Leyden 
jars ll, I provide either one or both of these 
45 electrodes & k with a flat circular or disk-like 
attachment i’ of insulating material, as rosin, 
gum, or hard rubber, which is secured to the 
metal electrode by a central stem, as shown, 
leaving an air-space between the two parts. 
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50 With such a surface haying this air-space | 


between it and the metal electrode I obtain 
marked efficiency in the dispersion of the 
spark and avoid the troublesome brush - dis- 
charge, — 

Underneath the base-plate IL is an arrange- 
ment by which the two Leyden jars / / may 
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be placed in electric communication with each |. 


other. It consists of a metal bar m, turning 
on a point o, and of the metal wires n n, each 
connected to one of the Leyden jars. The bar 
m, as shown in the drawings, may effect a con- 
nection between the two wires n n, which may 


again be disconnected by turning the bar m 


on point o. The disk C is uncovered and 
serves for the reception of any electricity es- 
caping on the rear side from the disk A, and 
also for generating a small quantity of elee- 
tricity by its friction with the air when in 
rotation. This central disk A, being station- 
ary and located in close proximity to the ro- 
tary disk on either side, acts after the manner 
of a plate in a condenser, tending to hold the 
electricity bound on both surfaces. The elec- 
tricity thus held in tension appears to react 
upon the rotary plates to give increased effect. 
The two disks B C are mounted on one com- 
mon axis D, receiving rota ry motion from the 
crank K. 

I am aware that for a long time past influ- 
ence-machines have been produced having for 
their object to obtain by influence a larger 


quantity of electricity than that obtainable 


with the Holz machine. While this latter 
consisted mainly of a pair of circular var- 
nished glass disks, one fixed and the other 
rotating, the improved construction had a 
number of such pairs of glass disks. By this 
arrangement the machine Was very large anel 
expensive. - 
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By my machine a relatively Hecron go 


of electricity is obtained in a very simple way 


by influence through the back second wholly 
uncovered disk serving both as a protecting- 
body against any escape of electricity and as 
a generator of electricity by reason of its 
generating a small quantity of electricity by 


friction when rotating with the air present 


e 


between itand the fixed disk, such electricity — 


being then re-enforced by influence. 
Tam aware that influence-machines have 
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IO., 


15 


d 


been constructed in which two rotary disks 


are adapted to rotate on opposite sides of two 
centrally-located fixed disks, said fixed disks 
having space between them. In this con- 


struction, however, of two fixed disks the 


space between said fixed disksis not utilized, 
and much of the influence of the intervening 
bound of electricity is lost. I therefore do 


not claim a double arrangement of such mech- 


anism collectively; but 

What I do claim as my invention, and de- 
sire to secure by Letters Patent, is— | 

1. In an influence- machine, the combina- 
tion of a central fixed disk and two rotary 
disks attached to a shaft extending through 
the fixed disk, with two electrodes, one ‘of 
which consists of a non-conducting surface 
attached to a conducting-surface, ‘but sepa- 


rated therefrom by an air-space, the other | 


20 electrode being of usual form, and both elec- 


- 410,053 


tr ically connected to the influence- machine, 
substantially as described. 


2. In an influence - machine, an electrode 


consisting of a non-conducting surface at- 
tached to the conducting-electrode, said parts 
being separated by an.air-space, substantially 
as shown and described. 

‘An electrode for an influence- machine, 
mere of a flat.or disk-like conductor, in 
combination with a flat or disk-like conduct- 


‘ing-surface connected to the conducting part 


by a central stem, as shown and described. 

In testimony whereof I signed this speciti- 
cation in the presence of two subscribing wit- 
nesses. | 


- ROBERT VOSS. 


Witnesses: 
B. ROI, 
ADOLPH SCHWABE. 
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M  -— morphology 
LU - luminescence 
R  — remark 
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Introduction 


The ever increasing number of publications about 
minerals reflects a growing interest in naturc. 
Most of those publications though only deal with a 
few dozen of the most common mincrals or 
gemstones. This book fills the gap by also 
featuring less common and rare minerals. The 
authors describe over 600 mineral species and 
varieties, illustrated with about 750 color 
photographs. In choosing illustrations of particular 
minerals, aesthetic criteria such as size of crystal 
and color played a role in addition to their 
importance and distribution in nature. This book 
includes some rare mincrals, known only from one 
locality. because they form very attractive crystals 
or aggregates. There are mincrals known to 
humankind since prehistoric times such as quartz 
and gold, but also mincrals first described quite 
recently like rossmanite. The photographs show 
well-formed and colorful crystals but many 
aggregates, which are more common in nature, are 
also included. The mincrals in the book are listed 
according to the mincralogical system of Hugo 
Strunz, in his book Mineralogische Tabellen in 
1978. The chemical formulae of individual 
minerals follow the form of Glossary of Mineral 
Species 1995 by M. Fleischer and J.A. Mandarino. 
The information is complemented in both cascs 
with the latest knowledge from scientific 
literature. such as new nomenclature of 
amphiboles, micas and zcolites. 

The mineral descriptions cover the basic physical 
and chemical data, including chemical formula 
and crystal system. The data provided correspond 
mainly to the end-members. The less common 
valence of the chemical elements is marked in the 
chemical formula (Fe. Mn“, As”, Mn”, Pb"). 
Where an element features in both valences in the 
mincral, they are both marked (e.g. ilvaite, 
braunite). 

The origin of individual minerals is described in 
detail. We chose for a relatively simplified scheme 
because the normal complexity cannot be 
described here in detail. Minerals can be 
distinguished as either primary (resulting directly 
from a solidifying of magma, crystallizing of an 
aqueous solution or metamorphism — re- 
crystallization in a solid state) and secondary 
(resulting from alteration of the original mineral, 
c.g. during its oxidation or reduction under low 
tempcrature and pressure close to the surface of 
the Earth). Primary mincrals are divided into 
following groups: |. magmatic, when a mineral 
crystallizes directly from a melt (it includes 
magmatic and effusive igneous rocks. including 
granitic and alkaline sycnite pegmatites and 


Marcasite, 100 mm, Misburg. Germany 
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meteorites): 2. sedimentary, when a mineral 
crystallizes during a process of diagenesis or from 
hydrous solutions under normal temperature 
(clastic, organic and chemical sedimentary rocks); 
3. metamorphic, when a mineral crystallizes 
during metamorphic processes in a solid state at a 
wide range of temperature and pressure (it 
includes regionally and contact metamorphosed 
rocks and skarns); 4. hydrothermal, when minerals 
crystallize from aqueous solutions and fluids 
under high to low temperatures (it includes ore and 
the Alpine-type veins, cavities in volcanic rocks, 
minerals and rocks, hydrothermally altered under 
high temperature, c.g. greisens). 

Secondary minerals are divided into following 
groups: |. oxidation. when minerals result from 
the oxidation (weathering) of the primary minerals 
in the oxidation zone of ore deposits and other 
rocks (it includes the origin of malachite and 
azurite during the chalcopyrite oxidation, also the 
origin of secondary phosphates in granitic 
pegmatites during the oxidation of primary 
phosphates): 2. cementation. when minerals result 
from the reduction of the primary mincrals (the 
origin of native copper and native silver under the 
reduction conditions in the cementation zone of 
ore deposits). This classification is very much 
simplified of course, because in many cases we 
cannot readily determine a specific origin of a 
particular mineral. This relates to minerals that 
crystallize under conditions which approximately 
represent a transition between separate phases of 
the origin, such as the magmatic or hydrothermal 
origins of clbaite in the pegmatite cavities: the 
metamorphic or hydrothermal origins of grossular 
in skarns; the magmatic or metamorphic origins of 
cordicrite in migmatites; and the hydrothermal or 
secondary origins of some phosphates in granitic 
pegmatites etc. 

With the localities for individual minerals we have 
tricd to list the most important worldwide 
localities regardless of their recent production but 
we have also included recent discoveries since 
these may produce important mincral specimens. 
Wherc a mineral has an important usc this is listed 
at the end of mincral description. We would like to 
acknowledge all who contributed in any way to the 
production of this book, particularly those private 
collectors and institutions which loaned mincrals 
for photography. We hope those fascinated in the 
world of minerals and of nature will find this book 
a fascinating source of information. 

This book is dedicated to the memory of Dr. 
Jaroslav “venck, who was of extraordinary 
influence to several generations of Czech and 
Slovak mincralogists and mineral collectors with 
his enthusiasm for mineralogy and attitude to life. 


this flip flop is high and the Q output is low. FF8 is clocked each 
time a dot is generated but does not change state as long as the 1C3 
output is high. When a dash is required, pin 10 of IC4 goes high, 
causing pin 3 of IC3 to go low, and FF8 is readied to toggle when it 
is clocked. For a dash to be formed, two dots are generated. The 
first dot is passed through to the output but also clocks FF8. The Q 
output of FF8 then goes high and holds the summing gate portion of 
1C4 open after completion of the first dot. After arrival of the first 
dot, pin 1 of IC3 also went low, readying FF8 to toggle back to its 
static state. FF8 is clocked by the second dot, and its Q output goes 
low again, but the second dot now holds the summing gate open. 
Hence, the summing gate is open for a period of two dots and the 
space between them, and a 3-dot-length dash is formed. 

This same sequence of events takes place at the completion of 
each character to automatically provide a 3-dot-length space be- 
tween characters, but this terminal dash is made silent by applying 
a high to pin 12 of IC4. 


Shift Register 

As shown in Fig. 6-3, the shift register portion of the schema- 
tic consists of “D” type flip flops FF 1 through FF7, two sections of 
a triple 3-input NAND gate (the third section isn’t used), the 
remaining two NOR gate sections of IC4, and two gates of a 
quadruple 2-input NAND gate IC (the fourth section isn’t used). In 
this mechanization, the 3-input NAND gates serve an OR function, 
one section of 1C4 is used as an AND gate, and pins 4, 5, and 6 of 
IC3 are really only an inverter, so things aren’t entirely as they 
seem. 

The flip flops are all “D” types, and are packaged two per IC. 
Note that the second flip flop of IC9 is the FF8 previously men- 
tioned. Only the Q outputs (pins 5 and 9) are used, and these are a 
logic high in the static condition. For our purpose, the flip flops are 
“set” (Q = “0”) by applying a low to their “Clear” terminals (pins 1 
and 13). Shifts occur from left-to-right only. 

With the foregoing in mind, let’s leave the hardware mechani- 
zation for a bit and refer to the Character Generation Table (Table 
6-1). Here, the “X”s in the horizontal rows represent the dashes in 
a character, the “X” furthest to the left is a “silent dash,” and the 
blank spaces to the right of the silent dash represent dots. Although 
data is shifted left-to-right, we “read” Morse characters in this 
table from right-to-left. For example, in the row for the letter “P”, 
starting from the extreme right we see a blank space which repre- 


212 


1. Elements 


Copper 
Cu 


CUBIC 000090 


Properties: C - light pink to copper-red, it darkens and 
covers green to black in air; S — red; L — metallic; D - 
opaque; DE - 8.9; H ~ 2.5 - 3; CL — none; F — hackly; 
M - cubic crystals and its combinations, dendritic 
aggregates, sheets, slabs, massive. 

Origin and occurrence: Primary hydrothermal copper 
is mainly related to basic igneous rocks; it is also 
common as a product of supergene cementation. It is 
associated with cuprite, malachite, azurite, silver. 
chalkocite, bornitc and other minerals. The largest ac- 
cumulations of primary copper are in the Keweenaw 
Peninsular, Lake Superior, USA, the largest being 15 x 
7 x 3m (approx. 50 x 23 x 10ft)and weighing 420 tons. 
Fine crystals up to 50 mm(approx. 2in) also occur 
there. as do calcite crystalwith copper inclusions. Su- 
perb supergene coppercrystals come from many 
localities like Tsumeb, Namibia and Chessy. France. 
Crystals up to 140mm (5% in) long occurred in the 
Ray mine and in Bisbee, Arizona, USA. Very fine 
spincl-law twins up to 5 cm in size and dendritic ag- 
grcgates come from Mednorudnyansk, Ural moun- 
tains. Russia; crystals up to 30 mm (*161n) were found 


Silver, $2 mm, Freiberg. Germany 
Copper. 120 mm, Keweenaw Peninsula, U.S.A. 


Copper. 42 mm, Cornwall, UK 


in Dzhezkazgan, Kazakhstan. Fine specimens of cop- 
per, associated with cuprite, azurite and malachite oc- 
curred in Rudabanya. Hungary. Application: electro- 
nics, electrical engineering, ingredient in gold alloys. 


Silver 
Ag 


CUBIC eee 


Properties: C - silver-white, tarnishes gray to black: S 
- silver-white; L - metallic; D - opaque: DE — 10.5: H 
- 2.5 — 3; CL - nonc; F — hackly; M — cubic crystals. 
dendritic aggregates. wires. leaves, massive. 

Origin and occurrence: Hydrothermal in ore veins and 
also of secondary cementation origin in association 
with acanthitc, stephanite, proustite, pyrargyrite, 
copper and many other minerals. The best specimens of 
crystallized and wire silver come from Kongsberg, 
Norway, where wires up to 400mm (16 in) long and 
crystals up to 40 mm (17"t6 in) in size have been found. 


Silver, 55 mm, Schwarzwald. Germany 


Beautiful specimens of wire silver with wires over 100 
mm (4 in) long are known from Freiberg, Schnceberg 
and St. Andreasberg, Germany. Wires several cm long 
were also found in Pribram and Jachymov, Czech 
Republic. Dendritic aggregates from Batopilas, 
Chihuahua. Mexico, reached up to 150 mm (6 in). 
Crystals and aggregates of silver, grown together with 
copper are genetically unique in the basalt cavitics in 
the Keweenaw Peninsula near Lake Superior, 
Michigan. USA. Wires, up to 100 mm (4 in) long, 
come also from the San Genaro Mine in Huancavelica 
and Uchucchaqua, Peru. New finds of silver wires, up 
to 150 mm (6 in) long, have been made in 
Dzhezkazgan, Kazakhstan. 

Application: photographic industry, jewelry, clec- 
tronics. 


Gold, 48 mm. El Dorado, California, U.S.A. 


Gold 


Au 
CUBIC © © 


Properties: C — gold-yellow; S - yellow: L — metallic: 
D - opaque: DE - 19.3; H - 2.5-3; CL — none; F - 
hackly; M — octahedral and cubic crystals, skeletal 
and dendritic aggregates, leaves, nuggets. 

Origin and occurrence: Primary hydrothermal in ore 
veins, also in contact mctamorphic deposits and 
pegmatites. Placer deposits are secondary. It occurs 
with pyrite, arsenopyrite, quartz, sylvanite. calaverite. 
krennerite and other mincrals. Beautiful leaves and 
crystals of gold found in many localities in California, 
USA (Colorado Quartz mine, Nigger Hill and others). 
Fine leaf gold comes from Rosia Montana. Romania. 
The best crystals, skeletal octahedra, up to 50 mm (2 
in) have been found in alluvial sediments near Gran 
Sabana, Roraima Shield, Venezuela. Gold wires up to 
110 mm (4%s in) long were very rare in Ground Hog 
mine, Gilman, Colorado. USA. The largest known 
sheets of crystallized gold occurred in the Jamestown 
mine. California, USA, where a cavity, which yielded 
49 kg (108 Ib) of golden leaves, was discovered on 
26.12.1992. The largest measures about 300 mm 
(116 in) and has about 25.79 kg (56 lb 13 oz) of 


Gold, 68 mm, Eagle's Nest Mine, California, U.S.A. 


gold on it. Typical aggregates of fine gold wires come 
from Farncomb Hill near Breckenridge, Colorado, 
USA. Fine crystals were also found tn Berezovsk, 
Ural mountains and in the Lena River basin, Siberia. 
Russia. Fine scales and larger nuggets from placer 
deposits were found in Klondike, Alaska; Tuolumne 
County, California, USA and in Ballarat, Victoria, 
Australia. Fine dendritic aggregates occurred in the 
Hope's Nose, Devon. UK. A unique lind of leaves up 
to 100 mm (4 in) was made in Krepice near Vodnany, 
Czech Republic. 

Application: practically the only source of gold as a 
metal: used in jewelry, electronics and medicine. 


Mercury 
Hg 


TRIGONAL o... 


Properties: C — tin white; L — metallic to adamantinc; 
D — opaque; DE — 13.6; M — liquid at temperatures 
above -39°C (-38.2°F); R - very poisonous fumes. 

Origin and occurrence: Hydrothermal in low- 
temperature ore deposits, also connected with hot 
springs. It is associated with cinnabar, calomel and 
other Hg mincrals. It occurred in Almaden. Spain; 


Mercury, 30 mm, Socrates Mine, California, U.S.A. 


Idria and Avala, Serbia; New Almaden and New Idria. 
California, Terlingua. Texas. USA; Dedova hora, 
Czech Republic and Rudnany, Slovakia as droplets 
and liquid cavity fillings. 

Application: chemical industry, measuring instru- 
ments, metallurgy. 


Moschellandsbergite 
Ag? Hg3 


CUBIC o. 


Properties: C - silver- white; S — silver-white: L - 
metallic; D — opaque; DE — 13.5; H - 3.5; CL — good; 
F -- conchoidal; M — dodecahedral crystals and their 
combinations, granular. massive. 

Origin and occurrence: Hydrothermal in low- 
temperature deposits. associated with cinnabar. 
tetrahedrite, pyrite and other minerals. Crystals. 
several mm long. were found in Moschellandsberg, 


Moschellandsbergite. 6 mm grain, Moschellandsberg 


Germany. They are also known fiom Sala, Sweden; 
Les Chalanches. France and Brezina, Czech Republic. 


Lead 


Pb 
CUBIC o. 


Properties: C — gray-white, tarnishes to lead-gray and 
gets dull; S — lead-gray: L — metallic; D — opaque; DE 
- 11.3; H — 1.5; CL — none; M - octahedral and cubic 
crystals, massive. 

Origin and occurrence: Hydrothermal, also sedi- 
mentary (authigenic) associated with willemite and 
other mincrals. The best specimens with crystals up to 
40 mm (l%s in) in size, come from LDngban, 
crystallized also from Pajsberg. Sweden. Octahedra, up 
to 10 mm (Ain), are described from El Dorado, Gran 
Sabana, Venezuela. It also occurs in Franklin, New 
Jersey, USA and Jalpa, Zacatecas, Mexico. 


Iron 
Fe 


CUBIC o. 


Properties: C - steel-gray to black; S — gray: L - 
metallic; D — opaque; DE - 7.9; H - 4; CL — perfect; 
F — hackly; M — crystals, granular, massive. 

Origin and occurrence: Terrestric iron occurs mainly 
in basic rocks, but it is also known from carbonate 
sediments and the petrified wood. The most famous 
locality is Blaafjeld near Uivfaq on Disko Island, 
Greenland, where masses up to 20 tons were found. 


Lead. 53 mm, Langban, Sweden 


Iron, 80 mm, Buhl. Germany 


Chunks, weighing over 10 kg (22 lb) come from Bühl 
near Kassel, Germany. Impregnations of iron in 
dolerite occur in the Khuntukun massif and masses up 
to 80 kg (176 lb) are known from Ozernaya Mt., 
Siberia, Russia. 


Platinum 
Pt 


CUBIC o... 


Properties: C - steel-gray to dark gray; S — steel-gray to 
silver-white: L — metallic; D — opaque: DE - 21.5; H 
44.5; CL - none; F — hacklv: M —- cubic crystals, 
nuggets. grains and scales. 


Platinum, 8 mm, Konder, Russia 


Origin and occurrence: Platinum occurs in magmatic 
segregations, together with chromite. olivine and 
magnetite in ultrabasic rocks; secondary in placers. 
The best crystals up to 15 mm ('¥%n in) come from 
Konder in Khabarovsk Region, small crystals, but 
mainly nuggets, weighing up to 11.5 kg (25 lb 5 oz) 
found in the Tura River basin near Turiinsk, Ural 
Mountains. Primary platinum is known from deposits 
in the vicinity of Nizhniy Tagil, Ural Mountains, 
Russia; from the Onvcrwacht mine, Bushveld, South 
Africa and Sudbury, Ontario, Canada. Fine smaller 
nuggets, weighing up to 75 g (165 lb) were found in 
the Trinity River sediments in California. USA and 
the Choco River sediments in Columbia. 
Application: chemical industry, catalytic convertors, 
rocket industry. 


Arsenic, 45 mm, Alden Island, Canada 


Arsenic 
As 


TRIGONAL 000 


Properties: C — tin-white, tarnishes quickly to black; 
SB tin-white: L — metallic; D - opaque; DE — 5.8; H 
- 3.5; CL — perfect; F - uneven; M - rhombohedral 
crystals, botryoidal aggregates, granular, massive. 
Origin and occurrence: Mainly hydrothermal, 
together with other As minerals. It forms massive 
veins, up to 200 mm (7% in) thick, with botryoidal 
surface in Jachymov, Czech Republic and in Freiberg. 
Germany. In Akatani, Japan, spherical aggregates 
consisting of small crystals were found. It is also 
known from Sacarimb, Romania. Botryoidal 
aggregates of arsenic with leaf gold were found in the 
Royal Oak mine, Coromandel, New Zealand. Crystals 
of metamorphic origin come from Sterling Hill. New 
Jersey, USA. 


Subarsen, 58 mm, Atlin, Canada 


Antimony, 37 mm, New Brunswick, Canada 


Stibarsen 
SbAs 


TRIGONAL 0090 


Properties: C — tin-white to gray, tarnishes black; S 
gray; L - metallic. sometimes dull; D - opaque: DE 
6.3; H - 3-4; CE - perfect: M — indistinct crystals, 
botryoidal aggregates. 

Origin and occurrence: ln pegmatites with antimony, 
stibiotantalite and microlite; hydrothermal in ore 
veins withpyrargyrite. proustite, pyrostilpnite and 
dyscrasite. Beautiful botryoidal aggregates of 
stibarsen (previously labeled as allemontite), up to 
100 mm (approx. 4 in) in size, come from Pribram 
and Trebsko, Czech Republic. Botryoidal aggregates 
up to 80 mm (3'% in) and imperfect crystals were 
found in quartz veins in Atlin, British Columbia, 
Canada. Fine specimens occurred in a Li-bearing 
pegmatite near Varutrask, Sweden. 


Antimony 
Sb 


TRIGONAL 0.0.0 


Properties: C ~ tin-white; S - gray: L - metallic; D - 
opaque; DE - 6.7: H - 3-3.5; CE - perfect; F 
uneven; M — rhombohedral crystals, botryoidal 
aggregates, massive. 

Origin and occurrence: Hydrothermal in ore veins 
with silver, stibnite, stibarsen, sphalerite and other 
minerals; also in pegmatites. As veinlets in a 
pegmatite in Varutrask, Sweden. Cleavable plates. up 
to 50 mm (2 in) known from Tornáva, Finland. 


Massive aggregates up to 200 mm (7' in) come from 
Pribram, Czech Republic. Rhombohedral crystals up 
to 10 mm (‘/« in) across and accumulations up to 300 
mm (11%%s im) in size described from Lake George, 
New Brunswick, Canada. 


Bismuth 
Bi 


TRIGONAL eee 


Properties: C — silver-white, tarnishes pink; S — 
silver- white; L ~ metallic; D — opaque; DE - 9.8: H - 
2-2.5; CL - perfect; M -— rhombohedral crystals, 
granular, massive. 

Origin and occurrence: \t is found in pegmatites, 
greisens and hydrothermal in ore veins together with 
chalkopyrite. arsenopyrite, lollingite, nickeline, 
breithauptite and many other minerals. Common in 
pegmatites in Anjanabonoina, Madagascar. Very fine 
crystals, up to 20 mm (%%: in) known from Schlema 
and Hartenstein, Germany. Skeletal aggregates, over- 
grown with other arsenides, occurred in Jachymov, 
Czech Republic. Masses weighing several kg found in 
Bolivia (Tasna, Velaque) and Australia (Kingsgate, 
New South Wales). Cleavable masses up to 12 cm 
(4"/uin) described from Cobalt and Gowganda, 
Ontario, Canada. 

Application: Bi ore. 


Arsenolamprite 
As 


ORTHORHOMBIC o 


Properties: C — gray-white, it covers with a black 
coating: S — black, L — metallic to adamantine; D 

opaque: DE — 5.6; H - 2; CL - perfect: M — acicular 
crystals. tabular and fan-shaped aggregates. massive. 
Origin and occurrence: Hydrothermal in ore veins 
associated with arsenic, bismuth, silver and other 
minerals. Its crystals and veinlets were found with Cu 


Bismuth, 20 mm, Cinovec, Czech Republic 


Arsenolamprite, 70 mm, Jachymov. Czech Republic 


arsenides in Cerny dul, Czech Republic. Occurs also 
in Jachymoc, Czcch Republic and Marienberg 
Germany. Found recently in Cavnic. Romania. 


Graphite 
c 


HEXAGONAL eeece 

Properties: C — black to steel-gray; S — black to steel- 
gray; L — metallic, dull, earthy; D - opaque; DE - 2.3; 
H - 1-2: CL - perfect; M — hexagonal tabular crystals, 
massive. 

Origin and occurrence: Metamorphic, from 
metamorphism of a scdimentarvmatcrial with C 
contents: also primary magmatic.Associated with 
many materials, stabile underconditions of the 
graphite origin. Crystals several cm in size known 
from Nordre Stromfjord. Greenland. Crystals were 
also found in Sterling Hill, New Jersey and 
Crestmore, California. USA Foliated aggregates are 
found in Sri Lanka (Radegara, Galle region). Accu- 
mulations in Buckingham and Grenvillc, Quebec, 
Canada are industrially important. Also common in 
Shunga deposit in Karelia, Russia: in Cesky Krumlov, 
Netolice and Blizna, Czech Republic. 

Application: metallurgy, nuclear industry, production of 
lubricants. 


Graphite. 130 mm, Krichim, Bulgaria 
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Diamond 
c 


CUBIC © © 


Varieties: bort (opaque technical diamonds), balas 
(dark colored, spherical radial aggregates), carbonado 
(brown-black to black massive aggregates, up to cgg 
sized) 

Properties: C — colorless, yellow, brown. white, pink, 
black, red, blue, green; S — white; L — adamantine; D 
— transparent to translucent; DE — 3.5; H — 10; CL - 
perfect; F — conchoidal; M — octahedral and cubic 
crystals; LU — sometimes fluorescent, sometimes 
phosphorescent. 

Origin and occurrence: Primary magmatic 
occurrences are limited to kimberlitc pipes, secondary 
occurrences to placers. Large primary deposits are 
known from South Africa (Premier mine, Kimberley) 
and Yakutia, Russia (pipes in the vicinity of Mirnyi). 
Primary and secondary occurrences of diamonds arc 
located in lamproites and placers near Argyle, 
Western Australia. Australia. Most historical dia- 
monds from India (Golconda). Brazil (Diamantina, 
Minas Gerais). Congo. Angola and Namibia were 
found in placer deposits. Diamonds of industrial 
grade always prevail over the gem quality stones. The 
largest gem-grade diamond ever found. the Cullinan, 
weighing 3106 carats. comes from the Premier mine 


Diamond, 15 mm x, Mirnyi, Russia 
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in Kimberley, South Africa. It yielded gem rough for 
104 faceted stones, the heaviest of which weighs 531 
carats. The largest faceted diamond known, called 
Golden Jubilce. was found in the same place in 1986. 
It weighed 755 carats before cutting and as a finished 
stone it weighs 545.65 carats. The dark blue Hope (44 
carats) and the green Dresden (76 carats) probably 
came from India. Absolutely unique red diamond, 
weighing 5 carats, which is at the Smithsonian Insti- 
tution, Washington, DC, USA, is of unknown origin. 
Application: the most popular gemstone, bort and 
carbonado varicties are used as abrasives. 


Sulfur 
S 


ORTHORHOMBIC 0000 

Properties: C - sulfur-yellow, yellow-brown, greenish, 
reddish to yellowish-gray: S — white; L — resinous to 
greasy; D - transparent to translucent; DE - 2.1; II - 
1.5-2.5: CL — imperfect: F - conchoidal to uneven: M — 
dipyramidal, disphcnoidic and thick tabular crystals, 
botryoidal and stalactitic aggregates. 

Origin and occurrence: Hydrothermal product of 
fumaroles, product of an activity of microorganisms, 
disintegration of sulfides and acidic chemical reactions; 
associated with gypsum, anhydrite, aragonite, calcite, 


Sulphur, 66 mm, Sicily, Italy 


celestite and halite. The world’s best crystals come from 
many localities near Girgenti, Sicily, Italy (Caltanisseta, 
Cianciana) where they reached up to 12 cm (4'/:sin) in 
size. Fine crystals are also known from Tarnobrzeg. 
Poland and Yavokskoyc near Lvov, Ukraine. As a 
product of solfataras it occurs in many volcanically 
active places. like Solfatara near Pozzuoli, Italy or in 
sulfur lava near Shiretoku, Japan. Sulfur layers. up to 30 
m (100 ft) thick, associated with salt diapirs, are located 
near Charles Lake, Louisiana, USA. It originates during 
intensive oxidation'reduction reactions of pyrite in Rio 
Tinto. Spain and in Kostajnik. Serbia. 

Application: chemical, paper-making, rubber and 
leather-making industries, agriculture. 


Selenium, 110 mm, Kladno, Czech Republic 


Selenium 
Se 


TRIGONAL ee 


Properties: C — gray to red-gray; S — red; L — metallic, 
D — opaque to translucent; DE - 4.8; H — 2; CL — good; 
M - acicular crystals, droplets of vitreous surface, felt- 
like aggregates. 

Origin and occurrence: Secondary, resulting from 
alteration. fumaroles and from burning coal dumps, 
with sulfur, sal ammoniac and other sulfates. Also from 
oxidation of organic compounds in U- and V-bearing 
deposits of the Colorado Plateau type, associated with 
pyrite, zippeite and other minerals. Red needles up to 
20 mm (7s in) long come from the United Verde mine, 
Jerome, Arizona, USA. Black selenium needles found 
in burning coal dumps in Kladno and Radvanice, 
Czech Republic. Occurs with ores of U and V along 
sandstone fissures in the Peanut Mine, Bull Canyon, 
Colorado, USA. Occurred through volcanic activity in 
Vulcano, Lipari Islands, Italy. 


Tellurium 
Te 


TRIGONAL ee 


Properties: C — tin-white; S — gray; L — metallic; D — 
opaque; DE — 6.2; H - 2-2.5; CL — perfect: M — 
prismatic and acicular crystals, granular, massive. 
Origin and occurrence: Primary hydrothermal in low- 
temperature ore deposits; it originates also as secondary 
through the oxidation-reduction reactions of tellurides. 
It is associated with gold. sylvanite, altaite, pyrite and 
other minerals. Crystals up to 30 mm (l/s in) long are 
known from Balya, Turkey. Crystals up to 20 mm (fx 
in) long occurred in the Au deposits Cripple Creek and 
Colorado City, USA. Crystals up to 10 mm (%x in) 
across come from Kawazu and Suzuki, Japan. Rich 
cleavage masses and crystals up to 70 mm (2% in) long 
were found in Uzbekistan. Crystallized tellurium ts also 
known from Fata Baii and Baia de Aries, Romania. 


Tellurium, 1 mm xx. Zlatna, Romania 
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Table 6-1. Character Generation Table. Xs Indicate the Shift 
Register Flip Flops That Must be Set to Form a Given Character (Also 
the Toroidal Core Transformers That the Wire for That Character Must Pass Through). 


Flip Flops 
FF7 FF6 FFS FP4 


? 
: 


xxx x 


XXX XXXXX 


XXXXXXX X 


A 
B 
c 
D 
E 
F 
G 
H 
I 
J 
K 
L 
M 
N 
O 
P 
Q 
R 
S 
7 
U 
V 
w 
x 
Y 
Zz 
1 
2 
3 
4 
5 
6 
7 
8 
9 
0 


x XXX XXXXXXXXXXXX 
x x KKK OM 
xx XxX MK KKM 


ES 


sents a dot. Moving to the left we find two “X”s, which we know are 
dashes, followed by another blank space for a dot, and finally 
another “X” (which is the silent dash to separate this character 
from the next). In terms of the hardware, the “X”s represent the 
flip flops that are simultaneously set when a keyboard key is struck 
and also the toroidal cores that must be strung to generate that 
character. 

The character generation scheme, which was originally pro- 
posed by James B. Ricks W9TO, has three rules: 
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2. Sulfides 


Algodonit 
CugAs 


HEXAGONAL ee 


Properties: C — steel-gray to silver-white, it quickly 
covers with a brown coating on air; S — gray; L - 
metallic; D — opaque; DE - 8,7; H - 4; CL — none; F 
— conchoidal: M — crystals, granular, massive. 
Origin and occurrence: Hydrothermal, mainly 
intimately inter-grown with other Cu arsenides. Its 
largest accumulations are known from Cu deposits in 
melaphyres in the Keweenaw Peninsula, Lake 
Superior, Michigan, USA. It is also known from 
Chile (Algodones mine near Coquimbo, Atacama). 
Other localities are Talmessi, Iran and Langban, 
Sweden. 


Domeykite 
Cu3As 


CUBIC 0090 


Properties: C — tin-white to steel-gray, it tarnishes 
yellow and covers with a brown coating; S — gray; L 
— metallic; D - opaque: DE - 7,9; H - 3-3,5; CL - 
none; F — uneven; M - botryoidal aggregates, 
massive. 

Origin and occurrence: Hydrothermal with copper, 
cuprite, algodonite and silver. Common in masses, 
weighing several kg, together with algodonite in the 
Keweenaw Peninsula, Michigan, USA. The largest 
accumulations are known from Talmessi and Anarak, 
Iran. It occurs near Copiap and Chanarcillo, Chile. 
Massive aggregates in cuprite up to 50 mm (2 in) 
come from Biloves, Czech Republic. 


Sphalerite, 56 mm, Picos de Europa, Spain 
Algodonite, 60 mm, Keweenaw Peninsula, U.S.A. 


nya, Hungary 


Domeykite, 3 mm x, Rudaba 


de . 


Allargentum 
Ag.xSb, 


HEXAGONAL $ 


Properties: C — silver-white; S — gray; L — metallic; 
D - opaque; DE — 10,1; H — not determined; CL — 
none; M — small crystals, granular. 

Origin and occurrence: Hydrothermal in the silver- 
bearing ore veins, associated with silver, 
breithauptite and dyscrasite. Crystals up to 1 mm ("x 
in) known from Hartenstein, Germany. Its inter- 
growths with silver ores were found in Cobalt, 
Ontario, Canada. It is also known from Broken Hill, 
New South Wales, Australia and microscopic in 
Rejska vein in Kutna Hora, Czech Republic. 


Allargentum, 50 mm, Schlema, Germany 


Dyscrasite 
Ag3Sb 


ORTHORHOMBIC oo 


Properties: C — silver-white, it tarnishes yellow to 
black; S — silver-white; L - metallic; D — opaque; DE 
- 9,7; H - 3,5-4; CL - good; F - uneven; M - 
pyramidal and prismatic crystals. granular, massive. 
Origin and occurrence: Hydrothermal in the ore 
veins, associated with silver, stibarsen, pvrargyrite, 
calcite and other minerals. The best specimens come 
from the silver-bearing veins, cross-cutting the U 
deposit Haje near Poíbram, Czech Republic, where 
prismatic crystals up to 50 mm (approx. 2 in) long 
and striated tabular twins were found. They arc 
mostly embedded in stibarsen; all the specimens, 
appearing in the mineral shows, are etched out of 
matrix. Deformed crystals of completely different 
habit are known from St. Andreasberg, Germany. 
Crystals occurred also in the Consols mine in 
Broken Hill, New South Wales, Australia. 


Chalcocite 
Cc u75 


MONOCLINIC 00 0. 


Properties: C — lead-gray to black: S - lead-gray to 
black; L — metallic: D — opaque: DE - 5,8; H - 2,5- 
3; CL — imperfect: F — conchoidal; M — prismatic to 


Dyscrasite, 75 mm, P?ibram, Czech Republic 


tabular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, also sedi- 
mentary and metamorphic, mostly secondary, in the 
oxidation and cementation zones of ore deposits. lt 
occurs together with pyrite, chalcopyrite, covellite, 
bornite and other minerals. Crystals up to 25 cm (97/s 
in) found in the M’Sesa mine, Zaire. Beautiful 
crystals several cm across come from Redruth and St 
Just, Cornwall, UK. Crystals over 20 mm (?%/:2 in) 
across occurred in Bristol, Connecticut and in Butte, 
Montana. Crystals up to 50 mm (2 in) in size known 
from the Flambeau mine near Ladysmith, Wisconsin, 
USA. Shiny cyclic twins of crystals up to 20 mm 
(41 in) found in Dzhezkazgan, Kazakhstan. Massive 
aggregates are important Cu ore in Rio Tinto, Spain; 
Bor. Serbia; Bisbee, Arizona, USA and Tsumeb, 
Namibia. 

Application: important Cu ore. 


Djurleite 
Cuz 1516 


MONOCLINIC eee 


Properties: C — lead-gray to black; S — lcad-gray; L 
— metallic: D — opaque: DE - 5.8; H - 2,5-3; CL — 
none; F - conchoidal: M — short prismatic to tabular 
crystals, granular, massive. 

Origin and occurrence: Secondary as a product of 
the cementation zone in ore deposits. Crystals up to 
10 mm (4 in) across known from the Botallack mine 


añ 


Chaleocite, 17 mm x, Cornwall, UK 


near St. Just, Cornwall. UK. Aggregates of thick 
acicular crystals up to 30 mm (1 ‘fe in) long found in 
Dzhezkazgan, Kazakhstan. 

It occurs in massive form in many porphyry copper 
deposits (Butte, Montana; Bisbce, Arizona, USA). 
also in Tsumeb. Namibia, together with chalcopyrite, 
pyrite and other mincrals. 


Djurleite, 3 mm xx. Dzhezkazgan, Kazakhstan 


Berzelianite 
Cu7Se 


CUBIC eee 


Properties: C — silver-white, tarnishes black; S — 
silver shiny: L — metallic; D — opaque: DE - 7,3; H 
- 2.5; CL - none; F — uneven; M — granular, massive. 
Origin and occurrence: Hydrothermal, together with 
other selenides in U, Fe and Au deposits. It is the 
main mineral in the selenide mineralization in 
Tilkerode, Germany. Grains, up to several tens of cm 
across, greenish tarnished, occurred together with 
other selenides in Bukov, Haboi, Petrovice and 
Pr edborice , Czech Republic. Similar occurrence is 
known from near Pinky Fault near Athabasca Lake. 
Saskatchewan, Canada. 


Berzelianite, 60 mm, Bukov, Czech Republic 


Bornite, 15 mm xx, Dzhezkazgan. Kazakhstan 


Bornite 

CusFeSy4 
ORTHORHOMBIC 00090 

Properties: C - copper-red, tarnishes iridescent; S — gray- 
black: L — metallic; D — opaque; DE - 5,1; H - 3-3,5; CL 
— imperfect; F — uneven to conchoidal: M -- pseudo-cubic 
octahedral crystals, massive. 

Origin and occurrence: Magmatic, hydrothermal, 
sedimentary, in skarns and pegmatites together with 
chalcocite, chalcopyrite, pyrite, quartz and other mine- 
rals. Fine crystals up to 10 mm (%s in) across are known 


Bornite, 3 mm xx, Dzhezkazgan, Kazakhstan 


from Carn Brea, Cornwall, England, UK. Crystals up 
to 30 mm (*% in) come from Likasi, Shaba, Zaire. 
Beautiful crystals up to 40 mm (1%s in) across were 
found recently together with chalcocite in 
Dzhezkazgan. Kazakhstan. Massive aggregates are 
common and used as Cu ore in Kipushi, Shaba, Zaire. 
Fine-grained, sedimentary bornite occurs in Cu- 
bearing shales in Mansfeld, Germany, where it forms 
the main ore layer. Crystals, up to 20 mm (*“/» in) in 
size, occurred in the Cole shaft and masses, weighing 
several thousands of tons, were mined in the Campbell 
shaft, Bisbee, Arizona, USA. Application: Cu ore. 


Umangite 
CuzSe2 


TETRAGONAL eee 


Properties: C - blue-black with reddish tint. tarnishes 
purple: S — black; L — metallic; D - opaque; DE ~ 6,6; 
H - 3; CL — imperfect; F - uneven to conchoidal; M — 
granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
together with other selenides (clausthalite. berzelianite). 
It is common, associated with berzelianite in Tilkerode, 
Germany; Sierra de Umango, Argentina and Slavkovice, 
Czcch Republic. Larger accumulations occur in the 
Martin Lake mine near Athabasca Lake. Canada. 


Acanthite 
Ag2S 


MONOCLINIC eee 


Properties: C — black; S — black; L — metallic; D — 
opaque; DE - 7,2; H - 2-2,5; CL — none; F — uneven; 
M - pseudo-cubic crystals, massive. It mainly occurs 
as paramorphs after argentite (high-temperature 
phase of the same composition). 

Origin and occurrence: Hydrothermal in ore veins. 
Beautiful crystals over 50 mm (2 in) long occurred in 
the Himmelsfúrst mine in Freiberg, in Annaberg and 
Schnceberg, Germany. Acicular crystals are known 
from Jachymov, Czech Republic. It is common in 
association with silver, proustite, pyrargyrite, poly- 
basite, stephanite. galena and other minerals in 
Mexico, Probably the best paramorphs after argentite 
up to 70 mm (2% in) across come from the Rayas 
mine, Guanajuato. Fine crystals occur in the Las 
Chispas mine, Arizpe, Sonora and many localities in 
Zacatecas, Chihuahua. 

Application: important Ag ore. 


Argentite 
Ag?S 


CUBIC 000. 


Properties: C — black-gray, tarnishes black; S - 
black; L - metallic; D - opaque; DE - 7,1; H - 2-2,5; 
CL - imperfect: F — uneven to conchoidal: M — 
octahedral and cubic crystals, dendritic aggregates, 
massive. Stabile at temperatures over 179EC 
(354.2°F), below this temperature there are 
paramorphs of acanthite after argentite. 


Umangite, 40 mm, Beaverlodge Lake, Canada 
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Acanthite, 23 mm, Arizpe. Mexico 


Origin and occurrence: Hydrothermal in low- 
temperature ore deposits, associated with silver, 
galena and Ag sufosalts. Occurs between the 
oxidation and cementation zone with stromeyerite, 
silver, jalpaite, ¡odargyrite and other mincrals. Fine 
crystals up to 40 mm (ls in) across, are known 
from Freiberg and Schnceberg, Germany. Similar 
crystals found in Jachymov and Midinec, Czech 
Republic. Crystals up to 30 mm (1*%s im) occur in 
Sarrabus. Sardinia, Italy. Maybe the best argentite 
crystals occurred in Mexico (Arizpe, Sonora; 
Zacatecas; Guanajuato), where crystals reached up 
to 40 mm (1%s in). Fine crystals up to 20 mm (%/» in) 
across reported from Chanarcillo in Chile. 
Application: important Ag ore. 


Argentite, 29 mm. Zacatecas, Mexico 


Aguilarite, 4 mm xx, Guanajuato, Mexico 


Hessite 
Ag) Te 


MONOCLINIC eee 


Properties: C — lead to stecl-gray, tarnishes black: S — 
light gray; L — metallic; D - opaque; DE - 8,4; H - 2- 
3; CL — imperfect; F - even; M — pseudo-cubic crystal 
combinations, granular. massive. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature ore veins together with calave- 


Hessite, 31 mm, Botes, Romania 


rite, sylvanite, altaite, gold, tellurium and other sul- 
fides. The best specimens with crystals up to 20 mm 
(4 in) across (1 in) and aggregates up to 100 mm 
(4 in) come from the Bote mine. Romania. Small 
crystals occur in the Jamestown mine, California, 
USA. Massive aggregates were found in Gold Hill, 
Colorado. USA and Moctezuma, Mexico. Aggre- 
gates, up to tens of cny (several sq in) in size, were 
known in the Zavodinskii mine. Altai, Kazakhstan. 


Aguilarite 
Ag4Ses 


ORTHORHOMBIC © 


Properties: C — lead-gray, tarnishes black: S — gray- 
black; L — metallic; D — opaque; DE - 7,7; H — 2,5; 
CL — none; F - hackly; M — skeletal crystals, 
massive. 

Origin and occurrence: Hydrothermal in ore veins, 
together with silver, stephanitc, proustite, pearccitc, 
calcite and quartz. The best crystallized specimens 
with crystals up to 30 mm (1% in} across come from 
the San Carlos mine, Guanajuato and Chontalpan, 
Taxco, Guerrero, Mexico. It is also known in inter- 


growths with acanthite and naumannite from the 
Comstock Lode, Virginia City, Nevada, USA. 


Argyrodite 
AggGe Se 


ORTHORHOMBIC ó 


Properties: C — stecl-gray, tarnishes black; S — gray- 
black; L — metallic; D — opaque; DE — 6,3: H — 2,5- 
3; CL - none; F — uneven to conchoidal; M — 
combinations of cubic crystals, botryoidal 
aggregates, massive, 

Origin and occurrence: Hydrothermal in low- 
temperature basc metal deposits, associated with Ag 
sulfosalts. It occurred in crystals in the Himmelsfhrst 
mine, Freiberg, Germany. Crystals were also found 
in several localities in Bolivia (Atoche, Colquechaca. 
Potosi). Crystal measuring 60 mm (24 in) across is 
reported from Porco. Bolivia. 


Stromeyerite 
AgCuS 


ORTHORHOMBIC eee 


Properties: C — dark steel gray, tarnishes bluc; S 
stcel-gray; L — metallic; D — opaque; DE - 6,3; H 
2.5-3; CL - none; F — conchoidal; M - pseudo- 
hexagonal tabular crystals, massive. 

Origin and occurrence: Mostly secondary in the 
cementation zone of ore veins, associated with 
freibergitc, bornite, chalcocite, galena and other 
minerals. Fine tabular crystals up to 10 mm (4 in) 
across found in Dzhezkazgan. Kazakhstan, where 
pseudo-morphs of stromcyerite after silver wires also 
occur. Skeletal prismatic pscudo-morphs after 
chalcocite crystals come from Vraneice, Czech 
Republic. Massive aggregates are common in many 
deposits in Colorado, USA (Aspen; Red Mountain), 
Chile (Copiapo). Bolivia (Potosi) and Canada (Cobalt, 
Ontario). 
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Argyrodite. 34 mm, Mexico 
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Jalpaite 
Ag 3 CuS 2 


TETRAGONAL ee 


Properties: C — light gray. tarnishes dark gray to iri- 
descent; S — black; L - metallic; D - opaque: DE - 6,8; 
H — 2-2,5; CL - good; F - conchoidal: M - crystals, 
granular. 

Origin and occurrence: Hydrothermal in low-tem- 
perature ore veins. Crystals up to 25 mm (1 in) across 
known from Jalpa. Queretaro, Mexico. Crystals up to 
30 mm (Us in) across come from the Caribou mine, 
Colorado, USA. Massive aggregates, associated with 
galena, sphalerite. pyrite, stromcyerite, polybasite and 
other minerals, occurred in Paibram, Czech Republic. 


Jalpaite, 30 mm veinlet. P?ibram. Czech Republic 
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Pentlandite, 90 mm, Sudbury, Canada 
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Pentlandite 
(Fe,Ni)9Sg 
CUBIC eee¢ee6e 


Properties: C — light bronze to red-brown: S - light 
bronze: L — metallic; D- opaque: DE - 5,0; H — 3,5- 
4: CL — none; F — conchoidal; M — crystals, massive. 
Origin and occurrence: Typical magmatic liquid 
mincral, associated with pyrrhotite and chalcopyrite. 
It is common in Sudbury, Ontario, Canada, as mostly 
microscopic inclusions in chalcopyrite, but also as 
imperfect crystals. Large accumulations are known 
from Talnakh near Norilsk, Siberia, Russia, where it 
occurs together with Cu, Pt and Pd sulfides. It is also 
important ore in the deposit near Rustenburg, South 
Africa. 

Application: the most important Ni orc. 


Sphalerite, 31 mm, Elmwood, U.S.A. 


Sphalerite, 70 mm, Olkusz, Poland 


Sphalerite 
ZnS 
CUBIC 000o 


Varieties: clciophane (green, yellow, orange), 
marmatitc (black) 


Properties: C —- colorless, yellow, orange, green, 
brown, black: S — brownish, light yellow, white; L — 
resinous to adamantine; D — transparent, translucent, 
opaque: DE - 4,1; H — 3,5-4; CL — perfect; F - 
conchoidal; M — tetrahedral and dodecahedral 
crystals, botryoidal, fibrous and stalactitic aggregates, 
massive; LU — sometimes orange. 

Origin and occurrence: Magmatic (liquid, in pegma- 
tites); hydrothermal in low- to high-temperature 
deposits, skarns, hydrothermal sedimentary deposits; 


rare sedimentary and metamorphic. It occurs together 
with galena, pyrite, chalcopyrite, marcasite, fluorite. 
barite, quartz and other minerals. Beautiful crystals up 
to 100 mm (4 in) across come from Trepea, Serbia. 
Green and red crystals up to 100 mm (4 in) known 
from Cananea, Sonora, Mexico. Fine yellow crystals 
up to 30 mm (1% in) were common in Banska “tiav- 
nica, Slovakia; similar crystals occur in Madan, Bulga- 
ria. The most beautiful yellow, orange and red crystals 
up to 150 mm (6 in) across found in Picos de Europa, 
Santander, Spain. They are sometimes faceted. Brown 
crystals up to 50 mm (2 in) come from Joplin, 
Missouri; stalactitic aggregates up to 150 mm (6 in) 
long come from Galena, Illinois, USA. Perfect black, 
shiny crystals and twins up to 50 mm (2 in) are famous 
from Dalnegorsk, Russia; yellow crystals, up to 30 
mm (1% in), occurred in Dzhezkazgan, Kazakhstan. 
Transparent crystals up to 30 mm (1°/ in) also found 
in Franklin, New Jersey, USA. Green crystals up to 
100 mm (approx. 4 in) across occurred in the Big Four 
mine, Colorado, USA. Crystals up to 50 mm (2 in) 
known from the Oppu mine, Aomori. Japan. 
Application: principal Zn ore. 


Coloradoite 
HgTe 


CUBIC ee 


Properties: C — black-gray; S — black-gray; L - 
metallic; D - opaque; DE - 8,1; H - 2,5; CL - none; 
F - uneven to conchoidal; M — granular, massive. 
Origin and occurrence: Hydrothermal, associated 
with altaite, calaveritc, krennerite, gold, pyrite and 
other minerals in Au-bearing veins. It was common 
in Cripple Creek and in the Smuggler mine, 
Colorado: in the Norwegian mine, California, USA. 
Grains, reaching up to several mm, come from 
Jilove, Czech Republic. 


Coloradoite, 70 mm, Kalgoorlie, Australia 


Chalcopyrite, 10 mm xx, Cavnic, Romania 


Chalcopyrite 
CuFeS> 


TETRAGONAL 00000 

Properties: C — brass-yellow, tarnishes iridescent; S 
~ green-black: L — metallic; D — opaque; DE - 4,3; 
H - 3,5-4; CL - imperfect: F - uneven: M — 
tetrahedral crystals, boiryoidal aggregates. massive. 
Origin and occurrence: Magmatic. hydrothermal 
and sedimentary, in association with sphalerite, 
galena, tetrahedrite. pyrite and many other sulfides. 
Fine crystals up to 30 mm (Iis in) across are known 
from Banska “tiavnica, Slovakia and from Cavnic. 
Romania. 

Crystals up to 120 mm (4''/1win) across, associated 
with other sulfides, come from the Nikolai mine in 
Dalnegorsk. Russia. Beautiful crystals up to 120 mm 
(4' min) found in Japan (Arawaka, Osarizawa). Fine 
crystals reaching up to several cm occur in Peru 
(Huanzala, Huaron). Massive aggregates arc 
important Cu ore in Sudbury. Ontario, Canada; 
Bingham, Utah; Bisbee, Arizona. USA and Rio 
Tinto, Spain. 

Application: important Cu ore. 4 ir 


Chalcopvrite. 15 mm x, Ground Hog Mine. U.S.A. 
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Luzonite, 60 mm, Recsk, Hungary 


Germanite, 40 mm, Tsumeb, Namibia 


Luzonite 
CuzAsSy 
TETRAGONAL © © 

Properties: C — dark pink-brown; S — black; L - 
metallic; D - opaque: DE - 4,5; H - 3,5; CL — good; 
F — uneven to conchoidal: M — crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal in low- to 
medium-temperature veins, associated with cnargite, 
tetrahedrite, sphalerite, bismuthinite, Ag sulfosalts and 
other minerals. Crystals up to 40 mm (1% in) across 
come from Quiruvilca; it is common in Cerro de 
Pasco, Peru. It is also common in the Teine mine, 
Hokkaido. Japan; crystals also occur in Kinkwascli, 
Taiwan. It is known from Bor, Serbia and Recsk, 
Hungary. 


Stannite 
Cu 2FeSnS, 
TETRAGONAL 0090 


Properties: : C — steel-gray to black, tarnishes blue; 


Stannite, 10 mm xx, Potosi, Bolivia 


S — black; L — metallic; D - opaque; DE — 4,5; H — 
4: CL - imperfect; F — uneven; M — pseudo- 
octahedral crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- 
temperature Sn deposits. The best specimens come 
from Bolivia; crystals up to 50 mm (2 in) across 
known from Llallagua; crystals up to 30 mm (1% 
in) from Chocaya and cross-like inter-growths from 
the San Jose and Itos mines near Oruro. It occurs as 
massive vein fillings in Carn Brea, Cornwall, UK 
and Cínovec, Czech Republic. It was also found in 
amblygonite pegmatites in Caceres. Spain and in 
quartz-amblygonite veins near Vernesov, Czech 
Republic. 

Application: Sn ore. 


Germanite 
Cu>76Fe4Ge4532 
CUBIC ee 

Properties: C- pink to purple-grey, S — black, L - 
metallic, D - opaque, DE — 4,5, H - 4, CL — none, F 
— uneven, M — tetrahedral crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal, often inter- 
grown with tennantite, bornite and other minerals. It 
was important only in one particular place in 
Tsumeb, Namibia, where larger accumulations were 
found. Smaller occurrences are known from the 
Shikanai mine, Japan; small cubic crystals come 
from the Humboldt mine, Colorado, USA. 


Tennantite 
Cu) 2As4S73 
CUBIC TER) 


Properties: C — steel-gray; S — black, brown to dark 


1. If only one flip flop is set, a number of dots will be gener- 
ated, the number being one less than the number of the flip flop set. 
For instance, in the row for “S”, only one “X” appears, in the 
column headed FF4; therefore 3 dots will be generated. 

2. If FF1 and any other flip flop are set, a dash will be 
generated. 

3. If only FFl is set, a silent dash is generated. 

As each dot or dash is completed, all entries in the appropriate 
row of the table are shifted one column to the right, and another of 
the three above rules is applied. For the letter “B”, initially the 
conditions for rule 2 are met, and accordingly a dash is generated; 
after one shift to the right, rule 1 applies, and three dots are 
generated; these three dots produce three more shifts, after which 
rule 3 comes into effect and the character is completed, followed by 
a 3-dot-length space. 

Returning to Fig. 6-3 observe that the static state for the flip 
flops is for their Q outputs to be high. This results in the other 
gates in the register being forced to the logic states shown, ending 
up with pin 6 of IC3 being high and the dot generator disabled. 
Through a process to be described later, one or more of the flip 
flops is set each time a key is struck. The resulting lows on the flip 
flops cause the outputs of one or both sections of IC5 to change 
state and, in turn, pin 1 of IC4 and pins 8 and 6 of IC3, thus starting 
the dot generator. If pin 5 of IC9 goes low and the Q output of any 
other flip flop also goes low (rule 2), pin 10 of IC4 will go high, anda 
dash will be generated; otherwise a dot will be formed. The dot or 
dash causes pin 4 of IC4 to go from a high to a low. This pin is 
connected to the clock inputs (pins 3 and 11) of the shift register 
flip-flops, but a high-to-low transition does not affect a “D” type flip 
flop. However, when the dot or dash is completed, pin 4 of IC4 
again goes high, and the low-to-high transition does clock all of the 
flip flops causing a right shift. That is, the Q output of each flip flop 
assumes the logic state that its left-hand neighbor had before the 
clock pulse. The resulting new set of Q outputs now initiates 
another dot or dash which, in turn, produces another clock pulse to 
shift the register to the right again, and so on until only the output 
of FF 1 is low. This is the condition (according to rule 3) to generate 
a silent dash. What actually happens here is that FF 1 turns on the 
dot generator, but since the other flip flop outputs are all high, pin 1 
of IC4 is high and provides the output inhibit signal to pin 12 of ICA, 
Note that the silent dash creates another clock pulse that shifts the 
“1” output of FF2 into FF1, thus ending the character cycle and 
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red; L — metallic; D ~ opaque; DE - 4.6; H — 3-4,5; 
CL - none; F - conchoidal to uneven; M — tetrahedral 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
and greisens with pyrite, calcite, dolomite, quartz and 
other sulfides and Cu-Pb-Zn-Ag sulfosalts. Fine 
crystals are known from Cornwall. UK (Whcal Jewel, 
Gwennap; Carn Brea). Crystals up to 150 mm (6 in) 
across, come from Tsumeb, Namibia. Crystals of 
binnite in Lengenbach, Binntal. Switzerland, up to 30 
mm (1%s in). Crystals up to 20 mm (A: in) across 
were found recently in Dzhczkazgan, Kazakhstan. 
Large masses occurred in Kipushi, Zaire. Crystals up 
to 25 mm (1 in) known from El Cobre, Zacatecas. 
Mexico. Application: Cu ore. 


Tetrahedrite 
Cu) 25645 )3 
CUBIC eeee 

Properties: C - steel-gray to black: S — black, brown: 
L - metallic: D - opaque; DE - 5.0; H - 3-4.5; CL - 
none; F - conchoidal: M - tetrahedral crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in low- to 
medium temperature veins; in contact metamorphic 
deposits together with chalcopyrite. galena, sphaicrite, 
pyrite, bornite, calcite, quartz and other mincrals. The 
largest known crystals up to 25 cm (9% in) across 


Tetrahedrite, 10 mm xx, Peru 


Tennantite, 26 mm. El Cobre, Mexico 


come from Anzen and Irazein in Pyrennecs, France. 
Common crystals several cm in size occur in Cavnic, 
Romania. Fine specimens with crystals up to 70 mm 
(2% in) across found in the Mercedes mine in 
Huallanca, Peru. Other Peruvian localitics like 
Casapalca and Morococha yielded fine crystallized 
specimens. Fine crystals up to 20 mm (*/1 in) in size 
known from Poibram, Czech Republic. 

Application: ruda Cu. 
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Freibergite, 15 mm xx, Obecnice, Czech Republic 
> AS a 


a 0a 


Freibergite 
(Ag,Cu,Fe) 1 2(Sb,As)45S ¡ 3 


CUBIC 000. 


Properties: C — gray to black; S — black, brown to 
dark red; L — metallic; D - opaque; DE — 5,4; H - 3- 
4.5; CL - none; F — uneven to conchoidal; M — 
tetrahedral crystals. massive. 

Origin and occurrence: Hydrothermal in ore 
deposits, associated with many sulfides and 
sulfosalts. It is mainly massive in the Himmelsfurst 
mine in Freiberg, Germany; Cobalt, Ontario, Canada 
and in Mount Isa, Queensland, Australia. It was a 
principal Ag ore in Kutna Hora, Czech Republic. 
Application: Ag ore. 


Wurtzite 
ZnS 
HEXAGONAL ooo 


Properties: C - dark red-brown, dark brown to brown- 
black; S — brown: L — resinous to submetallic; D — 


Wurtzite, 30 mm xx, Ánimas, Bolivia 


translucent to opaque; DE — 4,1; H - 3,5-4; CL - 
good; M —- pyramidal, prismatic to thick tabular, 
striated crystals, concentric banded and radial 
aggregates. 

Origin and occurrence: Hydrothermal in ore veins 
with sphalerite, marcasite, pyrite and other minerals. 
Also of low-temperature origin along the cracks of 
clay concretions. The best wurtzite crystals come from 
Bolivia; crystals up to 40 mm (1%4s in) across from 
Animas and crystals up to 20 mm (*%2 in) across from 
Llallagua and Potosi. Fine crystals up to 30 mm (1? 
in) across found in Talnakh near Norilsk, Siberia, 
Russia. Interesting radial aggregates, up to several cm 
in diameter, occurred in Poibram, Czech Republic. 


Greenockite 
CdS 


HEXAGONAL eee 


Properties: C - yellow to orange, dark red; S - 
orange-yellow to brick-red; L - adamantine to 
resinous; D — upaque tu translucent, DE — 4,8; H - 3- 
3,5; CL - good; F -— conchoidal; M - trillings, 
pulverulent coatings. 

Origin and occurrence: Mainly secondary as 
pulverulent coatings on sphalerites. It also occurs in 
cavitics of volcanic rocks together with prehnite, 
zeolites and calcite. Crystals are known from ore 
veins in Llallagua, Bolivia. Pulverulent coatings are 
described from Poibram. Czech Republic; Bleiberg, 
Austria and from the deposits in the Tri State region, 
Missouri, USA. Crystals up to 10 mm (4 in) 
occurred in the cavities of volcanic rocks near 
Renfrew, Scotland, UK. 


Enargite 
Cu3AsS, 
ORTHORHOMBIC 0000 


Properties: C — gray-black to black; S — gray-black; 


Grenockite, 20 mm, Ocna de Fier, Romania 


an 


L — metallic; D — opaque; DE - 4,4; H - 3; CL - 
perfect; F — uneven; M - tabular and prismatic, 
striated crystals, massive. 

Origin and occurrence: Hydrothermal in medium- 
temperature, sometimes in low-temperature deposits, 
associated with quartz, pyrite, sphalerite, galena, bor- 
nite and other minerals. Beautiful crystals. up to 100 
mm (4 in) across, come from the Luz Angelica mine 
in Quiruvilca; crystals up to 150 mm (6 in) across 
from Morococha and Cerro de Pasco, Peru. Fine crys- 
tals were found in Butte, Montana, USA and in Man- 
cayano, Luzon, Philippines. lt occurs as a principal Cu 
ore in several deposits (Bor, Serbia; Huaron, Peru). 
Application: Cu ore. 


Cubanite 
Cu7FeS3 


ORTHORHOMBIC eee 


Properties: C — brass-yellow to bronze; S — black; L 
- metallic; D - opaque; DE - 4,1; H - 3,5; CL - 
none; F — conchoidal; M - tabular crystals, massive. 
Origin and occurrence: Magmatic in liquid deposits 
as inclusions in chalcopyrite, as hydrothermal in 
high-temperature deposits, associated with chalco- 
pyrite, pyrite, pyrrhotite and sphalerite. The best 
crystals, twins, up to 40 mm (1°/t in) across, come 
from the Henderson No.2 mine, Chibougamau, 
Quebec, Canada. It was also described in crystals 
from Sudbury, Ontario, Canada and Morro Velho, 
Brazil. Its large accumulations are important Cu ore 


Cubanite, 33 mm x, Chibougamau, Canada 


Enargite, 41 mm, Butte, USA. 


in Sudbury, Ontario, Canada; in Mooihoek, South 
Africa and in Prince William Sound, Alaska, USA. 
Application: important Cu ore. 
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Sternbergite, 20 mm, St. Andreasberg, Germany 
i ` A ~ ba Pia , e. 


ed ST S 


Sternbergite 
Ag? FeS 3 


ORTHORHOMBIC o © 

Properties: C — golden-brown: S — black; L — metal- 
lic to adamantine: D — opaque: DE -- 4,3; H — 1-1,5: 
CL -— perfect: M — thin tabular pseudo-hexagonal 
crystals, often in rosettes and fan-shaped aggregates. 
Origin and occurrence: Hydrothermal in Ag-bearing 
veins, associated with stephanitc, acanthite, proustite, 
argentopyrite and other minerals. Tabular crystals up 
to several mm across known from Jachymov and 
Midinec, Czech Republic: from St. Andreasberg, 
Johanngeorgenstadt, Schneeberg and Freiberg, 
Germany. 


Pyrrhotite, 68 mm, Dalnegorsk, Russia 


Argentopyrite, 60 mm, M?d?nec, Czech Republic 


Argentopyrite 
Ag? FeS 3 


ORTHORHOMBIC o. 


Properties: C — gray-white, tarnishes iridescent: S — 
gray; L — metallic; D — opaque, DE — 4,3; H - 3,5 - 
4: CL — none; F — uneven: M — thick tabular pseudo- 
hexagonal crystals. granular. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with proustite, pyrargyrite, stephanite, 
sternbergite, dolomite, quartz and other mincrals. 
Crystals up to 5 mm (*/s in) across come from Jachymov 
and Midinec, Czech Republic: it is also known from 
Schlema, Freiberg and Schneeberg, Germany and from 
Colquechaca, Bolivia. 


Pyrrhotite 
Fe | .,S (x = 0-0,17) 


MONOCLINIC 00090 

Properties: C — bronze-ycllow to brown, tarnishes 
quickly; S - dark gray-black: L - metallic; D - 
opaque; DE - 4,7; H - 3,5-4,5; CL - none; F - 
uneven to conchoidal; M —- tabular, pyramidal and 
prismatic crystals, massive. 

Origin and occurrence: Magmatic liquid in basic rocks, 
together with pyrite and pentlandite; in pegmatites; 
hydrothermal in high-temperature and metasomatic 
deposits: sedimentary and metamorphic. Tabular 
crystals up to 300 mm (11"/ in) across come from 
Trepea, Serbia and Dalnegorsk, Russia; prismatic crys- 
tals up to 150 mm (6 in) long found in Santa Eulalia, 
Chihuahua, Mexico and Chiuzbaia, Romania. Tabular 
crystals up to 110 mm (4%/ in) occurred in Cavnic. 
Romania. Large imperfect crystals, coated with 
wavellite. are known from Llallagua, Bolivia. Huge 
masses of industrial importance occur in Sudbury, 
Ontario, Canada; Talnakh near Norilsk, Siberia, Russia 
and elsewhere. Application: sometimes as Fe ore. 


Nickeline, 138 mm, Pohla. Germany 


Nickeline 
NiAs 
HEXAGONAL oe... 

Properties: C - light copper-red, tarnishes gray to 
black; S — light brown-black; L - metallic; D 
opaque; DE - 7,8: H - 5-5.5; CL - nonc: F - 
conchuidal: M — striated crystals, botryoidal and 
dendritic aggregates, granular. massive. 

Origin and occurrence: Hydrothermal in high- 
temperature ore veins with skutterudite, nickel- 
skutterudite, salflorite, rammelsbergite and other 
minerals. Also magmatic in norites and peridotites. 
Crystals up to 15 mm (*%2 in) across come from 
Pohla; small crystals were found in Richelsdorf, 
Germany. Fine massive aggregates and small 
crystals occurred in Bou Azzer, Morocco. Huge 
accumulations are known in Cobalt and Gowganda, 
Ontario, Canada. 

Application: Ni ore. 


Breithauptite 
NiSb 
HEXAGONAL ee 


Properties: C — light copper-red, purplish; S — red- 
brown: L- metallic; D — opaque: DE — 8,6: H — 5,5; 


CL - none; F - conchoidal to uneven. M — thin 
tabular crystals, dendritic aggregates, massive. 
Origin and occurrence: Magmatic, hydrothermal 
and metamorphic, associated with silver, nickclinc, 
cobaltite and other sulfides. It occurs inter-grown 
with pyrrhotite and pentlandite in magmatic liquid 
deposit Vlakfontein, South Africa. It is common in 
hydrothermal veins in Cobalt, Ontario, Canada: also 
known from Sarrabus, Sardinia, Italy and St. 
Andreasberg, Germany. 


Breithauptite, 80 mm, Cobalt, Canada 
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Millerite, 26 mm, Antwerp, U.S.A. 


a 


Millerite 
NiS 


TRIGONAL 900 


Properties: C - light brass-ycllow to bronze, tarnishes 
iridescent; S - grcenish-black; L - metallic; D — 
opaque; DE -. 5,4: H - 3-3,5; CL - perfect; F - uneven; 
M — acicular crystals, cleavable masses, aggregates of 
parallel inter-grown crystals with velvety surface. 

Origin and occurrence: Hydrothermal in low-tempe- 
raturc ore deposits. also as a product of decomposition 
of Ni sulfides. [ft is associated with pyrrhotite, 
ankcrite. whewellite, barite and other minerals. 


Alabandite, 40 mm, Sacarimb, Romania 


Clcavable masses occurred near Temagami near 
Sudbury. Ontario, Canada and in Kambalda, Western 
Australia, Australia. Acicular crystals come from ore 
veins in Jachymov and Pribram. Czech Republic; 
needles in cavities of siderite concretions in the 
vicinity of Kladno, Czech Republic, reached up to 70 
mm (2% in). Acicular crystals up 10 80 mm (3?/s in) 
long known from the limestone cavities near Dort- 
mund, Germany. Beautiful specimens with crystals up 
to 50 mm (2 in) long in the cavitics in hematite occur- 
red in the Sterling mine, Antwerp, New York, USA. 
Velvety fibrous aggregates were found in the Thomp- 
son mine, Manitoba. Canada. Application: Ni orc. 


Alabandine 
MnS 


CUBIC o. 


Properties: C - black: S — green; L — submetallic; D 
- opaque; DE - 4,1; H -~ 3.5-4; CL - perfect: F — 
uneven; M — cubic and octahedral crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with rhodochrosite, calcite. galena, 
sphalcrite, pyrite and other minerals. Crystals up to 20 
mm (*/x in) across together with granular aggregates 
are relatively common in Romania (Sacarimb, Baia de 
Arics , Roşia Montana). Crystals are also known 
from the Queen of the West mine, Colorado and from 
the Lucky Cuss mine, Tombstone, Arizona. USA. 


Galena, 56 mm, Neudorf. Germany 


Galena. 66 mm. Picher, U.S.A. 


Galena 
PbS 


CUBIC 000090 


Varieties: steinmannite 


Properties: C - lead-gray: S - lead-gray; L 
metallic; D — opaque: DE - 7,6; H - 2.5; CL - 
perfect; F — conchoidal; M — cubic crystals and their 
complex combinations, tabular crystals, skeletal 
aggregates, massive. 

Origin and occurrence: Magmatic, hydrothermal, 
metamorphic, very rare sedimentary, associated with 
sphaleritc. chalcopyrite. pyrite, quartz and other 
minerals, Large crystals up to several tens of cm in 
size come from many localitics in the USA. (Joplin, 


Clausthalite. 20 mm veinlet, Tilkerode, Germany 


Missouri; Galena, Kansas; Picher, Oklahoma: 
Sweetwater mine, Missouri). Beautiful. often skeletal 
crystals or spincl-law twins up to 200 mm (7% in) 
across known from the Nikolai mine in Dalnegorsk, 
Russia. Fine crystals occur also in Naica. Chihuahua, 
Mexico. Famous complicated combinations of 
crystals were found in Neudorf, Germany. Octahedral 
crystals up to 10 mm (* In) (steinmannite varicty) 
were common in Pribram, Czech Republic. Beautiful 
specimens with cubes up to several cm across come 
from Madan, Bulgaria; spinel-law twins occurred in 
Herja, Romania. 

Application: the most important Pb ore. 


Clausthalite 
PbSe 


CUBIC eee 


Properties: C — lead-gray, bluish; S — gray-black: L 
— metallic; D- opaque; DE — 8,3; H - 2,5 — 3; CL- 
good: F — granular; M -- granular, massive.. 

Origin and occurrence: Hydrothermal in ore veins with 
a low S content, together with berzelianite, umangite, 
uraninitc and other minerals. It occurs as massive 
aggregates in calcite veins with other selenides in 
Clausthal and Tilkcrode. Germany. It is similar in 
Skrikerum, Sweden: common in the U deposits in 
Predboricc. Bukov and Zlatkov, Czech Republic. 
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Altaite. 65 mm, Stania, Romania 


Altaite 
PbTe 


CUBIC 0090 


Properties: C — tin-whitc to yellowish. tarnishing to 
bronze: S — black; L - metallic; D - opaque; DE 
8,3; H - 3; CL ~ perfect; F — conchotdal; M ~- cubic 
and octahedral crystals, massive. 


Miargyrite, 20 mm. Kutna Hora, Czech Republic 


Origin and occurrence: Hydrothermal in vein Au 
deposits, associated with other tellurides, galena and 
other mincrals. Crystals up to 20 mm (*/2 in) across 
are known from the Revenge mine, Colorado, USA. 
It is massive with aguilarite in Kalgoorlie. Western 
Australia, Australia, It is relatively common with 
other tellurides in Sacarimb , Romania; in the 
Zavodinskit mine, Altai, Russia and in Zod near 
Sevan Lake, Armenia. 


Miargyrite 
AgSbS) 


MONOCLINIC 0090 


Properties: : C — black to stecl-gray; S — cherry-red; 
L - metallic, adamantine: D — opaque: DE — 5,3; H 
— 2,5; CL — imperfect; F — conchoidal; M — thick 
tabular, striated crystals. massive. 

Origin and occurrence: Hydrothermal in low- 
temperature ore veins, together with proustitc, 
pyrargyritc, polybasite, silver, quartz and other 
minerals, Fine crystals, up to 10 mm (4 in) across, 
occurred in Pribram and Kutna Hora, Czech 
Republic: in Braunsdorf and Freiberg, Germany. It ts 
also known from many localitics in Bolivia (Tatasi, 
Oruro — 10 mm (4: in) crystals, Potosi) and Mexico 
(Sombrercte, Catorce). It was also found in 
Hicndelacncina, Guadalajara, Spain. 

Application: Ay ore. 


Franckeite 
(Pb,Sn)¢ FeSn25b25S 14 
TRICLINIC © o 


Properties: C — gray-black; S — gray-black: L - 
metallic; D — opaque; DE - 5,9; H - 2,5-3; CL 


Franckeite, 30 mm, Oruro, Bolivia 


Cylindrite, 30 mm, Poopo, Bolivia 


perfect; M — thin tabular, curved crystals, often 
rosctte-likc aggregates of crystals. 

Origin and occurrence: Hydrothermal in Ag-Sn 
deposits, associated with cylindrite, zinkenite, 
cassiterite, wurtzite and other mincrals; in contact 
metamorphic limestones. The best crystals up to 60 
mm (24 in) across come from various localities in 
Bolivia (Mollecagua near Poopo; Huanuni; Chocoya 
near Potosi: Colquechaca and Oruro). It is known in 
contact metamorphic limestone from the Kalkar 
quarry, California, USA. 

Application: Sn ore. 


Cylindrite 
Pb3Sn4FeSb 7S 14 


TRICLINIC © © 


Properties: C - lead-gray to black; S ~ black; L - 
metallic; D - opaque; DE - 5,4; H — 2,5; CL - 
perfect: M - cylindrical, conical and spherical 
crystal aggregates, massive. 

Origin and occurrence: Hydrothermal in Sn-bearing 
veins with franckcite, stannite, cassiterite, galena 
and other minerals. World famous specimens with 


crystals up to 50 mm (2 in) long come from the 
Trinacria and Santa Cruz mines near Poopo, Bolivia. 
It was also reported from the Smirnovsk deposit, 
Transbaikalia, Russia. 


Cinnabar 
Hes 
TRIGONAL e... 

Properties: C — red to brownish-red; S — crimson: L — 
adamantine to metallic. also dull: D — opaque: DE - 
8,2: H - 2-2,5; CL - perfect; F — conchoidal to uneven: 
M -— rhombohedral, thick tabular and prismatic 
crystals, massive. 

Origin and occurrence: Low-temperature hydro- 
thermal mincral, associated with realgar, mercury, 
pyrite, marcasite and other minerals. The worlds 
best specimens with crystals up to 70 mm (2% in) 
across are known from many localities in China 
(Hunan and Guizhou provinces). Fine shiny crystals 
up to 10 mm (*/s in) across come from Nikitovka. 
Ukraine and in Khaidarkan, Kyrgyzstan, Crystals up 
to 30 mm (lY in) also found in Monte Amiata and 
Rippa near Seravezza, Italy. Its massive aggregates 
are an important Hg ore in Allchar, Macedonia; 
Almaden, Spain and elsewhere. 

Application: the most important Hg ore. T 


J 


Cinnabar, 30 mm x, Hunan, China 
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Covellite, 65 mm. Butte, U.S.A. 


Covellite 
Cus 


HEXAGONAL eee 


Properties: C — indigo-blue, tarnishing iridescent; S 
— lead-gray; L — submetallic to resinous; D - opaque; 
DE - 4,6: H — 1,5-2; CL — perfect; F - uneven; M - 
hexagonal tabular crystals, massive. 

Origin and occurrence: Rare hydrothermal; mainly 
secondary in the oxidation zone of ore deposits, 
associated with chalcopyrite, chalcocite. djurleite, 
bornite and other minerals. Tabular crystals up to 30 
mm (1"/1 in) across are known from Butte, Montana 


Linneite, 60 mm, Ruwenzori. Uganda 
ort che Fae a 


and Summitville, Colorado. USA; also from 
Sarrabus, Sardinia, Italy. Massive aggregates are 
common in Bor, Serbia; Bisbee. Arizona, USA and 
elsewhere. 

Application: Cu ore. 


Linnette 
Co2*co3*, 8, 


CUBIC eee 


Properties: C — light gray to steel-gray; S — black- 
gray; L — metallic; D — opaque; DE - 4,9; H — 4,5- 
5,5; CL — imperfect; F — uneven to conchoidal; M — 
octahedral crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
and metamorphic deposits, together with 
chalcopyrite, pyrrhotite, millerite, bismuthinite and 
sphalerite. The best crystals up to 30 mm (1%s in) 
across come from the Kilembe mine, Uganda. 
Crystals are also known from Musonoi, Shaba, 
Zaire; Mhsen, Germany; siderite concretions in 
Kladno, Czech Republic and from the Bastnas mine 
near Riddarhyttan, Sweden. 


Carrolite 
Cu(Co,Ni)5S4 


CUBIC eee 


Properties: C — light to steel-gray. tarnishing red- 
purple; S — gray; L - metallic; D — opaque; DE - 4.8; 
H - 4,5-5,5; CL — imperfect; F — conchoidal to 
uneven; M — octahedral crystals, granular. massive. 
Origin and occurrence: Hydrothermal in ore veins, 
associated with linneite, chalcopyrite and other 
minerals. It is a principal Co ore in deposits in Zaire. 
Beautiful crystals up to 20 mm (*/x in) across are 
known from the M’Sesa mine near Kambove, 
Kolwezi and from Kamoto, Shaba. 

Application: Co ore. 


Carrollite, 8 mm x. Kambove, Zair 


LR 
a 


— 


restoring the static condition. 

In addition to starting and stopping the dot generator, pin 6 of 
IC3 also activates the gate of the SCR that provides current drive to 
the keyboard encoder circuitry. Therefore, the keyboard is locked 
out during character generation, but is automatically reenabled as 
soon as the character is completed. This feature also provides 
automatic character repeat: A character is repeated, with 3-dot- 
length spaces between, as long as a key is held down. This is a fine 
operating feature for sending words with double “o”s and double 
“T’s, etc., but is not so hot for sending double “e”s at high speed. If 
desired, automatic repeat can be disabled by reducing the drive on 


the SCR. 
Note the “continuous dot” key connected between pin 1 of IC4 


and ground (this is the switch labeled “DOTS” in Fig. 6-2). This is 
depressed and held down while adjusting the SPEED control to 
initially set the keyer to the desired code speed. The continuous 
string of dots resulting from holding down this switch represents 
the maximum sending speed for a given SPEED control setting. 
Holding down the “E” key also produces a string of dots, but with 
3-dot-length spaces between each one. 


Keyboard Encoding Matrix 


Toroidal core transformers, driven by an SCR, are used for 
encoding keyboard contact closures to set the shift register flip 
flops in accordance with Table 6-1. These transformers are made 
by winding 10 turns of #30 enameled wire around half inch diame- 
ter powdered ferrite cores. The windings are equally spaced 
around the circumference of each core, but the spacing is not at all 
critical (see Fig. 6-4). Only cores with high permeability, such as 
those in Table 6-2, should be used. The “one turn primary” of the 
transformer is simply a length of the same type of wire passed 
through the center of the cores appropriate to the character to be 
formed (per Table 6-1). One end of this primary is soldered to the 
keyboard contact of a given character, and the other end to the 
cathode of the SCR. There is, of course, one such primary for each 
of the 44 CW characters in the table, and several pass through each 
core. With #30 wire the cores don’t get too crowded, and there is 
no effect on the cores by wires that pass around the cores but don’t 
go through them (see close-up photo of the logic board, Fig. 6-5). 

One end of the secondary winding of each transformer is 
connected directly to Keycoder’s +5 V dc regulated power supply, 
and the other end to the “Clear” terminal of each shift register flip 
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Stibnite 
Sb753 


ORTHORHOMBIC 00090 


Properties: C — stecl-gray. tarnishing iridescent or 
black; S - lead-gray; L - metallic; D - opaque: DE — 
4.6; H — 2; CL - perfect; F — conchoidal to uneven; 
M — thick to thin prismatic crystals, thin needles, 
massive. 

Origin and occurrence: Hydrothermal in medium- and 
low-temperature ore veins with quartz and gold, the 
other associated minerals are rare (arsenopyrite, 
berthierite. gudmundite, antimony). The largest known 
stibnite crystals occurred in the in the Ichinokawa 
mine, Shikoku. Japan. where they were up to 60 cm 
(24 in) long. Similar sized crystals were found recently 
in several localities in China (the Xikuangshan mine, 
Hunan). Crystals up to 200 mm (FA in) across come 
from Manhattan. Nevada, USA. Beautiful crystals are 
known from Romania; long prismatic ones with barite 
crystals are prevalent in Baia Sprice, clusters of thin 
needles come from Herja and thick prismatic crystals 
from Baiuj . Perfect druses of crystals up to 150 mm (6 
in) long, associated with purple fluorite crystals, barite 
and calcite, occurred in Kadamdzhai. Kyrgyzstan. 
Beautiful druses of stibnite crystals with quartz come 
also from Kremnica, Slovakia. Also Kostajnik, Serbia 
and La Lucette, France yielded tine crystals in the past. 
Application; Sb ore. 


Stibnite. 120 mm, Baia Sprie, Romania 


Stibnite, 187 mm, Ichinokawa, Japan 
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Bismuthinite, 160 mm, Tasna, Bolivia 


Bismuthinite 
Bi2S 3 


ORTHORHOMBIC 0000 


Properties: C — lead-gray to tin-white, tarnishing 
yellow and iridescent: S — lead-gray; L — metallic; D 


Kermesite, 20 mm xx, Freiberg, Germany 


an 


Tetradymite, 80 mm, Ciclova, Romania 


~ opaque; DE ~ 6,8; H ~ 2-2.5; CL - perfect; F -- 
uneven; M - thick prismatic to acicular, striated 
crystals, fibrous aggregates, massive. 

Origin and occurrence: Hydrothermal in orc 
deposits; also in recent volcanic exhalation deposits, 
associated with bismuth, arsenopyrite, stannite, 
galena and other minerals. The world’s best crystals 
over 50 mm (2 in) long. come from Bolivia (Tasna; 
Huanuni; Llallagua). Fine crystals were also found in 
Redruth, Cornwall, UK. Rich finds were made in 
Biggcnden. Queensland, Australia. Interesting 
crystals are known from Spind, Norway. 
Application: Bi orc. 


Kermesite 
Sb,530 


TRICLINIC .... 


Properties: C — cherry-red; S - brown-red; L - 
adamantine to submetallic; D — translucent to 
opaque; DE - 4,7; H - 1-1,5: CL — perfect; M — 
acicular crystals, radial aggregates. 

Origin and occurrence: Secondary, as a result of a 
stibnite oxidation in Sb deposits, associated with 
stibnite, antimony, senarmontite, valentinite and 
stibiconitc. Famous specimens with needles up to 100 
mm (4 in) long, in radial aggregates. come from 
Pezinok and Pernek, Slovakia. Crystals up to 50 mm 
(2 in) long found in the Globe and Phoenix mines, 
Zimbabwe. It is also known from Bolivia (San 
Francisco mine, Poopo; Oruro) and Braunsdorf, 
Germany. 


Nagvagite, 100 mm, Sacarimb, Romania 


Tetradymite 
BizTe2S 


TRIGONAL eee 


Properties: C — light stecl-gray. tarnishing dark to 
iridescent: S — light steel-gray; L - metallic; D — 
opaque; DE - 7,3; H ~ 1,5-2; CL — perfect; M - 
pyramidal crystals, curved bladed aggregates, 
massive. 

Origin and occurrence: Hydrothermal in medium- 
and high-temperature Au deposits; also in contact 
metamorphosed deposits, together with gold. hessite, 
calaverite, pyrite and other minerals. Crystals up to 
10 mm (/ in) across are known from Župkov , 
Slovakia. It is common in Colorado (Red Cloud) and 
in California (Carson Hill), USA. It occurs with gold 
in skarns in Baija Bihorului, Romania. 


Nagyagite 
PbsAu(Te,Sb)4Ss_g 


TETRAGONAL © © 


Properties: C — black-gray; S — black-gray: L 
metallic: D — opaque; DE — 7,5; H - 1,5; CL — 
perfect; F — uneven: M — thin tabular to foliated 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature veins. associated with altaite. arsenic, 
gold. rodochrosite and other minerals. Foliated 
crystals up to 40 mm (1%. in) across come from 


Sacarimb and Baia de Arics , Romania. Fine speci- 
mens were also found in Tavua, Viti Levu, Fiji and in 
the Sylvia mine, Tararu Creek, New Zealand. It also 
occurred in Gold Hill and Cripple Creek, Colorado. 
USA and in Kalgoorlie, Western Australia, Australia. 


Sylvanite 
(Au,Ag)2 Te, 


MONOCLINIC 000 


Properties: C — steel-gray to silver-white, tarnishing 
to yellow; S - stecl-gray to silver- white; L - 
metallic; D — opaque; DE - 8,2; H — 1,5-2; CL - 
perfect: F — uneven: M — short prismatic to thick 
tabular crystals, skeletal aggregates, granular. 
Origin and occurrence: Hydrothermal in low- 
temperature ore veins, also in medium- and high- 
temperature deposits as one of the latest minerals, 
associated with gold calaverite. hessite. krennerite 
and other mincrals. The best specimens come from 
Sacarimb and Baia de Aries , Romania. where it 
occurs as skeletal crystals and aggregates. Crystals 
were also found in Cripple Creck, Colorado, USA: 
crystals up to 10 mm (/ in) across come fom the 
Emperor mine, Viti Levu, Fiji. 


Sylvanite, 20 mm, Cripple Creek, U.S.A. 
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Krennerite, 3 mm xx, Sacarimb, Romania 


Krennerite 
AuTez 


ORTHORHOMBIC o o 


Properties: C — silver-white to brass-yellow; S - 
silver-white; L — metallic: D — opaque; DE - 8,9; H 
- 2-3: CL — perfect: F - conchoidal to uneven: M - 
short prismatic, striated crystals, massive. 

Origin and occurrence: Hydrothermal in gold- 
bearing veins, associated with gold, tellurium, pyrite, 
quartz and other tellurides. Crystals up to 20 mm 
(7*/s2 in) across found in Tavua, Viti Levu, Fiji. Small 
crystals occurred in Sacarimb and Baia de Aries , 
Romania and in Cripple Creek, Colorado, USA. 
Application: Au ore. 


Calaverite 
AuTe> 


MONOCLINIC eee 


Properties: C — brass-yellow to silver-white; S — 
greenish; L - metallic. D — opaque; DE - 9,3; H - 
2,5-3; CL — none; F — uneven to conchoidal; M — 
bladed and short prismatic, striated crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature Au-bearing veins, sometimes in 
medium- and high-temperature deposits, associated 
with coloradoite, altaite, krennerite and other 
tellurides. It is common in the Mother Lode in 
California (Carson Hill). It is important, together 
with hessite in Cripple Creek. crystals up to 10 mm 
(C/s in) across come from the Cresson mine, 
Colorado, USA.. Ít is also known from several mines 
near Kirkland Lake, Ontario, Canada. 

Application: Au ore. 


an 


Pyrite 
FeS2 
CUBIC .0.... 

Properties: C - light brass-yellow, tarnishing 
iridescent and darkens; S — green-black to brown- 
black: L — metallic; D — opaque; DE — 5,0; H - 6-6,5; 
CL — imperfect; F - conchoidal to uneven; M — 
combinations of cubic crystals, striated, stalactitic 
and spherical aggregates, massive. 

Origin and occurrence: Magmatic segregations in 
basic rocks with pyrrhotite and pentlandite, in 
pegmatites and skarns; hydrothermal in porphyry and 
vein deposits together with other sulfides: hydro- 
thermal sedimentary. sedimentary and metamorphic. 
Magmatic segregations are known from Sudbury, 
Ontario, Canada and Merensky Reef, Transvaal. 
South Africa. Large crystals up to 200 mm (7% in) 
across are known from Rio Marina, Elba, Italy. Fine 
octahedra come from Llallagua, Bolivia. Crystals, up 
to 120 mm (4''/«in) across, were found in Bingham 
and Park City, Utah, USA. Crystals up to 150 mm (6 
in) are known from Huanzala and Quiruvilca, Peru. 
The largest pyrite deposit is Rio Tinto, Spain, where 
fine-grained pyrite formed accumulations about 1 
billion tons. Beautiful cubes up to 80 mm (3'/ in) 
come from Navajun, Spain. Large deformed crystals 


Calaverite, 21 mm, Na agyag. onnie 


Pyrite, 74 mm, Navajun, Spain 


up to 200 mm (7°%s in) across occurred in the Samo 
mine near Hnust'a , Slovakia. Interesting, complex 
combinations of crystals found in Nanisivik, on an 
edge from Climax, Colorado, USA. 

Application: production of sulfuric acid. 


Hauerite 
MnS) 


CUBIC 0090 


Properties: C — red-brown to brown-black; S - 
brown-red; L — metallic to adamantine; D — opaque: 
DE - 3,44; H — 4; CL - perfect; F — uneven to 
conchoidal; M - octahedral crystals and their 
combinations, spherical aggregates.. 

Origin and occurrence: Low-temperature sedimen- 
tary mineral, limited to clays with high S contents. 
The best crystals up to 50 mm (2 in) across come 
from the Destricella mine near Raddusa. Sicily, Italy. 
Crystals up to 25 mm (1 in) and their aggregates are 
known from Viglasska Huta (former Kalinka) near 
Zvolen, Slovakia. Crystals up to 15 mm (‘2 in) 
across occur in Tarnobrzeg, Poland. Also found with 
sulfur, gypsum. realgar and calcite in the salt domes 
near High Island, Texas, USA. 


Pyrite, 135 mm, Washington, U.S.A. 


Hauerite, 39 mm, Raddusa, Italy 
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Sperrylite, 55 mm, Talnakh, Russia 


Sperrylite 
PtAs> 


CUBIC © © 


Properties: C — tin-white; S — black; L — metallic; D 
— opaque; DE —- 10,8; H — 6-7: CL — imperfect; F — 
conchoidal; M - complex combinations of cubic 
crystals, massive. 

Origin and occurrence: 1 is mainly of magmatic 
liquid origin, associated with pyrrhotite. pentlandite, 
cubanite and other mincrals. The best crystals come 
from Talnakh near Norilsk. Siberia, Russia. where 
inter-grown crystals reached up to 50 mm (2 in). 
Crystals up to 40 mm (1% in) across known from 
Tweefontein, Potgictersrust, Bushveld, South Africa. 
It also occurred as disseminated aggregates in 
Sudbury. Ontario, Canada. 


Aurostibite 

AuSb 

CUBIC ee 

Properties: C - gray, tarnishing iridescent; S — gray: 


L - metallic: D — opaque; DE - 9,9: H - 3; CL 
Bnone; M - granular, 


Origin and occurrence: Hydrothermal in quartz 
veins, associated with gold and other Sb minerals. 
Grains up to 5 mm (+ in) across come from Krasna 
Hora. Czech Republic. It also occurs in the Giant 
Yellowknife minc, Northwest Territories and Hemlo, 
Thunder Bay, Ontario, Canada and is also reported 
from Bestyube, Kazakhstan. 


Krut’aite 
CuSe2 


CUBIC 0 


Properties: C — gray; S — gray; L — metallic; D - 
opaque: DE — 6,5; H — 4; M - microscopic crystals, 
massive. 

Origin and occurrence: Hydrothermal, associated with 
clausthalite, urantnite and other minerals. The richest 
accumulations of massive aggregates were found in the 
El Dragon mine, Potosi, Bolivia, where crystals up to | 
mm ('2 in) occurred as well. lt was originally des- 
cribed as microscopic from Petrovice, Czech Republic. 


Cobaltite 
CoAsS 


ORTHORHOMBIC 00.0 


Properties: C — silver-white; S — gray-black; L — 
metallic, adamantine to dull; D — opaque;DE - 6,3; 
H — 5,5; CL — perfect; F — uneven; M - pseudo-cubic 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- 
temperature ore deposits and mctamorphic. together 


Aurostibite, 4 mm grain, Krasna Hora, Czech Republic 


- * a e a W 


Krut'aite, 40 mm, El Dragon, Bolivia 


Cobaltite, 5 mm x, Hakansboda, Sweden 


with magnetite, sphalerite, chalcopyrite, other sulfides 
and arsenides of Co and Ni. The best dodecahcdra. 
several cm across, come from metamorphic sulfide 
deposits in Tunabcrg. Sweden, Other Swedish 
localities. like Hakansboda and Ramsberg, yielded 
crystals up to 60 mm (24 in) across. Fine crystals 
about 10 mm (*/s in) occurred in the magnesite deposit 
Mutnik near Hnust’a , Slovakia. Cubic crystals up to 
30 mm (ls in) across found in Espanola, Ontario, 
Canada. Beautiful crystals are known from the skarn 
in Bimbowric, South Australia, Australia. 
Application: Co ore. 


Gersdorfite 
NiAsS 


CUBIC 0090 


Properties: C -~ silver-white to stecl-gray, tarnishing 
gray-black; S — gray-black; L — metallic; D — opaque; 
DE — 6,0: H — 5.5; CL - perfect; F - uneven; M — octa- 
hedral striated crystals and their combinations. massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature ore deposits in association with nickel- 
inc, nickcl-skutterudite, ullmanite, siderite and other 
minerals. Crystals up to 100 mm (4 in) across come 
from the Snowbird mine, Montana, USA. It is import- 


ant in several mines near Sudbury and Cobalt. Ontario, 
Canada. Large cleavable masses are known from Dob- 
sina, Rudnany and Nizna Slana, Slovakia. Crystals 
from the Ait Ahmane mine near Bou Azzer. Morocco, 
reached up to 40 mm (1% in) . Application: Ni ore. 


Gersdorffite, 10 mm xx, Bou Azzer, Morocco 
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Ullmanste. 60 mm, Bou Cricha, Morocco 


Ullmanite 
NiSbS 


CUBIC e. 


Properties: C - steel-gray to silver-white; S — gray- 
black; L - metallic; D — opaque: DE - 6,8; H — 5-5,5; 
CL - perfect: F — uneven; M - combinations of cubic 
crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins 
together with other Ni minerals. Fine crystals, up to 
20 mm (7/32 in) across, come from Monte Narba near 
Sarrabus. Sardinia, Italy. Twins are known from 


Marcasite, 42 mm, Vintirov, Czech Republic 


Lolling, Austria. Crystals up to 10 mm (*/s in) were 
found in Ksice near Steibro, Czech Republic. It is 
common in Broken Hill, New South Wales, Australia 
and in Cochabamba, Bolivia. 

Application: Ni ore. 


Marcasite 

FeS, 
ORTHORHOMBIC 00090 

Properties: C — tin-whitc. bronze-yellow, tarnishing 
iridescent: S — grayish to brownish- black: L — me- 
tallic; D - opaque; DE — 4,9; H - 6-6,5; CL - good; 
F — uneven; M — tabular, pyramidal and prismatic 
crystals, often twinned into the form of cockscomb- 
like aggregates, stalactitic, botryoidal and massive. 
Origin and occurrence: lt originates at low tempera- 
tures in very acidic environment, either in sedimen- 
tary, or in hydrothermal deposits, associated with 
pyrite, pyrrhotite, galena, sphalerite, fluorite, 
dolomite and calcite. Hydrothermal crystals and 
pseudo-morphs after pyrrhotite are known from Frei- 
berg, Germany: Llallagua, Bolivia and Chiuzbaia, 
Romania. Crystals from Wiesloch, Germany and 
Reocin, Santander, Spain are of similar origin. Large 
crystals occurred in Joplin, Missouri and in Galena, 
Illinois, USA. The best crystals of sedimentary 
marcasitec come from coal basins. Fine crystals from 
black coal arc known from Essen, Germany. 
Cockscomb-like aggregates up to 150 mm (6 in) 
across, come from the brown coal basin in Vintigov, 
Czech Republic. Spherical, radial concretions with 
pyrite are known from Sparta. Illinois, USA and 
from Champagne, France. 

Application: production of sulfuric acid. 


Marcasite, 70 mm, Sparta, U.S.A. 


Lollingite, 7 mm xx, Cobalt, Canada 


Lollingite 
FeAs3 


ORTHORHOMBIC eee 


Properties: C — stecl-gray to silver-whitc; S — gray- 
black; L — metallic; D - opaque: DE - 7,5; H - 5-5,5: 
CL — sometimes good; F - uneven; M — prismatic 
crystals, massive. 

Origin and occurrence: Magmatic in pegmatites; 
hydrothermal in greisens and Sn-W veins, rare in the 
other types of ore veins, together with skutterudite, 


Safflorite, 70 mm. Bou Azzer, Morocco 


E Y 
` a Y S 


bismuth, nickeline. siderite, calcite and other mi- 
nerals. Fine crystals arc known from syenite in 
Langensundsfjord, Norway. Crystals up to 50 cm (20 
in) across come from a pegmatite in Kaatiala, 
Finland. Masses occur in the Kobokobo pegmatite, 
Kivu, Zaire. Massive aggregates with schorl were 
found in Dolni Bory. aggregates with cassiterite in 
Poebuz. Czech Republic. 


Safflorite 


(Co,Fe)As> 
ORTHORHOMBIC eee 


Properties: C — tin-white, tarnishing to dark gray; S 
— gray-black; L — metallic; D — opaque: DE - 7,5; H 
- 4,5-5; CL — good; F — uneven to conchoidal; M - 
prismatic crystals. radial aggregates, massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature with skutterudite, rammelsbergite, 
nickeline, silver, bismuth and lollingite. It is 
common in Schneeberg. Germany; Cobalt, Ontario, 
Canada; Batopilas, Chihuahua, Mexico and in Bou 
Azzer. Morocco. 


Rammelsbergite 
NiAs2 


ORTHORHOMBIC eee 


Properties: C — tin-white, pinkish; S - gray-black: L 
metallic; D — opaque: DE - 7,1; H - 5.5-6; CL - 
good: F — uneven; M — prismatic crystals, radial and 
fibrous aggregates, massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature veins associated with other Ni and Co 
mincrals. Botryoidal aggregates come from 
Schneeberg, Germany. It is common in Sarrabus, 
Sardinia, Italy; in the Eldorado mine near Great Bear 
Lake: in Cobalt, Ontario. Canada and Bou Azzer, 
Morocco. 


Rammelshergite, 60 mm, Schneeberg, Germany 


Dos so -~ 
2 ae 
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Arsenopyrite, 26 mm x, Portal. Mexico 


Arsenopyrite 
FeAsS 
MONOCLINIC 00090 

Properties: C - silver-white to stcel-gray; S — black; L 
- metallic; D — opaque: DE - 6,2; H — 5,5 — 6; CL - 
good; F — uneven; M ~ thick tabular to prismatic striated 
crystals, granular, massive. 

Origin and occurrence: It occurs in pegmatites: 
hydrothermal in high-temperature vein deposits and 
grciscns; metamorphic in contact metamorphic skarns, 
gneisses and mica schists. Long prismatic crystals up to 
30 cm ( 12 in) long are known from the Obira mine, 
Japan. It is very common in greisen Sn and W deposits, 
fine crystals are known from Hlorni Slavkov, Czech 
Republic and Ehrenfriedersdorf, Germany. Beautiful 
crystals up to 50 mm (2 in) across come from 
Panasqucira. Portugal. where they occurred associated 
with fluorapatite, wolframite and siderite. Historically 
important were large crystals from Tavistock. Devon , 
UK. Crystals up to 40 mm (1°. in) found in Llallagua, 
Bolivia. Crystals up to 50 mm (2 in) across were found 
recently in the Nikolai mine in Dalncgorsk, Russia. 


Cudmundite, 10 mm xx, Polar Urals, Russia 


Shiny crystals up to 30 mm (1’/ in) across, come from 
Hunan province, China. Application: As ore. 


Gudmundite 
FeSbS 


MONOCLINIC eee 


Properties: C — silver-white to stccl-gray; S — black; 
L — metallic; D — opaque; DE - 7,0; H — 5-6; CL - 
none; F — uneven: M — prismatic twinned crystals, 
massive. 

Origin and occurrence: Late hydrothermal mineral 
of ore deposits. also in metamorphic deposits and 
skarns. It is common in metamorphic sulfide depo- 
sits in Sweden (Boliden, Gudmundstorp). Massive 
aggregates arc known from Kutna Hora and Vlas- 
tijovice, Czech Republic. It was common in Broken 
Hill, New South Wales, Australia. 


Molybdenite 
MoS, 
HEXAGONAL 00... 

Properties: C — lead-gray; S — bluc-gray; L — me- 
tallic; D- opaque; DE - 4,0: H - 1-1,5; CL — perfect; 
M — tabular and prismatic crystals, scaly aggregates. 
Origin and occurrence: Magmatic in pegmatites. 
granites and aplites, hydrothermal in high- 
temperature veins, also in porphyry ore deposits and 
in contact metamorphic deposits; associated with 
chalcopyrite, quartz and other mincrals. Large 
crystals come from pegmatites in Blue Hill Bay, 
Maine, USA and in Mutue-Fides-Stavoren, Trans- 
vaal, South Africa, where they reach several tens of 
cm in size. Crystals up to 150 x70 mm (6 x 2% in) 
across come from the transitional type between 
pegmatites and quartz veins near Arendal and Moss. 
Norway: large crystals also occur in the Temiska- 
ming district, Quebec, Canada; tabular crystals up to 
120 mm (7/32 in) across found in quartz-molybdenite 
breccia pipes in veins in Australia (Queensland, New 
South Wales). Fine crystals are also known from 
Kladnica near Vito_a, Bulgaria: Horni Slavkov, 
Czech Republic and Ehrenfricdersdorf, Germany. As 
a fine grained disseminated ore was mined in 
Bingham, Utah and Climax, Colorado, USA. 
Application: Mo ore. 


Skutterudite 
CoAs2.3 
CUBIC eee 


Properties: C — tin-white to silver-gray, tarnishing to 


PRMART 4 lead 
SECONDAR +10 Toni NO 30 weg 


Fig. 6-4. Toroidal core transformers used for encoding. 


flop. When the SCR fires, a high current pulse passes through the 
one turn primary connected to the key pressed. This pulse induces 
a very short duration high voltage (up to 15 V) pulse in the secon- 
daries of the cores it passes through. These pulses are polarized in 
opposition to the +5 V applied to the secondaries and drive them to 
ground potential, thus setting the flip flops to which they are 
connected. The resistor across each secondary is for loading to 
suppress transients, and probably wouldn't really be needed (but is 
cheap insurance). Its value isn't critical. The diode in parallel with 
the resistor clamps the voltage to +5 V to prevent possible damage 
to the flip flop from too high a voltage spike. This probably isn't 
actually required either, but W9UBA and WA9VGS are cautious 
fellows. The diode in series with the clamping diode to ground 
prevents the flip flop “Clear” from being driven below ground 
(negative voltages should never be applied to TTL ICs). 

The SCR circuit works like this: C4 is charged up to the power 
supply voltage through R8. The gate of the SCR is high, but current 
cannot pass because the keyboard key is open, breaking the 
cathode connection to ground. When a key is struck, the circuit is 
complete and C4 discharges almost instantaneously (the actual 
discharge time depends upon the time constant of C4-R8). This 
discharge produces the high current pulse to fire the core secon- 
daries and set the flip flops. The instant a flip flop is set, pin 6 of 1C3 
goes low, closing the SCR gate, and C4 begins to recharge for the 
next character. The closed gate ensures that the keyboard is 
locked out until the character being generated is completed and 1C3 
pin 6 goes high again. C3 is simply a filter capacitor to prevent 
transients from triggering the SCR. 


Monitor 

IC2 is also a 555 IC timer connected as a triggered multi- 
vibrator. The bias components used in the dot generator are not 
necessary here since the IC is oscillating at audio frequencies. 
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gray and iridescent: S -- black; L— metallic; D — opaque: 
DE - 6.8: H - 5,5 - 6; CL -- good; F - conchoidal to 
uneven: M - combinations of cubic crystals, skeletal 
aggregates, granular, massive. 

Origin and occurrence: Hydrothermal in medium- to 
high-temperature ore veins, associated with other Ni 
and Co mincrals. Crystals up to 50 mm (2 in) across 
come from Bou Azzer. Morocco. Crystals up to several 
cm in size were found in Schneeberg and Annaberg, 
Germany. Large massive accumulations occur in Cobalt 
and Gowganda. Ontario, Canada. Application: Co ore. 


Skutterudite, 25 mm, Schneeberg, Germany 


Nickel-skutterudite 
NiAs3 


CUBIC eooo 

Properties: C — tin-white to silver. tarnishing to gray 
and iridescent; S — black; L - metallic; D — opaque; 
DE - 6,5; H — 5,5 - 6; CL - good; F - conchoidal to 
uneven: M — combinations of cubic crystals, skeletal 
aggregates, granular. 

Origin and occurrence: Hydrothermal in medium- 
temperature veins with arsenopyrite, arsenic, bismuth, 
calcite and siderite. Known in crystals from Chatham, 
Connecticut and Chester, Massachusetts, USA: also 
Val d'Anniviers, Wallis, Switzerland. Massive aggre- 
gates come from Dobsina, Slovakia: Les Chalanches, 
France: Mohawk mine, Michigan. USA; Schneebcrg, 
Germany. Application: ruda Co a Ni. 


Nickel-skutterudite, 36 mm. Saxony, Germany 
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Proustite, 25 mm, Chanarcillo, Chile 


Pvrargyrite, 61 mm, Zacatecas, Mexico 


Proustite 
Ag3AsS3 


TRIGONAL © © 


Properties: C — crimson, darkens upon exposure to 
light; S — crimson; L — adamantine; D - translucent to 
opaque: DE - 5,6; H - 2-2,5; CL — good; F con- 
choidal to uneven; M — prismatic, rhombohedral and 
scalenohedral crystals, massive. 

Origin and occurrence: Low-temperature hydrother- 
mal mineral. also in the oxidation and cementation 
zone together with stephanite, silver. xanthoconite, 
acanthitc and other minerals. The best specimens with 
crystals up to 100 mm (4 in) long come from the 
Dolores mine, Chanarcillo, Chile. Crystals up to 80 
mm (3'/ in) long found in the Himmelsfurst mine in 
Freiberg, Niedcrschlema and Schnceberg, Germany. 
Large druses with crystals up to 40 x 20 mm (1%. x 
*/2 in) across occurred in Jachymov; crystals up to 20 
mm (**/2 in) across known from Paibram and Stara 
Vozice, Czech Republic. Fine crystals come from Ba- 
topilas, Chihuahua and Sombrerete, Zacatecas, Mexi- 
co. Crystalline masses of proustite, weighing over 250 
kg (550 Ib), were found in 1865 in the Poorman mine. 
Silver City, Idaho. USA. Application: Ag ore. 


Pyrargyrite 
Ag3 SbS3 


TRIGONAL ee 


Properties: C ~ dark red, darkens upon exposure to 
light: S - crimson; L — adamantine: D - translucent to 
opaque; DE - 5,9; H - 2,5; CL - good; F - conchoidal 
to uneven; M — prismatic, rhombohedral and 
scalenohedral crystals, granular, massive. 

Origin and occurrence: Low-temperature hydrother- 
mal mincral, also secondary in the oxidation and 
cementation zone, together with silver, acanthite, 
other Ag sulfosalts, calcite and quartz. Crystals in 
Colquechaca, Bolivia and Chañarcillo, Chile reached 
several cm in size. Crystals up to 70 mm (2% in) long 
occurred in the Santo Nino vein in Fresnillo, Zacate- 
cas, Mexico. San Genaro mine in Huancavelica, Peru 
yielded crystals up to 50 mm (2 in) across. Crystals 
up to 40 mm { l°% in) across found in Freiberg; smal- 
ler crystals only are known from St. Andreasberg, 
Germany. Crystals up to 20 mm (7/2 in) across come 
from Pribram and Stara Vozice, Czech Republic. 
Crystals up to 50 mm (2 in) across found in the San 
Carlos mine, Hiendelacncina. Spain. 

Application: Ag ore. 


Xanthoconite 
Ag3 AsS3 


MONOCLINIC © © 


Properties: C — dark crimson, orange-yellow to 
yellow-brown; S - orange-yellow; L — adamantine; 
D - translucent; DE - 5,5; H — 2-3; CL - good; F — 
conchoidal: M — tabular and lath-like crystals, 
botryoidal and radial aggregates. 


Xanthoconite, 2 mm xx, Marienberg, Germany 


ye 


Pyrostilpnite, 60 mm, Potosi, Bolivia 


Origin and occurrence; Hydrothermal in ore veins 
together with proustite, pyrargyrite, acanthite, arse- 
nic and calcite. Botryoidal masses with yellow 
crystals up to 7mm (%%: in) long come from Freiberg; 
other important localities arc St Andreasberg, 
Germany; Ste-Marie-aux- Mines, France; Cobalt, 
Ontario, Canada; Pribram, Trebsko and Jachymov, 
Czech Republic. 


Pyrostilpnite 
Ag3SbS3; 


MONOCLINIC ee 


Properties: C — hyacinth- to orange-red; S - orange- 
yellow; L — adamantine; D - translucent: DE — 6,0: 
H - 2; CLB perfect; F — conchoidal; M — tabular to 
lath-like crystals, radial aggregates. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature veins, associated with pyrargyrite, stephanite, 
acanthite and other Ag minerals. The best crystals 
come from St. Andreasberg, Germany. Crystals up to 
10 mm (? in) long were found in Pribram, Trebsko 
and Jachymov, Czech Republic. It is also described 
from Colquechaca, Bolivia and Chañarcillo, Chile. 
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Samsonite Samsonite, 12 mm x, SIS Germany 
Agg4MnSb>54 A + 
—— mm —_____ _ __ mm y" s y K . F 


MONOCLINIC a 


Properties: C - steel-gray; S — dark red; L - metallic; 
D — opaque; DE - 5,5; H - 2,5; CL - none; F - 
conchoidal; M — prismatic striated crystals. 

Origin and occurrence: The only locality, where it 
occurred in relatively larger amount, was the Samson 
mine in St. Andreasberg, Germany, where crystals up 
to 10 mm (4 tn) across were found. 


Chalcostibite 
CuSbS, 


ORTHORHOMBIC © © 


Properties: C — lead-gray, tarnishing to blue and 
green: S — lead-gray: L — metallic: D — opaque; DE 
~ 5,0; H - 3-4: CL - perfect: F - conchoidal; M — 
long prismatic, striated crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with jamesonite, chalcopyrite, tetra- 
hedrite. stibnite, andorite and other minerals. Partly 
altered crystals up to 100 mm (4 in) long are known 
from Rar-cl-Auz near Casablanca, Morocco. It is 
often in deposits in Bolivia (Huanchaca. Oruro, 
Colquechaca), where its crystals reach 10 mm (*/ tn) 


Chalcostibite, 29 mm, Saint Pons, France 


Emplectite, 60 mm, Schwarzenberg, Germany 


Wittichenite, 30 mm, Wittichen, Germany 


in size. The world's best crystals up to 16 cm (6%. in) 
long were discovered recently near St Pons. France. 


Emplectite 
CuBiS, 


ORTHORHOMBIC eee 


Properties: C — gray to tin-white; S — gray; L — 
metallic; D — opaque: DE — 6,4; H - 2; CL - perfect; F 
— conchoidal to uneven: M — thin prismatic to acicular 
striated crystals. 

Origin and occurrence: Hydrothermal in high- 
temperature veins associated with chalcopyrite, 


Berthierite, 98 mm, Herja, Romania 


molybdenite, quartz, tetrahedrite and other minerals. 
Fine acicular crystals up to 30 mm (1*/« in) long 
come from Krupka, Czech Republic. Crystallized 
specimens were also found in Wittichen and 
Johanngeorgenstadt, Germany; Colquijirca, Peru and 
in the Akenobe mine. Japan. 


Wittichenite 
Cu3zBiS3 


ORTHORHOMBIC © © 


Properties: C — steel-gray to tin-white, tarnishing 
yellow to steel-gray; S — black; L — metallic; D — 
opaque; DE — 6,2: H - 2-3; CL -— none: F — 
conchoidal; M prismatic crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with other Bi minerals, Cu-Fe sulfides, 
selenidcs and secondary U minerals. It occurs in 
Wittichen, Germany: Baița Bihorului, Romania; 
Tsumeb, Namibia and Cerro de Pasco, Peru. 


Berthierite 
FeSb3S4 


ORTHORHOMBIC eee 


Properties: C ~ dark stecl-gray. tarnishing iridescent 
to brown; S — dark brown-gray; L — metallic; D 
opaque; DE — 4,7; H — 2-3; CL — imperfect: M- long 
prismatic, striated crystals, fibrous, felt-like and 
radial aggregates. 

Origin and occurrence: Hydrothermal in low-tempera- 
ture Sb deposits. Acicular crystals up to 10 mm (4 in) 
long are known from the St. Antoni de Padua gallery in 
Kutna Hora, Czech Republic: thick prismatic crystals 
come from Poproc, Slovakia. Indescent columnar 
aggregates up to 200 mm (7*/ in) long occur in Herja, 
Romania. Fine specimens are known also from Oruro, 
Bolivia. 
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Stephanite, 8 mm xx. Zacatecas, Mexico 


Stephanite 
AgsSbS4 


ORTHORHOMBIC ee 


Properties: C — black; S — black; L -- metallic; D — 
opaque; DE - 6,3; H — 2-2,5; CL — imperfect: F — 
conchoidal; M — short prismatic to tabular striated 
crystals, massive. 

Origin and occurrence: Late hydrothermal mineral in 
Ag deposits. associated with proustite. acanthite, 
silver, tetrahedritc, galena, sphalerite and pyrite. 
Crystals up to 40 mm (1%: in) long come from 
Pribram and Jachymov, Czech Republic and from St. 
Andreasberg, Germany. Crystals up to 50 mm (2 in) 
across found in the Las Chispas mine, Arizpe, Sonora, 
Mexico and Hiendelacncina. Spain. Smaller crystals 
occurred in Freiberg, Schnccberg and Annaberg, 
Germany. Application: Ag ore. 


Pearceite 
AgijgAs7S|¡ | 


MONOCLINIC ee 


Properties: C — black; S -- black; L — metallic; D - 
opaque; DE - 6,1; H — 3; CL — none; F — conchoidal 
to irregular; M — short prismatic to tabular crystals 
and rosctte-like aggregates, massive. 


Origin and occurrence: Hydrothermal in low- to 
medium-tempcrature deposits with acanthite, silver, 
proustite, quartz, barite and calcite. Crystals several 
mm across are known from Jachymov, Moldava and 
Midinec, Czech Republic; from Arqueros, Chile and 
from the Veta Rica mine, Coahuila, Mexico. Crystals 
up to 12 mm ('%: in) across were found in the Cari- 
bou mine, Colorado, USA; also in Dzhezkazgan, 
Kazakhstan. 

Huge accumulations of almost pure pcarceite 
occurred in the Mollic Gibson mine near Aspen, 
Colorado, USA. 

Application: Ag ore. 


Polybasite 
(Ag,Cu) | 6267S VW 


MONOCLINIC o. 


Properties: C — black; S — black; L — metallic; D 
Bopaque; DE — 6,4; H — 2-3; CL — imperfect; F - 
uneven; M — pseudo-hexagonal tabular crystals, 
massive. 

Origin and occurrence: Hydrothermal in low- to 
medium-temperature ore veins, associated with 


Pearceite, 15 mm xx, Guanajuato, Mexico 


Polybasite, 39 mm, Zacatecas, Mexico 


pyrargyrite, tctrahedrite, stephanite, acanthite, 
quartz, and other mincrals. Crystals. several cm 
across, are known from Wolfach, St. Andreasberg, 
Freiberg and Schnecberg, Germany; also from 
Guanajuato, Mexico. The best specimens with 
tabular crystals up to 90 mm (3°/ in) across come 
from the Las Chispas mine, Arizpe, Sonora. Mexico. 
Application: Ag ore. 


Lorandite, TO mm x. Alichar, Macedonia 


Lorandite 
TIAsS» 


MONOCLINIC o. 


Properties: C — crimson, lead-gray, it covers with a 
yellow coating; S — cherry-red; L - metallic to 
adamantinc; D — translucent to transparent; DE — 
5,5; H — 2-2,5; CL - perfect; M — short prismatic to 
tabular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, associated 
with stibnitc, realgar, orpiment, pyrite and other 
minerals. Crystals up to 50 mm (2 in) across were 
found in Allchar, Macedonia. it is also known from 
Djijikrut, Tajikistan and from the cavities in dolomite 
from Lengenbach, Binntal, Switzerland. 


Livingstonite 
HgSb4Sg 


MONOCLINIC o. 


Properties: C — black-gray: S — red; L — metallic to 
adamantine: D — opaque; DE — 5,0: H - 2; CL — 
perfect; M — acicular crystals, columnar and fibrous 
aggregates, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature veins, associated with cinnabar, 
stibnite, getchellite and other minerals. The best 
specimens with prismatic crystals up to 50 mm (2 
in) long are known from Khaidarkan, smaller 
crystals only found from Kadamdzhai, Kyrgyzstan. 
It is also described from the La Cruz mine, 
Huitzuco, Guerrero, Mexico and from the Matsuo 
mine, Japan. 


Livingstonite, 40 mm, Khatdarkan, Kyrgystan 


Bournonite, 62 mm, Cornwall, UK 


Bournonite 
PbCuSbS; 
ORTHORHOMBIC 00090 

Properties: C — stecl-gray to black: S - stcel-gray to 
black; L — adamantine to dull; D — opaque; DE - 5,8; 
H - 2,5-3: CL — imperfect; F — conchoidal to uneven; 
M — short prismatic to tabular crystals, often striated, 
granular, massive. 

Origin and occurrence: Hydrothermal in medium- 
temperature ore deposits, together with galena. 
tetrahedrite, pyrite, siderite and other mincrals. The 
finest crystals, complex twins called cogswheel ore, 
over 50 mm (2 in) across come from the Herodsfoot 
mine near Liskeard, Cornwall. UK. Tabular crystals 
up to 40 mm (1°/ in) across found in siderite cavities 
in Pribram, Czech Republic; large prismatic and 
tabular crystals known from Neudorf, Germany. 
Smaller crystals common in Cavnic and Baia Spric, 
Romania. Crystals, up to 100 mm (4 in) across, 
occurred in Machacamarca, Bolivia, Crystals up to 
40 mm (1%s in) come from Huancavelica, Peru. 
Crystals up to 100 mm (4 in) across reported from 
the Les Malines mine, France. Crystals up to 20 mm 
(25/32 in) across found at Chenzhou. Hunan 
province, China. Application: Pb, Cu and Sb ore. 


Atkinite 
PbCuBiS; 


ORTHORHOMBIC © © 


Properties: C — black-gray, tarnishing brown; S - 
gray-black: L - metallic; D — opaque; DE - 7,3; H — 


Aikinite, 2 mm xx, Rud?any, Slovakia 


Betekhtinite, 10 mm xx, Dohezkazgan, Kazakhstan 


2-2,5: CL — imperfect; F — uneven; M — prismatic to 
acicular, striated crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with gold, pyrite. galena, tennantite and 
other minerals. It is common in quartz veins with 
gold in Berezovsk, Ural Mountains, Russia, where 
crystals up to 30 mm (1%%s in) long were found; fine 
crystals come also from La Gardette, Bourg 
d'Oisans, France. Grains up to 50 mm (2 in) across 
occurred in the Outlaw mine, Nevada, USA. H is also 
known in metamorphic veins in Val d'Annivicrs, 
Switzerland. 


Betekhtinite 
Cu¡p(Fe,Pb)S¿ 


ORTHORHOMBIC © © 


Properties: C - black: S - black; L — metallic; D 
opaque; DE - 6,1; H - 3-3,5; CL - good; M - 
acicular crystals, granular. 

Origin and occurrence: Hydrothermal in ore 
deposits. The best specimens come from Dzhez- 
kazgan as clusters of acicular crystals up to 70 mm 
(2% in) long. associated with bornite, chalcocite, 
djurlcite and other minerals. Rich specimens found 


in Kipushi Kipushi, Shaba, Zairc. Granular aggre- 
gates fairly common in calcite veinlets, cross-cutting 
Cu-bearing shales near Eislcbcn, Mansfeld, Germany. 


Andorite 
PbAgSb3S, 


ORTHORHOMBIC © © 


Properties: C - dark stecl-gray, tarnishing to yellow 
and iridescent; S - black; L — metallic; D — opaque; 
DE - 5,4; H — 3-3,5; CL - none; F - conchoidal; M — 
prismatic and tabular striated crystals, massive. 
Origin and occurrence: Hydrothermal in ore deposits, 
together with cassiteritc, jamesonite, stannite and 
other minerals. The worlds best specimens come 
from the Itos and San Jose mines in Oruro and the 
Tatasi mine in Potosi, Bolivia, where it forms crystals 
up to 30 mm (1*%s in) across. Thin tabular crystals are 
known from Baia Spric. Romania and from the 
Keyser mine, Nevada, USA. Needles up to 10 mm (z 
in) long occurred in Trebsko, Czech Republic. 
Application: ruda Ag. 


Andorite, 43 mm, Oruro, Bolivia 
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Freieslebenite. 2 mm xx, Baia Sprie, Romania 


Freieslebenite 
AgPbSbS; 


MONOCLINIC o... 


Properties: C - light stecl-gray, lead-gray to silver- 
white; S — light stcel-gray, lead-gray to silver-white; 
L - metallic; D - opaque; DE — 6,2; H - 2-2,5; CL - 
imperfect: F — conchoidal to uncven; M — prismatic, 
striated crystals. 

Origin and occurrence: Hydrothermal in ore deposits, 
associated with acanthite, pyrargyrite, silver, galena, 
siderite and andorite. 

Crystals up to 20 mm (*/: in) across come from the 
Santa Cecilia, Guadalajara. Spain; Freiberg, Germany; 


Diaphorite, 5 mm xx, Pribram. 


Czech Republic 


en 


Oruro, Bolivia and from the Treasury Lode, Colorado, 
USA. 


Diaphorite 
Pb2Ag35b3 S3 


MONOCLINIC o © 


Properties: C - stecl-gray: S — stecl-gray; L — metal- 
lic; D — opaque: DE - 6,0: H — 2,5-3; CL - none; F 
- conchoidal to uneven: M - prismatic striated crys- 
tals. 

Origin and occurrence: Hydrothermal in medium- 
temperature ore veins. associated with galena. 


Sartorite, 4 mm x. Binntal, Switzerland 


None of the R or C values are critical and can be chosen to suit your 
preferences or what you have available. With those shown, the 
monitor produces tones from about 50 Hz to several thousand Hz, 
adjustable by R11. Of course R11 can be a fixed resistor if you'll 
settle for a single tone. C6 and R12 form the simple but adequate 
volume control. When set at its low end, R12 completely silences 
the monitor, and at the high end the IC will drive a 2”-4"” speaker to 
a volume adequate for a medium-sized room. In the dot generator, 
the “Reset” terminal (pin 4) was tied-te-¥5 V dc and the IC was 
triggered on and off via pin 2. In the monitor, however, we switch 
1C2 on and off via pin 4, since our driving signal (pin 13 of IC4) is 
low in the off state and high in the on state. 


Table 6-2. Parts List for Keycoder. 
High Voltage PNP Transistors 
for Keying Service 
Number Vebo 
2N398A* 105 
2N1275 100 
2N1476 100 
2N1654 100 
2N1655 125 
2N1656 125 
- 2N204274* 105 
Parts List 2N20434" 105 
| 2N2551 150 
| 101-102 555 integrated Circuit Timer 2N2590 100 
| ica Quad 2-input NAND gate (SN 7400) 2N2591 100 
ica Quad 2-input NOR gate (SN 7402) 2N2598 125 
| 1C5 Triple 3-input NAND gate (SN 7410) 2N2599A 125 
106-109 Dual “D” Flip Flop (SN 7474) 226004, 125 
SCR 2N8B3, or equivalent 203062 op 
| Q1 2N3569, HEP 728, or equiv. NPN audio transistor 2N3063 90 
a? 2N5416 PNP high voltage transistor, or equiv, (see 2N.3064 110 
| accompanying table) 23065 110 
| CRI-CRIG 1N914 switching diode, or equivalent 2N3224 100 
cl 3 uF, 15 V electrolytic capacitor 2N3413 150 
| 2 0.005 uF, 200 V capacitor 203495 120 
C3 0.022 uF, 15 V capacitor 2N3497 120 
CA 1.5 uF, 15 V electrolytic capacitor 2N3841 100 
cs 0,01 uF, 15 V capacitor 2N3842 120 
C BuF, 15 V electrolytic capacitor 2N3930 180 
| R1 1.2k, % W resistor 2N4028 100 
R2 15k miniature potentiometer, audio raper 2N4357 240 
R3 10k, % W resistor 2N4883 150 
As Bik, 1 W resistor 24889 150 
| AS 47k, 1 W resistor 2N5400 130 
AG 430 Ohm, % W resistor 2N6401 160 
R7 600 Ohm, 14 W resistor 2N5415" 200 
AB 10k, % W resistor 2N5416* 350 
| AD Tk, da W resistor 25A305 125 
R10 10k, M4 W resistor 254429 150 
| R11 100k miniature potentiometer, oudio taper 25A510 110 
A12 500 Ohm miniature potentiometer, audio taper 254511 90 
A13-A19 240 Ohm, 14 W resistor 25A516A 120 
RFC1 2.5 mH rf choke 254637 150 
| Reed Relay Meshna Electronics F4SP-37A, SPST W A contacts, 3-6 25A639 180 
| W coll 25A685 150 
Toroids Order from Amidon Associates, 12033 Otsego St., No. *Germanium transistors, 
(7 required) Hollywood CA 91607 all others silicon. 
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sphalerite, pyrargyrite, pyrite and other minerals. 
Beautiful striated crystals up to 10 mm (‘/s in) come 
from the cavities of quartz veins in Poíbram; rare 
small crystals. several mm across found in the 
cavities of quartz veins in the St. Antoni de Padua 
gallery in Kutna Hora, Czech Republic. Complica- 
ted combinations of crystals were described from 
Braunsdorf, Germany. Crystals up to 80 mm (3'/s 
in) long occurred in Hiendelaencina, Guadalajara, 
Spain. It is also reported from Catorce, San Luis 
Potosi, Mexico. 


Sartorite 
PbAs7S4 


MONOCLINIC ee 


Properties: C — dark lead-gray: S — chocolate-brown; 
L — metallic; D — opaque; DE - 5,1; H - 3; CL — 
good: F — conchoidal; M — prismatic striated crystals. 
Origin and occurrence: Hydrothermal in dolomite, 
associated with tennantite. dufrenoysitc, pyrite and 
realgar. The best crystals up to 100 mm (4 in) long 
come from Lengenbach, Binntal, Switzerland. lt was 
also found in the Zuni mine, Colorado, USA. 


Baumbhauerite 
Pb3As4Sq 


TRICLINIC $ 


Properties: C — lead- to stecl-gray, tarnishing 
iridcsccnt; S — chocolate-brown; L — metallic; D — 
opaque: DE - 5,4; H - 3; CL - perfect; F — 
conchoidal: M — tabular to short prismatic striated 
crystals, granular. 

Origin and occurrence: Hydrothermal. associated 
with realgar and other sulfosalts. The best crystals up 
to 25 mm (1 in) across come from Lengenbach, 
Binntal, Switzerland. Massive aggregates were 
found in Hemlo, Thunder Bay, Ontario. Canada and 
Sterling Hill, New Jersey, USA. 


Baumhauerite, 50 mm, Binntal. Switzerland 
Fi nat r 
: a 


Rathite, 60 mm, Binntal, Switzerland 


Rathite 
(Pb,TI)3As5S 10 


MONOCLINIC 0 


Properties: C — lead-gray, tarnishing iridescent; S — 
chocolate-brown; L — metallic; D — opaque; DE 
5,3: H - 3; CL — perfect; F — conchoidal; M — 
prismatic striated crystals. 

Origin and occurrence: Hydrothermal. associated 
with other Pb-Tl-As-S minerals. Crystals up to 10 
mm (?/s in) across come from dolomite in Lengen- 
bach. Binntal, Switzerland. 


Dufrenoysite 
Pb>As5)S 5 


MONOCLINIC © è 


Properties: : C — lead- to stecl-gray; S — red-brown to 
chocolatc-brown: L - metallic: D — opaque: DE — 5,6; 
H — 3; CL — perfect; F — conchoidal; M — clongated 
striated tabular crystals. 

Origin and occurrence: Hydrothermal low-temperature 
mineral, associated with rathite. sartorite, baumhaucrite 
and realgar. Crystals up to 25 mm (1 tn) across come 
from dolomite in Lengenbach, Binntal, Switzerland. 
Also found in Batopilas, Chihuahua, Mexico. 


Dufrenoysite, 10 mm x, Binntal, Switzerland 
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Jordanite 
Pb 14 (As,Sb)¿S>3 


MONOCLINIC ee 


Properties: C — lead-gray. tarnishing iridescent; S - 
black; L — metallic: D - opaque: DE - 6.4; H - 3; CL 
— perfect: F - conchoidal: M — tabular crystals, 
botryoidal aggregates. 


Geocronite, 70 mm, Pribram, Czech Republic 


AN 


Origin and occurrence: Hydrothermal in low- 
temperature ore veins, also in metamorphic dolo- 
mites, together with tennantite. sphalente, galena, 
dolomite and other minerals. The most famous 
crystals up to 50 mm (2 in) across come from cavities 
in dolomite in Lengenbach. Binntal, Switzerland. 
Tabular crystals occurred also in Sacarimb , Romania. 
Botryoidal aggregates, growing on barite crystals, 
were described from the Yunosawa mine, Japan. 


Geocronite 
Pb) 4 (Sb,As)gS3 


MONOCLINIC ee 


Properties: C — light lead-gray: S — light lead-gray to 
gray-blue; L — metallic; D - opaque: DE - 6,4; H - 2,5; 
CL - good: F - uneven; M - tabular crystals. massive. 
Origin and occurrence: Hydrothermal in ore veins, 
associated with galena, pyrite, tetrahedrite, barite, 
fluorite and quartz. Crystals, up to 80 mm (3'/ in) 
across, come from Pictrasanta, Italy. Crystals up to 
90 mm (376 in) found in Virgem da Lapa, Brazil. 
Tabular crystals up to 40 mm (1%s in) across occur- 
red in the Kilbricken mine, Ireland, Massive aggre- 
gates are known from Pribram, Czech Republic. 


Zinkenite 
Pb9Sb>7547 


HEXAGONAL eee 


Properties: C — stecl-gray, tarnishing iridescent: S — 
stecl-gray; L — metallic; D — opaque: DE - 5,3; H - 
3-3.5; CL -— imperfect; F - uneven; M — thin 
prismatic striated crystals, radial to felt-like aggre- 
gates, massive. 

Origin and occurrence: Hydrothermal in ore 
veins, associated with stibnite, jamesonite, bou- 
langcrite, bournonite, stannite and other minerals. 
Crystals up to 50 mm (2 in) across are known from 
the Itos and San Jose mines in Oruro. Bolivia. It 
was also found in Wolfsberg, Germany: St. Pons, 
France: Sacarimb and Baia Sprie, Romania. 


Jamesonite 
PbgFeSb¢Sj4 
MONOCLINIC eeee 

Properties: C — gray-black, tarnishing iridescent; S — 
gray-black: L — metallic; D — opaque; DE - 5.8; H - 
2.5: CL -- good; F - uneven; M - acicular crystals, 
fibrous and felt-like aggregates, massive. 


Zinkenite, 39 mm, Oruro, Bolivia 


Jamesonite, 30 mm xx. Sombrerete, Mexico 


Origin and occurrence. Hydrothermal in medium- 
and low-temperature base meta! ore veins, associated 
with other Pb-sulfosalts, pyrite, sphalerite, galena, 
tetrahedrite, quartz and other minerals. Needles up to 
80 mm (3's in) long occur in many localitics in 
Bolivia (Tasna; Bolivia mine, Poopo; San Jose and 
Itos mines, Oruro). It also comes from Wolfsberg 
and Freiberg, Germany; Nizna Slana . Slovakia and 
Sombrerete, Zacatecas, Mexico. 

Application: Pb and Sb ore. 
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Semseyite 
PbySbgS) | 


MONOCLINIC © © 


Properties: C - gray to black: S —- black: L - 
metallic; D — opaque; DE - 6,1; H - 2,5; CL - 
perfect; M — tabular and prismatic crystals and their 
rosette-like aggregates. 

Origin and occurrence; Hydrothermal in medium- 
temperature veins, associated with jamesonitc, 
bournonite. zinkenite, sphalerite and other minerals. 
Fine rosctte-like aggregates of crystals over 10 mm 
(%4 in) across come from Baia Sprie, Herja and 
Rodna, Romania. It was also found in the San Jose 
mine, Oruro, Bolivia: Wolfsberg, Germany and 
Huancavelica, Peru. 


Boulangerite 
PbsSb4S ¡y 
MONOCLINIC 0000 


Properties: C — lead-gray; S — brownish; L — metallic 
to silky: D — opaque: DE - 6,2; H — 2,5-3; CL — 


Semseyite, 40 mm, Cavnic, Romania 


ra 


good; M - acicular striated crystals, fibrous and felt- 
like aggregates. 

Origin and occurrence: Hydrothermal in low- and 
medium-temperature ore veins, together with other 
Pb sulfosalts, galena. sphalerite and other minerals. 
Fine needles over 100 mm (4 in) long come from 
cavities in quartz in Pribram, Czech Republic. It is 
common in the Cocur d’Alene district, Idaho. USA. 
Acicular crystals up to 30 cm (12 in) long were 
found in Trepea. Serbia and Leadville, Colorado, 
USA. It is also known from Wolfsberg. Germany and 
Bolivia (Colquechaca, Huanuni, Isca-Isca). 


Cosalite 
Pb»Bi2Ss 


ORTHORHOMBIC 000 


Properties: C — icad- to stecl-gray, silver-white; S — 
black; L — metallic; D — opaque: DE - 7,1; H — 2,5- 
3; CL — none; F — uneven; M — prismatic to acicular 
crystals, radial and fibrous aggregates. 

Origin and occurrence: Maginatic in peguialites, 
hydrothcrmal in medium-temperature deposits; also 
metamorphic, associated with sphalerite, chalco- 


Boulangerite, 40 mm, Zacatecas, Mexico 


Cosalite, 3 mm xx, Ocna de Fier, Romania 


oe m 


7 


Kobellite, 20 mm xx. Rozhava, Slovakia 


-. 


pyrite, pyrite, cobaltite and other minerals. Elonga- 
ted crystals are known from Crodo, Italy. Fine 
needles up to 40 mm (1%s in) long. included in 
quartz crystals. were found in Kara-Oba, Kazakh- 
stan. It occurs also in Au deposits (Homestake mine, 
South Dakota. USA) or in skarns (Baija Bihorului, 
Romania). 


Kobellite 
Pb27Cug(Bi,Sb)39569 


AY 


ORTHORHOMBIC 0090 


Properties: C — black-gray to stecl-gray; S — black; L — 
metallic; D -- opaque; DE - 6,5; H - 2,5-3; CL — good: 
M - fibrous aggregates, granular, massive. 

Origin and occurrence: Hydrothermal in high-tempe- 
rature veins and pegmatites, together with cobaltite, ar- 
senopyrite, chalcopyrite and other minerals. It is known 
from a sulfide rich pegmatite in the Superior Stone 
quarry, North Carolina, USA. Massive aggregates arc 
common in Jedl’ovec , Slovakia. It was originally des- 
cribed from the Hvena mine near Askersund, Sweden. 


Realgar. 64 mm, Shimen, China 


Realgar 

AsS 
MONOCLINIC 0000 

Properties: C - red to orange-yellow; S — orange-red 
to red; L — resinous to greasy: D — transparent to 
translucent; DE — 3,6; H — 1.5-2; CL — good; F — 
conchoidal; M — prismatic striated crystals, granular, 
massive. 

Orpiment, 40 mm. Baia Sprie, Romania 


Origin and occurrence: Hydrothermal in low- 
temperature veins, associated with other As-Sb 
minerals; also as a sublimation product of volcanic 
gasses. in hot springs and sediments. The most 
beautiful crystals over 100 mm (4 in) long come 
from Shimen, Hunan, China. Crystals up to 70 mm 
(2% in) long occurred in the Getchell mine, Nevada, 
USA. Crystals up to 80 mm (3'/s in) long were found 
in Lengenbach, Binntal. Switzerland. Crystals are 
also known from Baia Sprie, Romania. Massive 
aggregates are common in Alichar, Macedonia. 


Orpiment 
As353 
MONOCLINIC e... 

Properties: C — lemon-yellow to bronze-yellow; S — 
light lemon-yellow; L - resinous to pearly: D - transpa- 
rent to translucent; DE — 3,5; H - 1,5-2; CL - perfect; 
M - prismatic crystals, foliated and fibrous aggregates. 
Origin and occurrence: Hydrothermal in low-tempera- 
ture veins, together with realgar, stibnite. calcite ete., 
also from hot springs and fumaroles. It is also a com- 
mon product of realgar oxidation. The best crystals up 


to 100 mm (4 in) long come from Shimen, Hunan, 
China. Fine clcavable lamellae occur in Lukhumi, 
Georgia and Men-Kyule, Yakutia, Russia. Crystals up 
to 50 mm (2 in) across found in the La Libertad mine, 
Quiruvilca and Huayllapon. Ancash, Peru. Crystals up 
to 80 mm (3'4 in) long described from the Getchell 
mine, Nevada, USA.. Fine specimens are also known 
from Allchar. Macedonia and Khaidarkan. Kyrgyzstan. 
Application: As ore, pigment. 


Getchellite 
AsSbS 3 


MONOCLINIC o. 


Properties: C — dark red, tarnishing green and irides- 
cent; S — orange-red; L — pearly to glassy, resinous; D 
— transparent; DE - 4,0; H - 1,5-2; CL - perfect; F - 
splintery; M — imperfect curved crystals, massive. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature ore deposits, associated with orpiment, 


Orpiment, 35 mm, Huavllapon. Peru 


Getchellite, 60 mm, Khaidarkan, Kyrgystan 


realgar, stibnite, cinnabar and other minerals. It was 
described from the Getchell mine, Nevada, USA. 
Beautiful specimens with grains up to several cm 
across come from Khaidarkan, Kyrgyzstan. It is also 
known from Zarehshuran. Kurdistan, Iran. 
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3. Halides 


Fluellite 
Al) (PO4)F2(OH) .7 H20 


ORTHORHOMBIC © © 


Properties: C - colorless. white, yellow; S — white; L 
— vitreous; D - transparent; DE - 2.2; H - 3; CL - 
imperfect; M - dipyramidal crystals. 

Origin and occurrence: Hydrothermal in greisens, 
also secondary as a result of triplite alteration. 
Crystal druses over 10 mm (^ in) in size come from 
Horní Slavkov. Czech Republic. Very similar 
specimens were found in Stenna Gwyn near St. 
Austell, Cornwall, UK. Also found in pegmatites in 
Kynzvart, Czech Republic and in Hagendorf, 
Germany as a product of triplite alteration. 


Cryolite 
NazAlF, 
MONOCLINIC © o © 

Properties: C -- colorless, white, purple, brownish; S 
~ white; L - greasy to pearly: D — transparent to 
translucent: DE - 3; H — 2.5; CL - none; F - uneven; 
M - pseudo-cubic crystals, massive. 


Fluorite. 67 mm, Berbes, Spain 
Cryolite. 35 mm, Ivigtut, Greenland 


ma aF (el e 
` x. i 


Fluellite, 10 mm x, Horni Slavkov, Czech Republic 


Origin and occurrence: Characteristic mineral of the 
cryolite pegmatites. Crystals up to 30 mm (1/16 in) in 
size were found in Ivigtut, Greenland, where it was 
mined as the Al ore for more than 100 years. It was 
associated with other aluminofluorides, sphalerite, 
cassiterite. ferrocolumbite and other minerals. It is 
also known from the Francon quarry in Montreal, 
Quebec, Canada in crystals up to 10 mm (A in) 
across. Massive cryolite occurs in Miass, Ural 
Mountains, Russia and in St. Peter’s Dome, Pikes 
Peak batholith, Colorado, USA. 

Application: it was an important Al ore. 
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Creedite. 70 mm, Santa Eulalia, Mexico 


Creedite 
Ca3Alq(SO4)(F,OH) ¡0 .6 H20 
ORTHORHOMBIC 0 0 © 

Properties: C — colorless. white, purple; S — white; L 
— vitreous; D — transparent; DE — 2.7; H - 4; CL - 
perfect; F — conchoidal; M - short prismatic to 
acicular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, associated 
with fluorite and barite. Purple crystals, several cm 
long, come from Wagon Wheel Gap near Creede, 
Colorado, USA. Nice druses were found in Santa 
Eulalia, Chihuahua, Mexico. The best creedite 
specimens with purple crystals up to 30 mm (1°/16 in) 
long were recently found in Akcha-tau, Kazakhstan. 


Carnallite 

KMgCl; .6 HO 
ORTHORHOMBIC 00090 

Properties: C — colorless, white, yellowish, red, blue; 


S - white; L - vitreous to greasy; DE - 1.6; H- 1-2; 
CL — none; F — conchoidal; M ~— pseudo-hexagonal 


«0 


pyramidal and tabular crystals. granular; LU - 
strong; R — decomposes under wet conditions. 
Origin and occurrence: Sedimentary. one of the last 
products of evaporation of salty solutions; also 
supergene as a product of a reaction of older salts 
with solutions, rich in potassium, associated with 
halite, sylvite and other minerals. Crystals up to 40 
mm (1%s in) across are known from the vicinity of 
Carlsbad, New Mexico, USA. Nice crystals come 
also from Stassfurt and Alexanderhall. Germany. 
Massive aggregates are common in many salt 
deposits, like in Saskatchewan, Canada; in Kalush, 
Ukraine and elsewhere. 

Application: : the most important potassium salt, 
used as fertilizer and for production of metal Mg. 


Atacamite 
CuzCl(OH) 
ORTHORHOMBIC 0090 

Properties: C — emerald-green, black-green; S — 
green; L — vitrcous; D — translucent; DE — 3.8; H — 
3-3.5; CL - perfect; F — conchoidal; M — prismatic 
crystals, columnar, radial and lamellar aggregates, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits in the arid climate, associated 
with other Cu minerals. Crystals up to 10 mm C% in) 
long were described from Burra district, Southern 
Australia, Australia. Crystals up to 10 mm (’/s in) 
across come from Tsumeb, Namibia; also from 
Bisbee, Arizona, USA. Rich aggregates of acicular 
crystals occur in many localities in Atacama 
province, Chile (Copiapo, Remolinos). 


A 


Carnallite, 80 mm, Merkers, Germany 
o. a < IAEA aa A 
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Fig. 6-5. Close-up view of the logic board. 


If Keycoder I is to be used exclusively with rigs that have a 
sidetone, obviously the monitor could be eliminated completely, 
but for the small number of components involved it's nice to have 
the unit completely self-contained for code practice without con- 
nection to a rig. 


Output Circuit 

The TTL output of Keycoder 1 can be used to drive either a 
keying relay, as shown in Fig. 6-3, or a PNP power transistor, if 
you can find one with ratings adequate for the keying circuit of your 
rig. 

In the relay circuit shown in Fig. 6-3, Q1 can be any small NPN 
audio transistor (I used a HEP 728 with R6 = 2200 ohms). The 
value of R6 can be changed to optimize the base drive if you 
substitute for Q1. For K1 I used a Griggsby-Barton 831C-2, which 
is packaged in a 14-pin DIP package and includes a protective diode 
(CR2). This relay is both small and completely silent, but is 
relatively expensive and its contacts will only handle about 125 
mW. However, this was adequate to key my Kenwood TS-250 
transceiver (keying current 10 mA at 12 V). A better choice would 
be a surplus reed relay, such as listed in Table 6-2. These are quite 
inexpensive (2/$1), and will handle 500 mA or better. W9UBA has 
used one of these relays to key his Drake T4X transmitter, Halli- 
crafters SR160, and several Heathkit rigs, without any difficulty. 


218 


Atacamite, 78 mm, Atacama. Chile 


Boleite 
Pb2gAggCuz4Clg2(OH) 4g 
CUBIC e 


Properties: C — blue: S — blue; L — pearly; D — 
translucent; DE — 5.1; H — 3-3.5; CL — perfect; M — 
cubic crystals; R — soluble in water. 


Boleite, 65 mm, Santa Rosalia, Mexico 


Origin and occurrence: Secondary. originated in 
the oxidation zone of Cu deposits in the arid cli- 
mate. By far the best specimens were found in 
Boleo. Baja California, Mexico, where cubes up to 
25 mm (1 in) in size were found. Ít is also known 
from Phillipsburg, Montana, USA and Challacollo, 
Chile. 
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Cumengite, 21 mm, Boleo, Mexico 
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Cumengite 
Pb2;Cu20Cl42(0H)40 


TETRAGONAL © 


Properties: C — indigo-bluc; S — blue; L — vitreous; D — 
translucent: DE — 4.7; H - 2.5; CL — good; M - tetrago- 
nal pyramidal crystals, also epitaxially overgrown on 


lodargyrite, 2 mm xx, Rudabanva, Hungary 


bolcite cubes. Origin and occurrence: Secondary in 
the oxidation zone of Cu deposits in the arid climate, 
associated with boleite. The largest crystals up to 35 
mm (1% in) are known from Boleo, Baja California, 
Mexico. It is also reported from Newport Beach near 
Falmouth, Cornwall, UK. 


lodargyrite 
P -Agl 


HEXAGONAL eee 


Properties: C — colorless, tarnishes to yellow: S — 
yellow; L - adamantine; D - transparent to 
translucent; DE — 5.7; H — 1-1.5; CL - perfect; F - 
conchoidal; M — prismatic to tabular crystals, 
granular, massive. 

Origin and occurrence: Secondary, product by 
oxidation of Ag ores. with other Ag minerals. Common 
greenish crystals over 10 mm CA in) in size occur in 
Broken Hill, New South Wales, Australia. Also found 
in Vrancice, Czech Republic: Tonopah, Nevada, USA; 
Chanarcillo and Copiapo, Chile. 


Villiaumite 
NaF 


CUBIC eee 


Properties: C — dark red; S — white; L — vitreous; 
D -- transparent to translucent; DE - 2.8; H — 2-2.5; 
CL — perfect; M — small crystals, granular, massive; 
R — soluble in water. 

Origin and occurrence: Late mineral in cavities in 
alkaline igneous rocks (nepheline sycnites). 
Crystals. several cm long, arc known from the 
Rasvumchorr Mountain, Khibiny massif, Kola 
Peninsula, Russia; only slightly smaller crystals 
come from Mont St.-Hilaire, Quebec, Canada and 
lllimaussaq, Greenland. 


Villiaumite, 10 mm xx, Khibiny Massif. Kola, Russia 


Halite, 55 mm, Trona, U.S.A. 


Halite 
NaCl 
CUBIC 0090090 

Properties: C — colorlcss, gray. white. red, blue; S — 
white; L — vitreous; DE — 2.2; H — 2; CL - perfect; F 
— conchoidal; M — cubic crystals, granular, massive; 
R = soluble in water. 

Origin and occurrence: Product of high-temperature 
fumaroles (Etna, Mt. Vesuvius; Italy); mainly sedi- 


Halite, 18 mm xx, Sonora, Mexico 


mentary, as a result of evaporation of sca water, 
associated with sylvitc, carnallitc and other mincrals. 
Very fine cubes over 10 mm (A in) are known from 
Weliczka and Bochnia, Poland. Blue cleavable aggre- 
gates are found in Bernburg, Germany. Salt deposits 
in Austria (Hallstatt, Hallein) are also important. 
Huge halite deposits, associated with potassium salts 
are mined in the vicinity of Stassfurt, Germany. Fine 
skeletal crystals are known from many localities in 
California, USA. 

Application: food and chemical industries. 
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Svivite, 77 mm. California, U.S.A. 


Sal ammoniac. 10 mm x, Batonyterenye, Hungary 


Sylvite 
KCI 


CUBIC 0090 


Properties: C — white, gray, blue, red; S - white; L — 
vitreous; D — transparent; DE — 2; H - 2; CL - per- 
fect; F — uneven; M — cubic crystals and their com- 
binations; granular, massive; R — soluble in water. 
Origin and occurrence: Sedimentary as a result of 
evaporation of sea water. together with halite, 
carnallite and other minerals. Nice cubes up to 50 
mm (2 in) come from Stassfurt; it forms stalactites in 
Wathlingen, Germany. Crystals are also known from 
Kalush. Ukraine and from Salton Sea, California, 
USA, where it occurs as octahedra on halite crystals. 
Application: chemical industry. 


Calomel, 30 mm, Terlingua, U.S.A. 


Sal ammoniac 
NHg¿C! 


CUBIC eee 


Properties: C — colorless, white, gray, yellow, brown; S 
— white; L — vitreous; D — transparent; DE - 1.5; H - 
1-2; CL - imperfect; F - conchoidal; M - 
combinations of cubic crystals, dendritic and skeletal 
aggregates; earthy. 

Origin and occurrence: Typical mineral for 
fumaroles and burning coal dumps. associated with 
sulfur and other minerals. Complicated crystals are 
known from Mt. Vesuvius, Etna and Vulcano, Italy. 
Crystals over 10 mm (*/s in) in size occurred on 
burning coal dumps near Kladno, Czech Republic; 
similar from localities in Eastern Pennsylvania, USA 
and near Ste-Etienne, France. 


Calomel 
HgCI 


TETRAGONAL © © 


Properties: C — colorless, white, gray, brown, it dar- 
kens on air; S — white; L — adamantine; D — transpa- 
rent to translucent: DE - 7.2; H — 1.5; CL - good; F - 
conchoidal; M -— tabular to pyramidal crystals, 
coatings, earthy; LU ~ dark red. 

Origin and occurrence: Secondary as a result of 
alteration of Hg minerals, associated with cinnabar, 
mercury and other minerals. Crystals were found 
in Moschellandsberg, Germany; Avala, Serbia; 


Khaidarkan, Kyrgyzstan and Terlingua, New 
Mexico, USA. 

Fluorite 

Caf 

CUBIC ..... 


Properties: C — colorless, white, yellow, red, green, 
blue, purple, brown, black; S — colorless; L - vi- 
treous; D — transparent to translucent, opaque; DE — 
3.2; H- 4; CL - perfect; F — conchoidal to splintery; 
M — combinations of cubic crystals, granular, mas- 
sive; LU — blue, blue-green. also phosphorescent. 

Origin and occurrence: Rare magmatic, mainly 
hydrothermal and metasomatic. Associations are 
very diverse, depending on a type of the deposit, in 
which it occurs. Beautiful crystals are known from 
many localities all over the world. Pink octahedra, 
several cm in size, are known from pegmatites in 
Nagar. Pakistan. Nice crystals were also found in 
greisens in Cornwall. UK (Wheal Mary mine) and 
from Horni Slavkov, Czech Republic. Beautiful 
green cuhes up to 20 cm across and colorless cubes 
up to 10 mm (?*/s in) across from Dalnegorsk, Russia 
are of hydrothermal origin. Famous green and 
purple crystals come from Alston Moor and 
Weardale, England, UK. Nice pink octahedra up to 
30 mm (1?:s in) occurred in Huanzala, Peru. Beauti- 


Fluorite. 23 mm x, Chamonix, France 


Fluorite, 50 mm, Argentina 


ful yellow cubes up to 50 mm (2 in) associated with 
barite, are known from Halsbriicke and Annaberg. 
Germany. Purple complex combinations of crystals 
come from La Collada, Spain. Mainly purple cubes 
up to 10 mm (*/s in) occurred in Rosiclare, Illinois; 
in association with honey-yellow calcite crystals are 
known from the Elmwood mine, Tennessee; similar 
occurrences are also in several localities in Ken- 
tucky, USA. The most valuable fluorite specimens 
are pink octahedra up to 150 mm (6 in) from 
Goschenen, Switzerland; Mont Blanc massif, 
France and other Alpine localities. 

Application: metallurgy, chemical industry, special 
optics.optika. 
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4. Oxides 


Cuprite 
Cu,0 


CUBIC 0090 


Farieties: chalcotrichite (acicular to hair-like crystals) 
Properties: C - red; S - red: L ~ adamantine to sub- 
metallic; D - transparent to translucent; DE — 5.8-6.2; 
H — 3.5-4; CL - imperfect; F — conchoidal to uneven; 
M - combinations of cubic crystals. hair-like 
aggregates, granular, massive. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu sulfides. Crystals up to 150 mm (6 in) 
in size, covered with malachite, occur in Onganja, Na- 
mibia. Shiny octahedra, up to 40 mm (1%s in) in size, 
come from the Mashamba West mine, Zaire. Acicular 
and fibrous crystals of the chalcotrichite variety were 
found in Bisbee. Arizona, USA. Combinations of 
cubic crystals, covered with malachite, are known 
from Chessy ncar Lyon, France. Crystals up to 30 mm 
(17/12 in) across are reported from Tsumeb, Namibia. 
Application: important Cu ore. 


Zincite 
ZnO 


HEXAGONAL 0.0 


Properties: C — yellow, orange, red; S — orange- 
yellow; L — adamantine; D — transparent to trans- 


Amethyst. 122 mm, Guerrero, Mexico 
Cuprite, 18 mm x. Mashamba West, Zair 


Zincite, 11 mm x, Franklin, U.S.A. 


lucent; DE — 5.7; H — 4.5-5; CL - perfect: F - 
conchoidal: M - pyramidal crystals. granular, 
massive. 

Origin and occurrence: Metamorphic, associated 
with willemite and franklinite. lt forms very rare 
crystals up to 40 mm (1% in) in size in the metamor- 
phosed Zn deposits in Franklin and Sterling Hill, 
New Jersey, USA, it 1s mostly granular and massive. 
Zincite crystals and aggregates of vitreous luster 
from Poland, which are offered at the mineral shows, 
are not of a natural origin, there arc smelter products. 


Chalcotrichite, 50 mm. Bisbee, U.S.A. 
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Tenorite 
CuO 


MONOCLINIC eee 


Properties: C — steel-gray to black; S - gray; L — 
metallic; D — opaque; DE - 6.5; H - 3.5; CL -— im- 
perfect; F — uneven to conchoidal; M — thin tabular 
to scaly crystals, earthy. massive. 

Origin and occurrence: Secondary, in the oxidation 
zone of Cu deposits, together with other Cu super- 
gene minerals. lt was common in Cu deposits in the 
Keweenaw Peninsula, Michigan. USA. It was mined 
as Cu ore in Bisbee, Globe and Morenci, Arizona, 
USA. Thin tabular crystals are known from Tsumeb, 
Namibia. 


Spinel 
MgAl204 


CUBIC eee 


Varieties: pleonast (black) 

Properties: C — pink, red, green. blue, brown, black; 
S — white; L — vitreous to dull; D - transparent to 
opaque; DE - 3.6; H — 7.5-8; CL — imperfect; F — 
conchoidal to uneven; M - octahedral crystals. gra- 
nular, massive. 

Origin and occurrence: Magmatic, metamorphic. also 
in placers, associated with corundum. sillimanite and 
other minerals. Large pleonast crystals reaching up to 
150 mm (6 in) were found in the Aldan massif, Yakutia, 


Spinel, 10 mm x, Mogok. Burma 


Tenorite. 3 mm xx, Bisbee, U.S.A 
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Russia. Fine crystals weighing up to 14 kg (30 lb 12 oz) 
come from Amity, New York. Crystals up to 120 mm 
(4/+ in) across are known from Sterling Hill, New 
Jersey. Blue crystals of spinel come from Bolton, 
Massachusetts, USA and South Burgess, Ontario. 
Canada. Gemmy pink and red crystals up to 20 mm (%/s 
in) reported near Ratnapura, Sri Lanka and in Mogok, 
Burma. Fine pink crystals up to 50 mm (2 in) in size 
occur in Kukh-i-lal, Tajikistan. 

Application: gemstone. 


Gahnite 
ZnAl204 
CUBIC © © © 


Properties: C — black-green, black; S — gray; L — 
vitreous to greasy; D — translucent to opaque; DE — 


Pleonast, 15 mm xx. Vietnam 


4.4-4.6; H- 7.5-8; CL — imperfect; F — conchoidal to 
uneven; M — octahedral crystals, granular. 

Origin and occurrence: Magmatic and metamorphic, 
associated with wolframite, chalcopyrite and other 
minerals. Crystals up to 120 mm (47/6 in) in size come 
from Franklin and Sterling Hill. New Jersey, USA. 
Crystals from Broken Hill. New South Wales, Austra- 
lia reached up to 30 mm (I in). Blue-green crystals 
were found in Rowe. Massachusetts, USA. Cuttable 
blue crystals occur near Gidan Wayo, Nigeria. 


Magnetite 
Fe2*Fe3t,0, 
CUBIC eee 


Properties: C — black: S — black: L — metallic: D — 
opaque: DE - 5.2; H - 5.5-6.5; CL — none; F —- un- 


Magnetite, 20 mm x, Chester, U.S.A. 
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Gahnite, 90 mm, Broken Hill. Australia 


even to conchoidal; M — octahedral crystals, gra- 
nular, massive. 

Origin and occurrence: Magmatic, hydrothermal 
and metamorphic. rare sedimentary. Parageneses dif- 
fer according to the origin. Fine crystals up to 170 
mm (6'?:w in) in size, come from Traversella, Italy. A 
crystal 25 cm (9'/1s in) in size was found in Vastan- 
fors, Sweden. Fine crystals up to 40 mm (1% in) 
occur in Dashkesan, Azerbaijan, where it is associa- 
ted with andradite, epidote and apatite. Beautiful shi- 
ny octahedra up to 40 mm (1°/ in) are known from 
Alpa Lercheltini, Binntal, Switzerland. Rare cubes 
up to 20 mm (2 in) on edge come from the ZCA 
No.4 mine, Balmat, New York. USA.. Magnetite 
crystals reaching up to 10 cm were found in pegma- 
tites in Jaguaracu, Minas Gerais, Brazil. Crystals up 
to 20 cm (7'/+ in) in size reported from the Gardiner 
complex, Greenland. Crystals up to 50 mm (2 in) 
were lately found in Kovdor, Kola Peninsula, Russia. 
Application: Fe ore. 
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Franklinite, 30 mm, Sterling Hill, U.S.A. 


Franklinite 
(Zn,Mn2*,Fe2*)(Fe3*,Mn2*).04 


CUBIC © © 


Properties: C — black; S — dark brown; L — metallic; 
D - opaque; DE - 5.1-5.5; H - 6; CL — none; F — 
uneven to conchoidal; M — octahedral crystals, 
granular, massive. 

Origin and occurrence: Metamorphic, associated 
with willemite, zincite and other minerals. The only 
localities, where it is common and occurs in very 
large accumulations, are Franklin and Sterling Hill, 
New Jersey. USA. Crystals up to 170 mm (6"/t in) 


Chromite, 87 mm, Finnland 


across are known from there. It is rare in Langban, 
Sweden and Ocna de Fier, Romania. 
Application: Zn ore. 


Chromite 
FeCr3204 


CUBIC 0090 


Properties: C — black; S ~ brown; L — metallic; D — 
opaque; DE - 4.5-4.8; H - 5; CL - none; F — uneven; 
M — octahedral crystals. granular, massive. 

Origin and occurrence: Magmatic, together with 
magnetite, uvarovite and other minerals. Rare crys- 
tals reaching up to 10 mm Ç% in) are known from 
Uzun Damar, Turkey. It occurs mostly massive, like 
in deposits in Bushveld, South Africa; in Sarany, 
Ural Mountains, Russia and in Guleman, Turkey. 
Application: Cr ore. 


Hausmannite 
Mn2*m n3*304 


TETRAGONAL 0090 


Properties: C — black: S — brown; L — submetallic; D 
- opaque; DE - 4.8: H- 5.5; CL - perfect; F — uneven; 
M — pseudo-octahedral crystals, granular, massive. 
Origin and occurrence: Hydrothermal in high-tem- 
perature Mn deposits. also as a product of the contact 
metamorphism. The best specimens with crystals 
up to 30 mm (le in) in size come from the 
N"Chwaning mine, Kuruman, South Africa. Smaller 
crystals were found in Ilfeld and Ilmenau, Germany. 
It also occurred as fine crystals in Langban and 
Jakobsberg, Sweden. 


Minium, 60 mm, Broken Hill, Australia 
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C2 and RFC1 are for filtering any rf out of your rig’s keying 
circuit line, and may or may not be needed depending upon how 
“clean” your rig is. Without either filtering component in the 
circuit I “froze” the contacts of one IC relay after several hours of 
troublefree sending, but have piled up several dozen operating 
hours without any relay problems after adding C2 (1 still have no 
choke in the keying line). 

Figure 6-6 shows the circuit for transistor keying. Again, Q1 
can be any NPN audio transistor. W9UBA has both a reed relay and 
the transistor shown in Fig. 6-6 connected in parallel in the output 
of his keyer, and switches back and forth between the two. Most of 
his on-the-air contacts have reported no discernible difference 
between the relay and transistor keying. 


Construction 


The keyboard unit is enclosed in a rugged and handsome case 
that is spacious enough for all of Keycoder’s component parts. It 
was obtained from Meshna Electronics. It is built on a heavy cast 
iron frame, and is trimmed in leatherette and imitation walnut grain 
sheet metal. The keys are magnetic reed type, very smooth, with 
about 3/16” travel. An added bonus in this assembly is the 10 
rectangular switch positions (as seen in Fig. 6-1). Five of these are 
dummies—the plastic switch caps are in place but there is no 
switch beneath them—and I removed them and used the space for 
mounting 3 control pots (Fig. 6-2). Four of the other 5 switches are 
momentary action DPDT switches, and the fifth (labeled “PWR” in 
Fig. 6-2) is a DPDT Push-On/Push-Off switch. The two switches 
on the extreme right have screw-base “grain-of-wheat” light bulbs 
installed in sockets inside the translucent caps. 1 wired one of 
these, through a 20 ohm, 1 watt dropping resistor and the second 
set of “PWR” switch contacts to the power supply, to serve as an 
on-off indicator. W9UBA accomplished the same purpose by instal- 
ling a red LED in a hole drilled in one of the switch caps (Fig. 6-1). 


Fig. 6-6. Transistor keying circuit | 
for Keycoder 1. | 
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Minium 
Pb2*,Pb4*o, 


TETRAGONAL eee 


Properties: C - red, S — orange-yellow; L ~ dull to 
greasy; D — opaque; DE - 8.9; H- 2.5; CL - perfect; 


Hausmannite, 42 mm, Kuruman, South Africa 
o 


M - earthy and pulverulent aggregates, massive. 
Origin and occurrence: Secondary mineral, as a 
result of the galena oxidation. It occurs in 
Langban, Sweden; in Anarak. Iran: in Leadhills, 
Scotland, and in Broken Hill, New South Wales, 
Australia. 
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Ckryvsoberyl, 35 mm, Espirito Santo, Brazil 


Chryzoberyl 
BeAl204 


ORTHORHOMBIC © © © 
Varieties: alexandrite 


Properties: C - yellow-green, yellow. blue-green, 
alexandrite is green in daylight, purple in artificial 


Alexandrite, 75 mm, Malvshevo, Russia 


light; S — white; L — vitreous: D — transparent to 
translucent; DE ~ 3.8; H — 8.5; CL - good; F - 
conchoidal to uneven; M — thin to thick tabular 
crystals common cyclic twins. 

Origin and occurrence: Magmatic in pegmatites, 
prevailing as metamorphic, in association with 
schorl, phenakite and other minerals. Twins up to 22 
cm (8"°/⁄e in) occurred near Pancas, Espirito Santo, 
Brazil. Complicated twins up to 100 mm (4 in) in 


size come from Ambatondrazaka and other localities 
in Madagascar. Tabular crystals several cm in size, 
embedded in the sillimanitic rock, were found in 
Mar_íkov, Czech Republic. Fine alexandrite crystals 
up to 80 mm (3'⁄ in) are known from Malyshevo, 
Ural mountains. Russia, together with emerald and 
phenakite. Alexandrite crystals reach up to 30 mm 
(1/5 in) in Nyanda, Zimbabwe. Gemmy chryso- 
beryls, commonly with a cat's eye effect. come from 
the vicinity of Ratnapura, Sri Lanka. 

Application: gemstone. 


Valentinite 
Sb70 3 


ORTHORHOMBIC eee 


Properties: C — colorless, white, brownish; S — white; 
L — adamantine: D — transparent to translucent; DE — 
5.7-5.8: H — 2.5-3; CL — perfect; M — prismatic to 
tabular crystals, radial aggregates, massive. 

Origin and occurrence: Secondary mineral, origina- 
ted in the oxidation of stibnite. The best specimens 
with crystals up to 30 mm (ls in) were found in 
Pribram, Czech Republic. Fine crystals come also 
from Braunsdorf, Germany. Crystals up to 20 mm 
(7*/s2 in) long occur in Oruro, Bolivia. Beautiful radial 
aggregates up to 40 mm (1%s in) in diameter, 
associated with kermesite, are known from Pezinok 
and Pernck. Slovakia. Pscudo-morphs after stibnite 
crystals up to 35 cm (13%: in)long, are reported from 
the Xikuangshan Minc. Lengshuijiang. China. 


Arsenolite 
As730 3 


CUBIC o. 


Properties: : C — white: S — white; L — vitreous; D — 
transparent to translucent: DE - 3.9: H - 1.5; CL - 
good; F — conchoidal: M — octahedral crystals, 
crusts, coatings; R — soluble in water. 


Arsenolite, 3 mm xx, Recsk, Hungary 


Valentinite, 40 mm, Nicolet, Canada 


Origin and occurrence: Secondary mineral, resulting 
from the oxidation of As ores. Poorly developed crystals 
several mm long, occur in Jachymov, Czech Republic; 
in Johanngeorgenstadt and St. Andreasberg, Germany. 
Crystals up to 20 mm (**/s: in) long originated during a 
mine fire in the White Caps mine. Nevada, USA. 


Senarmontite 
Sb703 


CUBIC eee 


Properties: C — white, light gray; S — white; L - 
greasy, vitreous to adamantine; D - transparent to 
opaque: DE — 5.2-5.8; H - 2-2.5; CL — imperfect; F 
~ uneven; M -— octahedral crystals, granular. massive. 
Origin and occurrence: Secondary, produced by 
stibnite oxidation, with valentinite and cerussite. 
The finest crystals up to 30 mm (1*/is in) in size 
come from Djebel Hammimate, Algeria. Also 
occurred in Cetine. Italy and in Dubrava, Slovakia. 


Senarmontite, 3 mm xx. Pernek. Slovakia 
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Bixbyite, 11 mm x, Thomas Range, U.S.A. 


Bixbyite 
(Mn? Fe3+),0, 


CUBIC ee 


Properties: C — black; S — black; L - metallic to sub- 
metallic: D — opaque; DE - 5; H - 6-6.5; CLB 
imperfect; F — conchoidal to uneven; M - cubic 
crystals, also twins. 

Origin and occurrence: Hydrothermal in rhyolite 
cavities and metamorphic. Cubes up to 12 mm ("/x 
in) are found together with topaz in Thomas Range, 
Utah, USA. Crystals up to 25 mm (1 in) occurred in 


Corundum, 10 mm xx, Miass, Russia 


o» 


Leucosapphire, 30 mm, Sri Lanka 


the Postmasburg mine, South Africa. Crystals up to 
80 mm (3'/s in) come from Ultevis, Sweden. 


Corundum y 
Al203 
TRIGONAL 0000 


Varieties: ruby, sapphire, leucosapphire, emery 


Properties: C - colorless (leucosapphire), yellow, 
pink, red (ruby), blue (sapphire), purple, green, 


Ruby, 15 mm xx, Kola, Russia 


Corundum. 4 mm. Montana. U.S.A. 


Ruby, 16 mm x, Jegdalek, Afehanistan 


gray; S - white; L - vitreous to adamantine; D — 
transparent to opaque: DE - 4.0-4.1: H - 9; CL - 
none; F - conchoidal to uneven; M — long pris- 
matic to barrel-like crystals, pebbles; LU - rare 
dark red. 

Origin and occurrence: Magmatic in andesites, peg- 
matites and basalts. metamorphic and in placers, in 
association with andalusite, topaz, spinel and other 
minerals. Crystals of common corundum weighed up 
to 30 kg (66 lb) near Bancroft, Ontario, Canada. A 
crystal, weighing 151 kg (333 lb 3 oz) was also found 
in the Letaba district, South Africa. Sapphire crystals 
weighing up to 20 kg (44 Ib), come from the vicinity 
of Ratnapura and Rakwana, Sri Lanka. Fine sapphire 
crystals are also known from Kashmir, India. Rough 
gem sapphire is mined from the Yogo Gulch sedi- 
ments in Montana, USA and from Anikia, Queens- 
land, Australia. Fine blue crystals up to 50 mm (2 in) 
long. occur near Miass, Ural mountains, Russia. Ru- 
by is even much rarer variety of corundum. Its beauti- 
ful crystals up to 50 mm (2 in) long come from Jeg- 
dalek, Afghanistan; Mogok. Burma and from Luc 
Yen, Vietnam. Prismatic crystals of opaque ruby, up 
to 40 mm (1%. in) in size were found in the Khit Is- 
land near Kola Peninsula, Russia. Ruby crystals up to 
30 em (12 in) in size embedded in green zoisite from 
the vicinity of Arusha, Tanzania are very decorative. 
Application: emery as abrasive material, sapphire 
and ruby as gemstones. 


Sapphire, 41 mm, Kashmir. India 
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Hematite, 50 mm, La Fibbia, Switzerland 


Hematite 
Fe203 
TRIGONAL 00000 

Properties: C — red, gray. black; S — red; L ~ metallic, 
dull; D — opaque; DE - 5.3; H — 6-6.5. earthy to 1; 
CL - none; F — uneven to conchoidal: M — thick to 


thin tabular crystals, massive, earthy. 
Origin and occurrence: Magmatic, hydrothermal. 


Loparite-(Ce), 10 mm xx, Khibiny Massif, Kola, Russia 


na 


sedimentary, also metamorphic, parageneses vary 
according to the origin. Beautiful crystals up to 100 
mm (4 in) in size come from Brumado, BahRa. 
Brazil. Crystals up to 30 cm (12 in), were found in 
the Wessels mine, Kuruman, South Africa. So called 
iron roses reached up to 100 mm (4 in) near St. 
Gotthard. Switzerland. Fine crystals several cm in 
size, occurred in Rio Marina, Elba, Italy. Very fine 
tabular crystals reached up to 70 mm (2% in) in 
Nador. Morocco. New finds of fine crystals up to 40 
mm (1%s in) in size were made in the Korshunovs- 
koye deposit, Russia. Fine botryoidal aggregates 
come from Hradiste and Horni Blatna. Czech 
Republic and from Botallack, Cornwall, UK. Sedi- 
mentary banded iron ores form huge deposits near 
Krivoy Rog, Ukraine or in the vicinity of Lake Supe- 
rior (Mesabi Range, Minnesota: Marquette, Michi- 
gan, USA). 

Application: important Fc ore. 


Ilmenite 
FeTiO3 
TRIGONAL 000 o 

Properties: C — black; S — black; L — metallic to dull; 
D — opaque: DE - 4.5-5; H — 5-6; CL — none; F — 
conchoidal to uneven; M - thick tabular crystals, 
granular, massive. 

Origin and occurrence: Magmatic, metamorphic 
and in placers, associated with pyrrhotite, rutile, 
magnetite and other minerals. Crystals weighing up 


limenite, 1] mm x, Binntal, Switzerland 


to 30 kg (66 Ib) were described from the Faraday 
mine near Bancroft, Ontario, Canada. Crystals up to 
150 mm (6 in) in size occurred near Girardville, 
Quebec, Canada. Crystals also reached up to 100 
mm (4 in) near Miass, Ural mountains, Russia. Crys- 
tals up to 120 mm 120 mm (4%. in), were found in 
Arendal and Kragero, Norway. Crystal rosettes up to 
10 mm (A in) in size come from Maderanertal, 
Switzerland. It is also common in placers (Kamituga. 
Kivu, Zaire: Sri Lanka; Travancore, India; Madagas- 
car etc.). 


Perovskite 
CaTiO, 


ORTHORHOMBIC © © © 


Properties: C — dark brown to black; S - colorless to 
gray; L - metallic to adamantine; D — opaque; DE - 
4.0-4.3: H 5.5-6; CL — imperfect; F — conchoidal to 
uncven; M - pseudo-cubic crystals, granular. 

Origin and occurrence: Magmatic in basic and ultra- 
basic rocks, metamorphic, together with magnetite, zir- 
con and other minerals. Fine pseudo-cubic crystals up 
to 40 mm (1%. in) in size come from Zlatoust and Ak- 
hmatovsk, Ural mountains, Russia. It occurs as crystals 
up to 80 mm (3'f in), associated with magnetite crys- 
tals in the Gardiner complex, Greenland. Crystals up to 
40 mm (1%s in) were found in Jacupiranga, Sao Paulo, 
Brazil. Crystals from Val Malenco, Italy, reached up to 
20 mm (%/ in). Crystals up to 20 mm (*/s: in) were 
lately found in Afrikanda, Kola Peninsula, Russia. 


Loparite-(Ce) 
(Ce,Na,Ca)TiO; 


ORTHORHOMBIC © 


Properties: C - black, S - dark red-brown, L - 
metallic; D — opaque: DE —- 4.6-4.9; H - 5.5-6; M — 
pseudo-cubic crystals, granular; R — metamict. 

Origin and occurrence: Magmatic in alkaline rocks, 
with lorenzenitc, eudialyte and acgirine. Fine inter- 
penetration twins up to 20 mm (*/s: in) in size come 
from Mount Nyorkpakhk, Kola Peninsula, Russia. 


Perovskite, 60 mm, Zlatoust, Russia 
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Stibiconite, 230 mm, Catorce. Mexico 


Stibiconite 
sb3+sb5*,0¿(OH) 
CUBIC e... 

Properties: C — white, creamy, light yellow, brown; 
S - white; L — vitreous, greasy to dull; D — opaque; 
DE - 4.1-5.8; H - 3-6; M — pseudo-morphs after 
stibnite crystals, earthy, massive. 

Origin and occurrence: Secondary, as a result of the 
stibnite oxidation, associated with valentinite and 
other minerals. Fine pseudo-morphs after stibnite 
crystals up to 30 cm (12 in) long come from Catorce, 


Bindheimite, 4 mm. Rudabanya, Hungary 


San Luis Potosí, Mexico. Similar pseudo-morphs 
were also found in Kostainik, Serbia; in the Ichino- 
kawa mine, Japan and in Pereta, Italy. Pseudo- 
morphs after stibnite up to 20 cm (74 in) long occur 
also in Cukuroren, Turkey. 


Bindheimite 
Pb>Sb)0¿(O,OH) 


CUBIC eee 


Properties: C — yellow, brown, gray; S — yellow, L — 
resinous, dull to earthy; D — translucent to opaque; 
DE - 4.6-5.6; H — 4-4.5; F — conchoidal to earthy; 
M -— botryoidal, nodular and earthy crusts. 

Origin and occurrence: Secondary in the oxidation 
zone of Pb-Sb deposits. Needles up to 10 mm (*/+ in) 
long come from Rudnik, Czech Republic. It is com- 
mon in Broken Hill, New South Wales, Australia; in 
Bisbee. Arizona, USA and in Sidi-Amor-ben-Salem, 
Tunisia. Lamellar pseudo-morphs up to several cm in 
size are known from Tsumeb, Namibia. 


Pyrochlore 
(Na,Ca)>Nb20¿(O H,F) 


CUBIC 0090 


Properties: C — vellow-brown, brown, black: S - 
brown; L — vitreous to greasy; D - translucent to 
opaque. DE - 4.5; H — 5-5.5; CL — locally good; F — 
conchoidal to uneven; M — octahedral crystals, gra- 
nular; R - radioactive (admixtures of U, Th). 

Origin and occurrence: Magmatic in alkaline rocks, 
together with zircon, astrophyllite and other minerals. 
Fine brown shiny crystals up to 20 mm (?*/32 in) in size 
come from the vicinity of Vishnevogorsk, Ural moun- 
tains, Russia. Crystals reaching 10 mm (’/s in) occur 
in the Panda Hill deposit, Tanzania. Crystals are also 
known from Oka, Quebec, Canada. Single octahedra 
measuring 5 mm (*/ in) were found in Luesha, Kivu, 
Zaire. Application: Nb,U and Th ore. 


Microlite, 7 mm x, Gillette Quarry, US.A. 
i ¿E 
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Pyrochlore, 58 mm, Vishnevogorsk, Ural Mits., Russia 
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Betafite 
(Ca,Na,U)>(Ti,Nb, Ta)20¢(OH) 


CUBIC ee 


Properties: C — black, brown, yellow-brown; SB red- 
brown: L — resinous to greasy; D - translucent to 
opaque: DE - 4.2; H - 3-5.5; CL — none; F - 
conchoidal to uneven; M - octahedral crystals; R — 
radioactive, metamict. 

Origin and occurrence: Magmatic in granitic peg- 
matites, rich in U, Th and rare earth elements, asso- 
ciated with beryl, cuxenite-(Y) and other mincrals. 


Betafite. 20 mm. Silver Crater. Canada 


The world's best specimens come from many locali- 
tics in Madagascar (Betafo, Ambatofotsikely etc.), 
where crystals up to 6 kg (13 lb 3 oz) were found. 
Beautiful specimens with crystals up to 100 mm (4 
in) in size occur in the Silver Crater mine near Ban- 
croft, Ontario, Canada. It is also known from Evje, 
Norway. 


Mikrolite 
(Na,Ca)2Ta20,(0,0H,F) 


CUBIC eee 


Properties: C — brown, yellow, green, reddish; S — 
white: L - vitreous to greasy, locally adamantine; 
D - translucent to opaque; DE — 5-6.4; H — 6-6.5; CL 
— locally good; F — conchoidal to uneven: M — 
octahedral crystals, granular, massive. 

Origin and occurrence: Magmatic. typical for granitic 
pegmatites, together with manganocolumbite, manga- 
notantalite and other minerals. Octahedra up to 65 mm 
(2*1 in) in size occur in Ankola, Uganda. Crystals up 
to 30 mm (1%: in) in size come from Virgem da Lapa, 
Minas Gerais, Brazil. Crystals up to 75 mm (3 in) are 
reported from the Harding pegmatite, New Mexico, 
USA. It occurs in important accumulations near 
Wodgina, Western Australia. 
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Quartz, 60 mm, Herkimer, U.S.A. 


Quartz 
SiO, 
TRIGONAL 000090 

Varieties: rock crystal, citrine, smoky citrine, 
morion, amethyst, rose quartz. chrysoprasc, jasper, 
chalcedony, agate, onyx, sardonyx, aventurine, helio- 
trope, tiger’s eye, falcons eye. 


RR 


Properties: C — colorless (rock crystal), white, yellow 
(citrine), brown (smoky citrine), black (morion), 
purple (amethyst), pink (rose quartz), green (chryso- 
prase); D — these varieties are mostly transparent, 
often translucent; C — other varieties are mainly multi- 
colored, separate colors have different hues and the 
color is commonly caused by microscopic admixtures 
of other minerals; varieties: red, green, brown. yellow 
(jasper), banded with different colors (agate): white 


r. eon 
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Fig. 6-7. Interior of W9UBA's Keycoder 1. 


There are also plenty of unused key positions on the keyboard 
(SPST), so you should be able to mechanize any control setup you 
like without additional switches. 

There is a diode matrix circuit board just beneath the bottom 
cover of the keyboard case. This board contains about 160 diodes 
and several dozen 33k resistors that can be added to your junk box 
(although the leads are awfully short). This board is attached to the 
case with a couple of screws and two multiple-lead ribbon cables 
that are easily removed. Beneath this discarded diode board is the 
key contact board, with all of the key contacts nicely labeled. Half 
of the foil patterns from the key contacts go to solder terminals 
grouped together at the bottom left-hand side of the board, and half 
lead to similar terminals at the bottom right. 1 soldered the core 
primary wires directly to the key contacts wherever they were on 
the board, while W9UBA made these connections to the bottom 
sets of terminals, resulting in shorter wire runs and a neater 
appearance (see Fig. 6-7). 

The 9 integrated circuits, the SCR, and their associated dis- 
cretes were all mounted in DIP sockets on a Radio Shack Universal 
Display Board (P/N 277-108). This board is predrilled for 10 14-pin 
DIPs, and etched with solder pads for the DIP connections and 8 
separate buses running the length of the board, 4 on each side of the 
DIP patterns. These buses were used for +5 V dc, ground, SCR 
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Rock crystal, 95 mm, La Gardette, France Citrine, 32 mm, Charcas, Mexico 


and black bands (onyx), white and red-brown bands 
(sardonyx), grecn to red-brown with mica or hematite 
inclusions (aventurine), dark green with red spots 
(heliotrope), yellow-brown to black-brown, fibrous 


Smoky quartz, 70 mm, Middle Moat Mi., U.S.A. 


with silky luster (tiger’s eye), blue-gray to yellow- 
brown, fibrous with silky luster (falcon's eye); S - 
white; L — vitreous, silky, dull; D — transparent to 
translucent, opaque; DE - 2.6; H — 7; CL — none; F — 


Smoky quartz, 81 mm, Switzerland 
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Morion, 100 mm, Agadir, Kazakhstan 


Rose quartz. 145 mm, Minas Gerais, Brazil 


Amethyst, 100 mm, Bochovice, Czech Republic 


A AN 
4 z ¿A x 
conchoidal; M — long to short prismatic, acicular, 
dipyramidal to tabular crystals, fibrous, botryoidal 
and stalactitic aggregates and coatings, concretions, 
geodes, granular, massive. 
Origin and occurrence: Magmatic in different types 
of rocks, mainly in granites, granitic pegmatites and 
volcanic rocks: metamorphic in different types of 
rocks, mainly in quartzites and mica schists; 
hydrothermal in different types of ore and Alpine- 


Amethyst, 200 mm, Guerrero, Mexico 


type veins; secondary in the oxidation zone of ore 
deposits; also in different types of sedimentary 
rocks and in organic remains, also in placers. 
Probably the most common mineral in the Earth’s 
crust and the most important rock-forming mineral, 
as well. 

Large crystals of rock quartz up to 7 m (23 ft) long 
come from pcgmatites in the Bctafo region in 
Madagascar and from the Alpine-type veins, like 


Uri. Grimsel and Furka, Switzerland: perfect 
crystals are known from the cracks in marbles near 
Carrara, Italy; it also occurs in the quartz veins in 
Herkimer. New York and Hot Springs. Arkansas, 
USA. Citrine occurs mainly in granitic pegmatites 
and large crystals come from Goias, Brazil; from 
Suky and Netin, Czech Republic; from Murzinka, 
Ural mountains, Russia. Smoky quartz originates 
mostly in granitic pegmatites. it also occurs in the 
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Chalcedony, 68 mm, High Atlas. Morocco 


Carnelian, 40 mm, Nova Paka, Czech Republic 


na 


Chrvsoprase. 60 mm, Szklary. Poland 


Alpine-type quartz veins and in cavities of volcanic 
rocks. Perfect crystals up to several meters long, 
come from many places, the largest crystal, 
weighing 77 tons , was found in Kazakhstan: perfect 
crystals occur in pegmatites in many places in 
Brazil; also in Korostenskiy massif, Ukraine; in the 
Pikes Peak batholith, Colorado, USA; in the Alpine- 
type veins in Maderanertal and in Grimsel, 
Switzerland. Morion crystals, commonly associated 
with smoky citrine, were found in quartz veins and 
in pegmatites. 

lis crystals are known from St. Gotthard, Switzer- 
land. Amethyst comes from quartz and ore veins, 
cavities in volcanic rocks, rare in the Alpine-type 
veins. Famous localities in volcanic rocks are in the 
states of Rio Grande do Sul and Minas Gerais, 
Brazil, doubly terminated crystal, weighing 5.5 
tons, come from Diamantina. In Serra do Mar, Rio 
Grande do Sul. a cavity covered with amethyst 


Jasper, 50 mm, Ural Mis., Russia 


woe a 
a, Es . «PO . 


Jasper, 60 mm, Oregon, U.S.A. 


Petrified wood, 70 mm, Podkrkonosi, Czech Republic 


crystals measuring 10 x 2 x 1 m (33 x 6 x 3 ft 3in) 
was found: rich druses occur also in the ore veins in 
Porcura, Romania and Julimes, Mexico. Rose 
quartz, forming masses up to several meters in 
granitic pegmatites in the Rose Quartz pit. Quade- 


fron stained quariz, 95 mm, Horovice, Czech Republic 


ville, Ontario, Canada; in Ambositra, Madagascar; 
crystals up to 10 mm C% in) long growing on quartz 
crystals, come from Sapucaia. Minas Gerais, Brazil. 
Dark green chrysoprase veins up to 50 mm (2 in) 
thick are known from serpentinites in Szklary, 
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Agate. 50 mm. Zeleznice, Czech Republic Onyx. 65 mm. Brazil 


Poland. Jasper is known from volcanic rocks and #085 agate. 40 mm, Krdjali. Bulgaria 


their contacts with sediments, locally as a result of 
petrification of organic matter, mainly plants, it is 
also known from quartz veins. Rich aggregates 
occur in Idar-Oberstein, Germany; in Podkrkonosi 
region and in Krusne hory mountains, Czech 
Republic; in the Petrified Forest National Park, 
Holbrook, Arizona, USA; in Ural mountains, 
Russia; in Kabamby, Madagascar. Chalcedony is 
mostly found in quartz veins and geodes in volcanic 
rocks, also in sediments. 

Rich aggregates come from  Idar-Oberstein, 
Germany: Julimes, Mexico: many localities in 
Uruguay and Brazil; in Huttenberg, Austria. Agates 
are known from cavities in volcanic rocks, rare in 
hydrothermal veins and in sediments. The most 
important localities are located in the southern part 
of Brazil in the state of Rio Grande do Sul; tn 
Uruguay; also in Yemen; India; Mongolia; in several 


Agate, 140 mm, Horni Halze, Czech Republic 


A > aa 


Agate, 60 mm. Brazil 


localities in the USA; in Idar-Oberstein, Germany; 
in Podkrkonosi, Czech Republic. The most famous 
localities of onyx and sardonyx are in Brazil and 
Uruguay. 

Rich aggrcgates of aventurine come from Miass, 
Ural mountains, Russia; Mariazell, Austria; Belany, 
India. Heliotrope occurs in Idar-Oberstein, Germa- 
ny; Kozakov. Czech Republic and in Brazil. 


Aventurine, 30 mm, India 


Y 


Application: important raw material in glass indus- 
try, many colored varieties, like amethyst, smoky 
citrine, citrine, onyx, sardonyx, and heliotrope are 
cut as gemstones. 


Tiger s eye, 50 mm, Griqualand, South Africa 


> wh ee 


Tridymite, 9 mm, Big Luc 
pak ee EAS 


Mt.. U.S.A. 


or 


Tridymite 
SiO» 


ORTHORHOMBIC eee 


Properties: C - colorless to white; S -- white; L — 
vitreous: D — transparent: DE — 2.3; H — 6.5-7; CL - 
none; F — conchoidal: M - pscudo-hexagonal tabular 
crystals. 


Cristobalite, 110 mm, Vechec, Slovakia 


Origin and occurrence: Magmatic in cavities of young 
felsic volcanic rocks in association with cristobalite, 
chalcedony and other mincrals. Pscudo-hexagonal 
tabular crystals up to 10 mm (‘/s in) in size, come from 
Vechec, Slovakia. Similar crystals found in Ichigayama, 
Japan. Crystals up to 10 mm (/s in) occur with topaz 
and other minerals in the Thomas Range, Utah, USA. 


Cristobalite 
SiO» 


TETRAGONAL 0090 
Varieties: lussatite (fibrous) 


Properties: C — colorless to white; S -- white; L — 
vitreous; D — translucent; DE — 2.3; H — 6.5; CL — 
none; M - pscudo-octahedral crystals, spherical and 
botryoidal aggregates. 

Origin and occurrence: Magmatic in cavities of 
young felsic volcanic rocks, associated with tridy- 
mite. Crystals up to 4 mm (“x in) are known from 
Cerro San Cristobal, Hidalgo, Mexico. Crystals up 
to 2 mm ('/w in) long occur in Vechcc, Slovakia. Gray 
spherical aggregates come from Coso Hot Springs, 
California, USA. 


Common opal, 60 mm, Křemže, Czech Republic 


Opal, 50 mm, Herlany, Slovakia 


Opal 
SiO, .n H20 


AMORPHOUS 0009090 


Varieties: hyalite, milky opal, Fire opal, precious 
opal, wooden opal, geysirite. 


Properties: C — colorless (hyalite), white (milky 
opal), red (fire opal), iridescence (precious opal), 


Hyalite, 45 mm, Valec, Czech Republic 


brown, red-brown, yellow, green, gray, blue; S - 
white; L - vitreous, dull, carthy, waxy; D - 
transparent to translucent, opaque; DE - 2.1; H - 
5.5-6.5; CL — none; F - conchoidal; M — botryoidal 
and stalactitic aggregates. coatings. concretions, 
geades, massive; LU — white, yellow-green, green. 

Origin and occurrence: Hydrothermal in volcanic 
rocks and tuffs, also in various types of volcanic 
rocks and tuffites, in different types of sedimentary 
rocks, in organic remnants and hot springs, rare in 
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Opal, 47 mm, Opal Butte, U.S.A. 


hydrothermal veins; secondary in the weathering 
zone of different types of rocks. It is often associated 
with chalcedony. Coatings and stalactitic aggregates 
of hyalite up to 50 mm (2 in) thick known from 
Cerritos, Mexico; Valec, Czech Republic; Klamath 
Falls, Oregon, USA. Milky opal occurs in Dubnik, 
Slovakia; Smrcek, Czech Republic and many other 
localities. The most famous locality of fire opal is 
Zimapan, Hidalgo, Mexico. Precious opal comes 
from many localities in Australia, e.g. Baracoo 
River, Queensland; Coober Pedy, Southern Australia 
and White Cliffs, New South Wales, where it forms 
rich aggregates and vcinlcts in sandstones; classic 
locality is Dubnik, Slovakia, where it occurs in 


nn PTA 


common, and the flip flop chock line. We both used #22 hookup 
wire for all connections; W9UBA ran his wires on the top side of 
the board while I made most of my connections on the foil side. 
Either way, this board saves a lot of building time compared with 
vectorboard construction or laying out and etching a PC board. The 
board measures about 24%” x 6%”. 

Since the 555 ICs have only 8 pins, both of them can be 
mounted in one 16-pin socket; the leftover sockets can then be 
used for mounting the SCR and 555 discretes. The toroidal core 
transformers and their diodes and resistors are also mounted on 
the board, beneath the row of ICs (as seen in Fig. 6-5). The cores 
are wound and soldered into the circuit, but the leads are left about 
%" long. Any one of the primary wires connected to the SCR is then 
strung through each core before it is mounted and the wire is 
grounded; if nothing happens, the core polarity is incorrect and the 
long leads permit it to be turned 180°. When a core is operating 
correctly, it is glued to the board with a drop of Duco cement. 
Stringing the primary wires through the cores will be easier if the 
cores are mounted so that their openings are in a reasonably 
straight line. 

The values of R7-C3 and R8-C4 required some juggling to get 
reliable SCR operation. The most severe test of SCR and core 
operation is generating the figure “0”, since 6 flip flops have to be 
set simultaneously to produce this character. If you have difficulty 
generating “0”s, or with repeat operation, vary the values of the 
above components, and/or try connecting R8 to the unregulated 
output of the power supply to get a higher voltage and hence more 
current. 

All the integrated circuits were bypassed with .01 aF disc 
capacitors from +5 V dc to ground, at the buses right opposite each 
IC. These capacitors are visible at the top of the board in Fig. 6-5. 
In addition, each side of the power supply transformer primary is 
bypassed to ground with .001, 400 volt capacitors. The all-metal, 
completely enclosed keyboard case provides good shielding and 
also contributes, to the lack of rf interference. 

Figure 6-3 does not show the power supply, since the keyer’s 
power requirements are reasonably uncritical and the builder will 
probably wish to fabricate his supply with whatever parts he has 
available. The Keycoder draws about 100-125 mA and the +5 V 
should, of course, be regulated. We decided to build our supply 
based on the Radio Shack 5 Volt Regulated Power Supply PC board 
(P/N 277-102, price $1.49). This board measures only 1%” x 3%”, 
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Dendritic opal, 56 mm, Křemže, Czech Republic Fire opal, 20 mm, Mexico 


andesites and was probably mined already by ancicnt Slovakia. White geysirite is known mainly from the 
Romans. Beautiful precious opals come also from hot springs in Iceland; Yellowstone National Park, 
the Virgin Valley. Nevada. USA. Petrified trees, Wyoming, USA; New Zealand. 
known as wooden opal, reach lengths of several Application: colored opal varieties, primarily 
meters in the Petrified Forest National Park, Hol- precious opal and fire opal are cut as gemstoncs, 
brook. Arizona, USA; in L'ubietova and Povraznik, diatomite in chemical industry. 


Precious opal, 35 mm, Opal Butte, U S.A. 
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Melanophlogite, 80 mm, Fortullino, Italy 


Melanophlogite 
SiO», 
CUBIC e 


Properties: C — colorless, white: S — colorless; L - vi- 
treous; D - transparent: DE - 2; H - 6.5; CL - none; 
M - pseudo-cubic crystals, spherical aggregates. 

Origin and occurrence: Hydrothermal, associated 
with sulfur and other minerals. It was originally 
described from the sulfur deposit in Racalmuto, 
Sicily, Italy as crystals up to 4 mm (*%/s: in) in size. It 


Rutile, 21 mm, Ibitiara, Brazil 


is also known from Chvaletice, Czech Republic, 
where it forms crystals up to 2 mm (‘fis in) in size, in 
Alpine-type veins. 


Rutile 

TiO, 
TETRAGONAL 00.0 

Properties: C — red-brown, red, brown, yellowish, 
black; S — light brown; L - metallic to adamantine; 
D — transparent to translucent; DE — 4.2; H - 6-6.5; 
CL - good: F - conchoidal to uneven; M - short pris- 
matic, striated crystals, common twins, acicular 
crystals, granular, massive. 

Origin and occurrence: Magmatic and metamorphic, 
also in placers, together with monazite-(Ce), topaz, 
beryl, quartz and other minerals. The largest crystals 
up to 150 mm (6 in) in size come from the Mount 
Graves, Georgia, USA. Beautiful epitaxial inter- 
growths with hematite occur in Cavradischlucht, St. 
Gotthard, Switzerland and in Ibitiara, Bahia, Brazil. It 
is common as inclusions in smoky citrine (quartz) 
crystals from Ibitiara, Bahia and Itabira, Minas 
Gerais. Brazil. Knee-like crystal twins up to 70 (2% 
in) cm in size were found in the vicinity of Golcuv 
Jenikov and Sobeslav, Czech Republic. 

Application: Ti ore. 


Rutile, 48 mm, Bahía, Brazil 


Cassiterite, 110 mm, Yunnan, China 


Cassiterite 
SnO, 
TETRAGONAL 00090 

Properties: C — colorless, brown, black; S — white, 
grayish. brown: L — metallic to adamantine, dull; 
D - transparent to opaque; DE - 6.3-7.2; H -- 6-7: CL 
— imperfect; F - conchoidal to uneven; M — 
dipyramidal and short prismatic crystals, multiple 
twins, granular, massive. 

Origin and occurrence: Magmatic in pegmatites, 
hydrothermal in high-temperature deposits, meta- 
morphic and in placers, together with wolframite, 
topaz and other minerals. Crystal twins up to 150 
mm (6 in) in size come from Horni Slavkov. Czech 
Republic. Crystals of similar size were also found in 
Panasqueira, Portugal. Fine twins up to 80 mm (3'/s 
in) were found in Rossarden. Tasmania, Australia. 
Crystals up to 70 mm (2% in) in size were found in 
Llallagua, colorless and transparent crystals up to 50 
mm (2 in) in size in Viloco, Bolivia. Crystals up to 
110 mm (4%s in) occurred lately in Tenkcrgin, 
Chukotka, Russia. Crystals up to 130 mm (5% in) in 
size arc known from pegmatites in Minas Gerais, 
Brazil (Fazenda do Funil). New finds of shiny 
crystals up to 100 mm (4 in) long were made in 
Hunan and Yunnan provinces, China. 

Application: Sn ore. 


Plattnerite 
PbO> 


TETRAGONAL o. 


Properties: C — black; S — brown; L — metallic to ada- 
mantine; D — opaque; DE - 9.6; H - 5.5; CL — none; 
M - acicular crystals, botryoidal aggregates. massive. 
Origin and occurrence: Secondary, as a result of the 
oxidation of other Pb minerals, together with pyro- 
morphite, hemimorphite and other minerals. Fine 
crystals come from Mina Ojuela, Mapimi, Durango. 
Mexico and from the Blanchard mine, New Mexico, 
USA. Botryoidal aggregates, weighing up to 100 kg 
(220 Ib), were found in the Morning mine, Mullan. 
Idaho, USA. 


Plattnerite, 150 mm, Mapimi, Mexico 
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Pvrolusite, 88 mm. Baraga, U.S.A. 
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Pyrolusite 
MnO> 
TETRAGONAL 0000 

Properties: C - black, steel-gray; S - black; L — 
metallic to dull; D - opaque; DE - 5.1; H — 6-6.5; 
CL - perfect; F — uneven; M — prismatic to acicular 
striated crystals, stalactitic and botryoidal aggre- 
gatcs, granular, massive. 

Origin and occurrence: Secondary, as a result of altec- 
ration of: manganite and other primary Mn minerals, 
also hydrothermal. Crystals up to 20 mm (*%/: in) long 
come from Horni Blatna, Czech Republic. Radial 
shiny aggregates were found in Ohrenstock, Germany. 
It occurred in Ilfeld, Germany, too. Large sedimentary 
Mn deposits, where pyrolusite is the main constituent, 
are known near Chiaturi, Georgia or near Nikopol, 
Ukraine. Crystals are reported also from Tsumeb, 
Namibia and Hotazel, South Africa. 

Application: important Mn ore. 


Hollandite 

Ba(M n4+ mn2+)30 16 
MONOCLINIC eee 

Properties: C — gray-black; S — black; L - submetallic; 


D — opaque; DE — 5; H — 6; CL — good; M - short pris- 
matic crystals, racemous and columnar aggregates. 


1m 


Origin and occurrence: Metamorphic in Mn depo- 
sits with braunite, scheelite and other minerals, also 
secondary. Crystals up to 5 mm (’/« in) long come 
from the Bradshaw mountains, Arizona, USA. It is 
common in the metamorphosed Mn deposits in 
Uitevis, Sweden; in Nagpur and Balaghat, India. 


Coronadite 
Pb(Mn4* Mn2*),0 ¡5 


TETRAGONAL eee 


Properties: C — black, black-gray: S - brown-black: 
L — submetallic to dull; D — opaque; DE — 5.4; H - 
4.5-5.5; M — botryoidal crusts with fibrous structure, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Mn deposits. Spherical aggregates up to 100 
mm (4 in) in diameter come from the Bou Tazoult 
mine, Imini, Morocco. Small crystals were found in 
the Beitana mine, Southern Australia, Australia and 
in the Silver Bill mine, Arizona, USA. 


Todorokite 
(Mn2* Ca,Mg)Mn9*307 . H20 
MONOCLINIC 000 


Properties: C — gray. brown-black, black; S - brown; 


RE © FERN ER Rem ap me 


L — metallic to dull; D — opaque; DE ~ 3.5-3.8; H - 1; 
CL - perfect; M - platy crystals, stalactitic and 
nodular aggregates. 

Origin and occurrence: Secondary mineral. as a result 
of the oxidation of Mn minerals. Crystals are reported 
from several mines in the Kalahari region, South 
Africa (Hotazel. Smart). It was originally described 
from the Todoroki mine. Hokkaido, Japan. Ít is an 
important constituent of occanic Mn concretions. 


Ferrotapiolite 
FeTa704 


TETRAGONAL © © © 


Properties: C — black. brown; V - red-brown: L — sub- 
metallic, adamantine, resinous; D — opaque: DE - 7- 
7.8; H — 6-6.5; CL - none; F — uneven to conchoidal; 
M - dipyramidal and short prismatic crystals, massive. 
Origin and occurrence: Magmatic in pegmatites, 
together with manganotantalite, microlitc, cassiterite 
and other minerals. Crystals up to 40 mm (1% in) in 
size are known from the vicinity of Governador 
Valadares, Minas Gerais, Brazil. A crystal 120 mm 
(Ph. in) long has been described from Angarf, 
Morocco. Short prismatic crystals come from 
pegmatites near Topsham and Paris, Maine, USA. 


Ilmenorutile 
(Ti,Nb,Fe)O> 


TETRAGONAL 0090 


Properties: C — black: S — brown; L — submetallic; D 
— opaque; DE - 4.2: H - 6-6.5; CL — good; F - con- 
choidal to uneven; M -- prismatic crystals, granular. 
Origin and occurrence: Magmatic in pegmatites, 
together with schorl, zircon, fluorapatite and other 
minerals. Prisms several cm long come from Udraz 
near Pisek, Czech Republic. It is also known from the 
vicinity of Miass, Ural mountains, Russia and Evje, 
Norway. 
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Todorokite, 60 mm, Kamogun, Japan 


Ferrotapiolite, su mm, Marstkov, Czech Republic 


lmenorutile, 10mm x, Pisek, Czech Republic 
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Anatase 
TiO2 


TETRAGONAL eee 


Properties: C — black-gray, brown, red-brown, blue, 
rare colorless; S — white; L — submetallic to adaman- 
tine; D — transparent to opaque; DE — 3.8-4; H — 5.5- 
6; CL - perfect; F — conchoidal: M — dipyramidal 
and tabular crystals. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins, associated with brookite and quartz, also 
sedimentary and metamorphic. Beautiful crystals up 
to 50 mm (2 in) long were found in Alpa Lercheltini, 
Binntal, Switzerland. Famous black-blue crystals 
reaching up to 30 mm (1%fs in) come from Mats- 
korhae, Hardangervidda, Norway. Crystals up to 15 
mm (1%: in) were recently found in Dodo. Polar Ural, 
Russia. Crystals up to 30 mm (1?/s in) in size occurred 
in the Old Lot and Vulcan mines, Colorado, USA. 


Tellurite 
TeO? 
ORTHORHOMBIC ee 


Properties: C - yellow, yellow-orange; S — 
yellowish; L — adamantine: D — transparent; DE — 


Anatase. 16 mm, Hardangervidda. Norway 


5.8; H — 2; CL — perfect: M — acicular and thin 
tabular crystals, radial aggregates, pulverulent. 
Origin and occurrence: Secondary, resulting from 
the oxidation of AuBTe ores. Crystals up to 10 mm 
(/s in) long occurred in the Kawazu and Susaki 
mines, Japan. Beautiful specimens were found in 
Moctezuma, Sonora, Mexico: it also comes from 
Cripple Creek. Colorado, USA. 


Brookite 
TiO} 


ORTHORHOMBIC o... 


Properties: C — light to dark brown, yellow-brown, 
black; S — white to gray: L — submetallic to adaman- 
tinc; D — transparent to translucent, opaque: DE - 
4.1; H - 5.5-6; CL - imperfect; F — conchoidal to 
uneven; M - tabular, dipyramidal, long and short 
prismatic crystals. 

Origin and occurrence: Wydrothermal along the 
fissures of the Alpine-type veins and in granitic and 
alkaline pegmatites; it occurs as pseudo-morphs after 
titanite and ilmenite; also in sedimentary rocks. Perfect 
tabular crystals up to 50 mm (2 in) in size found in 
Rieder Tobel, Switzerland: Magnet Cove, Arkansas. 
USA: Passo di Viza, Italy. New finds of crystals up to 
50 mm in size made in Dodo, Polar Ural, Russia. 


Brookite, 590 mm. Puiva, Polar Urals, Russia 
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Teliurite, | mm x, Fata Baii, Romania 
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Ferberite 
FeWo 4 


MONOCLINIC eee 


Properties: C — black: S — brown-black to black; L — 
submetallic; D — opaque: DE — 7.5; H — 4-4.5; CL — 
perfect; F — uneven: M — short prismatic to tabular 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- to 
medium-temperature ore veins, in greisens and 
skarns; rare magmatic in granitic pegmatites and 
granites; it also occurs in placers. It is usually 
associated with cassiterite, scheclite, sulfides and 


Ferberite, 68 mm, Mundo Nuovo, Peru 


quartz. Perfect tabular crystals up to 120 mm (4/16 
in) in size found in the Quartz Creck mine, Colora- 
do, USA; also in Cinovec, Czech Republic; 
Panasqueira, Portugal; Ehrenfriedersdorf. Ger- 
many and Potosi, Bolivia. 

Application: W ore. 


Hubnerite 
M nWO4 


MONOCLINIC 0 0 © 


Properties: C — yellow-brown, red-brown. black: S — 
yellow-brown to black-gray; L — submetallic; D — 
translucent to opaque; DE - 7.2; H — 4-4.5; CL — 
perfect; F — uneven; M - short prismatic to tabular 
crystals. granular, massive. 

Origin and occurrence: Hydrothermal in high- to 
medium-temperature ore veins, in greisens; rarely 
magmatic in granitic pegmatites; also in placers. 
Perfect tabular to short prismatic crystals up to 25 
cm (9% in) in size, come from the Huayllapon 
mine. Pasto Bucno, Peru; also from Baia Sprie, 
Romania; Kara-Oba, Kazakhstan; the Sweet Home 
mine, Alma and Silverton, Colorado, USA. 
Application: W ore. 


Hubnerite, 39 mm, Silverton, USA. 
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Titanowodginite. 20 mm, Tanco, Canada 


Titanowodginite 
MnTiTa20g 


ORTHORHOMBIC e 


Properties: C — dark brown. black; S — dark brown: 
L - submetallic; D - translucent to opaque; DE - 6.9: 
H - 5.5; CL - imperfect. F — uneven; M — 
dipyramidal crystals, granular. 

Origin and occurrence: Magmatic in granitic 
pegmatites. Dipyramidal crystals up to 10 mm (s in) 
long occur in the Tanco mine, Bernic Lake, 
Manitoba, Canada. 

Application: Ta orc. 


Ferrocolumbite, 90 mm, Middletown, U.S.A. 
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Ferrocolumbite 
FeNb30% 


ORTHORHOMBIC eee 


Properties: C — black, red-brown; S — red-brown to 
black: L — submetallic; D — translucent to opaque; 
DE - 5,2; H - 6; CL - good, F —- uneven to 
conchoidal: M — long to short prismatic and tabular 
crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites and granites; rare hydrothcrmal in high- 
tempcrature ore veins and in greisens; also in 
placers. Tabular crystals up to 1 m (39% in) in size 
occur in granitic pegmatites near Custer and Key- 
stone, South Dakota, USA: in Malakialina. Mada- 
gascar; Ichikawa, Japan: masses, weighing up to 270 
kg (594 1b) come from the Meyers quarry, Colorado. 
USA. 

Application: Nb ore. 


Manganotantalite 

MnTazO¢ 

ORTHORHOMBIC eee 

Properties: C — red, red-brown. black-brown, black: S 


- dark red to black; L — submetallic: D - translucent to 
opaque; DE - 8.0; H - 6-6.5; CL — good: F - uneven 


Manganotantalite, 19 mm, Nuristan, Afghanistan 


Euxenite-(Y), 40 mm, Ambatofotsy. Madagascar 


to conchoidal: M — prismatic to tabular crystals, 
granular, massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites and granites; also in placers. Crystals up to 
100 mm (4 in) in size come from Li-bearing peg- 
matites in the Tanco Mine, Bernic Lake, Manitoba, 
Canada; also from Sao Jose da Safira, Minas Gerais, 
Brazil. 

Application: Ta ore. 


Euxenite-(Y) 
(Y,Ce,U,Th) (Nb,Ta,Ti)304 


ORTHORHOMBIC © © 


Properties: C - black with brownish and green hucs:; 
S — gray, yellowish, brownish: L — submetallic, 
resinous: D - translucent to opaque: DE — 4.6; H — 6; 
CL — none; F — conchoidal: M — tabular crystals, 
granular, massive; R — locally weakly radioactive, 
commonly metamict, 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites; also in placers. Typically 
associated with monazite-(Ce), zircon, ilmenite and 
other oxides of rare earth elements. Crystals up to 
150 mm (6 in) in size are known from Kragero and 
Hitteró, Norway: from Ankazobe, Madagascar. 


Aeschynite-(Ce) 
(Ce,Ca) (Ti, Nb)206 


ORTHORHOMBIC © © 


Properties: C — black. red-brown. yellow; S — red- 
yellow; L — vitreous, resinous, adamantine; D — 
translucent to opaque: DE — 5.0; H — 5.5; CL — none; 
F — conchoidal: M — prismatic and tabular crystals, 
granular, massive: R - locally weakly radioactive, 
commonly metamict. 

Origin and occurrence: Magmatic in alkaline and 
granitic pegmatites and carbonatites. It is associated 


Aeschynite-(Ce), 45 mm, Hittero, Norway 


with zircon and oxides of rare earth elements. 
Crystals up to 190 mm (ns in) long occur in 
Quadeville. Ontario, Canada; other localities are 
Kragero, Norway; Trout Creck Pass, Colorado, USA. 


Stibiotantalite 
SbTaO q 


ORTHORHOMBIC © © 


Properties: C — yellow, yellow-brown, red-brown, 
yellow-green; S — yellow-brown; L — submetallic, 
vitreous, resinous; D — transparent to translucent; 
DE - 7.5; H — 5-5.5; CL -— good; F — uneven to 
conchoidal: M — prismatic, tabular and dipyramidal 
crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites: also in placers. Crystals up to 120 mm 
(4/16 in) in size occur in Muiane, Alto Ligonha, 
Mozambique; also found in the Little Threc mine, 
Ramona, and the Himalaya mine, Mesa Grande, 
California, USA. Also known from Greenbushes. 
Western Australia, Australia. 

Application: Ta ore. 


Stibiotantalite, 10 mm grain, Dobra Voda, Czech Republic 
PAS + 
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Uraninite 
UO, 
CUBIC ...o 

Properties: C — black, black-brown, black-gray; S — 
black, black-brown to greenish; L — submetallic, 
greasy, earthy; D — opaque; DE — 7.5-10,6; H — 5-6. 
earthy aggregates 3; CL — imperfect; F — uneven to 
conchoidal; M — cubic crystals, botryoidal aggre- 
gates, granular. massive; R — strong radioactive. 
Origin and occurrence: Mainly hydrothermal in ore 
veins, skarns; magmatic in granitic pegmatites; in 
sedimentary rocks; also in placers. 


Uraninite, 8 mm x, Portland, U.S.A, 


usually associated with other U minerals, e.g. 
coffinite and secondary alteration products, mainly 
U micas. Perfect crystals up to 100 mm (4 in) in size 
and weighing up to 2.5 kg (5 lb 8 oz) come from the 
Fissure mine, Wilberforce, Ontario, Canada. where 
they occur in simple pegmatites, cross-cutting 
marbles. 

Crystals are also known from Dieresis, Spain and 
Shinkolobwe, Zair. Rich botryoidal aggregates were 
found in Jachymov and Slavkovice, Czech Republic; 
in Bois-Noirs and Margnac, France. 

Application: U ore. 


TAQ 


and can accommodate whatever parts you have or whatever circuit 
variations you wish to make. Figure 6-8 is a schematic of the power 
supply with the parts values as specified by Radio Shack. In this 
configuration, the supply is rated at 1 A. The power supply is 
mounted in the upper left-hand corner of the case in W9UBA's unit, 
as shown in Fig. 6-7. 

Referring again to Fig. 6-7, the output transistor and its driver 
and associated resistors are mounted ona scrap of vectorboard just 
to the right of the logic board, and the reed relay is just above the 
vectorboard, mounted to a partition added to the enclosure. The 
monitor speaker is mounted on the other side of this partition 
(beneath and to the left of the relay). 

The volume, tone, and speed control potentiometers have to 
be miniature types if they are to fit in the area shown in Fig. 6-2. 
The pots are mounted to a small piece of thin aluminum sheet, 
which is held firmly in place when fitted between the keyboard 
assembly and the outer case. W9UBA used full-sized pots mounted 
under the row of keyboard switches, as shown in Fig. 6-1. Also 
note in this photo the sub-miniature thumbwheel type pot mounted 
in a rectangular hole cut in the switch cap (extreme left-hand one). 

The speed control range can be increased at either the low 
speed end or the high speed end, or both (by altering the values of 
R1-R3 and C1), but resolution will become poor if too large a speed 
range is attempted, and it will be difficult to accurately repeat a 
glven speed setting. Two switch-selected pots could probably be 
used to obtain a greater range of speeds without sacrificing resolu- 
tion. Audio taper pots should be used for speed tone, and volume 
control. 


Operation 

Both W9UBA and I have had several compliments on having a 
“gud fist” before informing our contacts that we were using a 
keyboard keyer. More important, we estimate that our CW speed 
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Gibbsite, 80 mm, Gamba, Brazil 


Brucite, 30 mm. Azbest, Russia 


Gibbsite 
Al(OH); 


MONOCLINIC 0090 


Properties: C — colorless, gray, white, greenish; S — 
white; L — vitreous. pearly; D — transparent to 
translucent; DE -— 2.4; H - 2.5-3.5; CL — perfect; F - 
uneven; M — tabular crystals, lamellar and carthy 
aggregates, coatings and stalactitic films, granular, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of alteration Al-rich rocks; secondary in the 
oxidation associated with gocthite; metamorphic in 
weakly metamorphosed Al-rich rocks, typically with 
diaspore: a constituent of bauxites. Tabular crystals 
up to 100 mm (4 in) in size were found tn Zlatoust, 
Ural mountains. Russia; also in Villa Rica, Minas 
Gerais, Brazil. 


Brucite 
Mg(OH)> 


TRIGONAL 000 


Properties: C - colorless, gray, white, bluish, blue, 
yellow, brown: S — white; L — vitreous, pearly; D — 
transparent to translucent; DE — 2.4: H - 2.5; CL — 
perfect: F — uneven; M -— tabular crystals, foliated, 
acicular and earthy aggregates. granular, massive. 
Origin and occurrence: Hydrothermal in veins in 
serpentinites or dolomitic marbles. a product of 
pcriclase alteration; rare metamorphic in skarns and 
marbles. Perfect crystals up to 18 cm in size, come 
from the Low’s mine, Pennsylvania and the Tiliy Foster 
mine, New York, USA; also known from Asbestos, 
Quebec. Canada: Predazzo. the Alps, Italy; blue 
crystals up to 50 mm (2 in) in size were found in the 
Bazhenovskoye deposit. Azbest, Ural mountains. 
Russia. 


Diaspore 
AlO(OH) 


ORTHORHOMBIC eee 


Properties: C - colorless, gray, white, greenish, 
yellowish, pink, purplish; S — white; | — vitreous, 
pearly; D — transparent to translucent; DE — 3.4; H — 
6.5-7; CL — perfect; F — conchoidal; M - tabular 
crystals, foliated aggregates, stalactitic films, 
granular, massive. 

Origin and occurrence: Hydrothermal as a product 
of alteration Al-rich minerals, c.g. andalusite, 
typically with pyrophyllite and corundum; meta- 
morphic in Al-rich rocks; a constituent of bauxites. 
Tabular crystals up to 120 mm (47/1 in) in size come 
from Menderess, Turkey: also from Naxos, Greece; 
Chester. Massachusetts, USA. 


Diaspore, 35 mm, Milas, Turkey 
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Goethite, 77 mm, Santa Eulalia, Mexico 


Goethite, 60 mm, Pribram, Czech Republic 


Goethite 
Fe3+O(OH) 


ORTHORHOMBIC 00000 


Varieties: velvet ore 


Properties: C — black-brown, yellow-brown. brown; 
S — yellow-brown; L — submetallic, metallic, silky, 
earthy; D — translucent to opaque; DE — 4.3; H — 5- 
5.5; CL - perfect; F — uneven to conchoidal; M 

acicular to prismatic crystals, botryoidal aggregates, 
commonly with radial structure, coatings and 


Lepidocrocite, 30 mm, Rudabanya, Hungary 


was APN 


stalactitic films, earthy, granular, massive. 

Origin and occurrence: Secondary as one of the 
most common minerals of the oxidation zone of ore 
deposits, it forms a significant part of limonite; 
hydrothermal in ore veins, in cavities in pegmatites 
and volcanic rocks. It forms pseudo-morphs after 
pyrite and other Fe sulfides. Rich botryoidal 
ageregates of velvet ore with a velvety surface come 
from Pribram, Czech Republic; acicular crystals up 
to 50 mm (2 in) long are known from Bottalack and 
Redruth. Cornwall, UK; it also occurs in Siegen and 
Horhausen, Germany; in Florissant, Colorado, USA. 
Application: Fe ore. 


Manganite 
Mn3*o(OH) 
MONOCLINIC 0000 

Properties: C — black to black-gray; S — red-brown to 
black; L — submetallic to dull: D — opaque; DE - 4.3; 
H - 4; CL - perfect; F — uneven to conchoidal; M — 
long to short prismatic crystals, acicular and earthy 
aggregates, concretions, granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature ore veins, together with quartz; secon- 
dary in the oxidation zone of ore deposits; sedi- 
mentary and rare metamorphic in Mn-rich rocks. 
Druses of black crystals up to 40 mm (1%. in) long 
come from the classic locality Ilfeld, Germany; it 
also occurs in Ohrenstock and IImenau, Germany; in 
Nikopol, Ukraine; in Sterling Hill, New Jersey, 
USA: in the N’Chwaning No. 2 mine, Kuruman, 
South Africa. 

Application: Mn ore. 


Lepidocrocite 
Fe?*0(OH) 


ORTHORHOMBIC © © © 


Properties: C — dark red to red-brown; S — orange to 
brick-red; L - submetallic, adamantine to silky; D — 
transparent to opaque: DE - 4.0; H — 5; CL - perfect; 
F — uneven to conchoidal. M — tabular to short 
prismatic crystals, acicular, bladed and carthy 
aggregates, concretions, granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits, overgrown on botryoidal 
gocthite. It occurs together with goethite as a 
constituent of limonite, its tabular crystals and their 
aggregates are known from Herdorf, Germany and 
Rancie, France. 


Manganite, 85 mm. lifeld, Germany 


Lithiophorite 
(A1,Li)Mn9*0,(0H) 


MONOCLINIC 00.0 


Properties: C - black. commonly with bluish tint; 
S — black-gray to black; L — metallic to dull; D — 
opaque; DE - 3.3; H — 3; CL - perfect; F - uneven; 
M - scaly crystals. botryoidal and earthy aggregates, 
coatings, granular. massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits and along the cracks in 
sedimentary rocks. Botryoidal aggregates occur in 
Schneeberg, Germany; Jivina and Zajecov, Czech 
Republic; Miyazaki, Japan. 


Lithiphorite, 60 mm, Rangersdorf, Germany 


Curite 
Pb3U50¡7 .4 H30 


ORTHORHOMBIC © © 


Properties: C - dark orange to red-orange; S — light 
orange; L — adamantine to earthy; D — transparent to 
translucent: DE - 7.4: H — 4-5; CL - good: F — uneven; 
M — acicular crystals, carthy aggregates, coatings, 
massive; R - strong radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, associated with other secondary U 
minerals, c.g. torbernite, kasolite and uranophane. 
Rich aggregates were found in Shinkolobwe, Zaire; 
also known from La Crouzille, France; South 
Alligator, Northern Territory, Australia. 


Curite, 30 mm, Shinkolobwe, Zair 
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5. Carbonates 


Magnesite 

MgCO} 

TRIGONAL e...o 

Properties: € - colorless, white, yellowish, 


brownish, black; S — white; L — vitreous to dull; D — 
transparent; DE — 3,1; H - 4; CL - perfect: F — con- 
choidal: M — rhombohedral and prismatic crystals, 
massive cleavable aggregates, earthy; LU — occasio- 
nally blue or green. 

Origin and occurrence: Rarely magmatic, mainly 
hydrothermal metasomatic and metamorphic. The 
largest crystals are known from Brumado, Bahia. 
Brazil, reaching up to 1 m (39%: in) in size, embedded 
in metamorphosed dolomites. Crystals in cavities in 
the same locality arc up to 50 mm (2 in) in size, Also 
crystals up to 50 mm (2 in) found in the Eugui 
quarries. Spain. Crystals up to 10 mm (?/s in) across 
come also from Val Malcnco, Italy. It prevails as 
massive aggregates, forming huge deposits. like 
Veitsch. Austria; Liao-Tung, China. Many deposits 
arc located in Slovakia (Jelsavska Dubrava, Hnusta). 


Application: heat-resistant material. 
— + 
Calcite, 40 mm, Houghton Co., U.S.A. 
Magnesite. 148 mm, Brumado. Brazil 


Smithsonite. 32 mm, Tsumeb. Namibia 


Smithsonite 
ZnCO 3 


TRIGONAL eee 


Properties: C — white, gray, green, pink, blue; S — 
white; L — vitreous to pearly; D — transparent to 
translucent; DE - 4.4: H - 4-5; CL — perfect: F - 
conchoidal to uneven; M - rhombohcdral crystals, 
botryoidal and stalactitic aggregates, massive; LU — 
sometimes green or blue. 

Origin and occurrence: Supergenc, as a result of oxi- 
dation of the primary Zn ores. associated with other su- 
pergenc Pb minerals. The largest yellow scalenohedra 
crystals up to 40 mm (1°/ in) in size come from Bro- 
ken Hill, New South Wales, Australia. Pink crystals, up 
to 30 mm (1% in) long occurred in Tsumeb, Namibia. 
World famous blue-grcen botryoidal crusts up to 100 
mm (4 in) thick found in the Kelly Minc, Magdalcna, 
New Mexico, USA. Nice aggregates and banded 
stalactites described from Monte Poni, Sardinia, Italy. 


Smithsonite, 40 mm, New Mexico, USA. 
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Siderite, 26 mm, Governador Valadares. Brazil 


Siderite 
FeCO3 


TRIGONAL 0000 


Properties: C - yellow, brown, black; S — yellowish- 
white; L — vitreous; D — translucent; DE - 4: H-4; CL 


Sphaerocobaltite, 16 mm, Bou Azzer, Morocco 
y TE +=. pa Ba 
. ms, ae. 


— perfect; F — uneven to conchoidal; M - rhombohedral 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature deposits, sedimentary. Crystals 
up to 40 cm long found in Mont St.-Hilaire, Quebec, 
Canada. Crystals up to 100 mm (4 in) in size come 
from Panasqucira, Portugal. Crystals up to 30 mm 
(1*/is in) in size occurred in Neudorf, Germany. 
Rhombs up to 20 mm (*"/:2 in) also found in Pribram, 
Czech Republic. Pseudo-morphs of gocthite after 
siderite up to 70 mm (2% in) across described from 
Pikes Peak, Colorado, USA. Deposits of massive 
siderite in Erzberg and Huttcnberg, Austria yielded 
crystals up to 50 mm (2 in) long. Fine crystals 
reported from Tavistock. Devon and Redruth, 
Cornwall, UK. 

Application: important Fe ore. 


Sfaerocobaltite 
CoCO2 
TRIGONAL e .0 


Properties: C — pink, gray. brown; S ~ red; L — 
vitreous; D -- transparent to translucent; DE - 4.1; H 
- 4; CL — perfect; M - scalenohedral and 
rhombohedral crystals, radial aggregates, massive. 
Origin and vecurrence: Secondary, as a product of 
the oxidation of primary Co minerals. The best 
specimens, with crystals up to 30 mm (1*/i6 in) long, 
come from Zaire (Musonoi; Kakanda). Crystals up 
to 10 mm (4 in) long known from Bou Azzer, 
Morocco. 


Rhodochrosite, 117 mm, Sweet Home Mine, US.A. 


Rhodochrosite Rhodochrosite, 70 mm, Mina Capillitas, Argentina 
MnCO3 


TRIGONAL @eee 


Properties: C — white. pink, red, brown, locally black 
coatings on crystals; S — white; L — vitreous; D — 
transparent to translucent: DE — 3.6; H - 3.5-4; CL — 
perfect; F — conchoidal to uneven; M — rhombohc- 
dral and scalenohedral crystals. hemispherical and 
botryoidal aggregates, granular, massive. 

Origin and occurrence: Only rare in pegmatites. 
hydrothermal in medium- and low-tempcrature veins, 
sedimentary and metamorphic. The most beautiful 
crystals come from the Sweet Home mine. Alma, 
Colorado. USA, where rhombs up to 150 mm (6 in) 
in size occur, associated with purple fluorite, hubne- 
rite, tetrahedrite and other minerals. Beautiful dark 
red scalchohedra, up to 100 mm (4 in) found in the 
N'"Chwaning No.l and 2 mines, Kuruman, South 
Africa. Pink rhombs up to 80 mm (3'/s in) come from 
Silverton, Colorado, USA. Nice pink hemispheres 
and botryoidal aggregates are known from Cavnic 
and Baia Spric. Romania. Similar specimens occur- 
red in Huaron, Peru. Pink banded crusts and stalac- 
tites were found in the Mina Capillitas, Catamarca. 
Argentina. Pink rhombs, associated with bertrandite, 
were lately found in Kounrad, Kazakhstan. 
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Calcite, 150 mm, Elmwood Mine, U.S.A. 


Calcite 
CaCO} 
TRIGONAL 000090 

Properties: C — colorless, white, gray, yellow, brown, 
pink, red, blue, green, black: S — white; L — vitreous 
to pearly; D — transparent to opaque: DE -— 2.7; H - 
3; CL - perfect; F — conchoidal: M — crystals of 
various habit, concretions, stalactites, oolitic 
aggregates, granular, massive; LU — sometimes red 
to orange. 


Calcite, 30 mm, Tunguzka, Russia 


Origin and occurrence: One of the most common 
minerals, resulting from a wide range of conditions, 
it is magmatic, hydrothermal, sedimentary, meta- 
morphic and secondary, it occurs in various para- 
geneses. Large crystals found in many localities 
throughout the world. Pinkish and yellow crystals 
over 500 mm (20 in) long come from Joplin. 
Missouri and from the Elmwood mine, Tennessee, 
USA. Beautiful calcite crystals, crystallographically 
of very complex habits, found in Dalnegorsk, 
Russia. Nice calcite specimens occurred also in 
Mexico (Naica, Chihuahua: Charcas, San Luis 
Potosi). European localities, like Pribram. Czech 
Republic; St. Andreasberg, Germany: Kongsberg, 
Norway are famous by their calcites, too. Wine 
yellow, complicated crystals are known from the 
Sarbayskoye deposit in Rudnyi, Kazakhstan. Clear 
cleavable aggregates of the birefringent calcite (so 
called Iceland spar) were found in basalt cavities in 
Helgustadir, Iceland. The largest of them reached up 
to 6 x 2 m (20 x 6 fi 6 in) in size. Very nice 
scalenohedra up to 80 mm (3'/s in) long with copper 
inclusions occur in Keweenaw Peninsula, Michigan, 
USA. Perfect scalenohedra and their twins up to 100 
mm (4 in) long arc known from Egremont and 
Frizington, UK. Beautiful butterfly twins up to 80 
mm (3' in) recently reported from Guiyang, Hunan, 
China. Crystals of calcite with sand inclusions up to 
100 mm (4 in) in size come from the vicinity of 
Fontainebleau, France. 

Application: building industry, optical industry. 


Dolomite, 33 mm x, Navarro, Spain 


Dolomite 
CaMg(C03) 
TRIGONAL 000090 

Properties: C — gray-white, pink, red, green, brown, 
black; S — white; L — vitreous to pearly; D - 
transparent to translucent, DE — 2.9: 11 ~ 3.5; CL 
perfect: F — conchoidal: M — rhombohedral crystals, 
massive. 

Origin and occurrence: Magmatic in pcgmatites, 
hydrothermal, metasomatic, sedimentary and meta- 
morphic, together with sideritc, magnesite, calcite 
and other minerals. Crystals up to 100 mm (4 in) 


Ankerite. 20 mm xx, Roudny, Czech Republic 


long found in Brumado. Bahia, Brazil. Fine crystals 
also occurred in Banska Stiavnica, Slovakia and in 
Cavnic. Romania. Crystals up to 200 mm (7/4 in) in 
size come from Eugui, Spain. Crystals up to 150 mm 
(6 in) long found in cavities in dolomitic rocks in 
Lengenbach, Binntal, Switzerland. Crystals several 
cm long known from Jachymov, Czech Republic. 
Large accumulations of massive dolomite are 
common in magnesite deposits. 

Application: metallurgy. heat-resistant material. 


Ankerite 
CaFe(C03) 
TRIGONAL 00090 

Properties: C — white, yellowish, brown-yellow; S — 
white; L — vitreous to pearly; D — translucent; DE 
3; H - 3.5-4; CL -— perfect; F — conchoidal; M — 
rhombohedral crystals, granular. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature veins, also sedimentary and 
metamorphic, together with siderite and other 
minerals. Crystals up to 50 mm (2 in) occurred in the 
Tui mine, New Zealand. Brown rhombs up to 40 mm 
(1% in) in size known from Gilman, Colorado, 
USA. Yellowish crystals up to 10 mm (’/s in) come 
from concretions ncar Kladno, Czech Republic. 
Massive aggregates are common in metasomatic 
deposits of sidcrite (e.g. Nizna Slana, Slovakia). 
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Kutnohorite. 60 mm, Kutna Hora, Czech Republic 


Kutnohorite 
CaMn(CO3)2 


TRIGONAL 00.0. 


Properties: C — white, gray, pink, yellowish; S — 
white; L — vitreous: D — translucent; DE - 3.1; H — 
3.5-4; CL — perfect: F — conchoidal: M - poorly 
developed crystals, granular, massive. 

Origin and occurrence: Hydrothermal and metamor- 
phic, associated with ankerite, quartz and other mine- 
rals. Poorly developed crystals are known from Kut- 
na Hora. Czech Republic. Small crystals several mm 
in size are described from Mont St.-Hilaire, Quebec, 
Canada. Large crystals occurred in Moncure, North 


Aragonite, 49 mm, Tazouta, Morocco 


Huntite, 110 mm, Koksin, Czech Republic 


te - a 


Carolina, USA. Small gray-white crystals were found 
in Broken Hill, New South Wales, Australia. 


Huntite 
CaMg(CO3)2 


TRIGONAL o. 


Properties: C — white; S — white; L — earthy; D 
opaque. DE - 2.7; H - 1.5; CL ~ none; F — 
conchoidal; M — fibrous aggregates, earthy. 

Origin and occurrence: Secondary mincral resulting 
trom the oxidation of dolomite, associated with 
magnesite and dolomite. Fine fibrous aggregates come 


increased 5-10 wpm within 3 weeks after having our Keycoders on 

the air. We believe this is due, in part, to hearing perfect code as 

we are sending, and in part to the natural tendency to send faster, 

pi it's so easy (thus unintentionally inviting a higher speed 
SO). 

It takes very little practice to get the rhythm of typing on a 
keyboard keyer, and you don't have to be a good typist. Once you 
know where the characters are on the keyboard, 20 wpm seems 
incredibly slow, even for a “hunt-and-peck” typist. A good typist 
must learn to allow enough time for long letters, such as “q” and 
“y”, to be completed before hitting the next key, and a shorter time 
for letters like “e” and “i”, but with just a little solo practice you'll 
be ready to go on the air. It was originally thought that a 2 or 3 
character memory, and/or a space bar mechanization, would be 
added to Keycoder I, but operation without these features has been 
so good that it has been decided to forego this additional circuitry. 


A VEST POCKET QRP RIG 

There is nothing complicated about this project. See Figs. 6-9 
& 6-10. A 2N2222, available for as little as a dime, is used in a 
conventional crystal oscillator circuit. The oscillator is linkcoupled 
to a low pass filter and a well-matched dipole, and that's it. The 
usual rules apply: Keep leads reasonably short, don't use a big 
soldering iron on the 2N2222, and listen to your signal to be sure 
you aren't chirping. Output tuning is a bit broad, so adjust C1 for 
best keying, even if it means giving up a few milliwatts. 

Early mornings and daytime seem best for QRP work on 40 
meters. Add two or three turns to the coil if you want to work both 
80 and 40. Or add a switch and a 75 pF capacitor across Cl. At 12 


QuTeuT TO LOW: Pass 
FILTER & ANTENNA 


Fig. 6-9. Schematic. L1— 17 turns #24 on 1%” dia. plastic form. L2—3 turn 
link around low end of L1. C1 — 365 pF variable capacitor. 
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Flos ferri, 110 mm, Erzberg. Austria 


from Koksin, Czech Republic. It also occurs in the Ala- 
Mar deposit, Nevada, USA. Massive aggregates are 
known from the Boquira mine, Bahia, Brazil. 


Aragonite 
CaCO; 


ORTHORHOMBIC 009090 

Varieties: Nos ferri, hot-spring tufa, peastone. tarno- 
witzite, 

Properties: C — colorless, white, yellow, reddish, 
greenish, purplish. bluish, gray; S — white: L 


Peastone, 35 mm, Karlovy Vary, Czech Republic 


vitreous; D — transparent to opaque; DE - 3: H - 3.5- 
4.5; CL — imperfect; F -- conchoidal; M — prismatic 
crystals. oolitic, banded, columnar and dendritic 
aggregates, massive; LU ~ locally weak cream 
yellow. 

Origin and occurrence: Primary as a late hydro- 
thermal mineral of high-temperature deposits more 
commonly secondary as a product of the oxidation 
of siderite and pyrite. It also results from 
precipitation of thermal springs, it is sedimentary 
and metamorphic. Fine white prismatic crystals up 
to 70 mm (2% in) long found together with blue 
celestite crystals in _pania Dolina. Slovakia. 
Similar crystals come from sulfur deposits in 
Cianciano, Italy and Tarnobrzeg. Poland. Maybe 
the best aragonite crystals in the world are known 
from the gossan of the magnesite deposit in 
Podrecany. Slovakia. where druses of crystals up to 
200 mm (77 in) long were found. Wine yellow 
crystals up to 100 mm (s in) long occurred in 
cavities of volcanic rocks in Horenec near Bilina, 
Czech Republic. Those crystals were the only gem 
rough, suitable for facetting, in the world. Very 
interesting copper pscudo-morphs after aragonite 
come from Corocoro, Bolivia. Banded and oolitic 
aggregates found in Karlovy Vary, Czech Republic. 
Dendritic aggregates from Erzberg, Austria and 
elsewhere are known as flos ferri. 

Application: decorative stone. 
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Strontianite, 34 mm, Hardin Co., U.S.A. 


Strontianite 
srcO 3 


ORTHORHOMBIC © © © 


Properties: C — colorless, gray, yellowish. greenish, 
reddish. brown: S — white; L — vitreous to resinous: 
D — transparent to translucent; DE — 3.8; H - 3.5; CL 
~ perfect; F — conchoidal to uneven; M — prismatic 
and acicular crystals, columnar and fibrous aggre- 
gates, massive, earthy. 

Origin and occurrence: Hydrothermal in low-tem- 
perature veins, in cavities of volcanic rocks, mainly 
sedimentary, together with calcite and zeolites. 
Crystals up to 80 mm (3's in) long occur near 


Witherite, 20 mm x, Alston Moor, UK 


Bleiberg. Austria. Smaller crystals known from 
Strontian. Scotland. Crystals up to 50 mm long found 
in marls in Ahlen near Minster, Germany. 


Witherite 
BaCO} 


ORTHORHOMBIC © © 


Properties: C — white, gray, yellowish; S — white; L 
— vitreous to greasy. D — translucent; DE - 4.3; H 
3.5; CL — good; F — uneven; M — pseudo-hexagonal 
dipyramidal crystals, fibrous and botryoidal 
aggregates, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature deposits with fluorite, barite, calcite and 
other minerals. Beautiful yellowish crystals up to 
120 mm (4''/«in) long come from the Minerva No. l 
mine, Cave-in-Rock, Illinois, USA. Crystals. up to 
70 mm (2% in) in size occurred in Hexham and 
Alston Moor, England. UK. Its pseudo-hexagonal 
crystals or botryoidal aggregates were very rare in 
Pribram, Czech Republic. 


Cerussite 
PbCO} 


ORTHORHOMBIC eee 


Properties: C — colorless, whitish, yellow, black; S — 
white; L — greasy to adamantine; D — translucent; DE 
- 6.6; H - 3-3.5; CL - good; F — conchoidal: M — 


Cerussite, 92 mm, Tsumeb, Namibia 


prismatic and pyramidal crystals, common trillings 
and twins, granular, massive; LU -— sometimes 
yellowish. 

Origin and occurrence: Secondary mineral, result- 
ing from the oxidation of galena and other Pb 
minerals, together with pyromorphite, vanadinite. 
baritc and other minerals. The best specimens come 
from Tsumeb. Namibia, where trillings up to 200 
mm (7°/s in) in diameter occurred. Large twins also 
known from Broken Hill, New South Wales, 
Australia. Beautiful crystals up to 50 mm (2 in) in 
size reported from Mibladen, Morocco. Fine crystals 
up to 50 mm (2 in) long found in Stribro, Czech 
Republic. Typical white acicular crystals, up to 60 
mm (2°/s in) long come from the Flux mine, Arizona. 
USA. 


Barytocalcite 

BaCa(CO3)2 

MONOCLINIC © © 

Properties: C — colorless. white, gray, yellowish; S — 


colorless; L — vitreous to resinous; D — transparent to 
translucent; DE — 3.7; H — 4; CL - perfect; F — 


conchoidal to uneven; M ~ prismatic, often striated 
crystals, massive; LU — light yellow. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature veins, together with calcite, barite and other 
minerals. Crystals several cm in size and cleavable 
masses are known from Alston Moor, Cumbria, UK. 
Imperfect crystals about 10 mm (‘%s in) in size occur- 
red in Surbro, Czech Republic. It is also described 
from Freiberg. Germany and from Langban. Sweden. 


Barytocalcite, 52 mm, Alston Moor, UK 
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Azurite, 48 mm, Touissit, Morocco 


Malachite, 63 mm, Mashamba West, Zair 


Azurite 
Cu3(CO3)2(OH)2 
MONOCLINIC 0.0 

Properties: C ~ blue: S — blue: L - vitreous; D — 
transparent to opaque; DE - 3.8; H - 3.5; CL 
perfect; F — conchoidal: M - tabular and prismatic 
crystals, pulverulent. 

Origin and occurrence: Secondary, resulting from the 
oxidation of Cu sulfides. mainly associated with 
malachite. Crystals up to 200 mm (7 in) long come 
from Tsumeb, Namibia. Crystals from Touissit, Mo- 
rocco reach up to 70 mm (2% in). Tabular crystals up 
to 50 mm (2 in) in size found in Chessy near Lyon. 
France. Famous crystals up to 50 mm (2 in) across oc- 
curred in the Copper Queen mine in Bisbee, Arizona. 
USA. Fine azurite concretions with crystals on the 
surface come from La Sal, Utah, USA. Crystal roset- 
tes. reaching up to 130 mm (5*/« in) in size were 
found in the Yang Chweng Mine, Guang Dong. China. 
Application: Cu ore. 


Malachite 
Cu7(CO3)(OH)2 
MONOCLINIC .... 


Properties: C - green; S — light green; L — vitreous, 
dull, earthy: D — opaque; DE - 4.1; H - 3.5-4; CL - 
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perfect; F — conchoidal to uneven: M - acicular and 
prismatic crystals, botryoidal aggregates, stalactites. 
massive. 
Origin and occurrence: The most common super- 
gene mineral of Cu, associated with azurite, cuprite 
and other minerals. Crystals up to 30 mm (1*%s in) in 
size occur in Kambove, Zaire. Crystals up to 20 mm 
52 in) also found in Rudab<nya, Hungary. Pseudo- 
morphs after azurite crystals up to 100 mm (4 in) in 
size known from Tsumeb: pseudo-morphs after 
cuprite crystals up to 50 mm in size come from 
Onganja, Namibia. The blocks of banded malachite 
weighing up to 250 tons . occurred in Mednorudn- 
jansk, Ural mountains, Russia. Similar material in 
huge quantitics come from many deposits in Shaba 


Malachite, 70 mm, Shaba, Zair 


Rosasite, 270 mm, Gleeson, U.S.A. 


province, Zaire, where stalactites up to 500 mm (20 
in) long were also found. 

Application: Cu ore, production of decorative objects 
and jewelry. 


Rosasite 
(Cu,Zn)2(CO3)(OH)2 


MONOCLINIC © © 


Properties: C — green, bluc; S — greenish; D — 
opaque; DE - 4.0-4.2; H- 4.5; CL - good: M — small 
acicular crystals, fibrous and botryoidal crusts. 

Origin and occurrence: Secondary, forming in the 


Hydrozincite, 65 mm, Tiger, U.S.A. 


oxidation zonc of Cu and Zn deposits, together with 
other secondary minerals of Cu. Spherical aggre- 
gates of acicular crystals up to 10 mm (°⁄ in) found 
in Mina Ojuela, Mapimi, Durango, Mcxico. Similar 
finds were made in Bisbee. Arizona, USA. 


Hydrozincite 
Zng(CO3)2(OH)¢ 


MONOCLINIC 0090 


Properties: C — white, yellowish: S — white; L — pearly 
to dull; D — opaque; DE — 4; H - 2-2.5; CL — perfect; 
F — conchoidal: M — tabular crystals, massive, carthy: 
LU - locally blue. 

Origin and occurrence: Secondary, resulting from 
the oxidation of sphalerite. together with ccrussite, 
smithsonitc and hemimorphite. Small crystals are 
known from Mapimi, Durango, Mexico. Spherical 
aggregates, several mm in diameter. were found in 
Sterling Hill. New Jersey, USA. Stalactites and thick 
crusts occurred in Long-Kicng, Burma. Crusts and 
stalactites were also described from Bleiberg, Aus- 
tria: from Mezica, Slovenia and from Raibl, Italy. 


Aurichalcite 
(Zn,Cu)5(CO3)2(OH)6 


ORTHORHOMBIC eee 


Properties: C — light green, blue-green. blue; S — 
bluc-green; L - silky to pearly; D - translucent; DE — 
4; H- 1-2; CL - perfect: M - acicular crystals, crusts. 
Origin and occurrence: Secondary in the oxidation 
zone of Cu and Zn deposits in the arid climate, 
associated with linaritc and other mincrals. Large 
prismatic crystals comc from Mina Ojucla, Mapimi, 
Durango, Mexico. Nice rosettes of acicular crystals arc 
known from Bisbee and from the 79 mine, Banner 
district, Arizona, USA. It also occurred in Montcponi, 
Sardinia, Italy. 


Aurichalcite, 80 mm, Arizona, U.S.A. 
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Dawsonite, 2 mm aggregate, Recsk, Hungary 


Parisite-(Ce), 71 mm. Boyaca. Colombia 


e, 


Dawsonite 
NaAl(CO3)(OH),2 


ORTHORHOMBIC © 0 © 


Properties: C — colorless to white; S — white; L — 
vitreous; D — transparent; DE - 2.4: H — 3; CL — 
perfect; M ~ acicular to blade-like crystals, radial 
aggregates. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature deposits, associated with calcite, dolomite and 
other minerals. Fine acicular crystals up to 35 mm 
(1%s in) long come from Mont St.-Hilaire, Quebec, 
Canada. Radial aggregates along the rock cracks 
were found in Dubnik and Zlata Bana, Slovakia. 


Bastnasite-(Ce) 
(Ce,La)(CO3)F 
HEXAGONAL eee 


Properties: C — yellow to brown; S — yellow-brown; 
L — vitreous to greasy; D - translucent; DE — 4.8-5.2; 
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Bastnasite-(Ce). 6 mm x, Ariege, France 
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H — 4-4.5: CL — good: F — uneven; M — tabular 
crystals, granular, massive. 

Origin and occurrence: Magmatic in pegmatites, 
also metamorphic, together with allanite-(Ce) and 
other rare earth elements minerals. Crystals up to 
200 x 150 mm (7% x 6 in) in size occur in Andeka- 
tany, Madagascar. Crystals up to 100 mm (4 in) long 
are known from Karonge, Burundi. Transparent 
crystals up to 25 mm (1 in) long were found recently 
in the Trimouns quarry, France. It forms important 
local deposits, as those of Mountain Pass, California, 
USA.Application: ore of rare earth elements. 


Parisite-(Ce) 
CaCe7(CO3)3F> 


TRIGONAL eee 


Properties: C — brown, yellow-brown, gray-yellow: 
S — brownish; L - vitreous to resinous; D -— 
transparent to translucent: DE — 4.4; H - 4.5; CL — 
perfect; F — conchoidal to splintery: M - dipyramidal 
striated crystals. 

Origin and occurrence: Magmatic in pegmatites, also 


hydrothermal and rarely metamorphic, together with 
bastnasite-(Ce) and other minerals of rare earth 
elements. Crystals several cm long come from Quincy. 
Massachusetts, USA. Crystals up to 80 mm (3'/s in) 
long occurred in pegmatites near Hundholmen, 
Norway. Crystals up to 23 cm (9'/« in) long found in 
the Snowbird mine, Montana. USA. Transparent 
crystals up to 15 mm (1°: in) were lately reported in 
the Trimouns quarry, France. Very unusual association 
have been described from Muzo, Columbia, where 
crystals up to 50 mm occur together with emeralds. 


Phosgenite 
Pb>(CO3)Cl> 


TETRAGONAL ee 


Properties: C - colorless, white, yellow-white, gray. 
brown; S — white; L — adamantine; D — transparent to 
translucent: DE — 6.1; H - 2-3; CL — good; F — 
conchoidal; M — short to long prismatic and tabular 
crystals, granular, massive; LU — sometimes yellow. 
Origin and occurrence: Secondary, resulting from the 
oxidation of galena. associated with cerussite and other 
secondary Pb minerals. Crystals up to 150 x 100 mm 
(6 x 4 in) across known from Monteponi, Sardinia. 
Italy. Crystals from Tsumcb, Namibia reached up to 
100 mm. Crystals up to 30 mm (1%V1s in) in size found 
in Matlock, Derby, UK. Crystals up to 35 mm (1', in) 
long occurred in the Mammoth mine, Tiger, Arizona, 
USA. 


Phosgenite. 28 mm, Monteponi, Italy 
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Bismutite 
Bi02(C0y) 


TETRAGONAL eee 


Properties: C — yellow, brown, gray. bluc, black: S — 
white: L — vitreous, pearly to dull: D - translucent to 
opaque; DE - 6.1-7.7; H - 3.5; CL - good; M — 
spherical, radial aggregates, massive, pulverulent. 

Origin and occurrence: Secondary. originated from 


Weloganite, 30 mm xx, Francon Quarry, Canada 


he 


194 


Gavlussite. 30 mm, Natron Lake, Tanzania 


the oxidation of Bi mincrals, associated with 
bismuthinitc and other minerals. It is common from 
pegmatites in Madagascar (Ampangabc) and in 
Mozambique. Large pebbles found in Kivu province, 
Zaire. It also occurred in Tasna, Bolivia. 


Gaylussite 
Na2Ca(C0O 3) -5 H20 


MONOCLINIC eee 


Properties: C — colorless, white, gray, yellowish; S — 
colorless; L - vitreous; D - transparent to 
translucent; DE — 2; H — 2.5-3; CL - perfect: F - 
conchoidal; M - lenticular to prismatic crystals. 
Origin and occurrence: Sedimentary, typical a con- 
stituent of salt sediments. Crystals up to 80 mm (3'% 
in) long come from Searles Lake, California, USA. It 
also occurs in Borax Lake and Mono Lake, 
California. USA. Large crystals are known from 
Amboseli Lake. Kenya. 


Weloganite 
Na2Sr3Zr(CO3)¢ .3 H20 


TRICLINIC o 


Properties: C - white, yellow; S - white; L - 
vitreous; D — transparent to opaque; DE — 3.2; H - 
3.5; CL -— perfect: F — conchoidal; M — pscudo- 
hexagonal striated crystals. 

Origin and occurrence: Hydrothermal in the alkaline 
rocks, together with zircon, dresscrite and other 
mincrals. Crystals up to 50 mm (2 in) come from 
cavities in the Francon quarry, Montreal: crystals up 
to 30 mm {Is in) are known from St. Michel, 
Quebec, Canada. 


Artinite, 10 mm, Fethiya, Turkey 


Hydrotalcite, | mm xx, Dunabogdany, Hungary 


Artinite 
Mg7(CO3)(OH)2 -3 H20 


MONOCLINIC eee 


Properties: C — white; S — white; L — silky; D — 
transparent; DE - 2; H - 2.5; CL — perfect; M 
sphcrical, radial aggregates, vcinlets, crusts. 

Origin and occurrence: Hydrothermal, originating at 
low temperatures in serpentinites, associated with 


Zaratite, 70 mm, Lancaster Co., US.A. 


magnesite, aragonite and other minerals. Radial 
aggregates up to 20 mm (*/s in) in size occur in the 
Gem mine. San Benito County. California, USA. 
Needles up to 20 mm (°x in) long come from Val 
Malenco, Italy. Clusters of acicular crystals were 
found on Staten Island. New York, USA. 


Zaratite 
Ni3(CO3)(OH)4 . 4 H20 


CUBIC eee 


Properties: C - emerald-green; S — light green; L — 
vitreous to greasy: D — transparent to translucent; DE 
— 2.6-2.7; H - 3.5; CL — none; F — conchoidal; M — 
crystalline crusts, stalactites, coatings. 

Origin and occurrence: Secondary, originating from 
the oxidation of Ni mincrals, associated with 
milleritc, brucite and other minerals. It occurs as a 
product of the oxidation of Ni minerals in ultrabasic 
rocks in Kraubat and Stubachtal, Austria. Large 
green coatings found in Hcazlewood, Tasmania, 
Australia. It covers millcrite needles in the vicinity 
of Kladno. Czech Republic. 


Hydrotalcite 
Mg,Alz(CO3)(OH) 6 .4 H20 
TRIGONAL © © 

Properties: C — white; S — white: L — pearly to waxy; 
D — transparent; DE - 2.1; H — 2; CL - perfect; M — 
fibrous and layered aggregates, massive. 

Origin and occurrence: : Hydrothermal in ultrabasic 
and metamorphic rocks. It occurred with serpentine 


in Nordmark. Norway and also found at Franklin and 
Sterling Hill, New Jersey, USA. 
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Stichtite, 35 mm. Rouchovany, Czech Republic 


Stichtite 
MggCr2(CO3)(OH)) 6 - 4 H20 


TRIGONAL ee 


Properties: C — pink to purple: S - white to light 
purple; L — pearly, waxy to greasy; D — translucent; 
DE - 2.2; H — 1.5-2; CL — perfect; M — lamellar and 
fibrous aggregates, massive. 

Origin and occurrence: \t occurs in serpentinites as 
scaly aggregates and veinlets in Bou Azzer, 
Morocco; in Dundas. Tasmania, Australia and in 
Barberton, South Africa. 


Alumohydrocaicite, 70 mm, Ladomirovo, Slovakia 
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Alumohydrocalcite 
CaAl,(CO3)2(0H)4 .3 H20 


TRICLINIC ee 


Properties: C — white, gray; S — white; L — earthy; D 
~ opaque; DE - 2.2; H - 2.5; CL — perfect; M - 
chalky aggregates, consisting of acicular crystals. 
Origin and occurrence: Secondary, associated with 
alophane and other minerals. It was described from 
the Khakasy deposit, Siberia, Russia, where it 
originates from the oxidation of alophane. Nice 
white radial aggregates occurred along the cracks in 
shales in Ladomirovo, Slovakia. 


Ancylite-(Ce) 
Sr3(Ce,La)4(CO3)7(OH),4 .3 H20 


ORTHORHOMBIC ee 


Properties: C — colorless, yellow, yellow- brown, 
light purple, brown; S — white; L — vitreous to grea- 
sy; D — transparent to opaque: DE — 4: H— 4-4.5; CL 
— none; F — splintery; M — short to long prismatic 
and pseudo-octahedral crystals. 

Origin and occurrence: Hydrothermal in alkaline 
rocks, associated with nepheline and other minerals. 
Crystals up to 6 mm (% in) long are known from 


Fig. 6-10. The completed QRP rig. 


volts, my version draws about 45 milliamperes. The 2N2222 will 
get warm if the key is held down for extended periods. Warm is 
Okay, but hot is not. 


MINIATURE TRANSCEIVER 


The entire project occupies 2 PC boards of identical size. Both 
boards are 3.7” x 3” and can be stacked if desired. The receiver 
portion is a simplified version of the Minicom MK V and covers 3.5 
to 4.0 MHz. The transmitting exciter section output is also 3.5 to 
4.0 MHz. By adding a suitable amplifier, the rig could be used as is 
on 75 meters. For use on other bands, additional mixers and a 
crystal oscillator would be used to heterodyne up to the desired 
frequencies. 


Circuit Description 

The Collins filters from my junk box are all housed in the 
Y-style case which is cylindrical and for which the PC layout is 
designed. Of the 2 filters from the collection which were suitable 
for this application, one had a bandwidth of 2 kHz and the other 3.1 
kHz. Both worked well in this circuit. 

A complement of 6 integrated circuits and 8 transistors pro- 
vide all the needed functions. One i-f stage, the vfo, and the bfo are 
common to both receive and transmit modes. The input to the 
mechanical filter and the output from the common i-f stage are 
transferred from receive to transmit by means of diode switches, 
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6. Borates 


Ludwigite 


Mg2Fe3*BO;S 


Inderite, 230 mm. Boron, U.S.A. 


ORTHORHOMBIC eee 


Properties: C - dark green, black-green, black: $ - 
blue-green; L B silky to dull; D — opaque; DE - 3.9; 
H - 5; CL — perfect; F B uneven: M - prismatic 
crystals, fibrous aggregates, granular, massive. 
Origin and occurrence: Metamorphic in skarns and 
dolomitic marbles, locally associated with magnetite 
and other borates. Rich aggregates are known from 
Ocna de Fier. Romania: Kamineichi, Japan and the 
Hol Kol mine, Suan, North Korea. 

Application: chemical industry. B ore. 


Gaudefroyite 
Ca4Mn3*3(BO3)3CO3(0,0H)3 


HEXAGONAL o 


Properties: C - black; S - black: L - adamantine to 
dull; D — opaque; DE - 3.4; H — 6; CL - good; F - 
uneven; M — prismatic crystals, fibrous and acicular 
aggregates. 

Origin and occurrence: Hydrothermal in calcite 
veins. Prismatic crystals up to 50 mm (2 in) long 


Gaudefroyite, 40 mm, Kuruman, South Africa 
Ludwigite, 120 mm, Ocna de Fier, Romania 


were found on the mine dumps near Tachgagalt, 
Morocco and in the N"Chwaning No. 2 mine and the 
Wessels mine, Kuruman, South Africa. 


Inderite 
MgB303(0H); a 5 H270 


MONOCLINIC eee 


Properties: C - colorless, white to pink in 
aggregates: S — white; L — vitreous; D - transparent 
to translucent; DE - 1.8: H - 2.5; CL — good; F 
conchoidal to uneven; M — prismatic crystals, 
acicular and fibrous aggregates, nodules. massive. 
Origin and occurrence: Sedimentary in boron 
deposits. commonly associated with colemanite and 
other borates. Prismatic crystals up to 100 mm (4 in) 
long occur in Boron, California, USA. It is also 
known from Inder, Kazakhstan. 

Application: chemical industry, B ore. 
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Inyoite, 90 mm, Turkey 


Borax, 60 mm x, Searles Lake, US.A. 


Inyoite 
CaB303(OH)s . 4 H20 


MONOCLINIC eee 


Properties: C — colorless, white; S — white; L - 
vitreous: D -- transparent to translucent: DE B 1.9; H 
- 2: CL - good; F — uneven; M — short prismatic to 


Ulexite, 20 mm aggregate, Death Valley, California, U.S.A. 


tabular crystals, columnar aggregates, massive. 
Origin and occurrence: Sedimentary in boron 
deposits. commonly associated with colemanitc and 
other borates. Clear tabular crystals up to 100 mm (4 
in) long found in Kirka and Emct, Turkey. It also 
comes from Inder, Kazakhstan and the Corkscrew 
mine, California, USA. 

Application: chemical industry, B ore. 


Borax 
Na2>B405(0H)4 .8 H20 


MONOCLINIC eee 


Properties: C — white, colorless, yellowish, gray, 
greenish; S — white; L B vitreous to dull; D — 
transparent, translucent to opaque; DE - 1.7; H — 2- 
2.5; CL -— perfect; F — conchoidal; M — short 
prismatic to tabular crystals, columnar to earthy 
aggregates, crusts, coatings, granular, massive; R — 
soluble in water. 

Origin and occurrence: Sedimentary in boron 
deposits, associated with other borates and halite. 
Prismatic crystals up to 150 mm long are known from 
Borax Lake, also Scarles Lake and Boron, California, 
USA. It also occurs in Kirka, Turkey. 

Application: chemical industry, B ore. 


Ulexite 
NaCaB,0,(OH), .5 H20 
TRICLINIC 00.0 

Properties: C - white, colorless, light gray; S — 
white; L B vitreous to silky: D — transparent to 


translucent: DE — 2.0: H — 2.5; CL - perfect; F B 
uneven; M - elongated prismatic to acicular crystals, 


fibrous aggregates, crusts, nodules, granular, 
massive. 

Origin and occurrence: Sedimentary in boron 
deposits, associated with other borates. Slabs up to 
100 mm (4 in) thick consisting of fibrous aggregates 
occur in Boron, California; also found in Esmeralda, 
Nevada, USA; Emct, Turkey and Inder, Kazakhstan. 
Application: chemical industry, B ore. 


Colemanite 
Ca28601 l 2 5 H20 


MONOCLINIC eee 


Properties: C — colorless, white, yellowish, light 
gray; S - white; L ~ vitreous; D — transparent to 
translucent; DE -— 2.4, H - 4.5; CL — perfect; F B 
uneven; M — short prismatic and isometric crystals, 
granular, massive. 

Origin and occurrence: Sedimentary in boron 
deposits, associated with other borates. Perfect 
crystals up to 200 mm (7% in), come from Emet and 
Kirka, Turkey. Crystals up 10 70 mm (2% in) long 
occur in Gower Gulch, Inyo, California; also known 
from Esmeralda. Nevada, USA and Inder, 
Kazakhstan. 

Application: chemical industry. B ore. 
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Kernite, 100 mm, Boron, US.A. 


Kernite 
Na>7B405£(0H) a3 H20 


MONOCLINIC 000 


Properties: C — colorless, white, light gray: S — 
white; L — vitreous to dull, silky; D — transparent, 
translucent to opaque; DE - 1.9; H — 2.5-3; CL — 
perfect: F - uneven; M — isometric crystals, fibrous 
aggregates, granular, massive; R — soluble in water. 


Rhodizite, 23 mm. Antsirabe, Madagascar 


Hambergite, 64 mm, Pamir, Tadzhikistan 


Origin and occurrence: Sedimentary in boron 
deposits, associated with borax and other borates. 
Platy aggregates and crystals up to 2.5 x 1 m (8 ft x 
39*/s in) found in Boron, California, USA; also known 
from the Tincalayu mine, Salta province, Argentina. 


Hambergite 
Be,BO3(OH,F) 


ORTHORHOMBIC © è 


Properties: C — colorless, white, light gray; S - 
white; L — vitreous; D — transparent to translucent; 
DE - 2.4: H — 7.5; CL B perfect; F B uneven; M - 
tabular to prismatic crystals, granular. 

Origin and occurrence: Magmatic in granitic and 
rarely also in alkaline pegmatites: hydrothermal in 
cavities within the pegmatites, associated with 
tourmaline, danburite and beryl. Tabular crystals up 
to 200 mm (PA in) from the Little Three mine, 
Ramona, California. USA. Crystals up to 110 mm 
(4/16 in) also known from several localities in 
Madagascar, e.g. Imalo and Anjanabonoina; also 
found in Hyakule, Nepal and Ctidruzice, Czech 
Republic . 


Rhodizite 
(K,Cs)Al4Be4(B,Be) 2028 


CUBIC © © 


Properties: C — colorless, white, yellow, light gray; S 
white; L — vitreous to adamantine; D - transparent 
to translucent; DE — 3.5; H — 8.5; CL - imperfect; F 
- conchoidal to uneven: M — Isometric crystals, 
granular. 
Origin and occurrence: Magmatic in granitic 
pegmatites, associated with tourmaline, danburite 
and beryl. Cubic to tetrahedral crystals, reaching up 
to 30 mm (l/s in) occur in several localities in 


Madagascar, e.g. Sahatany and Antandrokomby; also 
known from the Animikie Red Ace pegmatite, 
Florence, Wisconsin, USA. 


Boracite 

Mg3B701 3CI 

ORTHORHOMBIC eee 

Properties: C — colorless, white, yellowish, light 


gray. light to dark green: S -- white; L — vitreous; D 
— transparent to translucent; DE — 3.0: H - 7-7.5; CL 


Boracite, 12 mm x, Alto Chapare, Bolivia 


=- none; F — conchoidal to uneven: M - isometric 
crystals, fibrous aggregates, granular, massive. 
Origin and occurrence: Sedimentary in evaporitic 
deposits, together with halite, gypsum and anhydrite; 
metamorphic in metamorphosed evaporates. Crys- 
tals up to 15 mm (2 in) come from Alto Chapare, 
Cochabamba, Bolivia: crystals about 5 mm (*/s in) in 
size, occur in Stassfurt, Hanover and Kahlberg, 
Germany. Crystals are also known from Choctaw, 
Louisiana, USA and the Boulby mine, North 
Yorkshire. England, UK. 
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7. Sulfates 


Anglesite 
PbSO, 


Anglesite, 81 mm, Touissit, Morocco 


ORTHORHOMBIC eee 


Properties: C — colorless, white, yellowish, gray. 
greenish; S — white; L — adamantine to greasy; D 
transparent to translucent: DE — 6.4; H- 2.5 - 3: CL 
— dobra; F — conchoidal: M — thick tabular crystals, 
massive, LU — sometimes yellowish. 

Origin and occurrence: Secondary, as a result of the 
galena oxidation. together with cerussite and other 
minerals. Beautiful yellowish crystals up to 100 mm 
(4 in) in size come from Touissit, Morocco. Crystals 
from Tsumeb, Namibia, reached up to 40 mm (1%.s 
in). Large crystals are also reported from Phoenix- 
ville, Pennsylvania, USA. Crystals up to 20 mm (4%: 
in) occur in cavities in weathered galena in Sardinia, 
Italy. Crystals, reaching up to 40 mm (1% in) also 
found in Mezica . Slovenia. Prismatic crystals up to 
75 mm (3 in) long known from the Bunker Hill mine, 
Idaho, USA. 


<<. 
Barite, 17 mm xx, Póhla, Germany 
Anhydrite, 55 mm. Simplon Tunnel, Switzerland 


Anhydrite 
CaSO, 


ORTHORHOMBIC 0000 


Properties: C — colorless, white, bluish, purplish. red, 
brown; S - white: L - pearly to vitreous; PS — 
transparent to translucent; DE - 2.8-3; H — 3-3.5; CL - 
good: F — splintery to uneven; M — isometric and 
prismatic crystals, granular, massive. 

Origin and occurrence: Mostly sedimentary, as a 
result of the evaporation of sea water, associated 
with gypsum, calcite and other minerals: rare in 
pegmatites and hydrothermal, It is very common in 
form of massive aggregates in salt deposits in 
Stassfurt and Wathlingen, Germany, where small 
crystals also occur. Folded layers in clays known 
from Wicliczka, Poland. Purplish crystals up to 20 
mm (7%/s2 in) found in cracks in metamorphic rocks 
near Simplon and St. Gotthard, Switzerland. Fine 
druses of bluish crystals up to 200 mm (7%/s in) long 
found in Naica, Chihuahua, Mexico. 
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Celestine, 270 mm, Madagascar 


Celestite 
SrSO4 


ORTHORHOMBIC eee 


Properties: C - colorless, white, yellowish, blue; S — 
white; L — vitreous: D - transparent to translucent: 
DE - 4; H -~ 3-3.5; CL - perfect; F - uneven; M — 
prismatic and tabular crystals. columnar aggregates, 
concretions. 

Origin and occurrence: Rare hydrothermal, mainly 
sedimentary. together with halite, anhydrite and 
gypsum. Beautiful blue crystals several cm long occur 
in cavities of concretions in the Sakoany mine, 
Madagascar. Prismatic crystals up to 100 mm (4 in) 
long in sulfur deposits in Poland (Tarnobrzeg) and 
Italy (Caltanissetta). Fine blue tabular crystals 
associated with aragonite crystals found in _pania 
Dolina. Slovakia. Fine crystals are known from marls 
in Tunisia and Libva. 


Barite 

BaSO, 
ORTHORHOMBIC 0000 

Properties: C — white, yellow, bluc, red, brown, 
black; S - white; L — vitreous; D — transparent to 
translucent, DE - 4.3-4.7: H - 3.5; CL - perfect; 
F — conchoidal to splintery; M — tabular to pris- 


matic crystals, massive; LU -- sometimes blue. 

Origin and occurrence: Hydrothermal, it originates 
under medium and low temperatures, also sedi- 
mentary, together with fluorite. calcite, cinnabar and 
other mincrals. Beautiful barite crystals up to SO mm 
(2 in) found in hydrothermal veins in Pribram, Czech 
Republic. Blue tabular crystals up to 100 mm (4 in) 
from Dedova hora, Czech Republic. Beautiful tabular 
crystals up to 100 mm (4 in) known from Banska 
Stiavnica, Slovakia; Cavnic and Baia Spric, 
Romania. Very fine crystals of up to 200 mm (7°% in) 
occurred in Alston Moor, Frizington and Mowbray, 
Cumbria. UK. Beautiful druses of honey-brown 
crystals up to 70 mm (2% in) long found in Pohla, 
Germany. Fine druses of prismatic crystals known 
from Elk Creck, South Dakota, USA; so called 


Antlerite, 60 mm, Chuquicamata, Chile 


Barite, 100 mm xx, Stoneham Co.. U.S. A. 


desert roses (crystals with inclusion of sand grains) 
originating in desert climate occur in the vicinity of 
Norman. Oklahoma, USA. Shiny crystals come from 
Freiberg and llalsbrucke, Germany. 

Application: an ingredient of drilling fluids. chemical, 
glass, paper and rubber industries. 


Antlerite 
Cus(SO4)7(OH)6 .3 H20 


ORTHORHOMBIC eee 


Properties: C — green: S — light green; L — vitreous: 
D - translucent; DE — 3.9; H — 3.5; CL — perfect; F 
—conchoidal to uneven; M — short prismatic and 


Brochantite, 14 mm aggregate, Bingham, U.S.A. 


acicular crystals, crusts and earthy aggregates. 
Origin and occurrence: Secondary, resulting from 
weathering of Cu ores, associated with other secondary 
Cu minerals. It is a principal mineral of the oxidation 
zone in Chuquicamata, Chile. where it forms crystals 
up to 5 mm (w in). Acicular crystals, up to 20 mm (*/ 
in} long. occurred in Bisbee. Arizona, USA. 
Crystalline crusts are known from Spania Dolina and 
Picsky, Slovakia. 


Brochantite 
Cug(SO4)(OH)¢ 


MONOCLINIC eee 


Properties: C — green; S — light green; L — vitreous, 
in cleavage planes pearly; D - translucent to 
transparent; DE — 4; H — 3.5-4: CL - good: F 
conchoidal to uneven: M — long prismatic to acicular 
crystals, granular. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu ores usually in the arid climate, 
together with other secondary Cu mincrals. Crystals 
up to 70 mm (2% in) long found in Bisbec, together 
with pseudo-morphs of malachite after brochantite. 
Crystals are also known from Tsumeb, Namibia. 
Prismatic crystals up to 50 mm (2 in) long from 
Cerro Verde, Peru. Emerald-green crusts occur in 
L'ubictova, Slovakia. 
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Linarite, 23 mm xx, Graham Co., US.A. 


Linarite 
PbCu(SO,4)(OH)>2 


MONOCLINIC © © 


Properties: C - azurc-blue; S — light blue; L - 
vitreous to adamantine; D — translucent; DE - 5.3- 
5.5; H - 2.5; CL - good; F — conchoidal; M — tabular 
and prismatic crystals, coatings. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu and Pb sulfides at low pH. The largest 
crystals, reaching up to 80 mm (3'/s in), come from the 
Mammoth mine, Tiger, Arizona, USA. Crystals from 
the Grand Reef mine in Arizona up to 50 mm (2 in) 
long. Very fine crystals, up to 30 mm (1’/ in) were 
found in Keswick, Cumbria, England, UK. Large 
crystals were also described from Tsumeb. Namibia 
and from Broken Hill, New South Wales, Australia. 


Alunite 
KAI3(SO¿),(0H) 


TRIGONAL 9090 


Properties: C — white, yellowish. gray: S — white; 
L - vitreous to pearly; D — transparent to opaque; 
DE - 2.8; H- 3.5-4; CL — perfect; F — conchoidal; 
M -— rhombohedral crystals, porous aggregates, 
granular. 

Origin and occurrence: Secondary, as a result of 
reactions of sulfuric acid with Al-rich rocks, associated 
with gypsum. Small crystals are known in Berchovo, 
Ukraine. Massive ageregates occur together with 
turquoise in Cu deposits in Anzona, USA. (New 
Cornclia mine and others). Huge alunite deposits, like 
Zaglik. Azerbaijan. are mined for Al. 

Application: Al ore. 


Fig. 6-11. Complete schematic for 
the transceiver. Circled letters 
and numbers refer to pads on the 
PC boards. *See text. Si = silicon 
diode. Ge = germanium diode. 


Alunite. 1 mm xx, Nagyegyhaza, Hungary 


Natrojarosite, $0 mm, Laurion, Greece 


Natrojarosite 
NaFe3%,(SO ¿)(OH) 


TRIGONAL © © 


Properties: C — yellow, brown; S — light yellow; L - 
vitreous: D — transparent to translucent: DE - 3,2; H 
~ 3; CL — good: F — conchoidal; M - tabular to 
rhombohedral crystals. carthy aggregates.. 

Origin and occurrence: Secondary. as a result of 
weathering Fe sulfides, associated with fibroferrite, 
alunite and other minerals. It occurs in Modum., 
Norway: Soda Springs Valley, Nevada, USA: 
Chuquicamata, Chile and clsewhcre. 


Jarosite 
KFe3*3(SO¿)2(0H)6 
TRIGONAL eee 


Properties: C ~ yellow: S - light yellow; L —- 
adamantine to dull; D — translucent; DE - 2.9-3.3; H 
- 2.5-3.5; CL — good; F - conchoidal to uneven; M — 
rhombohedral to tabular crystals, granular, massive. 
Origin and occurrence: : Secondary, as a result of 
weathering Fe sulfides. usually associated with 


Jarasite, 2 mm xx, Gyongyósoroszi, Hungary 


natrojarosite and other sulfates. The world’s best 
specimens come from Pena Blanca Uranium mine, 
near Aldama. Chihuahua, Mexico, where crystals. up 
to 20 mm (**/:: in) were found. Crystals, up to 10 mm 
Ch in), were found in Tombstone, Arizona, USA. 
Crystals. together with pscudo-morphs of jarosite 
after alunite, occurred in Chuquicamata. Chile. 
Tabular crystals also were described from Horni 
Slavkov, Czech Republic. 


Beudantite 
PbFe3*3(AsO,4)(SO4)(OH), 
TRIGONAL ee 

Properties: C - dark green, brown. red-brown: S — 
greenish, pray-ycllow; L — vitreous to resinous; D — 
transparent to translucent; DE — 4; H - 3.5-4.5; CL — 
good; M - rhombohcdral crystals, crusts. 

Origin and occurrence: Sccondary, occurring in the 
oxidation zone of Pb deposits, together with scorodite 
and other minerals. Crystals, several mm in size. 
found in Tsumeb, Namibia, are the best in the world. 
Small crystals are known from Bisbee, Arizona, USA; 
Ashburton Downs, Western Australia, Australia and 
Kamarcza near Laurion, Greece. 


Beudantite, 70 mm, Moldava, Czech Republic 


14] 


Hanksite 
Naz7K(SO4)9(CO3)2Cl 


HEXAGONAL © © 


Properties: : C — colorless, yellowish; S — colorless; 
L - vitreous to dull; D — transparent to translucent: 
DE - 2.6; H - 3.5; CL - good; F — uneven; M - 
tabular to short prismatic crystals. 

Origin and occurrence: Sedimentary in salt lake 
scdiments, together with halite, borax and other 
minerals. Crystals up to 200 mm (7% in) found in 
Searles Lake. California, USA. It is also known from 
borax deposits in the Death Valley, California. USA. 


Caledonite 
Cu7Pbs5(SO4)3(CO3)(OH), 


ORTHORHOMBIC o. 


Properties: C — green to bluc-grecn; S — light green; 
L - resinous; D - transparent to translucent; DE — 
5.6; H - 2.5-3; CL - perfect; F - uneven; M - 
prismatic crystals, radial aggregates. 


Origin and occurrence; Secondary, occurring in the 
oxidation zonc of Cu and Pb deposits, associated 
with linarite and other minerals. Crystals up to 20 
mm (*“/: in) come from Leadhills. Scotland, UK. 
Crystals, up to 15 mm ('%%2 in), were found in the 
Mammoth mine, Tiger, Arizona, USA. Rich druses 
are known from Anarak. Iran. Crystals reaching up 


Hanksite, 30 mm. Searles Lake, U.S.A. 


to 20 mm (%f: in) occurred in the Blue Bell mine, 
California, USA. 


Leadhillite 
Pb4(SO4)(CO3)2(OH)> 
MONOCLINIC ee 

Properties: C — colorless, yellowish, gray; S — color- 
less; L — resinous to adamantinc; D — transparent to 
translucent: DE — 6.5; H - 2.5-3: CL — perfect: F - 
conchoidal: M — pseudo-hexagonal tabular crystals. 
Origin and occurrence: Secondary mineral from the 
oxidation zone of Pb deposits, associated with 
cerussite, anglesite, linarite and other minerals. The 
largest crystals, measuring up to 15 cm, come from 
Tsumeb, Namibia. Crystals up to 25 mm (1 in) found 
in the Mammoth minc, Tiger, Arizona, USA. 
Crystals in Leadhills, Scotland. UK were of similar 
size. 


Chalcantite 
CuSO4 .5 H30 


TRICLINIC eee 


Properties: C — deep blue; S — white; L — vitreous to 
resinous; D — transparent to translucent; DE - 2.3: H 
- 2.5; CL — imperfect; F — conchoidal; M — short 
prismatic to tabular crystals, stalactites, films; R - 
soluble in water. 


Caledonite. 5 mm x. Graham Co., US.A. 


MAA ARANA 


what DIO AAA, Bat 


Origin and occurrence: Secondary. as a product of 
the oxidation of Cu sulfides. stable only in arid 
climate. Crystals up to 40 mm (lw in) in size. and 


Melanterite, 80 mm, Harz Mts., Germany 


NAVIA, OU ANN, 2 VNU UY, UDA, 


stalactites, up to 1 m (39% in) long are known from 
Bisbee, Arizona. USA. Crystals were also found in 
the oxidation zone in Chuquicamata, Chile. 
Beautiful stalactites come from Rio Tinto, Spain. 
Application: rarely mined as Cu ore. 


Melanterite 
FeSO y Par i H20 
MONOCLINIC ...o 


Varieties: pisanite (with Cu contents), kirovitc 
(with Mg contents) 


Properties: C — light green; S — colorless; L — vi- 
treous; D — translucent; DE — 1.9; H - 2; CL — per- 
fect; F — conchoidal: M - granular crusts, botryoidal 
and stalactitic aggregates, films; R — soluble in 
water. 

Origin and occurrence: Secandary, as a result of 
the oxidation of Fe sulfides, together with other 
sulfates. Jt is unstable under atmospheric con- 
ditions. Crystals up to 20 mm (%%z2 in) long are 
known from Bisbee, Arizona and from the Boyd 
mince, Tennessee, USA. Stalactites, up to 50 cm (20 
in) long, occurred in Chvalctice, Czech Republic. 
It is also common in Rio Tinto, Spain and Banska 
Stiavnica, Slovakia. 
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Epsomite 

MgSO, .7 H20 
ORTHORHOMBIC 0000 

Properties: C — colorless to white; S — colorless; L - 
vitreous to silky; D — transparent to translucent; DE - 
1.7; H - 2; CL - perfect; F — conchoidal; M — small 
crystals, granular, stalactitic aggregates; R - soluble in 
water, decomposing under atmospheric conditions. 
Origin and occurrence: Secondary, as a result of the 
oxidation of Fe sulfides, also from crystallization of 
the salt lake water, associated with halite and other 
minerals. Crystals up to 1 m (39%, in) long were found 
on Mount Kruger, Washington; prismatic crystals up 
to 50 mm (2 in) long also occur in Bisbee. Arizona and 
needles of a similar size come from the White Caps 
mine, Nevada, USA. It is also known as a product of 
the activity of fumaroles in Mount Vesuvius, Italy. 


Morenosite 
NiSO, .7 H20 


ORTHORHOMBIC eee 


Properties: C — green, green-white; S — greenish; L — 
vitreous: D — transparent to translucent; DE — 2; H 
2-2.3; CL - good; F — conchoidal; M -- stalactitic 
crusts and efflorescences; R — soluble in water. 
Origin and occurrence: Secondary. as a product of the 
oxidation of Ni minerals, stable mainly in the arid 
regions. It is very common in Sudbury, Ontario, 
Canada; also in Richclsdorf. Germany and Potucky. 
Czech Republic. 


Epsomite, 10 mm xx, Stassfurt, Germany 


Coquimbite 
Fe3*,(SO ¿)3 .9 H20 


TRIGONAL 000. 


Properties: C — purple. yellow, green, colorless; S - 
colorless; L - vitreous; D — transparent; DE - 2.1; H 
2; CL — imperfect; F — conchoidal to uneven; M - 
prismatic to tabular crystals. granular, massive; R 
soluble in water. 
Origin and occurrence: Secondary, associated with 
other sulfates. Crystals, several cm long, were found 
in the Dexter No.? mine. Calf Mesa, Utah, USA. 
Small prismatic crystals are known from Zeleznik , 
tabular crystals occurred in Banska Stiavnica, 
Slovakia. It is very common in Chilean deposits, like 
Chuquicamata and Tierra Amarilla. 


Alunogen 
Alz(SO4)3 . 17 H20 


TRICLINIC 0090 


Properties: C — colorless, white, gray-yellow; S — 
colorless; L — silky; PS — transparent; DE — 1.8; 11 — 
1.5; CL — perfect; M — pseudo-hexagonal crystals, 
granular: R — soluble in water. 

Origin and occurrence: Secondary. as a result of the 
pyrite oxidation. also a product of sublimation on 
volcanoes and burning dumps, associated with other 
sulfates. Large crystals are known from the Dexter 
No.7 mine, Calf Mesa, Utah, crusts, over 1 m (39% 
in) thick were found on Mount Alum, New Mexico, 


Morenosite, 60 mm, Potucky, Czech Republic 


Coguimbite. 110 mm, Cerritos Bajos. Chile 


Alunogen, 80 mm, Dubnik, Slovakia 


USA. Fine aggregates occur on the walls of 
underground workings in the old opal mines in 
Dubnik, Slovakia. 


Halotrichite 
FeAlz(SO4)4 . 22 H20 


MONOCLINIC eee 


Properties: C — white, greenish: S — colorless: L — 
vitreous: PS - transparent to translucent; DE — 1.9- 
2.1; H - 1.5-2; CL - imperfect; F - conchoidal; M 
acicular crystals, fibrous aggregates, efflorescences; 
R — soluble in water. 

Origin and occurrence: Secondary, as a result of the 
pyrite oxidation, also a product of the activity of hot 
springs ans solfataras. associated with other sulfates. 
Common fibrous crusts occur in Dubnik. Slovakia. It 
looks similar in Rio Marina, Elba, Italy and in 
Chuquicamata, Chile. It is known from solfataras in 
Pozzuoli, Italy. It is a product of hot springs activity 
in the Lassen Peak National Park. California, USA. 


Apjohnite 
MnAi7(SO4)4 .22 H20 


MONOCLINIC eee 


Properties: C - colorless, white, pink, grecnish, 
yellow; S — colorless: L — silky: D — transparent; DE 
~ 1.9; H — 1.5; M — fibrous aggregates, coatings, 
massive; R — soluble in water. 

Origin and occurrence: Secondary, occurring toge- 
ther with other sulfates. Large accumulations are 
known from Little Pigeon Creek, Alum Cave, Ten- 
nessce. USA. It also occurs in Delagona Bay. 
Mozambique. 


Apjohnite, 60 mm, Smolnik, Slovakia 
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Bilinite, 60 mm, Bilina, Czech Republic 


Bilinite 
Fe2*Fe3*,(SO g)4 -22 H20 


MONOCLINIC © © 


Properties: C — white to wellowish; S — white: L — 
silky; D — opaque: DE - 1.9; H - 2; M -- fibrous 
aggregates: R — soluble in water. 

Origin and occurrence: Secondary, as a result of the 
pyrite oxidation, associated with other sulfates. 
Fibrous aggregates are known from Svitec near 
Bilina, Czech Republic. Also described from Bisbee. 
Arizona, USA. 


Tschermigite 
(NHaJAKSO4)2 . 12 H20 


CUBIC 0090 


Properties: : C — colorless; S - colorless; L - 
vitreous; D — transparent; DE — 1.6; H - 1,5; F - 
conchoidal; M — octahedral crystals. fibrous and 
columnar aggregates; R — soluble in water. 


Tschermigite, 50 mm, Mogyororosbanya, Hungary 


Origin and occurrence: Secondary in the brown coal, 
also on burning dumps and as a product of solfataras. 
Skeletal crystals up to 10 mm (4 in) in size are known 
from the brown coal basin near Most and Bilina, Czech 
Republic. Original locality Eermniky, Czech Republic 
yiclded fibrous crusts, up to 50 mm (2 in) thick. Fine 
octahedra. up to 10 mm (4 in) come from burning 
dumps near Zastavka near Brno, Czech Republic. Oc- 
tahedra occur also in Geysers, California, USA. Small 
crystals on Etna, Sicily. Italy are of volcanic origin. 


Polyhalite 
KCa2Mg(SO 4)4 I2 H20 


TRICLINIC eee 


Properties: C - colorless, brown, red-brown: S — 
colorless; L - vitreous; D — transparent to trans- 
lucent; DE -— 2.8; H — 3-3.5; CL — perfect: M ~ 
acicular to prismatic crystals, columnar, scaly and 
fibrous aggregates. 

Origin and occurrence: Sedimentary, as a consti- 
tuent of salt deposits, also as a product of volcanic 
activity. Tabular and prismatic crystals are found 
rarcly together with massive polyhalite aggregates in 
Stassfurt. Germany. Fibrous aggregates come from 
Halstatt, Austria. Large deposits of polyhalite arc 
located near Carlsbad. New Mexico, USA. Coatings 
occur on Mount Vesuvius, Italy. 


Gorgeyite 
K2Cas(SOg)6 . H20 
MONOCLINIC 00 


Properties: C — colorless, yellowish: S — colorless: L 
vitreous; D - translucent: DE — 3; H - 3.5; 


Polyhalite, 54 mm, Carisbad. U.S.A. 


Gypsum, 62 mm, Carneville, Utah, U.S.A. 


CL — good; F — conchoidal: M -- tabular crystals. 
Origin and occurrence: Sedimentary in salt deposits. 
associated with halite and other mincrals. Fine crystals 
up to 80 mm (3% in) long found near Inder Lake, 
Kazakhstan; also known from Bad Ischl, Austria. 


Gypsum 
CaSO, . 2 H20 
MONOCLINIC 00000 

Varieties: Maria-glass, alabaster, satin spar. selenite. 
Properties: C — colorless, white, gray, yellowish: S — 
colorless; L — vitreous to pearly; D - transparent to 
translucent; DE - 2.3; H — 1.5-2; CL — perfect; F — 
conchoidal; M — typical monoclinic crystals, often 
twins. fibrous and platy aggregatcs, granular, 
massive; LU — crystals with inclusions sometimes 
bluish to yellowish. 


Gorgevite, 80 mm. Inder Lake, Kazakhstan 


Origin and occurrence: Rare primary hydrothermal, 
mostly sedimentary and as a weathering product, 
associated with anhydrite, halite and other minerals. 
Crystals up to 50 mm from Cavnic, Romania are 
probably hydrothermal. Huge crystals up to 1.5 m (5 
ft) long found in karst cavitics (Cave of Swords) in 
gossan in the PbBZn deposit Naica, Chihuahua, 
Mexico. Crystals up to 9 m (29 ft 6 in) long from 
Santa Eulalia, Chihuahua, Mexico, where they were 
found combined with interesting aggregates, called 
‘ram’s horns” from their shape. Crystals up to 4 m 
(13 ft) long occurred in Tarnobrzeg, Poland. Com- 
mon crystals are also known from Gorguel, Spain. 
The ‘desert roses” or crystal druscs, from Sahara 
desert in Tunisia and Algeria, with sand grain inclu- 
sions are mineralogically interesting. Large slabs of 
the transparent variety, called Maria-glass, found in 
Fricdrichsrode, Germany. Finc-grained variety ala- 
baster occurs e.g. in Italy. Fibrous varicty selenite 
(sometimes also called satin spar) comes from the 
Sylva river basin, Perm. Russia. 

Application: building, chemical and medical 
industries. 


Langite 
Cu4(SO4)(OH)« . 2 H20 


ORTHORHOMBIC eee 


Properties: C — blue, blue-green; S — light blue; L — 
vitreous to silky; D — translucent: DE — 3.3; H - 2.5- 
3; CL — perfect; M - small isometric crystals, fine- 
grained crusts, carthy aggregates.. 

Origin and occurrence: Sccondary, as a product of 
the oxidation of Cu ores, associated with gypsum 
and other mincrals. Crystals known from St. Just, 
Cornwall, UK. Crystals occurred in Tsumcb, 
Namibia. Fine specimens come from Spania Dolina 
and Lubictova, Slovakia and from Borovec, Czech 
Republic. It is also common in Ely. Nevada, USA 
and in El Cobre, Chile. 


Langite, 49 mm, Allihies, Cork, Ireland 
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Fibroferrite, 70 mm, Dubnik, Slovakia 


Fibroferrite 
Fe3* (SO4)(OH) . 5 H20 


ORTHORHOMBIC eee 


Properties: C — yellowish, greenish, gray; S — white; 
L — silky; D - opaque: DE — 1.9; H — 2.5; CL — 
perfect; M — small crystals, fibrous and botryoidal 
crusts; R — soluble in water. 

Origin and occurrence: Secondary as a product of 
the pyrite oxidation, together with other sulfates. 
Crystals in cavities in melanterite found in the 
Dexter No.7 mine, Calf Mesa. Utah. USA. Vein 
fillings up to 3 m (10 ft) thick come from the Santa 
Elena mine. La Alcaparrosa, Argentina. Fine fibrous 
aggregates occur in Dubnik, Slovakia. It is common 
in many localities in Chile (Tierra Amarilla, 
Chuquicamata). 


Aluminite 
Alz(SO4)(OH)4 . 7 H20 


MONOCLINIC eee 


Properties: C — white; S — white; L — dull; D - 
opaque: DE - 1.7-1.8; H — 1-2; CL — none; M — 
earthy nodules, consisting of microscopic needles. 
Origin and occurrence: Secondary, resulting from 
the reaction of sulfuric acid with Al in Al-rich rocks. 
Large nodule, 30 cm (12 in) in diameter, known from 
Newhaven, Sussex, UK. Fine white nodules 
described from Mala Chuchle, Prague. Czech 
Republic. It also occurs near Halle, Germany and 
covers limestone in the vicinity of Joplin, Missouri, 
USA. 
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Aluminite, 60 mm, Bicske-Csordakut. Hungary 


Botryogen 

MgFe** (SO¿)2(0H) . 7 H20 
MONOCLINIC eee 

Properties: C — orange-red: S - yellow; L — vitreous; 
D — transparent to translucent; DE — 2.1: H - 2-2.5; 
CL — perfect: F -- conchoidal: M — prismatic striated 
crystals, racemose and spherical aggregates with 
radial structure. 

Origin and occurrence: Secondary. as a result of the 
pyrite oxidation in arid regions, together with other 
sulfates. Crystals up to 35 mm (1% in) long from the 
Libiola mine near Genoa, Italy. It is common in 
Chuquicamata and Quetena in Chile; also known 
from Rammelsberg, Germany. 


Botryogen, 3 mm xx. Knoxville, U.S.A. 


Devilline, 10 mm xx, Spania Dolina, Slovakia 


Copiapite 


(Fe** Mg)Fe3* 4(SO4)4(OH)> .20 H30 


TRICLINIC 0090 

Properties: C — yellow, green-ycllow, orange; S — 
yellow: L — pearly; D — transparent to translucent; 
DE - 2.1-2.2: H — 2.5; CL— perfect: M - thin tabular 
crystals, scaly and pulvcrulent aggregates, earthy. 
Origin and occurrence: Secondary, originated 
from the pyrite oxidation, together with other 
sulfates. 

Tabular crystals come from the Dexter No.7 
mine, Calf Mesa. Utah, USA and also from 
Zeleznik . Slovakia. Fine crystals were found in 
many localitics in Chile (Tierra Amarilla, Chu- 


Copiapite, 96 mm, Copiapo, Chile 


Serpierite, 80 mm, Pribram, Czech Republic 


quicamata). It also occurs in Rammcelsberg, Ger- 
many. 


Devilline 
CaCug(SO4)2(0H)g .3 H20 
MONOCLINIC o o 

Properties: C — cmerald-grcen; S — white to light 
green; L - vitreous to pearly; D — transparent to 
translucent; DE - 3.1; H - 2.5; CL - perfect: M — 
thin tabular pseudo-hexagonal crystals and coatings. 
Origin and occurrence: Secondary, as a result of the 
oxidation of Cu sulfides, associated with other 
secondary Cu mincrals. The world’s best specimens 
come from Spania Dolina, Slovakia. where crystal 
roscttes up to 10 mm (s in) in diameter were found in 
the past century; also known from Botallack, 
Cornwall, UK and Tsumeb, Namibia. 


Serpierite 
Ca(Cu,Zn)4($O4)7(OH)¢ -3 H20 


MONOCLINIC o o 


Properties: C — blue; S — white; L — vitreous; D — 
transparent to translucent; DE - 3.1; H - 2.5; CL — 
perfect; M — tabular crystals, coatings. 

Origin and occurrence: Secondary, originated in the 
oxidation zone of Cu-Zn deposits. together with 
smithsonite and other mincrals. Its small crystals and 
aggregates occurred in Laurion, Greece. Recently 
confirmed at Pribram, Czech Republic. 
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Ettringite, 45 mm, Kuruman, South África 


Ettringite 
Cag¿Al2(SO 4)3(0H) 12 . 26 H70 


HEXAGONAL © © 


Properties: C - colorless, yellow; S — white; L — 
vitreous to silky; D — transparent; DE — 1.8: H - 2.5; 
CL — perfect; M — prismatic crystals, fibrous 
aggregates. 

Origin and occurrence: Metamorphic, associated 
with sturmanite. The world's best crystals reaching 
up to 100 mm (4 in) come from the N’Chwaning 
mine, Kuruman, South Africa. Crystals up to 4 mm 
(Ah in) occurred in Franklin. New Jersey, USA. Also 
known from the contact metamorphic conditions in 
Crestmore, California, USA. 


Sturmanite 
CagFe?*2(SO4)2[B(0H)4], (OH) ¡2 -25 H20 


TRIGONAL e 


Properties: C — yellow. yellow-green; S — white; L 
vitreous; D — transparent to translucent: DE — 1.9; H 
- 2.5; CL — perfect: M — flat dipyramidal crystals. 
Origin and occurrence: : Probably metamorphic, 
associated with barite, hematite and ettringite. 
Crystals up to 140 mm (5'4 in) long come from the 
N’Chwaning mine, Kuruman, South Africa. 


Sturmanite, 35 mm xx, Kuruman, South Africa 


Johannite 
Cu(U0)2(SO4)2(OH)2 .8 H20 


TRICLINIC ee 


Properties: C — green; S — light green; L — vitreous; 
D - transparent to translucent; DE -- 3.3; H — 2-2,5: 
CL — good; M - prismatic to thick tabular crystals, 
scaly aggregates, coatings: R — radioactive. 

Origin and occurrence: Secondary, as a result of the 
uraninite oxidation, together with other secondary U 
mincrals. Crystals are known from Jachymov. Czech 
Republic and Johanngeorgenstadt. Germany. It was 
common with zippcite in Central City, Colorado, 
USA and also reported from Mounana, Gabon. 


Zippeite 
K4(U02)6(SO4)3(OH) 19 -4H20 


ORTHORHOMBIC eee 


Properties: C — orange-yellow; S — yellow; L — dull 
to earthy; D - opaque; DE — 3.7; H — not determined; 
CL - perfect; M - acicular and tabular crystals, 
pulverulent and acicular aggregates, coatings; LU — 
green: R — radioactive. 

Origin and occurrence: Secondary, forming during 
the uraninite oxidation, associated with other 
secondary U minerals. Small tabular crystals come 
from Drmoul. Czech Republic. Coatings and 


The upper- and lower-sideband crystals in the bfo are also switched 
by diodes. 

All the frills such as VOX, noise blanker, CW filter, S-meter, 
and other goodies were left out in the interest of miniaturization. 
When assembled sandwich fashion, the whole rig fits in the palm of 
your hand. 

Speech Amplifier and Balanced Mixer 

A CA3020 integrated circuit performs as both speech 
amplifier and balanced mixer, thus contributing substantially to our 
miniaturization efforts. This device, though designed for class B 
audio amplifier service, has a bandwidth of 8 MHz and lends itself 
to rf applications such as this. The chip houses an emitter-follower 
input stage, a differential amplifier, 2 emitter-follower drivers, and 
2 output transistors. The output transistors have uncommitted 
collectors and emitters, which makes the device suitable for use in 
our circuit. 

The mike feeds into pin 10 which is the base of the input 
emitter-follower. Input impedance is over 50k ohms. R2 is a preset 
trimmer used to adjust the audio gain for the mike being used and, 
once set, can be left alone. The 455-kHz carrier is introduced 
across the emitters of the output transistors and a 50-ohm preset 
pot is used to balance the signal. In some cases, cancellation of the 
carrier from the output may not be complete and capacitive balanc- 
ing may be necessary. The PC board has provision for a small 
capacitor on either side of the balance pot to ground. 

A modified transistor i-f transformer is used to couple the 
collectors of the output transistors to the mechanical filter. The 
winding data for this and other transformers will be covered later. 
See Fig. 6-11. 

l-f Amplifier 

The SPDT diode switch at the input to the Collins filter 
connects it either to the transmitter mixer or to the receiver mixer 
output. Following the filter is a JFET amplifier that stays in the 
circuit for both transmitting and receiving. Then comes a second 
SPDT diode switch that routes the output to a second i-f stage for 
receiving or to a mixer for transmitting. The second i-f stage uses a 
dual gate FET with agc applied to gate 2. 


Bío, Vfo, and Transmitting Mixer 


The bfo is crystal controlled and operates continuously since 
it is common to both receive and transmit modes. An SPDT diode 
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Johannite, 70 mm, Jachymov, Czech Republic 


acicular aggregates arc known from Jachymov, 
Czech Republic and Central City. Colorado, USA; 
also occurs in Shinkolobwe, Zaire. 


Scheelite 
Cawo 4 


TETRAGONAL @eeee 


Properties: C — colorless, gray-white. yellow-brown, 
orange, red, greenish; S — white; L — greasy to ada- 
mantinc; D - translucent: DE - 6.1; H - 4.5-5; CL 
good; F ~ conchoidal to uneven; M - pseudo-octa- 
hedral crystals, granular, massive; LU — bluc-white. 
Origin and occurrence: Magmatic in pegmatites, 


Scheelite, 77 mm, Sichuan. China 


Zippeite, 40 mm, Lodeve, France 


hydrothermal in greisens and metamorphic; para- 
geneses vary significantly according to the origin. 
Beautiful brownish crystals up to 100 mm (4 in) in 
size come from Tacwha and Tongwha in Korea. Si- 
milar crystals were recently found in China. Orange 
crystals up to 40 mm (1%4s in) in size are associated 
with cassiterite crystals on quartz crystals from lultin 
and Tenkergin, Russia. Clear crystals, weighing up to 
50 kg (110 lb), occurred in pegmatites near Natas. 
Namibia. Crystals up to 70 mm (2% in) reported 
from several mines near Traversella, Italy. Beautiful 
red crystals up to 20 mm (*/: in) were very rare in 
Peibram, Czech Republic. Ycilow crystals up to 40 
mm (1° in) are known from quartz veins with 
pumpellyite in Obei Dsl, Czech Republic. 
Application: W orc. 
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Stolzute, 20 mm, Arizona, U.S. A. 


Crocoite, 44 mm, Dundas, Australia 


Stolzite 

PbWO q 
TETRAGONAL o 0. 

Properties: C — gray-brown, orange-ycllow, red, 
green: S — colorless; L — adamantine to resinous; D 
transparent to translucent: DE - 7.9-8.3; H - 2.5-3; 
CL - imperfect; F — conchoidal to uneven; M - dipy- 
ramidal and thick tabular, striated crystals. 

Origin and occurrence: Secondary, as a product of the 
oxidation of primary W minerals. Crystals up to 60 mm 
(2% in) from St Leger-de-Peyrc, France. Prisms and 
needles up to 25 mm (! in) long found in Broken Hill. 
New South Wales, Australia. Crystals up to 25 mm (1 
in) also known from Tsumeb, Namibia. Crystals up to 
20 mm (2 in) reported from Cínovec, Czech Republic 
and from the Black Pine mine, Montana, USA. 


Ferrimolybdite, 60 mm, Hurky, Czech Republic 


14? 


Crocoite 
PbCrO, 


MONOCLINIC o. 


Properties: C — orange, red; S — orange-yellow; L — 
adamantine to greasy; D — translucent; DE — 6; H — 
3; CL — good; F — conchoidal to uneven: M — long 
prismatic to acicular crystals, crusts.. 

Origin and occurrence: Secondary, as a result of the 
galena oxidation in basic rocks. The world’ best 
specimens come from the Dundas district, Tasmania, 
Australia where crystals up to 100 mm (4 in) long 
were found in several mines. Fine crystals up to 40 
mm (1%s in) long are known from Berezovsk, Ural 
mountains. Russia. Crystals up to 20 mm (x in) 
were recently found in Callenberg, Germany. 


Betpakdalite, 70 mm, Bayan Tsogdo, Mongolia 


Ferrimolybdite 
Fe2(M004)3 .8 H20 


ORTHORHOMBIC o. 


Properties: C - yellow, whitish; S — light yellow; L — 
adamantine, silky, earthy: D - opaque; DE - 4.4; H — 
1-2; M — small acicular crystals, fibrous and radial 
aggregates, carthy. 

Origin and occurrence: Secondary. as a product of 
the molybdenite oxidation. Microscopic crystals were 
found in Glen Innes, New South Wales, Australia. It 
occurred as ycllow coatings in Climax and Telluride, 
Colorado, in the Getchell mine, Nevada, USA; also in 
Hsrky near Eista, Czech Republic. 


Betpakdalite 
CaFe3*Hg(MoO4)5(AsO4)> .8 H30 


MONOCLINIC o 


Properties: C — lemon-yellow; S — yellow; L — 
vitreous, waxy, dull: D — opaque; DE - 3; H - 3; CL 
- good: M - short prismatic microscopic crystals, 
pulverulent. 

Origin and occurrence: Secondary mincral. Origi- 
nally described from Kara-Oba, Kazakhstan. It also 
occurred in Tsumeb, Namibia and in Krupka. Czech 
Republic. 


Wulfenite, 38 mm, Los Lamentos, Mexico 


Wulfenite 
PbMoO, 


TETRAGONAL eee 


Properties: C — yellow, orange, brownish, red, 
greenish; S — white: L — greasy to adamantine; D — 
transparent to translucent; DE — 6.3-7; H - 3; CL - 
good: F — uneven to conchoidal; M — thin tabular and 
dipyramidal crystals, granular, massive. 

Origin and occurrence: Secondary, as a result of 
the galena oxidation, together with cerussite, 
vanadinite and other mincrals. The best specimens 
are known from the Red Cloud mine near Yuma, 
Arizona, where red tabular crystals found up to 50 
mm (2 in) diameter. Yellow-brown crystals up to 
100 mm (4 in) come from the Glove mine, Arizona, 
USA. Thick tabular orange crystals up to 20 mm 
(7/2 in) in diameter found in the Erupcion mine, 
Villa Ahumada, Los Lamentos. Chihuahua. Beau- 
tiful yellow plates up to 60 mm (2% in) with 
orange mimetite spheres occurred in the San 
Francisco mine, Magdalena, Sonora, Mexico. Rare 
tabular crystals up to 70 mm (2% in) across come 
from Tsumeb, Namibia. Fine orange-yellow 
tabular crystals up to 20 mm (*/» in) across, and 
pyramidal crystals are known from Bleiberg, 
Austria and Mezica , Slovenia. Crystals up to 100 
mm (4 in) were found recently in Touissit, 
Morocco. 
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8. Phosphates 


Lithiophosphate 
LizPO, 


ORTHORHOMBIC o 


Properties: C — colorless. white. pinkish; S — white: 
L — vitreous: D — transparent to translucent; DE 
2.5; H — 4; CL — perfect; F - uneven: M — prismatic 
crystals, granular. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites, where it forms by replacement of spodu- 
mene and montebrasite. Cleavable aggregates up to 
100 mm (4in) across occur in the Tanco Mine, Ber- 
nic Lake, Manitoba, Canada; crystals up to 25 mm (1 
in) across in the Foote mine, Kings Mountain, North 
Carolina. USA. 


Beryllonit 
NaBe PO, 


MONOCLINIC ee 


Properties: C — colorless, white, yellowish; S — white: 
L — vitreous; D ~ transparent to translucent: DE — 2.8; 
H - 5.5-6; CL — perfect; F - uneven; M — short 
prismatic to tabular crystals, granular. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites where it is associated with herde- 
rite, albite and tourmaline. Crystals and their twins, up 
to 150 mm (6 in) across come from Stoncham and 
Newry. Maine, USA: also from Viitaniemi, Finland and 
Paprok, Afghanistan. 


Adamite, 32 mm, Mapimi, Mexico 
Lithiophosphate, 30 mm, Tanco, Canada 


Beryllonite, 31 mm. Paprok, Afghanistan 


Triphyllite 
LiFePO, 


ORTHORHOMBIC eee 


Properties: C -- gray-green, gray-blue, gray, brown: 
S — gray-whitc; L - greasy to vitreous; D — trans- 
parent to translucent; DE — 3.4; H — 4-5; CL — good: 
F — uneven; M B short prismatic crystals, granular, 
massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites. associated with graftonite, sarcopside 
and many secondary phosphates. Large triphyllite 
crystals up to 1.5 m (5 Ñ) across are known from 
Hagendorf, Germany; from the Tip Top mine, Custer, 
South Dakota and Palermo No. 1 mine, North 
Groton, New Hampshire, USA; also from Hühner- 
kobel, Germany. 


Triphy lite, 70 mm, Hagendorf, Germany 
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Lithiophilite, 120 mm, Viitaniemi, Finnland 


Lithiofilit 
LiMnPO, 


ORTHORHOMBIC o o 


Properties: C — pink, red-brown, brown; S - white; L 
— vitreous; D — transparent to translucent; DE — 3.3; 
H - 4-5; CL - good; F — uneven; M — short prismatic 
crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites. It is sometimes associated with triplite and 
triphyllite, typically replaced by many secondary 
phosphates. Large masses of lithiophillite, reaching 
up to | m (39% in), occur in Karibib, Namibia; 
Kitumbe, Rwanda. Other localities are Mangualde. 
Portugal; Tanco mine, Bernic Lake, Manitoba, 
Canada; Stewart Lithia Mine, Pala, California, USA. 


Purpurite, 40 mm, Usakos, Namibia 


Berzeliite, 120 mm, Langban, Sweden 


Purpurite 
M n3*po 4 


ORTHORHOMBIC © © 


Properties: C — pink, purple, dark brown; S B red- 
purple; L - dull to velvet; D — translucent to opaque; 
DE - 3.7; H — 4-4.5; CL — good; F — uneven; M B 
granular, massive. 

Origin and occurrence: Hydrothermal, as a product of 
lithiophillite replacement in granitic pegmatites. It is 
usually associated with many secondary phosphates. It 
is known from Kitumbe, Rwanda: Usakos and 
Sandamab, Namibia; the Tip Top and Bull Moose 
mines. Custer, South Dakota and Branchville, 
Connecticut, USA. 


Berzeliite 
(Ca,Na)3 (Mg,Mn)> (AsO 4)3 


CUBIC © © 


Properties: C — yellow, orange; S — red-purple; L - 
resinous; D - transparent to translucent; DE - 4.1; H 
— 4-4.5; CL - none; F - conchoidal to uneven; M — 
isometric crystals, granular, massive. 

Origin and occurrence: Metamorphic, together with 
haussmanite, rhodonite and tephroite. It occurs as 
massive in Langban and Nordmark, Sweden. 


Whitlockite 
Cag(Mg,Fe)H(PO 4)7 
TRIGONAL ee 


Properties: C — colorless, white, yellowish, pinkish; S 
— white; L — vitreous to dull; D - transparent to trans- 
lucent: DE — 3.1; H - 5; CL — none; F — conchoidal to 
uneven; M - rhombohedral crystals, granular, massive. 


Origin and occurrence: Hydrothermal, as a product 
of replacement of primary phosphates in granitic 
pegmatites, rare in sedimentary rocks — phos- 
phorites: very rarc magmatic in metcorites. Mainly 
associated with apatite and carbonates. Imperfect 
crystals around 10 mm (? in) across. occur in the 
Palermo No. | mine, North Groton, New Hampshire: 
also in the Tip Top mine, Custer. South Dakota, 
USA. 


Xenotime-(Y) 
YPO4 


TETRAGONAL 0090 


Properties: C — brown, yellow. gray, greenish; S — 
white; L — vitreous to resinous; D - transparent, 
translucent to opaque: DE - 4.5; H - 4.5; CL — good; 
F — conchoidal to uneven: M — long prismatic to 
tabular crystals, granular: R — sometimes weakly 
radioactive and metamict. 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites, granites and syenites: hydro- 
thermal in the Alpinc-type veins: metamorphic in 
gneisses: common in placers. It is associated with 
monazite-(Ce) and zircon. Perfect prismatic crystals 
up to 100 mm (4in) across occur mainly in pegma- 


Xenotime-(Y), 14 mm x, Washington Co.. U.S. A. 


Whitlockite, 10 mm xx, New Hampshire, U.S.A. 


tites in Kragero and Hitteró, Norway: Ytterby, 
Sweden; in several places in Madagascar: in 
Ichikawa, Japan. Crystals about 20 mm (%%/2 in) are 
known from the Alpine-type veins in Binntal, 
Switzerland. 

Application: ore of rare carth clements. 
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Monazite-(Ce) 
CePO 4 


MONOCLINIC 0090 


Properties: C — yellow, brown, red-brown, orange, 
gray-green: S — white; L — vitreous to resinous; D — 
transparent, translucent to opaque: DE — 4,6; H — 5- 
5.5; CL — good: F — conchoidal to uneven; M - long 
prismatic to tabular crystals, granular; R 
sometimes weakly radioactive and metamict. 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites, granites, syenites, carbona- 
tites; hydrothermal in the Alpine-type veins and 
greisens; metamorphic in gneisses: common in pla- 
cers. 

It is associated with apatite, xenotimc-(Y) and 
zircon. Perfect prismatic crystals up to 200 mm (7% 
in) come from Mars Hill, North Carolina. Trout 
Creek Pass, Colorado. USA; also from Arendal, 
Norway; Ambatofotsikely and Ampangabe, Mada- 
gascar, where masses weighing several kg are com- 
mon: crystals, up to 200 mm (77/s in) across found 
in Minas Gerais. Jaguaracu, Brazil. 

Application: ore of rare earth clements. 


Monazite-(Ce). 31 mm, Felicio, Brazil 


Hydroxylherderite 
CaBe(PO,4)(OH,F) 


MONOCLINIC o © 


Properties: C — colorless, white, yellowish, greenish; 
S — white; L — vitrcous to dull: D — transparent to 
translucent; DE - 3.0; H - 5-5.5; CL - good; F - 
conchoidal to uneven: M — prismatic to tabular 
crystals, radial aggregates, granular. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites and in greisens. Perfect crystals, 
up to 120 mm (4"/sin} long come from Marilaca and 
together with colored tourmalines from Virgem da 
Lapa. Minas Gerais, Brazil; also known from 
Topsham and Stoncham. Maine, USA. 


Amblygonite 
LiAI(PO4)(F,OH) 


TRICLINIC 0090 


Properties: C — colorless, white, yellowish, bluish, 
gray; S — white: L — vitreous to dull; D — transparent 
to translucent: DE — 3.1; H — 5.5-6; CL - good; F — 
conchoidal to uneven; M — short prismatic crystals, 
granular, massive, 


Hydroxvlherderite, 22 mm, Anza, California, U.S.A. 


Montebrasite, 80 mm. White Picacho, Arizona, US.A. 


Vagnerite, 18 mm x, Werfen, Austria 


Origin and occurrence: Magmatic in granitic 
pegmatites and some granites; rare hydrothermal in 
greisens and in ore veins. Large amblygonite masses, 
several meters across. come from pcgmatites, like 
the Beccher, Custer and Hugo mines, Keystonc, 
South Dakota, USA, where its blocks weighed up to 
200 tons; also known from Viitaniemi, Finland; Uto. 
Sweden. Typical representative of the quartz- 
amblygonite veins is Verncrov, Czech Republic. 
Application: Li ore and raw matcrial for ceramics. 


Montebrasite 
LiAl(PO4)(OH,F) 


TRICLINIC 0090 


Properties: C — colorless. white. yellowish, yellow, 
bluish, gray: S — white; L — vitrcous to dull: D — 
transparent to translucent: DE - 3.0; H - 5.5-6; CL — 
good; F - conchoidal to uneven; M - short prismatic 
to tabular crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites: hydrothermal in granitic 
pcgmatites. It occurs very frequently with ambly- 
gonitc, which it replaces. Large masses arc known 
from Montebras, France; also from the Tin Mountain 
mine, Custer, South Dakota, USA.. Perfect tabular 
crystals up to 150 mm (6 in) across found in 
Taquaral, Minas Gerais, Brazil. 


Wagnerite 
Mg2(PO4)(FOH) 


MONOCLINIC 00. 


Properties: C — light yellow, ycllow-green. yellow- 
brown, green; S — white; L — vitreous to greasy; D — 
transparent, translucent to opaque; DE — 3.2; H — 5- 
5.5; CL — imperfect: F — conchoidal to uneven; M — 
short prismatic crystals. granular, massive. 


Origin and occurrence: Magmatic in granitic 
pegmatitcs: metamorphic in gneisses and cclogites; 
hydrothermal in quartz veins and in salt deposits. 
The most famous finds come from the quartz veins 
in Hollgraben and Radclgrabcn. the Alps, Austria, 
where wagnerite occur together with lazulite and 
forms crystals up to 30 mm (I*/t in) across: also 
known from Mangualde. Portugal and Bodenmais. 
Germany. 


Amblygonite, 55 mm, Minas Gerais, Brazil 
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Zwieselite, 30 mm grain, Dolni Borv, Czech Republic 


Zwieselite 
Fe,(PO¿XF,OH) 


MONOCLINIC o... 


Properties: C — dark brown to black-brown; S — light 
brown; L —- vitreous to greasy; D - translucent to 
opaque; DE - 4,0; H - 5-5.5; CL - imperfect; F - 
conchoidal to uneven; M — short prismatic crystals, 
granular. massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites: rare hydrothermal in greisens. It is associated 
with apatite. triplitc and secondary phosphates. 
Imperfect crystals and granular aggregates are known 
from pegmatites near Zwiesel, Germany: Dolni Bory, 
Czech Republic. 


Libethenite, 80 mm, L'ubietova, Slovakia 


aren 


Triplite, 70 mm, Viitaniemi, Finnland 


Triplite 
Mn3(PO4)(F,OH) 
MONOCLINIC 0.0 

Properties: C — pink, light brown; S — light brown; L 
- vitreous to greasy; D ~ translucent to opaque; DE 
— 3.8; H — 5-5.5; CL — imperfect; F - conchoidal to 
uneven: M - short prismatic crystals, granular. 
massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites; hydrothermal in grcisens 
and in quartz veins. It is usually hydrothermally 
altered and replaced by secondary phosphates. Huge 
masses several meters in size come from pegmatites 
in Karibib, Namibia; it also occurs in Mangualde, 
Portugal and in Sukula, Finland. 


Libethenit 
Cuz(PO4)(OH) 


ORTHORHOMBIC eee 


Properties: C - black-green to light green; S — olive- 
green; L — greasy; D — translucent; DE — 3.9; H - 4; 
CL ~ imperfect; F — conchoidal to uneven; M — short 
prismatic and dipyramidal crystals, botryoidal 
aggregates, granular, massive. 

Origin and occurrence: Sccondary in Cu deposits, 
where it occurs together with malachite. pseudo- 
malachite and brochantite. Perfect crystals. up to 30 
mm (lw in) across, come from the Rokana mine, 
Zambia; crystals, up to 10 mm (*/s in), are known 
from Kambove. Zaire: Lubictova . Slovakia; Nizhniy 
Tagil, Ural Mts.. Russia. 


switch selects the desired crystal for either upper- or lower- 
sideband operation. 

The vfo tunes from 3.045 to 3.545 MHz. It is also a common 
circuit and operates continuously. It is actually a part of the re- 
ceiver section. The common vfo and bfo ensure that both transmit- 
ter and receiver will be on the same frequency. Since very little 
energy is required by the mixers, no buffers are used after the vío. 
Output is taken from a 1-turn link wound over the tank coil. 

The 455-kHz signal and the output from the vfo are mixed in an 
5G3402T IC balanced mixer. A 3.5-to-4.0-MHz output is produced 
and the vfo signal is nulled by means of the 50k preset trimmer, R3. 
The output transformer, T4, is fabricated from a standard transis- 
tor i-f transformer. A PC pad is provided for connecting a small 
variable capacitor of 20 to 30 pF across the coil for front-panel 
peaking at any frequency. A tiny solid dielectric type from a 
transistor FM radio is ideal for this purpose. 


Receiver 


For those not familiar with the DMOS transistors, such as the 
Motorola MFE521 used in the rf and i-f stages, they require a fixed 
bias of around 4 volts on gate 1. This is provided by the 2.2k and 
4.7k resistors which form a divider across the 12-volt supply. Gate 
2 is controlled by agc voltage but, unlike the regular MOSFETs, 
need not go negative to attenuate the signal. The DMOS transistor 
works with all positive bias which simplifies the agc. R4 is adjusted 
so that the no-signal level on the agc line is 6 volts. The transistors 
will be working at close to maximum gain at this value of bias anda 
strong signal will drive this voltage down to 3.5 to 4 volts. A 
manual rf gain control is provided and would normally be mounted 
on the front panel. 

The mixer is an SG3402T IC which provides substantial gain 
and, as mentioned before, places a very light load on the vfo. 
Output load from the mixer is routed to the filter via the diode 
switch. 

A third SG3402T is used as a product detector and feeds the 
LM380N-8 audio IC directly. Some of the audio output from the 
detector is fed to a 741 op amp where it is amplified and rectified to 
provide a positive dc voltage which charges the 20-uF tantalum 
capacitor across its output. Part of this charge is bled off by means 
of the two 1-meg resistors and applied to the gate of the 2N5246 agc 
control transistor. As the dc level increases due to strong signals, 
the transistor conducts more heavily and causes the voltage at the 
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Olivenite, 80 mm, Tsumeb, Namibia 


Olivenite 
Cu(AsO4)(OH) 


ORTHORHOMBIC eee 


Properties: C — olive-green, green-brown, gray- 
green to gray: S - light green: L - greasy: D - 
translucent to opaque; DE - 4.4; ff - 3; CL -- 
imperfect; F — conchoidal to uneven: M - long to 
short prismatic and dipyramidal crystals, acicular 
and radial aggregates, massive. 

Origin and occurrence: Secondary in Cu deposits. It 
is associated with other secondary Cu minerals, 
malachite, azurite and scoroditc. Perfect crystals up 
to 10 mm (% in) across occurred in Wheal Gorland, 
Cornwall, and Tavistock, Devon UK; also in 
Tsumeb, Namibia and Ashburton Downs, Western 
Australia, Australia. 


Adamine 
Zn2(AsO4)(OH) 


ORTHORHOMBIC eee 


Properties: C — yellow-green, yellow, green, color- 
less, purple; S -- white; L — vitreous: D - transparent 
to translucent: DE - 4,4; H - 3.5; CL - imperfect; F 
- conchoidal to uneven: M — long to short prismatic 
and dipyramidal crystals, acicular and radial aggre- 
gates, massive; LU - yellow-green. 
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Origin and occurrence: Secondary in Zn deposits, 
associated with hemimorphite, gocthitee and 
smithsonite. Rich druses of green and rare purple 
crystals up to 70 mm (2% in) across come from Mina 
Ojuela. Mapimi, Durango. Mexico; also known from 
Tsumcb, Namibia: Laurion. Greece and Cap 
Garonne, France. 


Adamite, 34 mm, Mapimi. Mexico 
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Lazulite, 1 f mm x, Lincoln Co., GSA. 
= 
% 


a 


Lazulite 
MgAl2(PO4)2(OH)2 


MONOCLINIC © © © 


Properties: C — dark to light blue. blue-green: S — 
white; L - vitreous; D - transparent to translucent; 
DE - 3.1; H — 5.5-6; CL — imperfect; F — conchoidal 
to uneven; M — short prismatic and dipyramidal 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in quartz 
veins and granitic pegmatites. where it ts formed by 
decomposition of primary phosphates: metamorphic 
in quartzites. 

Imperfect crystals up to 100 mm (4 in) across come 
from Horrsjoberg, Sweden: perfect crystals about 50 
mm found in Ashudi, Pakistan; also known from 


Scorzalite, 80 mm. Palermo No.2 Mine, U.S.A. 


Big Fish River. Yukon, Canada and near Werfen. 
Austria. 


Scorzalite 
FeAl2(PO 4)2(0H) 


MONOCLINIC © 0 © 


Properties: C — dark blue. blue-green; S -- white; L 
vitreous: D - transparent to translucent; DE - 3.3; H - 
6; CL — imperfect; F - conchoidal to uneven; M — 
prismatic crystals, granular, massive. 

Origin and occurrence: |Ivdrothcrmal in granitic peg- 
matites, as a replacement product of primary phospha- 
tes, rare in quartz veins. Dark bluc, granular aggre- 
gates up to 100 mm (4in) across occur in the Palermo 
No. I and No. 2 mines, North Groton, New Hampshire 
and the Victory minc, Custer, South Dakota, USA. 


Rockbridgeite 
Fe2*Fe3* .(PO4)3(OH)s 


ORTHORHOMBIC 0.0. 


Properties: C - dark and light green, black-green: S - 
green; L - dull; D - translucent to opaque; DE - 3.4: 
H — 4.5; CL - good; F - uneven; M - acicular crystals, 
radial aggregates and crusts, granular, massive. 
Origin and occurrence: Secondary in granitic pegma- 
tites and in Fe deposits. It mostly originates from the 
hydrothermal alteration of primary phosphates, mainly 
triphyllite. and it is associated with other secondary 
phosphates. Rich radial aggregates up to 50 mm (2 in) 
across come from llagendorf, Germany: the Tip Top 
mine. Custer. South Dakota and the Fletcher mine. 
Groton, New Hampshire, USA. 


Rockbridgeite, 70 mm, Hagendorf. Germany 


Frondelite, 15 mm xx, Custer, U.S.A. 


Frondelite 
MnFe3*¿(PO4)3(0H)5 


ORTHORHOMBIC eee 


Properties: C - light olive-green, brown, black- 
green: S — green: L - dull; D — translucent to opaque: 
DE - 3.5; H - 4.5: CL - good; F - uneven; M — 
acicular crystals, radial aggregates and crusts, 
granular, massive. 

Origin and occurrence. Secondary in granitic peg- 
matites, where it forms as a result of the hydrother- 
mal alteration of primary phosphates, mainly 
lithiophiflite. Radial aggregates occur in the Fletcher 
mine, Groton, New Hampshire, USA; also in 
Sapucaia, Minas Gerais. Brazil. 


Dufrenite 
Fe2*Fe3*¿(PO4)3(0H)5 . 2 H20 


MONOCLINIC eee 


Properties: C ~ dark green, black-green. black: S 
green; L ~ vitreous to dull; D - translucent to 
opaque: DE - 3.4: H - 3.5-4.5; CL - good: F - 
uneven: M ~ radial aggregates and crusts. granular, 
massive. 

Origin and occurrence: Secondary in granitic 
pegmatites and in the oxidation zone of Fe deposits: 
tt forms in pegmatites as a result of the hydrothermal 
alteration of primary phosphates. Radial aggregates 
occur in pegmatites in Hagendorf and Hiihnerkobel. 
Germany: also in gossan in the Wheal Phoenix mine. 
Cornwall, UK. 


Dufrenite, 9 mm, Lancaster, U.S.A. 


Pseudomalachite 
Cus(PO4)2(OH)4 


MONOCLINIC eee 


Properties: C — green, black-grcen; S - green; L — 
vitreous to dull; D — translucent to opaque: DE - 4.3; 
H ~ 4,5-5; CL - good; F — uneven; M - short 
prismatic crystals. botryoidal aggregates with radial 
structure, massive. 

Origin and occurrence: Secondary in Cu deposits. 
associated with malachite. chrysocolla, libcthenite 
and gocthite. Beautiful botryoidal aggregates and 
large masses come from Nizhniy Tagil. Ural 
mountains, Russia; also from Ehl and Virneberg, 
Germany; from L'ubictova , Slovakia; and also from 
many localitics in Shaba province, Zaire. 


Pseudomatachite, 80 mm, L'ubietova. Slovakia 
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Cornubite. 30 mm, Farbiste, Slovakia 


Augelite. 34 mm. Yukon Territory, Canada 


Cornubite 
Cus(AsO4)2(OH)4 


TRICLINIC o 


Properties: C -- light to dark green; S — light green: 
L - vitreous to dull: D — translucent: DE - 4.8; H - 
not determined: CL — not determined: F — uneven: M 
— botryoidal aggregates, massive. 

Origin and occurrence: Secondary in Cu deposits. It 
was found together with olivenite and clinoclase in 
the Bedford United quarry. Cornwall, UK: also in 
Ashburton Downs. Western Australia, Australia and 
Farbiste, Slovakia. 


Cornetite, 10 mm aggregate, Lumumbashi, Zair 


Augelite 
Al7(PO4)(OH)3 


MONOCLINIC © © è 


Properties: C - coloricss, white, yellowish, pinkish; 
S- white; L ~ vitreous to dull; D — transparent to 
translucent: DE — 2.7; H- 4.5-5; CL - good; F - 
uneven: M — thick tabular to prismatic crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites as a product of primary phosphates 
replacement: rare metamorphic in quartzites. 
Massive aggregates several decimeters across occur 
in pegmatites in Burango, Rwanda; also in the Hugo 
mine, Custer, South Dakota and Mount White, 
California, USA. Crystals up to 20 mm (7%: in) 
across come from Rapid Creek. Yukon, Canada and 
from the Champion mine, California; rare small 
crystals found in the Palermo No. 1 mine. North 
Groton, New Hampshire, USA. 


Cornetite 
Cu3(PO,4)(OH)3 


ORTHORHOMBIC 0 


Properties: C - dark blue to blue-green; S -- light 
blue; L — vitreous: D - transparent to translucent: DE 
- 4,1; H - 4.5; CL ~ none: F - conchoidal to uneven; 
M -— short prismatic crystals, coatings. 

Origin and occurrence: Secondary in Cu deposits. It 
is rare in the Etoile mine near Lumumbashi and in 
Kalagi, Shaba province, Zaire: also occurs in 
Yerington, Nevada and in Saginaw Hill, Arizona, 
USA. 


Clineclase, 40 mm, Cornwall, UK 


Conichalcite, 70 mm, Tintic, U.S.A. 


Clinoclase 
Cu3(AsO4)(OH)3 


MONOCLINIC o. 


Properties: C — dark ercen-blue to black-green: S — 


blue-green; L -— vitreous; D - transparent to 
translucent; DE — 4.4; H - 2.5-3; CL — perfect; F - 
uneven: M — prismatic and tabular crystals. 


botryoidal aggregates. 

Origin and occurrence: Secondary in Cu deposits. 
often associated with malachite. azurite and other 
secondary Cu mincrals. Spherical aggregates up to 
10 mm (^ in) known from the Majuba Hill mine. 
Nevada. USA; occurs rarely near Tavistock, Devon. 
UK; also in Novoveska Huta, Slovakia. 


Conichalcite 
CuCa(AsO,4)(OH) 


ORTHORHOMBIC eee 


Properties: C — yellow-green to emcrald-green: S - 
light green; L — vitreous to greasy: D — transparent to 
translucent: DE — 4.3; H —- 4.5; CL - none: F - 
uneven; M — short prismatic crystals, botryoidal 
ageregates with radial structure, massive. 

Origin and occurrence: Secondary in Cu deposits. It 
occurs as rich botryoidal aggregates in Otavi, 
Namibia; Tintic. Utah, in the Higgins mine, Bisbee, 
Arizona and Yerington, Nevada, USA. 


Duftite 
PbCu(AsO4)(OH) 


ORTHORHOMBIC o. 


Properties: C — yellow-green, olive-green to gray- 
green; S — light green: L — vitreous to greasy; D - 
translucent; DE - 6.5; H — 3; CL — not determined; F 
— uneven: M - small crystals, botryoidal aggregates 
and coatings. 

Origin and occurrence: Secondary in base metals 
deposits. It is associated with malachite and azurite 
in Tsumeb, Namibia; in Mina Ojuela, Mapimi, 
Durango, Mexico; in Moldava, Czech Republic. 


Duftite, 90 mm, Tsumeb, Namibia 
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Descloizite, 38 mm, Greotfoniein, Namibia 


Arsendescloizite, 95 mm, Mapimi, Mexico 
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Descloizite 
PbZn(VO4)(OH) 


ORTHORHOMBIC eee 


Properties: C ~ red-orange, red-brown to brown- 
black, gray-green; S — light yellow-brown; L - 
grcasy; D - transparent, translucent to opaque; DE 
6.1: H - 3-3.5: CL — none: F - conchoidal to uneven; 
M — crystals of different habits, mostly pyramidal or 
prismatic, botryoidal and skeletal aggregates, 
massive. 

Origin and occurrence: Secondary in base metals 
deposits. It is mainly associated with pyromorphite, 
mimetite, vanadinite and other secondary Pb 
mincrals. Occurs as crystals up to 30 mm (I*/6 in) 
long in Tsumeb and Berg Aukas, Namibia: also 
Broken Hill, Zambia; and the Mammoth mine, Tiger, 
Arizona, USA. 


Arsendescloizite 

PbZn(AsO4)(OH) 

ORTHORHOMBIC @ 

Properties: C ~ light yellow: S -- white: L — adamantine 
to greasy; D — transparent to translucent: DE - 6.1; H 


4: CL - none: F - conchoidal to uneven: M - tabular 
crystals, rosette-like aggregates. 


—, 


Origin and occurrence: Secondary in base metals 
deposits. associated with mimetite and gocthite. 
Found rarely as crystals of 1 mm (x in) in size in 
Tsumeb, Namibia; also Mina Ojucla, Mapimi. 
Durango, Mexico. 


Mottramite 
PbCu(AsO4)(OH) 


ORTHORHOMBIC © © 


Properties: C — grass-green to black-grcen: S — light 
green: L — vitreous to dull; D — transparent to 
opaque: DE - 5.9; H - 3-3.5; CL — none; F - 
conchoidal to uneven: M -— crystals of different 
habits, botryoidal and dendritic aggregates. crusts 
and coatings, massive. 

Origin and occurrence: Secondary in base metals 
deposits, associated with mimetite. descloizite and 
vanadinite. lt occurs in Mottram, Cheshire, UK: in 
Tsumeb, Namibia: Mammoth mine, Tiger. Arizona, 
USA. 


Brazilianite 
NaAl3(PO4)2(OH)4 


MONOCLINIC eee 


Properties: C — colorless, white, yellowish. ycllow- 
green; S — white; L — vitreous: D — transparent to 
translucent; DE — 3.0; H - 5.5; CL - good; F - 
uneven: M ~ short prismatic to isometric crystals, 
radial aggregates, granular. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites. where it is associated with 
fluorapatite. albite and tourmaline. It occasionally 
originates as a product of amblygonite replacement. 
Perfect yellow-green crystals up to 150 mm (6 in) 
across found in cavities in pegmatites in Conselheira 
Pena and Corrego Frio. Linopolis. Minas Gerais and 
from Pietras Lavradas, Paraiba, Brazil. 


Mottramite, 60 mm. Tiger. Arizona, U.S.A. 
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Cajarsite. 9 mm x, Binntal, Switzerland 


Cafarsite 
Cag(Ti,Fe?* Fe3* Mn)(As3*tO3),) . 4 H20 


CUBIC o 


Properties: C - dark brown: S — yellow-brown: L 
submetallic: D - translucent; DE 3.9: H 5.5-6; CL — 
none; F — conchoidal: M — isometric crystals. 

Origin and occurrence: Hydrothermal along cracks 
in Alpine-type veins. Cubic crystals up to 30 mm 
(1% in) across come from Binntal, Switzerland and 
Pizzo Cervandone, Italy. 


Brazilianite, 47 mm. Conselheira Pena, Brazil 
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Carminite 
PbFe3*,(AsO ¿)2(0H) 


ORTHORHOMBIC © © 


Properties: C - crimson-red, red-brown; S — red- 
yellow; L — adamantine to pearly: D - translucent; 
DE - 5.5; H - 3.5; CL - good: F - conchoidal to 
uneven; M - prismatic crystals, acicular, radial, felt- 
like to porous aggregates. coatings and crusts. 
Origin and occurrence: Secondary in base metals 
deposits, associated with mimetite and scorodite. 
Crystals up to 10 mm (*% in) across occur in Tsumeb, 
Namibia: in Mina Ojucla, Mapimi. Durango, 
Mexico; in Calstock, Cornwall, UK. 


Carminite, 2 mm xx, Nadap, Hungary 
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Bayldonite, 34 mm, Tsumeb, Namibia 


Bayldonite 
PbCu3(AsO4)2(0H)2 ` H20 


MONOCLINIC ee 


Properties: C — yellow-green, olive-green; S — light 
green; L ~ resinous: D — translucent; DE - 5,5; H - 
4.5; CL - not determined; F - uneven; M — carthy 
aggregates, coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone in hydrothermal Cu deposits and in greisens. It 
occurs as common yellow-green coatings and 
crystals up to 10 mm (?4 in) across, associated with 
large azuritc and mimetite crystals in Tsumcb, 
Namibia; also as coatings in St. Day, Cornwall, UK; 
in Moldava, Czech Republic. 


Vesignieite 
BaCu3(VO4)2(OH)2 
MONOCLINIC ee 


Properties: C — yellow-green, olive-grecn: S — light 
yellow-green; L - vitreous to dull; D — translucent: 
A 


Vesigneite, 80 mm, Vrancice, Czech Republic 


; > 


DE - 4.1; H - 3-4; CL - good: F — uneven; M - 
carthy and pulverulent aggregates and coatings. 
massive. 

Origin and occurrence: Secondary in base metals 
deposits and in sediments, containing Cu sulfides. It 
occurs as yellow-green coatings in sediments in 
Horni Kalna, Czech Republic: also in the Masham- 
ba West mine, Zaire: together with barite and 
psilomelanc in Friedrichsroda, Germany. 


Arsentsumebite 
Pb»Cu(AsO4)(SO4)(OH) 


MONOCLINIC © 


Properties: C - bluish-green to light green: S — light 
green: L - dull; D - translucent: DE - 6.5: H - 3; CL 
- good; F — uneven; M - earthy aggregates, coatings, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zonc. where it forms as a result of mimetite replace- 
ment. Found rarcly in Moldava, Czech Republic: in 
Tsumeb. Namibia, where it forms pseudo-morphs 
after azurite crystals. 
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Fluorapatite. $0 mm, Dusso, Pakistan 


Fluorapatite 
Cas(POg)3F 
HEXAGONAL 000090 

Properties: C — colorless, white, yellowish, pinkish, 
blue. purple, green. brown with various hues: S 
white; L - vitreous to dull; D — transparent to trans- 
lucent, sometimes opaque, DE — 3.2: H - 5; CL - 
imperfect; F - conchoidal to uneven; M - long 
prismatic to tabular crystals. botryoida!. carthy and 
fibrous aggregates, massive; LU — yellow. 

Origin and occurrence: Magmatic in granites, 
syenites. diorites. gabbros and various types of peg- 
matites. also in volcanic rocks; hydrothermal! in 
quartz veins, ore veins, greisens and Alpine-type 
veins; metamorphic in different types of gneisses, 
migmatites, mica schists, skarns and amphibolites; 
in different types of sedimentary rocks. Perfect. 
short prismatic, purple transparent crystals up to 40 
x 40 mm (l'%s x 1%s in) are renowned from 
pegmatite in the Pulsifer quarry, Mount Apatite, 
Auburn, Maine, USA; pink crystals from Dusso, 
Pakistan. Perfect crystals about 100 mm (4in) across 
also from Alpinc-type veins, e.g. in Fiesch. Switzer- 
land: also known from the quartz veins in grcisens, 
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associated with wolframite, in Panasqucira. Portu- 
val; in Horni Slavkov, Czech Republic; Ehrenfrie- 
dersdorf, Germany. Also found in skarns at Cerro de 
Mercado. Durango. Mexico. Large deposits of mas- 


Chlorapatite, 20 mm x, Bob's Lake, Ontario, Canada 
o 


drain to drop. Since the drain is connected directly to the agc line, 
receiver gain is decreased and the purpose accomplished. 


Filling in the Details 


There are some numbered pads on the boards and some with 
letter designations. These notations also appear on the schematic 
and should aid in keeping the external wiring straight. The pads 
marked capital A, B, C, D, and E on both boards have to be 
connected together in pairs, that is, A to A, B to B, etc. Mating 
pads are directly aboye one another with the boards properly 
oriented and component side up. This allows stacking if desired. 
Pad A is vfo output. B is output from the common i-f, and C is bfo 
output. Pad D is input to the filter, while E connects 12 volts to the 
vío from the other board's constant 12-volt supply connected to 
pads marked 12C. 

Pads to accommodate a balancing capacitor if it should be 
needed as mentioned earlier are marked with small letters. One 
pair is a and b, the other c and d. 

Pads marked 12R are for 12 volts applied during receive 
mode, and 12T designates a connection for 12 volts applied during 
transmit. Only one pad is needed; others are spares. There is a 
separate pad (12C) for the bfo, however, and it should be connected 
to a constant source of 12 volts along with one of the other 12C 
pads. 

The pad marked TR is used to control the diode switches in 
the i-f strip. A 12-volt level is used for transmit and a ground level 
for receive. A TR relay would normally control this line as well as 
the 12R and 12T connections. The bfo crystals are similarly con- 
trolled by application of either 12 volts or ground to pad 10. 

Of the other numbered pads, none needs individual explana- 
tion since the schematic clearly indicates their locations and the 
function becomes obvious. 


Coils and Transformers 

All the transformers are fabricated from regular 10-mm 455- 
kHz transistor i-f transformers. T1, T2, and T4 require the bare 
parts only, which means removing the tuning capacitor and all wire 
from the bobbin. Carefully salvage all the wire as it will be used to 
wind the new transformers. 

The large winding goes on first and the link is then wound over 
the top. T1, T2, and T4 should be wound as in Fig. 6-12. Make sure 
the pinout is correct. Views are looking at the pin end or bottom of 
the assembly. 
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sive apatite located in Kola Peninsula, Russia; 
crystals weighing up to 300 kg (660 Ib) from the 
vicinity of Clear Lake, Ontario, Canada. 
Application: main source of P, chemical industry, 
fertilizer. 


Chlorapatite 
Cas(PO4)3Cl 


HEXAGONAL 0.0.0 


Properties: C — white, various hues of yellow; S 
white: L — vitreous to dull; D — transparent to trans- 
lucent: DE — 3.2; H ~ 5; CL -— imperfect: F — 
conchoidal to uneven; M - long prismatic to tabular 
crystals, granular. 

Origin and occurrence: Magmatic in nepheline 
syenites and their pegmatites. some gabbros and 
volcanic rocks, also in meteorites: metamorphic in 
skarns. It is usually associated with scapolite, 
amphibole. titanite and magnetite. Perfect prismatic 
crystals up to 35 cm (13'%s in) long, come from 
pegmatites in Bamle, Norway: also from Kurokura, 
Japan. 


Hydroxylapatite 
Cacg(PO4)3(OH) 


HEXAGONAL 0.0 


Properties: C — white, yellow, various hucs of gray: 
S - white; L - vitreous to dull; D — transparent to 
translucent; DE - 3.2; H - 5; CL — imperfect; F - 
conchoidal to uneven; M - short prismatic to tabular 
crystals, acicular aggregates. granular. 

Origin and occurrence: Metamorphic in tale schists 
and serpentinites: hydrothermal in granitic pegma- 
lites; sedimentary in organic remnants. Crystals up 
to 30 mm (1%s in) across known from Snarum, 
Norway: Hospental, Switzerland; Eagle, Colorado. 
USA. 


Carbonate-fluorapatite 
Cas(POz, CO3)3F 


HEXAGONAL 000 


Properties: C - white, gray; S — white; L - vitreous 
to dull: D — transparent to translucent: DE — 3.2; H 
— 5; CL — imperfect: F — conchoidal to uneven: M 
B spherical and botryoidal aggregates, massive. 
Origin and occurrence: Hydrothermal in ore veins 
and along the cracks in volcanic rocks. Rich botryoi- 
dal aggregates are known together with hyalite opal 
from Valec. Czech Republic; the Wheal Franco mine. 
Tavistock. Devon. UK. 


Hydroxylapatite, 2 mm xx, Tornaszentandras, Hungary 


Carbonate-fluorapatite, 80 mm, Staffel, Germany 
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Pyromorphite, 41 mm, Les Farges, France 


Pyromorphite, 62 mm, Les Farges. France 


Pyromorfite 
Pbs(PO 4)3Cl 


HEXAGONAL o... 


Properties: C — green, brown, yellow, orange. white, 
gray: S -white; L — adamantine to greasy; D - 
transparent to translucent; DE - 7.1; H- 3.54; CL — 
imperfect; F — conchoidal to uneven; M - long 
prismatic to tabular and pyramidal crystals, 
botryoidal aggregates with radial structure, acicular 
and earthy aggregates, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Pb deposit, associated with cerussite, 
gocthitee and other secondary minerals. Perfect 
crystals up to 40 mm (1° in) long come from many 
localities, e.g. green and brown ones from Bad Ems 
and Zschopau, Germany; yellow-brown ones from 
Les Farges. France: green, brown and yellow ones 
from Mina Ojuela, Mapimi, Durango. Mexico. 
Green, orange and brown crystals, up to 60 mm (27/: 
in) long, are known from the Bunker Hill mine, 
Idaho, USA. 
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Mimetite, 14 mm x, Johanngeorgenstadt, Germany 


Mimetite 
Pbs(AsO 4)3CI 


HEXAGONAL eee 
Varieties: campylite 


Properties: C — yellow, orange, brown, yellow- 
brown, white, gray; S - white; L — adamantine to 
greasy: D — transparent to translucent; DE ~ 7.3: 11 
3.5-4: CL - imperfect: F — conchoidal to uneven; M 
long to short prismatic and pyramidal crystals, 
botryoidal aggregates with radial structure, acicular 
and carthy aggregates, granular. 
Origin and occurrence: Secondary in Pb deposits. 
associated with pyromorphite and gocthite. Perfect 
crystals up to 20 mm (%%5: in) long come from 
Johanngcorgenstadt. Germany; campylite occurs in 
Drygill, UK: crystals up to 50 mm (2 in) across 
found in Tsumeb, Namibia; Santa Eulalia and San 
Pedro. Chihuahua. Mexico. Beautiful yellow crystals 
up to 30 mm (l in) found recently in Hat Yai 
province, Thailand. 


Vanadinite 
Pbs(VO4)3C! 


HEXAGONAL eee 


Properties: C — yellow. orange. red, brown, yellow- 
brown; S — white: L - adamantine to greasy; D 
transparent to translucent; DE — 6.9; H - 2.5-3; CL 
none; F — conchoidal to uneven: M — long to short 
prismatic and pyramidal crystals, botryoidal 


aggregates with radial structure, acicular and carthy 
aggregates, granular. 

Origin and occurrence: Secondary in Pb deposits, 
associate with pyromorphite, wulfenite and gocthite. 
Perfect crystals up to 130 mm (57/6 in) long come 
from Dicbcl Mahscur and Mibladen. Morocco. Pris- 
matic crystals were also found in Tsumeb, Namibia; 
in the Old Yuma, Red Cloud. Apache and Mammoth 
mines, Arizona, USA. 


Fanadinite, 64 mm, Mibladen, Morocco 
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Átelestite, 70 mm, Schneeberg. Germany 


Atelestite 
Bi,(AsO¿JO(OH) 


MONOCLINIC o 


Properties: C — yellow, yellow-green; S - white: L — 
adamantine to greasy: D ~ transparent to translucent: 
DE - 7.0; H ~ 4.5-5; CL - imperfect; F — conchoidal to 
uneven; M = small tabular crystals, spherical aggrega- 
tes. 

Origin and occurrence: Secondary in the oxidation zone 
of Bi deposits. It was found in Schnecberg, Germany. 


Hureaulite 

Mns(PO 4)2[P03(0H)]) . 4 H20 
MONOCLINIC 0.0. 

Properties: C — orange-red. pink, purplish, white, 
gray; S - white; L — vitreous: D - transparent to 
translucent: DE - 3.2; H ~ 3.5; CL - good: F - 
uneven; M — prismatic to tabular crystals, coatings, 
granular. massive. 


Hureaulite, 53 mm, Shingus, Pakistan 


Variscite, 30 mm, Fairfield, US. A. 


Origin and occurrence: Secondary in granitic peg- 
matites, as a result of alteration of the primary phos- 
phates, mostly lithiophillite, triphyjlite and grafto- 
nitc. Purplish crystals up to 50 mm (2 in) across 
come from Shingus. Pakistan. Similar crystals found 
in Hagendorf, Germany. Also known from Mangual- 
de, Portugal: Sao Jose da Safira. Minas Gerais, Bra- 
zil; from the Tip Top mine, Custer. South Dakota. 
USA. 


Variscite 
Al(PO,4) .2 H20 


ORTHORHOMBIC eee 


Properties: C — colorless, greenish, blue-green; S - 
white; L - vitreous; D — transparent to translucent; 
DE - 2.6; H - 3.5-4.5; CL - good; F - uneven; M — 
isometric crystals, botryoidal aggregates, nodules, 
coatings. massive. 

Origin and occurrence: : Hydrothermal in cracks in 
sedimentary rocks, rich in Al and P. also in phos- 
phates deposits. It is associated with apatite, 
wavellite and other phosphates. Renowned greenish 
nodules up to 30 cm (12 in) tn diameter come from 
Clay Canyon, Fairfield, Utah, USA; also known 
from Ronncburg. Germany and Jivina near Beroun, 
Czech Republic. 


Strengite 
Fe3+(PO,4) .2H20 


ORTHORHOMBIC eee 


Properties: € — colorless, pinkish, red-purple; S 

white; L — vitreous; D — transparent to translucent; 
DE - 2.8; H - 3.5-4.5; CL — good; F - conchoidal: 
M - isometric, tabular to short prismatic crystals, 
botryoidal aggregates with radial structure, coatings. 
Origin and occurrence: Secondary in granitic 


Strengite, 34 mm, Svappavaara, Sweden 


Scorodite, 10 mm x, Zacatecas, Mexico 


pegmatites where it forms as a result of hydro- 
thermal replacement of primary phosphates; in the 
oxidation zone of Fe deposit together with 
goethite. Purple crystals up to $ mm (4. in) across, 
come from the Bull Moose mine, Custer. South 
Dakota, USA: also known from Pleystein, Ger- 


many and from Teskov. Czech Republic. 


Scorodite 
Fe3*(AsO4) -2 H20 


ORTHORHOMBIC eee 


Properties: B - light green, gray-green, olive-grecn. 
colorless, blue, yellow-brown: S — light green; L - 
vitreous to resinous: D -- transparent to translucent: 
DE - 3.3; 11 - 3.5-4; CL — imperfect: F - conchoidal: 
M dipyramidal to short prismatic crystals, 
botryoidal and earthy aggregates, coatings. granular, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits, associated with arsenopyrite, 
lollingite and other arsenides; in granitic pegmatites; 
hydrothermal in the hot springs. 

Perfect crystals up to 30 mm (2 in) across come from 
Tsumeb, Namibia: the Kiura mine, Oita, Japan; 
Mina Ojucla, Mapimi. Durango. Mexico: green 
crusts, several cm thick. were found in Djcbel Debar, 
Algeria. 
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Phosphophyllite, 18 mm x, Potosí, Bolivia 


Phosphophyllite 
Zn>3Fe(PO 4) .4 H20 


MONOCLINIC © © 


Properties: C - colorless, blue-green. bluc; S 
white; L — vitreous: D - transparent to translucent: 
DE - 3.1; H - 3-3.5; CL — good; F — uneven; M — 
long to short prismatic and thick tabular crystals, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits: in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals, up to 
140 mm (5% in) across come from sulfide cavities in 
the Unificada mine, Potosi, Bolivia. Also occurs at 
Hagendorf. Germany. 


Ludlamite 
Fez(PO 4)2 .4 H20 


MONOCLINIC © © 


Properties: C -- light green. green: S — white; L 
vitreous; D — transparent to translucent: DE — 3.2; 11 
— 3.5; CL — perfect; F — uneven; M — thin to thick 
tabular crystals. granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits: in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals up to 
90 mm (3716 in) across known from the San Antonio 
mine, Santa Eulalia, Chihuahua. Mexico: also from 
Morococala. Bolivia and the Blackbird district, 
Idaho. USA. 


Ludlamite, 36 mm, Morococala, Bolivia 


Anapaite 
CazFe(PO,4)2 .4 H20 


TRICLINIC © © 


Properties: C — light to dark green, colorless; S 
white; L — vitreous; D - transparent to translucent; 
DE - 2.8; H - 3.5; CL - perfect: F — uneven; M — 
thin to thick tabular crystals, rosctte-likc aggregates, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits and in sedimentary rocks, rich in 
P. Tabular crystals several mm across and sphcrical 
aggregates, up to 30 mm (l/s in) across, come from 
the cracks within oolitic ores near Anapa and Kerch, 
Crimca. Ukrainc; also known from Bellaver de 
Cerdena, Spain. 


Vivianite 
Fez(PO 4) .8 H20 
MONOCLINIC e0 oo o 

Properties: C - colorless when fresh, quickly 
oxidizes to blue, green, purple. black-bluc; S — white 
to bluish; L — vitreous; D — transparent, translucent to 
opaque; DE - 2.7; H - 1.5-2; CL — perfect; F - 
uneven: M -— long prismatic to acicular crystals, 
fibrous, earthy to pulverulent aggregates. coatings, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits: in granitic pegmatites. where it 
forms by the replacement of primary phosphates and 
in sedimentary rocks in proximity of organic 


Anapaite, 18 mm aggregates, Anapa, Ukraine 


material: hydrothermal in the ore deposits. Crystals 
up to 1.5 m (5 ft) long found in clay sediments in 
Anloua, Cameroon: crystals up to 200 mm (A in) 
across known from Morocacala. Bolivia. Smaller 
crystals comc from Trepca. Serbia; Leadville, 
Colorado, Bingham Canyon, Utah, USA; also from 
Kerch and Anapa. Crimea. Ukraine. 


Erythrine 
Cox(AsO 4) .8 H70 
MONOCLINIC 000 


Properties: C -- dark purple, pink, colorless: S — light 
pink to white; L — vitreous; D - transparent to trans- 


y 


lucent; DE — 3.2: H = 1.5-2 5: CL — perfect; F — 
uneven; M — long prismatic. acicular to tabular 
crystals, earthy aggregates, coatings. granular, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Co. Ni and U deposits. Tabular crystals up to 
60 mm (2% in) long come from Bou Azzer, 
Morocco. Other important localities are Schnecbcrg, 
Germany; Talmessi. fran; Cobalt, Ontario, Canada; 
Mount Cobalt. Queensland, Australia. 


Vivianite, 48 mm, Morococala, Bolivia 
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Phosphophyllite, 18 mm x, Potosí, Bolivia 


Ludlamite, 36 mm, Morococala, Bolivia 


Phosphophyllite 
Zn23Fe(PO q) - 4 H20 


MONOCLINIC o. 


Properties: C - colorless, blue-green, bluc: S 
white; L — vitreous: D — transparent to translucent; 
DE - 3.1; H — 3-3.5; CL - good; F — uneven; M — 
long to short prismatic and thick tabular crystals, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits; in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals, up to 
140 mm (5% in) across come from sulfide cavities in 
the Unificada mine, Potosí. Bolivia. Also occurs at 
Hagendorf. Germany. 


Ludlamite 
Fex(PO q) -4 H20 


MONOCLINIC o. 


Properties: C — light green, green; S — white; L 
vitreous; D - transparent to translucent; DE — 3.2; H 
— 3.5; CL — perfect; F — uneven: M — thin to thick 
tabular crystals, granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits; in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals up to 
90 mm (3% in) across known from the San Antonio 
mine, Santa Eulalia, Chihuahua, Mexico; also from 
Morococala, Bolivia and the Blackbird district, 
Idaho. USA. 


Anapaite 
Ca27Fe(PO q) -4 H20 


TRICLINIC o. 


Properties: C — light to dark green, colorless; S 
white; L — vitreous; D — transparent to translucent; 
DE —- 2.8; H - 3.5; CL — perfect: F — uneven; M — 
thin to thick tabular crystals, rosette-like aggregates, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits and in sedimentary rocks, rich in 
P. Tabular crystals several mm across and sphcrical 
aggregates, up to 30 mm (1%. tn) across. come from 
the cracks within oolitic ores near Anapa and Kerch, 
Crimea, Ukraine: also known from Bellaver de 
Cerdena, Spain. 


Vivianite 
Fe3(PO4)2 -8 H20 
MONOCLINIC 00090 

Properties: C — colorless when fresh, quickly 
oxidizes to blue. green, purple. black-blue: S - white 
to bluish; L - vitreous; D - transparent, translucent to 
opaque; DE — 2.7; H — 1.5-2; CL — perfect; F 
uneven: M — long prismatic to acicular crystals, 
fibrous, carthy to pulverulent aggregates, coatings, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits; in granitic pegmatites, where it 
forms by the replacement of primary phosphates and 
in sedimentary rocks in proximity of organic 


Anapaite, 18 mm aggregates, Anapa. Ukraine 


material; hydrothermal in the ore deposits. Crystals 
up to 1.5 m (5 ft) long found in clay sediments in 
Anloua. Cameroon; crystals up to 200 mm (7%, in) 
across known from Morococala, Bolivia. Smaller 
crystals come from Trepca. Serbia: Leadville, 
Colorado, Bingham Canyon, Utah, USA; also from 
Kerch and Anapa. Crimea, Ukraine. 


Erythrine 
Co3(AsO4)2 .8 H20 
MONOCLINIC 0008 


Properties: C — dark purple, pink, colorless: S-- light 
pink to white: L — vitreous; D -- transparent to trans- 


Erythrite, 29 mm, Mexico 


lucent; DE - 3.2: H — 1.5-2.5; CL - perfect; F - 
uneven; M — long prismatic, acicular to tabular 
crystals, earthy aggregates, coatings, granular. 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of:.Co, Ni and U deposits. Tabular crystals up to 
60 mm (2%: in) long come from Bou Azzer, 
Morocco. Other important localities are Schneebcrg, 
Germany; Talmessi, Iran; Cobalt, Ontario, Canada; 
Mount Cobalt, Queensland, Australia. 


Vivianite, 48 mm, Morococala, Bolivia 
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Annabergite, 55 mm, Laurion, Greece 


Annabergite 
Niz(AsO 4) .8 H20 


MONOCLINIC 0090 
Varieties: cabrcrite (Mg contents) 


Properties: C — light to dark green, white; S — white: 
L - vitreous; D — transparent to translucent: DE - 
3.2: II - 1.5-2.5; CL -- perfect; F - uneven; M — long 
prismatic to acicular and tabular crystals, acicular 
and carthy aggregates, coatings, granular, massive. 
Origin and occurrence: Secondary in the oxidation 
zonc of Ni deposits, associated with erythritc. Crys- 
tals up to 5 mm (in in) across occur in Gukuroren. 
Turkey; Sierra Cabrera, Spain; Laurion, Greece. 
Nodules up to 20 mm (%: in) come from the 
Snowbird mine, Montana, USA. 


Symplesite 
Fe3(AsO4)2 .8 H20 


TRICLINIC o. 


Properties: C -~ bluish, dark blue, light green, black- 
green: S — white; L - vitreous: D - transparent to 
translucent; DE — 3.0 H - 2.5; CL - perfect: F - 
uneven; M - acicular to tabular crystals, spherical 
aggregates with radial structure, carthy aggregates 
and coatings, granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zonc of ore deposits and in granitic pegmatites with 


Picropharmacolite, 128 mm. France 


Neen re 


For T3, carefully break off the secondary leads where they 
enter the bobbin. This is the side with 2 pins. Unsolder the 
remaining wire from the pins and clean off excess solder. Since the 
new winding is center-tapped, you'll have to steal a pin froma spare 
assembly and push it into the existing hole in the base. The new 
link is bifilar wound over the top of the existing winding and 
connected as in Fig. 6-12. Identify the winding in some way so you 
won't have trouble orienting the transformer when mounting it on 
the board. The new winding goes to the CA3020 output. 

The vfo tank-coil, L1, is pie-wound on a slug-tuned PC coil 
form. I used a Gowanda series 7 Velvetork form which is .209” in 
diameter by .625” long. A carbonyl] E (red) core was used for the 
slug. Impregnate the winding with hot coil wax and put a single turn 
link over the top of the pie for L2. 

Construction 

I doubt that there will be any mad rush to duplicate this rig 
exactly as it stands, but parts of it may be of interest to some 
readers. I even debated the need to supply PC layouts, but decided 
they might prove helpful in some way. Just in case you do wish to 
copy the layout as much as possible, the following information may 
be useful. See Figs. 6-13 through 6-17. 

All resistors, diodes, and rf chokes were mounted hairpin 
fashion to conserve space. Miniature low-voltage ceramic ca- 
pacitors were used for coupling and bypass applications. Polarized 
capacitors are dipped tantalum and resistors are % watt. 
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(67 CT) 


USE UNMODIFIED |-F 
TRANSFORMER 


USE LITZ WIRE 
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As minerals, mainly arsenopyrite and lollingite. It 
occurs in Schnceberg, Germany: Baia Sprie, Roma- 
nia and Trebsko, Czech Republic. 


Picropharmacolite 
CagMgH>(AsO4)4 - 12 H720 


TRICLINIC © © 


Properties: C - colorless, white: S — white; L 
vitreous: D — transparent to translucent; DE — 2.6; H 
— 2.5; CL —- perfect; F — uneven; M — acicular 
crystals. spherical aggregates with radial structure, 
coatings. 

Origin and occurrence: Secondary in the oxidation 
zone ol ore deposits with As minerals, mostly 
arsenopyrite and lollingite. It is also known from 
Ste-Maric-aux-Mines and Salsigne. France; 
Freiberg, Germany and Jachymov, Czech Republic. 


Brushite 
CaH(PO4) .2 H20 


MONOCLINIC ee 


Properties: C - colorless, white; S - white; L - 
vitreous, pearly on cleavage planes: D — transparent 
to translucent; DE - 2.3; H — 2.5; CL - perfect: F — 
uneven; M — prismatic, acicular to tabular crystals, 
earthy aggregates and coatings, massive. 

Origin and occurrence: Secondary on bat and bird 


Brushite, 4 mm xx, Domica, Slovakia 


Legrandite, 25 mm xx, Mapimi, Mexico 


excrements and bones, it impregnates bones, along 
the cracks of phosphorites. Tabular crystals up to 20 
mm (?/2 in) across come from Quercy, France also 
occurs near Oran. Algeria and Pig Hole, Virginia. 
USA. 


Legrandite 
Zn7(AsO4)(OH) . H20 


MONOCLINIC ee 


Properties: C - colorless, yellow, purple; S — white; 
L - vitreous; D - transparent to translucent; DE — 4.0 
H - 4.5; CL — imperfect; F - uneven; M — long 
prismatic crystals and their inter-growths, radial 
aggregates. 

Origin and occurrence: Secondary in the oxidation 
zone of Zn deposits and in pegmatites. Prismatic 
crystals up to 250 mm (9'4 in) long found in Mina 
Ojuela, Mapimi. Durango. Mexico. It is also known 
from Galilcia, Minas Gerais, Brazil and Tsumcb, 
Namibia. 
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Euchroite, 10 mm xx, Lubietova, Slovakia 


Euchroite 
Cu7(AsO,4)(OH) .3 H20 


ORTHORHOMBIC © © 


Properties: C — cmerald-grcen; S — white; L — 
vitreous; D — transparent to translucent; DE — 3.5; H 
— 3.5-4; CL — imperfect; F - conchoidal to uneven; 
M = short prismatic to thick tabular crystals, 
Massive. 

Origin and occurrence: Sccondary in the oxidation 
zone of Cu deposits, associated with olivenite and 
malachite. Thick tabular crystals up to 30 mm (1°/:6 
in) comc from Cubictova, Slovakia. It also occurs in 
Zapacica, Bulgaria and Chessy, France. 


Vauxite, 20 mm xx, Llallagua, Bolivia 


Strunzite, 10 mm xx, Hagendorf, Germany 


Vauxite 
FeAl2(PO4)2(0H)) .6 H20 


TRICLINIC © © 


Properties: C - light to dark bluc; S - white; L — 
vitreous; D — transparent to translucent; DE — 2.4; H 
— 3.5; CL — none; F - uneven; M - tabular crystals. 
radial aggregates, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Sn deposits, associated with wavellite. 
Crystals occur in the Siglo XX Mine, Llallagua, 
Bolivia. 


Strunzite 
MnFe3*,(PO 4)2(0H)) . 6 H20 


MONOCLINIC eee 


Properties: C — light yellow, yellow-brown; S - 
yellowish; L — vitreous; D - transparent to 
translucent; DE — 2.5; H — not determined; CL ~ not 
determined; F - uneven; M — acicular crystals, 
acicular and fibrous aggregates. 

Origin and occurrence: Secondary in granitic pegma- 
lites, as a result of weathering of primary phosphates, 
mostly triphyllite; rarely hydrothermal in the cracks of 
Fe-rich sedimentary rocks. Acicular crystals up to 20 
mm (4%: in) across known from Hagendorf, Germany: 
the Palermo No.1 and No. 2 mines, North Groton and 
the Fletcher mine, Groton, New Hampshire, USA. 


Cacoxenite, | mm xx, Hellertown, Pennsylvania, U.S.A. 
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Cacoxenite 
(Fe3*,Al)25(PO4)|70¢(OH)) 2 -75 H20 
HEXAGONAL 0090 
Properties: C — light yellow, yellow-brown, orange; S 
yellow; L - silky: D - transparent to translucent; DE — 
2.3; H — 3-4; CL - not determined; F - uneven; M — 
acicular and fibrous aggregates, often with radial 
structure. botryoidal crusts and coatings. 
Origin and occurrence: Hydrothermal on the cracks 
of sedimentary Fe ores. associated with wavellite; 
rare as sccondary in granitic pegmatites, as a product 
of weathering of primary phosphates. Crystals up to 
10 mm (z in) across come from the Horcajo mine, 
Ciudad Real. Spain; golden-yellow acicular aggre- 
gates occur in Hrbek near Svata Dobrotiva and 
Trenice, Czech Republic and in Amberg, Germany. 


Beraunite 
Fe2*Fe3*.(PO4)4(OH)s . 4 H20 
MONOCLINIC © © 

Properties: C — red-brown, red, gray-green; S — 
ycllow to green-brown; L — vitreous to dull; D — 
translucent: DE — 3.0; H — 3.5-4; CL - good: F — 
uneven; M — acicular aggregates. often with radial 
structure. botryoidal crusts and coatings. 

Origin and occurrence: Hydrothermal on the cracks 
of sedimentary Fe ores, typically together with 
wavellite; secondary in granitic pegmatites, as a 
product of weathering of primary phosphates. 
Acicular aggregates up to 10 mm (*: in) across occur 
in Mount Indian. Alabama, USA; also known from 
Hrbek near Svata Dobrotiva, Czech Republic and 
Amberg, Germany. 


Beraunite, 3 mm aggregates, Nekeszeny, Hungary 
v E J d + 


Diadochite 
Fe3*(PO¿ASO¿XOH) . 5 H20 


TRICLINIC © © © 


Properties: C - yellow-brown, brown, red-brown, yel- 
low-grcen, gray-green; S - yellow to light brown; L — 
dull, waxy; D - translucent to opaque: DE - 2.0-2.4; 
H — 3; CL - not determined; F - uneven. conchoidal, 
carthy: M — nodules. coatings and crusts, massive. 
Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits. Diadochite caves in abandoned 
mines are known from Saalfeld, Germany; nodules 
found in New Idria, California and Eurcka, Nevada, 
USA. 


Diadochite, 40 mm, Recsk, Hungary 
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Wavellite, 40 mm, Trenice, Czech Republic 


Eosphorite, 4 mm xx, Lavra da ha, Brazil 


192 


Wavellite 
Al3(PO4)2(OH,F)3 .5 H20 


ORTHORHOMBIC 0090 


Properties: C — colorless, white, greenish, light bluc- 
green, green, yellowish; S — white; L — vitreous to 
pearly; D — transparent to translucent: DE — 2.4; H 
3.5-4; CL - perfect: F — uneven: M - isomctric 
crystals, hemispherical aggregates with radial 
structure, botryoidal aggregates, nodules. coatings, 
massive. 

Origin and occurrence: Hydrothermal in the cracks 
of Al and P-rich sediments, also in phosphate 
deposits, ore veins and pcgmatites. Beautiful hemi- 
spherical aggregates up to 40 mm (1%: in) in dia- 
meter occur in Pencil. Garland and Magnet Cove, 
Arkansas. USA; also known from Trenice and 
Milina, Czech Republic and Ronneburg, Germany. 


Eosphorite 
MnAl(PO4)(OH)2 - H20 


ORTHORHOMBIC o. 


Properties: C — pinkish, colorless, white, brownish, 
red-brown: S - white; L — vitreous to pearly; D — 
transparent to translucent; DE - 3.1; H - 5; CL 
imperfect; F — uneven to conchoidal; M - long to 
short prismatic crystals, radial aggregates, granular. 
Origin and occurrence: Secondary in granitic 
pegmatites, as a product of hydrothermal replace- 
ment of primary phosphates. Crystals up to 100 mm 
(4in) long found in the Joao Modesto dos Santos 
mine, Minas Gerais. Brazil. It occurs in Rapid Creck, 
Yukon, Canada, too. 


Turquoise 
CuAlg(PO4)4(OH)g .4 H20 


TRICLINIC eee 


Properties: C — bluc, blue-green, green; S — white; L 
— waxy; D - transparent, translucent to opaque; DE 
2.9: H — 5-6; CL - good: F - conchoidal to uneven: M 
short prismatic crystals, botryoidal aggregates. 
coatings, massive. 
Origin and occurrence: Secondary in the surface 
parts of rocks with clevated contents of P and Cu, 
c.g. in the oxidation zonc of some Cu deposits. Small 
crystals occurred near Lynch Station, Virginia, USA. 
Massive blue and bluc-grecn concretions come from 
Mount Ali Mirsai near Maden, Iran. Other localities 
are Cortez, Nevada, Los Cerillos and Eureka. New 
Mexico and Bisbee, Arizona, USA. 
Application: popular gemstone. 


Turquoise, 3 mm aggregates, Humboldt Co., USA. 


Chalcosiderite 
CuFe3*¿(PO¿)¿(OH)g . 4 H20 


TRICLINIC ee 


Properties: C — dark green: S - white; L ~ vitreous: 
D - transparent to translucent; DE — 3.3; H- 4.5: CL 

good: F - conchoidal to uneven; M - short 
prismatic crystals, coatings. 


Turquoise, 30 mm, Kazakhstan 


Origin and occurrence: Secondary in the oxidation 
zone of some Cu deposits, together with gocthite. 
dufrenite and pharmacosiderite. It occurs in 
Bisbec, Arizona, USA; in the Wheal Phoenix mince, 
Cornwall, UK: Schneckenstein, Germany; Horni 
Slavkov. Czech Republic. 


Chalcosiderite, 90 mm, Cornwall, UK 


Chenevixite, 100 mm, Chuquicamata, Chile 


Chenevixite 
CuzFe3*,(AsO ¿)2(0H)4 . H20 


MONOCLINIC e 


Properties: C — dark green, olive-green to yellow- 
green: S - yellow-green; L - greasy: D - translucent: 
DE - 3.9; H - 3.5-4.5; CL — not determined: F — 
conchoidal to uneven; M - carthy aggregates, 
coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, associated with malachite, 
tyrolite. azurite and other mincrals. Massive aggre- 
gates occur in the Mammoth mine, Tintic, Utah, 
USA; also in Klein Spitzkopje, Namibia. 


Tyrolite 
CaCus(AsO4)2(CO3)(OH)4 . 6 H20 


ORTHORHOMBIC eee 


Properties: C - apple-green, green-bluc to blue; S - 
light green to blue-green; L — vitreous to pearly: D 
transparent to translucent; DE - 3.3: H - 2; CL - 
perfect; F — uneven; M B scaly and tan-shaped 
aggregates, coatings and crusts. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, frequently associated with 
chalcophyllite. Rich aggregates occur in the Majuba 
Hill mine, Nevada, also in Tintic, Utah, USA. It is 
also known from Brixlegg, Austria: Saalfeld and 
Schnecberg, Germany; Novoveska Huta. Slovakia. 


Delvauxite 
CaFe3* ,(PO4,S04)(OH)g . 4-6 H20 


AMORPHOUS eee 


Properties: C — yellow-brown, brown, red-brown. 
black-brown; S - yellow; L — greasy, waxy; D - 
translucent to opaque: DE - 1.8-2.0; H - 2.5; CL — not 
determined; F - conchoidal, earthy: M - nodules, 
stalactites, coatings and crusts, massive. 

Origin and occurrence: Secondary in oxidation zone of 
Fe deposits. Nodules of 50 cm (20 in) across in Czech 
Republic. Also known in Berncau and Richelle. 
Belgium; Zeleznik, Slovakia: Kerch, Crimea, Ukraine. 


Delvauxite, 80 mm, Nucice, Czech Republic 


Bukovskyite, 40 mm, Kank, Czech Republic 


Bukovskyite 
Fe3*,(AsO 4X(SO¿MOH) .7 H30 


TRICLINIC o 


Properties: C ~ yellow-green, gray-green; S — yellow- 
ish white; L — dull to carthy; D - translucent to opaque; 
DE - 2.3: H — not determined; CL — not determined; F 
- carthy; M B botryoidal aggregates and nodules. 
Origin and occurrence: Secondary on the old mine 
dumps where it forms as a product of arsenopyrite 
weathering. Nodules up to 60 cm (24 in), occur on me- 
dicval dumps in Kank near Kutna Hora. Czech 
Republic. 


Chaicophyilite, 36 mm, Chile 


Veszelyite 
(Cu,Zn)3(PO4)(OH)3 .2 H20 


MONOCLINIC © © 


Properties: C - green, blue-green, dark blue; S - 
green; L — vitreous; D — translucent; DE - 3.4; H — 
3.5-4; CL - good; F - uneven; M — short prismatic to 
tabular crystals, granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu-Zn deposits. Crystals up to 50 mm (2 in) 
across found in the Black Pine mine, Philtpsburg, 
Montana, USA; also from Moravita, Romania; 
Arakawa, Japan; Wanlockhead, Scotland, UK. 


Chalcophylite 

TRIGONAL 0090 

Properties: C — emerald-green, blue-green: S — light 
green; L — vitreous. pearly; D — transparent to 
translucent; DE - 2.6; H - 2; CL — perfect; F - 
uneven; M -- tabular crystals, scaly, fan-shaped 
aggregates, coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, usually associated with tyrolite. 
Rich aggregates occur in the Majuba Hill, Nevada 
and in the Tintic district, Utah, USA. Nice specimens 
also come from Novoveska Huta and Piesky, 
Slovakia; Nizhniy Tagil. Ural mountains. Russia; 
Cap Garrone, France. 


Jeszelyite, 13 mm, Philipsburg, U.S.A. 


Liroconite, 86 mm, Cornwall, UK 


Lirokonit 
Cu Al(AsO4)(OH), . 4 H30 


MONOCLINIC o. 


Properties: C — blue, green: S — light blue; L 
vitreous to resinous: D - transparent to translucent; 
DE- 30: H -2-2 5: CL - imperfect: F -- conchoidal 
to uneven: M — lenticular, dipyramidal crystals, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits. together with olivenite, 
malachite and azuritc. Perfect crystals up to 30 mm 
(1% in) across come from Redruth and St. Day, 
Cornwall, UK. It is also known from Cerro Gordo, 
California, USA. 


Evansite, J mm aggregates, Sirk - Zeleznik, Slovakia 
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Evansite 
Al3(PO4)(OH)¢ .6 H20 


AMORPHOUS 3 


Properties: C — colorless, white, greenish, light blue- 
green, yellowish; S ~ white; L — vitreous, resinous, 
waxy; D — transparent to translucent; DE - 1.8-2.2; 
H - 3-4; CL - none; F — conchoidal; M — botryoidal, 
stalactitic and hemispherical aggregates and 
coatings. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits, rich in P associated with 
alophanc and gocthite. Rich stalactitic aggregates 
come from Zeleznik, Slovakia and from Epernay, 
France. 


Whiteite-(CaFeMg) 
CaFeMg7Alz(PO4)4(OH)2 .8 H20 


MONOCLINIC o. 


Properties: C — brown: S — white; L -- vitreous; D — 
transparent to translucent; DE -- 2.6; 11 - 4; CL - 
good: F - uneven: M - short prismatic crystals. 
Origin and occurrence: Hydrothermal in the cracks 
of P-rich sediments. Perfect crystals up to 20 mm 
(%/2 in) across come from Big Fish River, Yukon. 
Canada. Crystals up to 5 mm (w in), arc known 
from Lavra da Ilha de Taquaral. Minas Gerais, 
Brazil. 


Whiteite-(CakoMa), 63 mm, Yukon Territory, Canada 


Jahnsite-(CaMaMg), 60 mm. Custer, U.S.A. 


Wardite, 48 mm, Yukon Territory, Canada 


Jahnsite-(CaMnMg) 
CaMnMgFe**2(PO4)4(OH)4 . 8 H20 


MONOCLINIC o... 


Properties: C -~ yellow, light to dark brown: S - light 
yellow; L — vitreous; D ~ transparent to translucent: 
DE - 2.6; H - not determined; CL - good: F — 
uneven; M - short to long prismatic crystals, 
granular. 

Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replace- 
ment of primary phosphates. Perfect crystals up to 
10 mm (`^ in) across occur in the Tip Top mine, 
Custer, South Dakota, USA. It is also known from 
Hagendorf, Germany. 


Wardite 
NaAl3(PO4)2(OH)4 -2 H20 


TETRAGONAL eee 


Properties: C - colorless, white, greenish, light bluc- 
green; S -white; L -- vitreous; D - transparent to 
translucent: DE - 2.8: H - 5; CL - perfect; F 
uneven; M — dipyramidal crystals. radial and 
hemispherical aggregates, coatings, crusts, granular. 
Origin and occurrence: Secondary in granitic 
pegmatites. where it forms as a product of primary 
phosphate replacement; hydrothermal in the cracks 
in P-rich sediments. Perfect crystals up to 30 mm 
(1. in) across come from Rapid Creck, Yukon, 
Canada. It is also known from Picdras Lavradas, 
Paraiba, Brazil. 


Cyrilovite 
NaFe3*3(PO,4)2(OH)4 .2 H30 


TETRAGONAL ee 


Properties: C — yellow, orange, brown-ycllow; S - 
yellow; L — vitreous: D — transparent to translucent: 
DE - 3.1: H - 4; CL - good; F - conchoidal: M 
tabular and dipyramidal crystals, coatings and crusts. 
Origin and occurrence: Secondary in granitic 
pezmatites, where it forms as a result of replacement 
of primary phosphates. Small crystals occur in 
Cyrilov. Czech Republic; Ilagendorf, Germany and 
Sapucaia, Minas Gerais, Brazil. 


Cyrilovite, 60 mm, fron Monarch, Australia 
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Liroconite, 86 mm. Cornwall. UK 


Lirokonit 
Cu2Al(AsO4)(OH)4 .4 H20 


MONOCLINIC ee 


Properties: C — blue, green; S — light blue; L - 
vitreous to resinous: D - transparent to translucent: 
DE — 3.0, H - 2-2.5; CL ~ imperfect: F — conchoidal 
to uneven; M — lenticular. dipyramidal crystals. 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, together with olivenite, 
malachite and azurite. Perfect crystals up to 30 mm 
(le in) across come from Redruth and St. Day, 
Cornwall. UK. It is also known from Cerro Gordo, 
California, USA. 


Evansite, $ mm aggregates, Sirk — Zeleznik. Slovakia 


IVA 


Evansite 
Al3(PO4)(OH), -6 H20 


AMORPHOUS 3 


Properties: C — colorless, white, greenish, light blue- 
green, yellowish; S - white; L — vitreous, resinous, 
waxy; D — transparent to translucent; DE — 1.8-2.2; 
H — 3-4; CL — none; F — conchoidal; M — botryoidal, 
stalactitic and hemispherical aggregates and 
coatings. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits, rich in P associated with 
alophane and gocthitc. Rich stalactitic aggregates 
come from Zeleznik, Slovakia and from Epernay, 
France. 


Whiteite-(CaFeMg) 
CaFeMg7Alz(PO4)4(OH)2 .8 H20 


MONOCLINIC ee 


Properties; C brown; S — white; L — vitreous; D 
transparent to translucent; DE - 2,6; H ~ 4; CL - 
good; F — uneven; M — short prismatic crystals. 
Origin and occurrence: Hydrothermal in the cracks 
of P-rich sediments. Perfect crystals up to 20 mm 
(4: in) across come from Big Fish River, Yukon. 
Canada. Crystals up to 5 mm (%» in), are known 
from Lavra da Ilha de Taquaral, Minas Gerais, 
Brazil. 


Whiteite-(CaFeMe), 65 mm, Yukon Territory, Canada 


Fig. 6-13. PC board for transmitter. 


Before mounting the SG3402T used as the receiver mixer, cut 
off pin 6. Likewise cut off pin 4 of the product detector. The same 
goes for pin 11 on the CA3020. 

The two trimmer capacitors in series with the bfo crystals are 
subminiature (5-mm) units in case you were wondering how they 
squeezed into the space allotted to them. Incidentally, the exact 
operating frequency for the crystals will depend on the particular 
filter used, but this circuit will pull quite a bit and allow appreciable 
leeway in crystal accuracy. 

Note that there are two silver mica capacitors across the ends 
of the mechanical filter whose purpose it is to tune the two trans- 
ducer coils. Values will depend on the type of filter used. For the 
F455 Q2 that I used, I had to install a 91-pF capacitor at one end and 
a 110-pF capacitor at the other end. 

The 3-gang tuning capacitor is the same one used in the 
Minicom receivers and has a range of approximately 3 to 20 pF per 
section. An additional padding capacitor is required across each of 
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Jaknsite-(CaMnMg), 60 mm, Custer, USA. 


Wardite, 48 mm, Yukon Territory, Canada 


Jahnsite-(CaMnMg) 
CaMnMg3Fe**(PO ¿)¿(OH)4 .8 H70 


MONOCLINIC © © 


Properties: C - yellow, light to dark brown: S - light 
yellow; L- vitreous; D — transparent to translucent; 
DE — 2.6; II - not determined: CL - goad: F - 
uneven: M -— short to long prismatic crystals, 
granular. 

Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replace- 
ment of primary phosphates. Perfect crystals up to 
10 mm (4 in) across occur in the Tip Top mine, 
Custer, South Dakota. USA. It is also known from 
Hagendorf. Germany. 


Wardite 
NaAlz(PO 4)2(0H)g -2 H20 


TETRAGONAL 0.0 


Properties: C -- colorless, white, greenish. light blue- 
green; S -white; L - vitreous: D — transparent to 
translucent: DE - 2.8: H - 5; CL ~ perfect; F - 
uneven; M — dipyramidal crystals, radial and 
hemispherical aggregates, coatings, crusts, granular. 
Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a product of primary 
phosphate replacement; hydrothermal in the cracks 
in P-rich sediments. Perfect crystals up to 30 mm 
(le in) across come from Rapid Creek. Yukon, 
Canada. It is also known from Piedras Lavradas, 
Paraiba, Brazil. 


Cyrilovite 
NaFe3*,(PO4)9(OH)4 .2 H20 


TETRAGONAL o. 


Properties: C - yellow, orange, brown-yellow: S - 
yellow; L — vitreous; D — transparent to translucent: 
DE - 3.1; H - 4; CL - good: F — conchoidal; M 
tabular and dipyramidal crystals, coatings and crusts. 
Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replacement 
of primary phosphates. Small crystals occur in 
Cyrilov, Czech Republic: Ilagendorf, Germany and 
Sapucaia, Minas Gerais, Brazil. 


Cvrilovite, 60 mm, Iron Monarch, Australia 
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Pharmacosiderite, 35 mm, Cornwall, UK Pharmacosiderite 
KFe3* 4(AsO4)3(OH)4 .6 H20 


CUBIC eee 


Properties: C - green, yellow-brown. brown; S — 
white; L — adamantinc to greasy; D — transparent to 
translucent; DE — 2.8; H - 2.5; CL — imperfect; F - 
uneven: M -~ cubic crystals, coatings, crusts, 
granular, massive. 
Origin and occurrence: Secondary in granitic 
gmatites and in the oxidation zone of orc deposits. 
where it forms as a product of arscnopyrite and 
lollingite replacement. Cubic crystals up to 10 mm 
(A in) across occur in St. Day, Liskeard and Redruth. 
Cornwall, UK. It also comes from the Majuba Hill 
minc, Nevada, USA; Horhausen, Germany and Cap 
Garrone, France. 


Arseniosiderite 
CaFe3*3(AsO4)307 - 3 H20 


MONOCLINIC o © 


Properties: C - yellow, light to dark brown; S - 
yellow: L — submetallic to silky; D - opaque, DE — 
3.6; H - 1.5; CL - good: F — uneven; M — fibrous and 
earthy aggregates. coatings, crusts, massive. 

Origin and occurrence: Sccondary in the oxidation 
zone of ore deposits and in granitic pegmatites, 
where it forms as a product of arsenopyrite and 
lollingite replacement. Rich aggregates occur in 
Romanche, France; also from the Eurcka mine, 
Tintic, Utah. USA and Wittichen, Germany. 


Lavendulane 
NaCaCus(AsO4)4Cl .5 H20 


ORTHORHOMBIC © © 


Properties: C — light bluc-purple. blue; S — white; L 
— vitrcous to waxy: D — translucent: DE - 3.5: 11 - 
2.5; CL - good; F — uneven; M - acicular crystals, 
acicular and carthy aggregates, coatings. 

Origin and occurrence: Secondary in the oxidation 
zonc of Co, Cu and Ni deposits, as a result of 
arsenide weathering, associated with erythritc. Rich 
acicular aggregates come from Talmessi and Anarak, 
Iran. Small crystals found in the Blanca mine, San 
Juan, Chile and in Annaberg. Germany. Crystals up 
to 4 mm (*/x in) across occur in the Gold Hill mine, 
Utah, USA. 


Mixite, 70 mm, Cinovec, Czech Republic 


Ig 


Kovdorskite, 15 mm x, Kovdor, Kola, Russia 


Mixite 
BiCug(AsO 4)3(OH),g .3 H2O 


HEXAGONAL © © 


Properties: C - emerald-green, blue-grcen. light 
blue. light green, whitish; S — light green, light blue; 
L — adamantine to dull; D — translucent: DE - 3.8; H 
- 3-4; CL — not determined; F - uneven; M - acicular 
crystals, acicular and carthy aggregates, coatings, 
massive. 

Origin and oceurrence: Secondary in the oxidation 
zone of Bi and Cu deposits, together with bismuthinite. 
It occurred in Jachymov, Czech Republic; in Tintic. 
Utah. USA; Schnceberg and Wittichen, Germany. 


Torbernite, 120 mm, Katanga, Zair 


Kovdorskite 
Mgs(PO4)2(CO3)(OH)2 . 4,5 H20 


MONOCLINIC 6 


Properties: C — light pink-brown, white, blue; S - 
white; L — vitreous: D - transparent to translucent; 
DE - 2.6: H — 4; CL — none; F — conchoidal to 
uneven: M - tabular crystals, massive. 

Origin and occurrence: Hydrothermal, associated 
with magnesite. magnetite and other minerals. Blue 
and pink-brown crystals up to 25 mm (1 in) across 
come from the Zhcleznyi mine, Kovdor, Kola 
Peninsula, Russia. 


Torbernite 
Cu(UO0>)2(PO4)2 - 8-12 H20 
TETRAGONAL eee 

Properties: C - emerald-green to grass-green: S — light 
green; L — vitreous to dull, pearly on the cleavage planes; 
D - transparent to translucent; DE — 3.3; H - 2-2.5: CL - 
perfect; F — uneven; M - tabular to pyramidal crystals. 
earthy aggregates, coatings, granular, massive; R -— 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zonc of U deposits. also in pegmatitos and sedimentary 
rocks, resulting from the hydrothermal alteration of 
uraninite and other U mincrals. Emerald-green tabular 
crystals, several cm across, come from Sabugal, 
Portugal; Jachymov, Czech Republic; Shinkolobwe, 
Zaire; Bois-Noirs, France: Moctezuma. Mexico and 
many localities in the Colorado Plateau, Utah. USA. 
Beautiful druses of crystals up to 20 mm (*?x in) across, 
found in the Margabal mine. Aveyron, France. 
Application: U ore. 
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Autunite, 15 mm xx, Troncasa, Portugal 


Autunite 

Ca(UO)2(PO,4)2 . 10-12 H20 
TETRAGONAL eee 

Properties: C — light to dark yellow. yellow-green to 
green; S ~ light yellow: L - vitreous to dull: D 
transparent to translucent; DE - 3.1; H - 2-2.5; CL 
perfect: F — uneven: M - tabular crystals, foliated. 
scaly, earthy and pulverulent aggregates, coatings, 
massive: LU - ycllow-grecn: R — strongly radio- 
active. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, in pegmatites and in some L- 
rich sedimentary rocks, as a result of hydrothermal 
alteration of uraninite and other U minerals. It is 
frequently associated with torbernite and other U 


Uranocircite, 78 mm, Minas Gerais, Brazil 


Novacekite, 70 om, Brumado, Brazil 


secondary minerals. Tabular crystals up to 30 mm 
(1e in) across come from Schneeberg and Johann- 
georgenstadt, Germany and Autun, France. It is also 
known from Rum Jungle, Northern Territory, Austra- 
lia: St. Austel, Cornwall, UK: Mount Spokane, 
Washington, USA and Jachymov, Czech Republic. 
Application: U ore. 


Uranocircite 
Ba(UO>)7(PO4) . 10 H20 
TETRAGONAL ee 


Properties: C -- light to dark yellow, light yellow- 
green; S — light yellow; L - vitreous to dull, pearly 
on the cleavage planes: D -- transparent to translu- 


Zeunerite, $ mm xx, Cinovec, Czech Republic 
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cent: DE - 3.5; H — 2-2.5; CL — perfect: F — uneven; 
M - tabular crystals, foliated and earthy aggregates, 
pulverulent coatings, massive; LU — green; R 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits. Yellow tabular crystals up to 10 
mm (A in) across occurred in Dametice, Czech 
Republic: Bergen and Wolsendorf, Germany and in 
the Sao Pedro mine, Suacqui, Minas Gerais. Brazil. 


Novacekite 
Mg(U0)2(AsO4)2 . 10 H20 


TETRAGONAL o © 


Properties: C — straw-ycllow, light yellow: S — light 
yellow; L — vitreous to dull; D — transparent to 
translucent: DE - 3.7; H — 2.5; CL — perfect; F — 
uneven: M — tabular crystals, lamellar. carthy and 
pulverulent aggregates. massive; LU — dark green; R 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits. Tabular crystals up to 50 mm (2 
in) across come from the Pedra Preta Mine, 
Brumado, Bahia, Brazil. Lamellar aggregates are 
known from Zalcsi, Czech Republic; Aldama, 
Chihuahua, Mexico: Wittichen, Germany. 


Zeunerite 
Cu(UO»),(AsO q), - 10-16 H20 


TETRAGONAL o. 


Properties: C — emerald-green, yellow-green; S 
light green: L — vitreous to dull; D — transparent to 
translucent; DE - 3.4; H - 2.5: CL - perfect; F — 
uneven; M - tabular crystals, foliated aggregates, 
massive; R — strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zonc of U deposits. Tabular crystals up to 30 mm 
(1%. in} across, come from the Pedra Preta Mine. 
Brumado, BahRa, Brazil. It is also known from 
Zalesi, Czech Republic and Schneeberg, Germany. 


Carnotite 

K,(UO0»)),(VO 4), -3 H20 

MONOCLINIC eee 

Properties: C — light to dark yellow, yellow-green; S 
light yellow; L — dull; D ~ transparent to trans- 

lucent, opaque; DE — 4.9; H — not determined; CL - 

perfect: F - uneven; M — carthy aggregates, massive; 

R = strongly radioactive. 

Origin and occurrence: Sccondary in the oxidation 

zone of sedimentary U deposits. typically associated 


Carnotite, 55 mm, Utah, U.S.A. 


with tyuyamunite. Platy crystals. up to 2 mm ('/s in) 
across found in the Mashamba West mine, Zaire. 
Earthy and pulverulent aggregates occur in many 
localities in the Colorado Plateau, c.g. Paradox 
Valley, Colorado and La Sal, Utah, USA. Also 
known from Tyuya Muyun, Uzbekistan and Radium 
Hill, Southern Australia. Australia. 

Application: U and V orc.. 


Tyuyamunite 
Ca(UO2)2(VO4)2 . 5-8 H20 


ORTHORHOMBIC eee 


Properties: C — yellow-green, canary yellow; S 
light yellow: L - silky to adamantine: D - translucent 
to opaque: DE — 3.6; II — 2: CL - perfect; F - 
uneven: M — carthy aggregates, massive; LU — weak 
yellow-green: R — strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of sedimentary U deposits, together with carno- 
tite. Common earthy and pulvcrulent aggregates oc- 
cur in many localities in the Colorado Plateau, e.g. 
Paradox Valley, Colorado and Red Creck, Utah, USA. 
It was described from Tyuya Muyun, Uzbekistan. 
Application: U and V ore. 


Tvuyamunite, 80 mm, Fergana, Uzbekistan 
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9. Silicates 


Phenakite 
Be2SiO, 


TRIGONAL eee 


Properties: C - colorless, white, yellowish; S — 
white: L — strong vitreous; D — transparent to trans- 
lucent: DE - 3.0; H - 8; CL - imperfect: F — 
conchoidal; M — long prismatic to tabular crystals, 
radial aggregates, granular. 

Origin and occurrence: Magmatic in granitic pegma- 
tites: hydrothermal in greisens: metamorphic in mica 
schists. associated with beryl. chrysoberyl, apatite 
and quartz. Prismatic crystals up to 250 mm (9'*/s in) 
long occurred in Kragero, Norway. It is also known 
from Sao Miguel de Piracicaba, Minas Gerais, Brazil 
in crystals, up to 100 mm (4 in) long. The other 
localities are Habachtal, Austria; Malyshevo, Russia: 
Anjanabonoina, Madagascar. 

Application: sporadically cut as a gemstone. 


Willemite 
Zn 25i O4 


TRIGONAL 000. 


Properties: C — white, yellowish, gray, green; S — white; 
L - vitreous: D — translucent: DE - 4.0: H — 5.5; CL — 
good; F B conchoidal to uneven: M — prismatic to 
tabular crystals, radial aggregates, granular: LU - 
distinct light green. 

Origin and occurrence: Metamorphic in marbles: 
secondary in the oxidation zone of ore deposits, 


Topaz, 60 mm, Thomas Range, U.S.A. 
Willemite, 76 mm, Tsumeb, Namibia 


Phenakite, 200 mmx. Kragero, Norway 


associated with zincite. franklinite, hemimorphite 
and smithsonite. Crystals up to 100 mm (4 in) across 
come from Franklin, New Jersey, USA. Mont St.- 
Hilairc, Quebec, Canada. 

Application: as Zn ore. 


Forsterite, 40 mm, Suppat, Pakistan 


Forsterite 
OLIVINE GROUP 
Mg2SiO4 
ORTHORHOMBIC 000.0 

Properties: C — yellowish, greenish, colorless; S — 
white; L — vitreous; D — transparent to opaque; DE — 
3.3; H - 6.5-7; CL — good; F — conchoidal to uneven; 
M — tabular to prismatic crystals, granular. 

Origin and occurrence: Mctamorphic in regionally 
and contact metamorphosed dolomites. Typical rock- 
forming mincral, associated with enstatite, spinel, 
phlogopite and chlorite. Green gemmy crystals up to 
80 mm (3'/s in) long come from Suppat, Pakistan. It 
also occurred in Crestmore, California, USA. Mount 
Timobly, British Columbia, Canada and Monte 
Somma, Italy. 


Olivine 
OLIVINE GROUP 
(Mg,Fe)2SiOg 


ORTHORHOMBIC 000090 


Varieties: chrysolite 


Properties: C - green, yellow-green (chrysolite), 
brown-green to black-green; S — white; L — vitreous; 
D ~ translucent to opaque; DE — 3.3-3.6; H -- 6.5-7; 
CL - good; F B conchoidal to uneven; M — imperfect 
crystals, granular. 

Origin and occurrence: Magmatic in some ultra- 
basic rocks, e.g. dunites, lherzolites, peridotites, 
gabbros and in metcorites. Typical rock-forming 
mineral, usually associated with diopside, magnetite 
and pyrope. Classic locality of chrysolite is Zebirget 
Island in the Red Sca. Egypt. where tabular crystals 


Olivine, 60 mm, Smrci, Czech Republic 


up to 100 mm (4 in) across occurred. It is also known 
from the San Carlos Indian Reservation, Arizona, 
USA. Olivine was found in many basaltic rocks in 
laacher See, Germany: Rockport. Massachusetts, 
USA and elsewhere. 

Application: chrysolite is cut as a gemstone. 


Fayalite 
OLIVINE GROUP 
Fe7SiO, 


ORTHORHOMBIC 0090 


Properties: C - black-green to black: S — gray; L - 
dull to vitreous: D ~ opaque; DE - 4.2; H — 6.5-7; CL 
- good; F B conchoidal to uneven; M - imperfect 
prismatic crystals. granular. 

Origin and occurrence: Magmatic in granitic peg- 
matites, granites and syenites, associated with ortho- 
clase, gadolinite-(Y) and epidote; rare metamorphic. 
Poorly developed crystals up to 150 mm (6 in) long 
found in pegmatites near Baveno, the Alps, Italy. 


Fayalite, 80 mm, Rockport, US.A. 


It is also known from Strzegom, Poland and the 
Sawtooth Batholith, Idaho, USA. 


Tephroite 
OLIVINE GROUP 


ORTHORHOMBIC © © 


Properties: C — gray, olive-green. red-brown; S - 
white: L - dull to vitreous: D - translucent to trans- 
parent; DE — 4.2; H - 6; CL - good; F B conchoidal 
to uneven; M — prismatic crystals, granular. 

Origin and occurrence: Metamorphic in skarns 
and Mn-rich metamorphosed sediments, together 
with rhodonite, franklinite and spessartine, Granu- 
lar aggregates and perfect crystals up to 50 mm (2 
in) across known from Franklin, New Jersey, USA; 
Langban, Sweden. It comes also from Tarnobrzcg, 
Poland, in crystals, up to 80 mm (3'/ in) across. 


Tephroite, 60 nm, Harstigen, Sweden 
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Pyrope, 3 mm grains, Trebivlice, Czech Republic 


p 


Pyrope 
GARNET GROUP 
Mg3A125130 12 


CUBIC 0000. 


Properties: C — red to purple-red, light purple, black- 
brown; S — white; L - vitreous; D — transparent to 


Almandine, 38 mm x, Ötztal, Austria 


translucent; DE — 3.5; H — 7-7.5; CL — none; F B 
conchoidal to uneven; M — isometric crystals, 
granular. 

Origin and occurrence: Magmatic in some ultra- 
basic rocks, e.g. lherzolites, peridotites, kimberlites, 
eclogites and serpentinites; metamorphic in quartz- 
ites; also known from placers. It is associated with 
diopside, magnetite and diamond. It comes from 
many localities in ultrabasic rocks, like Trebenice 
and Mirunice, Czech Republic; Zoblitz, Germany: 
Madras, India; Kimberley, South Africa. Crystals up 
to 250 mm (9% in) across were found in Dora 
Maria, the Alps, Italy. 

Application: cut as a gemstone. 


Almandine 
GARNET GROUP 
Fe3Al2Si30; 2 
CUBIC e.e..o 

Properties; C — red to purple-red, black-brown: S — 
white; L — vitreous; D — transparent to translucent: 
DE - 4.3; H - 7; CL - none; F B conchoidal to 
uneven: M B well-formed crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, as chlorite schists, gneisses. 


Spessartine, 96 mm, Gilgit, Pakistan 


IAr 


the first 2 gangs. Use 20- to 22-pF silver micas and solder directly 
to the frame before installation. When mounting this item, use 
#4-40 screws Y.” long. Put a toothed washer under the head to 
allow good contact with the copper. Place 2 flat washers over each 
screw on the component side before mounting the capacitor. This 
will leave enough space to clear the rivets that hold the compres- 
sion trimmers for the first 2 gangs. 

I used MPN3401 (Motorola) diodes to do the switching since 
they were in my junk box and are made especially for this use. 
Regular silicon diodes should work okay, so don't panic. 


Tune-Up and Checkout 

A DPDT toggle switch can be used for TR switching by using 
one section to apply 0 or 12 volts to the TR line and the other half to 
transfer 12 volts between the receive and transmit circuits. An 
SPDT toggle can be used switch the bfo crystals. A 10k audio gain 
control with log taper and a 10k rf gain control with linear taper are 
the only other items needed at this time. With the boards lying on 
the bench, make the jumpers between boards long enough so that 
each board can be handled freely while making adjustments. The 


Grossular 17 mm x, Asbestos, Canada 


mica schists and migmatites; magmatic in some 
granites and pegmatites; also in placers. Well- 
developed crystals up to 150 mm (6 in) across are 
known from Ishikawa pegmatites, Japan and 
Shingus, Pakistan. It comes from many mica schists 
and gneisses as crystals, up to about 50 mm (2 in), 
like Fort Wrangel, Alaska. USA; Otztal, Austria; 
Bodo, Norway. It occurs in placers near Ratnapura, 
Sri Lanka. 

Application: cut as a gemstone, abrasive material. 


Spessartine 
GARNET GROUP 
Mn3A125130 ¡2 
CUBIC 0000 

Properties: C — red, orange, light brown to 
yellowish; S — white; L - vitreous; D — transparent to 
translucent; DE - 4,3; H - 7-7.5; CL — none; F B 
conchoidal to uneven; M — perfect crystals, granular. 
Origin and occurrence: Magmatic in granitic 
pegmatites and some granites: hydrothermal in 
cavities in rhyolitcs; metamorphic in some skarns and 
Mn-rich metamorphic rocks. Perfect crystals up to 30 
mm (I? in) across were found in granitic pegmatites 
in the Hercules mine, Ramona, California, USA; near 
Marienfluss river, Namibia and in rhyolite cavities in 
Nathrop, Colorado, USA. 

Gemmy crystal fragments up to 50 mm (2 in) across 
were recently found in an undisclosed locality in 
Minas Gerats, Brazil. 

Application: cut as a gemstone. 


Grossular 
GARNET GROUP 
Ca3A125130 ¡2 


CUBIC o... 


Varieties: hessonite. tsavorite 


Properties: C — red, green (tsavorite), orange, red- 
brown (hessonite) to colorless; S — white; L - 
vitreous; D — transparent to tranlucent; DE — 3.4; H 
- 6.5-7; CL — none; F B conchoidal to uneven; M — 
perfect crystals, granular. 

Origin and occurrence: Metamorphic in Ca-rich, 
contact metamorphic rocks, skarns, rodingites; 
hydrothermal along the cracks in these rocks, 
associated with diopside, vesuvianite, wollastonite, 
scapolite and epidote. Perfect crystals about 30 mm 
(P/s in) across occur in the Jeffrey quarry. Asbestos, 
Quebec, Canada and Sierra de las Cruces, Coahuila, 
Mexico, 

Tsavorite crystals up to 50 mm (2 in) across come 
from the Tsavo National Park, Kenya and Merelani 
Hills, Arusha, Tanzania. The other well-known 
localities are Ala, Italy and Ciclova, Romania. 
Grossular crystals up to 100 mm (4 in) in size in 
Vapenna, Czech Republic; Xalostoc. Mexico and 
Sandare. Mali. 

Application: cut as a gemstone. 
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Andradite, 30 mm xx, Graham Co., OSA. 


TAN 


Andradite 
GARNET GROUP 
Ca3Fe*,Si,0 12 


CUBIC eeee 


Varieties: demantoid, melanite 


Properties: C - dark red, black-brown, brown. green 
to yellow-green (demantoid), black-brown to black 
(melanite); S — white; L — vitreous; D - transparent 
to translucent: DE - 3.9; H — 6.5-7; CL — none; F B 
conchoidal to uneven: M B well-developed crystals, 
granular. 

Origin and occurrence: Metamorphic in Ca and Fe 
rich contact metamorphosed rocks. skarns. 
rodingites; hydrothermal along the cracks of these 
rocks; magmatic in some alkaline igneous rocks, 
usually in the same localities as grossular. Crystals 
up to 40 mm (1%: in) across come from Sinerechens- 
kove, Russia. Fine crystals were also found in the 
Namgar mine. Usakos, Namibia and Ciclova, 
Romania. Fine melanite crystals occur in Magnet 
Cove, Arkansas, USA. Demantoid crystals up to 30 
mm (13/1 in) across known from Val Malenco, Italy 
and in the Bobrovka river basin, Ural mountains, 
Russia. 

Application: demantoid is cut as a gemstone. 


Melanite, 5 mm xx. Rudnyi, Kazakhstan 


Uvarovite 
GARNET GROUP 
Ca3Cr95i30 12 
CUBIC o. 

Properties: C — dark emerald-green: S - white; L — 
vitreous; D — transparent to translucent: DE — 3.9; H 
- 6.5-7; CL — none; F B conchoidal to uneven: M — 
perfect crystals, granular. 

Origin and occurrence: Metamorphic and also 
hydrothermal are almost only limited to rocks with 
increased Cr content, ultrabasic rocks with chromite, 
serpentinites and skarns. It occurs as crystals up to 8 
mm (ře in) across along cracks in chromite in 
Sarany, Ural mountains, Russia. Crystals up to 20 
mm (+2 in) across, come from Outokumpu. Finland. 
It is also known from Orford. Quebec, Canada. 


Zircon 
ZrsiO 4 


TETRAGONAL eee 
Varieties: jargon, hyacinth. 


Properties: C — yellow (jargon), brown, yellow- 
brown. red-orange (hyacinth), red to colorless; S — 
white; L — vitreous. greasy to adamantine; D — 
transparent to translucent; DE — 4.7; H — 7.5; CL - 
imperfect; F B conchoidal to uneven; M — perfect 
long and short prismatic crystals, granular: LU — 
yellow: R B sometimes radioactive and usually 
metamict. 

Origin and occurrence: Magmatic and metamorphic 
as an accessory mineral in different rock types; rarely 
hydrothermal in the Alpine-type and quartz veins; also 


in sediments and placers. Prismatic crystals up to 30 
cm (12 in) across, occur in syenite pegmatites in Ren- 
frew and Bancroft. Ontario, Canada. It is also known 
from Miass, Ural mountains and from Mount Vavnbed, 
Lovozero massif. Kola Peninsula, Russia. Classic 
occurrences in granitic pegmatites are Alto Ligonha, 
Mozambique: Arcndal. Norway; Ytterby, Sweden and 
Jaguaraqu, Minas Gerais, Brazil. Gemmy zircons of 
different colors up to 80 mm (3'/s in) in size come from 
placers near Ratnapura, Sri Lanka and elsewhere. 
Application: hyacinth and jargon are cut as gem- 
stones, Zr ore. 


Zircon, 20 mm x, Vishnevogorsk, Ural Mts., Russia 
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Eulytite, 2 mm xx, Schneeberg, Germany Sillimanite, 10 mm grains, HavliZkúv Brod, Czech Republic 
7 ~ 7 n - m j 


Eulytine Republic; Schneeberg and Johanngeorgenstadt, 
Bi¿SizO 12 Germany. 
CUBIC © © 
Euclase 
Properties: C — brown, yellow, gray, colorless; S-  BeAlSiO¿(OH) 


white; L greasy: D translucent: DE - 6.6; H 

4.5; CL — good; F B conchoidal to uneven; M — small MONOCLINIC 00 

dipyramidal crystals, radial aggregates, granular. 

Origin and occurrence: Secondary in Bi deposits, Properties: C — colorless, white, greenish, blue; S — 
typically associated with bismuth. white; L — vitreous; D — transparent to translucent: 
Its small crystals come from Horni Slavkov, Czech DE - 3.1; H - 7.5; CL — good: F B conchoidal to 


Euclase, 42 mm, Minas Novas, Brazil 


2.00 


uneven: M — long prismatic crystals. radial aggre- 
gates. granular. 

Origin and occurrence: Hydrothermal occurs in 
pegmatites, greisens and in quartz and Alpine-type 
veins: rare in placers. Well-formed crystals up to 80 
mm (3! in) in size known from Santa do Encoberto, 
Minas Gerais, Brazil. Blue crystals up to 50 mm (2 
in) across occurred in the Last Hope Mine, Karol. 
Zimbabwe. It also come from the sediments of 
Sanarka River, Ural mountains, Russia. Dark blue 
crystals up to 150 mm (6 in) across were found 
recently in the Chivor Mine, Colombia. 
Application: locally cut as a gemstone. 


Sillimanite 
Al)SiOg 
ORTHORHOMBIC 000090 
Properties: C — white. gray. greenish. yellowish: S — 
white; L -- vitreous to dull; D - transparent to 
translucent; DE — 3.3; H — 6.5-7.5; CL — good; F — 
uneven; M - long prismatic crystals, fibrous aggre- 
gates, granular. 

Origin and occurrence: Almost exclusively meta- 
morphic in gneisses and migmatites; only rare 
magmatic in pegmatites and granites: also in placers. 
Typical rock-forming mineral, very commonly 
associated with andalusite. Typical localities are 
Bodenmais, Germany and Mar_ikov, Czech Repub- 
lic. Gemmy crystals up to 20 mm (?*/s: in) long are 
known from Rakwana-Deniyaya, Sri Lanka. 


Andalusite 
Al¿SiOg 


ORTHORHOMBIC 000090 


Varieties: chiastolite, viridine 


Properties: C — pink, red-brown, red, gray, whitish, 
green (viridine); S- white; L — vitreous to dull; D - 
translucent to transparent; DE — 3.2; H — 6.5-7.5; 
CL - good; F — uneven; M — prismatic crystals. 
fibrous aggregates, granular, massive. 

Origin and occurrence: Metamorphic in regionally 
and contact metamorphosed rocks; magmatic in 
pegmatites and granites, hydrothermal in quartzites. 
Typical rock-forming mineral, commonly associated 
with sillimanite. corundum and cordicritc. Re- 
nowned localities are Lisens. the Alps, Austria; 
Bimbowrie, South Australia, Australia. Green 
gemmy crystals come from Morro do Chapeu, 
Bahia, Brazil. Viridine is known from Darmstadt, 
Germany. 


Andalusite, 28 mm x, Aracuay, Minas Gerais, Brazil 


Chiastolith, 20 mm, Bimbowrie, Australia 
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Kyanite 
Al2SiO5 
TRICLINIC 90.00 

Properties: C — blue, gray, white, green, dark gray, 
colorless: S — white; L —- vitreous to dull; D -— 
transparent to translucent; DE — 3.6; H - 4.5-7.5; CL - 
good; F — uneven; M — prismatic to tabular crystals, 
fibrous aggregates, granular, massive. 

Origin and occurrence: Almost only metamorphic in 
regionally metamorphosed rocks. mica schists, 
gneisses. granulites and cclogites; less frequently 
magmatic in pegmatites and granites; rarely 
hydrothermal in quartz veins. Typical rock-forming 
mineral, associated with andalusite and sillimanite. 
Blue columnar aggregates and crystals up to 150 mm 
(6 in) long occur in Barra do Salinas, Minas Gerais, 
Brazil. Other renowned localitics are Pizzo Forno, 
Switzerland: Prilep, Macedonia; Keivy, Kola 
Peninsula, Russia. 


Kyanite, 87 mm. Minas Gerais, Brazil 


AN? 


Topaz 
Al2SiO ¿(F,OH) 


ORTHORHOMBIC eee 
Varieties: pycnite 


Properties: C — colorless, blue, yellow, gray, white, 
greenish, pinkish, red; S — white; L — vitreous; D - 
transparent to translucent: DE — 3.6; H- 8; CL - 
good; F - uneven; M - perfect prismatic to tabular 
crystals, radial and columnar aggregates, granular. 

Origin and occurrence: Magmatic in pegmatites 
and granites; hydrothermal in greisens, in rhyolite 
cavities, in quartz veins, also in placers. Topaz 
crystals in pegmatites are occasionally very large, 
like the crystal measuring 80 x 60 x 60 cm (314% x 
24 x 24 in) across from Fazenda do Funil: crystals 


Topaz, 49 mm, Ramona, US. A. 


up to 30 cm (12 in) from Virgem da Lapa. both 
Minas Gerais, Brazil. Blue. brownish and bicalored 
crystals up to 40 cm (15% in) long come from 
Volodarsk Volynskii, Ukraine. Other topaz 
localities are Iveland. Norway; Murzinka, Ural 
mountains, Russia; Little Three mine, Ramona, 
California; Pikes Peak, Colorado, USA; Gilgit, 
Pakistan; Spitzkopje, Namibia. Orange to red topaz 
(impcrial topaz) comes from quartz veins near Ouro 
Preto, Minas Gerais, Brazil. Pink topaz crystals up 
to 70 mm (2% in) found at Mount Ghundao, 
Mardan. Pakistan. Important topaz specimens were 
also found in Schneckenstein, Germany; Thomas 
Range, Utah, USA: Nerchinsk, Siberia. Russia. 
Columnar aggregates of pycnite come from 
Cinovec. Czech Republic and Altenberg, Germany. 
Application: cut as a gemstone. 


Staurolite, 80 mm, Keivy, Kola, Russia 


Staurolite 
Fe2Al9Si4077(0H)) 


ORTHORHOMBIC 0000 


Properties: C — dark to light brown. yellow; S — 
white; L — dull to vitreous; D — transparent to almost 
opaque: DE - 3.7; H-7-7.5; CL — good; F — uneven; 


Sapphirine, 26 mm, Vohimena, Madagascar 


AMA 


M -— prismatic to tabular crystals and their combi- 
nations, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, gneisses and mica schists; 
rare magmatic in granites; also in placers, commonly 
associated with almandine, andalusite and kyanite. 
Crystals up to 50 mm (2 in) across come from Pizzo 
Forno, Switzerland. It is also known from Rio 
Arriba, New Mexico, USA. Its cross-like twins. up 
to 200 mm (7% in) across, occur in Keivy, Kola 
Peninsula. Russia and Morbihan, France. 


Sapphirine 
Mg 7Al4sio 10 


MONOCLINIC © © 


Properties: C — dark to light blue, green; S — white; 
L — vitreous to dull; D — transparent to translucent; 
DE - 3.5; H — 7.5; CL — imperfect; F — uneven; M — 
tabular crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, rich in Al and Mg and poor in 
Si, associated with spinel and corundum. Crystals up 
to 40 mm (1*/isin) across come from Fiskenaesset, 
Greenland; Betroka and Androy, Madagascar. Other 
localities include Val Codera, Italy and Enderby 
Land, Antarctica. 


Chondrodite, 15 mm x, Brewster, USA. 


Chondrodite 
MgsSi2zOg(OH.F)> 


MONOCLINIC eee 


Properties: C — yellow, greenish, brown: S — white; 
L - vitreous to dull: D — transparent to translucent; 
DE - 3.2; H - 6-6.5; CL — imperfect; F — uneven; M 
— crystals of different habits, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed carbonate rocks: rare 
magmatic in carbonatites, typically associated with 
spinel, chlorite and phlogopite. Perfect crystals up to 
$0 mm (2 in) long come from the Tilly Foster mine, 
Brewster, New York, USA. Other localities arc 
Pargas. Finland; Monte Somma, Italy; Riverside, 
California, USA. 


Clinohumite 
Mg9Si4O | 6(OH,F)> 


MONOCLINIC eee 


Properties: C — yellow, red, brown. white; S — white; 
L — vitreous to dull; D — transparent to translucent; 
DE - 3.3; H — 6; CL - imperfect; F — uneven; M — 
crystals of different habits, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed carbonate rocks, 
serpentinites and talc schists, associated with spinel, 
chlorite, forsterite. serpentine and phlogopite. 
Gemmy yellow crystals up to 30 mm (1°/t in) across 
come from Kukh-i-Lal. Pamir, Tajikistan. Other 
localities are Pargas, Finland; Monte Somma, Italy: 
Jensen quarry, California, USA. 


Clinohumite, 19 mm, Kukh-i-lal, Tadzhikistan 


Chapmanite 
SbFe3**2Si20g(OH) 


MONOCLINIC o. 


Properties: C - olive-green to dark yellow; S - 
yellowish to yellow; L -dull; D — translucent; DE — 
3.7; H - 2.5; CL — imperfect: F — uneven: M — 
elongated crystals, massive. 

Origin and occurrence: Hydrothermal and 
secondary in the cracks of rocks. sometimes with 
stibnite. lts massive aggregates occur in Smilkov 
near Votice, Czech Republic: in the Keely mine, 
Cobalt, Ontario. Canada. 


Chapmanite, 4 mm. Pernek, Slovakia 
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Braunite, 60 mm, Langban, Sweden 


Braunite 
Mn2+*mn3*,SiO 1, 


TETRAGONAL eee 


Properties: C - black, black-gray, black-brown: S -- 
gray: L - submetallic to metallic: D - opaque: DE - 4.7; 
H ~ 6-6.5; CL - perfect: F -- uneven to conchoidal; M — 
dipyramidal crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
and contact metamorphosed rocks; hydrothermal in 


Thaumasite, 3 mm aggregate, Maglovec, Slovakia 


sedimentary rocks rich in Mn and in hydrothermal 
veins, associated with hausmanite, pyrolusite and 
other Mn minerals. Its perfect crystals up to 70 mm 
(2% in) long. come from Kacharhavee and Tirodi, 
India. It is also known from Langban, Sweden: Il feld 
and Ilmenau, Germany; St. Marcel, Italy; Tizi 
Bashkun, Morocco. 

Application: Mn ore. 


Thaumasite 

Cag $Si7(CO3)7($O4)2(OH) | - 24 H20 
HEXAGONAL o o 

Properties: C — white to colorless: S — white: L - 
vitreous to dull: D — transparent to translucent; DE - 
1.9; H - 3.5; CL - imperfect: F — uneven; M B 
acicular aggregates, granular, massive; LU - white. 
Origin and occurrence: Hydrothermal or meta- 
morphic in contact metamorphosed carbonate rocks, 
usually associated with other Ca silicatcs and 
carbonates. like ettringite and prehnite. Typical loca- 
lities are Crestmore, California; West Paterson, New 
Jersey. USA: Langban, Sweden; N’Chwaning mine 
No. 2. Kuruman, South Africa. 


Titanite 
CaTiOSiOy 
MONOCLINIC 000090 

Properties: C — colorless, yellow, brown, green, gray 
to black: S — white: L - vitreous to dull; D — trans- 
parent. translucent to opaque; DE - 3.5: H - 5-5.5: 
CL - good; F — uneven to conchoidal; M - tabular 
crystals and their combinations, granular, massive. 
Origin and occurrence: Metamorphic and magmatic 
as a common accessory mincral in many igneous and 


Fersmanite, 10 mm x, Khibiny Massif. Kola, Russia 


Fig. 6-15. PC board for receiver. 


copper border around each PC is ground and should be made 
common with all other grounds and power-supply return. 
Connect an 8-ohm speaker and 12-volt power supply to the 
rig. Set all trimmers to midpoint. Run the screws on the 2 com- 
pression trimmers on the 3-gang capacitor up snug but not tight. 
Turn the variable to full mesh. Connect a dc scope or high- 
impedance voltmeter between the top of the rf gain control pot and 
ground. Switch to receive and apply power. Current drain should 
be between 55 and 65 mils. Turn the rf gain control all the way 
down and adjust R4 for a reading of 6 volts. Disconnect the meter 
and turn the rf gain to maximum. Turn up the audio gain and feed in 
some signal at 3.5 MHz. Adjust the slug in the vfo tank coil until the 
signal is picked up. Adjust the cores in T1 and T2 for maximum 
output. Run the variable capacitor up to the high end and feed in 
signal at 4.0 MHz. Peak the response by means of the 2 compres- 
sion trimmers on gangs 1 and 2. Repeat these 2 procedures as many 
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Titanite, 20 mm xx, Stubachtal, Austria 


metamorphic rocks and pegmatites: hydrothermal in 
the Alpine-type veins; also in placers. 

The most beautiful crystals up to 180 mm (7'/ in) 
long occur in Alpine-type veins in Tavctsch and 
Binntal, Switzerland; Zillertal and Felbertal, Austria: 
Dodo, Polar Ural. Russia. Large. poorly developed 
crystals weighing up to 40 kg (88 Ib), come from 
Eganville, Ontario, Canada and Rossie. New York. 
USA. 


Chloritoid, 30 mm, lle de Croix, France 


Fersmanite 
(Na,Ca)4(Ti,Nb)2Si20 | |(OH,F)> 


TRICLINIC © © 


Properties: C - light to dark brown; S -white; L — 
vitreous to dull: D - translucent: DE — 3.5; H - 5-5.5; 
CL - none; F — uneven to conchoidal; M — tabular 
crystals. 

Origin and occurrence: Magmatic to hydrothermal in 
alkaline pegmatites together with pectolite, apatite and 
sulfides. Crystals up to 30 mm (1*4s in) across known 
from Mount Eveslogchorr, Khibiny massif. Kola 
Peninsula, Russia. 


Chloritoid 
Fe2AI4Si30 | 9(OH)2 


MONOCLINIC, TRICLINIC eee 


Properties: C - dark gray. gray-green to black-green; 
S - gray; L — vitreous to dull: D — translucent; DE — 
3.6; H - 6.5; CL — perfect; F — uneven to conchoidal; 
M - tabular crystals, foliated and scaly aggregates, 
granular. 

Origin and occurrence: Metamorphic in some mica 
schists and phyllites; hydrothermal alteration 
product in lavas. Typical localitics are Zermatt, 
Switzerland; Ottrez, Belgium: Pregraten, Austria. 
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Datolite, 30 mm xx, Dalnegorsk, Russia 


Datolite 
CaBSiO¿(OH) 


MONOCLINIC 000 


Properties: C — white to colorless, yellowish, 
greenish. gray; S — white; L — vitreous to dull; D - 
transparent to translucent; DE — 3.1; H - 5-5.5; CL - 
none; F — uneven to conchoidal; M - prismatic to 
tabular crystals, nodules, granular. 

Origin and occurrence: Metamorphic and 
hydrothermal in contact metamorphosed rocks, in 
cavities in volcanic rocks, in ore veins and pegma- 
tites. It is commonly associated with zcolites, 
prehnite, calcite and also with tourmaline. Prismatic 


Gadolinite-(¥), 60 mm, Hitterö. Norway 


and tabular crystals up to 100 mm (4 in) long occur 
in Dalnegorsk, Russia. Other typical localities are 
West Paterson, New Jersey: Keweenaw Peninsula. 
Michigan, USA; Haslach. Germany: Charcas. San 
Luis Potosi, Mexico. 


Gadolinite-(Y) 


Y73FeBe>Si20 10 
MONOCLINIC © © 


Properties: C — black, dark red, brown. greenish; S - 
gray-grecn: L — vitreous to greasy, D — transparent to 
translucent; DE - 4.4; H — 6.5-7; CL — none; F - 


Howlite, 30 mm, California, U.S.A. 


Dumortierite, 60 mm, Dehesa, U.S.A. 


conchoidal: M — prismatic crystals, granular; R 
locally metamict. 

Origin and occurrence: Magmatic in granites and 
pegmatites. locally associated with fluorite and 
allanite; rare hydrothermal in the Alpine-type veins. 
Aggregates, up to 40 cm (15% in) across come from 
Hittero. Norway. Barringer Hill and Clear Creek, 
Texas, USA yiclded aggregates, weighing up to 90 
kg (198 lb). Other famous localities are Blatchford 
Lake. Northwest Territories, Canada; Baveno. the 
Alps, Italy: Iveland. Evje, Norway. 


Kornerupine 
MggAlg(Si,A1,B)507 | (OH) 


ORTHORHOMBIC © © 


Properties: C - colorless, white, greenish, gray, 
brown; S — white; L — vitreous to dull; D — trans- 
parent to translucent: DE - 3.3: II - 6.5-7; CL — 
none; F ~ conchoidal; M - prismatic crystals, radial 
aggregates. granular. 

Origin and occurrence: Metamorphic in strongly 
metamorphosed rocks, as granulites. Crystals up 
to 230 mm (9'fs in) across known from Fisken- 
aesset, Grecnsland. It also occurs in Lac Ste- 
Marie, Quebec, Canada: Waldheim, Germany; 
Itrongay, Madagascar. 


Dumortierite 
(AI,TiMg)Al, BSizO l ¿(0,0H)> 
ORTHORHOMBIC eee 

Properties: C — purple, pink, blue, brown; S — white; 
L — vitreous to dull; D — transparent to translucent: 
DE - 3.4; H - 8.5; CL - good; F — uneven; M ~ 
prismatic crystals, radial and acicular aggregates, 
massive. 

Origin and occurrence: Metamorphic in some Al- 
rich metamorphic rocks, e.g. in migmatites and 
gneisses; magmatic in granites and pegmatites; 
hydrothermal in altered rocks. It comes from 
Dehesa. California: Rochester, Nevada, USA: Beau- 
nan. France; crystals are known from the vicinity of 
Kutna llora, Czech Republic: Soavina, Madagascar. 


Howlite 
Ca27B5SiO9(OH)5 


MONOCLINIC © © 


Properties: C — white; S — white: L — vitreous to dull: 
D - transparent to translucent; DE - 2.5; H - 3.5; CL 
- good; F — uneven; M — tabular crystals, nodules, 
massive. 

Origin and occurrence: Hydrothermal in borate 
deposits, associated with ulexite and colemanite. 
Crystals, several cm across, come from the vicinity 
of Bras d'Or Lake, Nova Scotia. Canada. It occurs 
also in Lang and Daggett. California, USA. 


Kornerupine, 90 mm, Lac Ste.-Marie. Canada 
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Cuprosklodowskite, 82 mm, Musonoi, Zair 


Cuprosklodowskite 
Cu(UO>)751)07 .6 H20 


MONOCLINIC o. 


Properties: C — various hues of green; S — greenish; 
L - vitreous to dull; D — transparent to translucent: 


Uranophane. 125 mm, Brewster. Texas, S.A. 


DE -- 3.8; H - 4; CL — good; F - uneven; M - radial, 
acicular aggregates. thin coatings, granular, massive; 
R — strong radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, associated with autunite, 
torbernite, uranophane and other U secondary mi- 
nerals. Crystals, up to several cm long, come from 


Kasotite, 30 mm, Musonoi, Zair 


TIA 


the Mashamba West mine, Musonoi, Zaire. It also 
occurred in Jachymov, Czech Republic. 


Uranophane 
Ca(UO>)75i207 -6 H20 


MONOCLINIC 0090 


Properties: C — various hues of yellow to brown; S — 
yellowish; L — vitreous to dull; D — transparent to 
translucent; DE - 3.9; H - 2.5: CL - good: F - 
uneven: M -— radial, acicular aggregates, thin 
coatings, granular. massive: LU - yellow-green; R — 
strong radioactive. 

Origin and occurrence: Sccondary in the oxidation 
zone of U dcposits as a product of uraninite 
alteration, associated with autunite. torbcrnite and 
other secondary U minerals. Needles up to 10 mm 
Cf in) long, comc from Musonoi. Shinkolobwe, 
Zaire. 

It is also known from the Faraday mine, Bancroft. 
Ontario, Canada. It occurs in Wolsendorf, Germany. 
as well as in Jachymov. Czech Republic. 


Kasolite 
Pb(UO>)SiOyg . H20 


MONOCLINIC © © 


Properties: C — various hues of yellow, green to 
brown; S — yellowish; L — vitreous to dull: D — trans- 
lucent to opaque: DE - 6.2; H - 4.5; CL - good; F — 
uneven: M - prismatic crystals. radial and acicular 
aggregates, thin coatings, granular, massive; R — 
strong radioactive. 

Origin and occurrence: Secondary mineral in the 
oxidation zone of U deposits. It is a product of 
uraninite alteration and is associated with 
uranophanc, torbernite and U hydroxides. Crystals 
up to 10 mm (*/s in) long occur in Shinkolobwe, 
Kasolo, Zaire and Mounana. Gabon. 


Akermanite 
Caz M gSi 20 7 


TETRAGONAL 0090 


Properties: C - white, gray, green, brown; S — white; 
L — vitreous to dull: D — transparent to translucent; 
DE - 2.9; H - 5.5; CL — good: F — uneven to 
conchoidal: M - short prismatic crystals, granular. 

Origin and occurrence: Magmatic in volcanic basic 
rocks; metamorphic in contact metamorphosed 
marbles. A typical representative of localitics in 
marbles is Crestmore, California, USA. It occurs 
also in Ca-rich volcanic rocks in Velardena, Mexico. 


Akermanite, 3 mm xx, Mt. Vesuvius, Italy 


Gehlenite 
Ca7Al>Si07 


TETRAGONAL eee 


Properties: C — white, gray, yellowish; S — white; L 
vitreous to dull; D — transparent to translucent; DE 

-= 3.0; H — 5-6; CL - good; F — uneven to conchoidal: 

M - short prismatic crystals. granular. 

Origin and occurrence: Magmatic in volcanic basic 

rocks; metamorphic in contact metamorphic 

marbles. 

It occurs in Crestmore. California. USA; Monzoni. 

Italy; Oraviza, Romania and elsewhere. 


Gehlenite, 80 mm, Vata de Sus, Romania 
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Hvaite, 20 mm xx, Dalnegorsk, Russia 


Bertrandite. 36 mm, Mt.Antero, U.S.A. 
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ilvaite 
CaFe?**Fe3*Si¿Og(OH) 


ORTHORHOMBIC 0090 


Properties: C — black to black-gray; S — black; L - 
submetallic to dull; D — opaque; DE - 4.1: H - 5.5- 
6; CL - good; F — uneven; M - prismatic crystals, 
granular. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contact metamorphosed Fe, Zn and Cu 
deposits. Prismatic crystals up to 100 mm (4 in) long 
come from Rio Marina, Elba, Italy. Crystals up to 30 
cm (12 im) long are known from Serifos Island, 
Greece. Crystals, several cm long occur also in 
Dalnegorsk. Russia and in the Laxcy mine, Idaho, 
USA. 


Bertrandite 
Be 4SizO7(OH)>2 


ORTHORHOMBIC 00.00 


Properties: C - colorless. white, yellowish; S - 
white; L - vitreous to dull; D — transparent to 
translucent: DE - 2.6; H - 6-7; CL - perfect; F — 
uneven; M — tabular crystals and their combinations, 
radial aggregates, granular, massive. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites, greiscns and in hydrothermal veins, 
together with beryl, also as pseudo-morphs after 
beryl. Tabular crystals up to 50 mm (2 in) across 
occur in Conselhcira Pena, Minas Gerais, Brazil. It is 
known from Kounrad and Kara-Oba, Kazakhstan in 
crystals up to 30 mm (1°/1s in) across. It also comes 
from Stoncham, Maine, USA; Pisek, Czech Repub- 
lic and Iveland, Norway. 

Application: the most important Be ore. 


Hemimorphite 
ZngSizOy(0H)7 . H70 


ORTHORHOMBIC eee 


Properties; C — colorless, white, yellowish, greenish; 
S - white; L ~ vitreous to dull; D — transparent to 
translucent; DE - 3.4; H - 4.5-5; CL — perfect; F — 
uneven; M -- tabular crystals and their combinations, 
botryoidal and radial aggregates, granular, massive. 
Origin and occurrence: Secondary in the oxidation 
zone of Zn deposits, associated with sphalerite, 
smithsonite and cerussite. Crystals up to 100 mm (4 
in) long come from Bisbee, Arizona, USA.. It is also 
from the El Potosi Mine, Santa Eulalia, Chihuahua, 
Mexico; Bleiberg, Austria; Cho-Dien, Vietnam. 
Application: Zn ore. 


Hemimorphite, 30 mm xx, Mapimi, Mexico 


Lamprophylite 
Na2Sr2Ti3SigO ¡¿(OH,F) 


MONOCLINIC © © 


Properties: C — brown to dark brown; S - white; L — 
vitreous to submetallic; D — translucent; DE — 3.5; H — 
2-3; CL — perfect; F — uneven; M — tabular crystals, 


Hemimorphite, 26 mm, Arizona, U.S.A. 


N 

ate 
radial aggregates. 
Origin and occurrence: Magmatic in alkaline syenites 
and their pegmatites, associated with nepheline, 
aegirine and eudialyte. The best crystals up to 150 mm 
(6 in) long come from Mount Flora, Lovozero massif, 
Kola Peninsula, Russia. It is also known from 
Langesundsfjord, Norway and Mont St.-Hilaire, 
Quebec, Canada. 


Lamprophyllite, 50 mm xx, Lovozero Massif, Kola, Russia 
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Chinozoisite. 36 mm, Eden Mills, U.S.A. 


Clinozoisite 
Ca7Al3SizO | 2(OH) 
MONOCLINIC 00090 

Properties: C - colorless, yellowish, green, pink; S 
white; L — vitreous to dull; PS - transparent to 
translucent: DE - 34; H - 6.5: CL - good; F - 
uneven; M — prismatic crystals, columnar. radial 
aggregates. granular, massive. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contacts of marbles and in the Alpine-type 
veins. Prismatic crystals up to 60 mm (2%: in) long 
come from Radoy Island, Norway. It comes also 
from Eden Mills, Vermont: Allens Park, Colorado, 
USA: Pinos Altos, Baja California. Mexico. 


Epidote 
Caz(Al,Fe3*)3Si30 ¡ (OH) 
MONOCLINIC 00000 

Properties: C — green, brown, greenish, yellow- 
green: S - white: L -- vitreous to dull; D -- transparent 
to translucent. locally opaque; DE — 3.4: H -= 6-7; CL 


- good: F ~ uneven; M - prismatic crystals, 
columnar and radial aggregates, granular, massive. 
Origin and occurrence: Metamorphic in marble’ 
granite contacts; hydrothermal in the Alpine-type 
veins and in hydrothermally altered rocks, typically 
associated with albite, prehnite and amphibole. Its 
green crystals up to 140 mm (5% in) long, were 
found in Sobotin, Czech Republic. Perfect crystals 
up to 100 mm (4 in) across come from Knappen- 
wand, Austria. Thick tabular crystals occur in Prince 
of Wales Island, Alaska. USA. Fine crystals, 
resembling Austrian crystals, were found recently in 
Alchuri, Shigar, Pakistan. Fine columnar aggregates 
of crystals are known from Pampa Blanca, Peru and 
also reported from Arendal, Norway. 


Piemontite 
Ca(Al,Mn3*)3Si30 ; 7(OH) 


MONOCLINIC o. 


Properties: C — red-brown to black, crimson, red- 
yellow: S — white: L - vitreous to dull; D - translucent, 
locally opaque: DE - 3.5; H - 6; CL — good: F - 
uneven; M — prismatic crystals, radial aggregates, 
granular. 

Origin and occurrence: Metamorphic in shales and 
Mn-rich metamorphic rocks; rare magmatic in 
rhyolites and pegmatites. Needles up to 30 mm (1 "fs 


Epidote, Dashkesan, Azerbaidzhan 


Epidote, 50 mm, Knappenwand, Austria 


in) long come from St. Marcel, Piedmont, Italy and 
Otakiyama, Japan. 


Allanit-(Ce) 
(Ca,Ce,Y)9(Al,Fe?*)3Si30 | 9(OH) 


MONOCLINIC eee 


Properties: C - black to dark brown; S - light gray: 
L — greasy to submetallic: D - translucent to opaque: 
DE ~- 3.9; H - 5.5-6; CL -- none: F - vonchoidal to 


Piemontite, 45 mm, Todyryact, Morocco 
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uneven; M - tabular crystals, granular: R — usually 
metamict. 

Origin and occurrence: Magmatic in pegmatites and 
pranites; metamorphic in various types of meta- 
morphic rocks, e.g. migmatites, amphibolites and 
gneisses. Grains, up to 70 cm (27% in) across found 
in pegmatites near Bancroft. Ontario, Canada. Also 
occurs in Barringer Hill. Colorado: Amelia district, 
Virginia, USA; Arendal and Hittero, Norway; Ytter- 
by and Riddarhyttan, Sweden; Yates mine, Quebec, 
Canada. 


Allanite-(Ce), 40 mm, Vizcaya, Spain 
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Tanzanite, 37 mm, Arusha, Tanzania Zo is ite 
Ca2A135i30 ¡ 2(OH) 


ORTHORHOMBIC © © © 
Varieties: thulite, tanzanite 


Properties: C — colorless. yellowish, green, pink, red 
(thulite), blue (tanzanite); S — white; L — vitreous to 
dull; D — transparent to translucent; DE — 3.4; H — 
6.5; CL — good: F — uneven; M — prismatic crystals, 
radial aggregates, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed Ca-rich rocks, mainly in pyroxenic 
gneisses, amphibolites and in marble contacts. It is 
known from many localities like Saualpe. Austria: 
Zermatt, Switzerland; Lexvikcn, Norway (thulite); 
Traversella, Italy; Alchuri. Pakistan; Merelani Hills, 
Arusha, Tanzania (tanzanite), where crystals up to 70 
mm (2% in) long were found. 

Application: tanzanite and thulite are cut as gem- 
stones. 


Thulite, 40 mm, Lexviken, Norway 


Zoisite, 60 mm, Weisenstein, Germany 


times as needed to achieve good tracking. T5 can be peaked on the 
noise present. If the band is active, you can connect an antenna and 
listen on the air to verify proper operation of the receiver. Also 
make sure both bfo crystals are working. This concludes receiver 
checkout. 

An audio generator should be connected to the mike input 
during tune-up of the transmitter. Turn R2 to minimum and switch 
to transmit mode. Current drain should be 40 to 50 mils. Connect a 
scope to the output side of T3. A piece of discarded pigtail can be 
temporarily soldered to the pad if necessary to make the scope 
connections. With no audio input, adjust R1 to null out the carrier. 
If there is still some trace of rf, tack a mica trimmer across pads a 
and b and then c and d to see where improvement can be made. 
Measure the value of the trimmer at the best setting and substitute 
a silver mica fixed capacitor. 

Once the carrier has been nulled, turn up R2 and feed in some 
audio signal at around 1500 Hz. Adjust the level to a point just 
below where distortion occurs as observed on the scope. Transfer 


i ee 

oi + rr 
¡TE E 

pl rp ye 


Fig. 6-16. Component layout for receiver board. 
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Vesuvianite 
Ca | 9(Al,Mg,Fe) 13 Si l g954g([OH,F. O) 10 


TETRAGONAL eee 


Properties: C — brown, yellowish, green, blue. purple, 
colorless; S — white; L — vitreous to dull; D — 
transparent to translucent; DE - 3.3; H — 6-7; CL - 
imperfect: F — uneven to conchoidal; M — prismatic to 
tabular crystals. columnar aggregates with radial 
structure, granular, massive. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contact metamorphosed Ca-rich rocks, 
mainly in skarns, in marble contacts, also in 
rodingites: rarely magmatic in alkaline rocks. It is 
usually associated with grossular, wollastonite and 
diopside. Perfect green crystals up to 180 mm (7'/e 
in) long and purple crystals up to 70 mm (2% in) 
long come from the Jeffrey quarry. Asbestos, 
Quebec, Canada. It is also known from Hazlov. 
Czech Republic; Crestmore, California. Franklin, 
New Jersey. USA; Monzoni, Italy. 


Viluite 
Ca¡9(Al,Mg)¡3B55i¡g048(0,0H)  g 


TETRAGONAL e 


Properties: C — dark green, gray-brown; S — white; L 
— vitreous to dull: D — transparent to translucent; DE 
— 3.4; H - 6; CL - imperfect; F — uneven to con- 
choidal; M -— prismatic crystals. 


Viluite, 30 mm xx, Vilui River. Russia 


Vesuvianite, 110 mm, Asbestos, Canada 


Origin and occurrence: Metamorphic in serpenti- 
nized skarn, associated with grossular. Its perfect 
prismatic crystals up to 50 mm (2 in) long are only 
known from the Vilui River basin, Yakutia, Russia. 
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Benitoite 
BaTiSizOg 


TRIGONAL © © 


Properties: C — bluc, pink, white, colorless; S— white; 
L - vitreous to dull; D — transparent to translucent; 
DE - 3.6; H — 6-6.5: CL - imperfect; F — uneven to 
conchoidal: M — prismatic to tabular crystals, mainly 
with trigonal cross-section: LU — bluish. 

Origin and occurrence: Hydrothermal in veins, 
cross-cutting serpentinites, always associated with 
neptunite and natrolite. Its classic locality is the 
Benitoite Gem mine, San Benito Co.. California, 
USA, where it forms tabular crystals up to 40 mm 
(1%:s in) across. 


Catapletite 

Na 2ZrSizO9 me H20 
HEXAGONAL © © 

Properties: C ~ light yellow. yellow-brown, pink. 
brown. blue; S — white: L — vitrcous to dull; D — 
transparent to opaque; DE — 2.8; H — 5-6; CL - good: 
F ~ uneven; M — thin tabular crystals, lamellar 
aggregates. 

Origin and occurrence: Magmatic in nepheline 
syenites and their pegmatites, together with acgirine, 
titanite, nepheline and microcline. It occurs in Mont 
St.-Hilaire. Quebec. Canada. as tabular crystals up to 


Benitoite, 28 mm x, San Benito Co., U.S.A. 


150 mm (6 in) across. Crystals up to 30 mm (1%s in) 
across come from Mount Yukspor, Khibiny massif, 
Kola Peninsula. Russia. It is also known from Lange- 
sundsfjord, Norway; Magnet Cove, Arkansas, USA. 


Eudialyte 
Nag(Ca,Fe,Ce,Mn)2ZrSi¿O | g(OH,CI) 


TRIGONAL © © 


Properties: C — red, pink to brown; S - white; L — vitrous 
to dull; D — transparent to translucent; DE — 2.8; H — 5- 
5.5; CL — imperfect; F — uneven: M — prismatic and 
tabular crystals, granular. 

Origin and occurrence: Magmatic in nepheline 
syenites and their pegmatites, associated with 
acgirine, nepheline and microcline. Crystals up to 80 
mm (3'/ in} across comc from Mount Kukisvum- 
chorr, Khibiny massif, Kola Peninsula, Russia. Crys- 
tals up to 50 mm (2 in) across are also known from 
Mont St.-Hilaire. Quebec, Canada. It also occurs in 
Langesundsfjord. Norway and in Los Island, Guinea. 


Ferroaxinite 
Ca2FeAl2BSi4O | 5(OH) 
TRICLINIC © © © 


Properties: C — brown to purple- brown, light 
purple; S — white; L — vitreous to dull; D — trans- 


Catapletite, 37 mm. Mont St.-Hilaire, Canada 


Eudialvte, 20 mm grain, Khibiny Massif. Kola. Russia 


Ferroaxinite, 62 mm, Khapalu, Pakistan 


parent to translucent; DE ~- 3,3: H - 6. 5-7; CL — 
good: F — uneven to conchoidal; M — tabular crystals, 
platy aggregates, granular. massive. 

Origin and occurrence; Metamorphic and hydro- 
thermal in contacts of marbles and granites. 
associated with clinozoisite. prchnite, calcite and 
actinolite, also in the Alpine-type veins and pegma- 
tites. Perfect tabular crystals up to 150 mm (6 in) 
across come from Puiva, Polar Ural. Russia. Other 
renowned localities are Obira, Japan; Bourg 
d'Oisans, France; Monte Scopi, Switzerland. 


Tinzenite 
Ca(Mn,Fe)7A17BS:¿40 l 5(OH) 


TRICLINIC © © 


Properties: C — yellow, orange to red; S — white; L — 
vitrous to dull: D — transparent to translucent; DE 
3.3; 11 - 6.5-7; CL — good: F - uneven to conchoidal; 
M ~ tabular crystals, platy and fibrous aggregates, 
granular, massive. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins, cross-cutting a rock, rich in braunite. It 
comes from Tinzen. Val d'Err, Switzerland and in the 
Cassagna mince, Genova, Italy. 


Tinzenite, 10 mm xx, Val Gravegtia, Italy 
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Beryl 
Be3Al2SigO 18 
HEXAGONAL 9090090 


Varieties: emerald, aquamarine, heliodor, morganite, 
goshenite, red beryl (bixbite). 


Properties: C — variable in different varieties; 
common beryl — mostly yellow, yellow-green, light 
green to white, rare blue; varieties: emerald — dark 
emerald-green; aquamarine — light to dark blue- 
green: morganite — pink; heliodor — light yellow to 
yellow-green; goshenite — white to colorless: red 
beryl B red; S — white; L — vitreous to dull; D — trans- 


Emerald, 30 mm x, Boyaca, Colombia 


parent to translucent; DE — 2.6; H - 7.5-8; CL - 
imperfect; F — uneven to conchoidal; M — long pris- 
matic to tabular crystals, columnar and radial 
aggregates, granular, massive. 

Origin and occurrence: Magmatic in pegmatites and 
granites; hydrothermal in greisens, in cavities in 
rhyolite, in quartz veins; metamorphic in mica 
schists. Perfect prismatic crystals of common beryl 
up to 9 m (29 ft 6 in) long found in the Etta mine, 
Keystone, South Dakota, USA. Crystals weighing up 
to 177 tons, come from Namivo, Alto Ligonha, Mo- 
zambique. Other localities are Pici. Brazil; Iveland, 
Norway; Antsirabe, Madagascar. Emerald crystals 
occur in mica-schists, marbles and ultrabasic rocks, 
associated with other Be minerals, phenakite and 


Emerald, 30 mm. 


Ural Mts., Russia Aquamarine, 97 mm, Koronel Hurta, Brazil 


LA 


a. 


PL 


chrysoberyl. Beautiful dark green transparent crys- 
tals are known from Malyshevo. Ural Mts.. Russia; 
Muzo and Coscuez, Colombia; Habachtal, Austria, 


Emerald, 90 mm, Muzo, Colombia 


where the largest crystals reach up to 120 mm (4"/s 
in) in size. Aquamarine is mainly known from 
pegmatites and hydrothermal veins, commonly 


Aquamarine, 158 mm, Shingus, Pakistan 
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Heliodor, $7 mm, Volodarsk Volvnskii. Ukraine 


Heliodor, 26 mm x, Pamir, Tadzhikistan 


associated with tourmaline, quartz and albite. Intense 
blue crystals are known from many pegmatites in 
Minas Gerais, Brazil, where in the Marambaia mine, 
crystals. up to 70 cm (27% in) long and weighing up 
to 110 kg (242 Ib) found. Very beautiful gemmy crys- 
tals over 30 cm (12 in) long recently occurred in the 
Medina Mine. It also come from Murzinka, Ural 
mountains and Adun Chilon, Siberia, Russia. It also 
comes from Spitzkopje, Namibia; Gilgit, Pakistan and 
elsewhere. Morganite is a typical mineral of granitic 
pegmatites, where it occurs in mainly in cavities, 
usually associated with color varicties of tourmaline, 
quartz and albite. Its tabular crystals up to 100 mm (4 
in) across found in the White Queen mine, Pala, Cali- 
fornia, USA. Smaller crystals come from San Piero in 
Campo, I:lba, Italy. Crystals up to 50 cm (20 in) 
across reported from several localities in Minas 
Gerais, Brazil. Heliodor also occurs in pegmatite ca- 
vities, hydrothermal veins and in gneisses, commonly 
associated with quartz and albite. Prismatic crystals 
up to 200 mm (7% in) long, come from Volodarsk 
Volynskii, Ukraine. It is also known from Nerchinsk. 
Siberia, Russia and several mines in Minas Gerais, 
Brazil. Goshenite occurs only in pegmatites. Its 
prismatic crystals come from Goshen, Massachusetts. 


Ann 


Goshenite, 39 mm, Apalygun, Pakistan Red beryl, 17 mm x, Wah Wah Mtis., US.A. 


USA; San Piero in Campo, Elba. Italy. Red beryl 
occurs in Violet Claims. Wah Wah mountains, Utah, 
USA, where crystals up to 50 mm (2 in) were found. 
Application: Be ore, color varieties are cut as gem- 
stones. 


Morganite, 43 mm x, San Diego Co., U.S.A. 
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Bazzite, 70 mm, Tordal, Norway 


Sekaninaite, 40 mm x, Dolni Bory, Czech Republic 


Bazzite 
Be3(Sc,Al)2SigO ¡ g 


HEXAGONAL $ 


Properties: C — light to intense bluc; S — white; L — 
vitreous to dull; D — transparent to translucent; DE — 
2.8: H - 6.5: CL — imperfect: F - uneven to con- 
choidal; M — long prismatic crystals, columnar and 
radial aggregates. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins and pegmatites. Crystals up to 20 mm (7%/3 
in) long come from Tørdal, Norway. It is also known 
from Lago Maggiore, Italy and St. Gotthard, 
Switzerland. 


Cordierite 
Mg2Al4Si50 18 
ORTHORHOMBIC .... 


Varieties: \olite (gemmy bluc) 


Cordierite, 30 mm, Fishtail Lake, Canada 


ame 


Properties: C — bluc, purple, gray, gray-green, gray- 
brown, trichroic; S — white: L — vitreous to dull: D — 
transparent to translucent; DE — 2.5; H - 7-7.5; CL — 
imperfect; F — uneven to conchoidal; M - short 
prismatic crystals, granular. 

Origin and occurrence: Metamorphic in migmatites 
and gneisses and in contact cherts; magmatic in 
granites and granitic pegmatites, usually associated 
with andalusite and sillimanitc. also known from pla- 
cers. It is a typical rock-forming mineral. Its prismatic 
crystals are very rare. Poorly developed transparent 
crystals up to 200 mm (7°⁄ in) long come from Naver- 
berg. Sweden. It also occurs in Orijarvi, Finland; Kra- 
gero, Norway: Bodenmais, Germany. Gemmy pebbles 
are known from the vicinity of Ratnapura, Sri Lanka. 


Sekaninaite 
Fe2Al4SizO 18 
ORTHORHOMBIC eee 


Properties: C - blue, purple, strongly pleochroic; S 


Dravite, 27 mm, Gujarkkot, Nepal 


- white; L - vitreous to dull; D — transparent to 
translucent; DE — 2.8: H — 7-7.5; CL — imperfect; F 
uneven to conchoidal; M — short prismatic crystals, 
granular. 
Origin and occurrence: Magmatic in granitic peg- 
matites and some granites, associated with andalu- 
site and tourmaline: metamorphic in gneisses and 
migmatites. Conical, imperfect crystals, up to 70 cm 
(27%s in) long typically come from Dolni Bory. 
Czech Republic: also known from San Piero in 
Campo. Elba. Italy. 


Dravite 

TOURMALINE GROUP 
NaMg3Al¢(BO3)35ig0) 9(OH)4 
TRIGONAL 000.0. 

Properties: C — light to dark black-brown, blue, 
colorless, commonly pleochroic; S - white; L - 
vitreous to dull; D — transparent to translucent; DE 
3.0; H - 7-7.5: CL — none; F — uneven to conchoidal; 
M — long to short prismatic crystals, columnar to 
acicular aggregates, granular. 

Origin and occurrence: Metamorphic in migmatites, 
gneisses. mica schists, marbles and in contact meta- 


Buergerite, 12 mm x, San Luis Potosi, Mexico 


somatic rocks; magmatic in some granitic peg- 
matites: hydrothermal in quartz veins and ore veins, 
also known from placers. Brown to dark brown 
perfect crystals up to 200 mm (7”/s in) long come 
from mica schists near Dravograd, Slovenia. It is also 
known from marbles in Gouverneur, New York, 
USA. Crystals up to 150 mm (6 in) across found in 
Yinnictharra, Western Australia, Australia. Crystals 
up to 50 mm (2 in) long were recently found in 
Gujarkot, Nepal. 

Application: transparent crystals are cut as gem- 
stones. 


Buergerite 
TOURMALINE GROUP 
NaFe3*,A1¿(BO3)3Sig02 IF 


TRIGONAL + 


Properties: C - black. strongly pleochroic; S - 
yellow-brown: L ~ vitreous to dull; D — translucent to 
opaque: DE - 3.3: H — 7; CL — none; F — uneven to 
conchoidal: M B prismatic crystals, granular. 
Origin and occurrence: Hydrothermal in rhyolites. 
Its black crystals, up to 40 mm (19/16 in) long, are 
known from Mexquitic, San Luis Potosi, Mexico. 
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Schorl, 40 mm, Gilgit, Pakistan 


Schorl 

TOURMALINE GROUP 
NaFe3Al¿(BO3)3Si¿O I g(OH)a 
TRIGONAL 00090 

Properties: C — black, black-brown. blue-black, 
strongly pleochroic: S - white; L — vitreous to dull: 
D — translucent to opaque; DE — 3.3; H — 7-7.5; CL 
— none; F — uneven to conchoidal; M — long to short 
prismatic crystals, columnar to acicular aggregates, 
granular, massive. 

Origin and occurrence: Magmatic in granites and 
granitic pegmatites; hydrothermal in greisens, in 
quartz and ore veins: metamorphic in migmatites, 
gneisses, mica schists and tourmalinites; also known 
from placers. It is usually associated with muscovite, 
quartz and albite. Perfect black crystals come from 
many pegmatite localities. 

Its long prismatic crystals, up to 5 m long, come 
from Arendal, Norway. Very good crystals are also 
known from Kaatiala, Finland: Dolni Bory, Czech 
Republic; Conselheira Pena and Galilcia, Minas 
Gerais, Brazil. 


Povondraite 
TOURMALINE GROUP 
NaFe3*,Mg>Fe3* ¿(BO3)35ig0 ¡ g(OH)g 


TRIGONAL ® 


Properties: C — black; S — gray; L — vitreous to dull; 
D — translucent to opaque: DE - 3.3; H — 7; CL — 


Povondraite, 60 mm, Alto Chapare, Bolivia 


Fig. 6-17. Both boards fully assembled, 


the scope to the output side of T5. Determine the values for the 
capacitors that tune the filter and install them at this time. Turn the 
tuning capacitor up to the high end of the band just below 4.0 MHz 
and transfer the scope to the transmitter output at T4. Shut off the 
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Elbaite, 115 mm, Tourmaline Queen Mine, US.A. Elbaite. 153 mm. Afghanistan 


3 e è illite 34 2, Ç j 
none; F — uncven ta conchoidal; M - short prismatic Rubellite, 23 mm, Pala, U.S.A 


crystals, granular. 

Origin and occurrence: bHydrothermal along the 
cracks in metamorphosed evaporitcs. [ts black 
crystals up to 10 mm (*/s in) long typically come 
from Alto Chapare, Cochabamba, Bolivia. 


Elbaite 
TOURMALINE GROUP 
Na(Li | Al | ,5JAl¿(BO3)35SigO | 3(OH)3F 


TRIGONAL eee 
Varieties: rubellite, verdelite, indiccolite, achroite 


Properties: C — varies in different varieties. rubellite 
— pink to red; verdelite — various hues of green: indic- 
colite — blue; achroite — colorless, other colors include 
yellow, brown and black; S — white; L ~ vitreous to 
dull; D — transparent to translucent; DE — 3.0; H — 7; 
CL - none: F ~ uneven to conchoidal; M — prismatic 
crystals, columnar aggregates, granular. massive. 

Origin and occurrence: Almost only magmatic and 
hydrothermal in granitic pegmatites, typically 
associated with lepidolite and albite; also in placers. 
lis crystals are mostly known from pegmatite cavi- 
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ties in many localities. Rubellite crystal called “The 
Rocket’ (109 cm/43%/+* in long) was found in the 
Jonas mine, Minas Gerais. Brazil. Rubellite crystals 
up to 40 cm (15% in) long come from Alto Ligonha 
district, Mozambique. Rubellite crystals up to 250 
mm (9° in) long occurred in the Stewart Lithia, 
Tourmaline King and Tourmaline Queen mines, 
Pala, California, USA. Verdelitc crystal 270 mm 
(10% in) long, is known from the Dunton mine, 
Newry, Maine. USA. Other important localities 
include San Picro in Campo, Elba, Italy; Malkhan, 
Transbaikalia, Russia: Rozna , Czech Republic; Uto, 
Sweden: Gilgit. Pakistan; Paprok, Afghanistan. 
Application: commonly used as a gemstone. 


Uvite 

TOURMALINE GROUP 
CaMg4Al5(BO3)35Si¿0 ¡ g(OH,P)4 
TRIGONAL eee 

Properties: C — gray, black, brown, green, red, 


pleochroic; S — white; L — vitreous to dull; D — 
translucent to opaque; DE - 3.3; H - 7-7.5; CL — 


Uvite, 41 mm. Brumado, Brazil 


none: F — uneven to conchoidal; M — long to short 
prismatic crystals, columnar aggregates. granular. 
Origin and occurrence: Metamorphic in Ca-rich 
rocks, marbles, skarns; magmatic in some peg- 
matites; hydrothermal in ore veins. 

Perfect green and red crystals, up to 30 mm (1% in) 
across, occur in Brumado. Bahía, Brazil. It is also 
known from Gouverneur and Pierrepont, New York, 
USA. 


Liddicoatite 
TOURMALINE GROUP 
Ca(LizAl)Alg(BO3)3SigO0 | g(OH)3F 


TRIGONAL eee 


Varieties: rubellite, verdelite 


Properties: C — varies in different varieties, mainly pink, 
green, green-brown to yellow-brown; S — white; L — 
vitreous to dull; D — transparent to translucent; DE — 3.1; 
H — 7; CL — none; F — uneven to conchoidal; M — 
prismatic crystals, columnar aggregates, granular. 

Origin and occurrence: Magmatic in granitic peg- 


Liddicoatite, 60 mm, Anjanobonoina, Madagascar 


Verdelite, 24 mm, Gillette Quarry, U.S.A. 


indigolite, 32 mm, Esmeralda Mine, Mesa Grande, U.S.A. 


matites in association with lepidolite, spodumene  Anjanabonoina. It is also known from Blizna, Czech 
and albite. Its perfect red and green crystals up to Republic. 


250 mm (9% in) long come from pegmatite cavities Application: cut as a gemstone. 
in many localities in Madagascar, e.g. Sahatany and 


Liddicoatite, 41 mm, Madagascar 
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Foitite 

TOURMALINE GROUP 

O Fe2AIlAl¿(BO3)35ig0 ¡g(OH)g 
TRIGONAL eee 

Properties: C — black to black-purple; S — white; L 
vitreous to dull; D — translucent to opaque: DE - 3.3; 
H — 7; CL — none: F — uneven to conchoidal; M — 
prismatic crystals, acicular aggregates. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites; hydrothermal in pegmatite 
cavities. Foitite typically forms black tips of elbaite 
crystals (moors heads) in Dobra Voda, Czech 
Republic; San Piero in Campo, Elba, Italy; White 
Queen minc, Pala, California, USA. It occurs 
together with schorl in some granitic pegmatites, like 
Rozna, Czech Republic. 


Rossmanite 
TOURMALINE GROUP 
O LiAlzAlg(BO3)3Sig0;g(OH), 


TRIGONAL o 


Properties: C — pink; S — white; L -- vitreous to dull: 
D - transparent to translucent; DE - 3.1; H - 7; CL 
none: F — uneven to conchoidal: M — prismatic 
crystals, columnar aggregates. 
Origin and occurrence: Magmatic in granitic 
pegmatites. Prismatic crystals, up to 20 mm (-*/s: in) 
long. were found in massive lepidolite in Rozna. also 
in Lastovieky, Czech Republic. 


Foitite. 20 mm x, Dobra Voda, Czech Republic 


Dioptase 
CugSigO ¡8 .6 H20 


TRIGONAL ee 


Properties: C — emerald-green to blue-green; S - 
light blue-green; L — vitreous to dull; D - transparent 
to translucent; DE - 3.3; H — 5; CL - good; F — 
uneven to conchoidal; M — long to short prismatic 
crystals, granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, associated with other secondary 
Cu minerals. Beautiful crystals up to 50 mm (2 in) 
across occur in Tsumeb, Namibia; Altyn Tyubc. 
Kazakhstan; Rennevillc, Congo. It also comes from 
the Mammoth mince, Tiger, Arizona, USA. 


Milarite 
KCa,AlBe2Si | 2930 A H20 


HEXAGONAL o. 


Properties: C — colorless, white, gray, light green; S 
white; L — vitreous to dull; D — transparent to 
translucent; DE — 2.5; II — 5-6; CL — none; F - 
uneven to conchoidal; M — long prismatic to acicular 
crystals, granular. 
Origin and occurrence: Hydrothermal in the Alpine- 
type veins, in pegmatites and hydrothermal veins, 
associated with adularia. Crystals up to 40 mm (1% 
in) long come from Jaguaragu. Minas Gerais, Brazil. 
It was also found in St. Gotthard, Switzerland: Klein 
Spitzkopjc, Namibia; Valencia mine, Guanajuato, 
Mexico. 


Rossmanite. 10 mm xx, Lastovicky, Czech Republic 


Dioptase, 40 mm, Mindouli, Zair 


Sugilite 
KNa2(Fe,Mn,Al)2Li3Si | 2030 


HEXAGONAL 0 


Properties: C — purple; S — white; L — vitreous to dull; 
D - transparent to translucent; DE — 2,7; H — 6-6.5; CL 


Milarite, 22 mm, Jaguaracu, Brazil 


- none; F — uneven to conchoidal: M - long prismatic to 
acicular crystals, granular. 

Origin and occurrence: Hydrothermal in alkaline 
syenites, associated with pectolite, albite and aegirine. 
It occurs in Iwagi Island. Japan and Ilotazcl, South 
Africa. Application: cut and polished as a gemstone 
and decorative stone. 


Sugilite, 40 mm, Hotazel, South Africa 
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Bronzite, 15 mm, Minas Gerais, Brazil 


Enstatite 
PYROXENE GROUP 
Mg25i204 


ORTHORHOMBIC 00090 


Varieties: bronzite 


Properties: C — colorless, gray, yellowish, greenish, 
brown (bronzite); S — white: L — vitreous to dull; D 
— transparent to opaque; DE - 3.2; H — 5-6; CL — 
good: F — uneven to conchoidal; M — prismatic 
crystals. granular. 

Origin and occurrence: Magmatic in ultrabasic 
rocks, gabbros, peridotites and in meteorites; mcta- 
morphic in marbles, associated mainly with olivine 
and pyrope. Known from Bamle, Norway in crystals 
up to 50 cm (20 in) long. It was originally described 
from Ruda nad Moravou, Czech Republic. Gemmy 
crystals up to 20 mm (7%: in) long occur in Brumado, 
Bahia, Brazil. 


Diopside 

PYROXENE GROUP 
CaMgSi204 

MONOCLINIC 000090 


Varieties: chrome diopside, fassaite, jeffersonite 


Properties: C — light green, dark green (chrome 
diopside), colorless, white, gray, brown, rare blue; S 
- white; L - vitreous to dull; D — transparent to 
translucent; DE - 3.3; H — 5.5-6.5; CL - good: F - 
uneven to conchoidal; M — long to short prismatic 
crystals, granular. 


Chrome diopside, 5 mm grains, Inagli, Russia 


Origin and occurrence: Metamorphic in Ca-rich 
rocks, skarns, pyroxene gneisses, marbles; magmatic 
in basic igneous rocks, pegmatites and metcorites; 
hydrothermal in the Alpine-type veins. Fassaite occurs 
in skarns, chrome diopside in metamorphic deposits of 
Cu and Cr; jeffersonite in metamorphic deposits of Mn 
and Zn. Diopside is a typical rock-forming mineral. 


Diopside, 22 mm x, Ala, aly 


associated with plagioclase, grossular and epidote. 
Well formed crystals are relatively rare. Jeffersonite 
forms prismatic crystals up to 250 mm (9*%s in) long 
in Franklin, New Jersey, USA. Crystals in Corrego 
Setuba, Minas Gerais, Brazil reach up to 30 cm (12 in). 
Other typical localities are Zillertal, Austria: 
Nordmarken, Sweden: Orford mine, Quebec, Canada. 
Fassaite is known from Val di Fassa, Italy. Chrome 
diopside crystals reach up to 100 mm (4 in) in 
Outokumpu. Finland and gem rough recently found in 
Inagli, Yakutia, Russia. 


Hedenbergite 
PYROXENE GROUP 
CaFeSi2O¢g 
MONOCLINIC eeee 

Properties: C - dark green. brown-green, brown to 
black; S — white to gray: L — vitreous to dull; D — 
transparent to translucent; DE — 3.6; H — 6; CL — 
good; F — uneven to conchoidal; M — long to short 
prismatic crystals, granular. 

Origin and occurrence: Metamorphic in Ca-rich 
rocks, like Fe-skarns and pyroxene gneisses: mag- 
matic in some granites and syenites, associated with 
magnetite, grossular and epidote. Crystals are 
relatively rare, reaching up to 50 mm (2 in) from 


Hedenbergite. 40 mm, Dalnegorsk, Russia 


Augite, 17 mm, Firmerich, Germany 


Dalnegorsk, Russia and Franklin, New Jersey, USA. 
Also occurs in Nordmarken, Sweden. Large lamellar 
aggregates come from skarns in Rio Marina, Elba, 
Italy. 


Augite 

PYROXENE GROUP 
(Ca,Mg,Fe,Al)(Si,Al)204 
MONOCLINIC eeeee 

Properties: C — dark brown to black; S — gray-green; 
L - vitreous to dull; D — translucent to opaque: DE — 
3.6; H — 6; CL — good; F — uneven to conchoidal; M 
— short prismatic crystals. granular. 

Origin and occurrence: Magmatic in basic rocks 
(basalts, gabbros, diabases and their tuffs); rare 
metamorphic in skarns. It is a typical rock-forming 
mineral, known from many localities. Well formed 
crystals up to 150 mm (6 in) across occur mainly in 
volcanic rocks, such as near Lake Clear, Ontario, 
Canada. Also known from Laacher See, Germany; 
Lukov and Pa_kapole, Czech Republic, in crystals, 
up to 50 mm (2 in) in size. 
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Omphacite, 90 mm, St. Le 
. , 07 “as $ 


onhard, Au 


or: PA 
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Omphacite 
PYROXENE GROUP 
(Ca,Na)(Mg,Fe2*,Fe3* AI)(Si,Al)204 
MONOCLINIC e0 0o o 
Properties: C — green to dark green; S - gray-white; L 
vitreous to dull: D — translucent to opaque; DE - 3.3; 
H — 5-6: CL - good: F - uneven to conchoidal: M - 
short prismatic crystals, acicular aggregates, granular. 
Origin and occurrence: Metamorphic in ultrabasic 
and basic rocks, originated under high-temperature., 
usually associated with pyrope, diopside and kyanite. 
It occurs in eclogitcs and granulites in Rubinberg, 
Germany: Headsburg. California, USA and elsewhere. 


Nephrite, 60 mm, Jordanow, Poland 


Jadeite 
PYROXENE GROUP 
NaAiSiz04 


MONOCLINIC ee 
Varieties: nephrite 


Properties: C — white, lavender to gray. in aggregates 
also light green (nephrite): S — white; L — vitreous to 
dull; D - transparent to translucent: DE - 3.2: 11-6: 
CL - good; F — uneven to conchoidal; M — prismatic 
crystals, acicular aggregates, granular. 

Origin and occurrence: Exclusively metamorphic in 
strongly metamorphosed rocks; also in placers. 
Blocks. weighing several tons, are known from Ben 
Sur, California, USA. It also come from Tawmaw, 
Burma; New Zealand; Tibet and elsewhere. 
Application: as a material for carvings and decora- 
tive purposes. 


Aegirine 
PYROXENE GROUP 
NaFe3*Si204 


MONOCLINIC eee 


Properties: C — dark green to black-green: S — light 
yellow-gray: L ~ vitreous to dull; D — translucent to 
opaque: DE - 3.6; H - 6; CL - good; F - uneven to 
conchoidal; M — long prismatic to acicular crystals, 
acicular aggregates. 

Origin and occurrence; Magmatic, mainly in alkaline 
magmatic rocks (syenites, carbonatitcs, alkaline 
granites and their pegmatites): rare hydrothermal in 


sediments. Well formed prismatic crystals up to 150 
mm (6 in) long come from Mount Malosa, Malawi. 
Crystals up to 30 cm (12 in) occur in Langensunds- 
fjord. Norway. Other localities are Mount Karnasurt. 
Lovozero massif. Kola Peninsula, Russia and Mont 
St.-Hilaire. Quebec, Canada. 


Aegirine, 77 mm, Mt.Malosa, Malawi 
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Spodumene, 52 mm x, Kunar, Afghanistan 


aL 


Hiddenite, 35 mm, Adams Property, U.S.A. 


Spodumene 
PYROXENE GROUP 
LiAISi.O¢ 


MONOCLINIC eee 
Varieties: kunzite, hiddenite, triphane 


Properties: C — white, gray, yellowish (triphane), 
green (hiddenite), pink to purple (kunzite); S — 
white: L — vitreous to dull; D - transparent to trans- 
lucent: DE - 3.2; H — 6.5-7.5; CL — good; F — uneven 
to conchoidal; M — long to short prismatic crystals, 
cleavable aggregates, granular; LU — orange. 

Origin and occurrence: Magmatic in granitic pegma- 
tites; hydrothermal in pegmatite cavities. It is known 
from many localities. Its poorly developed crystals up 
to 6 m (20 ft) long occur in the Etta mine, Keystone, 
South Dakota and in Kings Mountain, North 
Carolina, USA. Transparent kunzite crystals up to 40 
cm (15% in) long come from Mawi, Laghman, Af- 
ghanistan. Kunzite crystals up to 280 mm (11 in) 
long found in the Pala Chief: mine, Pala. California, 
USA. Cracked kunzite crystals, up to 1 m (39*s in) 
long known from Araçuai, Minas Gerais, Brazil. Hid- 
denite occurs in crystals up to 250 mm (9"⁄s in) long 
in Resplendor, Minas Gerais, Brazil. It also comes 
from the Adams property, North Carolina, USA. 
Application: raw material for ceramics, kunzite and 
hiddenite are cut as gemstones. 


signal generator and null the vfo signal by adjusting R3. Turn on the 
generator and adjust the core in T4 for maximum output. Later on, 
a tuning capacitor can be mounted on the front panel to allow 
peaking of the output as frequency is changed. That concludes 
tune-up of the transmitter. 


EASY QRP RIG 


The purpose of this project was to build a simple transmitter 
that could be duplicated easily by any amateur. 

My main interest as an amateur lies in designing and building 
my own equipment. During numerous on-the-air conversations, I 
discovered that home-brewing is not a forgotten art and that many 
hams are still interested in building at least some piece of equip- 
ment for use in the shack. However, it seems that a good portion of 
newcomers (and not-so-newcomers) are frustrated when trying to 
find a project that is simple enough to understand, is cheap, and will 
produce a useful item which is not time-consuming to build, debug, 
and get operational. 

This 5-watt, 80/40-meter, CW transmitter is all of this and 
more. All of the parts can be purchased at your local Radio Shack, 
assembly time is less than an hour, and tune-up time is zero. Using 
aPC board practically guarantees that the transmitter will work the 
first time the key is closed. These features should make this a 
project that both the Novice and old-timer can enjoy. 

My original design called for vfo control of the transmitter, but 
that required five rather than three transistors. Additionally and 
more importantly, the components needed to construct a stable vfo 
cannot be purchased at most Radio Shack outlets. To overcome 


Carpholite, 70 mm, Hornt Slavkov, Czech Republic 


Carpholite 
MnAl-Si206(0 H)4 


ORTHORHOMBIC © © 


Properties: C — various hucs of yellow: S — white: L 
— vitreous to dull; D — translucent; DE - 3.0; H — 5- 
5.5; CL - good: F — uneven to conchoidal: M - 
acicular crystals and their aggregates. 

Origin and occurrence: Hydrothermal in veins, 


Lorenzenite, 20 mm xx, Flora Mt.. Kola, Russia 


cross-cutting greisens, associated with fluorite, 
quartz and cassiterite; also in metamorphic rocks. It 
was described from Horni Slavkov, Czech Republic, 
where it forms acicular crystals up to 10 mm (?/s in) 
long and radial aggregates. It is also known from 
Meuville. Belgium and Wippra, Germany. 


Lorenzenite 
N aTi 29i 209 


ORTHORHOMBIC © © 


Properties: C — brown to black; S - yellowish; L — 
vitreous to dull; D — translucent to opaque; DE - 3.4; 
H -— 6; CL - good; F — uneven to conchoidal; M - 
prismatic crystals, columnar aggregates, granular. 

Origin and occurrence: Magmatic in alkaline syenites 
and their pegmatites. associated with astrophyllite, 
nepheline and aegirine. Crystals up to 80 mm (3's in) 
long come from Mount Flora, Lovozero massif, Kola 
Peninsula. Russia. Other localities are Narssarssuk. 
Greenland and Mont St.-Hilaire, Quebec, Canada. 


Ajoite 
(K,Na)Cu7zAlSi9gO2 4(OH)¢ aS H20 


TRICLINIC Oo 


Properties: C— blue-green; S — light green; L — vitreous 
to dull; D -- translucent to opaque; DE — 3.0; H — not 
determined; CL - not determined; F — uneven to 
conchoidal: M — prismatic crystals, massive. 

Origin and occurrence: Secondary in Cu deposits, 
associated with shattuckite. It occurs rarely as small 
crystals in the New Cornelia mine, Ajo, Arizona, 
USA. It is also known as inclusions in quartz crystals 
in the Messina mine, Transvaal, South Africa. 


Ajoite, 60 mm, Ajo, US.A. 
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Holmquistite, 60 mm, Lac Malartic, Canada 


Antophyllite 
AMPHIBOLE GROUP 
Mg7SigQO27(OH,F)2 
ORTHORHOMBIC 0.0.0 

Properties: C — white, light brown, yellow, light 
green; S — white; L— vitreous to dull; D — transparent 
to translucent; DE — 3.4: H -- 5.5-6; CL - good: F 
uneven to conchoidal; M -- long prismatic crystals, 
columnar and radial aggregates, granular. 

Origin and occurrence: Metamorphic in gneisses, 


Anthophyllite, 60 mm, North Carolina, U.S.A. 


serpentinites and at the contact of serpentinites and 
pegmatites, usually with actinolite or tremolite and 
cordicrite. Crystals up to 150 mm (6 in) long come 
from the Marbridge No.I mine, Quebec, Canada. It 
is also known from Bodenmais, Germany: Snarum, 
Sweden and Hermanov, Czech Republic. 


Holmquistite 
AMPHIBOLE GROUP 
LigMg3Al2zSigO77(OH,F)> 


ORTHORHOMBIC 0.0. 


Properties: C — bluc. purple, gray, black: S — white; L 
— vitreous to dull; D - transparent to translucent; DE - 
3.0; H — 5.5-6; CL - good; F — uneven to conchoidal; 
M — acicular and prismatic crystals, fibrous 
aggregates, granular. 

Origin and occurrence: Hydrothermal at the 
contacts between complex Li-bearing pegmatites 
and amphibolites, sometimes associated with biotite. 
It occurs in Greenbushes, Western Australia, 
Australia where its tibers reach up to 180 mm (7'/1 
in) in length. It is also known from Uto, Sweden; 
Manono, Zaire and Brandbrucken, Austria. 


Manganogedrite 
AMPHIBOLE GROUP 
Mn2FesSigO79(OH)2 


MONOCLINIC o. 


Properties: C — gray, dark green, brown, greenish; S — 
white; L — vitreous to dull; D — translucent to opaque; 
DE - 3.5; H - 5-6; CL- good; F — uncven to 
conchoidal; M - columnar, acicular and radial 
aggregates, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed Mn rich rocks, associated 
with chlorite and magnetite. It comes from 
Dannemora, Sweden and elsewhere. 


Manganogedrite, 70 mm, franz Joseph Iceberg. New 
Zealand 


Tremolite, 37 mm, Maricopa Co.. Arizona, U.S.A. 
EE ie A | 
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Tremolite 
AMPHIBOLE GROUP 
CazMgsSigO79(OH)2 


MONOCLINIC eeeee 

Properties: C -~ white. gray, greenish, green, brown. 
pink: S — white; L — vitreous to dull; D — transparent 
to translucent; DE - 2.9: H — 5-6: CL - good: F 
uneven to conchoidal: M — columnar, acicular and 
radial aggregates. granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed rocks, dolomites and 
ultrabasic rocks: hydrothermal in the Alpinc-type 
veins, typically associated with diopside, talc, 
dolomite and calcite. It is a typical rock-forming 
mineral, known from many localities. Prismatic 
crystals up to 40 cm (15% in) long come from 
Brumado, Bahia, Brazil. It occurs also in Campo- 
lungo, Switzerland; Zillcrtal, Austria: Gouverneur. 
New York, USA and elsewhere. 


Actinolite 
AMPHIBOLE GROUP 
Ca7(Mg,Fe)>5SigO79(OH)2 
MONOCLINIC 000090 

Properties: C - light grcen to almost black: S — 
white; L — vitreous to dull: D — transparent to trans- 
lucent; DE ~ 3.2; H — 5-6; CL — good: F — uneven to 
conchoidal; M - columnar, acicular and radial 
aggregates, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed rocks, also in dolomites 
and some basic rocks (amphibolites. shales). It is a 
typical rock-forming mincral, associated with 
anthophylitc, chlorite. talc, dolomite and calcite. It is 
known from many localities where it forms columnar 
agercgates up to 250 mm (9's. in) long, as in 
Knappenwand and Zillertal. Austria. Val Malenco, 
Italy; Brumado, BahRa, Brazil and Sobotin, Czech 
Republic. 


Actinolite, 30 mm xx, Austris 
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Edenite 
AMPHIBOLE GROUP 
NaCa2(Mg,Fe)5SizAlO22(0H) 


MONOCLINIC 00090 

Properties: C — white, gray to dark green; S — white; 
L - vitreous to dull; D — transparent, translucent to 
opaque; DE - 3.1; H - 5-6; CL — good; F -- uneven 
to conchoidal: M — prismatic crystals. granular. 
Origin and occurrence: Metamorphic in regionally 
metamorphosed basic rocks and marbles; magmatic 
in diorites and gabbros. Typical rock-forming 
mineral, its crystals up to 40 mm (1%s in) long come 
from Edenvillc, New York, USA and Bancroft, 
Ontario, Canada. 


Edenite, 48 mm, Wilberforce, Canada 
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Pargasite 

AMPHIBOLE GROUP 
NaCa>7(Mg,Fe)¿AlSi¿Al20772(0H)> 
MONOCLINIC 009090 

Properties: C — light brown, green-blue, brown to 
black-brown; S — white: L — vitreous to dull; D — 
transparent to translucent; DE - 3.1; H — 5-6; CL - 
good; F — uneven to conchoidal; M — prismatic 
crystals, granular, massive. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed basic rocks, marbles and skarns; 
magmatic in diorites and gabbros; typical rock- 
forming mineral. Crystals up to 80 mm (3'4 in) 
across come from the Jensen quarry. Riverside, 
California. USA; Pargas, Finland; Hunza, Pakistan. 


Common Amphibole 
AMPHIBOLE GROUP 
(Ca,Na)2(Mg,Fe,Al)5(Si,Al)gO>(OH,F)2 
MONOCLINIC 0009090 

Properties: C — dark green, brown to black: S - gray: 
L — vitreous to dull: D - translucent to opaque: DE — 
3.4; H — 5-6; CL — good; F — uneven to conchoidal; 
M -— short prismatic crystals, columnar aggregates. 
granular, 

Origin and occurrence: Metamorphic in basic rocks. 
as amphibolites and shales; magmatic in some 
igneous rocks, as syenites, diorites, andesitcs and 
basalts. Typical rock-forming mineral, known from 
many localities. Large crystals up to 1 m (39%: in) 
long come from Silver Crater, Ontario, Canada. It is 
also known from Zillertal, Austria; Lukov, Czech 
Republic and clsewherc. 


Pargasite, 70 mm, Limberg, Parainen, Finnland 


CS 


DAN 


Common Amphibole, 50 mm x. Lukov, Czech Republic 


Richterite 

AMPHIBOLE GROUP 
Na2Ca(Mg,Fe,Al)>(Si,Al)gO72(OH,F)2 
MONOCLINIC 0090 

Properties: C — brown, yellow, dark red. dark green; 
S — gray: L — vitreous to dull; D — transparent to 
translucent; DE — 3.1; H - 5-6: CL - good; F - 
uneven to conchoidal: M - long prismatic crystals, 
columnar aggregates, granular. 

Origin and occurrence: Magmatic in alkaline rocks, 
as trachytes and alkaline granites; rare metamorphic 
in some metamorphosed rocks, as skarns and 
marbles. Crystals up to 100 mm (4 in) long come 
from Wilberforce, Ontario, Canada and Langban, 
Sweden. 


Richterite, 40 mm, Wilberforce, Canada 


Riebeckite, 45 mm, Griqualand, South Africa 


Riebeckite 
AMPHIBOLE GROUP 
Na(Fe?* Mg)3Fe3*,SigO77(0H) 


MONOCLINIC 00090 


Varieties: crocidolite (tiger's cyc) 


Properties: C ~ dark blue to black, crocydolite — gray- 
bluc; S — white; L - vitreous to dull; D — translucent to 
opaque; DE ~ 3.4; H — 5; CL — perfect: F — uneven to 
conchoidal; M — long prismatic crystals, acicular to 
fibrous aggregates. 

Origin and occurrence: Magmatic in alkaline rocks, 
as granites, syenites and rhyolites; metamorphic in 
regionally metamorphosed Fe rich shales. Large 
crystals up to 150 mm (6 in) long come from 
Khangay, Mongolia. Crocidolite is famous from 
Griqualand, South Africa. 


Wollastonite, 44 mm, Crestmore, USA. 


Aenigmatite, 40 mm xx, Eveslogchorr, Kola, Russia 


Aenigmatite 
NajFes TiSigO79 


TRICLINIC o. 


Properties: C — black; S — red-brown; L — submetal- 
lic to dull; D -almost opaque; DE - 3.8; H — 5.5; CL 

perfect: F — uneven to conchoidal; M — long pris- 
matic crystals, columnar aggregates, granular. 
Origin and occurrence: Magmatic in alkaline 
syenites and volcanic rocks, associated with aegirine 
and arfvedsonitc. It occurs in Julianchab, Greenland; 
Lipari Island, Italy and elsewhere. 


Wollastonite 
Ca3SizOg 
TRICLINIC 00090 

Properties: C - white, gray, light greenish, pink; S — 
white: L - vitrous to dull; D —- transparent to 
translucent; DE - 3.0; H — 4.5-5; CL -— good; F - 
uneven to conchoidal; M - tabular to short prismatic 
crystals, columnar and radial aggregates, granular: 
LU - orange. 

Origin and occurrence: Metamorphic mainly in 
contact metamorphosed rocks, as marbles, skarns, 
less common in pyroxene gneisses and quartzites, 
associated with grossular. diopside and vesuvianite. 
Columnar and acicular aggregates up to 180 mm 
(7'/ie in) long occur in the Strickland quarry, 
Connecticut, USA. It also come from Crestmore, 
California, USA; Ciclova, Romania and Zulova , 
Czech Republic. Short prismatic crystals up to 30 cm 
(12 in) across are known from the Santa Fe mine, 
Chiapas, Mexico. 
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Bustamite, 20 mm xx, Broken Hill, Australia 


Bustamite 
(Mn,Ca)3 SizOg 


TRICLINIC eee 


Properties: C — pink to red-brown; S — white; I. 
vitreous to dull; D — transparent to translucent; DE - 
3.4; H - 5.5-6.5; CL - good; F uneven to 
conchoidal; M -— tabular crystals, acicular 
agercgates, massive. 

Origin and occurrence: Metamorphic or hydro- 
thermal in Mn rich metamorphic rocks or skarns. It 
is associated with rhodonite and other Mn silicates in 
Franklin, New Jerscy, USA; Langban. Sweden: 
Broken Hill, New South Wales, Australia. 


Pectolite, 70 mm, Zelechovske udoli, Czech Republic 


Pectolite 
Ca2NaSi3;0g(OH) 


TRICLINIC eee 


Properties: C — white, pinkish; S — white; L —- 
vitreous to dull; D — transparent to translucent; DE — 
2.9; H — 4.5-5; CL - good; F - uneven to conchoidal; 
M B acicular and radial aggregates; LU - locally 
yellow to orange. 

Origin and occurrence: Hydrothermal in basalt 
cavities, less frequently along the cracks in marbles, 
associated with zeolites. Classic localities are West 
Paterson, New Jersey, USA, where it forms acicular 
spherical aggregates up to 180 mm (7'/« in) across; 
also Monte Baldo, Italy; Zclechovske udoli, Czech 
Republic. Prismatic crystals up to 50 mm (2 in) long 
come from Mont St.-Hilaire, Quebec, Canada. 


Serandite 
Mn2NaSizOg(OH) 


TRICLINIC o 


Properties: C — pink, red; S — white; L — vitreous to 
dull: D - transparent to translucent; DE - 2,9; H — 4.5- 
5; CL — good; F - uncven to conchoidal; M — tabular 
and prismatic crystals, granular. 

Origin and occurrence: Hydrothermal in cavities of 
igneous rocks (alkaline syenite, carbonatitc) together 
with acgirine and analcimc. Perfect pink crystals up 
to 200 mm (7% in) long come from Mont St.- 


Serandite. 25 mm. Mont St.-Hilaire, Canada 


Hilaire, Quebec. Canada; crystals up to 60 mm (2%s 
in) long found in the Yubileinaya dikc. Mount 
Karnasurt, Lovozero massif. Kola Peninsula, Russia. 


Charoite 
(K,Sr,Ba)(Ca,Na)2(Si,Al) 40 | 9(OH,F) 


TRICLINIC © © 


Properties: C — purple; S - white; L — vitreous to dull; 
D - translucent to opaque; DE — 2.6; H - 5-6; CL - 
good: F — uneven; M — fibrous aggregates, massive. 
Origin and occurrence: Hydrothermal in alkaline 
igncous rocks, associated with acgirine and nephe- 
linc. Rich aggregates occur in Sirenevyi Kamen. 
Chara river basin, Murun massif, Yakutia. Russia. 
Application: cut and polished as decorative stonc. 


Agrellite 
NaCa7Si4O | oF 


TRICLINIC Oo 


Properties: C — gray-white to greenish; S -- white; L 
— vitreous, dull to pearly; D - transparent to 
translucent; DE - 2.9: H - 5.5: CL - good; F - 
uneven: M — long prismatic crystals, granular. 

Origin and occurrence: Metamorphic in alkaline 
gneisses. It occurs as prismatic crystals up to 100 mm 
(4 in) long in the Kipawa river basin, Quebec, Canada. 


Okenite 
CaSi204(OH)2 . H20 


TRICLINIC o. 


Properties: C - white, yellowish: S — white; L - 
vitreous to dull; D — transparent to translucent: DE — 
2.3; H -4.5-5; CL - good; F - uneven to conchoidal; 
M B blade-shaped crystals. acicular crystals and 
their spherical aggregates. 


Agrellite, 120 mm, Kipawa, Canada 


Charoite, 50 mm, Sirenevyi Kamen, Russia 


CRA 


oe 
y 


o 


Origin and occurrence: Hydrothermal in basalt 
cavities together with zeolites. Rich acicular 
spherical aggregates up to 80 mm (3'% in) in 
diameter come from basalt cavities in the vicinity of 
Poona, India; also known from Facroc Islands. 


Okenite, 125 mm. Mumbai, India 
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Xonotlite, 20 mm vein, Stare Ransko, Czech Republic 


Xonotlite 
CagSigO) 7(OH)2 


MONOCLINIC © © 


Properties: C — white, pinkish. gray: S — white; L — 
vitreous, dull to pearly: D - transparent to 
translucent: DE - 2.7; H - 6.5; CL — good; F — 
uneven to conchoidal; M -— acicular to fibrous 
aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities of 


Elpidite, 128 mm, Mont St.-Hilaire, Canada 


basic and ultrabasic rocks and in the Alpine-type 
veins, associated with calcite and zeolites: rare meta- 
morphic in skarns and in contact metamorphosed 
marbles. It comes from Tetela de Xonotla, Puebla, 
Mexico; Crestmore, California, USA; Mihara mine, 
Japan. It is was also found in Stare Ransko. Czech 
Republic. 


Elpidite 
Na zZrSigO IS - 3 H20 


ORTHORHOMBIC 6 © 


Properties: B — colorless, yellowish, red; S — white; 
L - vitreous to dull; D — transparent to translucent; 
DE - 2.6; H - 5.5-6.5; CL — good; F — uneven to 
conchoidal: M — long prismatic crystals, fibrous 
aggregates. 

Origin and occurrence: Hydrothermal in albitized 
parts of alkaline pegmatites, associated with albite 
and aegirine. Perfect crystals up to 30 cm (12 in) 
long come from Tarbagatay, Kazakhstan. Crystals up 
to 200 mm (77 in) long found at Mont St.-Hilaire, 
Quebec, Canada. Also known from Khan Bogdo, 
Gobi desert. Mongolia; Umbozero mine on Mount 
Alluaiv. Lovozero massif, Kola Peninsula, Russia. 


Rhodonite, 35 mm x, Broken Hill, Australia 


Rhodonite, 70 mm, Maloye Sedelnikovo, Ural. Mis., Russia 


Rodonite known from Arcndal. Norway. Other localities arc 
CaMngSizOgy Westfield. Massachusetts, USA: Baveno. Italy. 
TRICLINIC eoo Babingtonite, 5 mm x, Mumbai, India 


Properties: C — pink, red, red-brown, gray: S - white; 
L — vitreous to dull; D - transparent to translucent: 
DE - 3.7; H — 5.5-6.5; CL - good: F — uneven to 
conchoidal; M — tabular crystals, granular. massive. 
Origin and occurrence: Metamorphic in Mn-rich 
rocks, hydrothermal in ore veins, associated with 
spessartine and Mn oxides. Perfect crystals up to 200 
mm (7% in) long comc from Franklin, New Jersey, 
USA; also from Broken Hill. New South Wales, 
Australia. 

Granular and massive aggregates occur in Langban. 
Sweden and in Maloye Sidelnikovo, Ural mountains, 
Russia. 

Application: cut and polished as a decorative stone. 


Babingtonite 
Ca7Fe**Fe?*SicO, (OH) 


TRICLINIC © © 


Properties: C — green-black to black-brown; S - 
green-gray: L - vitreous to dull; D — translucent to 
opaque: DE - 3.3; H- 5. 5-6; CL - good: F - uneven 
to conchoidal; M — short prismatic crystals, granular. 
Origin and occurrence: Hydrothermal along the 
cracks in rocks, associated with prehnite, adularia and 
epidote. 

Well-formed crystals about 20 mm (4: in) across are 
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Kinoite 
CazCu Siz O3(OH)4 


MONOCLINIC 0 


Properties: C — blue; S -- light blue: L — vitreous to 
dull; D - transparent to translucent; DE — 3.2; H - 5; 
CL B perfect: F — uneven to conchoidal; M - pris- 
matic crystals, granular. 

Origin and occurrence: Hydrothermal along cracks 
in rocks, associated with apophyllite and copper. 
Small crystals were found in the Christmas minc. 
Santa Rita mountains, Arizona, also in the Kcarsarge 
vein, Keweenaw Peninsula, Michigan, USA. 


Inesite 
Ca2Mn35:¡9023(0H) saad H-0 


TRICLINIC 00 


Properties: C — pink, brown: S — white; L — vitreous 
to dull: D — translucent; DE — 3.0; H - 5.5; CL - 
good; F — uneven to conchoidal; M - short prismatic 
and tabular crystals. columnar and radial aggregates, 
granular. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with rhodochrosite, rhodonite and calcite. 
Rich aggregates and well-formed crystals about 10 
mm (%x in) across found in Langban, Sweden: also in 
Hale Creek, California, USA: Broken Hill, New 


Kinotte, 36 mm, Christmas Mine, U.S.A. 


IAG 


South Wales, Australia. Jts spherical aggregates up to 
30 mm (I+ in) in diameter are known from the 
Wessels mine, Kuruman, South Africa. 


Neptunite 
KNa LiFe TizSigO77 


MONOCLINIC © © 


Properties: C -. dark brown to black; S — red-brown; 
L - vitreous to submetallic; D -- translucent to 
opaque; DE — 3. 2; H — 5-6; CL — good; F — uneven 
to conchoidal; M -- long prismatic crystals, granular. 
Origin and occurrence: Hydrothermal in veins, 
associated with natrolite, benitoite and eudialyte. 
Well-formed prismatic crystals up to 80 mm (3'/s in) 
long come from the Benitoite Gem mine, San Benito 
Co., California, USA. It is also known from Mont 
St.-Hilaire, Quebec. Canada and Narssarssuk, 
Greenland. 


Epididymite 

NaBe>Si307(OH) 

ORTHORHOMBIC © © 

Properties: C — white, gray, yellowish; S — white; L 


- vitreous to dull; D — transparent to translucent: DE 
- 2.6; H- 6-7; CL - good; F -- uneven to conchoidal; 


Inesite, 50 mm, Kuruman, South Africa 


these problems, crystal control was decided upon. At first thought, 
crystals conjure up an image of hours of operating without a contact 
as you wait for someone to happen upon your frequency. That 
simply isn't the case, as will be shown later. Also, since Novices 
now can use vfos, there are many crystals lying around in ham 
shacks everywhere. 

The transmitter can be built as a basic unit or with several 
options, as shown. The basic unit consists of the loaded PC board 
soldered to an antenna connector and power source. If the trans- 
mitter is to be used for serious operation—which it definitely is 
capable of—then the options, which require only a little more time 
and money, should be added. Options will allow T-R switching, 
some frequency variation, two bands in one box, anda package that 
is more pleasant to look at and show off. 


The Circuit 

As can be seen from Fig. 6-18, the transmitter meets the 
design goal of being simple. Only three transistors are used to 
generate the 5 watts of output power. Resonant circuit inductors 
are formed using iron-core rf chokes. Common-value ceramic 
capacitors are used either singly or in parallel to obtain the needed 
capacitance. See Table 6-3. 

Q1 operates as a Pierce oscillator at the crystal frequency. 
FT-243 crystals, which are inexpensive and plentiful, can be used. 
Output is taken from Q1 by a five-turn link over L1. Q2 and Q3 
comprise the class C final amplifier and are operated in parallel. 
Parallel operation provides an easy method of obtaining the desired 
o-watt output. 

The parallel combination of Q2 and Q3 presents about a 
60-ohm load to be matched to the 50-ohm antenna load. This 
collector impedance is determined from the formula RL = Vcc?/ 
2po, where Vcc = 24 V and po = 5 Watts. 

The impedance transformation is accomplished with a pi- 
network composed of L4, C4, and C5. This network also offers 
harmonic attenuation to the signal. The transmitter, as designed, 
easily meets the FCC regulations for harmonic radiation. 

R5 and R6 are used to equalize current flow in the two 
transistors. In all of the units built thus far, I have detected no 
“hogging” of current by either transistor. Nothing special has been 
done in selecting matched transistors. If they run equally hot, they 
are matched well enough! Heat sinks are needed on both transis- 
tors to dissipate the heat generated. Since the type of heat sink 
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Neptunite, 28 mm, San Benito Co., U.S.A. 


M — tabular crystals, lamellar aggregates, granular. 
Origin and occurrence: Hydrothermal in cavities of 
alkaline pegmatites, associated with zeolites. 
Tabular crystals up to 60 mm (2% in) across come 
from Mount Malosa. Malawi. It is also known from 
Langesundsfjord. Norway; Mont St.-Hilaire. 
Quebec, Canada; Narssarssuk, Greenland. 


Bavenite. 40 mm, Yermolayevskove, Russia 


Bavenite 
CagAlzBe7SigO7¢6(OH)2 


ORTHORHOMBIC eee 


Properties: C - white, yellowish, pinkish: S - white; L 
vitreous to dull; D — transparent to translucent; DE 
2.8; H - 5.5; CL — good; F — uneven to conchoidal; M 

prismatic to tabular crystals. radial and lamellar 
aggregates. Origin and occurrence: Hydrothermal in 
pegmatic cavitics with albite: typically produced by 
beryl replacement in pegmatites or helvite replacement 
in skarns. Found in Baveno, Italy with crystals up to 20 
mm (*/2 in) across. Also known from Strzegom, 
Poland. Crystals up to 4 mm (*/2 in) across found in the 
Hewitt quarry, USA. 


Epididymite, 70 mm. Apatity, Kola, Russia 
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Prehnite, 28 mm, Brandberg. Namibia 


Fluorapophyllite, 47 mm, Poona, India 


Prehnite 
Ca7Al7SizO i o(0H)) 
ORTHORHOMBIC 0. .0 

Properties: C — white, greenish to green, yellow, 
gray: S — white; L — vitreous; PS - transparent to 
translucent; DE — 2.9; H - 6-6.5; CL — good: F - 
uneven to conchoidal: M — tabular to prismatic crys- 
tals, usually forming botryoidal or spherical aggre- 
gates, granular. 

Origin and occurrence: Hydrothermal in basalt 
cavities and in the Alpine-type veins, commonly 
associated with calcitc, albite, epidote and zcolites. 
Rich aggregates are known from West Paterson, New 
Jersey, USA: Val di Fassa, Italy; Poona, India. 


Astrophyllite, 30 mm xx, Khibiny Massif, Kola, Russia 


SAR 


Crystals up to 45 mm (1% in) across found in 
Copper Valley, Brandberg, Namibia, Asbestos, 
Quebec, Canada and Talnakh, Siberia, Russia. 


Astrophyllite 
(K,Na)3(Fe,Mn)7Ti7SigO74(0,0H)7 


TRICLINIC e. 


Properties: C — various hues of yellow; S — white; L — 
vitreous to dull; D — transparent to translucent: DE - 
3.3; H- 3; CL = good; F — uneven to conchoidal: M - 
long prismatic crystals, bladed aggregates. 

Origin and occurrence: Magmatic in alkaline peg- 
matiles. Crystals and thcir radial aggregates reaching 
up to 100 mm (4 in) come from Mount Eveslogchorr. 
Khibiny massif, Kola Peninsula., Russia. It is also 
known from Mont St.-Hilaire, Quebec. Canada. 


Fluorapophyllite 
KCagSigO79(F,OH) .8 H20 


TETRAGONAL eee 


Properties: C — white, greenish yellowish, pinkish; S 
— white: L — greasy to pearly; D — transparent to 
translucent; DE — 2.4; H - 4.5-5; CL - perfect; F — 
uneven; M — prismatic and tabular crystals. lamellar 
aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks in the Alpine-type 
veins, in ore veins and pegmatites. Well-formed 
crystals up to 100 mm (4 in) long are known from 
Jalgaon and Poona. India: Centreville and Fairfax, 


Pyrophyllite, 37 mm, California, U.S.A. 


Virginia, USA. Other localities are St. Andreasberg. 
Germany; Bento Gonçalves. Rio Grande do Sul, 
Brazil. 


Pyrophyllite 
Al75i40 ¡p(OH)) 


MONOCLINIC 0000 


Varieties: agalmatolite 


Properties: C - white, greenish, yellow, gray; S - 
white; L - greasy to pearly: D - translucent to 
transparent; DE — 2.8; H — 1-2; CL — perfect; F — 
uneven; M B foliated and lamellar aggregates, 
massive (agalmatolite), radial to acicular aggregates. 
Origin and occurrence: Metamorphic in Al-rich 
rocks, together with andalusite and kyanite; hydro- 
thermal in veins with quartz and micas. Rich foliated 
and radial aggregates and poorly-formed crystals up 
to 10 mm (4 in) across arc known from Zermatt, 
Switzerland: Berezovsk, Ural mountains, Russia and 
the Champion minc, California, USA. 

Application: heat-resistant material, agalmatolite as 
decorative stone. 


Talc 
Mg3Sig¿O |] o(OH)2 


MONOCLINIC 000090 

Properties: C — white, greenish, yellow, pinkish, 
gray: S - white; L — greasy to pearly; D — transparent 
to translucent; DE — 2.8: H — 1: CL — perfect; F — 


Agalmatolite, 70 mm, India 


uneven; M - tabular crystals, foliated aggregates. 
massive. 

Origin and occurrence: Metamorphic in metamor- 
phosed basic rocks and dolomites, together with 
actinolite, dolomite and chlorite: hydrothcrmal in veins. 
Tabular crystals up to 20 mm (%: in) across come from 
Brumado, Bahia, Brazil and Chester, Massachusetts, 
USA. Rich foliated aggregates are known from Ziller- 
tal, Austria. Pscudo-morphs after quartz crystals come 
from St. Gotthard, Switzerland. Large deposits of 
massive talc are mined in China. 

Application: as a filling material in textile, paper and 
chemical industries, heat-resistant material. 


Talc, 61 mm, Rochester, U.S.A. 


Muscovite 
MICA GROUP 
KAI3Si30) g(OH,F)2 
MONOCLINIC 60000 

Varieties: fuchsite 

Properties: C - white, greenish. yellowish, pinkish, 
green (fuchsite), gray: S — white: L — vitreous to 
pearly: D - transparent to translucent; DE — 2.8: H 
2.5-3: CL - perfect: F — uneven; M — tabular crystals, 
lamellar and scaly aggregates, massive. 

Origin and occurrence: Metamorphic in various 
rock types, as mica schists, gneisses; magmatic in 
granites and pegmatites; hydrothermal in veins ar 
next to ore veins (fuchsite). Important rock-forming 
mineral, usually associated with quartz, K-fcldspar, 
albite and biotitc. Its sheets, reached up to 5 x 3 m in 
size and weighed up to 85 tons in the Inikurti mine, 
Nellore, India. Large sheets arc also known from 
Custer, South Dakota, USA. Well-formed crystals up 
to 100 mm (4 in) across come from Alabashka near 
Murzinka, Ural mountains, Russia. Other famous 
localities include Mamsk, Ural mountains, Russia 
and Cruzciro mine, Minas Gerais. Brazil, where 
gemmy crystals were found. 

Application: insulation material in electrical applica- 
tions and construction. 


Muscovite, 35 mmi, Plumos, California, U.S.A. 


Celadonite 

MICA GROUP 
KFe3*(Mg,Fe?*,ANSi¿O | g(OH)2 
MONOCLINIC 0.00. 

Properties: C - light green to blue-green; S — white; 
L - dull; D ~ translucent to almost opaque; DE — 3.0; 
H — 2; CL - perfect: F — uneven: M - carthy, 
sometime small scaly aggregates, massive. 

Origin and occurrence: Hydrothermal as a product 
of mafic mineral replacement in volcanic rocks, 
associated with zeolites, prehnite and calcite. 
Famous localities are Val di Fassa and Monte Balda, 
Italy; also known from Bisbee, Arizona, USA. 


Boromuscovite 
MICA GROUP 
KAI2BSi30 | g(OH)2 


MONOCLINIC © 


Properties: C — yellowish; S - white; L — dull; D 
transparent to translucent; DE - 2.8; H - 2.5; CL 
perfect: F — uneven; M — small scaly aggregates, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 


Fuchsite, 4 mm xx, Pamir. Tadzhikistan 


ISN 


Celadonite, 60 mm, Unhost'any, Czech Republic 


complex pegmatites, associated with albite, elbaitc 
and lepidolitc. Fine-grained scaly aggregates were 
described from the Little Three minc, Ramona, 
California. USA; also in Recice, Czech Republic. 


Paragonite 
MICA GROUP 
NaAl3Siz3O | 9(OH,F)2 


MONOCLINIC eee 


Properties: C — white, greenish, yellowish, pinkish; 
S — white; L - vitreous to pearly; D - transparent to 
translucent: DE — 2.8: H - 2.5; CL B perfect; F - 
uneven: M - tabular crystals, scaly aggregates, 
massive. 

Origin and occurrence: Metamorphic in various 
rock types, as mica schists and gneisses. Finc- 
grained scaly aggregates are known from Pizzo 
Forno. Switzerland and elsewhere. 


Boromuscovite, 40 mm, Ramona, U.S.A. 


Paragonite, 80 mm, St.Gotthard, Switzerland 


Glauconite 

MICA GROUP 

Ko 9(Al,Fe2*,Fe?*,Mg)(Si,Al) 4 | 9(OH) 
MONOCLINIC (EE EE EE EE 

Properties: C — light green, yellow-green to bluc- 
green: S — light green: L - dull; PS -- translucent to 
opaque: DE - 2.9; H - 2; CL B perfect; F - uneven: 
M B earthy and platy aggregates, massive. 

Origin and occurrence: Hydrothermal in sedimen- 
tary and volcanic sedimentary rocks, also as a pro- 
duct of replacement of mafic minerals in volcanic 
rocks. Common in sandstones and limestones. 
locally associated also with phosphorites. It occurs 
in many localities in the Karpathians, Poland; in 
Polabi region. Czcch Republic, Massive aggregates 
arc known from the N’Chwaning No. 2 mince. 
Kuruman. South África. 


Glauconite, 80 mm, Malomerice, Czech Republic 
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Annite, 120 mm. Budec. Czech Republic 


Annite 
MICA GROUP 
KFezAISizO¡ 9(OH,F)2 


MONOCLINIC 0090 


Properties: C - black, locally with reddish or 
greenish tint: S ~ colorless; L — vitreous to pearly; D 
— transparent to translucent, locally opaque; DE - 
2.8; H- 2.5-3; CL — perfect: F — uneven; M — tabular 
crystals, lamellar aggregates, massive. 

Origin and occurrence: Metamorphic in skarns: 
magmatic in some pegmatites and granites. Its 
lamellar aggregates are known from Langban, Swe- 
den and Cape Ann, Massachusetts, USA. Crystals up 
to 150 mm (6 in) across come from Mont St.-Hilaire, 
Quebec. Canada. 


Phlogopite 

MICA GROUP 
KMg3AlSi30 I o(OH,F)2 
MONOCLINIC 000090 

Properties: C — light brown, greenish, yellowish, 
colorless, gray: S — white; L — vitreous to pearly; D 
-- transparent to translucent; DE — 2.8; H — 2.5-3; CL 
— perfect; F — uneven; M — tabular crystals, platy and 
scaly aggregates, massive. 

Origin and occurrence: Metamorphic in various 
rock types, as marbles and some ultrabasic rocks, at 
the contacts of pegmatites and serpentinites, mag- 
matic in some ultrabasic rocks and pegmatites, 
associated with dolomite, diopside, anthophyllite. 
Rich scaly aggregates come from many localities, as 
Pargas, Finland and clsewhere. Crystals up to 5 m 
(16 ft) across found in Sludyanka, Siberia, Russia. 
Crystals up to 50 cm (20 in) across occurred in the 
Gardiner complex, Greenland. The largest crystals. 
10x 5 m (33 x 16 ft) across, weighing up to 90 tons, 
come from the Lacy mine, Ontario, Canada. 
Application: as insulation material in electrical 
applications. 
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Biotite 
MICA GROUP 
K(Fe,Mg)3AISizO | 9(OH,F)> 


MONOCLINIC 00.000 
Properties: C — brown to black, commonly with red 
or green tint; S — colorless; L — vitreous to pearly; D 
transparent to translucent, locally opaque; DE — 
2.8; H- 2.5-3; CL - perfect: F — uneven; M — tabular 
crystals, scaly aggregates, massive. 
Origin and occurrence: Metamorphic in various 
rock types. as mica schists, gneisses, migmatites and 
different types of metamorphosed shales; magmatic 
in pegmatites, granites, syenites and dioritcs, rare in 
basalts and ultrabasic rocks. Typical rock-forming 
mineral, usually associated with quartz, feldspars 
and muscovite. Rich scaly aggregates are known 
from a pegmatite in Evje, Norway, where its crystals 
reach up to several meters across. Other famous 
localities are Bessnes, France; Uluguru mountains, 
Tanzania; Silver Crater mine, Ontario, Canada and 
Laacher See, Germany. 


Polylithionite 
MICA GROUP 
KLizAISi¿O ¡q (OH) 


MONOCLINIC eee 


Properties: C — gray, colorless, yellowish, purple; S 
— colorless: L — vitreous to pearly; D — transparent to 
translucent; DE — 2.8; H — 2.5-3; CL — perfect; F - 
uneven; M 8 tabular crystals. scaly aggregates, 
massive. 

Origin and occurrence: Magmatic and locally also 
hydrothermal in alkaline pegmatites, granites and 
carbonatites, rare in Li-bearing granitic pegmatites. 
Well-formed crystals up to 40 mm (1*%s in) across 
are known from cavities in alkaline pegmatites from 
Mont St.-Hilaire, Quebec, Canada. It comcs also 
from [llimaussaq, Greenland and from cavities in 
granitic pegmatites in Recice, Czech Republic and 


Biotite, 30 mm x, Ontario, Canada 


elsewhere. Large industrial deposits known in 
Blatchford Lake, Northwest Territories. Canada. 
Application: Li and Cs ore. 


Trilithionite 

MICA GROUP 

KLi¡ 5Al2 55130 q (FOH)? 
MONOCLINIC 9000 

Properties: C — purple, pink, blue, colorless, green: 
S — colorless; L — vitreous to pearly: D — transparent 
to translucent; DE — 2.8; H — 2.5-3; CL — perfect; F 
~ uneven; M -— tabular crystals. scaly aggregates, 
massive. 

Origin and occurrence: Magmatic in Li-bcaring 
pcematites and granites, commonly associated with 
elbaite, spodumene, pctalite, quartz and albite; 
sometimes hydrothermal in quartz veins and peg- 
matites. Well-formed crystals from pegmatite cavi- 


Polvlithionite, 30 mm. Lovozero Massif, Kola, Russia 


tics are known from Virgem da Lapa, Minas Gerais, 
Brazil, Massive aggregates come from the Stewart 
Lithia mine, Pala, California and the Brown Derby 
No. 1 mine, Colorado, USA; Varutrask, Sweden: 
Rozna , Czech Republic: Meldon Quarry, Devon, 
UK, 

Application: Li and Cs ore. 


Zinnwaldite 

MICA GROUP 
KLIiFeAl75130 ¡ y (F,OH)> 
MONOCLINIC eee 

Properties: C — gray, colorless, brown: S — colorless; 
L - vitreous to pearly; D — transparent to translucent; 
DE - 3.7; H — 2.5-3; CL — perfect: F — uneven; M — 
tabular crystals, scaly aggregates, massive. 

Origin and occurrence: Hydrothermal in quartz 
veins and grcisens: magmatic in pegmatites and 
granites, associated with fluorite, cassitcrite and 
wolframite. Rich aggregates with scales up to 100 
mm (4 in) across are known from quartz veins in 
Cinovec, Czech Republic. Crystals up to 150 mm (6 
in) across come from pegmatite cavities in Virgem da 
Lapa. Minas Gerais, Brazil. It also occurs in the 
Pikes Peak batholith, Colorado, USA: Baveno, Italy. 
Application: Li ore. 


Trilithionite, 70 mm, Tanco. Canada 
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Margarite, 73 mm, Chester, Ù S.A. 


Margarite 
CaAilg5Si30O l 9(OH)2 


MONOCLINIC eee 


Properties: C — pinkish, colorless, yellowish; S - 
colorless; L — vitreous to pearly; D - transparent to 
translucent; DE — 3.1; H - 3.5-4.5: CL B perfect: F 
uncven; M - tabular crystals, platy and scaly 
aggregates. massive. 

Origin and occurrence: Metamorphic, associated 
with corundum. diaspore, tourmaline and staurolitc 
in various types of metamorphosed shales. Coarse 
platy aggregates come from Chester, Massachusetts 
and Sterling Hill, New Jersey. USA. 


Clintonite, 3 mm xx, Pomaz, Hungary 
e 5 


Clintonite 
Ca(Mg,Al)3(Al3Si)O ¡ 9(OH)2 


MONOCLINIC © © 


Properties: C colorless. yellowish, pinkish, 
greenish; S - colorless; L - vitreous to pearly; D 
transparent to translucent; DE — 3.1; H - 3.5; CL - 
perfect; F — uneven; M - tabular crystals, lamellar 
aggregates, massive. 

Origin and occurrence: Metamorphic in contact 
metamorphosed marbles. associated with vesuvia- 
nite, grossular, diopside and spinel. Rich aggregates 
with lamellac up to 20 mm (2 in) across occur in 
Green Monster mountain, Alaska and Crestmore, 
California, USA and Monzoni, Italy. 


Stilpromelane, 100 mm. Horni Udoli, Czech Republic 


Stilpnomelane 

K(Fe2* Mg,Fe3*)g(Si,Al) 12(9,OH)27 
MONOCLINIC 0.0.0 

Properties: C — black, black-brown, black-grecn, 
yellow-brown; S -- colorless; L — vitreous to dull; D 
- translucent to opaquc; DE - 2.8; H - 3; CL — 
perfect: F — uneven: M — tabular crystals, foliated, 
lath-like and acicular aggregates.. 

Origin and occurrence: Metamorphic in Fe-rich 
shales, usually associated with chlorite, magnetite 
and albite. Crystals up to 20 mm (*/2 in) across 
come from Jim Pond township, Maine, USA. 
Foliated aggregates are known from Horni Udoli 
near Zlate Hory, Czech Republic; Mesabi Range, 
Minnesota, USA. 


Montmorillonite 
(Ca,Na)o,33(Al,Mg)2Si49 1 9(OH)2 . n H20 
MONOCLINIC eeee 

Properties: C — white. yellowish, greenish, bluish; S 
— white; L - greasy; D - translucent to opaque; DE — 
2.3; 11 — 1-2; CL - perfect, wet massive aggregates 
are plastic; F — uneven; M — carthy aggregates, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of replacement of other mincrals in volcanic rocks, 
granitic pegmatites and sediments. It is abundant in 
many localities. Montmorillonite deposits arc known 
from Antrim, Northern Ireland. UK; in Hungary: 
Slovakia and many places in the USA. 

Application: ceramics and chemical industry. 


Saponite 
(Ca,Na)g 3(Fe,Mg)3(Si,Al) 49 ¡9(OH) .4 H20 
MONOCLINIC eee 


Properties: C — white, yellowish. gray-green, bluish; 
S — white: L — greasy; D - translucent to opaque: DE 


Montmorillonite, Kisthaas, Syria 


Saponite, 2 mm crust. Erdobenye, Hungary 


- 2.1: H- 1-2; CL - perfect, massive aggregates arc 
plastic under wet conditions: F — uneven: M - earthy, 
nodular, massive. 

Origin and occurrence: Hydrothermal as a product 
of replacement of other minerals in volcanic rocks 
and serpentinites. It occurs together with copper in 
many places in Keweenaw Peninsula, Michigan, 
USA. Scales up to 10 mm (+ in) across described 
from Mont St.-Hilaire, Quebec. Canada. 


Vermiculite 

(Fe,Mg,Al)3(Si,Al)4O ¡p(OH)2 . 4 H2O 
MONOCLINIC eee 

Properties: C — yellow-brown, gray-green, green- 
brown; S - white; L — greasy: D — translucent to 
opaque: DE - 2.5; H- 1.5; CL B perfect; F — uneven; 
M - scaly aggregates, massive: R — it expands when 
heated. 

Origin and occurrence: Hydrothermal as a product 
of replacement of phlogopite and other mafic micas 
in various rock types. It occurs in Palbora, South 
Africa; Milbury, Massachusetts, USA: Kovdor 
massif, Kola Peninsula, Russia. 

Application: clectrical applications and paper 
industry. 


Vermiculite, 50 mm, Drahonin, Czech Republic 
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Cookeite, 60 mm, Dobra Voda, Czech Republic 


Cookeite 
CHLORITE GROUP 
Li¡A14SizO ¡9(OHM)g 


MONOCLINIC © © 


Properties: C - white, yellowish. pinkish, brown: S — 
colorless; L — vitreous to pearly: D — transparent to 
translucent; DE - 2.6; H - 2.5-3.5; CL — perfect: F — 
uneven; M B scaly. locally radial aggregates. 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
Li-bearing pegmatites, associated with elbaite, 
Icpidolite, fluorapatite and albite, it also replaces 
spodumene; metamorphic in Al-rich shales, together 
with diasporc and pyrophyllite. Massive aggregates, 
replacing spodumene, occur in the Tanco mine, 
Bernic Lake, Manitoba. Canada. It also comes from 
cavities in pegmatites in the Little Three mine. 


Kammererite, 11 mm xx. Kop Daglari, Turkey 


A 


Clinochlore, 5 mm xx, Sarany, Russia 


Ramona and the Himalaya mine, Mesa Grande, 
California. It is also known from the Pulsifer quarry, 
Maine, USA and Muiane, Mozambique. 


Clinochlore 
CHLORITE GROUP 
(Mg,Fe)5Al2SizO | 9(OF)g 


MONOCLINIC 000090 


Varieties: kammcrerite 


Properties: C ~ greenish, gray, white, yellowish, 
brown, red-purple (kammererite); S — colorless; L - 
vitreous to pearly; D - transparent to translucent; DE 
— 2.7; H - 2-2.5; CL — perfect: F — uneven: M B 
poorlv-developed tabular crystals, foliated and radial 
aggregatcs, massive. 


needed is not available at Radio Shack, they must be constructed by 
hand. Light gauge aluminum can be used by forming a tightly fitting 
cap over the transistor. 

The design goal of using readily-available parts was realized 
throughout the rig. Radio Shack disc ceramic capacitors are used 
and have performed well. Unfortunately, there is a limited variety 
of these parts. To obtain the desired capacitance, the capacitors, 
where necessary, are soldered in parallel. This allows for the 
elimination of variable capacitors to tweak the tuned circuits to 
resonance. In all units assembled, the resonant circuits and match- 
ing networks have worked fine with no tweaking necessary. 

To construct L1, remove the required number of turns from 
the Radio Shack choke. Use this removed wire to form the link 
winding, L2. Wind L2 over the Q1 side of L1. L3 should be made 
similarly except that no link is needed. The chokes work surpris- 
ingly well as resonant circuit inductors at 3.5 and 7 MHz. 


Table 6-3. Parts List. (Radio Shack Parts Numbered in Parentheses.) 


— Ceramic disc (272-xxx) 
—80m: 220 pF; 40m: 47 pF 
— 80m: 690 pF (220 and 470 pF in parallel); 
— 40m: 420 pF (220, 100, and 100 pF in parallel) 
—BC variable, approx. 30-200 pF 
—§0-239 (278-201) 
—Phono jack (274-386) 
—Phono jack (247-252) 
—80m: 8.4 uH, 8 turns removed (273-101) 
40m: 10.0 uH, no turns removed (273-101) 
—5 turns wound over side of L1 
— Approx. 30 uH, 40% of turns removed (273-102) 
—B80m: 2.4 uH, 16 turns removed (273-101) 
40m: 1.2 uH, 23 turns removed (273-101) 
— AS-2033 (276-2033) 
—RS-2038 (276-2038) 
—Each is 3 10 Ohm, ¥2-W (271-001) in parallel 
—DPDT toggle (275-1546) 


— 1000 uF, 50 V (272-1047) 
— Ya -W carbon (R2 can be made 5k variable 
to provide 3-30-V output) 
—SPST (275-324) 
—24 V lamp, min. (273-1480 or 273-1512) 
—Full-wave bridge rectifier, 1.4 A, 100 piv (276-1152) 
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Chamosite. 70 mm, Hajan, Hungary 


Origin and occurrence: Mctamorphic in various 
types of shales and marbles; hydrothermal in quartz 
veins and Alpine-type veins, occasionally replaces 
certain minerals as biotite. Crystals up to 50 mm (2 
in) across, associated with chondrodite and magne- 
tite, are known from the Tilly Foster mine, Brewster, 
New York and Chester, Pennsylvania, USA. It also 
occurs in Val d'Ala, Italy and Zillertal, Austria. 
Scales up to 40 cm (15% in) across come from 
Beramy, Madagascar. Kammererite crystals up to 20 
mm (7/2 in) across found in Kop Daolari, Erzerum, 
Turkey. 


Chamosite 
CHLORITE GROUP 
(Fe,Mg)5AlzSi30 ¡0(OH)g 
MONOCLINIC ee e è 

Properties: C — gray, gray-green, brown: S — gray- 
green; L - vitreous to dull; D — translucent to opaque: 
DE - 3.2; H — 2-2.5; CL - perfect; F — uneven; M B 
scaly and oolitic aggregates, massive. 

Origin and occurrence: Metamorphic to hydro- 
thermal in various types Fe-rich sediments, typically 
associated with siderite and magnetite. 

It is common in Chamoson, Switzerland; Nucicc, 
Czech Republic. Spherical aggregates up to 15 mm 
(/ in) in diameter found in Mont St.-Hilaire, 
Quebec, Canada. 


Kaolinite 
AlzSiz0,(OH)4 
TRICLINIC 600.0 

Properties: C — white, yellowish, greenish, gray; C — 
colorless; L — earthy; D — translucent to opaque; DE 
- 2.6; H - 1; CL - perfect; F — uneven; M — earthy 
and exceptionally scaly aggregates, massive. 

Origin and occurrence: Hydrothermal, as a result of 
feldspar replacement in various rock types, as 


Dickite, 100 mm, Nowa Ruda, Poland 
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granites and arcoses. lt forms large deposits in 
China, France, UK and Czech Republic. 
Application: raw material for ceramics. 


Dickite 
Al7Si20O5(OH)g4 


MONOCLINIC eee 


Properties: C — white, yellowish; S — colorless; L 
carthy to pearly; D — translucent to opaque; DE —- 
2.6; H — 1; CL — perfect; F — uneven; M — earthy and 
platy aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
hydrothermal veins, together with quartz, carbonates 
and sulfides. It occurs in Essen, Germany; Anglesey, 
Wales , UK; Kladno, Czech Republic. Microscopic 
crystals come from Mas d'Alary, France. 


Kaolinite. 50 mm, St.Austell, UK 
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Nak ite, 70 mm, Rochlitz, Germany 


Nacrite 
AlzSi2O5(OH), 


MONOCLINIC 0.0.0 


Properties: C — white. yellowish, gray-white; S - 

colorless; L - earthy to pearly; D — translucent to 
opaque: DE - 2.6: H — l; CL - perfect; F — uneven; 
M - earthy and scaly aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities of 
hydrothermal veins, associated with quartz, fluorite 
and topaz. It occurs in Horni Slavkov, Czech 
Republic; Freiberg, Germany. Pscudo-morphs after 
topaz come from Ouro Preto, Minas Gerais, Brazil. 


Antigorite 
Mg35:205(0H)g4 


MONOCLINIC 000090 


Properties: C — white, yellowish, greenish, gray: 
S — colorless to gray; L -- vitreous, pearly, silky, 


Antigorite, 110 mm, Felsocsatar, Hungary 


earthy; D — translucent to opaque; DE ~ 2.6; H — 
2.5-3.5; CL - perfect; F — uneven: M B foliated, 
lamellar and fibrous aggregates, massive. 

Origin and occurrence: Metamorphic in serpenti- 
nites, marbles and other Mg-rich rocks; hydrother- 
mal in veins cross-secting these rocks. It is important 
rock-forming mineral. It occurs in Kraubat, Austria; 
Hrubsice, Czech Republic; Antigorio, Italy and 
elsewhere. 


Amesite 
Mg7Al(SiAl)Os(OH)4 
TRICLINIC ee 


Properties: C — greenish, gray; S — colorless; L — 
vitreous to pearly; D — translucent; DE — 2.8; H — 
2.5-3; CL — perfect; F — uneven; M B foliated to 
radial aggregates, massive. 

Origin and occurrence: Hydrothermal in Mg-rich 
rocks, associated with diaspore, magnetite and 
chromite. It comes from Chester, Massachusetts, 
USA. Crystals up to 40 mm (1°/« in) across found in 
Sarany, Ural mountains, Russia. 


Cronstedtite 
Fe2*Fe3*SiOK(OH)4 


MONOCLINIC © © 


Properties: C — black, black-brown, black-green; S — 
dark olive-green: L - vitreous to submetallic; D — 
translucent to opaque; DE - 3.6; II - 3.5; CL - 
perfect: F — uneven; M -— prismatic crystals, 
columnar aggregates. 

Origin and occurrence: Hydrothermal in ore veins. 
Fan-shaped aggregates of crystals come from Pribram 
and Kutna Hora, Czech Republic; Ouro Preto, Minas 
Gerais, Brazil; Salsigue mine, Auge, France. 


Amesite, 40 mm, Sarany, Ural Mts., Russia 


Cronstedtite, 42 mm, Hunan, Bolivia 


Chrysocolla, 50 mm, Arizona, U.S.A. 


Chrysocolla 
(Cu,Al)2H2Si2O5(OH)4 . n H20 
MONOCLINIC 00090 

Properties: C — different hues of blue-green; S - 
white; L - vitreous, greasy to earthy; D — translucent 
to almost opaque; DE — 2.0-2.4; H — 2-4; CL — none; 
F — conchoidal to uneven; M — microscopic acicular 
crystals, botryoidal, stalactitic and carthy aggregates. 
Origin and occurrence: Secondary in Cu deposits, 
associated with malachite and other secondary Cu 
minerals. 

Rich aggregates come from many places in Arizona, 
USA, like Bisbee and Morenci. It is also known 
from Mednorudnyansk, Ural mountains, Russia and 
Broken Hill. New South Wales, Australia. 


Allophane 
approximately Al25iOs5 .n H20 


AMORPHOUS eee 


Properties: C - white, gray, bluish, greenish, brown; 
S -white; L — vitreous, greasy and earthy; D —- 
transparent, translucent to opaque; DE — 1.9; H — 2- 
3; CL - none; F - conchoidal to uneven; M — 
botryoidal, stalactitic and carthy aggregates. 

Origin and occurrence: Hydrothermal product of 
alteration along the cracks of sedimentary rocks in 


coal deposits and in the oxidation zone of ore 
deposits, associated with other secondary minerals. 
Rich botryoidal aggregates occur in Dehr, Germany; 
Moldova Nuova, Romania; New Cornclia mine, 
Arizona, USA: El Dragon mine, Potosi, Bolivia. 


Allophane, 90 mm, Zlate Hory, Czech Republic 


259 


Palygorskite, 120 mm, Burda, Hungary 


Palygorskite 
(Mg,Al)2Si4O0; 9(OH) . 4 H20 
MONOCLINIC e@eee 

Properties: C — white, gray; S — white; L — dull; D - 
translucent to almost opaque: DE - 2.2; H- 1; CL- 
good; F - uneven, aggregates plastic under wet 
conditions; M — acicular crystals, fibrous aggregates, 
massive. 

Origin and occurrence: Hydrothermal as a product of 
alteration of different rock types, such as serpentinites, 
granites, marbles and graywackes, also in ore veins 
and the Alpine-type veins. Rich aggregates resembling 
leather occur along the cracks in marbles in Hejná near 
Horazd'ovice, Czech Republic; in the Mammoth mine, 
Tiger. Arizona, USA and in Palygorskava, Russia. 


Sepiolite, 70 mm, Eskisehir, Turkey 


Sepiolite 
Mg4Si¿O ¡5(OH)) .6 H20 


ORTHORHOMBIC eee 


Properties: C — white, yellowish, gray; S ~ white; L 
- dull; D — opaque; DE - 2.0; H — 2-2.5; CL — not 
determined: F — uneven; M — earthy aggregates, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of serpentinite alteration. typically associated with 
magnesite. Classic locality is Eskişehir, Turkey; also 
known from Biskoupky, Czech Republic. 


Zeophylite 
Cag¿SizOg(OH,P)¿ .2 H20 
TRICLINIC ee 

Properties: C — white; S — white: L — pearly; D — 
transparent to translucent: DE - 2.6; H - 3; CL - 
perfect; F — uneven; M — platy crystals, commonly 
with radial structure. 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks, associated with zeolites. lts most 
important locality is Radejeín, Czech Republic, 
where it forms spherical aggregates up to 10 mm (%s 
in) in diameter. Also known from Schellkopf, 
Germany and Monte Somma, Italy. 


Cavansite 
CaVOSi40)9 -4 H20 


ORTHORHOMBIC ee 


Properties: C — green-blue, blue; S — light blue; L — 
vitreous; D — transparent; DE -— 2.2; H - 3-4; CL - 
good; F — uneven; M — long prismatic to acicular 
crystals, radial aggregates. 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks, associated with calcite, apophyllite 
and zeolites. Rich radial aggregates up to 30 mm 


Zeophyllite, 60 nun, Radejcin, Czech Republic 


Cavansite, 120 mm, Poona, India 


(lw in) in diameter come from the Wagholi Quarry, Nepheline, 43 mm, Aouli, Morocco 


Poona, India. 


Nepheline 
(K,Na)AISiO y 


HEXAGONAL 00090 


Properties: C- colorless, white, greenish, yellowish, 
gray, green. brown; S — white; L — vitreous to greasy; 
D - transparent to translucent; DE — 2.7: H - 5.5-6; 
CL - none; F — uneven to conchoidal; M — prismatic 
crystals. granular, massive. 

Origin and occurrence: Magmatic in many alkaline 
rocks, as alkaline syenites and their pegmatites, also 
in some basalts; rare mctamorphic in gneisses. It is a 
typical rock-forming mineral. associated with 
leucite, augite and apatite. Well-formed crystals 
found in Mount Vesuvius, Italy. Rich aggregates are 
known from many localities in Khibiny massif, Kola 
Peninsula, Russia. Crystals up to 70 cm (27% in) 
long occur in Davis Hill, Bancroft, Ontario. Perfect 
crystals up to 35 mm (1?/s in) long, come from Mont 
St.-Hilaire, Quebec, Canada. 

Application: locally as Al ore and in ceramic 
industry. 
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Peralite, 23 mm, Paprok, Afghanistan 


quartz and spodumene. Gigantic crystals several 
meters long. come from Bikita, Zimbabwe: and 
Varutrask, Sweden. Clear gemmy crystals up to 230 
mm (9'/s in) across found in pegmatite cavities in 
Paprok, Afghanistanand also in San Piero in Campo, 
Elba, Italy. Crystals up to 100 mm (4 in) across occur 
in Aracuait, Minas Gerais, Brazil. 

Application: ceramic industry. 


Chkalovite 
Na) BeSi204 


ORTHORHOMBIC 00 


Properties: C - colorless. white; S - white; L - 
vitreous; D — transparent to translucent: DE - 2.7; H 
— 6; CL - imperfect; F — conchoidal; M — prismatic 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in alkaline 
pegmatites, usually associated with natrolite, 
sodalite and cudialyte. Crystals up to 200 mm (PA 
in) across come from the Umbozcro mine, Mount 
Alluaiv, Lovozero massif, Kola Peninsula, Russia; 
also at Julianhab, Greenland and Mont St.-Hilaire, 
Quebec, Canada. 


Sanidine, 30 mm x. Drachenfels, Germany 


Petalite 
LiAISigO ¡y 


MONOCLINIC eee 


Properties: C - colorless, white, greenish, yellowish; 
S - white; L - vitreous; D — transparent to trans- 
lucent; DE - 2.5; H — 6-6.5; CL — good: F — uneven 
to conchoidal; M — prismatic crystals, granular. 

Origin and occurrence: Magmatic in Li-bearing 
pegmatites, associated with lepidolite, elbaite, 
amblygonite and locally replaced by a mixture of 


Chkalovite, 70 mm, Umbozero, Kola, Russia 
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Sanidine 

FELDSPAR GROUP 
KAISizOg 

MONOCLINIC ....o 


Properties: C - colorless, white, yellowish, pinkish. 
gray; S ~ white; L — vitreous: D — transparent to 
translucent; DE - 2.6; H - 6-6.5; CL — good; F - 
uneven to conchoidal; M — prismatic crystals, 
granular, massive. 

Origin and occurrence: Magmatic in acid volcanic 
rocks, as rhyolites and trachytes, a typical rock- 
forming mineral. Well-formed crystals and their 
combinations up to 100 mm (4 in) in size occur in 
rhyolites and trachytes in Drachenfels and Laacher 
Sec, Germany. It also comes from Roc de Courlande, 
France; Beaverdell. British Columbia, Canada; 
Kyustendil. Bulgaria. 


Orthoclase 

FELDSPAR GROUP 

KAISizOg 

MONOCLINIC e... ..o 


Varieties: adularia, moonstone (gemmy variety with 
chatoyancy) 


Orthoclase, 32 mm x, Oro Grande, U.S.A. 


Properties: C - colorless, white, yellowish, pinkish, 
gray. brown, yellow; S - white; L — vitreous to pearly 
(adularia); D — transparent to translucent; DE — 2.5; 
H - 6-6.5; CL — good: F - uneven to conchoidal; M 
— prismatic and tabular crystals and their combi- 
nations, granular, massive. 

Origin and occurrence: Magmatic in rhyolites, 
trachytes, granites, syenites and pegmatites; 
metamorphic in various rock types, as orthogneisses 
and migmatites; hydrothermal in the Alpine-type 
veins, ore veins and some sediments, also in placers. 
a typical rock-forming mineral. Well-formed crystals 
and twins up to 200 mm (7’/s in) across come from 
granites in Twentynine Palms, California, USA; 
Marina di Campo, Elba, Italy; Loket and Karlovy 
Vary, Czech Republic; in pegmatite cavities in 
Strzegom, Poland: San Piero in Campo, Elba, Italy. 
Yellow gemmy crystals up to 70 mm (2% in) across 
found in Itrongay, Madagascar. Gigantic feldspar 
crystals up to tens of meters long known from 
several pegmatite localities in Black Hills, South 
Dakota, USA; also Hagendorf, Germany. Adularia is 
known from Alpine-type veins in St. Gotthard, 
Switzerland: pebbles of moonstone occur in gem- 
bearing gravels in Ratnapura, Sri Lanka. 
Application: ceramic and glass industry, moonstone 
as a gemstone. 


Adularia, 60 mm, Alps, Switzerland 


263 


Microcline, 110 mm, Lake George, Teller Co., U.S.A. 


Microcline 

FELDSPAR GROUP 
KAISizOg 

TRICLINIC ..... 


Varieties: amazonite 


Properties: C — colorless, white, yellowish, pinkish, 
gray, light to dark green (amazonite); S — white; L — 
vitreous; D - transparent to translucent; DE — 2.6; H 
~ 6-6.5; CL - good: F — uneven to conchoidal; M — 
prismatic crystals, granular, massive. 

Origin and occurrence: Magmatic in granites, 
syenites and pegmatites; metamorphic in various rock 
types. as orthogneisses and migmatites; hydrothermal 
in the Alpine-type veins and ore veins; a typical rock- 
forming mineral. Well-formed amazonite crystals up 
to 40 cm (15% in) across occur in pegmatite cavities 
in Crystal Peak, Colorado, USA: Keivy, Kola 
Peninsula, Russia: Morefield mine, Virginia, USA. 
Gigantic microcline crystals up to 12 m (39 ft) across 
come from pegmatites in Black Hills, South Dakota. 
USA; Kaatiala, Finland. 

Application: ceramic industry, amazonite as a 
decorative stone. 


Hyalophane 
FELDSPAR GROUP 
(K,Ba)AI(Si,Al)3Og 


MONOCLINIC eee 


Properties: C ~ colorless, white, yellowish; S — 
white; L — vitreous; D -- transparent to translucent; 
DE - 2.9; H - 6-6.5; CL -— good; F — uneven to 
conchoidal; M — prismatic crystals, granular, 
massive. 


Amazonite, 60 mm, Keivy, Kola, Russia 


i 


Hvalophane, 50 mm, Busovaca, Bosnia 


Origin and occurrence: Magmatic in phonolites: 
metamorphic in various rock types, as marbles, 
gneisses and Mn-rich rocks; hydrothermal in the 
Alpine-type and ore veins. Crystals up to 100 mm (4 
in) across found in Alpine-type veins near Busovaca, 
Bosnia-Hercegovina. 


Albite 

FELDSPAR GROUP 
NaAlSizOg 

TRICLINIC 000090 


Varieties: pericline, cleavelandite 


Properties: C — colorless, white, yellowish, pinkish, 
gray, greenish, bluish; S — white; L — vitreous; D - 
transparent to translucent; DE — 2.6; 11 — 6-6.5; CL - 


Albite. 85 mm, Governador Valadares, Brazil 


Oligoclase, 40 mm, Ural Mts., Russia 


good; F — uneven to conchoidal; M - tabular crystals 
and their twins, platy aggregates, granular, massive. 
Origin and occurrence: Magmatic in granites, 
syenites and their pegmatites; metamorphic in various 
rock types, as orthogneisses. migmatites, phyllites 
and metamorphosed shales; hydrothermal in the 
Alpine-type veins and ore veins, a typical rock- 
forming mineral. Well-formed tabular to platy cleave- 
landite crystals up to 150 mm (6 in) across occur in 
pegmatite cavities in the Amelia district, Virginia and 
the Pala district, California, USA. Albite crystals also 
come from Strzegom, Poland; San Piero in Campo, 
Elba, Italy; Murzinka, Ural mountains, Russia; many 
localities in Minas Gerais, Brazil. Pericline crystals 
are known from the cracks along Alpine-type veins in 
Grossgreiner, Austria; St. Gotthard, Switzerland; also 
from ore veins in Roznava, Slovakia. 


Oligoclase 
FELDSPAR GROUP 


(Nag 9-0,7<20,1-0,3A15,1-1,3512 9.2708 © 


TRICLINIC 60000 


Varieties: peristerite. sunstone 


Properties: C ~ white, yellowish, pinkish, greenish, 
iridescent (peristerite); S — white; L - vitreous; D — 
transparent to translucent; DE - 2.6; H - 6-6.5; CL — 
good: F — uneven to conchoidal; M - tabular crystals, 
platy aggregates, granular, massive. 

Origin and occurrence: Magmatic in granites, 
syenites, andesites and pegmatites; metamorphic in 
gneisses and migmatites; hydrothermal in the Alpine- 
type veins; typical rock-forming mineral. Large 
crystals, several dm long. are known mainly from 
pegmatites. Peristerite comes from Arcndal, Norway: 
Miass, Ural mountains, Russia; Quadeville, Ontario, 
Canada: Tvedestrand, Norway. It also occurs in Vezna 
, Czech Republic. Sunstone is mined in the Ponderosa 
mine near Lakeview. Oregon, USA. 

Application: peristerite and sunstone are used as 
gemstones. 
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Andesine, 50 mm, Bodenmais, Germany 


Anorthite, 10 mm xx, Pasmaada, Finnland 


Andesine 
FELDSPAR GROUP 


(Nag 7-9,5©40,3-0,54!1 3.1,5512,7.2,508 


TRICLINIC 00090 

Properties: C ~ yellowish, pinkish, gray, light green: 
S - white; L - vitreous; D — transparent to trans- 
lucent; DE — 2.7; H - 6-6.5; CL - good: F — uneven 
to conchoidal; M - platy aggregates, granular, 
massive. 


Labradorite, 30 mm, Labrador, Canada 


Origin and occurrence: C - white to dark gray. 
greenish; S — white; L — vitreous, pearly; D — trans- 
parent to translucent; DE - 2.7; H - 6-6.5; CL - 
good: F - uneven to conchoidal: M B cleavable 
aggregates, granular, massive. 


Labradorite 
FELDSPAR GROUP 


Cao 7-0,5Na9 3-0,5Al1 5.1,7512,5-2,308 


TRICLINIC 90090 

Properties: Magmatic in andesites, diorttes: meta- 
morphic in gncisses and migmatites; typical rock- 
forming mineral. Large grains are known from mig- 
matites in Bodenmais, Germany and Adamello, Italy. 
Origin and occurrence: Magmatic in gabbros, basalts. 
anorthosites: metamorphic in amphibolites. Large 
iridescent aggregates up to 1] m (397 in) across, come 
from Nain, Labrador, Quebec, Canada and also occur 
in Korostenskiy massif. Ukraine and Ylamaa, Finland. 
Application: as a decorative stone. 


Anortite 

FELDSPAR GROUP 
CaAl>Si20g 
TRICLINIC 9090 


Properties: C - gray, grecnish. pinkish; S — white; L 
- vitreous, dull: D — transparent to translucent; DE — 
2.8; H - 6-6.5; CL - good: F - uneven to conchoidal; 
M B granular, massive. 

Origin and occurrence: Magmatic in gabbros, 
basalts, anorthosites; metamorphic in contact meta- 
morphosed rocks. Pinkish grains and poorly- 
developed crystals come from Val di Fassa. Italy. 
Crystals up to 50 mm (2 in) across are known from 
Miyake-Jima Island, Japan. It was also found in 
Mount Erebus, Antarctica and Monte Somma, Italy. 


Fig. 6-19. Power supply schematic. 


One departure from the norm in this project was the use of 
+24 V for supply voltage rather than the more common 12 volts. 
This was done for several reasons. It is much easier to build and get 
operational a 24-volt supply than it is the additional stages required 
to realize 5-watts output using a 12-V supply. This also makes the 
transmitter simpler and cheaper (other design goals). 

A schematic for a very simple 24-V supply is shown in Fig. 
6-19. This supply can be made variable or fixed. It has performed 
flawlessly at currents up to 1.5 amps. The regulator contains 
internal short-circuit protection and is self-contained. 

If an ac-operated supply is not desired, four 6-V lantern bat- 
teries can be operated in series to provide the needed 24 volts. 
Many hours of transmitter operation can be achieved from such 
batteries. Alternatively, and probably cheaper, sixteen D-cells can 
be soldered in series for the supply voltage. Obviously, the 24-volt 
supply should not be a deterrent to building the transmitter. It can 
be used for later projects as well! 

Construction 

The transmitter is built on a 2%" by 3” PC board. Assembly 
time is less than one hour due to the small number of parts used. A 
number of transmitter boards have been constructed and each one 
has worked fine when power was applied. See Figs. 6-20 and 6-21. 

For best operating comfort, the transmitter PC board should 
be mounted in an enclosure—as mentioned earlier. Any size or 
type of enclosure will work fine. I used a Radio Shack type, which 
makes for a nice-looking and compact transmitter. 

Acrystal socket should be mounted on the front panel to allow 
for a change of frequency when desired. A variable capacitor can be 
mounted near the socket to allow for a small amount of frequency 
excursion from the crystal frequency. On 80 meters, about 1.5 kHz 
of change has been possible. On 40 meters, this increases to about 
3-5 kHz. The amount of frequency excursion will vary, depending 
mostly upon the crystal used. 
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Danburite 
CaB>5Si20g 


ORTHORHOMBIC © © © 


Properties: C — colorless, white. gray, greenish. 
pinkish. yellow, brown, red-brown; S - white; L - 
vitreous, dull; D - transparent to translucent; DE — 3.0; 
H ~ 7; CL — imperfect: F - uneven to conchoidal: M - 
prismatic crystals, columnar aggregates. granular. 
massive. 

Origin and occurrence: Hydrothermal in pegmatite 
cavitics, ore veins and the Alpine-type veins: meta- 
morphic in skarns and contact metamorphosed 
rocks. 

Well-formed prismatic crystals up to 250 mm (9"%/e 
in) long come from Russell. New York. USA; 
Toroku, Japan: Dalncgorsk. Russia; and Charcas, 
San Luis Potosi, Mexico. 


Cancrinite 
Na¿CaAl¿SigO74(C03) .2 H20 
HEXAGONAL © © © 

Properties: C - colorless, white, yellow, orange, 
bluish; S — white; L — vitrcous; D — transparent to 
translucent; DE — 2.4; H — 5-6: CL — good: F — un- 
even to conchoidal; M - prismatic crystals, granular, 
massive. 

Origin and occurrence: Magmatic in alkaline 
syenites; hydrothermal as a product of replacement 
of volcanic rocks, associated with nepheline and 
sodalite. 

Crystals up to 20 mm (*/2 in) across comc from 
Mont St.-Hilaire. Quebec, Canada. It was also found 
in Litchfield, Maine. USA; Cancrinite Hill, Ban- 
croft, Ontario, Canada and elsewhere. 


Cancrinite, 70 mm, Ditran, Romania 


Danburite, 109 mm, Charcas, Mexico 


Leifite 
Na>(Si,Al,Be)y (O,OH,F)| 4 


TRIGONAL ® 


Properties: C — colorless; S — white; L — vitreous; D 
- translucent: DE -— 2.5: II — 6; CL — good: F - 
uneven; M — acicular crystals. 

Origin and occurrence: Hydrothermal in cavities of 
alkaline pegmatites, associated with microcline and 
zinnwaldite. Crystals up to 20 mm (7/2 in) across 
occur in Narssarssuk. Greenland. Fine crystals are 
also known from Mont St.-Hilaire, Quebec. Canada, 
associated with scranditc. 


Leifite, 100 mm. Mont St.-Hilaire, Canada 
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Sodatite, 50 mm. Bancroft, Canada 


Sodalite 
NagAl¿Si¿O24Cl, 
CUBIC eee 


Varieties: hackmanite 


Properties: C — colorless, white, blue, yellow, pink 
(hackmanite); S — white; L — vitreous; D — transpa- 
rent to translucent; DE — 2.3; H — 5.5-6; CL — imper- 
fect: F — uneven to conchoidal: M — isometric 
crystals, granular, massive; LU — orange-red. 

Origin and occurrence: Magmatic in alkaline 
syenites and phonolites, associated with nepheline, 


Nosean, 6 mm grains, Laacher See, Germany 


zircon and titanite; hydrothermal in marbles. Gra- 
nular aggregates are known from the Princess 
Sodalite mine, Bancroft, Ontario, Canada and 
Ditrau, Romania. Crystals up to 100 mm (4 in) 
across come from Kangerdluarssuk. Greenland. 
Application: cut as a gemstone. 


Noseane 
NagAl¿Si¿O24(S0 q) 


CUBIC © © 


Properties: C — colorless, white. blue, gray, black; S 
— white; L — vitreous; D — transparent to translucent; 
DE - 2.3; H - 5-6; CL - good; F — uneven to con- 
choidal; M — isometric crystals, granular, massive. 
Origin and occurrence: Magmatic in alkaline basalts 
and similar effusive rocks, associated with nepheline 
and hatiyne. Granular aggregates are known from 
Laacher See, Germany and Monte Somma. Italy. 


Lazurite 
(Na,Ca)gAl¿SigO724(5,S0 q) 
CUBIC 00.0 

Properties: € - dark blue; S -light blue; L -— 
vitreous, D — transparent to translucent; DE - 2,4; 
H — 5-5.5; CL - imperfect; F - uneven to con- 
choidal; M — isometric crystals, granular, massive. 
Origin and occurrence: Metamorphic in contact 
metamorphosed marbles, associated with pyrite. 
Crystals up to 50 mm (2 in) across come from Sar-e- 
Sang, Badakhshan province, Afghanistan. Granular 
aggregates are known from many localities, such as 
Malobystrinskoye deposit near Lake Baikal, Russia 
or Monte Somma, Italy. 

Application: decorative stone and gemstone. 


Lazurite, 60 mm, Afghanistan 


Lazurite, 21 mm x, Nuristan, Afghanistan 


Tugtupite 
NagBe>A17Sig034C!) 


TETRAGONAL o. 


Properties: C — white, pink. red, bluish: S — white; L 
— vitreous; D — transparent to translucent: DE — 2.3; 
H - 5; CL - good; F ~ uneven to conchoidal; M — 
small crystals. granular, massive. 

Origin and occurrence: Hydrothermal in alkaline 
syenites and their pegmatites, also as a product of 
chkalovite alteration. Aggregates up to 60 mm (2%, 
in) across come from the Umbozero mine, Mount 
Alluaiv, Lovozero massif, Kola Peninsula, Russia 


Tugtupite. 90 mm, Himaussag, Greenland 


Lazurite, 60 mm, Chile 


and I[Rmaussaq, Greenland. Small crystals occur in 
the Poudrette quarry, Quebec, Canada. 


Danalite 
Fe, Be3Si30 i 25 
CUBIC o. 

Properties: C — gray, yellow,pink, red, brown; S — 
white; L — vitreous; D - transparent to translucent; 
DE - 3.4; H - 5.5-6; CL — imperfect; F — uneven to 
conchoidal; M — isometric crystals, granular, 
massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites: hydrothermal in greisens, skarns and ore 
veins, It occurs in Cape Ann, Massachusetts, USA; 
Hortekollen, Norway and Coolgardie, Western 
Australia, Australia. 


Danalite, 70 mm, Yxjoberg, Sweden 
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Helvite, 2 mm xx, Cavnic, Romania 
mn” =v, 


Helvite 
Mn4 Be3SizO 1 25 


CUBIC © © © 

Properties: C — brown. gray. yellow, yellow-green; S 
— white; L — vitreous; D — transparent to translucent; 
DE - 3.4; H - 6; CL - good; F - uneven to con- 
choidal; M — isometric crystals. granular, massive. 
Origin and occurrence: Magmatic in granitic 
pegmatites and alkaline syenites: hydrothermal in 
greisens, skarns and ore deposits. Cubic crystals up 
to 25 mm (l in) across known from the Sawtooth 
Batholith, Idaho, USA. Crystals also come from 
Schwarzenberg, Germany: Cavnic, Romania; and 
Oslofjord, Norway. 

Application: Be ore. 


Scapolite, 44 mm x, Leslie Lake, Quebec, Canada 


Marialite 
SCAPOLITE GROUP 
Nag(AlSizOg)g (Cl) S04) 
TETRAGONAL eee 

Properties: : C — colorless, white, gray. purplish, 
yellow; S - white; L — vitreous. locally pearly: D 
transparent to translucent; DE - 2.5; H — 5-6; CL - 
good; F — uneven to conchoidal; M — prismatic crys- 
tals, columnar aggregates. granular. massive; LU - 
ycllow to orange. 

Origin and occurrence: Hydrothermal in veins, cross- 
cutting alkaline metamorphic rocks and in pegmatites, 
cross-cutting ultrabasic rocks: metamorphic in mar- 
bles and mctacvaporites. It comes from Ankazobc. 


Madagascar; Umba. Tanzania and Crestmore, Califor- 
nia, USA. 


Meionite 

SCAPOLITE GROUP 
Cag(Al251208)6 (CO3,S0 q) 
TETRAGONAL 00 0 o 

Properties: C — colorless, white, gray, purplish, 
green. blue; S — white; L — vitreous; D — transparent 
to translucent; DE - 2.8; H - 5-6; CL — good; F — 
uneven to conchoidal; M -- long prismatic crystals, 
columnar aggregates, granular, massive; LU - 
yellow to orange. 


Leucite. 30 mm, Mi Vesuvius. Italy 


Analcime, 43 mm, Tunguzka, Russia 


Origin and occurrence: Metamorphic in skarns, 
marbles, granulites and in contacts of volcanic rocks; 
hydrothermal in veins. cross-cutting Ca-rich rocks. 
Well formed crystals up to 40 cm (15% in) across 
come from Lake Clear and Eganville, Ontario. 
Canada. Crystals are also known from Monte 
Somma. Italy: Sludyanka, Siberia, Russia and 
Pargas, Finland. 


Leucite 

ZEOLITE GROUP 

KAISi204 

TETRAGONAL e 0 0 © 

Properties: C — colorless, white. gray: S - white; L — 

vitreous: D — transparent to translucent; DE — 2.5; H 

- 5.5-6: CL- imperfect: F — uneven to conchoidal; M 
isometric crystals, granular. massive. 

Origin and occurrence: Magmatic in effusive K-rich 

basalts. associated with nepheline and sanidine. 

Well-formed crystals, several cm in size. come from 

Mount Vesuvius, Italy and Laacher Sec, Germany. 

Application: ceramic industry. 


Analcime 
ZEOLITE GROUP 
NaAlISi,O, . H20 
CUBIC 00.0. 

Properties: C — colorless, white. pinkish, yellowish: 
S - white; L ~ vitreous; D — transparent to trans- 
lucent: DE — 2.3; H — 5-5.5; CL — imperfect: F - un- 
even to conchoidal: M — isometric crystals. granular, 
massive. 

Origin and occurrence: Mainly hydrothermal as a 
product of nephcline or sodalite replacement: rare 
magmatic in cffusive rocks; also in sediments, 
associated with calcite and zeolites. Well-formed 
crystals up to 30 cm (12 in) across come from Nidym, 
Siberia, Russia: Lago Maggiore. Italy; Mont St.- 
Hilaire, Quebec. Canada; West Paterson, New Jersey. 
USA and elsewhere. 


Pollucite 
ZEOLITE GROUP 
(Cs,Na)AISi2O¢ . H20 
CUBIC eee 

Properties: C — colorless, white, gray; S — white; L — 
vitreous; D — transparent to translucent; DE - 2.9; H 
— 6.5-7; CL — none: F - uneven to conchoidal; M — 
isometric crystals, granular, massive. 

Origin and occurrence: Magmatic and rarcly also 
hydrothermal in Li-bearing pegmatites, associated 
with lepidolite, albite, quartz and petalite. Almost 
monomincral layer of pollucite several meters thick 
occurs in the Tanco mine, Bernic Lake. Manitoba, 
Canada. White and colorless crystals from pegmatite 
cavities up to 60 cm (24 in) across come from 
Paprok, Afghanistan. Also known from San Piero in 
Campo, Elba, Italy and Gilgit. Pakistan. 
Application: ceramic industry, Cs ore. 


Pollucite, 22 mm x, Gilgit, Pakistan 
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Natrolite, 47 mm, Maricopa Co., Arizona, U.S.A. 


Scolecite, 165 mm, Nasik, India 


Natrolite 
ZEOLITE GROUP 
Na>A125i30 19 22 H20 


ORTHORHOMBIC e0..0 


Properties: C — colorless. white, yellowish, pinkish; 
S - white; L — vitreous to silky: D — transparent to 
translucent; DE — 2.2; H — 5-5.5; CL — perfect: F - 
uneven to conchoidal; M — long prismatic to acicular 
crystals, fibrous and radial aggregates, granular, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, alkaline pegmatites, along the 
Alpine-type fissures, also as a product of plagioclase 
replacement. commonly associated with calcite and 
zeolites. Colorless and white acicular crystals up to 
30 cm (12 in) long come from cavities of alkaline 
pegmatites in Mount Putelichorr, Khibiny massif, 
Kola Peninsula, Russia. Crystals were also found in 
Narssarssuk, Greensland and Mont St.-Hilaire, 
Quebec, Canada. Crystals also occur in cavities of 
basaltic rocks in Teigarhorn, Iceland; Zalezly and 
Soutisky, Czech Republic and in Faeroe Islands. 
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Skolecite 
ZEOLITE GROUP 
CaAl2Si30 ¡0 Š 3 H-0 


MONOCLINIC eee 


Properties: C — colorless, white; S — white; L - 
vitreous to silky; D — transparent to translucent; DE 
~ 2,3; H — 5; CL - good; F — uneven; M - long pris- 
matic to acicular crystals, fibrous and radial 
aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks and along the Alpine-type fissures, 
associated with calcite and zeolites. Clear prismatic 
crystals up to 200 mm (7°⁄ in) long come from basalt 
cavities near Nasik, India. Crystals come also from 
Teigarhorn. Iceland and Suderoy, Faeroe Islands. 


Mesolite 

ZEOLITE GROUP 
Na]6Ca/6Al485i720240 .64 H-0 
ORTHORHOMBIC 0090 

Properties: C — colorless, white: S — white; L - 
vitreous to silky; D — transparent to translucent: DE 
-= 2.3; H ~ 5; CL - good; F — uneven; M - acicular 
crystals, fibrous and radial aggregates, granular, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, associated with other zeolites. Color- 
less necdles up to 150 mm (6 in) long come from the 
basalt cavities in Berufjord and Teigarhorn, Iceland. 
Radial aggregates up to 200 mm (77 in) in diameter 
known from the vicinity of Poona, India. Prismatic 
crystals up to 100 mm (4 in) long found in 
Skookumchuck Dam. Washington, USA. 


Thomsonite, $0 mm, Bazsi, Hungary 


Mesolite, 150 mm. Mahrashitra, India 


Kid 


No: 
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Thomsonite 

ZEOLITE GROUP 
Ca2NaAl4(Al,Si)2Si4O79 .6 H20 
ORTHORHOMBIC eee 

Properties: C — colorless, white, yellowish, brown-red; 
S — white; L — vitreous to pearly; D — transparent to 
translucent; DE — 2.3; H — 5-5.5; CL — good: F — un- 
even to conchoidal; M — prismatic crystals in clusters 
with radial structure, botryoidal aggregates, massive. 
Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, also as a product of hydrothermal 
feldspar replacement. Colorless and white acicular 
crystals, forming radial aggregates up to 50 mm (2 in) 
in diameter come from Old Kilpatrick, Scotland, UK 
and West Paterson, New Jersey, USA. Hemispherical 
aggregates up to 30 mm (1/1 in) across known from 
Vinaicka hora near Kladno, Czech Republic. 
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Gonnardite, 10 mm xx, Zalahalap. Hungary 


Gonnardite 

ZEOLITE GROUP 
(Na,Ca)¢_3(Al,Si)29 40 .12 H20 
TETRAGONAL eee 

Properties: C - colorless, white, yellowish, S - 
white; L - vitreous to pearly: D - transparent to 
translucent: DE - 2.3: H — 4.5-5: CL - good; F - un- 
even to conchoidal: M - prismatic crystals, fibrous 
and radial aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, associated with zcolites, also in the 
contact zonc of marbles, associated with wollastonite. 
Acicular crystals and fibrous aggregates occur in Aci 
Castello. Sicily, Italy: Weilberg, Germany; Bundoora, 
Victoria, Australia. 


Edingtonite 
ZEOLITE GROUP 
BaAl25i30 10 .3 H20 


TETRAGONAL eee 


Properties; C -- white. gray. pinkish; S - white: L — 


vitreous; D -- transparent to translucent: DE -- 2.8; H 


4: CL - good; F - uneven to conchoidal; M -- 
prismatic crystals, granular, massive. 
Origin and occurrence: Hydrothermal in cavities 
and along the cracks in volcanic rocks, associated 
with calcite and harmotome. Colorless and white 
prismatic crystals up to 40 mm (1% in) across come 
from Old Kilpatrick. Scotland, UK: Stare Ransko, 


x 


Edingtonite, 100 mm, Stare Ransko, Czech Republic 


ma ` x e. 


jane oe > Via” Cpe 
cr de 


Czech Republic and Mont St.-llilairc. Quebec, 
Canada. 


Dachiardite-Ca 
ZEOLITE GROUP 
(Cag 5 Na,K)5Al5Sij90O 48 . 13 H20 


MONOCLINIC © © 


Properties: C — colorless, white, yellowish; S - 
white; L — vitreous to pearly; D — transparent to 
translucent; DE — 2.1: H - 4-4.5; CL - good: F — 
uneven to conchoidal; M — prismatic crystals and 
complex interpenetration twins. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites, associated with albite, petalite 
and clbaite. also as pseudo-morphs after petalite. It 
occurs in San Picro in Campo, Elba. Italy and in the 
Opal Hill quarry, Riverside, California, USA. 


Ferrierite-Ca 
ZEOLITE GROUP 
(Ca,Na,K,Mg¿Al¿SizQ072 . 18 H30 


ORTHORHOMBIC ee 


Properties: C — colorless, white, greenish, pink, 
brownish: S -- white; L — vitreous; D — transparent to 
translucent: DE -— 2.1; H - 3-3.5; CL - good; F - 
uneven to conchoidal; M — tabular crystals, platy and 
columnar aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks of the Alpine-type 
veins and in volcanic tuffs, associated with calcite and 
zeolites. Platy aggregates occur in Svojanov, Czech 
Republic; Albero Bosso and Monastir, Sardinia, Italy: 
Kamploops Lake, British Columbia, Canada. 


Ferrierite-Ca, 2 mm aggregates, Regec. Hungary 


Dachiardite-Ca, 2 mm xx, Regec, Hungary 


Laumontite 
ZEOLITE GROUP 
CagAlgSi¡ 6048 5 18 H20 


MONOCLINIC 0000 

Properties; C — colorless, white, yellowish, pinkish; 
S — white; L — vitreous; D — transparent to trans- 
lucent, weathered almost opaque: DE — 2.4; H — 3-4: 
CL - good: F — uneven to conchoidal; M — prismatic 
crystals, fibrous and radial aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks in the Alpine-type 
veins, in ore veins and sediments, associated with 
calcite and other zeolites. Colorless and white acicular 
crystals up to 38 cm (14"%/:« in) long come from the 
Pandulena Hill Quarries, India. Crystals up to 150 
mm (6 in) long known from Pine Creck, Bishop, 
California, USA. It was also found in Dillenburg. 
Germany. 


Laumontite, 120 mm, Markovice, Czech Republic 


Heulandite-Ca, 8 mm xx, Parana, Brazil 


Heulandite-Ca 

ZEOLITE GROUP 

(Cag 5,Srg 5,¡Na,K)g 5Al9Si27072 .24 H20 
MONOCLINIC 00 0 o 

Properties: C — colorless, white, yellowish, pinkish, 
red, brown; S - white; L B vitreous to pearly; D - 
transparent to translucent; DE - 2.1; H - 3.5-4: CL - 
perfect; F — uneven to conchoidal; M — prismatic to 
tabular crystals. granular, massive. 


Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, in the Alpine-type fissures, ore veins 
and sedimentary rocks, usually associated with 
calcite and other zeolites. Colorless and white 
tabular crystals up to 100 mm (4 in) across come 
from Nasik, India; West Paterson, New Jersey, USA; 
Teigarhorn, Iceland. Red heulandite found in Val di 
Fassa, Italy. 


Switch S1, a miniature DPDT toggle type, is used to switch 
the antenna between receive and transmit. All connections be- 
tween S1, the PC board, and the SO-239 antenna connectors should 
be made with coax. RG-174 is preferred, but if it is not available, 
RG-58 will work fine. The only other additions necessary are a 
phono connector for voltage and a key jack. 

If desired, the 40-meter PC board can be mounted in the same 
box as the 80-meter board to make a two-band transmitter. 
Another toggle switch will be needed to switch the two boards to 
the appropriate circuit points. See Figs. 6-22 through 6-24. 


Operation 

After assembling the PC board and the supporting parts into a 
cabinet, the transmitter is ready for use. Initially, a dummy load 
should be connected to the antenna connector. This allows for 
testing without generating QRM on the air. The dummy load can 
consist of two 100-ohm, 2-watt resistors in parallel. If a vom 
(ammeter) is available, it might prove advantageous to hook it in 
series with the plus side of the 24-V supply. Input power can then 
be calculated. 

After the key is plugged in, the supply turned on, and the 
crystal installed, switch S1 to transmit and close the key. The vom 


Fig. 6-20. PC board layout, foil side. (Single-sided, fiberglass, copper-clad 
board.) 
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Clinoptilolite-Ca, 2 mm xx, Hon?ova Hurka, Czech 
Republic 
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Clinoptilolite-Ca 

ZEOLITE GROUP 
(Cag,5,Na,K)4,5Al95i2707) . 24 H20 
MONOCLINIC 00009 

Properties: C — colorless, white, yellowish. pinkish, 
red, greenish; S — white; L ~ vitreous: D -— trans- 
parent to translucent; DE - 2.2; H — 3.5-4; CL - 
perfect; F — uneven to conchoidal: M - platy crystals. 
massive. 

Origin and occurrence: Hydrothermal in volcanic- 
sedimentary rocks. Large industrial deposits occur in 
New Zealand, Japan and Australia. Crystals come 
from Agate Beach, Oregon, USA. 

Application: construction, chemical industry and 
agriculture. 


Stilbite-Ca 

ZEOLITE GROUP 

(Cag 5,Na,K)gAlgSi2z70O72 . 28 H20 
MONOCLINIC 00090 

Properties: C — colorless, white, yellowish, pinkish, 
brown; S — white; L — vitreous, locally pearly; D — 
transparent to translucent, DE — 2.2; H — 3.5-4: CL — 
good; F — uneven to conchoidal: M — prismatic and 
tabular crystals, commonly complicated interpenetra- 
tion twins and sheaf-like aggregates. granular, 
massive, 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks, along Alpine-type fissures, in ore 
veins, also in sedimentary rocks and hot springs, 
typically associated with calcite and other zeolites. 
Colorless and white tabular crystals and their combi- 
nations up to 200 mm (7°⁄ in) across come from the 
Pandulena Hill Quarries, India. Crystals arc also 
known from Teigarhorn, Iceland; Faeroe Islands; 
West Paterson, New Jersey, USA and elsewhere. 


Epistilbite, 15 mm x, Nasik, India 


Epistilbite 
ZEOLITE GROUP 
(Ca,Na>)Al7SigO 12: 4 H20 


MONOCLINIC eee 


Properties: C — colorless. white. yellowish. pinkish, 
light brown; S — white; L — vitreous; D — transparent 
to translucent; DE - 2.2; H — 4; CL -— good; F — 
uneven to conchoidal; M — prismatic crystals, radial 
aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks; associated with other zeolites. Clear 
and white tabular crystals and their twins up to 30 
mm (1*/16 in) across come from Jalgaon, India; also 
in Teigarhorn, Iceland and Faeroe Islands. 


Stilbite-Ca, 83 mm, Nasik, India 
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Gismondine, 2 mm xx, Tapolca-Diszel, Hungary 


Phillipsite-K, 3 mm xx, Limberg, Germany 


Gismondine 
ZEOLITE GROUP 
CaAl2Si20g . 4,5 H20 


MONOCLINIC o. 


Properties: C - colorless, white, bluish, pinkish: S — 
white; L — vitreous: D — transparent to translucent; 
DE — 2.3; H - 4,5; CL - good: F — uneven; M — 
complex twins of crystals, platy aggregates. 

Origin and occurrence: Hydrothermal in cavities in 


Harmotome, 79 mm, Strontian, UK 


arr 


volcanic rocks, in hydrothermally altered rocks. It 
comes from Capo di Bove. Italy; Schiffenberg, Ger- 
many and Dobrna, Czech Republic. 


Phillipsite-K 

ZEOLITE GROUP 

(K,Na,Cag 5)AlsSi| 1932 .12 H20 
MONOCLINIC 9090 

Properties: C — colorless, white, reddish; S — white; 
L — vitreous: D - transparent to translucent; DE - 
2.2; H-4-4,5; CL - good; F — uneven; M - prismatic 
crystals and complex interpenetration twins, 
granular, massive. 

Origin and occurrence: Hydrothermal in cavitics in 
volcanic rocks, sedimentary rocks and hot springs; 
associated with calcite and other zeolites. Colorless 
and white interpenctration twins up to 20 mm (*%: in) 
across come from Capo di Bove, Italy: Doughboys, 
Tasmania, Australia; Sovince near Litomiace, Czech 
Republic and elsewhere. 


Harmotome 

ZEOLITE GROUP 

(Bag 5,Cag 5, K,Na)sAlsSi, 1932 .12 H70 
MONOCLINIC 9090 

Properties: C — colorless, white, gray, reddish, 
yellow, brown; S — white; L — vitreous; D — trans- 
parent to translucent; DE — 2.4; H - 4.5; CL — good: 
F — uneven: M - prismatic crystals, commonly com- 
plex interpenctration twins, granular massive. 
Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, in the Alpine-type veins, ore veins 
and in pegmatites. Prismatic crystals and their twins 
up to 20 mm (%%: in) across are known from 
Strontian, Scotland. UK. Crystals also come from St. 
Andreasberg and Obcrstcin, Germany: Kozakov, 
Czech Republic and Kongsberg, Norway. 


Goosecreekite 
ZEOLITE GROUP 
CaAl2Si30 ¡0 Es 5 H20 


MONOCLINIC o 


Properties: C — white. colorless; S — white; L 
vitreous; D — transparent to translucent; DE — 2.2; H 
- 4.5: CL B perfect: F — uneven to conchoidal: M — 
prismatic crystals, granular, 

Origin and occurrence: Hydrothermal in cavitics in 
volcanic rocks. It is known from Goose Creek, 
Virginia, USA. Crystals up to 30 mm (1*%s in) across 
found in the Pandulena Hill quarries, India. 


Chabasite-Ca 

ZEOLITE GROUP 

(Cag 5,Na,K)AIgSigO74 .12 H20 
TRIGONAL eee 

Properties: C — colorless, white. yellowish, pinkish, 
greenish: S — white: L — vitreous to dull; D - 
transparent to translucent: DE — 2.2: H -- 4-4.5; CL — 
imperfect: F - uneven to conchoidal; M — rhombo- 
hedral crystals and their twins, granular, massive. 
Origin and occurrence: Hydrothermal in cavities in 


Chabazite-Ca, Passboro, Nova Scotia, Canada 


Goosecreekite, 25 mm xx, Maharashtra, India 


volcanic rocks and pegmatites, along Alpine-type 
fissures and in hot springs, usually associated with 
calcite and other zeolites. Colorless and white 
interpenctration twins up to 60 mm (24 in) across, 
come from Facroe Islands. Crystals are also known 
from Repcice, Czech Republic: Berufjord, Iceland; 
Panvil, India: Maglovec, Slovakia and elsewhere. 
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10. Organic compounds 


Whewellite 
CaC304 D H20 


MONOCLINIC eee 


Properties: C — colorless, white, grayish: S — color- 
less; L — vitreous; D — transparent to translucent; DE 
- 2,2; H- 2,5; CL - good; F — conchoidal; M - pris- 
matic crystals, commonly twinned. 

Origin and occurrence: Rare hydrothermal, mainly 


Amber, 40 mm, Baltic Sea, Latvia 
Whewellite, 27 mm x, Burgk, Germany 


sedimentary in coal basins, associated with barite, 
ankerite and other minerals. Hydrothermal crystals up 
to 70 mm (2% in) long, come from U-bearing veins in 
PrRbram, Czech Republic. Similar crystals, up to 70 
mm (2% in) long, occurred in Cavnic, Romania. Heart- 
shaped and butterfly twins, up to 100 mm (4 in) found 
in concretions near Kladno, Czech Republic. Similar 
specimens are known from Burgk near Dresden, 
Germany. Interesting flat radial aggregates found along 
cracks in clays in the vicinity of Most, Czech Republic. 


Mellite, 170 mm, Bicske-Csordakut, Hungary 


Mellite 
Al) [C¿(COO)g] . 18 H20 


TETRAGONAL © © 


Properties: C — honey-yellow; S - white; L — 
resinous to vitreous; D — transparent to translucent; 
DE - 1,7; H - 2; CL — imperfect; F -- conchoidal: M 
- dipyramidal crystals, granular: LU — blue. 

Origin and occurrence: Secondary in the cracks in 
brown coal and lignite. The best specimens with crys- 
tals up to 40 mm (1%: in) in size, come from Csorda- 
kut near Tatabanya, Hungary. Crystals, up to 10 mm (4 
in) across, were found in Artern, Germany. Granular 
aggregates are known from Valchov, Czech Republic. 


Evenkite 
C24Hso 


MONOCLINIC e 


Properties: C - colorless to light yellow: S — colorless; 
L — waxy; D - translucent: DE — 0,9; H - 1; CL — 
good; M — pseudo-hexagonal tabular crystals: R 
melts at SOEC (122°F). 

Origin and occurrence: Probably secondary. It occurs 
within geodes near Evenki, Sibcria, Russia. Also 
known from the cracks in altered andesite in Dubnik, 
Slovakia. 


an 


Fichtelite 
C19H34 


MONOCLINIC eee 


Properties: C — colorless to yellowish: S — colorless: 
L - vitreous; PS - transparent to translucent: DE — 1; 
H - 1; M — thin tabular crystals, scales, crystalline 
crusts. 


Evenkite, 30 mm, Dubnik, Slovakia 


Origin and occurrence: Secondary, typical mincral 
of pcat-bogs. Its crystals are known from Borkovice 
near Sobeslav. Czech Republic; also known from 
Marktredwitz. Germany. 


Amber 


a mixture of hydrocarbons 
AMORPHOUS eee 


Properties: C — honey-yellow, yellow-brown. brown, 
red-brown, blue, green. black: S ~ white; L - 
resinous. dull: D - transparent to translucent. rare 
opaque; DE - 1,0-1,1; H - 2-2,5: CL - none; F - 
conchoidal; M - massive irregular or drop-shaped 
aggregates, nodules and fragments; LU - light blue, 
yellow, 

Origin and occurrence: Amber is a petrified resin 
from Tertiary and Mesozoic conifers, occurring rare- 
ly in sediments. Plant or insect remnants arc some- 
times found trapped in amber. The most famous 
localities are located along the southern coast of the 
Baltic Sea in Poland. Germany, Lithuania, Estonia. 
Latvia and Russia. The largest masses found 
weighed up to 10 kg (22 1b). Blue amber is known 
from the Dominican Republic. Other amber locali- 
tics are found in Syria, Lebanon. Thailand, Vietnam, 
Canada and the USA. 

Application: as a gemstone. 


Amber, 95 mm, Madagascar 


Fichtelite, 80 mm, Mazice, Czech Republic 
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11. Rocks, meteorites and tektites 


Granite, 63 mm, Norway 


Rocks consist of minerals and often of fragments of 
other rocks and organic matter. Since rocks are 
mixtures, we cannot determine certain physical / 
chemical data (chemical formula, crystal system, 
hardness. etc.). Unlike minerals. some rocks form 
huge bodies which may cover several thousand km“ 
so no single localitics are shown in this book. Rocks 
are mainly used for building. in agriculture, and as 
raw materials for chemicals, ceramics and metals. 
Rocks are generally divided into three principal 
groups according to their origin: 

i. igneous rocks 

2. sedimentary rocks 

3. metamorphic rocks. 


1. Igneous rocks 


Properties: C - light gray, gray, white, brown, black, 
gray-green, pinkish, red-brown: D - opaque. rare 
transparent to translucent; L — dull, rare vitreous, DE 
~ varies from 2.6 up to about 3.8: F - uneven, rare 
conchoidal; M — coarse to fine grained, commonly 
massive aggregates, consisting of microscopic or 
larger grains or crystals of various minerals, up to 
several decameters across, glass is also present 
rarcly. Minerals in rocks usually have characteristic 
texture features, like graphic granite and others. 

Origin and classification: igneous rocks form at high 
temperature and commonly at high pressure in 
solidification of mainly silicate magma of variable 
composition. The mineral composition reflects a 
chemical composition of magma. Typical rock- 


Orbicular granite, 150 mm, Sweden 
Pegmatite, 65 mm, Dolni Bory, Czech Republic 


forming minerals are quartz, orthoclase, microclinc, 
plagioclase, biotite. muscovite. amphiboles, pyroxenes, 
olivine and nepheline. Rocks may solidify at various 
depths. according to which they are either intrusive, 
dyke or effusive. They can be grouped according to 
chemical composition (SiO2 content): 

felsic — granitc, syenite, pegmatite, rhyolite, obsidian 
intermediate — diorite, andesit basic — gabbro, basalt 
utrabasic - peridotite, varies from 1.0 up to about 2.8; 
F — uneven, sometimes conchoidal: M — coarse to fine 
grained and massive aggregates, consisting of grains or 
crystals, from microscopic to several dm in size, also 
of rock fragments and organic matter, banded textures 
are typical and some rocks are fossiliferous. 


Diabase, 63 mm, Rozany, Czech Republic 


Sandstone, 65 mm, Buffalo Gap, South Dakota, U.S.A. 
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2. Sedimentary rocks 


Properties: C ~ grey, brown, red-brown, black, green- 
grey. pinkish, white, yellow, often variable even within 
one rock. banding is typical; D ~ opaque. rare 
translucent; L — dull, sometimes vitreous, greasy or 
carthy; DE -varies from 1.0 up to about 2.8; F - uneven. 
sometimes conchoidal: M - coarse to fine grained and 
massive aggregates. consisting of grains or crystals. 
ranging from microscopic to several dm in size, also of 
rock fragments and organic matter, banded textures arc 
typical and some rocks are fossilifcrous. 

Origin and classification: Sedimentary rocks 
originate under surface temperatures and pressures, 


Limestone, 65 mm, Italy 


as a result of sedimentation of mineral and rock 
fragments and organic matter of different size 
through the water and wind activity, or by precipi- 
tation from water solutions. Typical rock-forming 
minerals are quartz, calcite, dolomite, halite, clay 
minerals and others. According to their origins we 
can distinguish several groups of sedimentary rocks: 
clastic (consisting of rock fragments) - sandstone, 
conglomerate, quartzite, siltstone. 

organic (consisting mainly of organic matter) — 
limestone, coal. 

chemical (originating by precipitation from water 
solutions) — cvaporites, travertine. 


Evaporite, 40 mm, Walkenried, Germany 


Fig. 6-21. Component locations. 


should read about 350 mA of current. This indicates an input power 
of approximately 8.5 watts (Pi = E x I = 24 x .35). All of the 
transmitters I have built have had a minimum efficiency (Po/Pi) of 
around 60%. This indicates an output power of around 5 watts. The 
input (and output) power of your transmitter might vary depending 
upon the gain of the transistors used. 
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Serpentinite, 65 mm, HrubSice, Czech Republic 


3. Metamorphic rocks 


Properties: C -- light gray. gray, brown, green, red- 
brown, black, green-gray, pinkish, whitc, sometimes 
variable within onc rock. banding is relatively common: 
D - opaque: L -- dull, rare vitreous; DE - varies from 
2.5 to 4.8: F — uneven, rare conchoidal: M — coarse to 
fine-grained, platy. acicular and somctimes massive 
aggregates, consisting of grains and crystals, ranging 
from microscopic to several decimeters across. Typical 
are planar textures and foliation of some mincrals. 

Origin and classification: Metamorphic rocks origi- 
nate under higher temperature and pressure during 
metamorphism of originally igneous or sedimentary 


Marble, 100 mm, Greece 


Gneiss, 65 mm. ae Czech cite 
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rocks. The source of a thermal energy could be magma, 
then this type is called contact metamorphism. or the 
thermal source lics in the depth of the earth's crust and 
effects large areas, then this type is called regional 
metamorphism. During a process of metamorphism 
new mincrals originate. Typical rock-forming mcta- 
morphic minerals are quartz, orthoclase. plagioclases, 
biotite, muscovite, amphiboles. pyroxenes. calcite, 
dolomite, sillimanite, kyanite, almandinc. staurolitc 
and serpentine. 

Regionally metamorphosed rocks: serpentinite, 
mica schist, gneiss, marble. 

Contact metamorphosed rocks: contact chert 
(porcclanite), skarn. 


Skarn, 65 mm. Lisna, Czech Republic 
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fran meteorite, 50 mm, Sikhote-Alin, Russia 


fron meteorite, 40 mm detail, Gibeon, Namibia 


Meteorites 


Properties: C - light gray, gray, gray-grecn, black; D - 
opaque; L — dull, metallic, rare vitreous; DE — varies 
from 3.0 to 7.3; F — uneven; M — coarse to fine- 
grained, sometimes massive aggregates, consisting of 
irregular grains of different mincrals, ranging from 
microscopic to several cm across. 

Origin and classification: Meteorites are igncousrocks 
formed in space. Most originate in the asteroidbelt 
between Mars and Jupiter. They consist of various mine- 
rals and their chemical composition differs greatly. 
Typical rock-forming minerals in meteorites arc 
olivine, pyroxenes, plagioclases, Fe and Ni alloys and 
sulfides, rarely also organic matter. Meteorites fall into 
four main groups, accordingto metallic iron and 
silicate component: 

iron meteorite; 

siderolite; 

chondrite; 

achondrite; 

Occurrence: Meteorite falls are known throughout the 
world. The largest known iron meteorite, weighing 
approximately 60 tons , is located near the Hoba farm, 
Namibia. The largest known chondnite, weighing about 
1 ton , fell in 1948 in Norton County, Nebraska, USA. 
Most meteorites that have been found recently come 
from large glaciers such as those of Antarctica and 
from desert in Namibia. 


Moldavite, 35 mm, Southern Bohemia, Czech Republic 


Tectite, 55 mm, Dalat, Vietnam 


Tektites 


Properties: C — light to dark green, yellow-green, 
brown-green, brown, green-gray, black: D — transpa- 
rent, translucent to opaque; L — vitreous; DE ~ varies 
from 2.3 to 2.6; H — 6-7; F — conchoidal to uneven; 
M — massive irregular. drop-shaped or disc-shaped 
aggregates, irregular fragments, sometimes with 
typical sculptured surface. 

Origin, classification and occurrence: Natural glas- 
ses, rich in SiO2. which formed as a result of rapid 
melting of surface rocks during impacts of large 
meteorites or comets. 

They are classified according to their age and occur- 


Moldavites, 40 mm. Southern Bohemia, Czech Republic 


rence (following sequence from the oldest to the 
youngest): 

Bediasites and georgianites — the USA, Mexico, 
Barbados, Cuba; 

Urengoites — Novyi Urcngoi, Russia; 

Moldavites - southern Bohemia and western Mora- 
via, Czech Republic; 

Ivorites — Ivory Coast: 

Irghisites — Zhamanshin, Russia; 

Indochinites, phillipinites, javanites, bilitonites — 
southeastern Asia: 

Australites — Australia. 

Application: some tektites, mainly moldavites, as 
gemstones. 
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THE COMPLETE 


ENCYCLOPEDIA OF 


MINERALS 


The Complete Encyclopedia of Minerals is a book for 
all the people, who are interested in the beautiful 
world of minerals, They can find here hundreds of pho- 
tographs of beautiful crystals and crystal aggregates, 
together with a list of classic and new occurrences for 


each mineral species. Minerals are arranged into chap- 
ters according to the mineral system: 


e Elements + Sulfides e Halides = Oxides 
e Carbonates * Borates * Sulphates + Phosphates 
e Silicates + Organic compounds 


Rocks, meteorites and tektites 
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A field mill for measuring atmospheric electricity 


by Frank Thompson F-Thompson@manchester.ac.uk 


Introduction 


Every time we walk outside, we are bathed in force fields that are produced by nature. They are gravitational, 
magnetic and electric fields. 


In the on-line text Motion Mountain — Volume 3, on page 209 — Christopher Schiller makes the following 
statement about electric fields: 


““...every person should know that there is a vertical electric field of between 100 and 300 V/m on a clear day, as 
discovered in 1752; the earth is permanently negatively charged and, on a clear day, current flows downwards 
(electrons flow upwards) trying to discharge our planet.” 


Figure 1 Distortion of field lines round a conducting object 
(grey - potential, red - field) ADO 


Now, we can all “feel” the gravitational force (just try 


jumping up and down) and we can easily detect magnetic woy 
fields with a compass needle. Indeed, these forces are very = 

easily measured [1], [2]. The electric field, however, is | 200 Y 
more of a mystery and this is largely to do with the fact that | 

it does not come indoors. This 1s a major obstacle to 100 y 


detection. An illustration is given in Figure 1: 
Any conducting object at ground level will distort both ; | 0 V 
potential and field lines of an electric field as shown. i 
Houses, trees and people all have relatively good 
conductivity when compared to the surrounding air and 


therefore electric fields will not be present inside buildings at ground level. 


It was taken as a challenge to measure this field and in doing so it was hoped that students would be made more 
aware of the vast topic of Atmospheric Physics. 


It may be worthwhile visiting "University_of Reading METFIDAS weather observations". On this web page, 
note that PG (potential gradient) denotes electric field. 


Graphical data, listed under the heading “Atmospheric Electricity” at the bottom of the web page, shows the 
electric field values for the particular location of Reading, UK. 


Figure 2 - Diagram of a typical Field Mill with electronic circuitry 


Apparatus 


https://www.picotech.com/library/application-note/a-field-mill-for-measuring-atmospheric-electricity 1/5 


3/7/2021 A field mill for measuring atmospheric electricity 
A little background reading showed that a Field Mill was 4____ =i G . st pia 8 9 
the most common arrangement for this field measurement 2 a I g PUR 
and a typical layout 1s shown in Figure 2: 


The key for Figure 2 1s as follows: 3 

1 - Rotor blade at earth potential, turned by the motor 
(item 5) 

2 - Fixed plate isolated from earth (this is also called the 
sensor plate) 

3 - Ground plate, also held at earth potential 

4 - Tachometer with three equally spaced black and white partitions for 1ts optical switch 
5 - Motor providing power to the rotor blade (item 1) 

6 - Charge amplifier 

7 - Mixing device and in the present apparatus it is a multiplier circuit AD 633 

8 - Low pass filter 

9 - Centre-zero meter 


Figure 3 - Photograph showing the motor plus tachometer 


In the present work, item 5 is a small motor with a disc 
attached to the spindle as shown in Figure 3: 
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Figure 4 - Field Mill with separate charge amplifier (item 6) and centre-zero meter (item 9) resting on the case 
(ruler indicates the size of the apparatus) 


Three black and three white stripes were painted on the rim so that the reflective optical-switch (RS Components 
Ltd, RS 307-913 or Optek OPB704W-Z supplied by Amazon) gave a square wave output signal. 


The motor also turns the rotor blade (item 1). 
The ground plate (item 3) is fabricated from a steel biscuit tin and the upper part of the spindle passes through. 


The charge sensor plate (item 2) is supported by this tin on insulated pillars and is alternately exposed to or 
shielded from the incident field by the rotor blade plate (item 1). 


The instrument/apparatus, positioned at gound level, is shown in Figure 4. Both the stationary and rotating 
blades are enclosed in a biscuit tin so allowing the instrument to be zeroed when the tin lid 1s placed on the tin. It 
also provided electrical shielding as extraneous noise from the motor was quite high. 


Figure 5 - Multiplier circuit (item 7) for mixing the tacho and charge signals (X and Y) 


https://www.picotech.com/library/application-note/a-field-mill-for-measuring-atmospheric-electricity 2/5 
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The charge amplifier, encased in a separate metallic box, +15 V 
rests on the case of the apparatus and 1s connected to the : | 
fixed plate (item 2). If the signal from this amplifier were  'NPUT 
to be rectified then only the magnitude of the field would a 
be measured and whether the field was incoming or INPUT 
outgoing would not be determined. But, by using a mixer i 
(item 7). we have synchronous demodulation which gives -15V 

the sign of the field and a significant noise reduction. is 

Commercial instruments are available for these measurements (e.g. Model 410 Scitech Instruments Ltd) and 
Figure 5 shows a low-cost alternative: 


0.1 pF 


w, [E E Output 


Figure 6 - Signals obtained when a charged PTFE rod 1s 15 
positioned over the Field Mill. (a) Signals from the 
tachometer (red) and the charge amplifier (blue) 
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Tachometer output (Y) 
a 


Charge amplifier output (VW) 


HORA 
TOONE 


Multiplier output (V) 


Tachometer output (v) 


6(b) Signals from the tachometer (red) and the mixer (green) 


In setting up the field mill one can place a charged object over the sensor plate (item 2) and observe the 
following signals. See Figure 6 (a), (b): 


The output from the multiplier circuit is then passed through a low-pass filter and displayed on a centre-zero 
meter (item 9). The above readings (in Figure 6) were taken with a PicoScope 5242A oscilloscope and copied to 
Excel spreadsheets. 


Preliminary results 


After the setting up, we can be confident that the output 
voltage from the filtered signal is directly proportional to 
the earth’s field and a typical, fine day, outdoor graph is 
given in Figure 7: 


As a very approximate calibration (carried out at the 
meteorological department of Reading University) the 
output readings in mV could be converted directly into 
field readings in V/m. Thus, the field mill gives the 
earth’s electric field as 120 (+20) Vim”-1 as the covered 
reading of approximately 50 mV is subtracted from the uncovered reading of 170 mV. Further measurements 
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Fig. 6-23. Back view. 


An antenna now can be hooked to the SO-239 antenna connec- 
tor. At the same time, a short cable should be run between the 
receiver-out connector and your receiver. 

You are ready now for on-the-air contacts. You probably will 
be as surprised as I was when you first use your new little pow- 
erhouse. Surprisingly, my best success has been in calling CQ. 
The response ratio has been close to 50%. Using one crystal on 80 
meters has resulted in numerous contacts up to 1500 miles away 
with excellent reports in both strength and quality. The antenna 
used in conjunction with the transmitter has been a dipole at 20 
feet. 
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Fig. 6-24. Completed transmitter. 
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were made with the field mill on 22 June 2017. A thunderstorm had been forecast so there was a possibility of 
variability in the earth’s electric field. 


Figure 8 - Earth’s electric field changes as a thunderstorm * 
was approaching (rotor covered for periods 30—70, 107— ns 
140, 230-260 and 350-380 seconds). bas 


The apparatus was placed in an open space at about 8:15 am ¡o =A, fa 

am and the trace (Figure 8) was obtained. At , | 

approximately 8:30 am both the meter and the trace were as~ ao oe | 

off-scale, indicating a large negative signal. Adjustment ne Vay OA 4 

of the gain by a factor of 10x restored an on-scale signal " = 1e 1588 zo 258 xwu 30 swo 45o ww 
i l q Data recording over a 10 min. period 

and, for several periods a zero signal condition was tested 

by placing the tin lid over the rotor. The changes in the signal were quite rapid as Figure 8 shows: 


In Figure 8 we see that the earth’s electric field changes from negative to positive in about 30 seconds and then 
the positive signal changes to negative in about 100 seconds. 


The instrument had to be moved indoors after 600s as rainfall had commenced. Thunder and lightning occurred 
shortly afterwards. The electric field is seen to vary between +600 V/m and —1 kV/m. 


Figure 9 - Trace showing the atmospheric electric field on 
a fine day 
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The PicoScope 5242A is ideal for data logging as the time 
scale can be set as long as 5000 seconds per division. 
Figure 9 shows a typical fine weather trace for about 5 
mins: 


For the initial minute the rotating blade was covered with 
the tin lid and then 1t was uncovered for the rest of the 
time. The observed spikes were assumed to be spurious 
but further measurements need to be carried out to see 1f they are caused by an instrumental defect. 
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Conclusions 


On a fair-weather day, the Earth’s electric field was found to be close to 120 V/m but the accuracy for these 
preliminary results was at best +20%. This agrees with the Schiller statement. The offset error of approximately 
50 mV 1s likely to result from imperfect blade dimensions and/or the black and white tachometer divisions as 
these were hand-painted. 


The variability of the Earth’s electric field (Reading University - graphical data showing potential gradient) does 
pose a problem so it is advisable to carry out measurements on a fine day and then the field will be close to 120 
V/m. 


As a final point, the signal-to-noise performance of the apparatus is very low even with blade diameters close to 

20 cm. If one could replace the simple mixer with a phase sensitive detector (PSD) then improvements would be 
possible. The PSD would greatly simplify the setting up procedure of the apparatus as both gain and phase of the 
charge signal could then be adjusted. 
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(57) ABSTRACT 


A new method is described to produce useful electrical 
energy from DC electrostatic fields using a pyramid-shaped 
capacitor. The system uses no moving parts and no mechani- 
cal energy 1s introduced. Also, when a pyramid-shaped 
electrode is charged with DC high voltage, a propulsive 
force is generated. This will allow the manufacture of 
vehicles capable of levitation and flight. 


13 Claims, 3 Drawing Sheets 
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1 
METHOD AND APPARATUS FOR 
CONVERTING ELECTROSTATIC 
POTENTIAL ENERGY 


CROSS-REFERENCES 


This application is a continuation-in-part of application 
Ser. No. 09/732,110, filed Dec. 7, 2000, now abandoned, 
entitled “Method and Apparatus for Converting Electrostatic 
Potential Energy,” by Peter Grandics, which claims the 
benefit of Provisional application Ser. No. 60/169,378, filed 
Dec. 7, 1999, which is incorporated herein in its entirety by 
this reference. 


BACKGROUND OF THE INVENTION 


This invention relates to the generation of electrical power 
by drawing energy from an electrostatic potential field. The 
conversion of DC electrostatic energy into useable electrical 
energy by electrostatic generators is already described in the 
prior art as disclosed in U.S. Pat. Nos. 3,013,201, 4,127,804, 
4,151,409 and 4,595,852. Generally, such prior art electro- 
static generators utilize mechanical energy to separate 
charges and thus contain complex mechanics that is difficult 
to scale up for a high output system. Therefore, the present 
invention aims to provide an electrostatic generator in which 
electrical power is derived exclusively from the energy of 
DC electrostatic fields without the input of mechanical 
power. 


SUMMARY OF THE INVENTION 


Pursuant to this invention a simple technique is described 
to convert the energy of a DC electrostatic field into an 
alternating current by wrapping a coil around the pyramid. 
The resulting AC current can be rectified and used for 
practical purposes. A pyramid-shaped capacitor can also be 
used in an inverse mode of operation for the generation of 
propulsive force. 

Accordingly, one embodiment of the present invention is 
a method for converting DC electrostatic energy into usable 
electrical energy, the method comprising the steps of: 

(1) providing a capacitor of pyramidal shape; 

(2) placing an insulated coil on the surface of the 
capacitor, the coil having leads; 

(3) attaching a rectifier to the leads of the coil, the rectifier 
having leads; and 

(4) attaching a capacitor or a battery to the leads of the 
rectifier so that DC electrostatic energy is converted into 
usable electrical energy. 

Another embodiment of the present invention comprises 
a method for converting DC electrostatic energy into pro- 
pulsive force comprising the steps of: 

(1) providing a first capacitor of pyramidal shape; 

(2) placing an insulated conductive tip on the point of the 
capacitor; 

(3) providing a static generator for charging the capacitor, 
and 

(4) attaching 3 ball-shaped smaller capacitors to the 
bottom of the pyramidal-shaped capacitor; and 

(5) providing means to extend or retract the ball-shaped 
capacitors from the pyramidal-shaped capacitor, so DC 
electrostatic energy is converted into propulsive force by the 
action of the first capacitor and the 3 ball-shaped smaller 
capacitors provide directional control. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The following invention will become better understood 
with reference to the specification, appended claims, and 
accompanying drawings, where: 
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FIG. 1 is a diagram demonstrating the pyramid experi- 
mental setup; 

FIG. 2 is the pyramid coil signal as detected by oscillo- 
scope; and 

FIG. 3 is a diagram demonstrating power transmission on 
the pyramid setup. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


Pursuant to this invention, a novel method is described to 
convert DC electrostatic energy into an AC current that can 
be rectified and used for practical purposes. The shape of the 
capacitor and the body of such device is designed to convert 
the DC electrostatic energy into the AC current for maximal 
effect. 

A pyramidal or conical shape is preferred for one of the 
capacitor electrodes (FIG. 1). In FIG. 1, a detector coil 102 
is provided that is in turn connected to an oscilloscope 104. 
The coil surrounds the metallic pyramid 100. In the experi- 
mental setup shown, the field is established between a top 
plate 106 and the pyramid 100 by using a ground 108 
connected to a source of DC electrical energy 110. When a 
high voltage DC field (30 kV) is established on such 
capacitor, a regularly repeating, clocklike signal is detected 
in the coil placed on the pyramid’s surface (FIG. 2). This is 
an unexpected observation as corona discharges are irregular 
by nature. 

The alternating current from the coil can be rectified and 
used for practical purposes. If a suitable DC electrostatic 
field could be found in nature, this principle would be useful 
in tapping the energy of such field. To test for this possibility, 
I have measured the rectified signal from the coil without an 
external power source. The rectified coil output was col- 
lected in a capacitor and voltage measured in 1 h intervals. 
The voltage measured is significantly higher if the capacitor 
electrode is pyramid-shaped as opposed to a box-shaped 
electrode of the same height and volume. When the pyramid 
is placed into a Faraday cage, the signal is abolished (see 
details in the Example). The data has demonstrated in 
principle that with this experimental setup electrical energy 
can be extracted from the Earth’s electrostatic field. The 
Earth’s surface and the ionosphere substitutes for the two 
charged electrodes, which exhibit negative and positive 
polarities, respectively. 

Atmospheric electricity manifests as a buildup of electro- 
static energy, a phenomenon that permanently electrifies our 
environment (Anderson, R. V. in Electrical Processes in 
Atmospheres, H. Holezalek and R. Reiter, eds., (Steinkopff, 
Darmstadt, 1977) pp. 87-99). The voltage gradient between 
the Earth’s surface and the ionosphere is thought to be 
maintained by the electrical activity of the troposphere as 
well as the solar wind-coupled magnetospheric dynamo 
(Roble, R. G. Tzur, I. in The Earth’s Electrical Environment, 
Studies in Geophysics (National Academy Press, Washing- 
ton D.C., 1986) pp. 206-231). The Earth’s electrostatic field 
is never depleted, despite the constant discharges of energy. 
There are two segments of atmospheric electrical processes 
that potentially could be tapped, fair weather and thunder- 
storm related atmospheric electrical phenomena. 

The Earth’s voltage field creates a potential difference of 
about 400,000 V (Feynman, R. P. Lectures on Physics 
(Addison Wesley, Inc., Palo Alto, Calif., 1964) v.2, Chapter 
9), with a voltage gradient of about 200-300 V/m around the 
surface of the Earth (W. Gringell, J. M. Rosen, D. I. 
Hofmann, in The Earth’s Electrical Environment, Studies in 
Geophysics (National Academy Press, Washington D.C., 
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1986) pp. 166-182). Given this voltage drop of 200-300 
V/m, the desired 30 kV potential can be obtained at a 
pyramid height of about 100-150 m. 

Due to the evolving nature of our understanding of 
atmospheric electrical processes, we do not have a clear 
picture of the magnitude of electrical energy generated (and 
dissipated) in the global atmospheric electrical circuit by 
localized convective phenomena. Direct measurement of the 
atmospheric vertical potential difference using tethered bal- 
loons have shown that under fair weather conditions and at 
low altitudes (150-550 m), short circuit currents on the order 
of 10 «A were obtained with a single wire collector yielding 
a power of about 1 W (Holzworth, R. H. et al., Direct 
measurement of lower atmospheric vertical potential 
differences, Geophys. Res. Lett. 8, 783-786 (1981), and 
Holzworth, R. H. Hy-wire measurement of atmospheric 
potential, J. Geophys. Res. 89, 1395-1401 (1984)). 

These data remarkably demonstrated that it is possible to 
couple to a large portion of the atmosphere and also gave an 
indirect proof of the presence of a fair weather convective 
generation process. Since at a low altitude of 1500 m, the 
entire atmospheric vertical electric potential (400 kV) could 
be bridged, it may even be possible to couple right into 
ionospheric electrical processes (Holzworth, R. H. et al., 
Direct measurement of lower atmospheric vertical potential 
differences, Geophys. Res. Lett. 8,783-786 (1981)). This 
would significantly expand the available energy pool for this 
device. 

The other possibility is to tap localized peaks of atmo- 
spheric electrical activity arising from thunderstorm activity. 
The approximate order of magnitude of electrostatic energy 
generated in the troposphere could be estimated by the 
amount of energy dissipated by lightning discharges. The 
estimates for the total number of lightning strikes over the 
entire surface of the Earth vary from 100 to 300 per second 
(Orville, R. E. in The Earth’s Electrical Environment, Stud- 
ies in Geophysics (National Academy Press. Washington 
D.C., 1986) pp. 23-29). The estimate for the power dis- 
charged in an average lightning event is 10’* watts over a 
time period of about 0.2 sec (Christian, H. J. and McCook, 
M. A. in A lightning primer at http:// 
thunder.msfc.nasa.gov/). This yields a total of 2-6x10*? 
W-sec of electrical energy spent by lightning discharges 
globally in each second, or approximately 4x10*” W-h per 
year. Over 90% of all lightning occur over landmasses. The 
distribution of tropospheric electrical activity is highly 
concentrated, the major production zones being Central 
Africa, the south central United States and the Amazon 
Basin (Miller, T. L. Global lighting activity at http:// 
www.ghcc.msfc.nasa.gov/rotating/otd_oval_ full.html). 
This suggests that the density of atmospheric electrical 
activity in these zones may be high enough to tap. 

The current annual global electricity production by the 
world’s power generating industry is 1,22x10'° W-h (Seth, 
A. Nuclear power and its role in global electricity and 
energy, Institute for Energy and Environmental Research, at 
http://www.ieer.org/ensec/no-1/glbnrg.html (1997)) which 
is only a small fraction, about “oth, of the electricity 
generated and discharged naturally by lightning activity. As 
lightning represents only peak charge density events, the 
localized total charge production of thunderstorms is nec- 
essarily underestimated by a factor, the magnitude of which 
is still unknown. 

These indicate that atmospheric electricity, if harnessed, 
could meet all the energy needs of mankind. This invention 
describes a new electrical phenomenon that allows the 
conversion of electrostatic energy into an alternating cur- 
rent. 
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Research on the average electrical power generated and 
dissipated by the Earth’s global electrical circuit suggests 
that about 2000 thunderstorms are in progress at any given 
time, and that the average storm current delivered to the 
ionosphere is of the order of one ampere (Roble, R. G. Tzur, 
I. in The Earth’s Electrical Environment, Studies in Geo- 
physics (National Academy Press, Washington D.C., 1986) 
pp. 206-231). The potential difference between the Earth 
and the ionosphere is of the order of 500 kV; therefore, the 
total source power is of the order 2000x1x5x10°, or 10, 
watts over the entire planet. Thunderstorms produce an 
average of one to several nanoamperes per square meter at 
the surface (Standler, R. B. and Winn, W. P. Quart. J. Met. 
Soc. 105 285 (1979)). These estimates would suggest that 
there might not be sufficient energy to tap. 

However, the limitation of these low, average Earth 
surface current densities is not applicable to the pyramid 
collector for several reasons. In thunderstorms, terawatts of 
electrical power are generated over relatively long periods of 
time. To capture this electric power and prevent its 
dissipation, an effective “charge sink” is necessary. The 
sub-optimal geometry of the Earth’s surface terrain and its 
relatively low conductivity produce an ineffective sink 
which leads to small ground surface current densities. A 
metal pyramid, however, due to its optimal geometry and 
construction acts as an effective charge sink. 

FIG. 3 shows power transmission on the pyramid setup. In 
FIG. 3, a pyramid 200 as described above is in contact with 
a coil 202 and a bridge rectifier 204. The latter is charging 
capacitor 206 which feeds load 208. Oscilloscope 210 
measures the voltage drop on the load. 

Accordingly, one embodiment of the invention is a 
method for converting DC electrostatic energy into usable 
electrical energy, the method comprising the steps of: 

(1) providing a capacitor of pyramidal shape; 

(2) placing an insulated coil on the surface of the 
capacitor, the coil having leads; 

(3) attaching a rectifier to the leads of the coil, the rectifier 
having leads; and 

(4) attaching a capacitor or a battery to the leads of the 
rectifier so that DC electrostatic energy is converted into 
usable electrical energy. 

As detailed below, typically, a clock-like signal is 
detected from the leads of the coil. The signal can be 
rectified, pooled in a capacitor, or pooled in a battery. 

A production pyramid, with a projected 40,000 m? base 
surface area, a height of 150 m, and a metallic composition 
would provide a far more effective charge sink than the 
surrounding ground surface. As current always flows in the 
direction of least resistance, this would lead to a concen- 
trated flow of current from the thunderclouds into the 
pyramid. As a result, a column of air above the surface of the 
pyramid would become highly ionized and much more 
conductive than the air in the surrounding area. This would 
ensure a rapid transfer of charges from the thunderclouds 
into the pyramid. Therefore, the current flowing into the 
pyramid would likely be very strong. As a result, lightning 
activity could be reduced or abolished. In addition, since the 
threshold effect causes exponential power amplification, 
such a pyramid could produce very large quantities of 
electrical energy. 

The generation of thunderstorm-related electrical energy 
in the atmosphere shows a high degree of concentration into 
three major geographical zones (Miller, T. L. Global light- 
ning activity at http:/Avww.ghcc.msfc.nasa.gov/rotating/ 
otd_oval_full.html). By placing energy-producing pyra- 
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mids into these zones of high-energy electrical activity, vast 
quantities of electricity could be obtained. Atmospheric 
electricity would be a renewable, clean energy source, and 
could give us the opportunity to begin reversing the process 
of global warming caused by anthropogenic greenhouse gas 
emissions. This process, which now produces well- 
measurable results, threatens to upset our ecosystem with 
unpredictable consequences (Kerr, R. A. Science 286 1828 
(1999)). 


Electrostatic energy could also be used to produce a 
propulsive force. A capacitor made into the shape of a 
pyramid or cone is suitable. The conductive elements of the 
capacitor are layered into the pyramidal or conical segment 
of the hull of such craft. Optimally, there should be several 
layers of negatively charged conductors on the outside while 
a single layer of positively charged conductor is in the inside 
of the craft. All conductive elements should be carefully 
insulated in order to maintain the charges inside the capaci- 
tor. 


In the center of the craft, a conductive, insulated pole is 
mounted such that the pole extends out into the exterior at 
the top of the craft. The tip of that pole has a metal ball 
mounted on which is also positively charged. When all 
capacitor plates are charged, a pressure differential is 
induced and above the craft the pressure will be higher than 
at the bottom of the craft. This pressure differential is 
unstable and progresses towards an equilibrium. It will 
propel the craft forward in order to eliminate the pressure 
gradient. This requires that a sufficiently high voltage (>100, 
000 V) be applied. The capacitors incorporated into the hull 
will give control over the lift. 

To obtain directional control over all three axes of 
movement, three capacitors need to be mounted at the 
bottom of the craft placed 120° apart from each other. These 
capacitors could take the shape of a ball and would be 
mounted on retractable shafts. The top half of the capacitors 
would be positively charged while the bottom half is nega- 
tively charged. When in flight, the capacitors are retracted 
and charged based on the needs of directional control so that 
the ball-shaped capacitors provide lateral movement control 
for the vehicle. To achieve forward movement, the charges 
on one capacitor facing the direction of the desired path 
should be reduced relative to the other two capacitors. This 
would make the craft tilt forward and start moving in that 
direction. An alternative method of lateral directional con- 
trol could be obtained by dividing the capacitor bank inside 
the hull into segments which segments would be charged 
individually. 

Upon landing, the three ball capacitors would be pro- 
tracted on their shafts and serve as landing gear. On landing, 
they would be discharged because the earth is the greater 
ground. On launching, the main capacitors of the hull would 
be activated leading to takeoff. The three-capacitor landing 
gear would then be retracted and charged up so that they can 
function for lateral directional control after takeoff. 
On-board static generators would supply voltage required 
for the operation of the craft. 

Accordingly, another embodiment of the invention com- 
prises a method for converting DC electrostatic energy into 
propulsive force comprising the steps of: 

(1) providing a first capacitor of pyramidal shape; 

(2) placing an insulated conductive tip on the point of the 
capacitor; 

(3) providing a static generator for charging the capacitor, 
and 

(4) attaching 3 ball-shaped smaller capacitors to the 
bottom of the pyramidal-shaped capacitor; and 

(5) providing means to extend or retract the ball-shaped 
capacitors from the pyramidal-shaped capacitor, so DC 
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electrostatic energy is converted into propulsive force by the 
action of the first capacitor and the 3 ball-shaped smaller 
capacitors provide directional control. 


Inertial forces pose great obstacles to improving the 
performance of current propulsion systems. The most sig- 
nificant aspect of this type of propulsion would be the loss 
of inertia during acceleration. The passengers of such craft 
would feel no forces acting upon their bodies even 1f the 
craft achieved enormous accelerations. 


This overall design is suitable for the development of a 
wide range of transportation vehicles, from automobile-type 
to aircraft and potentially to spacecraft. With such 
technology, we could eliminate a major factor in environ- 
mental pollution which place a great stress on our ecosys- 
tem. In the United States, transportation vehicles produce 
66% of the greenhouse gases. 


The subject invention offers a solution by providing a 
renewable, non-polluting electricity generation method as 
well as an electricity-based transportation method capable of 
levitation and flight. 

The following Example illustrates the features and advan- 
tages of the subject invention. Accordingly, it is to be 
understood that the description in this disclosure is to 
facilitate comprehension of the invention and should not be 
construed to limit the scope thereof as persons skilled in the 
art can, in light of this disclosure, generate additional 
embodiments without exceeding the scope or departing from 
the spirit of the claimed invention. 


EXAMPLE 1 


Demonstration of the pyramid generator: For the 
experiments, I have selected a one-foot base length foam 
pyramid from a pyramid vendor (The Pyramid Project, Ft. 
Wayne, Ind.). The outside of the pyramid was covered with 
aluminum foil. The pyramid was placed on a 2'x2'insulating 
polyethylene platform equipped with an adjustable height 
2'x2'size aluminum top plate, 146" thick. The height of the 
aluminum plate was adjusted as needed and a gap of | Y4" 
between the plate and the tip of the pyramid was used in the 
experiments. In some experiments, an aluminum pyramid 
was used with a wall thickness of Ys". 

A high voltage (HV) CRT power source producing 30 kV 
DC was taken from a color monitor. I have assumed that an 
actual energy-producing pyramid should be relatively high 
in order to obtain a large voltage drop from its tip to the 
ground. Therefore, assuming a height of 100-150 m for a 
life-size pyramid and a voltage drop of 200-300 V/m near 
the surface of the Earth, the 30 kV is in the range of the 
voltage-drop expected for the height of a life size pyramid. 

The positive pole was attached to the top aluminum plate. 
This simulated the positive charge of the atmosphere. One 
corner of the pyramid was attached to the negative pole of 
the high voltage power source, while the opposite corner of 
the pyramid was grounded. This setup served as a model for 
the electrostatic field distribution around a potential life- 
sized pyramid. As controls, either a 1'x1' sheet of aluminum 
foil or an aluminum foil-covered box, having the main 
dimensions of the test pyramid (1'x1'x7 %""), was used as a 
negative pole. The detector coils were made by winding up 
a 24 gauge enamel-coated magnet wire (20 turns, approxi- 
mately 8 cm in diameter). A Tektronix high-frequency 
oscilloscope, Model no. 2236 was used for signal acquisition 
and analysis. 

The first sets of experiments were control measurements 
with a box of the same height and base length as the test 
pyramid. The detector coil was placed on the top of the box. 
Measurements were taken with or without the high voltage 
applied. One corner of the box was attached to the HV power 
source (negative pole) and the opposite corner to the ground. 
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The same arrangement was used for the flat square (1'x1') 
foil. The peak-to-peak signal amplitude for the box was 8 
mV and the signal frequency was 2 MHz. For the flat foil 
sheet, the signal amplitude was 12 mV with a frequency of 
1.43 MHz. The signal form was of a decaying sine wave. 


When high voltage was applied to these shapes, signal 
amplitude of 14 mV was obtained for the flat sheet and of 16 
mV for the box. The signal frequency was 1.54 MHz for the 
flat sheet and 2 MHz for the box. The waveforms were of 
decaying sine waves in all these experiments. 


When the pyramid was tested without HV, the peak-to- 
peak signal amplitude was measured at 60 mV with a 
frequency of 2 MHz. When the high voltage was applied, the 
signal amplitude increased up to 180-200 mV, while the 
frequency remained at 2 MHz. The pyramid produced signal 
intensity significantly higher than the controls. The signal is 
regularly repeating, clock-like in nature (FIG. 2). When a 
metal (aluminum) pyramid of the same size (wall thickness 
46" inch) was tested in the same high voltage field using the 
same detection coil, a voltage of 1-1.5 V was detected at the 
frequency of 2 MHz. 


To collect energy from the coil, a bridge rectifier (1000 V 
peak voltage at 6 A) was attached to the leads of the coil. The 
rectified current was fed into a capacitor (1500 uF, 250 V DC 
max.), and a direct current of 45 V was obtained. This has 
demonstrated a simple method to convert electrostatic 
energy into a continuous direct current. An 8-turn coil 
having an output of 200-300 V AC (peak-to-peak) was also 
used for energy conversion. The rectified current from the 
8-turn coil powered a 0.186 W light bulb (FIG. 3). The 
bridge rectifier is optimally made of fast-recovery diodes. 


Even in the absence of an externally applied voltage, 
current is always present in the circuit. Charge builds up in 
the capacitor and 1 V was obtained overnight using the 
20-turn coil setup. Over 48 h, a voltage of 5 V was measured. 
Faraday shielding practically abolished the phenomenon. 


The preferred shape of the pyramid as a charge collector 
was again demonstrated in further experiments using the 
8-turn coil-bridge rectifier-capacitor (1,500 uF) assembly 
placed on the 1 ft base length aluminum pyramid. A same 
volume and height aluminum box was used as control. 
Charging times of 1-2 h were used under fair weather 
conditions. For the pyramid, 550 mV was measured on the 
capacitor while on the box 100 mV was obtained. This 
demonstrated the superiority of the pyramidal shape in 
capturing atmospheric electrostatic energy. It also demon- 
strated that we could tap into the electrostatic field of the 
atmosphere and draw electric energy. For the collection of 
energy, a battery could substitute for the capacitor. 

I claim: 

1. A method for converting DC electrostatic energy into 
usable electrical energy, the method comprising the steps of: 

(a) providing a first capacitor of pyramidal shape, the first 

capacitor capable of being charged by and storing DC 
electrostatic energy; 
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(b) placing an insulated coil on the surface of the first 
capacitor, the coil having leads; 

(c) attaching a rectifier to the leads of the coil, the rectifier 
having leads; and 

(d) attaching a second capacitor or battery to the leads of 
the rectifier so that DC electrostatic energy stored by 
the capacitor of pyramidal shape is converted into 
usable electric energy. 

2. The method of claim 1 wherein a clock-like signal is 

detected from the leads of the coil. 

3. The method of claim 1 wherein the signal is rectified. 

4. The method of claim 1 wherein the signal is pooled in 
the second capacitor. 

5. The method of claim 1 wherein the rectified signal is 
pooled in the battery. 

6. A method for converting DC electrostatic energy into 
propulsive force comprising the steps of: 

(a) providing a first capacitor of pyramidal shape, the first 
capacitor capable of being charged by and storing DC 
electrostatic energy; 

(b) placing an insulated conductive tip on the point of the 
first capacitor; 

(c) providing a static generator for charging the first 
capacitor; 

(d) attaching 3 ball-shaped smaller second, third, and 
fourth capacitors to the bottom of the pyramidal-shaped 
first capacitor; and 

(e) providing means to extend or retract the ball-shaped 
second, third, and fourth capacitors from the 
pyramidal-shaped first capacitor, so DC electrostatic 
energy stored by the first capacitor of pyramidal shape 
is converted into propulsive force by the action of the 
first capacitor and the 3 ball-shaped smaller second, 
third, and fourth capacitors provide directional control. 

7. The method of claim 6 wherein the energy stored in the 
pyramidal first capacitor is used for the propulsion of a 
vehicle. 

8. The method of claim 6 wherein the pyramidal first 
capacitor is negatively charged. 

9. The method of claim 6 wherein the insulated conduc- 
tive tip placed on the point of the pyramidal first capacitor 
is positively charged. 

10. The method of claim 6 wherein the ball-shaped 
second, third, and fourth capacitors provide lateral move- 
ment control for the vehicle. 

11. The method of claim 6 wherein the ball-shaped 
second, third, and fourth capacitors serve as landing pods. 

12. The method of claim 6 wherein the ball-shaped 
second, third, and fourth capacitors are retracted after take- 
off. 

13. The method of claim 10 wherein the ball-shaped 
second, third, and fourth capacitors are charged for lateral 
directional control after takeoff. 
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A charged particle induction apparatus and method compris- 
ing a high power light emitting means, such as a laser array, in 
operable communication with a high energy output means to 
accomplish initiation of at least two concentric plasma chan- 
nels in atmosphere extending from the Earth’s surface to the 
charge-rich upper atmosphere, including the ionosphere, for 
the transmission of charged particles therethrough to ground 
using the surrounding atmosphere as an insulator. The trans- 
mitted energy is drawn down (due to an artificially created 
potential) through the conductive plasma channels to collec- 
tion means. 


106 


ALLBAND QRP RIG ~ 


Operating QRP is fun. Operating portable is fun. But, operat- 

ing QRP with the kind of inefficient antenna systems sometimes 

encountered in portable operation is no fun at all. Sure, with a good 

matchbox, you can load a barbwire fence, or a set of bedsprings, but 

those aren't the best radiators in the world, and the puny little 100 

mW QRP rigs will have a hard time getting across the street. While 
facing this dilemma, 1 decided someone should invent the perfect 

QRP rig, one that is small enough to be super-portable, low 
powered enough to run off a lantern battery, and gutsy enough to 
make some noise across town into the average portable antenna. 

Since I am the only inventor I know, I had to call upon myself 
to come up with this “wonder-rig.” And (if I do say so myself) I dida 
pretty good job. The final outgrowth of the requirements is a 
muscle-powered mini-watter I call the “Mini-Mite.” Now you can 
build yourself a Mini-Mite for less than twenty dollars. It is the 
perfect Novice rig with its 7 watts de input; it is the perfect standby 
rig for the oldtimers; and darned if it's not the answer to the QRP 
nut's portable operating dreams. The rig is vfo controlled (why be 
old-fashioned?), it runs a solid five watts, can be held in one hand, 
and has a complement of controls you would expect to find only on 
more expensive rigs. You can build it for any or all the bands of your 
choice, 80-10 meters. And, finally, if you insist on staying around 
the one watt level with your QRPing, you can leave out the final for 
a dandy low-power “low power” transmitter. 

Figure 6-25 is a block diagram of the Mini-Mite. The rig is 
pretty straightforward as far as using conventional circuits. Once 
you are into the schematic you will see some unique features that 
save space and money in the rig. The vfo circuit is very stable and 
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Fig. 6-25. Block Diagram. The Driver and Final stage tuned circuits are 
selected for the band of your choice. Note they operate straight through on 
all bands for maximum efficiency. *This buffer is optional; it may be added 
to reduce vfo pulling—this is especially helpful when the unit is used with 
break-in keying. The keying points (shown by “X") have various advan- 
tages and disadvantages. See the text for a complete discussion. 


242 


Patent Application Publication Jan. 28, 2016 Sheet 1 of 3 US 2016/0029467 Al 


FIG. 1 


Patent Application Publication Jan. 28, 2016 Sheet 2 of 3 US 2016/0029467 Al 


-57 64 
Aoc ale de 
sd Eli e — Bl A 
8 50 y, 66 106 
5/7 


FIG. 2 


US 2016/0029467 Al 


Jan. 28, 2016 Sheet 3 of 3 


Patent Application Publication 


VIVIOLINIVN 


¢ 91 


HIVIHSOLINOWW Aa 


AJOHS M 


SS 
iS 
S 


Si 
r 


7, 
x) ii 
IfA X 
f, k 
te 
e 


{Wy 001-0) I8IHASOWIV SHY 
01 SNIVIVAdY 40 NOILV)O1 1301 


SIMUAVA ANIM AV10S SNIWODNI 


08 
\ 


US 2016/0029467 Al 


CHARGED PARTICLE INDUCTION FROM 
IONOSPHERE TO GROUND 


CROSS-REFERENCE TO RELATED 
APPLICATIONS 


[0001] The present application is a continuation of U.S. 
patent application Ser. No. 14/197,698, filed Mar. 5, 2014; 
which is a continuation of U.S. patent application Ser. No. 
12/917,447, filed Nov. 1, 2010 (now U.S. Pat. No. 8,693,160) 
which claims the benefit of U.S. Provisional Application Ser. 
No. 61/280,131, filed Oct. 31, 2009; all of which are hereby 
incorporated by reference herein in their entirety, including 
any figures, tables, or drawings. 


FIELD OF THE INVENTION 


[0002] The present invention relates to the transmission of 
ionospheric energy through at least two “ionosphere-to- 
ground” coaxial laser-induced plasma channels formed 
through the Earth’s atmosphere. As used herein, the term 
“ionospheric energy” means charged particles, namely ions 
and electrons, in the ionosphere. As used herein, the term 
“channel” means a conduit having walls comprised ofionized 
or partially ionized gas, the channel being substantially ring- 
shaped in cross-section, the walls serving as the conductive 
path through which charged particles are induced to ground. 


BACKGROUND OF THE INVENTION 


[0003] The need to develop alternative clean renewable 
energy supplies is becoming critical. Problems of climate 
change and global warming due to carbon emissions are 
becoming an accepted fact. The dramatic rise in the cost of 
petro-chemical energy is due to decreased supplies and 
increase in world demand. There is increasing political insta- 
bility of regions of the world that have large oil supplies. 
There are geo-political and economic ramifications of being 
dependent on imported energy or on being economically 
dependent on the export of energy from dwindling energy 
reserves. 

[0004] Heretofore, space solar power has been considered 
as an alternative clean energy source. Space solar power is 
clean, inexhaustible, available 24 hours a day, and has the 
potential to generate as much energy as terrestrial power 
plants. However, because of the filtering effect of the Earth’s 
atmospheric gases (air acts as an insulator), and for other 
reasons such as reflection and absorption, only a fraction of 
solar energy in any given area reaches Earth. The average 
solar power per unit area outside Earth’s atmosphere during 
any given time period is about 136% that available on Earth’s 
surface during direct sunlight (1336 W/m2). Various appara- 
tus and methods have been considered, and some developed, 
to compensate for this shortcoming. 

[0005] A very recent proposed solution is described in 
pending U.S. Patent Application No. 2009/0171477 of Ney- 
feh et al. which describes systems and methods that employ 
high-intensity lasers to set up a thin plasma sheet, also called 
a waveguide or “hot shell”, in the atmosphere as a function of 
beam intensity and geometry. A laser beam can be spread and 
directed with physical optics to generate a thin inverted cone- 
shaped hot shell waveguide in the atmosphere. According to 
Neyfeh, the hot shell of the waveguide has a different index of 
refraction from that of the surrounding air layers and as such 
serves to internally reflect portions of the entering solar ray 
entering an aperture in the hot shell, toward the tip of the cone 
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and a solar energy storage component positioned there, thus 
providing a virtual solar energy concentration system. The 
Neyfeh et al. systems and methods, therefore, endeavor to 
make the best of the filtered solar energy present in Earth’s 
atmosphere. 


[0006] Another proposed solution is to collect the Sun’s 
energy in space, where it is more concentrated, via satellite- 
based or lunar-based collection stations. The energy must 
then be transmitted from the collection point in space to the 
Earth’s surface. Since wires extending from Earth’s surface 
to an orbiting satellite would be impractical, many space- 
based solar power designs have proposed the use of micro- 
wave or laser beams for wireless power transmission. The 
collecting station would convert solar energy into electrical 
energy, which would then be used to power a microwave 
emitter or laser directed at a collector on the Earth’s surface. 
There are numerous technical, political, legal and economic 
challenges to building space solar power stations. Limitations 
in photovoltaic technology and the difficulty of building large 
structures in space are some of the issues. In the past, launch 
costs have been prohibitive. In addition to the relatively high 
costs involved with this method, other problems include 
cumulative radiation damage or micrometeoroid impacts. 


[0007] The underlying physics of wireless power transmis- 
sion resembles that of wireless communications, but with an 
important difference. Unlike information transfer, where the 
percentage of received power must be only sufficiently high 
enough to recover the signal, wireless power transmission 
places a critical emphasis on the maximum amount of pos- 
sible energy transfer and conversion efficiency. Ideally, a 
wireless power transmission system would have the ability to 
transmit any amount of power to any point in space, but 
practical limitations such as conversion efficiencies at the 
source and the receiver, and disturbances in the transmission 
medium will always limit the performance of an implemented 
system. 


[0008] For instance, as recently as 2006, the highest 
amount of energy obtained from a receiver when testing high 
intensity lasers to illuminate vertical multi junction solar cells 
developed by NASA-GRC was 23.7778 watts. One vertical 
multi junction solar cell was able to achieve a power density 
of 13.6 watts per cm”, at a conversion efficiency of 24%. 
Although these experiments confirm that the VMJ technology 
can withstand and utilize the high intensity laser energy with- 
out damage or significant reduction in previously known con- 
version efficiencies, wireless power transmission via high 
intensity laser beaming technology is not yet ready for high 
order energy transfer. In short, the main limiting factors to the 
laser power beaming system are the conversion efficiencies of 
the laser (electrical to photonic) and the photovoltaic cells 
(photonic to electrical). Although there are a variety of pho- 
tovoltaic cells on the market approaching conversion efficien- 
cies of 40% (such as triple junction cells), these technologies 
cannot operate at intensities 1000 times or greater than that of 
the sun. 


[0009] Based on the above, it is clear that there is a strong 
desire to harness the energy existing in both our atmosphere 
and beyond, but it is apparent that the various methods and 
apparatus designed to capture and utilize this energy source 
are attendant with various, problems, shortcomings and limi- 
tations. 
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SUMMARY OF THE INVENTION 


[0010] In order to meet the need in the art, the subject 
invention presents an entirely different approach to “tapping” 
this vast energy source. At least one preferred embodiment of 
the invention is discussed below. 

[0011] The Earth’s surface—ocean and solid—and the 
ionosphere are highly conductive. The atmosphere conducts 
electricity because of the presence of positive and negative 
ions plus free electrons. Conductivity is poor near sea level 
but increases rapidly with height up to the ionosphere; also it 
is greater at polar latitudes than equatorial. Between ground 
and the Ionosphere, the atmosphere acts an insulator. 

[0012] The ionosphere begins at a height of about 50 km 
(30 miles) above the Earth’s surface, but itis most distinct and 
important above 80 km (50 miles). In the photochemical 
ionosphere (which is mostly contained within the thermo- 
sphere but also partly extends into the neighboring mesos- 
phere), cosmic radiation of high-energy sub-atomic particles 
and the absorption of much of the solar ultraviolet radiation 
separates negative electrons from oxygen and nitrogen mol- 
ecules. The ions and free electrons move rapidly under the 
influence of electrical forces—the ionospheric wind—and 
the ionosphere 1s highly conductive in this region. During fair 
weather there is an electric potential difference of 250,000 to 
500,000 volts between the ionosphere and the Earth’s surface, 
the surface being negative relative to the ionosphere. This, 
incidentally, gives rise to the fair weather current, which is a 
steady flow of electrons from the surface at about one micro- 
watt per square meter. The subject invention is directed gen- 
erally toward the exploitation of this electric potential differ- 
ence, and more specifically to a system, method and 
apparatus for inducing a flow of charged particles from the 
charged upper atmosphere, including but not limited to the 
ionosphere, to ground through concentric laser induced 
plasma channels (“con-channels’’). 

[0013] Itis widely recognized that a laser beam of suitable 
wavelength can penetrate through a gas medium over great 
distances and will establish a partially ionized trail there- 
through. Examples of laser systems used to produce a thin 
ionizing beam through the atmosphere are taught in U.S. Pat. 
No. 3,719,829 issued to Vaill in 1973 entitled, Laser Beam 
Techniques and U.S. Pat. No. 5,726,855 issued to Maourou et 
al. in 1998 and entitled, Apparatus and Method for Enabling 
the Creation of Multiple Extended Conduction Paths in the 
Atmosphere. Mourou et al. teaches an apparatus and method 
for enabling the creation of multiple laser generated extended 
conduction paths in the atmosphere to safely control the dis- 
charge of lightning strikes to a grounding tower. It is also well 
known in the art that a plasma channel has a low electrical 
resistance and, once formed, will permit continuous current 
flow if the energy source that heats the plasma can be main- 
tained. Unlike a normal electrical conductor, the resistance 
(and voltage drop) across an unconfined plasma channel 
decreases with increasing current flow, a property called 
negative resistance. Because plasmas are conductive and 
respond to electric and magnetic fields and can be efficient 
sources of radiation, they are usable in numerous applications 
where such control is needed or when special sources of 
energy or radiation are required. 

[0014] Unfortunately, it has been observed that a highly- 
ionized path will tend to lose its straight-line configuration 
after creation and will begin to wander transversely in ser- 
pentine configurations, which wandering, once started, will 
grow progressively worse. Moreover, charges carried in 
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plasma channels tend to self constrict due to magnetic forces 
stemming from the current flowing through the plasma. This 
phenomenon is known as the “plasma pinch”. Upon constrict- 
ing of the charge as a result of the pinch, the current will then 
follow the path of least resistance to ground which is by its 
nature unpredictable and dangerous. 


[0015] Applicant's methods and apparatus overcome these 
shortcomings through the creation of at least two concentric 
conductive paths to and from which the wandering current 
may “jump”, in alternating fashion, thereby maintaining a 
continuous flow of energy in the desired direction from the 
ionosphere to the terrestrial target collection apparatus. 
According to the present invention there is thus provided a 
ground-to-ionosphere laser-induced conduction path of con- 
centric plasma channels through Earth’s atmosphere along 
which charged particles within the ionosphere may be trans- 
mitted to Earth. The term “atmosphere” as used herein means 
the mass of air surrounding the Earth. The term “plasma” as 
used herein means a combination of neutrons, ions, electrons 
and fields that have conductive and collective effects. 


[0016] The subject apparatus more specifically comprises 
high power light emitting means, such as a laser array, in 
operable communication with a high energy output means to 
accomplish initiation of at least two concentric plasma chan- 
nels from the Earth’s surface to the ionosphere for the trans- 
mission of ionospheric energy therethrough. The path need 
only remain open for relatively short intervals to transmit high 
orders of energy. The transmitted energy is drawn down 
through the conductive plasma channels to at least one inter- 
vening electrode mounted to a support structure. Charges 
flow down through the channels to the electrode as they 
approach ground and the conductive electrode carries the 
energy away from the laser assembly to avoid damage to or 
destruction thereof. The at least one electrode will then pass 
these charges onto a capacitor bank or other storage means to 
store them. The at least one electrode is mounted to a support 
structure housing heat dissipation means well known in the 
nuclear fission art. The light emitting means is preferably 
insulated from and/or located remotely from the at least one 
electrode in order to protect the former from damage which 
could result if the high order energy being transmitted 
through the plasma channels was not intercepted by the elec- 
trode(s). Ideal locations for the subject apparatus are also 
described. 


[0017] There has thus been outlined, rather broadly, the 
more important components and features of the invention in 
order that the detailed description thereof that follows may be 
better understood, and in order that the present contribution to 
the art may be better appreciated. There are, of course, addi- 
tional features of the invention that will be described herein- 
after and which will form the subject matter of the claims 
appended hereto. In this respect, before explaining at least 
one embodiment of the invention in detail, it is to be under- 
stood that the invention 1s not limited in its application to the 
details of construction and to the arrangements of the com- 
ponents set forth in the following description or illustrated in 
the drawings. The invention is capable of other embodiments 
and of being practiced and carried out in various ways. Also, 
it is to be understood that the phraseology and terminology 
employed herein are for the purpose of description and should 
not be regarded as limiting. As such, those skilled in the art 
will appreciate that the conception, upon which this disclo- 
sure is based, may readily be utilized as a basis for the design- 
ing of other structures, methods and systems for carrying out 
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the several purposes of the present invention. It is important, 
therefore, that the claims be regarded as including such 
equivalent constructions insofar as they do not depart from 
the spirit and scope of the present invention. 

[0018] Further, the purpose of the foregoing abstract is to 
enable the U.S. Patent and Trademark Office and the public 
generally, and especially the scientists, engineers and practi- 
tioners in the art who are not familiar with patent or legal 
terms or phraseology, to determine quickly from a cursory 
inspection the nature and essence of the technical disclosure 
of the application. The abstract is neither intended to define 
the invention of the application, which is measured by the 
claims, nor is 1t intended to be limiting as to the scope of the 
invention in any way. 

[0019] For a better understanding of the invention, its 
advantages and the specific objects attained by its uses, ref- 
erence should be had to the accompanying drawings and 
descriptive matter in which there is illustrated a preferred 
embodiment of the invention. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0020] The invention will be better understood and objects 
other than those set forth above will become apparent when 
consideration is given to the following detailed description 
thereof. Such description makes reference to the annexed 
drawings wherein: 

[0021] The invention will be better understood and objects 
other than those set forth above will become apparent when 
consideration is given to the following detailed description 
thereof. Such description makes reference to the annexed 
drawings wherein: 

[0022] FIG. 1 is a highly simplified schematical view of 
energy being transmitted from the ionosphere to ground via 
concentric laser-induced plasma channels produced by the 
subject apparatus in atmosphere (not-to-scale); 

[0023] FIG.21s simple schematic illustration of the subject 
apparatus for inducing the flow of charged particles from the 
ionosphere to ground through concentric laser induced 
plasma channels (not-to-scale); and 

[0024] FIG. 3 is a simplified schematical view of the earth 
with a magnetic field (force) line along which the present 
invention may be carried out (not-to-scale). 


DETAILED DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


[0025] Reference is now made to FIG. 1 in which there is 
illustrated a highly simplified schematic view of energy E 
being transmitted from the ionosphere 100 through atmo- 
sphere 102 via concentric plasma channels 36,38 generated 
by the subject apparatus which is designated generally by 
reference numeral 10. Apparatus 10 is situated on the earth’s 
surface 104 at preferred locations herein described. 

[0026] Referring to FIG. 2, apparatus 10 is comprised of 
three primary components: 1) a wireless conductive channel 
producing means 12 or “atmospheric auger” connected to an 
energy source 14, 2) charged particle receiving means 16 and 
3) energy storage means 18. Each primary component is 
described in detail below, together with secondary compo- 
nents of the subject apparatus. 

[0027] Wireless conductive channel producing means 12 
(hereinafter “plasma channel producing means”) is com- 
prised of first ionizing beam emitting means 20 used to create 
a first ionizing beam 22, and second ionizing beam emitting 
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means 24 used to create a second ionizing beam 26. The term 
“ionizing beam emitting means” as used herein includes not 
only presently known lasers, but also other light sources 
which will excite ionization in a medium. Lasers utilize the 
natural oscillations of atoms or molecules between energy 
levels for generating beams 22,26 of highly amplified and 
coherent electromagnetic radiation of one or more discrete 
frequencies, which in turn generate first and second conduc- 
tive paths 28,30, respectively. The laser means used to estab- 
lish conductive paths 28,30 should be selected with regard to 
energy, pulsewidth and wavelength so that it provides control 
of ionization concentration in each plasma channel. In a gas 
medium it is important that the ionizing beams 22,26 are 
controlled for optimum transmission of a charge. 


[0028] Technologies that facilitate the creation of the sub- 
ject con-channels include recent advancements in ultra-high 
intensity pulsed lasers and their transmission optics which 
together can generate a plasma field and have precise control 
over the field’s geometry. Information regarding the manipu- 
lation and transmission of high powered lasers is generally 
classified due to the nature of their application. It is well 
known however, that successful high power laser systems are 
currently operation, and it follows that the condition and 
control optics are in place to handle such a system. According 
to an embodiment described herein, this technology is 
adapted to generate the con-channels. Ultra-high power 
pulsed or continuous lasers are now available in the Megawatt 
class, such as the Airborne Laser (ABL) built by Northrop 
Grumman. The lasers employed by the subject apparatus and 
methods should also by capable of varying the chirp of the 
input pulse to achieve control of the filamentation over hori- 
zontal kilometric distances. By way of example, one embodi- 
ment may include a Ti:sapphire CPA (Chirp Pulse Amplifi- 
cation) laser system operating at 10 Hz and delivering a 
maximum output power of 0.2 TW per pulse. The pulse 
duration approximates 130-135 fs (FWHM). The beam may 
be truncated by a circular aperture having a desired radius in 
order to have a more stable beam shape with a perfect or 
near-perfect circular symmetry. 


[0029] Those skilled in the art will readily recognize that 
there are two main mechanisms responsible for the photoion- 
ization of air: avalanche ionization and multiphoton ioniza- 
tion. In avalanche ionization, or sometimes known as cascade 
ionization, the bound electrons in the valence shell of air 
molecules usually have an energy bandgap greater than the 
incident laser photon energy. However, a small number of free 
electrons exist. These free electrons may be generated 
through high altitude ionization of air molecules, radicals, 
break-up of aerosol molecules, thermal ionization or mul- 
tiphoton ionization. These free electrons constitute the 
required seed electrons for avalanche ionization. Although 
these free electrons may exist in small number initially and 
have low kinetic energy, through a process called inverse 
bremsstrahlung, they can be accelerated to gain enough 
kinetic energy to impact ionize a molecule in collision, result- 
ing in more free but slower electrons. The whole process 
repeats itself with more electrons gaining higher kinetic 
energy, exceeding the ionization potential of the bound elec- 
trons, to impact even more molecules, leading to an avalanche 
with the resultant formation of a plasma. In this inverse 
bremsstrahlung process, the free electrons absorb photons 
through the laser field when they collide with atoms or mol- 
ecules. A free electron does not absorb laser energy directly 
without any collision. This is because the free electron simply 
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quivers in the oscillating laser field, and when averaged over 
an optical cycle, it does not gain any net energy. The other 
dominant photoionization mechanism is the multi photon 
ionization process. Through this process, bound electrons 
may absorb several laser photons simultaneously to over- 
come their ionization potential. Multiphoton ionization 
depends largely on the laser operating frequency. Either 
method may be employed with the subject application. 


[0030] In order to transform first and second conductive 
paths 28,30 into the desired cylindrical-shaped first and sec- 
ond plasma channels 36,38 it is necessary to cause their 
movement around a common central axis 40. First and second 
beam moving means 32,34 are provided for this purpose and 
are comprised of either or a combination of mechanical or 
optical means. The manner in which at least two concentric 
plasma channels are generated using first and second ionizing 
beams 22,26 is not critical provided the properties (1.e., 
length, ionization intensity, uniformity, etc.) of each channel 
is controllable. Applicant’s co-pending U.S. patent applica- 
tion entitled, Wireless Transmission Of Energy Through Con- 
centric Laser-Induced Plasma Channels In Atmosphere, filed 
contemporaneously with the instant application and incorpo- 
rated herein in its entirety, teaches at least one method of 
producing at least two concentric plasma channels. As previ- 
ously stated, the term “channel” means a conduit, substan- 
tially ring-shaped in cross-section, having walls comprised of 
partially ionized gas (“plasma”), each wall being created by 
the movement of first and second conductive paths 28,30, 
respectively. First plasma channel 36 and second plasma 
channel 38 share a common central longitudinal axis; they are 
concentric channels (or co-axial from a three-dimensional 
linear perspective). In alternate embodiments, the outermost 
channel and any channels between 1t and the innermost chan- 
nel may be shaped like a funnel or frustum, narrower at point 
of origin and progressing outward as it extends into the atmo- 
sphere. U.S. Pat. No. 6,377,436 issued to Margolin on Apr. 
23, 2002 and entitled, Microwave Transmission Using a 
Laser-Generated Plasma Beam Waveguide, which said refer- 
ence is incorporated herein in its entirety to the extent it is not 
inconsistent with the explicit teachings of this specification, 
teaches various directed energy beam systems in the form of 
channels or “shells”. Although the Margolin shells are used as 
a guide through which microwaves are transmitted rather than 
high order energy, the means by which the shells are created 
are instructive and find utility in the instant case. It should be 
appreciated that multiple concentric plasma channels may be 
created with at least two being the minimum required and at 
least three channels being preferred. 


[0031] With continued reference to FIG. 2, power to each 
ionizing beam emitting means is supplied by energy source 
14. The voltage required is related to and increases with the 
length of the path to be ionized. The energy in Joules required 
to excite the gas molecules in the path into ionization can be 
calculated in advance knowing the density of the molecules 
and the approximate diameter and length of the conductive 
path over which the energy from the ionosphere is to be 
transmitted. By way of example, energy source 14 may be 
comprised ofa Marx generator which is capable of generating 
a high-voltage pulse. Voltages produced may exceed 2 mil- 
lion volts. 


[0032] Charged particle collection means 16 comprises a 
charged particle attraction structure. Such structure includes 
at least one elongated electrode 42 generally somewhat simi- 
lar to the lightning rods which are normally used to direct the 
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electrical energy to ground when protecting buildings and the 
like. Electrode 42 is mounted to a support structure 44 gen- 
erally, and to a conductive hemispherical dome 46 thereof 
specifically. A charge indicated by symbol + is applied to the 
at least one electrode 42 and/or dome 46 via charging means 
48 which can impart a charge via conduction or induction 
(friction being impractical). Note that the + symbol is used as 
a substitute for the more conventional symbol “e” which of 
course can be either positive or negative. The hemispherical 
shape allows for the widest variance of charge wandering 
during energy transfer to the Earth’s surface. This orb-like 
structure may include openings through its ionosphere-facing 
surface to allow the transmission of at least one ionizing beam 
therethrough with the actual light emitting means located 
remotely enough from the orb surface to mitigate against 
damage from expected energy loads. 


[0033] The induction of ionospheric energy utilizing the 
subject apparatus 10 may be likened to the induction of a 
lighting strike, only of greater magnitude. A lightning strike 
discharges about 1-10 billion joules of energy and produces a 
current of some 30,000-50,000 amps, which heats the sur- 
rounding air to over 20,000 degrees Celsius. A single light- 
ning bolt unleashes as much energy as blowing up a ton of 
TNT. Because of the enormous amount of heat attendant with 
the collection of ionospheric energy, even over a relatively 
short period of time, heat dissipation means are associated 
with the subject apparatus 10. In one embodiment, heat dis- 
sipation means may be housed within support structure 44 as 
indicated by the “down arrow delta” symbol. Alternatively, 
heat dissipation means may be connected to support structure 
44 but remote therefrom. Guidance for the design of a safe 
and efficient cooling system may be found in the nuclear 
science field of art for example, or in other power generation 
facilities. The main types (mechanisms) of heat transfer to be 
employed are 1) Wet cooling towers or simply cooling towers 
which operate on the principle of evaporation wherein the 
working fluid and the evaporated fluid (usually H,O) are one 
and the same; 2) Dry coolers which operate by heat transfer 
through a surface that separates the working fluid from ambi- 
ent air, such as in a heat exchanger, utilizing convective heat 
transfer (they do not use evaporation); and 3) Fluid coolers 
which are hybrids that pass the working fluid through a tube 
bundle, upon which clean water is sprayed and a fan-induced 
draft applied; the resulting heat transfer performance is much 
closer to that of a wet cooling tower, with the advantage 
provided by a dry cooler of protecting the working fluid from 
environmental exposure. In all applications, water may be 
tapped from a nearby water source 50 or other fluids used. 
Steam turbines (not shown) may be utilized to extract thermal 
energy from pressurized steam and convert it into rotary 
motion for the generation of electricity which may be utilized 
locally to power system components and/or fed to a local 
power grid 106. Note that the release of steam in the iono- 
spheric energy induction process will interfere with the 
photo-ionization of surrounding air and is therefore undesir- 
able. 


[0034] Once ionospheric particles are attracted to charged 
particle collection means 16 in the above described manner, 
the resulting electrical current is directed through the heat 
dissipation means via a first wire conductor 52 downwardly 
through support structure 44 to a surge arrestor assembly 
designated generally by reference numeral 54. Such surge 
arrestor assembly is connected directly to ground 56 and has 
a switching assembly (not shown for purposes of clarity). The 


US 2016/0029467 Al 


switch assembly is a structural adaptation of the surge arrestor 
assembly 54 serves automatically or manually to direct cur- 
rent flow either to energy storage means 18 via second wire 
conductor 58 when the conductive path is “open” orto ground 
56 when the conduction path is closed. Energy storage means 
18 may be comprised of, for example, a capacitor bank as 
illustrated or some other suitable means such as a collection 
coil of superconductive material as has been proposed in the 
art. 


[0035] Various systems, methods and apparatus may be 
employed to convert the energy stored in energy storage 
means 18 to use. By way of example only, when energy stored 
within energy storage means 18 is required, a suitable switch- 
ing apparatus (not shown for purposes of clarity) may be 
activated and the stored energy passed through a converter 
apparatus 60 structurally adapted to convert current coming 
from energy storage means 18 from D.C. to A.C. The A.C. 
current may then be passed through a transformer 62 for the 
purpose of regulating voltage before the current is directed 
into the power grid 106 for practical distribution and use. 
Energy may be transmitted from transformer 62 to power grid 
106 via conventional power take-off means 64 and/or wire- 
lessly 66 in a manner described in applicant’s aforementioned 
co-pending application. 

[0036] In operation, ionizing beam emitting means may be 
applied in continuous or, more likely, pulsed fashion, as deter- 
mined by controller 68 used to activate energy source 14. 
Alternatively, at least one ionizing beam emitting means may 
be operated in continuous fashion while at least one other 
ionizing beam emitting means may be operated in pulsed 
fashion. The intensity of both may additionally be modulated. 
In the event that the emitting means provides outputs which 
are continuous the control circuit will comprise merely on-off 
means, but where pulsed lasers and/or a pulsed energy source 
are used, the control circuit will comprise a trigger, suitable 
for firing each ionizing beam emitting, and also for control- 
ling the rate at which each repeat their outputs. Pulsed sys- 
tems have the advantage of providing quiescent intervals 
between their output pulses during which the ionized plasma 
in the portion of the beam which is located between the 
electrodes can die out to permit the system to start all over 
again and re-establish a straight-line highly conductive path 
of narrow and well defined proportions. The periodic extin- 
guishing of each channel ina pulsed system is beneficial since 
it allows unstable ionization to die out so that it can be rees- 
tablished in a new channel which is both straight, and highly 
defined and concentrated. The subject apparatus provides a 
means of assuring that at least one plasma channel 36,38, etc. 
is always open at any point in time thereby assuring that the 
energy to be transmitted always has a pre-defined conductive 
path to travel upon to the target collection means 16. For 
instance, while plasma channel 32 is extinguished, controller 
68 assures that plasma channel 36 is active. As previously 
stated, the periodic discharges from the at least two ionizing 
beam emitting means can be synchronized to produce, in the 
aggregate, a constant directional plasma channel between the 
ionosphere and ground. The overall transition of the Earth’s 
atmosphere within the concentric laser induced plasma chan- 
nels from insulator to conductor is in correlation to the Bose- 
Hubbard (boson Hubbard) model. In contrast to relatively low 
order energy transfer at colder temperatures demonstrated by 
fermion conductors, the subject invention provides high order 
energy transfer at ambient temperatures using Hubbard’s 
principles as applied to bosons. 
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[0037] FIG. 2 illustrates the manner in which energy is 
transmitted from its point of origin in the ionosphere 104 to 
collection means 16. First and second plasma channels 36,38 
comprise a plasma which is highly conductive and which is 
propagating along directional arrow 108. Prior to transmis- 
sion of ionospheric charged particles, designated by circum- 
scribed minus signs, through plasma channels 36,38, the 
channels remain fairly well defined for a usable interval of 
time. However, when the energy to be transmitted is intro- 
duced into and travels along a given plasma channel, the 
charge will eventually begin to self constrict due to magnetic 
forces stemming from the current flowing through the plasma 
causing the charge to close upon itself and leaving the energy 
being transmitted with no clear path to follow, potentially 
striking unintended targets. 


[0038] The employment of at least two, and preferably at 
least three, concentric plasma channels in accordance with 
the subject invention mitigates such occurrences by providing 
adjacent conductive paths which ionospheric energy can 
“jump to” when losing its point-to-point direction. After the 
charge transitions to its new conductive path, the last-trav- 
elled path is regenerated by its corresponding ionization 
beam emitting means. The subject apparatus and methods, 
therefore, provide that at least one conductive path is always 
open and in close proximity to a neighboring current-carrying 
plasma channel. 


[0039] In the example illustrated in FIG. 2, a potential 
exists between free charged particles in the ionosphere, on the 
one hand, and charged electrode 42 and dome 46 on the other. 
First and second plasma channels 36,38 provide a bridge 
between them for the transmission of the former to the latter. 
Charged particles from the ionosphere are drawn into the 
walls of whichever plasma channel is open at the time (in the 
instant illustration, plasma channel 36, and begin to travel 
downwardly there along a first distance or time interval d, 
until the current is pinched and can no longer travel along its 
current channel. At that time the errant current will seek out a 
new path of least resistance on the way to collection means 
16. The closest path of least resistance will be the then open 
neighboring channel 38 onto which the current will “jump” 
and then travel a second distance or time interval d,. As 
energy traverses its new channel the previously traversed 
plasma channel 36 will be reformed serving as the next adja- 
cent “jump site” for current to find when it again experiences 
pinch. The charge will jump from channel to channel, travel- 
ing a distance or time interval along each, in alternating or 
“stair-step” down fashion until reaching energy collection 
means 16. Once energy collection means 16 reaches capacity, 
power to the light emitting means may be relinquished and the 
magnetic spin of the transferred charged particles will close 
the field. Itis possible, of course, that in certain circumstances 
a particular charge will remain open while traversing a single 
channel to the target. What is important 1s that there is always 
a predefined alternate directional conductive path in close 
proximity for the energy to travel upon. 


[0040] As previously mentioned, the ionosphere is most 
distinct above 80 km (50 miles) where the ions and free 
electrons move rapidly under the influence of electrical 
forces-the ionospheric wind-and where the ionosphere is 
highly conductive. During fair weather there is an electric 
potential difference of 250,000 to 500,000 volts between the 
ionosphere and the Earth’s surface. Accordingly, construc- 
tion of the subject apparatus in locations which facilitate 
tapping this region of the atmosphere are desirable, particu- 
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larly at high elevations where the air to be ionized contains a 
lower percentage of contaminants which adversely affect 
propagation of conductive plasma channels. 

[0041] Additionally, reference now being made to FIG. 3, 
in the upper regions of the ionosphere, beginning several 
hundred kilometers above Earth’s surface and extending tens 
of thousands of kilometers into space, is the magnetosphere, 
a region where the behavior of charged particles is strongly 
affected by the magnetic fields of Earth and the Sun. The solar 
wind is a stream of charged particles ejected from the upper 
atmosphere of the sun. It consists mostly of electrons and 
protons with energies of about 1 keV. As the solar wind 
approaches Earth’s well-developed magnetic field, the par- 
ticles are deflected by the Lorentz force. This region, known 
as the magnetosphere, causes the particles to travel around the 
planet rather than bombarding the atmosphere or surface. 
However some of the charged particles leak through this 
magnetic barrier and become trapped in the Van Allen radia- 
tion belt. A smaller number of particles from the solar wind 
manage to travel, as though on an electromagnetic energy 
transmission line, to the Earth’s upper atmosphere and iono- 
sphere in the auroral zones. More specifically, the charged 
particles travel through funnel-like openings (cusps 110) at 
the North and South Poles, releasing tremendous energy 
when they hit the upper atmosphere. The Northern and South- 
ern Lights (auroras) are the visible evidence of this energy 
transfer from the Sun to the Earth. These regions, approxi- 
mately 13 latitude 14 n longitude, and where magnetic field 
lines intersect the Earth, are believed to be ideal for employ- 
ment of the subject apparatus 10. It may be advantageous to 
locate the subject system and apparatus at a dwindling or soon 
to be decommissioned mine, because of pre-existing environ- 
mental permits and useful tunnels. 

[0042] Although the present invention has been described 
with reference to the particular embodiments herein set forth, 
it is understood that the present disclosure has been made only 
by way of example and that numerous changes in details of 
construction may be resorted to without departing from the 
spirit and scope of the invention. Thus, the scope of the 
invention should not be limited by the foregoing specifica- 
tions, but rather only by the scope of the claims appended 
hereto. 


1. An apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground, compris- 
ing: 

a. means for generating a first conductive channel through 
the atmosphere and in communication with the charge- 
rich outer atmosphere, said first conductive channel 
being substantially ring-shaped in cross-section and 
comprised of a wall of partially ionized atmosphere; said 
first conductive channel having a diameter; 


b. means for generating a second conductive channel 
through the atmosphere and in communication with the 
charge-rich outer atmosphere, said second conductive 
channel being substantially ring-shaped in cross-section 
and comprised of a wall of partially ionized atmosphere; 
said second conductive channel having a diameter 
greater than said diameter of said first conductive chan- 
nel; said first conductive channel and said second con- 
ductive channel being concentric; and 

c. charged particle collection means associated with said 
means for generating said first and said second conduc- 
tive channels. 
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2. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 1, 
wherein said charged particle collection means is comprised 
of a at least one electrode attached to a support structure. 

3. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 2, 
wherein said support structure comprises a conductive hemi- 
spherical dome. 

4. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 2, 
wherein one or more of said at least one electrode and said 
support structure are charged. 

5. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 3, 
wherein one or more of said at least one electrode and said 
hemispherical dome are charged. 

6. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 1, 
wherein said second conductive channel is funnel shaped 
being more narrow at its point of origin. 

7. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 2, 
wherein said second conductive channel is funnel shaped 
being more narrow at its point of origin. 

8. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 3, 
wherein said second conductive channel is funnel shaped 
being more narrow at its point of origin. 

9. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 4, 
wherein said second conductive channel is funnel shaped 
being more narrow at its point of origin. 

10. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 5, 
wherein said second conductive channel is funnel shaped 
being more narrow at its point of origin. 

11. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 1, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

12. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 2, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

13. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 3, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

14. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 4, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

15. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 5, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

16. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 6, 
further including means for momentarily or periodically 
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extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

17. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 7, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

18. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 8, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

19. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 9, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 

20. The apparatus for inducing the flow of charged particles 
from the charge-rich outer atmosphere to ground of claim 10, 
further including means for momentarily or periodically 
extinguishing said first conductive channel, said second con- 
ductive channel, or asynchronously both. 


$ $ $ * $ 
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you have a choice as to using a bipolar vfo or an FET vfo (schema- 
tics for both are given). The buffer shown in dotted lines is optional; 
it provides greater immunity to pulling as the rig is tuned and 
keyed. This option is a must for the operator who wants “every- 
thing” in his rig, or who is interested in using break-in operation. 
The buffer stage (solid lines) uses a broad-tuned low Q circuit 
which resonates at 7 MHz, but passes sufficient 80 meter signal to 
allow the rig to operate multi-band. The buffer operates class A and 
and runs at fairly low power. The amplifier stage is a wideband 
outfit which delivers the first real power in the rig; you could use 
the amplifier output as a transmitter output, except that it is rich in 
harmonics. The driver serves two purposes; one, of course, is to 
provide power drive for the final. The other use for the driver is to 
select the harmonic of the vfo signal that will be used to transmit. 
The driver tuned circuit alone does not provide adequate harmonic 
attenuation, so if you decide to build the “QRP” Mini-Mite you may 
leave out the final stage, but you must keep the final tuned circuit 
because it provides the necessary harmonic rejection. For normal 
QRP “plus” operation the driver feeds the final which in turn 
generates the so-called high-power output signal. The final output 
circuit is one of those unique circuits I mentioned, it uses slug- 
tuned forms to provide the tune and load controls. The output will 
easily load into 50-70 ohms and a little more. Harmonic output at 
the final is very low and when the rig is properly tuned the output 
signal is very clean. 

Figure 6-26 is the schematic of the complete Mini-Mite. Some 
of the interesting features are the coils. You may pillage the 
junkbox to see what you have, or you may buy three sets of the 
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Fig. 6-26. Schematic Diagram. Coils are discussed in the text. All values in 
pF unless otherwise stated. Resistors are given in Ohms and are all Ya watt 
carbon types. 
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[57] | ABSTRACT 


A method and apparatus for altering at least one se- 
lected region which normally exists above the earth's 
surface. The region is excited by electron cyclotron 
resonance heating to thereby increase its charged parti- 
cle density. In one embodiment, circularly polarized 
electromagnetic radiation is transmitted upward in a 
direction substantially parallel to and along a field line 
which extends through the region of plasma to be al- 
tered. The radiation is transmitted at a frequency which 
excites electron cyclotron resonance to heat and accel- 
erate the charged particles. This increase in energy can 
cause ionization of neutral particles which are then 
absorbed as part of the region thereby increasing the 
charged particle density of the region. 


15 Claims, 5 Drawing Figures 
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METHOD AND APPARATUS FOR ALTERING A 


' REGION IN THE EARTH’S ATMOSPHERE, 
IONOSPHERE, AND/OR MAGNETOSPHERE 


DESCRIPTION 


1. Technical Field | 

This invention relates to a method and apparatus for 
altering at least one selected region normally existing 
above the earth's surface and more particularly relates 
to a method and apparatus for altering said at least one 
region by initially transmitting electromagnetic radia- 
tion from the earth's surface essentially parallel to and 
along naturally-occurring, divergent magnetic field 
lines which extend from the earth’s surface through the 
region or regions to be altered. 

2. Background Art | 

In the Jate 1950’s, it was discovered that naturally- 
occuring belts exist at high altitudes above the earth’s 
surface, and it is now established that these belts result 
from charged electrons and ions becoming trapped 
along the magnetic lines of force (field lines) of the 
earth’s essentially dipole magnetic field. The trapped 
electrons and ions are confined along the field lines 
between two magnetic mirrors which exist at spaced 
apart points along those field lines. The trapped elec- 
trons and ions move in helical paths around their partic- 
ular field lines and “bounce” back and forth between 
the magnetic mirrors. These trapped electrons and ions 
can oscillate along the field lines for long periods of 
time. o 

In the past several years, substantial effort has been 
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that result from the ionized gas or “cold plasma” injec- 
tion. | 

It has also been proposed to release large clouds of 
barium in the magnetosphere so that photoionization 
will increase the cold plasma density, thereby produc- 
ing electron precipitation through enhanced whistier- 
mode interactions. | 

However, in all of the above-mentioned approaches, 
the mechanisms involved in triggering the change in the 
trapped particle phenomena must be actually positioned 
within the affected zone, e.g., the magnetosphere, be- 
fore they can be actuated to effect the desired change. 

The earth’s ionosphere is not considered to be a 
“trapped” belt since there are few trapped particles 
therein. The term “trapped” herein refers to situations 
where the force of gravity on the trapped particles is 
balanced by magnetic forces rather than hydrostatic or 
collisional forces. The charged electrons and ions in the 
ionosphere also follow helical paths around magnetic 
field lines within the ionosphere but are not trapped 
between mirrors, as in the case of the trapped belts in 
the magnetosphere, since the gravitational force on the 
particles is balanced by collisional or hydrostatic forces. 

In recent years, a number of experiments have actu- 
ally been carried out to modify the ionosphere in some 
controlled manner to investigate the possibility of a 
beneficial result. For detailed discussions of these opera- 
tions see the following papers: (1) lonospheric Modifi- 


- cation Theory; G. Meltz and F. W. Perkins; (2) The 
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made to understand and explain the phenomena in- _ 


volved in belts of trapped electrons and ions, and to 
explore possible ways to control and use these phenom- 
ena for beneficial. purposes. For example, in the late 
1950’s and early 1960’s both the United States and 
U.S.S.R. detonated a series of nuclear devices of vari- 
ous yields to generate large numbers of charged parti- 
cles at various altitudes, e.g., 200 kilometers (km) or 
greater. This was done in order to establish and study 
artifical belts of trapped electrons and ions. These ex- 
periments established that at least some of the extrane- 
ous electrons and ions from the detonated devices did 
become trapped along field lines in the earth’s magneto- 
sphere to form artificial belts which were stable for 
prolonged periods of time. For a discussion of these 
experiments see “The Radiation Belt and Magneto- 
sphere”, W. N. Hess, Blaisdell Publishing Co., 1968, 
pps. 155 et sec. 

Other proposals which have been advanced for alter- 
ing existing belts of trapped electrons and ions and/or 
establishing similar artificial belts include injecting 
charged particles from a satellite carrying a payload of 
radioactive beta-decay material or alpha emitters; and 
injecting charged particles from a satellite-borne elec- 
tron accelerator. Still another approach is described in 
U.S. Pat. No. 4,042,196 wherein a low energy ionized 
gas, e.g., hydrogen, is released from a synchronous 
orbiting satellite near the apex of a radiation belt which 
is naturally-occurring in the earth’s magnetosphere to 
produce a substantial increase in energetic particle pre- 
cipitation and, under certain conditions, produce a limit 
in the number of particles that can be stably trapped. 
This precipitation effect arises from an enhancement of 
the whistler-mode and ion-cyclotron mode interactions 
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Platteville High Power Facility; Carrol et al.; (3) Are- 
cibo Heating Experiments; W. E. Gordon and H. C. 
Carlson, Jr.; and (4) Ionospheric Heating by Powerful 
Radio Waves; Meltz et al., all published in Radio Sci- 
ence, Vol. 9, No. 11, November, 1974, at pages 885-888; 
889-894; 1041-1047; and 1049-1063, respectively, all of 
which are incorporated herein by reference. In such 


experiments, certain regions of the ionosphere are 


heated to change the electron density and temperature 
within these regions. This is accomplished by transmit- 
ting from earth-based antennae high frequency electro- 
magnetic radiation at a substantial angle to, not parallel 
to, the ionosphere’s magnetic field to heat the iono- 
spheric particles primarily by ohmic heating. The elec- 
tron temperature of the ionosphere has been raised by 
hundreds of degrees in these experiments, and electrons 
with several electron volts of energy have been pro- 
duced in numbers sufficient to enhance airglow. Elec- 
tron concentrations have been reduced by a few per- 
cent, due to expansion of the plasma as a result of in- 
creased temperature. | 

In the Elmo Bumpy Torus (EBT), a controlled fusion 
device at the Oak Ridge National Laboratory, all heat- 


ing is provided by microwaves at the electron cyclotron 


resonance interaction. A ring of hot electrons is formed 

at the earth’s surface in the magnetic mirror by a combi- . 
nation of electron cyclotron resonance and stochastic 

heating. In the EBT, the ring electrons are produced 

with an average “temperature” of 250 kilo electron 

volts or kev (2.5 Xx 109K) and a plasma beta between 0.1 

and 0.4; see, “A Theoretical Study of Electron—Cyclo- — 
tron Absorption in Elmo Bumpy Torus”, Batchelor and - 

Goldfinger, Nuclear Fusion, Vol. 20, No. 4 (1980) pps. 
403-418. 

Electron cyclotron resonance heating has been used 
in experiments on the earth’s surface to produce and 
accelerate plasmas in a diverging magnetic field. Kos- 
mahl et al. showed that power was transferred from the 
electromagnetic waves and that a fully ionized plasma 
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was accelerated with a divergence angle of roughly 13 
degrees. Optimum neutral gas density was 1.7 x 10!4per 
cubic centimeter; see, “Plasma Acceleration with Mi- 
crowaves Near Cyclotron Resonance”, Kosmahl et al., 
Journal of Applied Physics, Vol. 38, No. 12, Nov., 1967, 
pps. 4576-4582. 


DISCLOSURE OF THE INVENTION 


The present invention provides a method and appara- 
tus for altering at least one selected region which nor- 
mally exists above the earth’s surface. The region is 
excited by electron cyclotron resonance heating of elec- 
trons which are already present and/or artifically cre- 
ated in the region to thereby increase the charged parti- 
cle energy and ultimately the density of the region. 

In one embodiment this is done by transmitting circu- 
larly polarized electromagnetic radiation from the 
earth’s surface at or near the location where a naturally- 
occurring dipole magnetic field (force) line intersects 
the earth’s surface. Right hand circular polarization is 
used in the northern hemisphere and left hand circular 
polarization is used in the southern hemisphere. The 
radiation is deliberately transmitted at the outset in a 
direction substantially parallel to and along a field line 
which extends upwardly through the region to be al- 
tered. The radiation is transmitted at a frequency which 
is based on the gyrofrequency of the charged particles 
and which, when applied to the at least one region, 
excites electron cyclotron resonance within the region 
or regions to heat and accelerate the charged particles 
in their respective helical paths around and along the 
field line. Sufficient-energy is employed to cause ioniza- 
tion of neutral particles (molecules of oxygen, nitrogen 
and the like, particulates, etc.) which then become a 
part of the region thereby increasing the charged parti- 
cle density of the region. This effect can further be 
enhanced by providing artificial particles, e.g., elec- 
trons, ions, etc., directly into the region to be affected 
from a rocket, satellite, or the like to supplement the 
particles in the naturally-occurring plasma. These arti- 
ficial particles are also ionized by the transmitted elec- 
tromagnetic radiation thereby increasing charged parti- 
cle density of the resulting plasma in the region. 

In another embodiment of the invention, electron 
cyclotron resonance heating is carried out in the se- 
lected region or regions at sufficient power levels to 
allow a plasma present in the region to generate a mir- 


ror force which forces the charged electrons of the 


altered plasma upward along the force line to an alti- 
tude which is higher than the original altitude. In this 
case the relevant mirror points are at the base of the 
altered region or regions. The charged electrons drag 
ions with them as well as other particles that may be 
present. Sufficient power, e.g., 10!>joules, can be ap- 
plied so that the altered plasma can be trapped on the 
field line between mirror points and will oscillate in 
space for prolonged periods of time. By this embodi- 
ment, a plume of altered plasma can be established at 
selected locations for communication modification or 
other purposes. 

In another embodiment, this invention is used to alter 
at least one selected region of plasma in the ionosphere 
to establish a defined layer of plasma having an in- 
creased charged particle density. Once this layer is 
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established, and while maintaining the transmission of 65 


the main beam of circularly polarized electromagnetic 
radiation, the main beam is modulated and/or at least 
one second different, modulated electromagnetic radia- 


4 


tion beam is transmitted from at least one separate 
source at a different frequency which will be absorbed 
in the plasma layer. The amplitude of the frequency of 
the main beam and/or the second beam or beams is 
modulated in resonance with at least one known oscilla- 
tion mode in the selected region or regions to excite the 
known oscillation mode to propagate a known fre- 
quency wave or waves throughout the ionosphere. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The actual construction, operation, and apparent 
advantages of this invention will be better understood 
by referring to the drawings in which like numerals 
identify like parts and in which: 

FIG. 1 is a simplified schematical view of the earth 
(not to scale) with a magnetic field (force) line along 
which the present invention is carried out; 

FIG. 2 is one embodiment within the present inven- 
tion in which a selected region of plasma is raised to a 
higher altitude; 

FIG. 3 is a simplified, idealized representation of a 
physical phenomenon involved in the present invention; 
and 

FIG. 4 is a schematic view of another embodiment 
within the present invention. 

FIG. 5 is a schematic view of an apparatus embodi- 
ment within this invention. 


BEST MODES FOR CARRYING OUT THE 
INVENTION 


The earth’s magnetic field is somewhat analogous to 
a dipole bar magnet. As such, the earth’s magnetic field 
contains numerous divergent field or force lines, each 
line intersecting the earth’s surface at points on opposite 
sides of the Equator. The field lines which intersect the 
earth’s surface near the poles have apexes which lie at 
the furthest points in the earth’s magnetosphere while 
those closest to the Equator have apexes which reach 
only the lower portion of the magnetosphere. 

At various altitudes above the earth’s surface, e.g., in 
both the ionosphere and the magnetosphere, plasma is 
naturally present along these field lines. This plasma 
consists of equal numbers of positively and negatively 
charged particles (i.e., electrons and ions) which are 
guided’ by the field line. It is well established that a 
charged particle in a magnetic field gyrates about field 
lines, the center of gyration at any instance being called 
the “guiding center” of the particle. As the gyrating 
particle moves along a field line in a uniform field, it 
will follow a helical path about its guiding center, hence 
linear motion, and will remain on the field line. Elec- 
trons and ions both follow helical paths around a field 
line but rotate in opposite directions. The frequencies at 
which the electrons and ions rotate about the field line 
are called gyromagnetic frequencies or cyclotron fre- 
quencies because they are identical with the expression 
for the angular frequencies of gyration of particles in a 
cyclotron. The cyclotron frequency of ions in a given 
magnetic field is less than that of electrons, in inverse 
proportion to their masses. 

If the particles which form the plasma along the 
earth’s field lines continued to move with a constant 
pitch angle, often designated “alpha”, they would soon 
impact on the earth’s surface. Pitch angle alpha is de- 
fined as the angle between the direction of the earth’s 
magnetic field and the velocity (V) of the particle. 
However, in converging force fields, the pitch angle 
does change in such a way as to allow the particle to 
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turn around and avoid impact. Consider a particle mov- 
ing along a field line down toward the earth. It moves 
into a region of increasing magnetic field strength and 
therefore sine alpha increases. But sine alpha can only 
increase to 1.0, at which point, the particle turns around 
and starts moving up along the field line, and alpha 
decreases. The point at which the particle turns around 
is called the mirror point, and there alpha equals ninety 
degrees. This process is repeated at the other end of the 
field line where the same magnetic field strength value 
B, namely Bm, exists. The particle again turns around 
and this is called the “conjugate point” of the original 
mirror point. The particle is therefore trapped and 
bounces between the two magnetic mirrors. The parti- 


cle can continue oscillating in space in this manner for , 


long periods of time. The actual place where a particle 
will mirror can be calculated from the following: 


sin? alphag= 


Bo/Bm (1) 
wherein: | i 
alpha,=equatorial pitch angle of particle 


Bo=equatorial field strength on a particular field line 

Bm=field strength at the mirror point 

Recent discoveries have established that there are 
substantial regions of naturally trapped particles in 
space which are commonly called “trapped radiation 
belts”. These belts occur at altitudes greater than about 
500 km and accordingly lie in the pibenctospiere and 
mostly above the ionosphere. 

The ionosphere, while it may overlap some of the 
trapped-particle belts, is a region in which hydrostatic 
forces govern its particle distribution in the gravita- 
tional field. Particle motion within the ionosphere is 
governed by both hydrodynamic and electrodynamic 
forces. While there are few trapped particles in the 
ionosphere, nevertheless, plasma is present along field 
lines in the ionosphere. The charged particles which 
form this plasma move between collisions with other 
particles along similar helical paths around the field 
lines and although a particular particle may diffuse 
downward into the earth’s lower atmosphere or lose 
energy and diverge from its original field line due to 
collisions with other particles, these charged particles 
are normally replaced by other available charged parti- 
cles or by particles that are ionized by collision with 
said particle. The electron density (Ne) of the plasma 
will vary with the actual conditions and locations in- 
volved. Also, neutral particles, ions, and. electrons are 
present in proximity to the field lines. 

The production of enhanced ionization will also alter 
the distribution of atomic and molecular constituents of 
the atmosphere, most notably through increased atomic 
nitrogen concentration. The upper atmosphere is nor- 
mally rich in atomic oxygen (the dominant atmospheric 
constituent above 200 km altitude), but atomic nitrogen 
is normally relatively rare. This can be expected to 
manifest itself in increased airglow, among other ef- 
fects. 
= As known in eens physics, the characteristics of a 
plasma can be altered by adding energy to the charged 
particles or by ionizing or exciting additional particles 
to increase the density of the plasma. One way to do this 
is by heating the plasma which can be accomplished i in 
different ways, e.g., ohmic, magnetic compression, 
shock waves, magnetic pumping, electron cyclotron 
resonance, and the like. . 

Since electron cyclotron resonance heating is in- 
volved in the present invention, a brief discussion of 
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sáme is in order. Increasing the energy of electrons in a 
plasma by invoking electron cyclotron resonance heat- 
ing, is based on a principle similar to that utilized to 
accelerate charged particles in a cyclotron. If a plasma 
is confined by a static axial magnetic field of strength B, 
the charged particles will gyrate about the lines of force 
with a frequency given, in hertz, as fy= 1.54 X 10?B/A, 
where: B=magnetic field strength in gauss, and A =- 
mass number of the ion. 

Suppose a time-varying field of this frequency is su- 
perimposed on the static field B confining the plasma, 
by passage of a radiofrequency current through a coil 
which is concentric with that producing the axial field, 
then in each half-cycle of their rotation about the field 
lines, the charged particles acquire energy from the 
oscillating electric field associated with the radio fre- 
quency. For example, if B is 10,000 gauss, the frequency 
of the field which is in resonance with protons in a 
plasma is 15.4 megahertz. 

As applied to electrons, electron cyclotron resonance 
heating requires an oscillating field having a definite 
frequency determined by the strength of the confining 
field. The radio-frequency radiation produces time- 
varying fields (electric and magnetic), and the electric 
field accelerates the charged particle. The energized 
electrons share their energy with ions and neutrals by 
undergoing collisions with these particles, thereby ef- 
fectively raising the temperature of the electrons, ions, 
and neutrals. The apportionment of energy among these 
species is determined by collision frequencies. For a 
more detailed understanding of the physics involved, 
see “Controlled Thermonuclear Reactions”, Glasstone 
and Lovberg, D. Van Nostrand Company, Inc., Prince- 
ton, N.J., 1960 and “The Radiation Belt and Magneto- 
sphere”, Hess, Blaisdell Publishing Company, 1968, 
both of which are incorporated herein by reference. 

Referring now to the drawings, the present invention 


- provides a method and apparatus for altering at least 
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one region of plasma which lies along a field line, partic- 
ularly when it passes through the ionosphere and/or 
magnetosphere. FIG. 1 is a simplified illustration of the 
earth 10 and one of its dipole magnetic force or field 


lines 11. As will be understood, line 11 may be any one 


of the numerous naturally existing field lines and the 
actual geographical locations 13 and 14 of line 11 will be 
chosen based on a particular operation to be carried out. 
The actual locations at which field lines intersect the 
earth's surface is documented and is readily ascertain- 
able by those skilled in the art. 

Line 11 passes through region R which: lies at an 
altitude above the earth’s surface. A wide range of alti- 
tudes are useful given the power that can be employed 
by the practice of this invention. The electron cyclotron 
resonance heating effect can be made to act on electrons 
anywhere above the surface of the earth. These elec- 
trons may be already present in the atmosphere, iono- . 
sphere, and/or magnetosphere of the earth, or can be 
artificially generated by a variety of means such as x-ray 
beams, charged particle beams, lasers, the plasma sheath 
surrounding an object such as a missile or meteor, and 
the like. Further, artificial particles, e.g., electrons, ions, 
etc., can be injected directly into region R from an 
earth-launched rocket or orbiting satellite carrying, for 
example, a payload of radioactive beta-decay material; 
alpha emitters; an electron accelerator; and/or ionized 
gases such as hydrogen; see U.S. Pat. No. 4,042,196. 
The altitude can be greater than about 50 km if desired, 
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e.g., can be from about 50 km to about 800 km, and, 
accordingly may lie in either the ionosphere or the 
magnetosphere or both. As explained above, plasma 
will be present along line 11 within region R and 1s 
represented by the helical line 12. Plasma 12 is com- 
prised of charged particles (i.e., electrons and ions) 
which rotate about opposing helical paths along line 11. 

Antenna 15 is positioned as close as is practical to the 
location 14 where line 11 intersects the earth’s surface. 
Antenna 15 may be of any known construction for high 
directionality, for example, a phased array, beam spread 
angle (0) type. See “The MST Radar at Poker Flat, 
Alaska”, Radio Science, Vol. 15, No. 2, Mar.-Apr. 1980, 
pps. 213-223, which is incorporated herein by refer- 
ence. Antenna 15 is coupled to transmitter 16 which 
generates a beam of high frequency electromagnetic 
radiation at a wide range of discrete frequencies, e.g., 
from about 20 to about 1800 kilohertz (kHz). 

Transmitter 16 is powered by power generator means 
17 which is preferably comprised of one or more large, 
commercial electrical generators. Some embodiments 
of the present invention require large amounts of 
power, e.g., up to 10%to 10!! watts, in continuous wave 
or pulsed power. Generation of the needed power is 
- within the state of the art. Although the electrical gen- 
erators necessary for the practice of the invention can 
be powered in any known manner, for example, by 
nuclear reactors, hydroelectric facilities, hydrocarbon 
fuels, and the like, this invention, because of its very 
large power requirement in certain applications, is par- 
ticularly adapted for use with certain types of fuel 
sources which naturally occur at strategic geographical 
locations around the earth. For example, large reserves 
of hydrocarbons (oil and natural gas) exist in Alaska and 
Canada. In northern Alaska, particularly the North 
Slope region, large reserves are currently readily avail- 
able. Alaska and northern Canada also are ideally lo- 
cated geographically as to magnetic latitudes. Alaska 
provides easy access to magnetic field lines that are 
especially suited to the practice of this invention, since 
many field lines which extend to desirable altitudes for 
this invention intersect the earth in Alaska. Thus, in 
Alaska, there is a unique combination of large, accessi- 


ble fuel sources at desirable field line intersections. Fur- 


ther, a particularly desirable fuel source for the genera- 
tion of very large amounts of electricity is present in 
Alaska in abundance, this source being natural gas. The 
presence of very large amounts of clean-burning natural 
gas in Alaskan latitudes, particularly on the North 
Slope, and the availability of magnetohydrodynamic 
(MHD), gas turbine, fuel cell, electrogasdynamic 
(EGD) electric generators which operate very effi- 
ciently with natural gas provide an ideal power source 
for the unprecedented power requirements of certain of 
the applications of this invention. For a more detailed 
discussion of the various means for generating electric- 
ity from hydrocarbon fuels, see “Electrical Aspects of 
Combustion”, Lawton and Weinberg, Clarendon Press, 
1969. For example, it is possible to generate the electric- 
ity directly at the high frequency needed to drive the 
antenna system. To do this, typically the velocity of 
flow of the combustion gases (v), past magnetic field 
perturbation of dimension d (in the case of MHD), fol- 
low the rule: 


v=df 


where f is the frequency at which electricity is gener- 
ated. Thus, if v=1.78x 106 cm/sec and d=1 cm then 
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electricity would be generated at a frequency of 1.78 
mHz. 

Put another way, in Alaska, the right type of fuel 
(natural gas) is naturally present in large amounts and at 
just the right magnetic latitudes for the most efficient 
practice of this invention, a truly unique combination of 
circumstances. Desirable magnetic latitudes for the 
practice of this invention interest the earth’s surface 
both northerly and southerly of the equator, particu- 
larly desirable latitudes being those, both northerly and 
southerly, which correspond in magnitude with the 
magnetic latitudes that encompass Alaska. 

Referring now to FIG. 2 a first ambodiment is illus- 
trated where a selected region R ¡of plasma 12 is altered 
by electron cyclotron resonance heating to accelerate 
the electrons of plasma 12, which are following helical 
paths along field line 11. 

To accomplish this result, electromagnetic radiation 
is transmitted at the outset, essentially parallel to line 11 
via antenna 15 as right hand circularly polarized radia- 
tion wave 20. Wave 20 has a frequency which will 
excite electron cyclotron resonance with plasma 12 at 


_ its initial or original altitude. This frequency will vary 


depending on the electron cyclotron resonance of re- 
gion Rywhich, in turn, can be determined from available 


- data based on the altitudes of region Ry, the particular 
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field line 11 being used, the strength of the earth's mag- 
netic field, etc. Frequencies of from about 20 to about 
7200 kHz, preferably from about 20 to about 1800 kHz 
can be employed. Also, for any given application, there 
will be a threshhold (minimum power level) which is 
needed to produce the desired result. T'he minimum 
power level is a function of the level of plasma produc- 
tion and movement required, taking into consideration 
any loss processes that may be dominant in a particular 
plasma or propagation path. 

As electron cyclotron resonance is established in 
plasma 12, energy is transferred from the electromag- 
netic radiation 20 into plasma 12 to heat and accelerate 
the electrons therein and, subsequently, ions and neutral 
particles. As this process continues, neutral particles 
which are present within Rjare ionized and absorbed 
into plasma 12 and this increases the electron and ion 
densities of plasma 12. As the electron energy is raised 
to values of about 1 kilo electron volt (kev), the gener- 
ated mirror force (explained below) will direct the ex- 
cited plasma 12 upward along line 11 to form a plume 
Rat an altitude higher than that of R¡. 

Plasma acceleration results from the force on an elec- 
tron produced by a nonuniform static magnetic field 
(B). The force, called the mirror force, is given by 

F=-—uVB (2) 
where p is the electron magnetic moment and V B is the 
gradient of the magnetic field, u being further defined 
as: 


W¡/B=mV1?*/2B 


where Wis the kinetic energy in the direction perpen- 
dicular to that of the magnetic field lines and B is the 
magnetic field strength at the line of force on which the 
guiding center of the particle is located. The force as 
represented by equation (2) is the force which is respon- 
sible for a particle obeying equation (1). 
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Since the magnetic field is divergent in region Ry, it 
can be shown that the plasma will move upwardly from 
the heating region as shown in FIG. 1 and further it can 
be shown that | 

MVA AO EMV MH MV 7) (3) 
where the left hand side is the initial electron transverse 
kinetic energy; the first term on the right 1s the trans- 
verse electron kinetic energy at some point (Y) in the 
expanded field region, while the final term is the ion 
kinetic energy parallel to B at point (Y). This last term 
is what constitutes the desired ion flow. It is produced 
by an electrostatic field set up by electrons which are 
accelerated according to Equation (2) in the divergent 
field region and pulls ions along with them. Equation 
(3) ignores electron kinetic energy parallel to B because 
Ve|| = Vij], so the bulk of parallel kinetic energy resides 
in the ions because of their greater masses. For example, 
if an electromagnetic energy flux of from about 1 to 
about 10 watts per square centimeter is applied to re- 
gion R, whose altitude is 115 km, a plasma having a 
density (Ne) of 1012 per cubic centimeter will be gener- 
ated and moved upward to region R2 which has an 
altitude of about 1000 km. The movement of electrons 
in the plasma is due to the mirror force while the ions 
are moved by ambipolar diffusion (which results from 
the electrostatic field). This effectively “lifts” a layer of 
plasma 12 from the ionosphere and/or magnetosphere 
to a higher elevation R2. The total energy required to 
create a plasma with a base area of 3 square kilometers 
and a height of 1000 km is about 3 x 1013 joules. | 

FIG. 3 is an idealized representation of movement of 
plasma 12 upon excitation by electron cyclotron reso- 
nance within the earth’s divergent force field. Electrons 
(e) are accelerated to velocities required to generate the 
necessary mirror force to cause their upward move- 
ment. At the same time neutral particles (n) which are 
present along line 11 in region Ryare ionized and be- 
come part of plasma 12. As electrons (e) move upward 
along line 11, they drag ions (1) and neutrals (n) with 
them but at an angle @ of about 13 degrees to field line 
11. Also, any particulates that may be present in region 
Rj, will be swept upwardly with the plasma. As the 
charged particles of plasma 12 move upward, other 
particles such as neutrals within or below Rj, move in 
to replace the upwardly moving particles. These neu- 
trals, under some conditions, can drag with them 
charged particles. | 

For example, as a plasma moves upward, other parti- 
cles at the same altitude as the plasma move horizon- 
tally into the region to replace the rising plasma and to 


form new plasma. The kinetic energy developed by said 


other particles as they move horizontally is, for exam- 
ple, on the same order of magnitude as the total zonal 
kinetic energy of stratospheric winds known to exist. 
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oscillation will then allow additional heating of the 
trapped plasma 12 by stochastic heating which is associ- 
ated with trapped and oscillating particles. See “A New 
Mechanism for Accelerating Electrons in the Outer 
Ionosphere” by R. A. Helliwell and T. F. Bell, Journal 
of Geophysical Research, Vol. 65, No. 6, June, 1960. 
This is preferably carried out at an altitude of at least 
500 km. l 
The plasma of the typical example might be em- 
ployed to modify or disrupt microwave transmissions of 
satellites. If less than total black-out of transmission is 


| desired (e.g., scrambling by phase shifting digital sig- 


nals), the density of the plasma (Ne) need only be at least 
about 106 per cubic centimeter for a plasma orginating 
at an altitude of from about 250 to about 400 km and 


accordingly less energy (1.e., electromagnetic radia- a 


tion), e.g., 105 joules need be provided. Likewise, if the 
density Neis on the order of 108, a properly positioned 
plume will provide a reflecting surface for VHF waves 


and can be used to enhance, interfere with, or otherwise 


modify communication transmissions. It can be seen 
from the foregoing that by appropriate application of : 
various aspects of this invention at strategic locations 
and with adequate power sources, a means and method 
is provided to cause interference with or even total 


- disruption of communications over a very large portion 
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of the earth. This invention could be employed to dis- 
rupt not only land based communications, both civilian 
and military, but also airborne communications and sea 
communications (both surface and subsurface). This 
would have significant military implications, particu- 
larly as a barrier to or confusing factor for hostile mis- 
siles or airplanes. The belt or belts of enhanced ioniza- 
tion produced by the method and apparatus of this 
invention, particularly if set up over Northern Alaska 
and Canada, could be employed as an early warning 


device, as well as a communications disruption medium. 


Further, the simple ability to produce such a situation in 
a practical time period can by itself be a deterring force 
to hostile action. The ideal combination of suitable field 
lines intersecting the earth's surface at the point where 
substantial fuel sources are available for generation of 
very large quantitities of electromagnetic power, such 
as the North Slope of Alaska, provides the wherewithal 
to accomplish the foregoing in a practical time period, 


- e.g., Strategic requirements could necessitate achieving 
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Referring again to FIG. 2, plasma 12 in region Rj is © 


moved upward along field line 11. The plasma 12 will 
then form a plume (cross-hatched area in FIG. 2) which 
will be relatively stable for prolonged periods of time. 
The exact period of time will vary widely and be deter- 
mined by gravitational forces and a combination of 
radiative and diffusive loss terms. In the previous de- 
tailed example, the calculations were based on forming 
a plume by producing O*energies of 2 ev/particle. 
About 10 ev per particle would be required to expand 
plasma 12 to apex point C (FIG. 1). There at least some 
of the particles of plasma 12 will be trapped and will 
oscillate between mirror points along field line 11. This 
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the desired altered regions in time periods of two min- 
utes or less and this is achievable with this invention, 
especially when the combination of natural gas and 
magnetohydrodynamic, gas turbine, fuel cell and/or 
EGD electric generators are employed at the point 
where the useful field lines intersect the earth’s surface. 
One feature of this invention which satisfies a basic 
requirement of a weapon system, i.e., continuous check- 
ing of operability, is that small amounts of power can be 
generated for operability checking purposes. Further, in 
the exploitation of this invention, since the main electro- 
magnetic beam which generates the enhanced ionized 
belt of this invention can be modulated itself and/or one 
or more additional electromagnetic radiation waves can 
be impinged on the ionized region formed by this inven- 
tion as will be described in greater detail herein after 
with respect to FIG. 4, a substantial amount of ran- 
domly modulated signals of very large power magni- 
tude can be generated in a highly nonlinear mode. This 
can cause confusion of or interference with or even 
complete disruption of guidance systems employed by 
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even the most sophisticated of airplanes and missiles. 

The ability to employ and transmit over very wide areas 

of the earth a plurality of electromagnetic waves of, 
varying frequencies and to change same at will in a 

random manner, provides a unique ability to interfere 

with all modes of communications, land, sea, and/or air, 

at the same time. Because of the unique juxtaposition of 
usable fuel source at the point where desirable field lines 

intersect the earth's surface, such wide ranging and 

complete communication interference can be achieved 

in a resonably short period of time. Because of the mir- 

roring phenomenon discussed hereinabove, it can also 

be prolonged for substantial time periods so that it 

would not be a mere transient effect that could simply 

be waited out by an opposing force. Thus, this invention 

provides the ability to put unprecedented amounts of 
power in the earth's atmosphere at strategic locations 

and to maintain the power injection level, particularly if 
random pulsing is employed, in a manner far more pre- 

cise and better controlled than heretofore accomplished 
by the prior art, particularly by the detonation of nu- 

clear devices of various yeilds at various altitudes. 

Where the prior art approaches yielded merely transi- 

tory effects, the unique combination of fuel and desir- 

able field lines at the point where the fuel occurs allows 

the establishment of, compared to prior art approaches, 

precisely controlled and long-lasting effects which can- 

not, practically speaking, simply be waited out. Further, 

by knowing the frequencies of the various electromag- 

netic beams employed in the practice of this invention, 

it is possible not only to interfere with third party com- 

munications but to take advantage of one or more such 

beams to carry out a communications network even 

though the rest of the world’s communications are dis- 

rupted. Put another way, what is used to disrupt anoth- 

er’s communications can be employed by one knowl- 

edgeable of this invention as a communications network 

at the same time. In addition, once one’s own communi- 

cation network is established, the far-reaching extent of 
the effects of this invention could be employed to pick 

up communication signals of other for intelligence pur- 

poses. Thus, it can be seen that the disrupting effects 

achievable by this invention can be employed to benefit 

by the party who is practicing this invention since 

knowledge of the various electromagnetic waves being 

employed and how they will vary in frequency and 

magnitude can be used to an advantage for positive 

communication and eavesdropping purposes at the 

same time. However, this invention is not limited to 

locations where the fuel source naturally exists or 

where desirable field lines naturally intersect the earth's 

surface. For example, fuel, particularly hydrocarbon 

fuel, can be transported by pipeline and the like to the 

location where the invention is to be practiced. 

FIG. 4 illustrates another embodiment wherein a 
selected region of plasma R3which lies within the 
earth’s ionosphere is altered to increase the density 
thereof whereby a relatively stable layer 30 of relatively 
dense plasma is maintained within region R3. Electro- 
magnetic radiation is transmitted at the outset essen- 
tially parallel to field line 11 via antenna 15 as a right 
hand circularly polarized wave and at a frequency (e.g., 
1.78 megahertz when the magnetic field at the desired 
altitude is 0.66 gauss) capable of exciting electron cyclo- 
tron resonance in plasma 12 at the particular altitude of 
plasma 12. This causes heating of the particles (elec- 
trons, ions, neutrals, and particulates) and ionization of 
the uncharged particles adjacent line 11, all of which 
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12 
are absorbed into plasma 12 to increase the density 
thereof. The power transmitted, e.g., 2 10° watts for 
up to 2 minutes heating time, is Jess than that required to 
generate the mirror force F required to move plasma 12 
upward as in the previous embodiment. 

While continuing to transmit electromagnetic radia- 
tion 20 from antenna 15, a second electromagnetic radi- 
ation beam 31, which is at a defined frequency different 
from the radiation from antenna 15, is transmitted from 
one or more second sources via antenna 32 into layer 30 
and is absorbed into a portion of layer 30 (cross-hatched 
area in FIG. 4). The electromagnetic radiation wave 
from antenna 32 is amplitude modulated to match a 
known mode of oscillation f3 in layer 30. This creates a 
resonance in layer 30 which excites a new plasma wave 
33 which also has a frequency of f3 and which then 
propogates through the ionosphere. Wave 33 can be 
used to improve or disrupt communications or both 
depending on what is desired in a particular application. 
Of course, more than one new wave 33 can be gener- 
ated and the various new waves can be modulated at 
will and in a highly nonlinear fashion. 

FIG. 5 shows apparatus useful in this invention, par- 
ticularly when those applications of this invention are 
employed which require extremely large amounts of 
power. In FIG. 5 there is shown the earth’s surface 40 
with a well 41 extending downwardly thereinto until it 
penetrates hydrocarbon producing reservoir 42. Hydro- 
carbon reservoir 42 produces natural gas alone or in 
combination with crude oil. Hydrocarbons are pro- 
duced from reservoir 42 through well 41 and wellhead 
43 to a treating system 44 by way of pipe 45. In treater 
44, desirable liquids such as crude oil and gas conden- 
sates are separated and recovered by way of pipe 46 
while undesirable gases and liquids such as water, H25, 
and the like are separated by way of pipe 47. Desirable 
gases such as carbon dioxide are separated by way of 
pipe 48, and the remaining natural gas stream is re- 
moved from treater 44 by way of pipe 49 for storage in 
conventional tankage means (not shown) for future use 
and/or use in an electrical generator such as a magneto- 
hydrodynamic, gas turbine, fuel cell or EGD generator 
50. Any desired number and combination of different 
types of electric generators can be employed in the 
practice of this invention. The natural gas is burned in 
generator 50 to produce substantial quantities of elec- 
tricity which is then stored and/or passed by way of 
wire 51 to a transmitter 52 which generates the electro- 
magnetic radiation to be used in the method of this 
invention. The electromagnetic radiation is then passed 
by way of wire 53 to antenna 54 which is located at or 
near the end of field line 11. Antenna 54 sends circularly 
polarized radiation wave 20 upwards along field line 11 
to carry out the various methods of this invention as 
described hereinabove. 

Of course, the fuel source need not be used in its 
naturally-occurring state but could first be converted to 
another second energy source form such as hydrogen, 
hydrazine and the like, and electricity then generated 
from said second energy source form. 

It can be seen from the foregoing that when desirable 
field line 11 intersects earth’s surface 40 at or near a 
large naturally-occurring hydrocarbon source 42, ex- 
ceedingly large amounts of power can be very effi- 
ciently produced and transmitted in the direction of 
field lines. This is particularly so when the fuel source is 
natural gas and magnetohydrodynamic generators are 
employed. Further, this can all be accomplished in a 
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units given in the parts list (See Table 6-4). For the vfo coil, L1, the 
buffer coil L2, and the rather unique output transformer L3, you 
use only the slug from a coil. You do not use the coil form itself. 
Coils L4, L5 and L6 use the complete slug-tuned form as these 
three coils are tunable and must have some means of adjustment. 


Construction 

I am the biggest booster of perfboard construction when only 
one of anything is built, although Figs. 6-27 and 6-28 show a printed 
circuit board for building more than one of the units. The coils are 
available from Radio Shack and are sold two toa package at slightly 
over a buck. 

The vfo uses an Amidon T92 toroidal coil, but other units have 
been using the slug as described and they offered comparable 
performance. Although you could construct the vfo in a separate 
shielded box, it is provided for right on the PC board. Figure 6-29 
gives the schematic for the alternate FET vfo. Both vfos tune with 
a 365 pF tuning capacitor and use a 100 pF fixed capacitor in series 
to limit the tuning range. Vfo tuning is linear for the bottom 
100-200 kHz of the band and then becomes non-linear (but usable) 
over the remaining portion. This is generally acceptable, since 
most people will just put the linear portion in their favorite part of 
the band anyway. The FET vfo will provide more stability than the 
bipolar unit, but it will run the cost of the rig up a little since the 
same transistor that is used in the vfo can also be used as the buffer, 
amplifier and driver stage. Also, you may get slightly less drive to 
the buffer using the FET, 
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- relatively small physical area when there is the unique 
coincidence of fuel source 42 and desirable field line 11. 
Of course, only one set of equipment is shown in FIG. 
5 for sake of simplicity. For a large hydrocarbon reser- 
voir 42, a plurality of wells 41 can be employed to feed 
one or more storage means and/or treaters and as large 
a number of generators 55 as needed to power one or 
more transmitters 52 and one or more antennas 54. 
Since all of the apparatus 44 through 54 can be em- 
ployed and used essentially at the sight where naturally- 
occurring fuel source 42 is located, all the necessary 
electromagnetic radiation 20 is generated essentially at 
= the same location as fuel source 42. This provides for a 


maximum amount of usable electromagnetic radiation — 


20 since there are no significant storage or transporta- 
tion losses to be incurred. In other words, the apparatus 
-is brought to the sight of the fuel source where desirable 
field line 11 intersects the earth's surface 40 on or near 
the geographical location of fuel source 42, fuel source 
42 being at a desirable magnetic latitude for the practice 
of this invention, for example, Alaska. 

The generation of electricity by motion of a conduct- 
ing fluid through a magnetic field, i.e., magnetohydro- 
dynamics (MHD), provides a method of electric power 
generation without moving mechanical parts and when 
the conducting fluid is a plasma formed by combustion 


20 


23 


of a fuel such as natural gas, an idealized combination of | 


apparatus is realized since the very clean-burning natu- 
ral gas forms the conducting plasma in an efficient man- 
ner and the thus formed plasma, when passed through a 
magnetic field, generates electricity in a very efficient 
manner. Thus, the use of fuel source 42 to generate a 


plasma by combustion thereof for the generation of | 


electricity essentially at the site of occurrence of the 
fuel source is unique and ideal when high power levels 
are required and desirable field lines 11 intersect the 
earth’s surface 40 at or near the site of fuel source 42. A 
particular advantage for MHD generators is that they 
can be made to generate large amounts of power with a 
small volume, light weight device. For example, a 1000 
megawatt MHD generator can be construed using su- 
perconducting magnets to weigh roughly 42,000 
pounds and can be readily air lifted. 

_ This invention has a phenomenal variety of possible 
ramifications and potential future developments. As 
alluded to earlier, missile or aircraft destruction, deflec- 
tion, or confusion could result, particularly when rela- 
tivistic particles are employed. Also, large regions of 


. the atmosphere could be lifted to an unexpectedly high- 


altitude so that missiles encounter unexpected and un- 
planned drag forces with resultant destruction or de- 
flection of same. Weather modification is possible by, 
for example, altering upper atmosphere wind patterns 
or altering solar absorption patterns by constructing 
one or more plumes of atmospheric particles which will 
act as a lens or focusing device. Also as alluded to ear- 
lier, molecular modifications of the atmosphere can take 
place so that positive environmental effects can be 
achieved. Besides actually changing the molecular com- 
position of an atmospheric region, a particular molecule 
or molecules can be chosen for increased presence. For 
example, ozone, nitrogen, etc. concentrations in the 
atmosphere could be artificially increased. Similarly, 
environmental enhancement could be achieved by caus- 
ing the breakup of various chemical entities such as 
carbon dioxide, carbon monoxide, nitrous oxides, and 
the like. Transportation of entities can also be realized 
when advantage is taken of the drag effects caused by 
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regions of the atmosphere moving up along diverging 
field lines. Small micron sized particles can be then 
transported, and, under certain circumstances and with 
the availability of sufficient energy, larger particles or 
objects could be similarly affected. Particles with de- 
sired characteristics such as tackiness, reflectivity, ab- 
sorptivity, etc., can be transported for specific purposes 
or effects. For example, a plume of tacky particles could 


be established to increase the drag on a missile or satel- . 


lite passing therethrough. Even plumes of plasma hav- 
ing substantially less charged particle density than-de- 
scribed above will produce drag effects on missiles 
which will affect a lightweight (dummy) missile in a 
manner substantially different than a heavy (live) mis- 
sile and this affect can be used to distinguish between 


the two types of missiles. A moving plume could also 


serve aS a means for supplying a space station or for 
focusing vast amount of sunlight on selected portions of 
the earth. Surveys of global scope could also be realized 
because the earth’s natural magnetic field could be sig- 
nificantly altered in a controlled manner by plasma beta 
effects resulting in, for example, improved magnetotel- 
luric surveys. Electromagnetic pulse defenses are also 
possible. The earth’s magnetic field could be decreased 
or disrupted at appropriate altitudes to modify or elimi- 
nate the magnetic field in high Compton electron gener- 
ation (e.g., from high altitude nuclear bursts) regions. 
High intensity, well controlled electrical fields can be 
provided in selected locations for various purposes. For 
example, the plasma sheath surrounding a missile or 
satellite could be used as a trigger for activating such a 
high intensity field to destroy the missile or satellite. 
Further, irregularities can be created in the ionosphere 
which will interfere with the normal operation of vari- 
ous types of radar, e.g., synthetic aperture radar. The 
present invention can also be used to create artificial 
belts of trapped particles which in turn can be studied to 


determine the stability of such parties. Still further, 


plumes in accordance with the present invention can be 
formed to simulate and/or perform the same functions 
as performed by the detonation of a “heave” type nu- 
clear device without actually having to detonate such a 
device. Thus it can be seen that the ramifications are 
numerous, far-reaching, and exceedingly varied in use- 
fulness. 

I claim: 

1. A method for altering at least one region normally 
existing above the earth’s surface with electromagnetic 
radiation using naturally-occurring and diverging mag- 
netic field lines of the earth comprising transmitting first 
electromagnetic radiation at a frequency between 20 
and 7200 kHz from the earth’s surface, said transmitting 
being conducted essentially at the outset of transmission 
substantially parallel to and along at least one of said 
field lines, adjusting the frequency of said first radiation 
to a value which will excite electron cyclotron reso- 
nance at an initial elevation at least 50 km above the 
earth’s surface, whereby in the region in which said 
electron cyclotron resonance takes place heating, fur- 
ther ionization, and movement of both charged and 
neutral particles is effected, said cyclotron resonance 
excitation of said region is continued until the electron 
concentration of said region reaches a value of at least 
106 per cubic centimeter and has an ion energy of at 
least 2 ev. 

2. The method of claim 1 including the step of pond: 
ing artificial particles in said at least one region which 
are excited by said electron cyclotron resonance. 
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3. The method of claim 2 wherein said artificial parti- 
cles are provided by injecting same into said at least one 
region from an orbiting satellite. 

4. The method of claim 1 wherein said threshold 
excitation of electron cyclotron resonance is about | 
watt per cubic centimeter and is sufficient to cause 
movement of a plasma region along said diverging mag- 
netic field lines to an altitude higher than the altitude at 
which said excitation was initiated. 

5. The method of claim 4 wherein said rising plasma 
region pulls with it a substantial portion of neutral parti- 
cles of the atmosphere which exist in or near said 
plasma region. 

6. The method of claim 1 wherein there 1s provided at 
least one separate source of second electromagnetic 
radiation, said second radiation having at least one fre- 
quency different from said first radiation, impinging 
said at least one second radiation on said region while 
said region is undergoing electron cyclotron resonance 
excitation caused by said first radiation. 

7. The method of claim 6 wherein said second radia- 
tion has a frequency which is absorbed by said region. 

8. The method of claim 6 wherein said region is 
plasma in the ionosphere and said second radiation ex- 
cites plasma waves within said ionosphere. 

9. The method of claim 8 wherein said electron con- 
centration reaches a value of at least 101? per cubic 
centimeter. 
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10. The method of claim 8 wherein said excitation of 
electron cyclotron resonance is initially carried out 
within the ionosphere and is continued for a time suffi- 
cient to allow said region to rise above said ionosphere. 

11. The method of claim 1 wherein said excitation of 
electron cyclotron resonance is carried out above about 
500 kilometers and for a time of from 0.1 to 1200 sec- 
onds such that multiple heating of said plasma region 1s 
achieved by means of stochastic heating in the magneto- 
sphere. | 

12. The method of claim 1 wherein said first electro- 
magnetic radiation is right hand circularly polarized in 
the northern hemisphere and left hand circularly polar- 
ized in the southern hemisphere. | 

13. The method of claim 1 wherein said electromag- 
netic radiation is generated at the site of a naturally- 
occurring hydrocarbon fuel source, said fuel source 
being located in at least one of northerly or southerly 
magnetic latitudes. 

14. The method of claim 13 wherein said fuel source 
is natural gas and electricity for generating said electro- 
magnetic radiation is obtained by burning said natural 
gas in at least one of magnetohydrodynamic, gas tur- 


bine, fuel cell, and EGD electric generators located at 


the site where said natural gas naturally occurs in the 
earth. 

15. The method of claim 14 wherein said site of natu- 
ral gas is within the magnetic latitudes that encompass 
Alaska. © . 
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[57] ABSTRACT 


This invention relates to generation of a Artificial Iono- 
spheric Mirror (AIM), or a plasma layer in the atmo- 
sphere. The AIM is used like the ionosphere to reflect 
RF energy over great distances. A tiltable AIM is cre- 
ated by a heater antenna controlled in phase and fre- 
quency. The heater antenna phase shift scans a beam to 
paint a plasma layer. Frequency is changed to refocus at 
continually higher altitudes to tilt the plasma layer. 
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The buffer stage provides a compromise between actually 
isolating the oscillator and giving a little power output. That's why 
there is an alternate buffer, to provide isolation and little or no 
gain. Figure 6-30 shows the alternate buffer; the circuit uses no 
tuned circuits. The Mini-Mite buffer is straightforward and uses 
the slug form previously described. It should resonate around 7 
MHz if you want to check your work with a grid dip meter. The 
windings are wide-spaced along the entire slug, not wound closely 
together. Hold the windings in place with a little Q dope, or 
equivalent. The output link is wound on the cold end (Vcc side) of 
the coil and provides impedance matching for the amplifier stage. 

The amplifier runs class B and there are no biasing resistors to 
worry about. It is very simple: The input goes on the base, the 
emitter is grounded, and the collector gets +12 through the output 
transformer L3. L3 is left untuned and serves to couple wideband, 
harmonic loaded output to the driver stage. The transformer itself 
is a twist on the toroid. It is fabricated from a high-permeability coil 
slug that has a hole all the way through it. Either grab one from the 
junk box, or drill ahole (lengthwise) the rest of the way through the 
Radio Shack slug after the tuning screw is removed. This stage 
provides enough power to dimly light a #47 bulb connected across 
the secondary. The power is to put some kick in the driver stage 
and if not for all the harmonics, you could use this output for a QRP 
transmitter all by itself. 

Harmonics are taken care of in the driver to a great extent. 
The higher power drive from the amplifier is used to drive the 
driver into class C for most efficient operation. When the driver 
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ARTIFICIAL IONOSPHERIC MIRROR 
COMPOSED OF A PLASMA LAYER WHICH CAN 
BE TILTED 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

This invention relates to generation of a Artificial 
Ionospheric Mirror (AIM), or a plasma layer in the 
atmosphere. The AIM is used like the ionosphere to 
reflect RF energy over great distances. 

2. Description of the Related Art 

In the past, the technique of using the ionosphere as a 
mirror to reflect radio waves, or RF energy, has given 
Ham Radio operators the ability to send transmissions 
over long distances. This technique has also provided 
radar systems the ability to look “over the horizon.” 
Variations and fluctuations in the tonosphere, however, 
can render the effectiveness of such communications 
uncertain. Thus, the desirability of creating controllable 
plasma layers in the atmosphere for communications 
purposes has been recognized. See, for example, U.S. 
Pat. No. 4,686,605 issued to Eastlund and U.S. Pat. No. 
4,712,155 issued to Eastlund et al. 

Previous experiments directed toward creating 
plasma layers for communications have suffered from 
the inability to control the inclination of the plasma 
layer so that signals could be transmitted and received 
from various ranges. In other words, while one could 
create a plasma layer in the atmosphere at a lower alti- 
tude than the ionosphere, point to point communica- 
tions would be limited in range based on the reflection 
angles of the transmitted and reflected signals. 


SUMMARY AND OBJECTS OF THE 
INVENTION 


In view of the limitations of the related art it 1s an 
object of this invention to generate a plasma layer that 
could be angled or tilted with respect to the horizon in 
order to affect signal transmission range. | 

The present invention provides a system and method 
for generating a plasma layer at controlled altitudes and 
inclinations that acts as an artificial ionospheric mirror 
(AIM) to reflect RF signals. The AIM increases the 
range and predictability with which RF energy may be 
reflected off the AIM for communications purposes. 
More specifically, a tiltable AIM is created by a heater 
antenna controlled in phase and frequency. The heater 
antenna phase shift scans a beam to paint a plasma layer. 
The heater antenna continually refocuses at a higuer 
altitudes by frequency shifting to tilt the plasma layer. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Further details of the present invention are explained 
with the help of the attached drawings in which: 

FIG. 1 shows creation of an AIM by a heater antenna 
and use of the AIM for tracking aircraft and reflecting 
radio waves. | 

FIG. 2 shows a typical heater array. 

FIG. 3 shows the spacial relationship for a heater 
array used in defining heater array focusing. 

FIG. 4 is a graph showing that power is at its upper 
bound at the antenna focal point. | 

FIG. 5 shows generation of plasma by a heater array. 

FIG. 6 illustrates generation of a plasma layer by 
scanning a heater antenna. 
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FIG. 7 illustrates generation of a tilted plasma layer 
by scanning and refocusing a heater antenna. 

FIG. 8 shows generation of a plasma layer using a 
heater antenna to scan with a line rather than a point. 

FIG. 9 shows the phase corrections to move the 
antenna focal point from 60 Km to 61 Km. 

FIG. 10 shows the frequency corrections to move the 
antenna focal point from 60 Km to 61 Km. 

FIG. 11 is a plot of altitude v. distance location of 
plasma without frequency chirping. 

FIG. 12 is a plot of altitude v. distance location of 
plasma with frequency chirping. 

FIG. 13 shows the power density change after refo- 
cusing using frequency chirping . 

FIG. 14 graphs the free electron density v. altitude 
for an unfocused array. 

FIG. 15 shows an antenna power pattern without 
grating lobes. 

FIG. 16 shows an antenna power pattern with grating 
lobes. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENTS 


FIG. 1 illustrates the creation and use of An Artificial 
Ionospheric Mirror (AIM) for tracking aircraft and 
reflecting radio waves. A heater antenna 1 radiates 
power causing avalanche ionization or breakdown re- 
leasing free electrons in the atmosphere to generate the 
AIM 2. The heater antenna 1 is an array which can be 
used to focus energy at varying altitudes and elevations 
to tilt the AIM 2 using phase and frequency control. 
The AIM 2 simulates the ionosphere 3 which is also 
used to detect “‘over the horizon targets” 5. In addition, 
the AIM 2 can reflect radio signals transmitted from a 
transmitter 6 to a receiver 7 over long distances. 

A typical heater antenna is shown in FIG. 2. It con- 
sists of an array of multiple active radiating elements 10 
having their individual phase and frequency controlled 
from a control module 12. The radiating element 10 is 
used here to represent all possible antennas, including, 
but not limited to, dipoles, slots, small or large horns, 
log-periodic antennas, large parabolic reflectors, etc. 

FIG. 3 shows the spatial relationship for a focused 
heater array. To have the electric fields from all of the 
array elements focus, or arrive in phase at a distance Ry 
in the near field of the array, it is necessary to correct 
the phase of each element to compensate for the phase 
delay difference from the center element due to the 
additional phase path W;;. If Rois much larger than the 
maximum Dj, in FIG. 3, then the phase delay can be 
approximated in wavelength to be: 

W j= (Dj)? /(4*R*8) (1) 
where g is the wavelength of the heater frequency. 
Equation 1 is referred to as the quadratic phase error. If 
this error is less than g/8 when the element (i,j) is on the 
outer edge of the array, then the distance Rois said to be 
in the far field of the array. 

In order to focus the array at Ro, it is necessary to 
have several wavelengths of phase error from the outer 
elements of the array. That is, the term “focus” is used 
in this context to mean that the electric field from the 
array is concentrated in a desired spatial region. 

FIG. 4 shows the degree of focusing that can be 
accomplished. This is a vertical pattern of an array 
whose elements have been phase shifted to focus at 60 
Km. The array has 400 elements with a total width and 
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3 
length of 2000 g. The peak of the pattern is determined 


by the 1/R,* dependence. 

The AIM ionization layer is created by using this 
focused power to ionize an area in the atmosphere, as 
shown in FIG. 5. The microwave breakdown of air 
occurs where free electrons gain enough energy from 
an electric field to generate additional free electrons 
until no more can be generated, thereby resulting in 
avalanche ionization, or breakdown. This causes the 
generation of a plasma layer 21. For example, a pulse of 
power from the heater begins to propagate in the z 
direction shown in FIG. 5. As the field propagates, 
more free electrons are generated. A breakdown point 
descends vertically from the focal point of the propa- 
gating field giving thickness to the ionized layer, or 
plasma layer, until all ionization stabilizes. This “clamp- 
ing” creates a thin vertical plasma layer. 

Simulation results show that when an array 20 is 
focused at a point 22, electric field power peaks at the 
focal point. Simulation results shows that given a fo- 
cused microwave source avalanche ionization, or 
breakdown will occur at a power level 3-10 dB below 
the focal point power level. 

To create an AIM, the heater array is focused at a 
desired altitude to maximize power at a point and 
thereby generate plasma. The heater antenna then 
“scans” the phase of each array element to move the 
focal point. 

FIG. 6 illustrates creation of a noninclined AIM 
layer. The heater array 30 is first focused at point 31. 
The heater array scans horizontally by phase shifting to 
a point 32 creating an avalanche ionization line 33. 
Next, the heater array scans from a point 34 to a point 
35 creating another avalanche ionization line 36. The 
heater array continues this process to create an ioniza- 
tion plane or AIM layer. 

In order to form an inclined AIM cloud, each new 
ionization line must occur at a slightly higher altitude. 
By altering the phase or frequency of the array ele- 
ments, the focal point can be moved up in altitude, as 
described below. 

FIG. 7 illustrates creation of an inclined AIM. The 
heater array 40 is first focused at point 41. The heater 
array scans along the x direction to point 42 to generate 
avalanche ionization along line 43. Next, as in creation 
of a non-inclined AIM, the heater array scans along the 
x and y directions directly below point 44. The heater 
array 40 alters either phase or frequency to refocus to a 
higher altitude in the z direction to the point 44. The 
heater array then scans along the x axis to point 45 to 
create the avalanche ionization line 46. The heater array 
continues this process to create a tilted ionization plane 
or tilted AIM layer. 

FIG. 8 shows that the preferred method of generating 
a plasma layer uses a heater antenna to scan with a line 
rather than a point. Scanning using a line is preferred 
since an AIM can be created in the atmosphere in less 
time. To create lines of ionization rather than points, a 
rectangular array 50 is used. In the array 50, radiating 
elements are focused only along the plane of the long 
dimension of the rectangular array, creating a line of 
ionization 53. The array is then scanned along the x-y 
axis and in altitude along the z axis to create another 
ionization line 55. More ionization lines are similarly 
generated to form a tilted AIM layer. 

In order to create a tilted AIM it is necessary to 
refocus the heater array at successively higher altitudes. 
Moving the focal point by changing the phase of each 
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element of the heater in a very precise manner is not 
practical. Moving the focal point away from the initial 
location requires changing the phase on each element. 
The phase change required is near the rms tolerance 
level, typically 1 degree. FIG. 9 shows the required 
phase corrections to move the focal point from 60 Km 
to 61 km. Elements 5, 10, 15, and 20 have distances 5d, 
10d, 15d, and 20d, respectively from the center of the 
antenna, where d=25 meters It is clear from FIG. 9 that 
it is impractical to alter numerous antenna element pha- 
ses to move the focal point to create tilted patches for 
AIM applications. 2000 elements may be required here 
to generate enough power to ionize the atmosphere. _ 

The second method of refocusing is accomplished by 
first setting the phases of all elements for the initial focal 
point and then moving the focal point by changing the 
frequency rather than the phase. This frequency chirp- 
ing method is less precise, but easier for hardware im- 
plementation because precise phases for 2000 elements 
need not be changed. FIG. 9 shows the required phase 
corrections to move the focal point from 60 Km to 61 
Km. FIG. 10 shows that the focal point can be moved 
100 meters by increasing the frequency approximately 1 
Mhz. The resulting focal point power levels are not 
completely optimized, but simulation shows that there 
is less than a 0.1 db difference between the frequency 
shifted peaks and those obtained by phasing. 

Tilting the AIM using frequency chirping is practical 
to achieve in a real system. FIG. 11 shows the plasma 
layer location with no frequency chirping. FIG. 12 
shows the plasma location of the same heater creating a 
tilted AIM by increasing frequency from 550 MHz to 
959.375 MHz while scanning horizontally. The result is 
a smooth patch with a 45 degree inclination. 

While it is true that frequency chirping does not 
achieve the same power as phase focusing at the higher 
altitude, the difference for small frequency chirps is 
negligible. FIG. 13 shows actual power density data 
generated by a 300 MHz heater focused at 70 km with 
the frequency chirped to 308 MHz. 

In the far field region, power meets its upper bound 
without focusing. For a far field or unfocused array, 
there is no way to raise the ionization altitude or create 
a tilted AIM. Ionization takes place at a point where 
there is enough power to initiate breakdown and where 
there is low enough neutral density (i.e. pressure). This 
usually occurs between 40 and 50 km altitude as shown 
in FIG. 14. Consequently, a near field focused antenna 
is required to create a controlled AIM. 

The focused pattern is a picture of constructive and 
destructive interference of the fields from the elements 
of the array. Other interference positions, or grating 
lobes, outside the focal point occur when some of the 
array elements add up in phase. The power of grating 
lobes can be kept below that of the main lobe, or focal 
point, by having a large number of elements in the array 
and spreading them out over the array aperture. This is 
called thinning the array. For square arrays having 400 
elements or more grating lobes can be kept down by 20 
db or'more from the focal point. 

The degree of focusing depends on the ratio of focal 
range to aperture size. The half power width from peak 
“V” can be approximated as: 


V=2*%g*(R,/L)* (2) 


Fig. 6-28. PC Board. 


operates, current flows through the 22 ohm resistor, setting up a 
reverse bias that causes the stage to operate class C. The resistor 
is bypassed for the ac signal. The tuned circuit in the driver is close 
to that in the buffer, except that the coil is tapped to yield a higher Q 
with the higher power output. Harmonics at this stage are nothing 
like at the amplifier stage, but to use this stage as the Q)RP rig, you 
will have to couple the output tank circuit to get an acceptable 
signal. The tuning of the driver coil is accomplished by a wooden 
dowel shaft extension. The dowel should be approximately 4% 
inches long to reach the front panel from its position under the PC 
board. As can be seen in Fig. 6-31, the coil mounts on the PC board 
directly. An angle bracket is satisfactory mounting. 

The final stage will run a theoretical 7 watts dc input. The 
output circuit is a “T” network with slug-tuned coils used as the 
output tuning and loading controls. The final output transistor is 
rather expensive, but is hardy and generally works well in these 
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where L is the length of the array which is assumed 
square for equation 2. The power gradient at the half 
power point ““grad(P)” can be approximated as: 


grad(P)= 10/Vidb/meter) (3) 
For an AIM it is desirable that the power gradient be 
high because this directly determines the gradient of the 
electron density of the generated ionized cloud. The 
electron density must be high to avoid RF losses caused 
by absorption. Hence V be small, preferably less than 2 
Km. A heater frequency of 300 MHz and a focal dis- 
tance of 70 Km would project an aperture size greater 
than 2 Km. Note in equation 2 that array size scales with 
the square root of frequency. 

Since a near field antenna is required, the near field of 
the heater antenna may be required to extend to reach 
distant points. This is accomplished by increasing the 
array size. It may not be economically feasible to fill this 
entire aperture with elements, hence a thinned array is 
utilized. 

If a thinned array had its elements uniformly distrib- 
uted, there would be many grating lobes in the radiation 
pattern of the array. These grating lobes can be elimi- 
nated by randomly spacing elements. However, random 
spacing puts power from the grating lobes into the aver- 
age side lobe level. If no new elements are introduced 
when the aperture is increased, then the peak power of 
the main lobe remains constant and the main lobe re- 
ceives less of the total power as its beamwidth de- 
creases. In order to preserve the efficiency of the heater 
array, grating lobes must be utilized in creating the 
AIM cloud or the array can not be heavily thinned. 
FIG. 15 shows an array with uniform spacing having 
grating lobes. FIG. 16 shows an array with randomized 
spacing which eliminates the grating lobes. 

Although the invention has been described above 
with particular reference to certain preferred embodi- 
ments thereof, it will be understood that modifications 
and variations are possible within the spirit and scope of 
the appended claims. 

What is claimed is: 

1. A method for generating an AIM, comprising the 
steps of: a 

(a) creating avalanche ionization in the atmosphere 
using a heater antenna; 

(b) refocusing said heater antenna to alter the altitude 
of said avalanche ionization by frequency shifting 
said heater antenna; and 

(c) scanning said heater antenna to paint an avalanche 
ionization layer. 

2. A method for generating an AIM as claimed in 
claim 1 wherein said heater antenna is focused in the 
near field. f 

3. An apparatus for generating an AIM comprising: 

(a) a phased array heater antenna which is focused at 
an altitude to cause an avalanche ionization area to 
be created in the atmosphere; 

(b) means for controlling frequency of individual 
radiators of said phased array heater antenna to 
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refocus said altitude of said avalanche ionization 
area; and 

(c) means for controlling phase of the individual radi- 

ators to scan said phased array heater antenna. 

4. An apparatus for generating an AIM as claimed in 
claim 3 wherein said phased array heater antenna is 
focused to cause said avalanche ionization area to be 
substantially a line. 

5. An apparatus for generating an AIM as claimed in 
claim 4 wherein said means for controlling phase moves 
said line substantially at a constant altitude and said 
means for controlling frequency moves said line to 
different altitudes. S 

6. An apparatus for generating an AIM as claimed in 
claim 4 wherein said phased array heater antenna is a 


. rectangular array and said line is formed parallel to a 
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long dimension of said rectangular array. 

7. An apparatus for generating an AIM as claimed in 
claim 3 wherein said phased array heater antenna is 
focused to cause said avalanche ionization area to be 
substantially a point. 

8. An apparatus for generating an AIM as claimed in 
claim 7 wherein said means for controlling the phase 
moves said point substantially at the same altitude and 
said means for controlling frequency moves said point 
to different altitudes. 

9. An apparatus for generating an AIM as claimed in 
claim 3 wherein said phased array heater antenna is 
focused in the near field. 

10. A method of generating an AIM comprising the 
steps of: 

(a) focusing a phased array heater antenna at an alti- 
tude to cause an avalanche ionization area to be 
created in the atmosphere; 

(b) controlling the frequency of individual radiators 
of said phased array heater antenna to refocus said 
altitude of said avalanche ionization area; 

(c) controlling phase of the individual radiators to 
scan said phased array heater antenna. | 

11. A method of generating an AIM as claimed in 
claim 10 wherein said step of focusing causes said ava- 
lanche ionization are to be substantially a line. 

12. A method of generating an AIM as claimed in 
claim 11 wherein said step of controlling phase moves 
said line substantially at a constant altitude and said step 
of controlling frequency moves said line to different 
altitudes. 

13. A method of generating an AIM as claimed in 
claim 11 wherein said phased array heater antenna is a 
rectangular array and said line is formed parallel to a 
long dimension of said rectangular array. 

14. A method of generating an AIM as claimed in 
claim 10 wherein said step of focusing causes said ava- 
lanche ionization area to be substantially a point. 

15. A method of generating an AIM as claimed in 
claim 14 wherein said step of controlling phase moves 
said point substantially at the same altitude and said step 
of controlling frequency moves said point to different 
altitudes. 

16. A method of generating an AIM as claimed in 
claim 10 wherein said step of focusing is performed in 
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This invention relates to communication systems and 
more particularly to the use of trapped electromagnetic 
radiation to provide an over the horizon long distance 
communications network or system. 

This application is a continuation of application Ser. 
No. 308,172 filed Sept. 11, 1963, now abandoned. 

Ever since the advent of the radio, various attempts 
have been made to provide a long range communications 
system. During the World War I era attempts were made 
to obtain a reliable world wide communications system 
utilizing very low frequencies, but due to atmospheric 
noises and bandwidth limitations, more desirable tech- 
niques were required. In more recent years, radio propaga- 
tion over long distances has been attempted by systems 
employing “one hop” or “bounce” reflective techniques for 
scattering V.H.F., U.H.F., and S.H.F. signals. These par- 
ticular systems have required the use of large amounts of 
power in order to obtain reception at distant points. Ad- 
ditionally, scattering techniques have suffered from the 
occurrence of atmospheric instabilities which have caused 
periodic fading of the transmitted signals. Although scat- 
tering techniques have been applied successfully over 
relatively short distances, such as between the continent 
of Europe and islands in the Mediterranean, and addi- 
tionally in Alaska and Northern Canada, long distance 
communications have not been possible. 

Other global communication systems not relying on 
ground based links have also been attempted. For ex- 
ample, the Telstar orbiting satellite and the orbiting satel- 
lite communications system have been proposed as a solu- 
tion to this problem. Although Telstar has proved that a 
global communication system is feasible, utilizing an 
orbiting satellite or a group of orbiting satellites, these 
systems are quite costly, particularly due to the require- 
ment of at least forty orbiting satellites in order to obtain 
coverage of the entire world. Additionally, problems of 
reliability of the repeater equipment utnlized in the satel- 
lites will necessitate that additional repeater satellites be 
periodically placed in orbit as a substitute for an inoper- 
able satellite. Additionally, these satellite systems rely on 
basically a “one hop” line-of-sight technique between two 
points, and thus forty satellites are required as a minimum 
for complete world wide coverage. 

Further, “one hop” reflective long distance communica- 
tion systems have been proposed utilizing a ground created 
reflective zone or layer of an ionized atmosphere. This re- 
flective layer could be obtained using seeding techniques 
or possibly by the injection of neutrons to form a reflective 
cloud in the atmosphere. In spite of the fact that com- 
munications have been successfully attempted utilizing 
seeding for “one hop” point-to-point over the horizon re- 
flective communications links, seeded ionized clouds have 
been difficult to control, particularly due to the sun’s 
adverse effect. Although all the aforementioned systems 
have had some success, either their cost or complexity has 
produced a requirement for a more inexpensive and reli- 
able system to obtain world wide communications. 

Accordingly, it is the principal object of this invention 
to provide a new, useful, and improved highly reliable 
world wide communications system. 

Another object of this invention is to provide an over 
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the horizon communications system which utilizes a wave- 
guide duct in the ionosphere to trap electromagnetic radia- 
tion. 

Still another object of this invention is to create an 
electromagnetically generated ionized cloud to provide a 
means for injecting electromagnetic radiation into an 
ionospheric waveguide duct. 

A further object of this invention is to provide a means 
for extracting electromagnetic radiation trapped within 
an ionospheric waveguide duct. 

In accordance with the communications system of this 
invention, electromagentic radiation is artificially injected 
into and trapped within an atmospheric waveguide duct. 
The trapped radiation then propogates within said atmos- 
pheric waveguide duct. The trapped radiation then propo- 
gates within said atmospheric waveguide duct around the 
earth. Devices positioned around the earth’s periphery are 
utilized to receive a portion of trapped radiation either 
by detecting radiation scattered by natural or artificially 
generated scaters positioned within the waveguide duct. 

Other features and objectives of the communications 
system of this invention will become apparent from the 
following description taken in conjunction with the fol- 
lowing drawings, wherein: 

FIG. 1 illustrates schematically a communications sys- 
tem following the principals of this invention including 
means for generating an artificial scatterer to inject electro- 
magnetic radiation into an ionospheric waveguide duct, 
and means for receiving a portion of said radiation re- 
flected by natural scatterers. 

FIG. 2 illustrates a top plan view of a configuration of 
an antenna for generating an artificial scatterer. 

FIG. 3 is a side elevational view of one of dipole ele- 
ments of the antenna of FIG. 2. 

FIG. 4 illustrates schematically the transmitter and 
the dipole antenna arrangement for the legs numbered 53 
and 54 of the antenna of FIG. 2. 

FIG. 5 illustrates schematically the transmitter and the 
dipole antenna arrangement for the legs numbered 51 and 
52 of the antenna of FIG. 2. 

FIG. 6 illustrates schematically a means for properly 
phasing the output radiation from the antenna of FIG. 2 
in order to generate an artificial scatterer positioned within 
the ionosphere. 

FIG. 7 is a pictorial representation of the earth sur- 
rounded by ionospheric layers for the ‘purpose of explain- 
ing the presence of ionospheric waveguide ducts. 

FIG. 8 is a schematic diagram of the communications 
system of this invention including means for generating 
an artificial scatterer to extract electromagnetic radiation 
from an ionosphereic waveguide duct; and 

FIG. 9 is a side schematic view of an ellipsoid antenna 
which could be used to generate an artificial scatterer 
within the ionosphere. 

FIG. 1 illustrates a long distance communications sys- 
tem following the principles of this invention and which 
comprises a transmitter 11 disposed at a point on the 
earth 10. The transmitter 11 will be described in con- 
junction with an explanation of FIGS. 4 and 5. Trans- 
mitter 11 provides electromagnetic energy to antenna 12. 
Antenna 12 then focuses this energy or radiation, shown 
as arrows 13, to form an ionized cloud or scatterer 14, 
within the ionospheric region of the atmosphere. A suit- 
able antenna for generating the ionized cloud 14 will be 
described at a later time in conjunction with the explana- 
tion of FIGS. 2, 3, 4 and 5 of the accompanying draw- 
ings. The ionized cloud 14 is shown positioned slightly 
above the ionospheric bottom layer 20, but substantially 
below the F, layer 23 of the ionospheric region. — 

The ionized cloud 14 is believed to be generated in the 
following manner: electrons that already exist in the 
ionospheric region of the upper atmosphere are acceler- 
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ated by electromagnetic radiation which is focused from 
the ground. These electrons are accelerated by the radia- 
tion to a degree such that their kinetic energy reaches 
the level needed for the occurrence of ionizing collisions. 
Cloud 14 is a result of these ionizing collisions. Scatter- 
ing from this cloud takes place due to the discontinuity 
between this zone of enhanced ionization and the sur- 
rounding medium. The shape and the properties of the 
scatterer can be adjusted by controlling the properties of 
the antenna used, the amount of power provided by the 
antenna, and the phase of the energy emitted by various 
portions of the antenna. For example, the preferred em- 
bodiment of this invention utilizes a transmitter 11 and 
antenna 12 operating at a frequency of 50 megacycles, 
and which provides 26 megawatts of peak power and 
260 kilowatts of average power. Antenna 12 focuses the 
energy to produce a cloud 14 approximately 80 kilome- 
ters above the earth’s surface. The ionized cloud formed 
has a mean width of approximately 15 meters and a 


length of approximately 60 meters. Due to the focusing, < 


the ionized cloud has a shape which comes to a point 
at its greatest distance from the earth’s surface and 
tapers in the manner of a cone at its widest point. The 
ionized cloud of this invention also has a variation of 
the electric field in the cloud versus the height from the 
antenna which is positive. The antenna used is in a near- 
field arrangement. In other words, with increasing dis- 
tance in the resulting cloud 14 there is an increasing field. 
This does not happen with an unfocused antenna of the 
far-field type. An unfocused antenna has a radiation 
pattern which spreads at greater distances from the an- 
tenna and its electric field decreases with increasing 
range. In our case dE/dh>0O where E is the E field 
vector and h is the distance from the antenna above the 
earth’s surface. It is to be noted that the life of our 
scatterer or cloud persists essentially as long as the ground 
transmitter is on. This constitutes a basic advantage with 
respect to any other suggested artificial scatterer, such 
as that which could be produced by seeding. Accordingly, 
this system utilizing an ionized cloud which is generated 
from the earth and which is controllable from the earth 
is highly superior to any technique which is completely 
out of the control of the operators. 


Referring once again to FIG. 1, a transmitter 30 is 
shown for providing a communications signal which is 
to carry information from a point somewhere on the 
earth’s periphery which is in proximity to transmitter 11. 
The transmitter 30 could be any of the common A.M. 
communication transmitters, such as those which oper- 
ate in the M.F., V.H.F. and H.F. frequency bands. The 
transmitter 30 provides this communication signal to 
antenna 31. The antenna 31 is of a directional type in 
order that the communication signal can be directed 
towards the ionized cloud or artificial scatterer 14. Di- 
rectional antennas, such as rhombic or Yagi, could be 
utilized for this purpose. Assume now that the transmitter 
30 provides a 20 megacycle communications signal hav- 
ing a 500 kilowatt peak output power to the antenna 31. 
This signal will then be directed as shown by the arrowed 
lines 32, and be refracted off the ionized cloud or 
scatterer 14. This signal 32 will be directed through the 
ionospheric waveguide duct, due to a refractive electron 
layer 21 which curves spherically around and is concen- 
tric with the earth’s periphery. This refractive layer 21 
causes the communication signal 32 to be trapped within 
an ionospheric waveguide duct which has the refractive 
layer 21 as its upper boundary, substantially the iono- 
spheric bottom as its lower boundary, and which is con- 
centric with the earth’s periphery. The explanation of 
the presence of this refractive layer and the duct will be 
given at a later time in conjunction with a description 
of FIG. 7. 

Assuming now a receiving station, such as receiver 
49 and antenna 41, located at a site which is at a long 
distance from transmitter 30, is required to receive in- 
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formation transmitted by transmitter 30. Communica- 
tion reception at the receiving station is made possible 
by natural scatterers within the ionospheric layer, such 
as produced by natural discontinuities in the electron 
density within the ionosphere. These natural scatterers 
cause power leakages in the flow of the communications 
signal 32 through the ionospheric waveguide duct. These 
power leakages are shown as arrows 42. By utilizing the 
antenna 41 along with a receiver 40, it is thus possible to 
detect the power leakages due to scattering caused by 
natural scatterers within the ionosphere. This is shown 
diagrammatically as arrow 43 being received by antenna 
41. The atenna 41 could be of the Yagi type. The re- 
cetiver 40 may be of the double conversion superhetero- 
dyne type utilizing two local oscillators and two Ip stages. 
Thus, it is seen that once a communications signal is in- 
jected into the ionosphere and is then trapped in the 
waveguide duct of the ionopshere, a portion of this 
trapped signal can then be received after traveling over 
long distances. It is to be noted that this type of com- 
munications link does not depend on local minima or 
maxima in the ionopshere electron density profile. Fur- 
thermore, it is to be noted that this system does not rely 
upon the reflection of a signal off an ionized cloud and 
back down to a second location on the earth in order to 
obtain “one hop” point-to-point communications. Rather, 
the communications system presented here utilizes iono- 
spherically trapped electromagnetic radiation in order to 
obtain point-to-point over the horizon communications. 

Referring now to FIGS. 2, 3, 4, 5 and 6 for the descrip- 
tion of a transmitter and antenna system shown as trans- 
mitter 11 and antenna 12 in FIG. 1. FIG. 2 illustrates the 
configuration of a Mills Cross antenna for generating 
the ionized cloud or artificial scatterer 14. This antenna 
is of that type which is common to the radio astronomy 
field. A description of this type of antenna can be found 
in the book “Radio Astronomy,” page 75, authored by 
J. L. Pawsey and R. M. Bracewell, published by Oxford 
at the Clarendon Press, under the date of 1955 in Oxford, 
England. An arrangement of this antenna is shown in a 
top plan view in FIG. 2. This Mills Cross antenna 50 
is Shown having two legs 51 and 52 and two legs 53 and 
54. The width of each of the legs is 12 meters and the 
length of each leg is 19 kilometers. The total antenna 
of this invention compriess 104,000 dipoles. A side 
elevational view of one of the dipoles is shown in 
FIG. 3 and has a radiating portion 58 which when mount- 
ed is parallel to the earth’s surface and a vertical portion 
59 which is used to mount each of these dipole antennas 
in the earth’s surface. The horizontal radiating portion 58 
is designed with a radiating surface equal to A/2 and the 
mounting portion 59 has a dimension of A/¿. Each of the 
legs 51, 52, 53 and 54 have a total of 26,000 dipoles 
mounted four across to obtain the configuration shown 
in FIG. 2. Each of the legs has 6500 rows of four dipole 
antennas each. 


The Mills Cross antenna 50 has the rows of dipoles 
comprising legs 53 and 54 connected in the same manner. 
For the purposes of explanation, a four dipole row in leg 
53 will be described. This four dipole row is shown as 
60 and has a transmitter 62 providing power to be radiated 
by each of the dipoles. A receiving antenna horn 61 is 
shown coupled to the transmitter 60 for the purposes of 
phasing the output radiation from each of the dipole an- 
tennas shown in 60. The description of the phasing of the 
radiation of this antenna will be given in conjunction 
with an explanation of FIG. 6. 


In order to show the connection of the dipole antennas 
of the legs 51 and 52, a four row dipole antenna config- 
uration 65 is singled out for purposes of description. Di- 
pole antenna row 65 is shown coupled to a transmitter 
67 which has an antenna horn 66 which is also used 
for the purposes of phasing the signal to be radiated by 
the dipole row 65. Each of the transmitters of the Mills 
Cross antenna configuration provides a final stage power 
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output of approximately one kilowatt peak power or 10 
watts of average power. Since there are a total of 26,000 
transmitters in this antenna configuration 50, each provid- 
ing one kilowatt, a total output power of approximately 
26 megawatts peak power is obtained. 

Referring now to FIG. 4 for a description of the trans- 
miter 62, a detector 70 is shown coupled to the antenna 
horn 61 for the purpose of receiving a phasing signal to 
be retransmitted. The signal to be retransmitted is applied 
to an R.F. amplifier 71 in order to amplify the detected 
signal to be retransmitted by the dipole configuration 
shown as 60. The R.F. amplifier final stage is of the nor- 
mal tetrode type of amplifier. R.F. amplifier 71 provides 
an amplified signal which is coupled through an imped- 
ance matching device 72 to feed the dipole antenna con- 
figuration 60, as schematically shown in FIG. 4. The im- 
pedance matching device is utilized in order to couple the 
R.F. antenna to the dipole configuration 60. 

Referring now to FIG. 5, there is disclosed the transmit- 
ter 67, having a detector 76, R.F. amplifier 77, and an 
impedance matching device 78 coupled between an an- 
tenna horn 66 and the dipole radiating configuration 65. 
The apparatus of FIG. 5 is of the same type and operates 
similarly as does the apparatus of FIG. 4. 

Referring now to FIG. 6, there is shown a scheme for 
phasing radiations from each of the dipole antennas of 
the Mills Cross antenna configuration 50. Although it is 
possible to pre-set the phase of each of the transmitted 
signals which emanate from the dipole antennas by in- 
dividually adjusting the phase of the signal provided by 
each of the transmitters of the antenna configuration 50, 
a more effective technique for obtaining the proper phase 
relationship is shown in FIG. 6. This simplified technique 
is used to obtain the phase relationship to produce a 
cloud or artificial scatterer approximately 80 kilometers 
above the earth’s surface. This technique utilizes two trans- 
mitters, 80 and 85, which are slaved together by way of 
a ground link 87, The transmtiters, 80 and 85, simultane- 
ously transmit a signal which emanates in the same phase 
relationship from each of these transmitters. By placing 
transmitter 80 perpendicular to and at a distance of ap- 
proximately 80 kilometers from the legs 51 and 52 and 
transmitting this signal by way of a parabolic antenna 
configuration, and by simultaneously positioning transmit- 
ter 85 perpendicular to and at a distance of 80 kilometers 
from legs 53 and 54, and transmitting a signal from a 
parabolic antenna 86, it is possible to phase the signals 
radiated by the dipoles of the antenna 50 in order to pro- 
duce the ionized cloud 14. Thus, for example, by ampli- 
tude modulating a microwave frequency signal with a 50 
megacycle per second signal, and by detecting this mod- 
ulation with a detector, such as detector 70 or 76 of FIGS. 
4 and 5, and then amplifying this 50 megacycle detected 
signal, the proper phase relationship for producing the 
ionized cloud is obtained. The proper phase is obtained 
since the phase of arrival of the 50 megacycle modulated 
microwave signal differs from point-to-point along the legs 
of the antenna configuration 50 in the same phase rela- 
tionship that is required to recompose the field at 80 kilo- 
meters of height. 

FIG. 7 is a pictorial representation of the earth sur- 
rounded by the ionospheric layers for the purpose of ex- 
plaining the ionospheric waveguide ducts. For purposes of 
obtaining a reference from the earth’s surface there is 
presented a pictorial diagram (not to be considered as 
drawn to scale) showing an ionospheric bottom layer 20 
approximately 60 kilometers above the earth’s surface, an 
F, layer substantially 150 kilometers above the earth’s sur- 
face, an F, layer approximately 350 kilometers above the 
earth's surface, and outer ionosphere or exosphere about 
2000 kilometers above the earth’s surface. The ionosphere 
has the shape of a spherical shell and is concentric with 
the earth’s surface. 

Referring now to the portion of FIG. 7 numbered 35, 
this stippled area represents the density of the electrons 
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in the various regions of the ionosphere. For example, 
point a represents an electron density of approximately 
103 electrons per cubic centimeter, which occurs at the 
ionospheric bottom. Point b represents the electron density 
at the F; layer, which is approximately equal to 105 elec- 
trons per cubic centimeter. Point c depicts the maximum 
electron density, which is presumed to exist at the F, layer 
of the ionosphere. At this point, an electron density of ap- 
proximately 10 electrons per cubic centimeter is believed 
to exist. Point d on the tail end of the exponentially decay- 
ing region between points c and d represents an electron 
density of approximately 10° electrons per cubic centi- 
meter which is considered to exist at the exposure. 

Assume now that a transmitter, such as 11, and an 
antenna 12, which was previously disclosed with relation 
to FIGS. 1-6, generates an artificial scatterer 14 at ap- 
proximately 80 kilometers above the earth’s surface. 
Further, assume that a transmitter 30 and an antenna 31 
directs a 20 megacycle communications signal in such a 
manner that the signal leaves the earth at an angle « of 
approximately 10° so that it is injected at an angle of « 
degrees into an ionospheric waveguide duct which lies 
between the bottom layer 20 and the F, layer 23, The 
upper limit of the ionspheric waveguide duct, shown as 
the refractive layer 21 within the ionosphere, is a function 
of the frequency of the transmitted communications signal 
and the ionospheric conditions. The index of refraction of 
the ionosphere refractive layer is, among other things, a 
function of the local electron density of the ionospheric 
region and of the frequency of the transmitted communi- 
cations signal. When the index of refraction approaches 
O, refractive bending of a ray toward the earth’s surface 
will take place. However, a trapped ray will not land 
on the earth’s surface. For a 20 megacycle communica- 
tions signal, a refractive layer 21 theorized at 130 kilo- 
meters, comprises the upper limit of the wave guidance 
duct. The lower limit of the ionospheric waveguide duct 
is a function of the angle «. In the situation required for 
trapping of the signal 32, the lower limit is substantially 
bounded by the ionospheric bottom for an « which per- 
mits trapping. Therefore, for a 20 megacycle signal, the 
ionospheric waveguide duct will lie in the region between 
substantially 60 kilometers at its lower limit to 130 
kilometers at its upper limit. For other frequencies, the 
waveguide duct will vary in accordance with the frequency 
of the communications signal. 


Referring once again to the communications signal 32, 
it can be seen that this signal 32 will be refracted from 
the artificial scatterer 14, and be injected into the iono- 
spheric duct, described previously. The signal after enter- 
ing the duct will be trapped, due to the signal 32 being 
refracted periodically at points along the upper shell-like 
refractive layer 21. 

FIG. 8 is a schematic diagram of the communication 
system of this invention including a second artificial 
scatterer, which is placed in the ionospheric duct in order 
to extract a comunications signal trapped within the duct. 
A transmitter 30 and an antenna 31 is shown providing 
a communications signal 32 which is refracted by a scat- 
terer 14 generated by a Mills Cross antenna 50. This 
signal 32 is then periodically refracted by a refractive layer 
21 and travels parallel to the earth’s surface. A second 
Mills Cross type antenna emitting radiation, shown as 
arrowed lines 91, places a second artificial scatterer 92 
within the ionospheric duct which lies substantially be- 
tween the ionospheric bottom 20 and the refractive layer 
21. This cloud 92 intercepts the communications signal 
32 and reflects a major portion thereof. This is shown 
as arrowed lines 95 which are received by an antenna 
96 and a receiver 97. Although this particular embodi- 
ment is more costly than that which is shown in FIG. 1, 
due to the use of two artificial scatterers 14 and 92, this 
embodiment will provide a communications system which 
will be operable over long distances at higher data 
rates. It is to be noted that this two scatter system is not 
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of the “one-hop” reflective type. This system does not 
require that the artificial scatterers 14 and 92 be within 
line-of-sight of each other in order that there be over the 
horizon communications. 

Referring now to FIG. 9, an alternate embodiment of 
an antenna is shown for producing an ionized cloud or 
scatterer, such as cloud 102. The antenna 100 is of the 
ellipsoidic variety and is designed with a diameter of 40 
kilometers to radiate and focus energy to produce the 
cloud 102. 


Although the preferred embodiment shows the use of 
separate antennas and transmitters to produce the cloud 
and to provide the communications signal, it is to be 
understood that a single station comprising a dual purpose 
antenna and transmitter could be used. Furthermore, it is 
to be understood that although a 20 megacycle communi- 
cation signal is used in the preferred embodiment, other 
frequencies such as M.F., H.F., and V.H.F. frequencies 
of between approximately a few megacycles to 70 mega- 
cycles could be used. For example, recent tests have shown 
that communications between Massachusetts and Italy 
are possible utilizing this technique. Instead of generating 
an artificial scatterer, ionized meteor trails were utilized 
as scatterers to inject a 23 megacycle signal into an iono- 


spheric waveguide duct. Receivers positioned in Italy de- : 


tected a portion of the signal trapped within the duct. 
Additionally, this technique could be applied to satellite- 
borne receivers orbiting within the ionospheric waveguide 
duct or between ground stations and satellites. In addition, 
it is possible to use the trapped radiation technique of this 
invention in other regions of the atmosphere, such as in 
the troposphere. A tropospheric communications system 
would permit the propagation of frequencies in the V.H.F., 
U.H.F. and S.H.F. bands. Accordingly, it is desired that 
this invention not be limited except as defined by the 
appended claims. 
We claim: 
1. A communications system comprising: 
means for generating and controlling an ionized cloud 
in the ionosphere, said means including first and 
second transmitters for simultaneously transmitting 
signals in the same phase relationship, ground link 
means for slaving said transmitters together, and 
antenna means for focusing on and accelerating iono- 
spheric electrons with the electromagnetic radiation 
signals from said transmitters to produce ionizing 
collisions; 
transmitting means for transmitting a communications 
signal directed at said ionized cloud, said cloud in- 


jecting said communications signal into and propa- , 


gating said communications signal within an iono- 
spheric signal trapping waveguide duct encircling the 
earth; and 

means for receiving at least a portion of said com- 
munications signal trapped in the duct. 


2. A system comprising: 

means for transmitting a signal; 

means for electromagnetically generating a scatterer 
within a given zone of the ionosphere, said scatterer 
injecting at least a portion of said signal into and 
causing said portion to propagate within an iono- 
spheric signal trapping waveguide duct encircling the 
earth; and 

means for receiving at least a portion of said signal 
trapped within said waveguide duct. 

3. A system comprising: 

means for transmitting a signal into a given zone of 
the atmosphere; 

means for generating a scatterer in a given zone of 
the atmosphere, said scatterer causing said signal to 
be injected into and propagated within an atmo- 
spheric signal trapping duct to encircle the earth, and 

means for detecting at least a portion of said signal 
trapped within said duct. 

4. A system comprising: 
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means for providing a signal having a frequency below 
approximately 7 megacycles; 
means for injecting at least a portion of said signal 
into a trapping zone of the ionosphere encircling the 
earth and defined by the ionospheric bottom layer 
and a refractive layer which is a function of the 
frequency of said signal and for causing said portion 
to propagate within said trapping zone around the 
earth; and 
means for detecting at least a portion of said injected 
signal. 
5. A communications system comprising: 
means for providing a signal; 
means for electromagnetically generating a scatterer to 
inject said signal into and to propagate said signal 
within a given signal trapping zone of the atmos- 
phere encircling the earth; and 
means for detecting at least a portion of said injected 
signal. 
6. A communications system in accordance with claim 
5 wherein said means for electromagnetically generating 
a scatterer includes an antenna for focusing on and ac- 
celerating ionospheric electrons with electromagnetic 
radiation signals to produce ionizing collisions. 
7. A communications system in accordance with calim 
6 wherein said antenna comprises a Mills Cross antenna 
having first and second perpendicular legs and includes 
means for phasing said antenna to produce said scatterer 
comprising first and second transmitters for simultan- 
eously transmitting signals in the same phase relationship, 
each of said transmitters being perpendicular to and 
spaced apart from a different one of said legs, and ground 
link means for slaving said transmitters together. 


8. A communications system comprising: 

transmitting means for transmitting a communications 
signal; 

transmitting means for electrromagnetically generating 

a scatterer in a given signal trapping zone in the 
ionosphere; 

an antenna included in said scatterer generating means 

said scatterer being provided to inject said com- 
munications signal into and to propagate said com- 
munications signal within a given signal trapping 
zone of the ionosphere encircling the earth; 

means for focusing on and acceleratnig ionospheric 

electrons with electromagnetic radiation signals to 
produce ionizing collisions; 

means for phasing said antenna to produce said scat 

terer, said phasing means including first and second 
transmitters for simultaneously transmitting signals 
in the same phase relationship; 

ground link means for slaving said transmitters to- 

gether; and 

means for receiving at least a portion of said commun- 

ications signal which has been injected into and 
propagated within the given signal trapping zone. 

9. A system comprising: 

means for generating and controlling an ionized cloud 

including transmitter means for producing signals to 
accelerate ionospheric electrons and for stopping 
producing said signals to cause the removal of said 
cloud; 

means for transmitting a signal directed at said cloud, 

said cloud injecting said signal into and propagating 
said signal within an ionospheric trapping wave- 
guide duct encircling the earth; and 

means for receiving at least a portion of said signal 

injected into said duct. 

10. A system in accordance with claim 9 wherein said 
means for generating a cloud includes a near-field anten- 
na producing a positive gradient electric field within said 
cloud at increasing distances from said antenna. 

11. A communications system comprising: 

means for providing a signal; 

means for electromagnetically generating a scatterer 
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within a region of the ionosphere below the ionos- 
pheric Fa layer, said scatterer providing means for 
the injection and the porpagating said signal in a 
trapping zone of the ionosphere defined by the ionos- 
phere bottom layer and a refractive layer which is a 
function of the frequency of said signal; and 
means for receiving at least a portion of said trapped 
signal. 
12. Acommunications system comprising: 
means for transmitting a communications signal; 
means for electromagnetically generating and control- 
ling a scatterer within a given region of the ionos- 
phere below the ionosphere F layer, said scatterer 
being provided to inject said communication signal 
into and to propagate said communications signal 
within a trapping zone of the ionosphere defined by 
the ionospheric bottom layer and a refractive layer 
which is a function of the frequency of said com- 
munications signal; 
said scatterer generating means including first and sec- 
ond transmiters for simultaneously transmitting sig- 
nals in the same phase relationship, ground link 
means for slaving said transmitters together, and a 
near-field antenna for producing a positive gradient 
electric filed within the scatterer at increasing dis- 
tances from the antenna; and 
means for receiving at least a portion of the communi- 
cations signal in said trapping zone. 
13. A system in accordance with claim 11 including 
a second electromagnetically generated scatterer posi- 
tioned within the zone of the ionosphere defined by the 
ionospheric bottom layer and said refractive layer, said 
scatterer providing means for extracting at least a por- 
tion of said signal trapped within said ionosphere. 


14. A communications system comprising: 

means for providing a signal having a frequency be- 
tween a few megacycles to about 70 megacycles; 

means for electromagnetically generating a scatterer 
within a given region of the ionosphere including 
transmitter means for producing signals to accelerate 
ionospheric electrons, said scatterer providing for 
the trapping of and the propagating of said signal 
within a given region of the ionosphere defined by 
the ionospheric bottom layer and a refractive layer 
which is a function of the frequency of said signal; 

means for electromagnetically generating a second 
scatterer within a given region of the ionosphere to 
extract at least a portion of said signal including 
transmitter means for producing signals to accelerate 
ionospheric electrons; and 

means for detecting at least a portion of said extracted 
signal. 

15. A communications system comprising: 

means for generating and controlling an ionized cloud 
in the ionosphere, said means including one trans- 
mitting means for simultaneously transmitting signals 
in a suitable phase relationship to achieve focusing 
of the radio frequency generated by the transmitting 
means, means for slaving the signals from said trans- 
mitting means and antenna means for focusing on 
and accelerating ionospheric electrons with the elec- 
tromagnetic radiation signals from said transmitting 
means to produce ionizing collisions; 

another transmitting means for transmitting a com- 
munications signal directed at said ionized cloud, 
said cloud injecting said communications signal into 
and propagating said communications signal within 
an ionospheric signal trapping waveguide duct en- 
circling the earth; and 

means for receiving at least a portion of said communi- 
cations signal trapped in the duct. 

16. A system comprising: 

means for transmitting a signal; 

means for electromagnetically generating a scatterer for 
injecting at least a portion of said signal into a trap- 
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ping zone of the ionosphere encircling the earth, 
said zone defined by a lower boundary which is 
a function of the angle of injection of the signal 
into the zone and a upper refractive layer boun- 
dary which is a function of the frequency of said 
signal and for causing said portion to propagate with- 
in said trapping zone around the earth without any 
lower boundary reflections; and 

means for receiving at least a portion of said signal 
trapped within said zone. 

17. A system comprising: 

means for transmitting a signal;. 

means for electromagnetically generating a scatterer 
for injecting at least a portion of said signal into a 
trapping zone of the ionosphere, said zone limited 
by an upper refractive layer which is a function of 
the frequency of said signal and for causing said - 
portion to propagate within said trapping zone 
around the earth with reflections only off of the 
upper refractive layer; and 

means for receiving at least a portion of said signal 
trapped within said zone. 

18. A system comprising: 

means for transmitting a signal; 

a scatterer injecting at least a portion of said signal 
into a trapping zone of the ionosphere encircling 
the earth, said zone defined by a lower boundary 
which is a function of the angle of injection of the 
signal into the zone and an upper refractive layer 
boundary which is a function of the frequenncy of 
said signal and for causing said portion to propa- 
gate within said trapping zone around the earth with- 
out any lower boundary reflections; and 

means for detecting at least a portion of said injected 
signal. 

19. A system comprising: 

means for transmitting a signal; 

a scatter injecting at least a portion of said signal into 
a trapping zone of the ionosphere, said zone limited 
by an upper refractive layer which is a function of 
the frequency of said signal and causing said por- 
tion to propagate within said trapping zone around 
the earth with reflections only off of the upper re- 
fractive layer; and 

means for detecting at least a portion of said injected 
signal. 


20. A communications system comprising: 

means for providing a signal; 

means for electromagnetically generating a permanent 
and controllable scatterer to inject said signal into 
and to propagate said signal within a given signal 
trapping zone of the ionosphere encircling the earth, 
and, 

means for detecting at least a portion of said injected 
signal, 

21. A method of communicating comprising the steps 


electromagnetically generating a scatterer in a given 
zone of the atmosphere; 

transmitting a signal into said scatterer in such man- 
ner that said signal is injected into and propagated 
within an atmospheric signal trapping duct encir- 
cling the earth; and 

detecting at least a portion of said signal trapped within 
said duct. 

22. A method of communicating comprising the steps 


electromagnetically generating a scatterer within a given 
zone of the ionosphere; 

transmitting a signal into said scatterer in such man- 
ner that at least a portion of said signal is injected 
into and propagated within an ionospheric signal 
trapping waveguide duct encircling the earth; and 

receiving at last a portion of said signal trapped within 
said waveguide duct. 


TO BUFFER 


Fig. 6-29. Alternate FET vfo. Capacitors and resistors in pF and Ohms 
unless otherwise stated. 


applications. It will operate at frequencies in excess of the 30 MHz 
encountered in the 10 meter version of the Mini-Mite, so it is a 
pretty good choice until research proves the existence of a better 
all-around transistor. The rf choke used in the final is a high- 
current jobby. A conventional rfc has too much dc resistance and 
limits the output power stage can run. Wind forty turns #18 en. 
close and in 2% layers directly on one of those slugs. 

Table 6-4 gives values for coils and capacitors to be used for 
multi-band operation. You may wish to switch in the coil/capacitor 
combinations, or do some experimenting with winding multiple 
coils on the same form. Some of the problems are that the coil/ 
capacitor combinations are sympathetic to harmonics and you may 
get false loading. But, as long as the Q is high enough, you could 
make each band peak at some different setting of the slug in the coil 
form. This helps eliminate the problem. Also, remember to use 
shielded solenoid inductance formulas because the overlapping 
coils act as shields and change the normal calculations. The cost 
savings of this system would be significant. This could be our 
answer to the old familiar tapped coil setups in tube-type rigs. 

The final tuning coils are mounted on a piece of angle 
aluminum. Each slug-tuned coil has a wooden dowel extension 


Fig. 6-30. The optional bufferis used in conjunction with buffer in transmit- 
ter to provide better isolation for break-in operation or for when some 
pulling of the vfo cannot be tolerated. 
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23. A method of communicating comprising the steps 
of: 

transmitting a communications signal; 

injecting at least a portion of said signal into a sig- 
nal trapping zone of the atmosphere encircling the 
earth, said zone defined by a lower boundary which 
is a functon of the angle of injection of the signal 
into the zone and an upper shell-like refractive layer 
boundary which is a function of said signal, said 
signal being periodically refracted at points along 
the upper shell-like refractive layer without any 
lower boundary reflections as it is propagated ap- 
proximately parallel to the earth’s surface; and 

receiving at least a portion of the signal propagating 
within said trapping zone. 

24. A method of communicting using trapped electro- 

magnetic radiation comprising the steps of: 

transmitting a signal having a frequency below approxi- 

mately 70 megacycles; 


injecting at least a portion of said signal into a trap- : 


ping zone of the ionosphere encircling the earth and 
defined by the ionosphere bottom layer and a re- 
fractive layer which is a function of the frequency 
of said signal; 


propagating said signal within said trapping zone . 


around the earth; and 
detecting at least a portion of said propagated signal. 


25. A method of communicating using ionizing atmos- 
pheric collisions comprising the steps of: 
electromagnetically generating a scatterer in a given 
zone of the atmosphere; 
providing a communications signal which said scat- 
terer injects into and propagates within the given 
signal trapping zone encircling the earth; and 
detecting at least a portion of said propagated signal. 
26. A method in accordance with Claim 25 wherein 
the step of electromagnetically generating the scatterer 
includes: 
focusing electromagnetically radiation signals on at- 
mospheric electrons within said given zone; and 
accelerating the electrons with the electromagnetic ra- 
diation signals to produce ionizing collisions. 
27. A method in accordance with Claim 26 wherein 
the steps of focusing and accelerating include: 
simultaneously transmitting identically phased signals; 
slaving said phased signals together; and 
phasing an antenna to achieve the focusing and acceler- 
ating of the electrons to produce the ionizing colli- 
sions. 


ii A method of communicating comprising tne steps 
of: 
generating an ionized cloud with electromagnetic 
radiation signals; 
controlling said cloud by said signals; 
transmitting a communication signal directed at said 
cloud such that said communication signal is in- 
jected into and propagated within an ionospheric 
signal trapping waveguide duct encircling the earth; 
and 
receiving at least a portion of said communication sig- 
nal which has been injected into and propagated 
within said duct. 
29. A method of communicating comprising the steps 
of: 
electromagnetically generating a scatterer within a re- 
gion of the ionosphere below the ionospheric Fx 
layer; 
transmitting a communication signal into said scatterer 
to inject into and propagate said signal within a sig- 
nal trapping zone of the ionosphere defined by the 
ionospheric bottom layer and a refractive layer 
which is a function of the signal frequency; and 
receiving at least a portion of said trapped signal. 
30. The method of claim 29 wherein said receiving 
step includes: 
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electromagnetically generating a second scatterer posi- 
tioned within the zone of the ionosphere defined by 
the ionospheric bottom layer and said refractive 
layer in order to provide means for extracting at least 
a portion of said trapped signal. 
31. A method of communicating comprising the steps 
of: 
electromagnetically generating a scatterer within a given 
region of the ionosphere; 
transmitting a communications signal having a fre- 
quency between a few megacycles to about 70 mega- 
cycles into said scatter causing the signal to be 
trapped and propagated within the given region of 
the ionosphere defined by the ionospheric bottom 
layer and refractive layer which is a function of the 
frequency of the signal; 
electromagnetically generating a second scatterer with- 
in the given region of the ionosphere in order to 
permit extraction of at least a partion of said signal; 
and 
detecting at least a portion of said extracted signal. 
32. A method of communicating comprising the steps 
of: 
electromagnetically generating an ionized cloud in the 
ionosphere; 
controlling said cloud by simultaneously transmitting 
signals in a suitable phase relationship to achieve 
focusing of the radio frequency generated, slaving 
the transmitted signals together and focusing on and 
accelerating ionospheric electrons with the electro- 
magnetic radiation signals to produce ionizing col- 
lisions; 
transmitting a communications signal directed at said 
ionized cloud to inject into and propagate said com- 
munications signal within an ionospheric signal trap- 
ping waveguide duct encircling the earth; and 
receiving at least a portion of said communications sig- 
nal trapped in the duct. 
33. A method of communicating comprising the steps 
of: 
electromagnetically generating a scatterer within a given 
region of the ionosphere; 
transmitting a communications signal into said scatterer 
to inject at least a portion of said signal into and 
propagate it within a trapping zone of the ionosphere 
defined by a lower boundary which is a function of 
the angle of injection of the signal into the zone and 
an upper refractive layer boundary which is a func- 
tion of the frequency of said signal, the propagation 
occurring without any lower boundary reflections; 
and 
receiving at least a portion of said signal trapped within 
said zone. 
34. A method of communicating comprising the steps 
of: 
electromagnetically generating a scatterer within a given 
region of the ionosphere; 
transmitting a communications signals into said scat- 
terer to inject at least a portion of said signal into 
and propagate it within a trapping zone of the iono- 
sphere limited by an upper refractive layer which is 
a function of the frequency of said signal, the propa- 
gation occurring with reflections only off of the upper 
refractive layer; and 
receiving at least a portion of said signal trapped with- 
in said zone. 
35. A method of communicating comprising the steps 
of: 
electromagnetically generating a permanent and con- 
trollable scatterer in a given zone of the atmos- 
phere; 
directing a communications signal into said scatterer 
to inject said signal into and to propagate said signal 
within the given zone of the atmosphere; and 
detecting at least a portion of said injected signal. 


3,445,844 


13 


36. A communications system as set forth in claim 15 
wherein said antenna is employed in a near-field arrange- 
ment. 

37. A communications system as set forth in claim 36 
where: 

said antenna comprising a Mills Cross antenna having 

first and second sets of perpendicular legs; and 

said one transmitting means comprises first and sec- 

ond transmitters for simultaneously transmitting 
signals in the same phase relationship, each of said 
transmitters being perpendicular to and spaced apart 
from a different one of said legs. 


38. A communications system as set forth in claim 37 
wherein: 
each of said antenna legs has a width of approximately 
twelve meters and a length of approximately nine- 
teen kilometers; 
said antenna has a horizontal radiating surface equal to 
one half wavelength and a mounting portion of one 
quarter wavelength; and 
said first and second transmitters each being spared 
approximately 80 kilometers from the corresponding 
legs of said antenna and each having a parabolic 
transmitting antenna. 
39. A communications system as set forth in claim 38 
wherein: 
said ionized cloud is located approximately 80 kilom- 
eters above the earth’s surface, has a mean width of 
approximately 15 meters, a length of approximately 
60 meters and tapers in a cone-shaped fashion from 
its widest portion to a point at its greatest distance 
from the earth’s surface. 
40. A communicating system as set forth in claim 15 
wherein: 
said another transmitting means transmits a communi- 
cations signal having a frequency between a few 
megacycles to about 70 megacycles; and 
said transmitting means including a transmitter and an 
antenna, said antenna being of the directional type. 
41. A communications system as set forth in claim 40 
wherein: 
said antenna is a rhombic antenna. 
42. A communications system as set forth in claim 40 
wherein: 
said antenna is a yagi antenna. 
43. A communications system as set forth in claim 40 
wherein: 
said directional antenna is positioned so that the com- 
munications signal leaves the earth at an angle « of 
approximately 10° and the angle of injection into 
said duct is approximatetly a. 
44. A communications system as set forth in claim 15 
wherein: 
said receiving means includes a receiver, said receiver 
being a double conversion superheterodyne receiver 
having two oscillators and two IF stages and a re- 
ceiving antenna. 
45. A communications system as set forth in claim 44 
wherein: 
said receiving antenna being a yagi antenna. 
46. A communications system comprising: 
means for generating and controlling an ionized cloud 
in the ionosphere, said means including one trans- 
mitting means for simultaneously transmitting signals 
in a suitable phase relationship to achieve focusing of 
the radio frequency generated by the transmitting 
means, means for slaving the signals from said trans- 
mitting means and antenna means for focusing on 
and accelerating ionospheric electrons with the elec- 
tromagnetic radiation signals from said transmitting 
means to produce ionizing collisions; 
another transmitting means for transmitting a cOm- 
munications signal directed at said ionized cloud, 
said cloud injecting said communications signal into 
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an ionospheric signal trapping waveguide duct en- 
circling the earth; 
means for generating and controlling a second ionized 
cloud within said duct to extract at least a portion of 
said signal including means for producing signals to 
accelerate ionospheric electrons; and 
means for detecting at least a portion of the signal inter- 
cepted by said second cloud. o 
47. A communications system comprising: 
means for generating and controlling an ionized cloud 
within a given zone of the ionosphere, said means 
including, 
one transmitting means comprising first and second 
transmitters for simultaneously transmitting elec- 
tromagnetic radiation signals in the same phase 
relationship to achieve focusing of the radio 
frequency generated by the transmitting means, 
means for slaving the signals from said trans- 
mitters, 
antenna means for focusing on and accelerating 
ionospheric electrons with the signals from said 
transmitting means to produce ionizing col- 
lisions, said means comprising an antenna em- 
ployed in a near-field arrangement and being 
a Mills Cross antenna having first and second 
sets of perpendicular legs, each of said trans- 
mitters being perpendicular and spaced apart 
from a different one of said sets of legs; 
another transmitting means including a transmitter and 
a directional antenna for transmitting a communica- 
tions signal having a frequency between a few mega- 
cycles to about 70 megacycles and directed at said 
ionized cloud, said cloud injecting at least a portion 
of said communications signal into and propagating 
within an ionospheric signal trapping zone en- 
circling tne earth, said zone defined by a lower 
boundary which is a function of the angle of in- 
jection of the signal intò the zone and an upper shell- 
like refractive layer boundary which is a function of 
the frequency of said communications signal, said 
signal being periodically refracted at points along the 
upper shell-like refractive layer without any lower 
boundary reflections as it is propagated approxi- 
mately parallel to the earths surface; 
means for generating and controlling a second ionized 
cloud within said zone to extract at least a portion 
of said communications signal including means for 
producing signals to accelerate ionospheric electrons; 
and 
means for receiving at least a portion of said communi- 
cations signal trapped witnin said zone. 
48. A communications system as set forth in claim 47 
wherein: 
each of said antenna legs has a width of approximately 
12 meters and a length of approximately 19 kilo- 
meters; 
said antenna has a horizontal radiating surface equal 
to one half wavelength and a mounting portion of 
one quarter wavelength; and 
said first and second transmitters each being spaced 
approximately 80 kilometers from the corresponding 
legs of said antenna and each having a parabolic 
transmitting antenna. 
49. A communications system as set forth in claim 48 
wherein: 
said ionized cloud is located approximately 80 kilo- 
meters above the earths surface, has a mean width of 
approximately 15 meters, a length of approximately 
60 meters and tapers in a cone-shaped fashion from 
its widest portion to a point at its greatest distance 
from the earth’s surface. 
50. A communications system as set forth in claim 47 
wherein: 
said directional antenna is positioned so that the com- 
munications signal leaves the earth at an angle a of 


3,445,844 


15 
approximately 10° and the angle of injection into 
said zone is approximately a. 
51. A communications system as set forth in claim 47 
wherein: 
said receivng means includes a receiver, said receiver 
being a double conversion superheterodyne receiver 
having two oscillators and two IF stages and a re- 
ceiving antenna. 
52. A communications system as set forth in claim 51 
wherein: 
said receiving antenna being a yagi antenna. 
53. A communications system as set forth in claim 47 
wherein: 
said second cloud generating and controlling means 
includes, 
one transmitting means comprising first and 
second transmitters for simultaneously trans- 
mitting electromagnetic radiation signals in the 
same phase relationship to achieve focusing of 
the radio frequency generated by the transmit- 
ting means, 
means for slaving the signals from said transmit- 
ters; 
antenna means for focusing on and accelerating 
ionospheric electrons with the signals from 
said transmitting means to produce ionizing 
collisions, said means comprising an antenna 
employed in a near-field arrangement and being 
a Mills Cross antenna having first and secOnd 
sets of perpendicular legs, each of said trans- 
mitters being perpendicular and spaced apart 
from a different one of said sets of legs. 
54. A communications system as set fortn in claim 49 
wherein: 
said Mills Cross antennas each operate at a frequency 
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of approximately 50 megacycles and provide approxi- 
mately 26 negawatts of peak power and 260 kilowatts 
of average power. 
55. A communications system as set forth in claim 47 
wherein: 
both said cloud generating and controlling means as 
well as said communications signal transmitting and 
receiving means are located near the earths surface. 
56. A communications system as set forth in claim 47 
10 wherein: 
the lower boundary of said zone is substantially 
bounded by the ionospheric bottom layer which is 
approximately 60 kilometers above the earths surface 
and the upper boundary is substantially bounded by 
the ionospheric F layer, which is approximately 350 
kilometers above the earths surface. 
57. A communications system as set forth in claim 36 
wherein: 
said antenna is an ellipsoidic antenna having a diameter 
of approximately 40 kilometers. 
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[57] ABSTRACT 


A method for forming a cloud of artificial ionization 
above the earth by initially heating the resident plasma 
at a desired altitude with electromagnetic radiation 
having a frequency approximately the same as that of 
the ambient plasma. As the plasma frequency increases 
due to heating, the radiation frequency is also increased 
until the final maintenance frequency is attained. 
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CREATION OF ARTIFICIAL IONIZATION 
CLOUDS ABOVE THE EARTH 


DESCRIPTION 


1. Technical Field 

The present invention relates to a method for estab- 
lishing a patch or cloud of artificial ionization above the 
earth and more particularly, relates to a method of 
forming a cloud of artificial ionization by heating natu- 
rally occurring plasma with electromagnetic energy 
which ts transmitted from the Earth’s surface at a vari- 
able, increasing frequency. 

2. Background Act 

Certain communication and radar systems operate by 
“bouncing” transmitted and/or reflected signals off of 
naturally-occurring layers of ionization in the iono- 
sphere. One known system using this technique is 
“over-the-horizon” (OTH) radar. By bouncing or re- 
flecting the signals off an ionized layer, the signals can 
actually travel “over-the-horizon”, thereby substan- 
tially increasing the range of the system. 

However, while present OTH systems are capable of 
detecting objects at long range (e.g. strategic threats), 
they are not well suited for detecting “close-in” objects 
(e.g. missiles at 1000 kilometers or less). One problem 
lies in the fact that as the beam angle of the radar is 
increased from the horizontal, the frequency of the 
beam must be lowered in order to achieve refraction at 
a more nearly normal incidence. As this frequency is 
lowered, the antenna system gain is reduced and the 
radar cross section decreases for small close-in object. 
These effects act to set a minimum range for the OTH 
system. 

Another major problem with present OTH systems is 
related to the low radar cross section of small targets at 
typical OTH operating frequencies. These objects hav- 
ing small cross-sections produce a weak return signal 
even when the object is within the range of the OTH 
radar since the OTH system is normally designed for 
objects having much larger cross-sections, e.g. large 
aircraft. 

A still further problem encountered by present OTH 
radar is directly related to the unstable conditions in the 
ionosphere which widely vary depending on seasonal, 
diurnal, and/or sunspot cycles. Accordingly, the oper- 
ating frequency of present OTH radar systems has to be 
constantly adjusted to allow for the varying ionospheric 
conditions which may vary so much at times that the 
OTH system is rendered inoperable. 

Several techniques have been proposed to overcome 
some of the shortfalls of present OTH radar systems. 
One known technique is disclosed in U.S. Pat. No. 
3,445,844 wherein a cloud of artificial ionization is 
formed above the earth to serve as a layer for redirect- 
ing communication signals. The cloud is formed by 
“breakdown”, i.e. creation of a high level flux of free 
electrons (i.e. plasma) at a desired altitude by focusing 
electromagnetic energy thereon to heat a localized re- 
gion or area. The electromagnetic energy heats and 
accelerate the electrons in the resident plasma to a de- 
gree such that their kinetic energy reaches the level 
required for the occurrence of ionizing collisions. Scat- 
tering from a cloud so formed takes place due to the 
discontinuity between this zone of enhanced ionization 
and the surrounding medium. 

A cloud formed in accordance with the method dis- 
closed in U.S. Pat. No. 3,445,844 will provide a good 
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reflection layer for OTH radar and like systems. How- 
ever, when a cloud is formed by breakdown as in the 
mentioned patent, the plasma frequency of the cloud 
quickly adjusts to the hating frequency and breakdown 
is initiated over the entire area of the cloud. By initiat- 
ing and forming the cloud with radiation having the 
same high frequency as that required for continued 
maintenance of the cloud once formed, a substantial 
amount of power is required, much of which is reflected 
or passes through the cloud while it is being formed 
and, accordingly, is wasted. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The actual construction, operation, and apparent 
advantages of this invention will be better understood 
by referring to the drawings in which like numerals 
identify like parts and in which: 

FIG. 1 is a simplified schematical view of a system for 
forming a cloud of artificial ionization above the earth 
for bouncing signals over-the-horizon in accordance 
with the present invention; and 

FIG. 2 is a schematic illustration of a cross-beam 
radiation transmission system for forming a cloud of 
artificial ionization in accordance with the present in- 
vention. 


DISCLOSURE OF THE INVENTION 


The present invention provides a method for forming 
a patch or cloud of artificial ionization at an altitude 
above the earth wherein no substantial amounts of 
power are wasted in forming and maintaining the cloud. 

More specifically, the present invention provides a 
method wherein variable frequency heating is used to 
form a cloud of artificial ionization. This is accom- 
plished by initially heating the resident plasma at the 
selected altitude by transmitting electromagnetic radia- 
tion from the earth at an initial frequency which is ap- 
proximately the same frequency as the ambient plasma 
frequency. This radiation, being of the same frequency 
as the plasma, will be efficiently absorbed with rela- 
tively little being reflected from or passed through the 
ambient plasma. The radiation heats the plasma and 
accelerates the free electrons in the plasma thereby 
increasing the plasma frequency. 

The frequency of the plasma is monitored by radar or 
the like and, as it increases, the frequency of the radia- 
tion being transmitted also increases, preferably in a 
manner where the radiation frequency continues to 
substantially match the increasing plasma frequency. 
The radiation frequency is continuously increased until 
the final maintenance frequency is attained, at which 
time, the transmission of electromagnetic radiation 1s 
continued at the final frequency to maintain the integ- 
rity of the cloud. The final plasma frequency (i.e. main- 
tenance frequency) is selected so that it is always 
greater than the frequency of any signals (e.g. commu- 
nications, radar) that are expected to be “bounced” off 
the cloud once the cloud is used for its intended pur- 
pose. 

To further conserve power and to reduce the power 
required for carrying out this invention, the initial radia- 
tion is weakly focused so that only the center area of the 
plasma within the cloud are will undergo initial heating. 
The focus of the radiation is contracted as the radiation 
frequency is increased until the entire cloud are is 
heated by the radiation. The radiation can be transmit- 
ted by a single antenna system or by two spaced antenna 
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systems positioned so that their beams intersect at said 
altitude to thereby form the cloud. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENTS 


Referring more particularly to the drawings, FIG. 1 
is a illustration of how the present invention is utilized 
with an over-the-horizon (OTH) radar system. A cloud 
10 of artificial ionization is formed at an altitude above 
the surface of the earth 11 by transmitting electromag- 
netic energy 12 from an antenna system 13. An OTH 
radar system 14 transmits and receives signals 15 that 
are reflected off cloud 10 to detect a target 16 that is 
“over-the-horizon” as will be understood in the art. 

In accordance with the present invention, cloud 10 is 
formed by variable frequency heating. The degree of 
ionization in the ionosphere depends on the electron 
temperature of the average energy of the free electrons; 
i.e. plasma, at a particularly altitude. The electron en- 
ergy can be increased by absorption of incident electro- 
magnetic radiation. This, in turn, increases the degree of 
ionization (i.e. number of free electrons and ions per 
unit volume). The higher the electron density of an 
ionized layer, the higher the frequency of radio or radar 
waves that can be reflected from that layer in communi- 
cations or radar applications. 

To raise the electron temperature efficiently, it is 
necessary to irradiate the ionosphere at or near the 
frequency of the plasma that is naturally present at the 
altitude of interest. “Plasma frequency” is defined 
roughly as the highest frequency that will be reflected 
from a particular altitude in the ionosphere and this 
frequency will increase as the electron density in- 
creases. However, if the frequency of the incident radia- 
tion used to heat the plasma is much higher or lower 
than the plasma frequency a large portion of the radia- 
tion will not be absorbed but will be reflected or passed 
through the heating zone and will be wasted. 

In the present method, a target altitude at which 
cloud 10 is to be formed is selected and the frequency of 
the natural plasma is determined by tracking radar or 
the like. Heating is begun by transmitting electromag- 
netic radiation 12 from antenna system 13 at substan- 
tially the same frequency as that of the plasma resident 
at the target altitude. Radiation 12 is absorbed effi- 
ciently by the plasma at the target altitude which in- 
crease the electron density thereof which, in turn, in- 
creases the frequency of the plasma frequency. As the 
plasma frequency increases, the frequency of radiation 
12 is increased to approximately match the increasing 
plasma frequency. By constantly tracking the increasing 
plasma frequency and adjusting the frequency of the 
heating radiation accordingly, almost all, if not all, of 
the power being used to heat the ionospheric electrons 
is absorbed efficiently into the plasma over the entire 
heating cycle. In this way, the electron density (degree 
of ionization) can be raised to the desired level without 
any substantial waste of power which otherwise would 
be considerable. 

In the present method, the initial heating is carried 
out with the radiation 13 being broadly focused so that 
the central area within cloud 10 is being heated. As the 
plasma frequency within the smaller area is increased, 
the focused area of radiation 13 is contracted until the 
entire final area of cloud 10 is being heated by the radia- 
tion 13. This minimizes the initial heating power re- 
quirements and results in a further substantial reduction 
in the overall power requirements for forming cloud 10. 
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The antenna system 13 required to transmit radiation 
12 in the present invention may be of any known con- 
struction having high direct inability capabilities; for 
example, a phased array, beam spread angle (O) type see 
U.S. Pat. No. 3,445,844 and the “The MST RADAR at 
Poker Flat, Ak.,” Radio Science, Vol. 15, No. 2, March- 
April, 1980; pps. 213-223, both of which are incorpo- 
rated herein by reference. A phased array antenna gen- 
erating a steerable focused beam can be assembled at a 
single site or two phased array antenna systems 20, 21 
(FIG. 2) may be spaced from each of other to generate 
two coherent beams 23, 24 of radiation that cross each 
other at the selected altitude to form cloud 10a. 

The key beam geometric parameters of a two antenna 
system are shown in FIG. 2. The beam of radiation from 
each antenna is assumed to diverge in the azimuthal 
plane (b) and to be collimated in the elevational plane 
(a). This assumption is appropriate for a backscatter 
cloud that must be inclined about 45 degrees from the 
horizontal. For forward scattering, with cloud 10a ei- 
ther directly overhead or downrange from an antenna, 
the beam will diverge in both planes and “b” would be 
used for both antenna. The following relationships can 
be used to calculate the various parameters of the sys- 
tem of FIG. 2: 


(1) 


az= 12 Ap R 


wherein: 

a=length of side of antenna array in elevational 
plane. 

Ap= Wavelength of Radiation Frequency 

R= Actual distance from array to cloud 10a. 


(2) 


wherein: 
b=length of side of antenna array in azimuthal plane 
W= Width of cloud 10a 


Ra 
D 


a (3) 


S=distance between arrays. 

D=Depth of cloud 10a. 

While the size and characteristics of a particular 
cloud 10 will vary depending on its application and 
actual conditions under which it is formed, the follow- 
ing example will serve to better illustrate the present 
invention. A cloud 10 (FIG. 1) is to formed at an alti- 
tude of 90 kilometers (km) and is to have a final area of 
1 square km or larger with a thickness of from 3 to 10 
meters. The resident plasma density at 90 km is typicall y 
on the order of 10°/cubic cm. A square, phased array 
antenna system 13 of 100 meters on a side, beams elec- 
tromagnetic radiation 12 (1.e. power) at an initial or 
Starting frequency to initiate heating of the resident 
plasma. Antenna 13 is focused so that only the plasma at 
the center of cloud 10 will initially be heated, thereby 
requiring substantially less power than if the entire 1 
square km area of the cloud was originally heated. 

Since the plasma frequency of the ambient plasma is 
approximately 9 megahertz (MH), about 70 MW of 
power will be required. As the plasma heats, the fre- 
quency thereof increased and is tracked by groundbased 
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radar. As the frequency of the plasma increases, the 
frequency of radiation 12 is increased accordingly until 
a frequency of 15 MHz is reached. The power require- 
ment at this point will have dropped to approximately 
27 MW. 
At this point, the focus of the antenna is contracted to 
cover a greater, 1f not all, of the area of cloud 10, and 
radiation 12 (1.e. heating) is now applied over the entire 
area. Due to the increased heating area, the power re- 
quirement is temporarily increased to approximately 33 
MW but will quickly decrease as the radiation fre- 
quency continues to increase until the final maintenance 
frequency of 300 MH, is reached. The power require- 
ment for the final maintenance frequency is approxi- 
mately 7 MW and final electron or plasma density will 
be about 10?/cubic cm. 
The integrity of cloud 10 will be maintained as long 
as radiation 12 is transmitted thereto at the final mainte- 
nance frequency. The final maintenance frequency for 
any particular cloud is interrelated to the frequency of 
the radar or other communication signal which is to be 
bounced off that cloud. That is, it is generally prefera- 
bly to have the plasma frequency of the cloud substan- 
tially higher than the radar frequency. This will ensure 
a high degree of reflection for the radar. Also, irregular- 
ities in the plasma density may form in the cloud. These 
will commonly be spaced about one heater wavelength 
apart. This spacing should be relatively small compared 
to a radar wavelength to avoid excessive scattering of 
the radar signal in undesirable directions. 
What ts claimed is: 
1. A method of forming a cloud of artificial ionization 
at an altitude above the earth, said method comprising: 
initiating heating of the resident plasma at said alti- 
tude by transmitting electromagnetic radiation 
from the earth to said altitude at an initial fre- 
quency which is approximately the same as the 
original frequency of said resident plasma; and 

increasing said frequency of said electromagnetic 
radiation as said frequency of said resident plasma 
increases, until a final maintenance frequency is 
attained, said maintenance frequency being t or 
above the plasma frequency necessary to provide a 
plasma having an electron density capable of re- 
flecting communication or like signals which come 
into contact with said plasma. 
2. The method of claim 1 including: 
defocusing said electromagnetic radiation so only the 
center area of said cloud is initially heated; and 

contracting the focus of said electromagnetic radia- 
tion as the frequency of said radiation is adjusted 
until the entire area of said cloud is heated. 

3. The method of claim 1 wherein said electromag- 
netic radiation is transmitted by a single antenna system. 
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4. The method of claim 1 wherein said electromag- 
netic radiation is transmitted by two antenna systems, 
each spaced from the other, and inclined whereby the 
beams of said electromagnetic radiation transmitted 
from said systems will intersect each other at said alti- 
tude. 
5. A variable frequency heating method for forming a 
cloud of artificial ionization at an altitude above the 
earth, said method comprising: 
transmitting electromagnetic radiation form the earth 
to said altitude at an initial frequency which is 
approximately the same as the original frequency 
of the plasma naturally present at said altitude; 

focusing said electromagnetic radiation to heat said 
plasma to thereby accelerate the free electrons 
therein thereby increasing the frequency of said 
plasma; 

monitoring the frequency of said plasma as it in- 

creases; 
increasing the frequency of said electromagnetic radi- 
ation as said frequency of said plasma increases; 

continuing to increase said frequency of said electro- 
magnetic radiation until a final desired maintenance 
frequency is attained; said final desired frequency 
being at or above the plasma frequency necessary 
to provide a plasma having an electron density 
capable of reflecting communication signals or the 
like which come into contact with said plasma; 

and continuing to transmit said electromagnetic radi- 
ation at said final frequency to maintain the integ- 
rity of said cloud. 

6. The method of claim 5 wherein said final frequency 
is greater than the frequency of any communication 
and/or radar signals expected to be reflected by said 
cloud. 

7. The method of claim 6 wherein said electromag- 
netic radiation is initially focused whereby only the 
center area of said plasma is initially heated. 

8. The method of claim 7 including: 

contracting the focus of said electromagnetic radia- 

tion as the said frequency of said radiation is in- 
creased whereby the entire area of said cloud is 
heated. 

9. The method of claim 8 wherein said frequency of 
said electromagnetic radiation is increased to approxi- 
mately match said increasing frequency of said plasma. 

10. The method of claim 9 wherein said electromag- 
netic radiation is transmitted by a single antenna system. 

11. The method of claim 9 wherein said electromag- 
netic radiation is transmitted by two antenna systems, 
each spaced from the other, and inclined whereby the 
beams of said electromagnetic radiation transmitted 
from said systems will intersect each other at said alti- 
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"Woodpecker" Duga radar array, Chenobyl, Ukraine 


| The Russian Woodpecker 


Duga-3 array outside Chernobyl. The array of pairs of cylindrical/conical cages on the right are the driven elements, fed at the 
| facing points with a form of ladder line suspended from stand-off platforms at top right. A back plane reflector of small wires 
| can just be seen left of center, most clearly at the bottom of the image. 


| The Russian Woodpecker was a notorious Soviet signal that could be heard on the shortwave radio bands worldwide between 
| July 1976 and December 1989. It sounded like a sharp, repetitive tapping noise, at 10 Hz, giving rise to the "Woodpecker" 
name. The random frequency hops disrupted legitimate broadcast, amateur radio, and utility transmissions and resulted in 
| thousands of complaints by many countries worldwide. 


| The signal was long believed to be that of an over-the-horizon radar (OTH) system. This theory was publicly confirmed after 
| the fall of the Soviet Union, and is now known to be the Duga-3[1] system, part of the Soviet ABM early-warning network. This 
was something that NATO military intelligence was well aware of all along, having photographed it and giving it the NATO 
reporting name Steel Yard. 
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r - Woodpecker on shortwave radio interfering with , November 2, 1984. 


History 


The Soviets had been working on early warning radars for their anti-ballistic missile systems through the 1960s, but most of 

these had been line-of-sight systems that were useful for raid analysis and interception only. None of these systems had the 
capability to provide early-warning of a launch, which would give the defenses time to study the attack and plan a response. At | 
the time the Soviet early-warning satellite network was not well developed, so work started on over-the-horizon radar systems | 
| for this associated role in the late 1960s. 


| The first experimental system, Duga-1, was built outside Mykolaiv in the Ukraine, successfully detecting rocket launches from | 
Baikonur Cosmodrome at 2,500 kilometers. This was followed by the prototype Duga-2, built on the same site, which was able | 
to track launches from the far east and submarines in the Pacific Ocean as the missiles flew towards Novaya Zemlya. Both of | 
these radars were aimed east and were fairly low power, but with the concept proven work began on an operational system. | 
| The new Duga-3 systems used a transmitter and receiver separated by about 60 km.|[2] 


http://www.thelivingmoon.com/45jack_files/O3files/Russian_Bases_Woodpecker_Duga_Radar_Ukraine.html 2/17 


Fig. 6-31. Here is the Mini-Mite PC board, 


approximately 3-% inches long. The dowels used on all the tuning 
setups are standard % inch diameter units. They are epoxied to the 
tuning screws. When the coils are tuned to minimum inductance, 
the knobs stick out from the front panel a little way. You can build 
the unit, tune it, then cut off the dowels at the right approximate 
length to keep the knobs from sticking out too far. 

Construction is not too critical. The Mini-Mite is built in a 
6x42 inch chassis (LMB #642); you may add the bottom plate 
which is available for this chassis. The circuit board is a very tight 
fit in the box. In order to get the circuit board in, it will have to be 
slid into place before the tuning capacitor is mounted. Then push 
the circuit board back all the way against the back wall of the box. 
This should leave enough room to insert the tuning capacitor. Hold 
the capacitor in place by means of its mounting holes and screws, 
then slide the PC board forward into its mounting place. The PC 
board is held away from the chassis on Y inch spacers. Mount the 
spacers in place, tighten nuts over the mounting screws, and then 
the PC board is slipped into position and more nuts are placed over 
the mounting screws. This allows you to remove the PC board 
without the hassle of always fumbling to find a way to hold the 
spacers in place while you stick the mounting screws through them 
and the PC board. Also, see Table 6-5. 

Before you can begin to operate the Mini-Mite, you must 
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f PJIC Jlyra-1 HepnoóbL1Ib-2 (Radar arch-1 Chernobyl-2) by 
Appearance 


| Starting in 1976 a new and powerful radio signal was detected worldwide, and quickly dubbed the Woodpecker by amateur 
radio operators. Transmission power on some woodpecker transmitters was estimated to be as high as 10 MW EIRP. As well as 
disrupting shortwave amateur radio and broadcasting it could sometimes be heard over telephone circuits due to the strength 
of the signals. This led to a thriving industry of "Woodpecker filters" and noise blankers. 


One idea amateur radio operators used to combat this interference was to attempt to "jam" the signal by transmitting 
| synchronized unmodulated continuous wave signals, at the same pulse rate as the offending signal. This idea was considered, 
but abandoned as impractical. Simple CW pulses didn't appear to have any effect. However, playing back recordings of the 
| woodpecker transmissions sometimes caused the woodpecker transmissions to shift frequency leading to speculation that the 


receiving stations were able to differentiate between the "signature" waveform of the woodpecker transmissions and a simple 
pulsed carrier.[4] 
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Yopno6n.115-2. [puimasbui antenn. (Chernobyl-2. RX antennas.) by 


Identification 


Triangulation quickly revealed the signals came from Ukraine. Confusion due to small differences in the reports being made 
from various military sources led to the site being alternatively located near Kiev, Minsk, Chernobyl, Gomel or Chernihiv. All 
of these reports were describing the same deployment, with the transmitter only a few kilometers southwest of Chernobyl | 
| (south of Minsk, northwest of Kiev) and the receiver about 50 km northwest of Chernobyl (just west of Chernihiv, south of 
Gomel). Unknown to most observers, NATO was well aware of the new radar installation, which they referred to as Steel Yard. 
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Even from the earliest reports it was suspected they were tests of an over-the-horizon radar., and this remained the most 
popular theory during the cold war. Several other theories were floated as well, including everything from jamming western 
broadcasts to submarine communications. The broadcast jamming theory was debunked early on when a monitoring survey 
showed that Radio Moscow and other pro-Soviet stations were just as badly affected by woodpecker interference as Western 
stations. More speculative explanations were also offered, claiming it was a system for weather control or even an attempt at 
mass subconscious mind control. 


As more information about the signal became available, its purpose as a radar signal became increasingly obvious. In 
particular, its signal contained a clearly recognizable structure in each pulse, which was eventually identified as a 31-bit 
pseudo-random binary sequence, with a bit-width of 100 us resulting in a 3.1 ms pulse. This sequence is usable for a 100 us 
chirped pulse amplification system, giving a resolution of 15 km (10 mi) (the distance light travels in 50 us). When a second 
Woodpecker appeared, this one located in eastern Russia but also pointed toward the US and covering blank spots in the first 
system's pattern, this conclusion became inescapable. 


In 1988, the Federal Communications Commission conducted a study on the Woodpecker signal. Data analysis showed an 
inter-pulse period of about 90 ms, a frequency range of 7 to 19 MHz, a bandwidth of 0.02 to 0.8 MHz, and typical transmission 
time of 7 minutes. 


e The signal was observed using three repetition rates: 10 Hz, 16 Hz and 20 Hz. 
e The most common rate was 10 Hz, while the 16 Hz and 20 Hz modes were rather rare. 
e The pulses transmitted by the woodpecker had a wide bandwidth, typically 40 kHz. 


Le 


ES 


A 


arts 
rae |e 


é 


Hponyckaoñ NyHKT Ha TepputTopnio PIC (Checkpoint to the territory of the radar) - by Alex Taranenko 


Disappearance 


Starting in the late 1980s, even as the FCC was publishing studies of the signal, the signals became less frequent, and in 1989 
disappeared altogether. Although the reasons for the eventual shutdown of the Duga-3 systems have not been made public, the 
changing strategic balance with the fall of the cold war in the late 1980s likely had a major part to play. Another factor was the 
success of the US-KS early-warning satellites, which entered preliminary service in the early 1980s, and by this time had grown 
into a complete network. The satellite system provides immediate, direct and highly secure warnings, whereas any radar-based 
system is subject to jamming, and the effectiveness of OTH systems is also subject to atmospheric conditions. 


http://www.thelivingmoon.com/45jack_files/O3files/Russian_Bases_Woodpecker_Duga_Radar_Ukraine.html 4/17 


10/26/2018 Russian Military Outposts Russian Woodpecker Duga Radar Array, Chenobyl, Ukraine 


| According to some reports, the installation in Siberia was taken off combat alert duty in November 
1989, and some of its equipment was subsequently scrapped. Google Maps photography of the area shows that the antenna has 
| been removed. The original Duga-3 site lies within the 30 kilometer Zone of Alienation around the . It 
appears to have been permanently deactivated, since their continued maintenance did not figure in the negotiations between 
| Russia and Ukraine over the active early warning radars at Mukachevo and Sevastopol. The antenna still stands, however, and 
has been used by amateurs as a transmission tower (using their own antennas) and has been extensively photographed. 


Warning Sign and Antennas by 


Positions 

Duga-1 and -2, Nikolayev, | 
| Duga-3, Gomel/Minsk, (Chernobyl-2) 51 | i and í 
| Duga-3, Komsomolsk-na-Amure, | and 
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PJIC / Radar station by 


| Appearances in media 


The Ukrainian-developed computer game has a plot focused on the | and the 
| there. The game heavily features actual locations in the area, including the Duga-3 array. „Iti is presented as 
| the "Brain Scorcher", a wide-area mind control device which must be deactivated by the player. 


| References: 


1. The Russian word "duga" means "arc" in English. 
2. Sean O'Connor. Russi 
3. Dave Finley (7 July 1982). "Radio hams do battle with ii Woodpecker'". The Miami Herald 


4. David L. Wilson (Summer 1985). " '". Monitoring Times 
sr ". Wireless World: 53. February 1977 
6. J.P. Martinez (April 1982). " ", Wireless World: 89 


| Further reading 


e Headrick, James M., | | | ., IEEE Spectrum, pp. 36 - 39 (July 1990). 


6 pp. 664 - 673 (June 1974). 

e Headrick, James M., Ch. 24: "HF over-the-horizon radar,” in: Radar Handbook, 2nd ed., Merrill I. Skolnik, ed. [New 
York: McGraw-Hill, 1990]. 

e Kosolov, A. A., ed. Fundamentals of Over-the-Horizon Radar (translated by W. F. Barton) [ Norton, Mass.: Artech 
House, 1987]. 
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1 time station, November 1984 (Wikimedia Commons) 


http://www.thelivingmoon.com/45jack_files/O3files/Russian_Bases_Woodpecker_Duga_Radar_Ukraine.html 7/17 


10/26/2018 


a, 
1] 
=) i! 
A] 
Jy 
ET 5 
AL. 
A | 
= $ 
TTP ie || 
eS em S UM! 
= i 1 > 1. 
T Md Li E 
Pe i aal 
i rai 
is | ALA 1 
3 ; 
g E =i 
“tk i A 
A C i i dl 
B . 1 
A . E 4 i 7 
j J : i 
h 
Ci i el, 
SS - E s 
| : ¡| | : RN = rs 
Ail be O PaA E k pi, Li | A, ie EN, An, | , A i t k 1 Lj i $ f 
ra ; | INIA cc A Aa ee ae Pa 
e css! Reed ch fl INIA PE Ua a En — 


Y opHo0n.Ib-2. UpnúímaIbni AHTCHH (Chernobyl-2. Receiving Antenna) by l 


http://www.thelivingmoon.com/45jack_files/03files/Russian_Bases Woodpecker Duga_Radar_Ukraine.html 8/17 


10/26/2018 Russian Military Outposts Russian Woodpecker Duga Radar Array, Chenobyl, Ukraine 


| | 
i | 


-n "l. la SA ai Pi Ps 
Yopno6m1b-2. (Chernobyl-2. ) by 


i pop 


http://www.thelivingmoon.com/45jack_files/03files/Russian_Bases Woodpecker Duga_Radar_Ukraine.html 


9/17 


CIN] SA 
(Ys, k 


ES 


= Ya E 


ame : 
Mi AS 4 
we 04 
NE 
mt “as 4 “4 E, 


IAEA z Ri ca. 


r US N sea E; 
$. ay AS y y N & 
Se a Mo 


VaN Wi 
AR a Kies 
N wh r = T | 
| de e: aN A. 11% AN Da aie: ETT 
a SAN e, a EE AS E ALTAS 
A A A a La 
7 r R +" =e 
PA pe wee mews! AE ered 
Par = z b H ea.: CON RWS 5 = Nerd Nig 
t Lt oe N 
> a, 


TASE hs 


A = = i p 
1 ‘oe ker T =a; 
7 E z = A PST 
Ta d sajn 
' ii + 


Yopuoousn-2. Tpniimabni AHTeHH. (ChernobyL-2. RX antennas.) by 


F 
E 


Russian Military Outposts Russian Woodpecker Duga Radar Array, Chenobyl, Ukraine 
ET 


Jatattr ud 


10/26/2018 


http://www.thelivingmoon.com/45jac 


10/17 


Radar_Ukraine.html 


Woodpecker_Duga_ 


k files/03files/Russian_Bases 


10/26/2018 Russian Military Outposts Russian Woodpecker Duga Radar Array, Chenobyl, Ukraine 


ae, 


A a nx) 
dm Fea a a k 5 


gat art | 


http://www.thelivingmoon.com/45jack_files/O3files/Russian_Bases_Woodpecker_Duga_Radar_Ukraine.html 11/17 


10/26/2018 Russian Military Outposts Russian Woodpecker Duga Radar Array, Chenobyl, Ukraine 
www.pripyat.com 


mes PT L 


j + > E | i j 
eS | WAW 


Yopno6n15-2. IHpnňmajibai anrenn. (Chernobyl-2. RX antennas.) by 


http://www.thelivingmoon.com/45jack_files/O03files/Russian_Bases Woodpecker Duga_Radar_Ukraine.html 12/17 


provide for the type of keying scheme which will best serve you. 
For instance, you may wish to key the oscillator for break-in. 
Figure 6-25 suggests some keying schemes. The PC board is set 
up for keying the driver and final simultaneously. To change from 
this requires some revision of the printed tracks. Keying the driver 
and final is convenient and easiest, but has one major disadvantage. 
Dirty key contacts will increase the chance that some voltage will 
be dropped across the closed contacts. At the higher current levels 
encountered at this point, you can drop, say, a volt or so, and lose 
effective input power to the final and driver, and degrade the output 
signal. Keep the key contacts reasonably clean and you should have 
no particular problems. Tuning up the Mini-Mite is pretty much 
like tuning any other rig, except that you must also tune a solid 
state rig for cleanest output signal. You will have to monitor on a 
receiver as you tune up. You can use a #47 dummy load, but take 
care not to leave the key down for periods over a minute or so, as 
the overvoltage to the bulb will burn it out. Tuning to an antenna 
can be accomplished with a field strength meter, in-line wattmeter, 
swr bridge on forward power, or a tuning meter as shown in Fig. 
6-32. Tune for maximum all the way around and you should get the 
cleanest signal. Also, see Figs. 6-33 through 6-37. 

Author's Note: 

Add this modification (Fig. 6-33) to the Mini-Mite schematic. 
All it amounts to is adding a 100 Ohm resistor and a 1k resistor in 
the Buffer Amplifier. The 47k bias resistor is dropped so the stage 
runs class C. 

The best way to run the rig as a 1 watt output QRPer for 
anyone not interested in going the full 7 watt route is shown in Fig. 
8. Leave out the driver transistor and run a 100 pF between the 
output winding from the amp stage and the collector connection on 
the driver, then a 100 Ohm across the PA base to ground. 


Table 6-5. Parts List, 


Q1 21709 or one of four Radio Shack 276-608 
02 2N697 or one of above package 

Q3 2N697 or one of above package 

04 GE63 or one of same package 


Q5 Motorola HEP53001 

Coils (see text) Radio Shack 270-376 

Tuning capacitor 365 pF Radio Shack 272-1344 or 
equiv, 

Cabinet LMB 642 (6x 4x2 aluminum) 
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(57) ABSTRACT 


This invention converts inertial impulses into electric cur- 
rents. Specifically, it converts impulses created by the impacts 
of high-energy particles from the Sun and other cosmic 
sources into the Earth’s Magnetosphere and the varying D, E, 
F1 and F2 layers of its Ionosphere to controlled electric cur- 
rents. This invention presents a new method of utilizing 
energy from the Sun and other sources of high energy articles 
as a virtually, inexhaustible, alternative-energy source for the 
world. 
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HARMONIC ENERGY EXCHANGE DEVICE 


BACKGROUND OF THE INVENTION 


[0001] 1. Field of Invention 

[0002] This invention relates to the conversion of impact 
energies created by the collision of high-speed cosmic par- 
ticles and electromagnetic radiations with “Earth’s Outer 
Layers” to produce inertial waves in the dielectric Tropo- 
sphere which are subsequently converted into electricity by 
this invention. 

[0003] The term “Earth’s Outer Layers” refers to: Earth’s 
Magnetosphere, Van Allen Belts, Ionosphere, Mesosphere, 
and Stratosphere as illustrated in FIG. 2 

[0004] 2. Description of the Prior Art 

[0005] One day while reading an old scientific magazine I 
saw a small article on the research of Dr. John Trump of MIT 
(the basis for an electrostatic generator patented later by 
Onezime P. Breaux in U.S. Pat. No. 4,127,804). The article 
talked about a series of experiments which Dr. Trump had 
performed with a 2-plate, capacitor in a vacuum dielectric. 
Briefly, he discovered that by varying the distance between 
the two plates one could produce current flows in one direc- 
tion or the other between either of the plates and ground. 
[0006] The Solar Wind strikes “Earth’s Outer Layers” con- 
stantly as do many other cosmic particles. At any given instant 
of time, the vector product of these impacts produces either a 
net pressure increase or decrease in the Troposphere. This 
creates random waves of pressure in the “Earth’s Outer Lay- 
ers” as one charged “plate” moves in relation to the oppo- 
sitely-charged Earth’s surface as the other “plate”. This varia- 
tion of pressure in the “Earth’s Outer Layers” is equivalent to 
moving an outer “plate” back and forth toward the Tropo- 
sphere and the Earth’s surface as the inner “plate’—thus 
giving rise to variations in voltage on both “plates”. In this 
case the Troposphere (see FIG. 2) acts as the dielectric 
medium instead of the vacuum in the Trump experiments. 
Furthermore, the Troposphere, itself, is also compressed and 
decompressed by these random waves of pressure on the 
“Earth's Outer Layers”. Thus, I reasoned if one could create a 
charged envelope or field of sufficient voltage within the 
Troposphere, one could convert these random pressure waves 
in the dielectric Troposphere into current flow on the Earth’s 
surface. 

[0007] As “Earth’s Outer Layers” surround the planet, any 
impact waves propagate throughout all of them when they are 
present—even to the nighttime side of the planet. Thus, I also 
reasoned one could extract power from these impacts any- 
where on Earth’s surface or in its atmosphere whether it be 
day or night. The pressure waves on the dark side of Earth 
would be less energetic than those occurring on the daytime 
side because the nighttime layers of the Ionosphere are com- 
pressed so much that the D-Layer of the Ionosphere disap- 
pears at night and the F1 and F2-Layers of the Ionosphere 
combine into one F-Layer. I calculated the available energy 
from these impact waves would be significantly less by 
30-45% depending upon one’s location on the night side of 
the planet in respect to the terminator. 

[0008] Many years ago around 1900 Dr Nikola Tesla built 
and tested a device to extract energy from the Sun using an 
apparatus which forms part of my own invention (see U.S. 
Pat. Nos. 685,957 an 685,958 dated 5 Nov. 1901). 

[0009] Subsequently, Dr. Thomas Henry Moray, another 
inventor and student of these Tesla patents made a device 
which apparently accessed the same source of energy but with 
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a method different than my own. As Dr. Moray was never 
granted a patent for his device I cannot be certain that his work 
is considered prior art but I list it here as part of my due 
diligence. Apparently, he had trouble explaining the source of 
energy his device was converting to the patent reviewer and 
was, thus, not granted a patent for his impressive work. Dr. 
Moray’s public disclosure of certain aspects of his invention 
are public knowledge through his published lectures and his 
book, “The Sea of Energy in Which the Earth Floats’— 
published in 1931. 


[0010] Since the beginning of the 20” Century mankind has 
been looking for new sources of electric power to feed the 
ever-increasing energy demands of the human population. In 
the last half of the 19” Century coal, whale oil, human and 
animal labor, moving water, wind and wood were main 
sources of energy. However, in the first quarter of the 20” 
Century mankind began to use more electricity produced by 
hydroelectric generators and other generators producing elec- 
tricity by combustion of fossil fuels. With increasing use of 
gasoline engines and the increasing use of electrical appli- 
ances the demand for electricity accelerated the addition of 
heat and greenhouse gases into the Earth’s ecosystem. 


[0011] In the last half of the 20” Century many forward- 
thinking individuals began looking for alternate energy 
sources to reduce the emissions of greenhouse gases. All of 
the alternate energy systems investigated and/or developed in 
the last 56 years have had significant drawbacks to their usage 
as the main energy supply for the needs of humanity. 


[0012] Some of those alternate energy systems were 
nowhere near as efficient as the existing systems. Some of the 
alternate energy systems still introduced extra heat into the 
environment like the existing fossil fuel and nuclear energy 
systems. And, yet, others produced even more greenhouse 
gases than the existing energy systems. Some of the new 
systems used food resources to produce combustible fuels 
which, consequently, reduced the food resources of the 
planet. Among the leaders in the new energy sources was and 
is nuclear energy which produces extra heat, toxic wastes and 
materials which can be used in nuclear weapons. Hydroelec- 
tric energy sources do not add heat to the ecosystem but they 
are not an inexhaustible resource as they depend upon rainfall 
which is diminishing as global warming increases. Wind 
energy resources do not add heat to the ecosystem but they are 
not constant and require expensive conversion and storage 
equipment. 

[0013] The ideal energy source for mankind will not add 
heat to the planet’s ecosystem, will not produce by-product 
green house gases; will not deplete our food and water 
resources; will not produce toxic wastes; however, it will be 
portable, self-replenishing and constantly available in real 
time anywhere on Earth and in useful quantities. 


[0014] Our major source of natural energy on Earth is the 
Sun. Energy from the Sun enters the Earth’s ecosphere by 
particle bombardment, radiated electromagnetic energy, 
gravitational variations and magnetic processes. Mankind has 
developed various methods of capturing energy from the Sun 
already. Silicon-based solar cells convert light in a narrow 
bandwidth into electron flows. These cells are—at most— 
only 50% efficient and only work when the Sun is shining on 
them and at an optimum angle. Wind turbines only work when 
there is wind to power them and are—for the most part—not 
portable. Devices to convert wave action in the oceans only 
work when there are waves created by the wind and tidal 
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Fig. 6-32. Tuning meter. M1 isa tuning indicator or battery level indicator 
available from many mail order houses or the XYL's cassette player. 


TWO-METER SYNTHESIZER 


A low-cost, low-power, compact two meter synthesizer can 
now be built due to recent developments in COSMOS technology. 
The synthesizer covers 144-148 MHz and can be adapted to almost 
any rig simply by programming the output divider and using the 
proper crystals in the beat oscillator. Any repeater offset can be 
generated, as the receive and transmit frequencies are indepen- 
dently set in 5-kHz steps. The unit uses a total of six integrated 
circuits and draws about 60 mA at 12 volts. My unit is interfaced 
with a Heathkit® HW-202. 

See Fig. 6-38. Q1, along with its associated components, 
forms a vco which has an output in the 22-25-MHz region depend- 
ing upon what the voltage on VC1 is and if Q9 is turned on or off. Q2 
is a buffer amplifier which is connected to one gate of mixer Q5. 
The other gate of Q5 is connected to Q7, which is the beat oscil- 
lator that also oscillates in the 22-25-MHz range depending on 
which crystal is switched into its base. The output of Q5 contains 
the sum and difference frequencies of the two signals present at its 
gates. RFC4 and C21 form a filter which allows the difference 
frequency to pass on to Q6 which shapes and level-shifts the signal 
so that it is CMOS compatible. 

The first gate of Z4 acts as a buffer to drive Z5, which is a 
divide-by-N divider. The divider is connected to divide by 800 plus 
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effects caused by gravitational variations; and they are not 
portable enough to be used in common transportation 
devices. 

[0015] I concluded if mankind could find an inexpensive 
method of obtaining electricity from the Sun in some form 
that worked both day and night and which was already flow- 
ing into the Earth’s ecosystem, we might be able to develop a 
clean and self-replenishing energy source which would add 
no extra heat to our ecosystem, would not alter our planetary 
albedo and might well be made in a portable form. 


SUMMARY OF THE INVENTION 


[0016] The Harmonic Energy Exchange Device (or 
“HEED”) offers an interim solution to Earth’s dwindling 
fossil fuel resources. It utilizes a previously untapped energy 
resource which exists throughout the known Universe. By the 
very nature of the invention, it only interrupts the flow of 
energy from the Sun and all the other cosmic sources of 
high-energy particles on their normal journey to the Earth by 
way of The Outer Layers. 

[0017] The invention does not add energy to the normal 
thermodynamic equilibrium of the planet and its associated 
outer layers. The invention does not produce wastes—toxic or 
otherwise. It does not produce harmful gases; and in some 
embodiments it could even assist in the rebuilding of our 
thinning ozone shield. Use of this invention will eventually 
remove mankind’s dependence on fossil fuels and create new 
occupations. It will be cheap enough that homeowners will be 
able to install theirown HEED and sell back energy to the grid 
until such time as every home has their own HEED and 
civilization has completely weaned itself from the use of 
fossil fuels and nuclear energy in its current form. 


BRIEF DESCRIPTION OF DRAWING 


[0018] FIG. 1: Is the preferred embodiment of the circuit 
diagram of my invention incorporating references to external 
stimuli which are used to activate the circuit. It represents a 
parallel tuned circuit to store the energy. 

[0019] FIG. 2: Is an illustration of the Earth and it imme- 
diate environment as a global capacitor where The Outer 
Layers form one plate and the Earth’s surface form the other 
plate and both are separated by the Troposphere as a dielectric 
medium. 

[0020] FIG. 3: Is an alternate embodiment of the circuit 
diagram of my invention incorporating references to external 
stimuli which are used to activate the circuit. It represents the 
use of a series tuned circuit to store the energy. 


DETAILED DESCRIPTION OF A PREFERRED 
EMBODIMENT OF THE INVENTION 


[0021] Beitknown that I, Harold Stanley Deyo, Jr, a citizen 
of both The United States of America and The Common- 
wealth of Australia, residing in the community of Pueblo 
West in Pueblo County, Colorado have invented an Harmonic 
Energy Exchange Device which converts dynamic pressures 
in the ambient media around Earth to controlled electric cur- 
rents. 

[0022] This invention as represented in FIG. 1 is unique in 
that it is designed to extract electricity from random pressure 
waves propagated in the Troposphere 14 by impacts of the 
solar wind and other cosmic particles with the Earth’s “The 
Outer Layers” 22 of FIG. 2. 
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[0023] In FIG. 1, the Troposphere 14 in its rest state is 
represented by the line of “+” marks 14. The convergent or 
compression state 12 of the random waves in the Troposphere 
14 is represented by the lower line of dots while the divergent 
or decompression state 13 of the random waves in the Tropo- 
sphere 14 is represented by the upper line of dots. The pre- 
ferred embodiment of my invention FIG. 1 is a method of 
coupling a parallel, resonant, electrical circuit to these ran- 
dom pressure waves to extract electricity from them. 

[0024] As Dr John Trump’s research and Onezime P. 
Breaux’s U.S. Pat. No. 4,127,804 show, when one plate of a 
charged capacitor is moved closer to or farther from the other 
plate of that capacitor a voltage change appears on both plates 
of that capacitor. Furthermore, the electric field gradient 
between those plates changes as the plates are moved in this 
manner. Thus they have described a method of converting 
mechanical energy into electrical current by simply varying 
the plate spacing over time which can be expressed as ds/dt 
where “ds” is the change in spacing and “dt” is the change in 
time. 

[0025] As illustrated in FIG. 2, The Outer Layers can be 
viewed as one plate of a capacitor comprised of the Earth’s 
surface itself as one plate 21 and Earth’s outer layers as the 
other plate 22 where the Earth’s Troposphere 23 serves as the 
dielectric medium separating the two plates. There is a charge 
between these plates which varies extremely rapidly but not 
with a constant period. At any given instant, the vector prod- 
uct of all the impacts by the cosmic particles with The Outer 
Layers 22 will create a pressure wave in The Outer Layers 22 
which will manifest in the Troposphere 23. Whatever that 
vector product is, it will alter the field gradient in the dielectric 
Troposphere 23. That alteration will either increase or 
decrease the effective spacing between “plates” 22 and 23. 
[0026] In order to capture and convert the resulting voltage 
variations produced at or near the Earth’s surface 21 of FIG. 
2, this invention creates its own, localized stress field 3 of 
FIG. 1 established in the Troposphere 23 of FIG. 2 with a 
charged, conductive surface 1 of FIG. 1 which is encased in 
high-voltage insulation 2 of FIG. 1 and extending into the 
Troposphere 23 of FIG. 2. 

[0027] InFIG. 1, aseries of high-voltage, starting pulses is 
applied across points 4 and 6 on opposite sides of a capacitor 
5 to create the localized stress field 3. As these high-voltage 
starting pulses are applied, the parallel resonant circuit 
formed by inductor coil 7 and variable capacitor 11 both 
referenced to ground 8 is stimulated into resonance within the 
bandwidth determined by the values of these circuit compo- 
nents. Tuning of this circuit is effected through variable 
capacitor 11. The high voltage charge on conductive surface 
1 of FIG. 1 is maintained by the parallel tuned circuit formed 
by inductor coil 7 and variable capacitor 11. 

[0028] Then as the random, pressure waves propagate 
throughout the Troposphere 23 of FIG. 2, the localized stress 
field 3 of FIG. 1 is oscillated by the compression wave front 
12 and the decompression wave front 13—both of FIG. 1 
which creates voltage changes on capacitor 5. 

[0029] In FIG. 1, the resulting voltages changes on capaci- 
tor 5 will add energy to the parallel resonant circuit formed by 
inductor coil 7 and variable capacitor 11 which acts as a tank 
circuit to store the energy which has been passed to it. As 
energy builds in the parallel circuit the voltage of the circuit 
rises until a spark discharge occurs across the gap 9 also 
referenced to ground 8. The current will only discharge in one 
direction as determined by diode 10. The circuit will work 
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without diode 10 but a diode is used here as one method to 
keep from draining all the energy from the tank circuit when 
a discharge occurs. 

[0030] This resonant circuit can be tuned to various band- 
widths to maximize the efficiency of the conversion process 
depending upon location of the device, time of day, tempera- 
ture variations, relative humidity and other variables in the 
ambient Troposphere 23 of FIG. 2 around the conductive 
surface 1 of FIG. 1. A resistive load to extract power from the 
resonant circuit can be used instead of the spark gap 9 of FIG. 
1. 

[0031] This preferred embodiment uses a parallel, tuned 
circuit to access a wide range of frequencies usually to be 
found in the range of 4.5 to 7 MHz. This range encompasses 
the major, naturally-occurring, resonant frequencies found in 
the ionosphere. 

[0032] A second embodiment of this invention as shown in 
FIG. 3 replaces the parallel tuned circuit formed by inductor 
coil 7 and variable capacitor 11 in FIG. 1 placed in parallel to 
each other and referenced to ground 8 in FIG. 1. This second 
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embodiment forms a series tuned circuit formed by inductor 
coil 7 and variable capacitor 11 in FIG. 3 placed in series to 
each other and referenced to ground 8 of FIG. 3. It differs 
from the preferred embodiment only in the placement of 
variable capacitor 11 of FIG. 3 so that it is in series with coil 
7 of FIG. 3. 

[0033] This embodiment limits the frequency range and, 
hence, the energy the system will store when compared to the 
preferred embodiment. It produces higher voltages across the 
spark gap 9 of FIG. 3 than those produced in the preferred 
embodiment across the spark gap 9 of FIG. 1. 

1. An apparatus for coupling to the pressure waves created 
in the Earth’s Magnetosphere and the varying D, E, F1 and F2 
layers of its Ionosphere by the impacts of various high-energy 
particles from both our Sun and other cosmic sources. 

2. An electrical circuit for harmonically converting the 
pressure waves described in claim (1) into periodic electric 
current discharges. 
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1 Introduction 


Welding is a process critical to our present state of civilization and technical 
advancement, yet little understood and most often taken for granted. Unless ex- 
posed to the building, machinery or automotive trades, the average person never 
realizes how much we depend on the welding process, which is a fundamental 


part of the process of building most of what we depend on daily, in- 
cluding vehicles, buildings, appliances, bridges and a great deal 
more. In fact, once you really start to examine the objects around 
us, It's hard to imagine our world without the welding process. 

Architecturally soeaking, we might all be living in one-room 
wood or adobe-brick houses if it weren't for welding. Certainly all 
large commercial and residential structures are built with a consid- 
erable "skeleton" of welded structural steel, and even most single- 
family, wood-framed houses are built using some welded compo- 
nents, even down to items like the electrical outlet boxes in the 
walls. Anyone who has watched the construction progress of a ma- 
jor highway improvement like a bridge or tunnel has seen the hel- 
meted weldors, unsung heroes of the construction process, spray- 
ing a shower of sparks from high on a scaffold while they join 
metals to hold critical loads. 

Sitting in an airport terminal recently with some time on our 
hands gave us something to think about. Virtually everything 
around us involved welding in some way. There was a large rack of 
telephone books in stainless-steel racks, each carefully TIG-welded 
and sanded, a post office box that was made of welded steel, the 
telephone stall had welded components, and the seats we were sit- 
ting on were part of a welded-steel structure that held eight seats. 
Everywhere you look in the modern world, you'll find examples of 
how widespread and important is the use of welding techniques 
and equipment. 

Much of our Haynes audience is familiar with the automotive 
world, and here is a field where construction and repairs made by 
welding are absolutely essential, in fact essential to virtually all 
forms of transportation, from bicycles to cars, trucks, trains, aircraft 
and space vehicles. Even if we could go back before the "horseless 
carriage" was developed at the end of the 19th century, we would 
still need some form of welding to return to horse-drawn trans- 
portation, in welded brackets for harnesses and wagon compo- 
nents. 


1.1 Welding had its ancient origins in the fires of 
blacksmiths, who could forge two white-hot pieces of 
metal together with hammer blows and patience. It 
remained for history to bring us to electricity and 
bottled gasses for welding techniques to develop any 
further. Modern-day farrier (blacksmith/horseshoer) 

Richard Heller illustrates the old ways. 
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1.2 Metal cutting in the old days was no easier. A 
white-hot piece of metal was laid over a hardy (like a 
wedge or chisel point) in the big anvil, and struck 
hard with a hammer, chopping the softened piece 
off. Final shaping of most items was by hand with 

stones and files. 


1.3 The farrier of today works out of a truck, filled with equipment like 
a grinder, drill press and welder, all running on AC power when 
available; otherwise, horseshoes are shaped in a portable forge. 
Today's blacksmith has the advantage of tools like this MIG welder 
that speed up making special horseshoes. 


Since we've established that welding is a technical process our 
present society can't live without, in this book we'll explore more 
about the process, removing the mystery, and examining the avail- 
able equipment as it can be useful to us in fabricating with metal or 
repairing metal items. We'll show all of the most up-to-date equip- 
ment, describe the various welding types, make recommendations, 
show how welding is used in everyday situations, and develop weld- 
ing projects that illustrate how you can build or repair automotive, 
farm and household objects. 


Definitions of 
welding 


At one time, the simple definition of welding 
was "joining metals through heating them to a 
molten state and fusing them together." As tech- 
nical progress in welding processes has ad- 
vanced, the definition has had to change. 

There are now two basic forms of welding: 
fusion and non-fusion. The former is the most 
common, and it involves the actual melting of 
the parent metals being joined. Not all welding 
today involves melting. Non-fusion welding is 
most commonly represented by soldering and 
brazing, two processes of joining metals where 
the parent metal is heated, but not melted, and a 
second or "filler" metal is melted between them, 
forming a strong bond when all are cooled. 


1.4 Under the center bridge column here are a welder (a machine) and a 
weldor (a person). He is welding up steel enclosures for the concrete 
columns, to retrofit more strength in California bridges to meet newer 

earthquake codes. 
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Pressure and friction alone can weld metals 
together, such as when a machinist turns down 
a piece of metal in a lathe. Often, pieces of the 
metal chips can become welded to the cutting 
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1.5 Wherever you see buildings go up, the basis for them is always 
steel, whether they wind up with wood, bricks or 
cement on the outside, it all began with the work of 
ironworkers and weldors. 


tool, which is a simple example of a process that can be used in 


production work in joining metals. Other kinds of "cold" welding 1.6 The construction and repair of heavy equipment 

may today involve sound and light, as in sonic-welding or laser- and farm machinery would be nearly impossible without 

welding. welding. Arc welding is usually used, as here modifying 
Today, the term "welding" has even been applied to the the front of a dirt scoop on a John Deere, where 


processes of joining non-metallic materials, such as plastic-weld- welding is outdoors and on heavy plates. 


ing which sometimes involves a fusion of materials as a result of 

heat or chemical action. As kids, we have all played with plastic models that we 
constructed using "glues" that would react with and actually "melt together" the 
two pieces we were joining. 

For today's definition of welding to be all-encompassing, it would have to 
read "the joining of metals and plastics without the use of fasteners." This defini- 
tion covers a lot of ground, but, given the interests and needs of the majority of 
our readers, this book will concentrate on welding as it applies to metals joined 
by heat processes produced either by a flame or electrical current. 

Semantically speaking, throughout this book we will be illustrating and refer- 
ring to pieces of welding equipment and to the people who operate them. Some- 
times the same term "welder" is used to apply to both the machine and the man, 
which can become confusing, so for our purposes, we will from now on refer to 
the machine as a "welder" and to the person operating it as a "weldor." 


Development of 
modern welding 


Welding can trace its roots far back in time to the first blacksmiths who 
heated and shaped metals. At that time, metals were primarily used for tools and 
weapons, both of vital importance in those days. The blacksmith was an impor- 
tant tradesman in any community, earning a little more respect than most, even 
by lords and kings who depended on weapons for maintaining power. The "art" 
of smithing was understood by a select few, and blacksmiths were accorded al- 
most the fear-based respect of a low-level sorcerer. Given the traditional image 
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Fig. 6-34. The original bread board view of the Mini-Mite (note the final is 
missing in this photo) just goes to show that layout is not critical, as this 


unit worked quite well. Also this prototype used the optional buffer—the 
two plastic-type just behind the vto. 


twice the switch settings, and then plus one if the 5-kHz switch is 
on. These switches are labeled as to what decade of the frequency 
they determine. The output of the divider goes to the input of Z3, 
which is a phase comparator. The other input of Z3 goes to Z6, an 
oscillator/binary divider, whose output is 833.333 Hz. This is the 
reference frequency. The output of Z3 is connected to a low-pass 
filter whose output goes to varactor VC1. 

Let us now trace a complete cycle of the loop (see Fig. 6-39). 
Suppose we want to transmit on 146.940 MHz, and we set the 
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Fig. 6-35. Here is the final tune-load assembly. The angle bracket is 
mounted to the inside of the cabinet and the wooden dowels serve as 
tuning shafts to the front panel. 
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1.7 Welding is even used in many art forms today. 
Bill McKewen is a metal sculptor who works with 

rods, tubes, plates, wires and custom castings to 

create interesting works that combine hard metals 


with "organic" elements. 


1.9 In a close-up of the "transition 
point" in Bill's sculpture, we can see 
how the stainless tubing and solid rod 
is wrapped with stainless-steel oil 
field cable and welded to a large 
shape originally carved of foam and 
then sandcast in stainless and final- 
shaped with a body grinder. 


14 


1 8 One of Bill's largest works | is this 30- foot tall sculpture called i 
"Organic Form 1", which is made entirely of stainless-steel and weighs 
over 1000 pounds. 


of the blacksmith as a large, muscular man covered with soot who 
works in a fiery, smoky environment, hammering loudly and magically 
making useful objects out of nothing, it's no wonder he was treated a 
little differently. 

The blacksmith heated metals in a wood fire (coal was used later 
on) and hammered them into tools and weapons, performed basic 
heat-treating to harden some areas, and ground sharp edges with a 
foot-powered stone grinding wheel. 

There were times when an object couldn't be made from one 
piece of metal. Gradually, the techniques developed to join pieces of 


metal either with bolts, hot rivets, or welding. This first use of welding consisted 


of heating the objects to a certain color (fairly precise indicator of the tempera- 
ture) and quickly hammering them together on the anvil. The heat and pressure 
joined the items, and the process has been called "forge-welding." 

As history marched on, larger and larger items had to be made of metal, es- 
pecially with the industrial revolution of the 19th century. Most machinery was 
made of cast metal, produced when molten metal was poured into a mold and 


Introduction 


1.10 In high-technology areas like nuclear vessels, aviation 1.11 Not every welder and weldor works indoors. This is an 
and here, at a large race car-building shop, quality welding oil field service truck with gas-welding/cutting equipment, arc 
technology is critical to success with metals. welder and crane. Many welding shops have portable setups 


like this for remote jobs. 


allowed to solidify. Repairing broken castings was a 
common procedure in industry and manufacturing. 
Cast metal is too brittle for forge-welding on an anvil, 
and the items were too large, so a process of "cast- 
welding" was developed in which the broken machin- 
ery was heated, a temporary mold bolted around the 
area to be repaired, and molten metal was poured in. 
Done right, the molten metal bonded with the parent 
casting and the goldrush mine or cotton gin was back 
in business. 

As the 20th century dawned, electricity came into 
wider usage, especially for lighting. The early carbon- 
arc lamps made as much heat as they did light, and 
someone started using electric carbon-arc rods to fu- 
sion-weld metals. Soon after, the simple stick electrode 
was developed that is similar to arc-welding rods of to- 


day, and about that same time oxy-acetylene gas weld- 1.12 The back of the same oil field welding truck is built as a 
ing was also developing. It's ironic that gas welding large, heavy workbench-away-from-a-shop. Big Lincoln ac/dc arc 
also grew out of the advancements in lighting, since welder has its own engine power and generator to run lights for 
acetylene gas had been used for car lights up until just night work. 

before W.W.1. 


Speaking of W.W.l, anyone who is familiar with history knows that many 
technological advances have resulted from the accelerated development that, 
unfortunately, only seems to come from a wartime environment. W.W.I saw the 
further development of gas and stick welding, and soon after that the refinement 
of X-ray technology aided further industrial use of welding. The exacting inspec- 
tion of welds made possible by X-rays speeded welding's acceptance. 

The rapid development of the aircraft industry between the wars, and the in- 
creased use of lightweight metals to replace wood and fabric in fuselages and 
wings led to further advances in welding. W.W.Il saw the burgeoning aircraft in- 
dustry with increased requirements for joining light metals such as aluminum and 
magnesium faster, stronger and smoother than with drilling and riveting, as had 
been used before. Inert-gas welding was invented before the war, but the gasses 
were considered too expensive at the time, and it took a war-time environment to 
accelerate its development. After the war, because the lightweight metals were in 
demand for many military and civilian applications, TIG welding was further re- 
fined, and MIG welding was invented around 1948. 
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1.13 Back in the Fifties and Sixties, car enthusiast magazines were all 
advertising these "twin carbon-arc" welders, which were the original 
"Buzzboxes.” While some of these did work, most of them were tried a 
few times and then put on a shelf out in the garage. Today they're 
collector's items from welding history. 


1.14 Today's modern home/shop/garage welding 
equipment is likely to be a clean, efficient, safer 
welding system like MIG, or wire-feed, welding. 

Machines like this are getting less expensive all the 
time, and some models can be hooked to standard 
household 110V current, making them quite portable. 


Today 


In the remaining decades of the 20th century, 
welding developments have come at a rapid pace, 
often closely tied to electronics development, as 
new and better methods of applying cleaner and 
more controlled heat have come along. In the past 


1.15 If you decide to purchase a welder, visit your local welding decade, we have seen the cost and complexity of 
supply center to talk to the salespeople and find out what equipment welding equipment reduced in some areas, to the 
best suits your needs and budget. A well-equipped store will have point where equipment that was once considered 
everything you'll need, from gasses to glasses. solely the province of the high-production profes- 


sional shop is now found in garages and hobby 
shops around the country. 

It's been good news for the automotive hobbyist, whether he is restoring an 
old car or building a race car, as well as good news for the small farmer trying to 
maintain and repair his equipment. Welders are now being purchased by metal- 
sculptors and other artists and craftsmen, as well as being used for the most 
everyday kinds of household jobs such as repairing a bicycle or garden tool, 
building a firewood storage rack or a barbecue, or even fabricating a small utility 
trailer at home. 

Welding has been compared to playing a musical instrument. In the same 
way that anyone can pick-up a harmonica and start making sounds with it, most 
anyone with some mechanical aptitude can, with a little practice, start using pop- 
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ular kinds of modern welding equipment for non-critical jobs. But to make music 
with that harmonica, or good, strong, clean welds with a welder, will take time. 
As the hip musician once said when asked how to get to Carnegie Hall, "Prac- 
tice, man, practice!" The more time spent consistently practicing with a welding 
setup, whatever the type, the better your results will be. If you use your welder 
only occasionally, don't just pick-up the torch and expect to lay a perfect bead 
the first time. There is a rhythm to find. Practice first on a scrap piece of metal of 
the same thickness as the work you intend to weld, and, when you have the 
rhythm down, repair or fabricate your job. 

Though not considered with the same awe as the ancient blacksmith, a pro- 
fessional weldor today can still make a satisfying living, for it seems to be a skill 
that, far from fading out due to replacement technology, is seeing ever-increas- 
ing usage in business and industry. Weldors today find diversified employment in 
oil field and pipeline work, building construction, bridges and other infrastructure, 
automotive work from assembly-line welding to body shop repair to race car fab- 
rication and antique auto restoration, to the nuclear-power industry, aviation and 
aerospace work, defense work, and manufacturing work building products from 
household appliances to huge boilers and construction equipment. 

This book is intended as an overall introduction to the welding process, illus- 
trating most of the common equipment and work techniques for both home and 
shop welding. While this is not a textbook for the would-be professional weldor, 
there is enough of an overview here to give a prospective welding student a basic 
understanding before delving into the more detailed professional textbooks on 
the subject. 

Whether you plan to restore a vintage car, build a race car or experimental 
aircraft, construct your own wrought-iron fence, sculpt a metal art masterpiece, 
or go into welding professionally, you'll find this book of interest. The handy 
Source List and Glossary of Terms at the end of the book will be helpful for future 
reference. 


Introduction 


1-7 


Haynes Welding Manual 


Notes 


1-8 


2 Types of welding 


If you are reading this book, chances are you have had some exposure to 
welding through watching a repair done such as having a new exhaust system 
put on your car, through some hobby interest in the metal arts/crafts area or 
through some industrial exposure to welding as used in manufacturing and 
building processes. Obviously you have become interested enough in learning 
about welding to purchase this book which we feel is an excellent introduction to 
a field where there are lots of involved textbooks for the person pursuing welding 
as a profession, but few basic books for someone getting started at the hobby, 
farm or home/shop level. 

Perhaps your initial exposure to welding has sparked an interest in doing it 
yourself. If you are involved in auto- 
motive work, you already know how 
valuable the process can be in fabri- 
cation and repairs. Once you have 
seen it performed, you realize how 
handy this capability is. You can join 
pieces of metal to either repair some- 
thing that was damaged and other- 
wise scheduled for replacement or 
build something entirely new, from a 
barbecue grille to a race car. 

Once you have the basic skills 
and the right equipment, you'll find 
many more uses for welding than you 
had anticipated. Like a good truck or 
a specialized tool, once you have a 
welder, you'll wonder how you ever 
got along without it! You'll probably 
find yourself building a materials rack, 
stocking it with various sizes of tubing 
and plates, and actually looking for 
new projects to tackle, from building a 
workbench to last a lifetime, to stor- 
age racks, moveable shop carts, en- 
gine stands, shelving, and much 
more. a Es 2 

There are quite a few types of > A SS | 
welding processes, and today there 2.1 There are a number of choices today when shopping for welding equipment. 
are a great many welders to choose The right choice for you depends on the kind of jobs you plan to do, where you plan 
from. There are so many, in fact, that to do them, your budget and how much time you can devote to training and practice 
just picking the process and the ma- before you become proficient at one of the methods we'll be looking at. 
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2.2 Welding is a process of fusion, in which metal parts are heated to the melting point and fused together, usually with a filler of 
the same material melted along with the "parent" metal. All metals melt at different temperatures, and this chart shows some 
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interesting comparisons, as well as relating the heated metal's color to its temperature. 


chinery which best suit your needs may seem a considerable task. This chapter 
will give you a brief overview of the various processes along with an analysis of 
the pros and cons for each type and how best to select equipment based on your 
needs. 


How it works 


The most basic principle of the welding process is joining two pieces of 
metal together (or at least two edges of the same piece, in the case of repairing a 
crack). This is generally accomplished by heating the metals to be joined until 
they become liquid or molten and the two edges fuse together. Most often, the 
complete joining of the two metal edges is accomplished by melting new metal 
into the joint at the same time. The new metal added to form a fused welding joint 
is called filler metal, while the original pieces being joined are called the parent 
metal. Together they form a welded "bead" of filler and parent metal that is usu- 
ally thicker than the parent metal. Depending on the skill of the weldor and the 
type of welding, two pieces of metal can be joined in such a way that with a little 
filing or sanding of the bead, the joint is virtually undetectable, a particularly im- 
portant aspect when making automotive body repairs. The first time you may 
have observed a professional weldor working, the process may have seemed like 
a sorcerer doing alchemy with a magic wand. With the proper equipment and 
practice, you can do a little magic yourself, a magic that can give tremendous 
personal satisfaction, as well as save you considerable expense compared to 
having the same work done at a professional fabrication shop. 
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2.3 The welding corner of this well-equipped race-car prep 
shop holds a variety of equipment, from a large TIG machine 
at left (with cooling unit on top), to a heavy-duty plasma 
cutter, oxy-acetylene cutting/heating/welding outfit, and two 
small plasma cutters. Not shown here are the two MIG 
welders in use elsewhere in the shop. 


It takes a tremendous amount of localized heat to weld metals together, and 
heat control is the key to welding properly. Every material has its own specific 
melting point, and to make a weld you need to heat the material to that point but 
not beyond it. Visualize an ice cube, which is solid material (when cold). If you 
heat it to the melting point (above 32 degrees F), the solid becomes a liquid (wa- 
ter), heating it further will vaporize it into steam and for your purposes the mate- 
rial is gone. The same changes happen to metal, although at much higher tem- 
peratures. Common lead solder such as you might use to solder electrical 
connections can melt at temperatures from 250-750° F (depending on the alloy), 
aluminum melts at just below 1250° F, and common mild steel melts at 2750° F. 

The heat required to make metal molten enough to fusion-weld can be 
achieved in several ways, but the most common for home/shop situations will 
be generated either with a flame or some use of electrical current. The traditional 
source in welding has been the oxy-acetylene torch, while electricity is now 
used in most of the other methods, such as arc-welding, MIG-welding, and TIG- 
welding. 

One thing that is common to all the forms of welding is that the filler material 
must be compatible with the parent metal, and all efforts must be made to make 
a "clean" weld free of outside contaminants that could weaken the joint. If you 
are welding aluminum, the filler rod must be aluminum, a stainless filler rod must 
be used for welding stainless-steel and steel rods are used on steel. In gas 
welding, the cleanliness of the weld is controlled by the correct adjustment of 
the torch flame and the cleanliness of the two edges of the parent metal. In elec- 
tric welding, an inert gas "cloud" is formed right around the welding area that 
keeps outside oxygen or impurities from contaminating the weld. The shielding 
gas is generated in several ways, as you'll see as we further describe the various 
types of equipment. 


Metal alloys 


The melting point of the metal you work with will vary with the basic nature 
of the material (iron, steel, aluminum, magnesium, etc.), and the alloy of the 
metal. Most metals today are not in pure form, they are alloyed or mixed with 
another metal to give the new material special characteristics. Copper, lead and 
iron are basic pure metals that have been used by man for tools and other ob- 


2.4 You will have to develop some 


Types of welding 


=. 


new contacts once you get into 
welding, one of which will be a reliable 
local source for metals for your 
projects. This is ABC Metals 
(aluminum, brass and copper) in 
Oxnard, California. They have a lot of 
aluminum here at scrap prices, but it's 
more of a gold mine for the hobbyist 
or car-builder who needs relatively 
small bits and pieces and nota 
trainload. Knowledgeable salespeople 
at a metal yard can be very helpful. 
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2.5 Non-ferrous metals like aluminum are generally 
marked with their alloy and heat-treat, such as here on + 


this sheet of 6061-T6. If you need a specific metal fora 2,6 Weldor Bill Maguire fabricated this recumbent bicycle for himself 


project, you may have to buy new material rather than from 4130 chrome-moly thinwall tubing, which is very strong but 
remnants, because the smaller scrap pieces may not light. The idea was to reduce the bike weight, wind resistance and 
have the markings on them. pedal effort. Bill joined the thin tubing with TIG welding. 


jects for thousands of years. Mixing various metals together can produce a new 
metal with new uses. Copper mixed with zinc will make brass, which has 
strength, reduced cost, and better suitability for machining and casting. The 
same base copper mixed with tin makes bronze, which was alloyed as far back 
as 2000 years to make weapons. Gold and silver, precious as they are in their 
pure state are seldom utilized in their natural form which is quite soft in compari- 
son to other metals. 

When alloyed with other metals which add strength or other characteristics, 
gold and silver can be used for jewelry, coins and many other uses. We com- 
monly describe different gold objects by "carats." While pure gold is 24 carat, 
12-carat gold is only half gold and half other metals, and the closer the carat- 
number is to 24, the more gold is in the object. The other alloys reduce the ex- 
pense of the pure gold and make it more durable and useful. Were rings and 
other jewelry to be made of 24-carat pure gold, they would be too soft and not 
last in normal use. 

Most of the metals you will be working with in your welding will be of two 
kinds, ferrous and non-ferrous. The former includes metals that contain iron, 
most commonly steel. The most commonly-welded non-ferrous metal is alu- 
minum. Both steel and aluminum can vary considerably in the welding process 
depending on the alloy. By changing the alloy of either steel or aluminum, differ- 
ent properties can be obtained, to either make the metal more flexible (ability to 
bend without breaking), malleable (ability to be formed with a hammer), ductile 
(ability to be drawn out or hammered thin) or to improve its strength for a specific 
application. Steel is made from refined iron combined with carbon and other ele- 
ments. How much carbon is added determines the properties of the steel alloy. 
Most of the steel we might use for projects is relatively low in carbon, called mild 
steel. With higher levels of carbon, you get medium-carbon steel (used for shafts 
and axles), high-carbon steel (used for automotive and industrial springs), while 
very-high-carbon steel is used to make files and sharp-edged cutting tools. The 
common mild steel we use most often is weldable by virtually all of the tech- 
niques described in this book, while the higher-carbon steels have special re- 
quirements. Other elements commonly alloyed with steel are manganese, tung- 
sten, nickel and chromium. The latter two combine with steel to make 
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2.7 Get to know the personnel at your local welding supply 2.8 The welding supply store should be able to tell you where 

store. They can be very helpful when it comes to choosing to buy steel locally, which you will probably use for most of 

equipment, and they will have all the supplies you'll need in your welding projects. Most yards have a remnant section as 
the future. Most stores carry several brands of equipment, all shown, where you can buy short lengths of material at by-the- 
the safety items, and even the smaller home/shop machines. pound prices. Tubing for a trailer project is being weighed. 


stainless-steel, a very useful material that requires somewhat different welding 
techniques. Anyone familiar with race-car and aircraft construction may have 
heard of 4130 chrome-moly steel, which is often used in these applications for its 
high strength relative to its weight. The four-digit number describes the alloy as 
containing molybdenum, and the amount of carbon. This alloy contains more 
carbon than mild steel, as well as chromium and molybdenum, both of which add 
properties of rust-resistance, strength and hardness. Even though this is a 
higher-carbon steel than mild steel, it really contains only 30/100th of 1% of car- 
bon, which shows how scientific the alloying of metals really is. A tiny change in 
content can radically affect the properties of the final metal. 

In steel and aluminum, not only are there different alloys, but different heat- 
treat processes. In the simplest terms, heat-treating is a scientific process of 
heating a metal to a specific temperature and then cooling it, either slowly or 
quickly, and with or without oil. The heat-treating can affect the hardness and 
other characteristics of the metal. When aluminum is purchased new in sheets or 
tubes, it is generally marked with its alloy and heat-treat, such as 3003-13, which 
is a sheet aluminum that is considered "half-hard" and is commonly used in mak- 
ing race-car bodywork, where it has to be somewhat strong, but also able to be 
bent, welded and hammered. On the other end of the spectrum, 7075-T6 alu- 
minum is very hard and strong. Called "aerospace aluminum" in the vernacular, it 
is often used in making machined aluminum parts and applications where very 
high strength is required. While it is strong and hard, it doesn't bend. There are 
volumes of scientific books on the alloying and heat-treating of metals, but, for 
your purposes as a home weldor, just remember to find out what kind of metal 
you are welding, and when making a project ask a metals expert to recommend 
the most suitable material. In general, the higher the carbon content in steel, and 
the higher the heat-treat on aluminum, the stronger the material will be but 
tougher to form into a shape, and the tougher metal alloys can be more brittle. 


If you do decide to purchase a welder, you will eventually get to know the 
people at your local source for welding equipment, and they should be of consid- 
erable help in answering your questions and getting your setup working well. 
They will also be able to tell you where locally to purchase the metals you need 
for your projects. Most metal supply houses have a "scraps" section where you 
can purchase cut ends, small plates and short lengths of various tubes, all at 
about half the price of prime material, which is usually sold in large, unwieldy 
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Fig. 6-36. Here is the final version of the Mini-Mite component layout. The 
output transistor has a finned heat sink. The vfo is in the area shown with 
the toroidal coil although other coils may be usedas discussed in the text. 


switches as such. Our divider divides by 800 + 2(294) = 1388, 
Suppose that the vco is free-running at 24.00 MHz. This mixes 
with the 23.3333-MHz transmit crystal to give an output of .6667 
MHz. This is divided by 1388 to give 480.3 Hz. This is compared to 
the 833.333-Hz reference, and the 4046 raises the voltage to VC1 
to increase the frequency of the vco. When the vco has an output of 
146.940 MHz/6 which is 24.490 MHz, the loop will lock since 
(24,490 — 23.333)/1388 equals 833.333 Hz. 

The 4046 will adjust its output voltage so that the two inputs 


Fig. 6-37. The Mini-Mite, a "kilowatt" among QRP rigs, runs 7 watts peak 
power for cutting through the QRMand clearing the frequency for the little 
QRP rigs. 
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2.9 Gas welding with oxygen and 
acetylene gasses is one of the oldest 


forms of welding, and is still used today 
in construction, muffler shops and farm 
repairs. lts versatility lies in the ability to 
cut and weld, on thick and thin materials, 
and to do braze-welding as well. The flux 


shown is only used for brazing. Note 


the different size and shape of the two 
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gas cylinders. 


sheets or 20-foot lengihs of tubing. Use the scrap pieces for all your experimen- 
tation with various types of welds, until you are doing pretty well. You may even 
be able to build small projects, like a welding cart, using the short lengths of tub- 
ing or angle-iron from the scraps section. Once you get to know the people at 
both the welding supply house and the metal yard, you'll have experts to wade 
through the technical jargon of alloys and heat-treats, and help you sort out the 
right material for your future projects. 


Oxy-acetylene gas welding 


This is perhaps the oldest and most versatile of welding setups. For a long 
time, it was the only setup recommended for the home/shop use, and has been 
among the least expensive to get started with. The basic combination in a typical 
gas-welding package are two high-pressure cylindrical tanks, one for oxygen, 
one for acetylene, a set of gauges and regulators to control the gas flow out of 
the tanks, a pair of hoses, and a torch. The torch usually comes with a variety of 
tips, tip cleaners, a spark lighter, and good sets may include a helmet, gloves 
and often a cutting-torch. 

The latter is what really makes the oxy-acetylene system so versatile. It is 
one of the few welding systems that can do cutting as well as welding. This can 
be invaluable in both repair and fabrication work. Cutting away damaged or un- 
wanted material is easily done with a properly-used cutting-torch attachment, 
and you may have many projects where you need to cut an irregular shape out of 
steel plate. The bulk of tubing and angle-iron cutting is usually done with some 
kind of saw or an abrasive cutoff wheel, but these tools can only make a straight 
cut; they can't go around corners. If you need to cut out a circle from a steel 
plate, you can draw the circle on the plate with a compass and a special hard 
crayon called a soapstone (which leaves a line you can see even when welding), 
then use your cutting torch to follow the line and you have your part. Any shape 
can be cut out. If you make up a cardboard template of the piece you need, trace 
around the pattern with your soapstone onto the plate, and make it. 

Cutting with a torch takes skill to closely follow a line, and even then the 
edges of the metal will require some grinding, filing or sanding to get a smooth 
edge. Most experienced weldors know just how much to cut outside their pattern 
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2.10 You'll need a safe area to practice your gas welding. Fire 
bricks like these are safe to weld on and don't suck the heat 
out of your parent metal as you weld. The skills you'll have to PLUG WELD 
learn with gas welding are torch movement, even feeding of HORIZONTAL WELD 

filler rod with your other hand, and steady, small circles to | OVERHEAD WELD 
make consistent puddles. 


2.11 This illustration shows virtually all of 


size to have an exact-size piece after cleaning up the cut edges with a the basic weld types and positions. With 


grinder. o each type of welding you practice, you'll 
The oxy-acetylene setup is still the least expensive welding system if you first learn to make a steady bead on a 
buy the torches, gauges and hoses, and lease the gas cylinders. The tanks steel plate, then do flat butt-welds, then 
are expensive to purchase outright, but can be leased from your local welding move on to corner welds and tougher 
supply store with a deposit down and a small monthly fee. Many shops today ones like overhead and vertical welds. If 
will take a credit application in lieu of a deposit, and you will open an account you first learn torch control with gas 


welding, you'll be able to pick-up any 


there, assuming your credit is good. š E 
gy g other welding method more easily. 


2.12 Oxy-acetylene torch flames can be put to some sophisticated uses. This is a mechanical gas pattern cutter (ESAB 
Silhouette 500), which can follow a pattern under the stylus and cut out two identical copies with the torch heads at right. 
Intricate parts can be cut out repeatedly, and with very clean edges because the torch movement is motorized and very smooth. 
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Leasing tanks is an inexpensive way to get started, but if you do only a small 
amount of welding infrequently it may not be a practical arrangement for you. Af- 
ter you have been paying rental fees for a year or two, you'll realize you could 
have purchased the tanks outright for the same amount of money. If you knew 
you only had to do some gas-welding for a few months, then the leasing deal 
would be better. 

When welding with oxy-acetylene equipment, the basic procedure is to set 
the proper gas flow to the torch with the regulators, crack open the valves on the 
torch, light the flame with a friction-sparking lighter and then adjust the ratio of 
oxygen to acetylene to achieve the proper flame. Changing tip sizes makes a 
bigger or smaller flame, so you suit the tip size to the thickness of the parent 
metals you are welding. A smaller flame is used for thinner metals. The torch is 
brought down to the work area (the weldor is wearing his dark-lensed safety gog- 
gles) and the flame is used to heat the two edges to be joined, while your other 
hand feeds a piece of filler rod into the molten puddle as you move along the 
joint. Weld joints can be made with or without a filler rod, but a filler rod is used 
most often. 

This is a very simplistic description of the process of gas-welding. It takes 
considerable practice and good hand/eye coordination to master. Once learned, 
the skills can be very useful, but it is a process rather difficult to learn from a 
book. Taking a class or having an experienced friend take you through the 
process will ease the learning curve considerably. 

Besides the versatility of doing both welding and cutting, oxy-acetylene 
equipment also has many other shop uses in supplying a lot of localized heat. 
You may have projects where you need to bend a piece of metal. Thin sheet 
metal can be easily bent with pliers, vise-grips or put into a vise and bent over 
with a hammer, but thick metal may crack when bent cold. If you have a 1/4-in- 
thick steel bracket you need to bend at an angle, cold-bending with a hammer 
and vise may require so much hammer force as to distort the part out of shape, 
as well as mark the surface up or even damage the vise. If you closely examine 
the piece of thick plate after a cold bend, you may see the metal in the corner of 
the bend looking crystallized, which weakens that spot. Heating the metal to the 
right temperature with a torch before bending it, along the line where the bend 
should be, allows an easy bend with less disturbance of the metal's integrity 
along the bend. Another use of gas welding equipment is for brazing ferrous and 
non-ferrous metals such as copper and brass. In brazing, the parent metal is not 
made molten, it is heated enough to melt a brass filler rod, which attaches to 
both pieces of parent metal, making a firm joint. 

Besides heating metal for bending, gas equipment is also used in many au- 
tomotive shops for freeing frozen parts. Metals expand when heated, and when a 
rusted nut on a fastener is heated, the nut expands and breaks the bond, so the 
nut can be removed. When working under a car that has seen winter road salts, 
or when disassembling an old car for restoration, a gas torch can be very handy 
for getting off rusted nuts without busting your knuckles when your wrench 
rounds off an old nut. Many a mechanic on older cars would not be without his 
faithful "smoke wrench." Machine shops also use a torch to heat and expand 
parts that have a press fit. A gear that fits on a shaft may be heated with a special 
"rosebud" tip that spreads the flame around a wider area, and when the gear has 
expanded, it is picked up with tongs and slipped onto the unheated (and not ex- 
panded) shaft. When it cools off and contracts, the gear is securely fastened to 
the shaft, but can be removed at a later time just by reheating it again. 

Despite the versatility of the gas-welding equipment, it may not be the ideal 
equipment for you, depending on your needs. If you have other uses for it besides 
just welding, then it is definitely a must have, but, if you just need to occasionally 
weld various thicknesses of steel together, some of today's electric welders may 
be more suitable for you. Gas welding is harder to learn, there are more safety 
problems in the shop when using a gas torch (especially when cutting), welding 
thick metals takes good skills and it is easy to distort the parent metal when weld- 
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ing thin sheet metal. Automotive body men today are using a torch less and less 
when doing repairs on thin metal. However, one of the advantages of gas-welding 
equipment over any electric-welder is portability. Your gas welding cart can be 
moved around anywhere without wires, even carried (when properly secured) in 


your pick-up for welding at a remote site. 


If you have the budget and the need for gas-welding's versatility and porta- 


bility, then your ideal shop setup would include 
both an oxy-acetylene rig and some kind of electric 
welder. 


Arc welding 


Like gas welding, electric arc welding has 
been around for almost 100 years, and the fact 
that it is still around today illustrates its continued 
usefulness. The official acronym for arc welding is 
SMAW, which stands for Shielded Metal Arc Weld- 
ing. The basic components of the setup include 
the machine (the power source), a ground lead you 
clamp to the work anywhere except where the 
weld is to be made, an electrode lead which runs 
from the machine to an electrode holder, which is a 
handle with a clamp that holds consumable elec- 
trodes. The electrodes are metal rods covered with 
a coating. 

In use, the weldor strikes an arc against the 
parent metal with the electrode, which completes 
the circuit between the two leads and causes a 
bright light and concentrated heat. Arc welding uses considerable 
amperage of electricity to generate the intense arc, which melts the 
parent metal. The central metal core of the electrode melts as the 
work progresses, becoming the filler metal, while the fluxed coating 
produces a shielding gas around the welding area that protects the 
parent and filler metal from impurities in the air. Arc-welding pro- 
duces slag as you proceed, a thick coating of impurities and de- 
posits left from the rod's coating. This slag must be chipped off with 
a chipping hammer, which is usually included with the machine. 

There are a wide variety of welding rods (electrodes) available to 
suit almost any purpose. The 12-14-inch-long rods are also called 
"sticks", and you may often hear arc-wetding referred to as stick 
welding. The rods vary in thickness, according to the thickness of 
the metal you are welding, and also in alloy and flux-coating con- 
tent. There are many special-purpose rods, and, because of the va- 
riety, rods are usually marked with a number at the beginning of the 
flux coating, and different colors may also be added to the fluxes for 
quick identification. 

Rods are usually sold in boxes or cans of fairly large quantity, 
which can be a problem for home/shop use where the welding is in- 
frequent. The coatings on arc-welding rods are very susceptible to 
moisture in the air, and must be stored in very dry, secure contain- 
ers to remain effective. You may have seen welding filler rods in 
gas-welding outfits stored in simple lengths of pipe welded to the 
welding cart, but this is not suitable for arc rods. If you do purchase 
an arc machine, invest in several airtight metal containers to store 
the rods, even using bags of desiccant (moisture-absorbing crystals 
usually found in small bags packed with cameras or sensitive elec- 
tronic equipment) in the cans. 


with oxy-acetylene cutting and arc, or stick, welding. Arc welding is 
not affected by wind outdoors, and is able to join or repair very 


thick materials. 


art and welding, combine today as many sculptors 
and artists are now working in metals. Small works 
are usually torch or TIG welded, with larger works 
like this one utilizing arc or MIG welding equipment. 


2-9 


Haynes Welding Manual 


There are two basic types of arc-welders, relating to the polarity of the elec- 
tricity they produce, AC or DC. The DC machines are generally larger, industrial 
units found in production shops, where they are hard-wired in, or mounted in 
conjunction with an engine for truck-mounted use in mobile field welding. Most 
shop-type DC machines require shop-type electrical input, such as 440V or 
three-phase 220V, which you will not find in any standard home. They are de- 
signed to operate day in and day out without overheating, and are considered 
the best choice for welding really thick materials, so that is why we see DC arc 
machines in use building bridges, buildings, ships, etc. There are a few small DC 
machines for home use, but they have limited amperage and should be used on 
lighter materials. There are even combination AC/DC machines, but these are 
usually expensive shop machines. 

By far, the most basic and practical home/shop arc-welder is an AC machine 
often called a "buzz-box" because of the sound it makes when you are welding. 
This is the least expensive single welding system you can buy, with a good 
name-brand buzz-box costing about the same as a set of oxy-acetylene torches. 
However, the arc machine comes with rods and everything you need, while the 
gas setup also requires filled cylinders which make a ready-to-weld gas setup 
about twice as expensive as a basic arc box. 

The wiring you have in your house or shop will be a factor in choosing the type 
of equipment best suited for your purposes. To use an arc machine, you'll need 
220V availability. If you already have an electric stove in your house (or the house 
had at least been wired for this) or an electric clothes dryer, you're probably in 
good shape because many electric stoves and dryers use 220V current. However, 
unless your dryer outlet is already out in your garage, you may have to have a qual- 
ified electrician run this 220V power out to where you'll be doing your welding. If 
you don't already have a 220V outlet, the cost of running new service to your 
garage may double the total expense of setting up to do arc-welding at home. 

Also, welders do not just plug into the same outlet as your appliances. The 
welder has a different arrangement of prongs on its plug, and an adapter is re- 
quired to plug into a 220V appliance outlet. The outlet you use should also have a 
good 20-30-amp circuit breaker as well. Note that there are some small buzz- 
boxes that plug into ordinary household 110V power, but they aren't recom- 
mended for anything but light and occasional work. 

A stick-welder is relatively easy to use. Unlike gas welding, where you have 
to operate the torch with one hand while feeding the filler rod with the other hand, 
there is only one piece to control with arc-welding, the rod-holder. However, the 
rod starts out 12 to 14 inches long but is used up continually (gets shorter) as you 
weld, making it tough to maintain an exact distance of rod to workpiece, which is 
critical to a good arc weld. With the rod too close, you burn holes in the metal, 
and too far away you can lose the arc entirely and have to restart. So the trick in 
arc welding is control of the tip of the rod, and, because it is always getting 
shorter, you have to "fine-tune" your wrist movement in the hand working the 
electrode-holder. For this reason, most arc-welding is done with two hands, es- 
pecially when learning. Use your other hand to steady and help control your wrist 
action on the "working" hand. Professional weldors use arc-welding upside 
down, laying on their back, hanging from scaffolding, or even underwater with 
special equipment, but for the novice, a comfortable body and hand position is 
very important to making good welds. 

An AC arc-welder is well-suited to working on heavier steel materials, from 
1/8-inch to 1/2-inch thick, but is difficult to control on thinner materials. The ma- 
chine will have an amperage knob, with settings from 30-230 amps (depends on 
make and model), which you suit to the rod and the work material and thickness. 
Some of the more expensive shop machines have settings that go as low as 4 
amps for light materials, but gas, MIG or TIG welding is- more popular today for 
thin metals such as most automotive work. For fabricating shop equipment, 
building a utility trailer, frame repairs or farm equipment maintenance, the buzz- 
box works fine. 


To sum up the pros and cons of an AC arc-welder, the advantages include 
the low initial cost, easy operation (with practice), versatility (it can be used in- 
doors or out) and it offers a high level of dependability (no moving parts) and 
quietness of operation. Disadvantages include: it's less practical for thinner met- 
als, your shop may require rewiring to accommodate it, the home arc-welder 
usually can't be used for welding long seams all at one time, you are restricted to 
the limits of your power-cord length (as with any electric machine except the 
generator-driven type), the welds may have considerable spatter and not look as 
"clean" as other types if that is a consideration (such as in art projects, metal fur- 
niture design or street-rod fabricating), and there is the safety consideration of 
potential skin burns. Compared to gas welding, arc-welding poses more danger 
due to burns, not just from little spatters of hot metal, but from any skin that is 
exposed to the UV and infra-red rays. You can get a severe sunburn from expo- 
sure (pro weldors wear heavy leather protective clothing) and observing an arc- 
weld in progress without a helmet on, even for just a second or two, can cause 
headaches and eye irritation. 

The buzz-box was once the most practical home/shop welder, but increas- 
ing availability and affordability of home MIG machines in the last ten years has 
put up a serious challenge to that title. 


MIG (wire-feed) welders 


This category of welding system has become one of the most popular for to- 
day's home/shop use. The initials stand for Metal Inert Gas, but is also listed in 
technical descriptions as GMAW, for Gas 
Metal Arc Welding. The basic elements of 
the setup include a power supply (machine), 
atorch with a large-diameter cable, a ground 
wire with clamp, and a bottle of compressed 
shielding gas. Inside the machine is a roll of 
relatively-thin wire and a motorized transport 
system for this wire. 

In practice, you weld almost like arc- 
welding, but the electrode (wire) is con- 
stantly fed through the cable to the gun and 
consumed at the weld. When you pull the 
trigger of the MIG gun, you start the supply 
of amperage (when the arc starts on your 
work), the feeding of the wire electrode, and 
the flow of shielding gas, which is also 
routed inside the gun's cable 
and comes out of the tip all 
around the electrode, preserv- 
ing the integrity of the weld like 
the flux coating does on arc 
rods. 

The advantages of the MIG 
system includes a much cleaner 
weld than either gas or arc, 
good versatility in materials with 
the ability to do very well on thin 
metals, and there is no elec- 
trode or filler rod to keep replac- 
ing. Control is easy because you 
can set the amperage on the 
machine and also infinitely ad- 
just the speed of the wire com- 
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2.15 Anyone who is a fan of auto racing 
is familiar with various types of welding. 
In the immaculate shop of Larry Smith 
Marketing, a crewman is putting a final 
MIG weld on a complete NASCAR 
chassis for a car like the Matco Tools 
entry at left. Race car shops use a variety 
of welding techniques, from gas to MIG 
and TIG. 


2.16 Small, portable wire-feed, or MIG, 
welders have become one of the most 
popular welding machines for 
home/shop use. Easy to set up and 
simple to operate, they produce very 
clean welds, and models from 100-amp 
to 140-amp can be operated on 
household 110V current. 
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2.17 Most MIG machines operate with a bottle of 
shielding gas, but some are equipped to run with flux- 
cored wire which makes its own shielding gas as it 
arcs, making the process more suitable for outdoor 
and drafty situations. This home/shop-sized unit 
shown is a combination machine that can operate 
with gas shielding/solid wire, or the flux-core wire. 


2.18 Atthe professional shop level, MIG welders are 
all 220V machines, and offer power up to 250 amps, 
which is enough to weld most anything. This 
Millermatic 250 is a popular machine in fabricating 
shops and automotive shops. There is even a model 
of this machine with a small computer in which you 
can store the welding parameters of up to nine 
different jobs, in five different languages. 


ing out of the gun. Various-diameter steel wires are available to weld material 
from the thinnest sheet metal to 1/4-inch and 3/8-inch, as well as stainless-steel 
and aluminum wires to weld those materials with. The weld from a MIG gun is 
much cleaner than arc welding in terms of spatter, and there is no slag coating to 
chip off. 

Originally, wire-feed MIG machines were developed strictly for the profes- 
sional shop doing long-duration production welding. A roll of wire in one of these 
machines can last for an entire eight-hour shift without the weldor ever stopping 
for a new electrode. Because the wire is machine fed into the weld puddle, the 
heat and wire-feed rate can be tuned so that production welds can be made 
much faster than with other systems. The MIG machine has been an expensive 
piece of equipment in the past (and heavy-duty, big-shop models are still fairly 
expensive), so it never used to be recommended to anyone for home/shop use. 
However, less-expensive MIG machines have become widely available in the 
past 5-10 years that have made these an excellent choice for the hobbyist, par- 
ticularly the automotive hobbyist. These newer machines, mostly imported and 
built with a few less features and a lower duty-cycle than would be required in a 
production environment, have not only become very popular with the hobbyists 
but are also are finding their way into more small fabricating shops, muffler shops 
and race-car fabrication shops as a less expensive alternative to the big ma- 
chines, yet with better speed and weld quality than arc or gas. 

MIG machines range in size and features from "pocket" machines to large, 
full-featured machines for shop environments that require 100% duty-cycle. 
There are a number of smaller machines available today that operate on 110V 
household current, which makes them very portable, and no garage rewiring is 
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2.19 If you're lucky, the welding store near you will 
have a demonstration area, such as here at Altair 


Gasses & Equipment, Oxnard, California. Here a 2.20 If you are interested in cars as a hobby, whether it be kit cars, 
portable MIG unit is being tested where customers street rods, race cars, or antique restorations, you should become 
can watch through a large safety lens (behind familiar with various welding techniques, and perhaps buy a system. 
operator, at right). You can get a feel for different When fabricating parts at home, it's a lot easier if you have your own 
equipment before you decide what machine best welder, even if all you do is tack parts together and bring them to 


suits your needs. someone else for final welding. 


necessary. These smaller wire-feed machines usually have 
4-7 heat range settings from 30 to 110 or 140 amps, and 
can handle light sheet metal such as auto body material up 
to metals as thick as 1/4-inch or 3/8-inch (less maximum 
thickness is possible on aluminum). They either have 
wheels on the bottom or have optional, wheeled carts that 
make then very easy to move around your shop or garage. 
Many beginning weldors like to build their own welding cart 
as their first project with a new welding machine. 

The shielding gas used with MIG machines can be CO, 
Argon, or a mixture of the two, depending on the materials 
you are welding. The basic gas used most often is straight 
CO», because it is the least expensive. Various sized gas 
bottles are available from small, very portable 20-cubic-foot 
bottles (about two feet high), to 120-cubic-foot bottles (four 
foot high, six-inches in diameter) that can supply enough 
gas for eight hours of continuous welding. The small bottles are fine for occa- 
sional home/shop use where long seams are not welded regularly. 


>. | 


2.21 Typical home/shop projects 
such as a utility trailer, race-car 
trailer, metals rack, shop cart, engine 


One of the factors that has made MIG welders so popular with home/shop stand, hoist and much more can be 
users is the relatively easy learning curve associated with using them. Given a lit- built at home with either MIG (shown) 
tle instruction and practice, most people can be up and welding a decent bead in or an AC arc welder. 


an hour or two. We're not suggesting that that person would then be ready for a 
full-time job as a weldor, or that his/her first welds would pass rigid specifications 
for nuclear reactors, but the wire-feed machines are easier to learn than most 
other systems. One of the factors that makes it easier is of course not having to 
deal with feeding the filler rod in with your other hand. In automotive body work 
this can be particularly helpful when you have to hold something with your left 
hand, like the alignment of two pieces of sheet metal, while you tack them to- 
gether with the one-hand MIG torch. Torch position is very important in all forms 
of welding, and the fact that the distance of the MIG tip from the work is constant 
(in many cases the nozzle is actually touching the work to steady it) makes con- 
trolling the weld much easier. 

After selecting the proper heat setting based on the thickness of the material 
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2.22 Street rodding and antique car 
restoration frequently require welding 
on old, even rusty sheet metal body 
panels. Here the lower portion of a '32 
Ford cowl has been patched with new 
steel to replace rust-out area. The 
panel was MIG-welded in with a 110V 
welder, ground down with a body- 
sander, is ready for finishing and 
another 60 years on the road. 


2.23 Basic components of a TIG- 
welding system. Very similar to 
operating a gas torch and using your 
other hand to feed filler rod, TIG 
produces the cleanest welds with the 
least amount of material warpage, 
and is the best system for thin, high- 
strength material like chrome-moly as 
well as aluminum. 
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you are welding, the only other variable to control is the 
speed the wire is fed into the weld puddle. If the speed is 
wrong, there will be a lot of sputtering and uneven welding 
and penetration. Most MIG weldors tune the wire-speed in 
by sound, They set up on a scrap piece of metal with a wire 
speed that may be too slow or too fast, then pull a bead 
while adjusting the soeed. When the right speed is reached, 
the MIG welder gives a distinctive crackling sound to the 
procedure. The steady crackling sound means you have the 
right wire speed. 

There are three basic types of small MIG machines. 
Those that use plain wire with a bottle of shielding gas, 
those that use flux-coated wire and no gas bottle, and com- 
bination machines that can run either fluxed or plain wire. 
The flux on the wire functions the same as the coatings on 
arc rods, creating a shielding gas as the wire is consumed. 
The bottled-gas-shielded MIG welding is the preferred 
method for indoor welding where clean-looking weld beads are desired. How- 
ever, the shielding gas around the weld process is subject to being disturbed by 
air Currents, so for outdoor welding (such as farm equipment repair, fence con- 
struction, etc.) the fluxed-wire machine is better. The weld isn't quite as clean as 
with the gas, and fluxed wire doesn't do as good a job on thin sheet metal (under 
18-gauge) but these machines are more practical for the outdoor work, which is 
usually on heavier materials anyway. Also, the fluxed-wire machine never need to 
have a bottle refilled, so as long as you have plenty of wire inside the machine, 
you can't have your work delayed by running out of shielding gas. 

Considering all of these factors, the modern MIG machine may be the most 
practical type of machine for many do-it-yourselfers, particularly the automotive 
hobbyist, who has to make very clean welds, both with thin sheet metal as well 
as heavier chassis work. The ease of operation, maneuverability around the shop 
(with the 110V machines), one-hand torch operation and the gentle learning 
curve have combined to make many first-time MIG weldors tackle their projects 
with confidence. 


TIG (heli-arc) welding 


This is unquestionably the "Rolls-Royce" of the welding processes in many 
ways. The lettering stands for Tungsten Inert Gas, but many weldors refer to it as 
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2.24 While TIG or heli-arc welding is considered by many to 
be the most controllable welding technique, it takes more 
practice than any other. You have to learn to manipulate the 
torch with one hand, the rod with the other, and the amperage 
control with your foot on a pedal. There are no sparks, spatter 
or slag. Here an aluminum frypan's handle mount is being 
repaired. The heli-arc welding didn't even bother the non- 
stick coating on the other side! 


heli-arc welding, though this is a trade name established by 
the Linde Corporation many years ago. The name refers to 
the fact that back then, helium was used as the shielding 
gas for the process, though today argon is the most com- 
monly used gas for TIG welding. Either shielding gas has 
the capacity to exclude foreign materials during the welding 
process, as well as being unable to combine with other ele- 
ments to form chemical compounds detrimental to the weld 
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integrity. The process can also been seen abbreviated as 
GTAW, for Gas Tungsten Arc Welding. 

The basic components of the TIG process include a 
welding machine, a torch with a tungsten electrode, a 
ground cable, a foot-operated amperage control pedal and 
a bottle of compressed shielding gas such as argon. It dif- 
fers basically from stick welding and MIG welding in that 
the electrode is not consumed, and filler rod is separately 


2.25 Where TIG welding really shines is in two tough 
situations in one job, like thin materials and aluminum, such 
as this part that looks like something from a space ship. This 

wound up being a belt-pack of controls for a big piece of 
machinery - the operator strapped this to his waist. Aluminum 
is tougher to weld than steel because it doesn't change color 

as you heat it. When it melts it turns shiny, but tarry a little 

longer with the torch and the material has holes in it. Don't 
tackle a project like this until you have mastered the process. 


hand-fed into the weld puddle when needed. In operation, 

the machine is turned on, the weldor brings the torch close 

to the work and depresses the foot pedal to start the arc. Current flows through 
the tungsten to the workpiece, creating an intense but concentrated heat that 
melts the parent metal, with the operator controlling the amperage with the foot- 
pedal while welding, and feeding the appropriate filler rod to the puddle as 
needed. The tungsten electrode has a very high melting point and is not con- 
sumed. 

What makes the heli-arc different in practice from other systems is the higher 
operator skill required, since the weldor has to coordinate with both hands and 
the foot pedal, all of which affects the quality of the finished weld. Unless you are 
already an accomplished weldor with an oxy-acetylene gas-welding torch, you'll 
find the TIG process takes a /ot of practice. 

TIG welding produces the cleanest, flux-free and spatter-free beads with vir- 
tually no contamination. For this reason, it is the method of choice for such criti- 
cal applications as race cars, aircraft, missile construction and nuclear reactor 
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are identical in phase and frequency. Q3, Q4, LED 1, and as- 
sociated components form an indicator that lights when the syn- 
thesizer is unlocked. This indication is useful when initially tuning 
the synthesizer, and warns the operator not to transmit if the loop 
becomes unlocked due to component failure, etc. Pp 

The second and third gates of Z4 generate two signals: Tand T 
(pronounced not T). T is high in transmit and low in receiver, and T 
is its complement. These signals switch between Y1 and Y2, select 
which set of frequency switches is connected to the 4059, and turn 
Q9 on and off, which places C6 in parallel with the vco tank to lower 
its frequency range in the receive mode. Q8 is a buffer stage which 
isolates the vco from the output circuitry. 

Before the signal from Q8 goes to the receiver, it is passed 
through the lowpass filter composed of C14, C15, C16, and RFC2. 
This passes the 24-MHz rf, but keeps the VHF rf from the trans- 
ceiver from getting into the synthesizer. Q8 is also connected to 
Z2, which is a quad flip-flop. By connecting the pins of Z2. The chip 
can divide the 24-MHz signal by 2, 3, or 4, giving a 12-, 8-, or 
6-MHz output. The transmitter’s signal also goes through a low- 
pass filter. 

Z1 is a five-volt regulator which supplies power to most of the 
circuit. Some parts of the circuit require 12 volts, and this is 
obtained at C46. In the HW-202, I take the supply voltage off the 
11-volt regulated line within the radio. 

Parts layout is fairly critical, and it is recommended that the 
PC board layout shown in Figs. 6-40 and 6-41 be used. Keep all 
leads as short as possible and mount Y3 and Z1 flush to the board. 
The use of IC sockets is encouraged. Resistors R28-37 and diodes 
D4-15, D17, and D18 are not mounted on the board but directly on 
the switches concerned. C50 and C51 are .001-uF feedthroughs 
mounted directly to the metal cabinet enclosing the synthesizer. 
RFC6 is not mounted on the board but is connected directly to 
feedthrough capacitor C50. RCA-type jacks are used for the re- 
ceiver and transmitter output connectors. RG-174/U, 50-ohm 
miniature coax is used to connect the receiver and transmitter 
output from the boards to their respective low-pass filters and 
jacks. The lowpass filters are assembled around the jacks. There 
are several jumpers that are connected to the bottom of the board 
(Table 6-6). They are noted on the parts placement diagram as J1, 
J2, etc. For example, a jumper must be connected from one point 
labeled J1 to another point labeled J1. Some jumpers go to more 
than one place. For example, there is a J4a, b, and c. This means 
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welding. The TIG welds are strong, ductile and corrosion-resistant with virtually 
no cleanup required, making it popular for welding of surgical, medical and food- 
service equipment, especially on stainless-steel. There is little smoke produced 
during TIG welding and no flying sparks, and without the smoke and sparks the 
weldor can more critically observe the welding action as he goes. 

While there is a lot of skill required in TIG welding, its ability to handle all 
kinds of metals of varying thicknesses, the ability to reach into corners and hard- 
to-access areas to weld and its outstanding ability to mate thin metals without 
putting excessive heat and distortion into a wide area on either side of the weld 
has made the heli-arc method particularly useful in race-car and other critical 
construction applications. The types of metals that can be welded with TIG ma- 
chines include: all steel alloys, aluminum alloys, aluminum castings, stainless- 
steel, copper and nickel alloys, magnesium and exotic metals such as titanium 
and zirconium. It is one of the few systems that can tackle welding dissimilar 
metals and joining metals of different thicknesses. It's been said that a skilled TIG 
weldor could join a razor blade to a railroad track, though there isn't much call for 
that. 

The torch for TIG welding is smaller and lighter than most other welding 
torches, allowing for greater weldor comfort when welding for long periods. For 
production welding, most TIG machines are equipped with a water-circulating 
system to keep the torch cool. In use, a water pump circulates filtered water from 
a storage tank out through the main cable to the torch head and then returns the 
heated water back to the tank. Many cooling units employ a small radiator and 
electric fan to cool the water. Where lots of production welding is done, a large 
water storage tank is used, or the water is fed in cold from the shop's plumbing 
and the heated water is plumbed back into the drain system, so heated water is 
never circulated back through the torch. The TIG machine requires shop-type 
current input (230V/460V/575V single-phase or 230V/460V three-phase) and 
connections to and from the water-cooling equipment, making it one of the least 
portable of welding systems. 

Because of the electrical requirements and other hookups, the steep opera- 
tor learning curve, and the considerable expense of the most shop-type TIG ma- 
chines, this has never been a system that has penetrated much into the 
home/shop and hobbyist market. Rare and proud is the automotive hobbyist or 
racer who has a heli-arc machine at home, and who knows how to use it to its 
capacity. The process has assumed an almost "mystical" aura to automotive 
fans because of its use in race-car construction, and even otherwise skilled 
home weldors will bring certain components like critical steering gear to a profes- 
sional to have the parts TIG-welded. Street rod builders love it for the quality of 
weld, which is often cosmetically appealing enough to require no grinding or fill- 
ing to make the welded part ready for painting or even chrome-plating. 

Shops with TIG machines rarely take advantage of this, but most TIG weld- 
ing machines are capable of also performing stick welding if the job should re- 
quire it. TIG welding is ideal for thinner materials, but if a job required joining 
some one-inch-thick plates, the stick-welding mode would be much faster. The 
arc capability would also come in handy if the job required some welding out- 
doors or near a drafty doorway, where the draft could blow the argon shielding 
gas away and cause an erratic weld. Switching to the arc mode simply requires a 
switch on the machine be thrown to the correct current position for arc, and the 
arc "torch" electrode cable plugged in. When in the arc mode, the foot control is 
deactivated and the weldor sets the amperage on the machine with a knob, like a 
straight arc machine. 

While most production shop TIG machines are large, expensive, heavy-duty 
machines with water-cooling systems for the torch, there have been strides in the 
past ten years at making a more affordable TIG machine. Today there are several 
to choose from which are air-cooled instead of water-cooled, reducing cost and 
complexity, that feature straight 220V, single-phase input connections for simpli- 
fied electrical hookup, and have lighter-duty, less-expensive internal electrical 


components. These new machine are one-half to one-third the cost of their big- 
ger conventional TIG brothers. 

Because of these factors, there are more small shops that today can afford 
the benefits of TIG welding, such as high-quality welds on thin materials, and the 
ability to weld beautifully on non-ferrous materials like aluminum, even cast alu- 
minum. The are often seen in large engine rebuilding facilities and automotive 
machine shops, where they serve their time repairing cracks in aluminum blocks 
and heads, expensive parts that would otherwise have to be replaced if such re- 
pairs could not be made. However, these "economy" TIG machines can't do 
everything the big ones can, particularly when it comes to torch cooling. If long 
welds are to be made, the air-cooled torch will get too uncomfortable to hold. 
Also, the smaller, less-expensive electrical components inside will not have as 
long a duty-cycle as the big machines (more on duty-cycles later), but in a small 
shop fabricating race-car or street rod parts and doing precision chassis work, 
long, continuous welds are not often encountered. 

Some welding machines today offer "convertible" adaptability. Kits can be 
added to some MIG machines to add heli-arc capability, and there are kits with a 
different torch and a separate wire-feeder to use the output of the bigger TIG ma- 
chines as a MIG machine, but this convertibility usually puts the machine out of 
the home/shop price range. 

Even with the introduction of this new generation of more-affordable TIG ma- 
chines, this is still a system that isn't practical for the average home/shop weldor 
to get into. As with oxy-acetylene gas welding, the practice time it takes to be 
good with a heli-arc torch requires consistent, daily operation, and most occa- 
sional weldors just can't get enough time on the machine to really do well. Most 
basic home/shop fabrication and repair projects do not require the "reactor-qual- 
ity" welds and superior cosmetic appearance of TIG welding, and even the econ- 
omy TIG machines cost more than twice what other starting welder setups cost, 
making the gas welder and small MIG machines still the most versatile equip- 
ment for home use. A drawback of TIG welding is that it is a slow process, so for 
a project like building a utility trailer, a typical home MIG machine would be much 
faster. 


Duty-cycles 


In any discussion of electric welding processes, the term duty-cycle comes 
up and is a source of some confusion to the beginning weldor. Basically, the big- 
ger, heavier and more expensive pro-shop type welding machines have trans- 
formers and other internal electrical components designed to operate for long 
periods of time without overheating. Smaller, home-type machines can't operate 
as long, because the internal components had to be made less expensive in or- 
der to reduce the overall costs to a "consumer" level. 

The official quantifier of such work capability is called the duty-cycle. It is ex- 
pressed as a percentage, such as a "40% duty-cycle." What this refers to is a 
ten-minute period in a laboratory welding test. At a 40% duty-cycle, a particular 
welding machine is capable of welding for four minutes out of ten. In other 
words, if you welded non-stop for four minutes straight, you would have to let the 
machine "idle" for six minutes before resuming welding, allowing the internal 
components to cool off. The maximum current that a welding machine can draw 
from its components is limited by the temperature rise of those parts, and the 
temperature goes up with the square of the current draw. 

Bigger, more professional and more expensive welding machines will have 
higher duty-cycles because of the nature of the work they have to do. There are 
some cases where a robotic or machine-driven automatic welder must be capa- 
ble of 100% duty-cycle because it is operated continuously, but this is unusual. 

The advertised duty-cycle of a welding machine is usually given at the maxi- 
mum current draw of the machine, the highest amp setting. This setting of course 
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is required only when welding the thickest material the machine is capable of. As 
the amperage setting of a welding machine is reduced, the effective duty-cycle is 
increased, so that there is somewhere on the welding machine's "curve" a point 
where the duty-cycle is close to 100% at some amperage setting. 

For the home/shop user who is rarely welding anything thicker than 1/4-inch 
or 3/8-inch mild steel, the duty-cycle is not a problem. However, it's important to 
know what the duty-cycle for your machine is at various amperages, and espe- 
cially to understand the term when shopping for a machine. For instance, one 
popular introductory-level 110V MIG machine has an amperage range of 30-110 
amps. Right away, you know that such a machine is not really designed for long 
welds on heavy materials, because the maximum amperage is only 110. Further, 
the advertised duty-cycle for this machine is 95% at the 30-amp setting, but 
25% at the highest amp setting, showing the difference in how the current-draw 
heats up the components. Depending on your average welding needs, such a 
machine may be just fine, handling short welds occasionally on 1/4-inch steel, 
and longer periods on thinner material. Most automotive sheet metal, for in- 
stance, seldom requires an amperage setting above 30, and even the small MIG 
machines have a long duty-cycle at this setting. 

Generally, welding machine price goes up with maximum amperage and 
duty-cycle. You can roughly compare the performance of the machines being 
considered by comparing their duty-cycle at the amperages you will most often 
be using. A feature to look for on some of the better machines is an "overheat" 
protection circuit and warning light, which may save you the cost of a burned-out 
component. Some machines automatically shut down when the overheat circuit 
kicks, and in others an internal electric fan comes on to speed the cooling pro- 
cess, but like most "bells and whistles" these features usually cost a little more. 


Plasma arc welding 
and cutting 


This is another welding/cutting process that has developed in the recent 
past that was once considered exotic, yet is now filtering down to lower price 
levels in the welding marketplace. The nomenclature refers to the plasma state of 
a gaseous material, in which the material is heated so much that the gas con- 
ducts electricity. What makes PAW (Plasma Arc Welding) so different is that the 
flow of superheated gas actually makes the welding arc, with the metal electrode 
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safely hidden way up inside the torch body away from the welding 
action. 

The plasma welder makes a hotter and easier-to-control arc 
than even the much-touted TIG welder. The arc becomes a nar- 
row column of heated gas (usually argon or nitrogen) that can be 
directed as precisely as a surgical laser. A second gas is plumbed 
through the torch to maintain a gas shield overthe weld area, as is 
done in most electric welding. The extremely-high temperature of 
the plasma arc means that higher welding speeds can be used in 
production applications, and where there is a close fit of the two 
edges being welded, as is usually the case in a production situa- 
tion with newly cut materials, often the plasma weld is accom- 
plished with no addition of filler material when welding thinner 
stocks. This has made it a preferred system for some industrial 
applications. 

In operation, the plasma equipment looks much like TIG 
equipment, except that there are two bottles of gas, and the torch 
is designed differently inside. The very dense, very hot "flame" 
does not require as precise an arc-starting-distance of the torch 
to the material, making plasma equipment somewhat easier to op- 
erate than TIG, especially on projects where no filler metal is 
needed. In TIG-welding, the weldor must strike an arc with his 
tungsten electrode With the plasma method, however, the elec- 
trode is too far up inside the torch head to get near the parent 
metal, so most of the plasma machines have high-frequency arc- 
starting circuitry that makes them easy to get up and running, us- 
ing the hot gas column to start the arc, after which the proper 
torch-to-work distance is easily established by the weldor. 

While there are specialized applications where plasma-arc 
welding is the preferred method, its widest area of usage today is 
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in cutting. The column of plasma-stage-heated gas is hot enough 2.27 In fabricating shops, a large 220V (or higher 
to cut through virtually any material at almost any thickness. On current, three-phase) plasma cutter is used, capable of 
thin materials, the plasma cutter goes through as fast as the oper- cutting thick materials and traveling at fast cutting 
ator can move the torch (speeds up to 100 inches per minute), speeds. Most plasma cutters are used without 
and even on 1/2-inch-thick steel the moderate-size cutters can shielding gas, using air from the shop air compressor 
cut at 15 inches per minute, which is about one inch every four to cool the torch and form the ionized gas column 
seconds! under the tip that creates the arc. 


While the speed of the plasma cutter is exceptional, it is the 
quality of the cut that has made it so popular today in many applications like au- 
tomotive, duct repair and fabrication, and medical or food-service equipment 
work. The plasma cutter will cut virtually any ferrous or non-ferrous material with 
equal ease, even on aluminum and stainless where ordinary torch cutting is diffi- 
cult without considerable pre-cut and post-cut cleaning. 

Since there need be no direct contact between the torch and the work mate- 
rial, plasma cutting doesn't involve a lot of spatter getting into the torch head, 
and most materials can be cut with no pre-cut cleaning. This is especially impor- 
tant to automotive users, who can make clean, fast cuts in sheet metal, whether 
it's painted, rusty or dirty. The concentration of the narrow cut and the speed the 
plasma torch can travel means that the cut edges are many times cleaner than 
even a machine-cut edge from an oxy-acetylene torch. There may be little or no 
cleanup of the cut edges required, depending on the job requirements, and the 
cut edges are not only smooth but uncontaminated, so that plasma-cut edges 
can generally be welded together much easier that edges cut with a gas torch 
where oxidation must be ground off before welding. 

Plasma cutters have become particularly popular in machine-cutting opera- 
tions where the torch head is mounted on a machine that has a pantograph 
arrangement. The weldor moves an arm around a wood, paper or metal template 
and the cutting torch cuts that exact shape out of metal. Sometimes, several cut- 
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2.28 Where the really complete 


home/shop setup was once an AC arc 
welder and a set of gas torches, today 
more shops utilize a MIG welder and 


plasma cutter. This welding cart 


features a gas-shielded 130-amp MIG 


and a plasma cutter capable of 


cutting up to 3/16-inch material, and 
both machines operate on household 
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2.29 Eventually, you will find yourself at a steel supply store, shopping for 
plate, angle-iron or tubing for a project. Steel is usually sold in 20-foot lengths, 

but it's often cheaper to buy steel here than at a home/lumber type store. 


ting heads are operating on a large sheet of metal plate, cutting three or four 
copies of the template out at the same time. The clean plasma cuts mean less la- 
bor is required to make a finished part. 

Metal cutting has been done for decades with oxy-acetylene equipment, but, 
besides the clean-cut edges, a plasma cutter has one other major advantage 
over the oxy-acetylene torch. Since the main component of the air around us is 
nitrogen, which make a good inert gas to superheat into a plasma flame, com- 
mon air can be used as the cutting gas. This is usually supplied simply by hook- 
ing the welding machine up to a standard shop air compressor making 75 psi. 
Not only is the compressed air virtually free, with no bottles to fill, but plasma 
cutting involves no flammable gasses in dangerous high-pressure cylinders. 
There is a major savings in bottled-gas costs, convenience, and shop safety. 

The nature of the plasma-cutting process is such that very little spark spray 
comes from the cutting action, and there is virtually no discoloration or distortion 
of the cut edges. It is almost like "cold" cutting. These attributes make the 
plasma system the method of choice now in automobile wrecking yards for cut- 
ting up cars for dismantling. It's much faster than a gas torch, and the chance of 
fires starting from flying sparks and droplets of molten metal is greatly reduced. 
Plasma cutters have been operated in such situations with torch hoses as long 
as 234 feet, with the welding machine kept indoors in a shed and the operator 
wandering around the yard with the torch, not having to transport a heavy cart 
with bottles of compressed gasses. Body shops love it for its clean edges and 
the ability to cut an exterior body panel with less chance of igniting undercoating, 
paint or burning a hole in an interior panel with a stray blob of molten metal. 

Although the technology sounds complicated, plasma equipment is perhaps 
easier to maintain than gas, MIG or TIG equipment, and the learning curve is not 
as steep. As with the modern MIG and TIG machines, recent years have seen the 
price of plasma-cutting equipment come down considerably, and this has put 
the technology in the hands of many automotive shops. Most home/shop users 
will not have enough cutting work to do to justify owning a plasma cutter, but 
when a lot of cutting needs to be done, and done more safely than with tradi- 
tional gas, this is definitely the way to go. If you are around a body shop or fabri- 
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2.30 if you can't carry a 20-foot length of steel home with you, 2.31 This steel supply store has a neatly-organized rack 


steel houses will generally make one "courtesy" cut for a for materials, in which each different thickness of material 

small fee. Any cuts after that are expensive, so it's best if is identified by a different color of paint on the ends, 

you have some method at home for cutting the metal for which makes shopping a lot easier for hobbyists without 
your projects. a micrometer. 


cation shop that has a plasma cutter, see if they will demonstrate it to you. You'll 
find it amazing when you see how fast it cuts, how little spark spray there is, and 
how clean and relatively coo/the cut edges are. 


Practice and training 


When it comes to hand-eye coordination, everyone has a little different skill 
level to start with. How easily each person can pick-up a welding machine, read 
the instructions and begin joining metals together will differ with that person's 
mechanical background. Some people seem to flow into the work intuitively; oth- 
ers require considerable practice and often a little coaching from someone who 
can weld already. 

Each of the welding systems we have discussed in this chapter requires a 
different amount of practice and skill to master, but rest assured that even if you 
have never done anything like this before you can learn to weld. Millions of men 
and women have learned to do this in the past. During the domestic manpower 
shortages of W.W.II, there were many housewives who went to work in the de- 
fense plants, and even though they had never done anything mechanical they 
were there riveting, metal-shaping and welding on aircraft, tanks, ships and many 
other critical projects. 

The first step in deciding what kind of equipment you need is to accurately 
assess the kinds of projects you would do most often if you had welding equip- 
ment in your home/shop. The thicknesses of metals you want to work with, the 
types and alloys of metals, the kind of electrical power you have available and 
the length of the welds you may need to perform are all factors in choosing the 
right machine. We've given you enough of a brief outline of the advantages and 
disadvantages of each type of equipment to aim you in the right direction. You 
may also want to consult with your local welding shop and local welding supply 
store before making your decision. If you know someone who already has a 
welder at home, ask his advice and even see if he will let you try out his equip- 
ment on some scrap pieces. 

Most people who are serious about picking up welding skills and doing it 
right can benefit from actual training. Your local community college may have 
adult evening courses in basic welding, or there may be a trade/technical school 
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nearby. Courses offered at publicly-funded community colleges and trade 
schools are usually inexpensive, and the hours are often built around a working 
person's schedule. There is a real difference between a weld that looks good, 
and a weld that performs well. If you practice welding on your own, you may 
achieve welds that look OK to you, but which may fail in actual use. One of the 
valuable parts of the training you will receive in a legitimate course is the critique 
from the instructor. He can show you how to test various trial welds for strength 
and let you know when you're getting it right. We think such training is invaluable 
if you plan to do anything more involved than repairing a bicycle or garden tool. 
Good training shortens the learning curve dramatically, and we recommend it to 
any readers who have it available in their area. 


Perhaps because of its history going back to the turn of 
the century, or perhaps due to its appearances in films and 
other popular imagery, gas welding/cutting has the most 
"romantic" image of the various welding systems we'll deal 
with in this book. When most people conjure up a vision of 
a weldor, it is of a perspiring, leather-clad man wearing dark 
goggles and wielding a flaming torch with sparks flying 
everywhere. In truth, this is more likely a picture of some- 
one cutting with a torch rather than welding, but it points 
out the ubiquitous nature of the gas equipment in the over- 
all welding picture. 

Although losing some ground to modern electric 
welders in the most recent decade as the welding system 
of choice for the average home/shop user, oxy-acetylene 
equipment is still unarguably the most versatile setup for 
home, farm or shop. Besides its function as a fusion-joiner 
of metals, gas equipment also of course is extremely valu- 
able as metal cutting equipment, and can also be used for 
non-fusion metalwork such as brazing, soldering, and the 
dying art of automotive body lead work. It is also useful 
equipment in any automotive shop for freeing rusted fas- 
teners, heating machined parts that require a hot shrink-to- 
fit connection (like a gear on a shaft) and heating metal 
parts prior to bending them. It requires no water or electri- 
cal connections, making it one of the most portable of sys- 
tems, you can load it into a pick-up truck and take it to any 
remote location. If the gas hoses are long enough, the wel- 
dor can climb up a pole or down a shaft to perform welding 
or cutting, a flexibility few other welding systems can 
match. 


The basic gas 
process 


When gasses are used in other types of welding, they 
are usually of the inert kind, like argon, COs or helium, 
which are involved in the welding process only to keep the 
molten weld puddle clear of impurities from the air during 
formation. In oxy-acetylene welding/cutting, however, the 


Oxy-acetylene gas 
welding/cutting 
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3.1 Versatile aasewalding equipment has been a mainstay of 


metal fabricating for most of the 20th century, and little has 
changed with procedures or equipment. The basics, fusing 
metals at their melting point, are still valid for many uses in 


farm, industry and home/shop hobby applications. 


3.2 You'll find helpful people at your ür local Welding supply 
store that can set you up with torch equipment, oxygen 
and acetylene bottles, and other supplies you'll need. 
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3.3 Look in the corner of almost any automotive or 3.4 This is typical of a good, general-purpose welding, cutting 
fabricating shop and you'll a setup just like this, with bottles, and heating set, ideal for automotive, muffler shops, farm 
regulators, hoses and torch neatly corralled in a portable and trade schools. Starter sets have smaller torches and 
welding cart. Carts can be readily purchased, but most 10-12 foot of hose, bigger sets have larger torches and 
beginners like to make their own cart as their first project. 25-foot hoses. 


gases are what make the flame itself. Acetylene gas is quite flammable, and 
combined with oxygen, which by itself does not burn but speeds up the oxidation 
or burning of any other fuel, makes one of the hottest possible gas flames (5600- 
6300° F),suitable for the rapid welding, cutting or heating of most ferrous and 
non-ferrous materials. Although all compressed gasses pose some shop hazards 
because of the pressure inside the bottles, oxygen and acetylene are consider- 
ably more dangerous to work around, and require much more caution and close 
attention to safety rules. 

Oxygen, while not exactly flammable by itself, is the gas necessary both foi 
us to breathe and for any type of combustion to take place. Combustion is really 
nothing more than very rapid oxidation, and if pure oxygen is directed at some 
thing flammable, a fire can start very easily. Some inexperienced weldors hav< 
been know to dust off their work clothes with their unlit gas torch, but the extn 
oxygen that gets into their clothes can make it so flammable that any tiny sparl 
could start the clothes on fire. Likewise, oxygen gas must be kept away fron 
things like oily rags or any petroleum products. Oxygen as used in welding equip 
ment is generally stored in high-pressure, 1/4-inch-thick-walled steel cylinders s 
2200 psi. While oxygen may be important for our lungs to work, it can still be dan 
gerous if too much is introduced to the bloodstream. For this reason, oxygen ga 
should be kept away from open cuts such as you might have on your hands. 

Acetylene gas, on the other hand is flammable to the point of being explosivt 
and is also mildly poisonous, causing nausea and headaches if you breathe muc 
of it. Older readers may remember using a "carbide cannon" on the 4th of Jul 
when they were kids. A small quantity of pellets were put into a small met; 
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cannon which held some water. Á gas was produced inside that was lit by a flint- 
sparker mechanism on top, and the result was a tremendous bang. The pellets 
were calcium-carbide, and the gas produced was acetylene. 

Pressure in the acetylene gas cylinder is much less than with oxygen, at 250- 
325 psi, but the construction of the cylinder is different. Acetylene cylinders are 
shorter and fatter than oxygen bottles, and are constructed in two halves. Be- 
cause acetylene is unstable at high pressures, the only way to get sufficient quan- 
tities into the standard bottle is to dissolve the acetylene in another medium. In 
welding tanks, the two halves are filled with an asbestos/cement mixture and then 
welded together. After baking, the material forms a honeycomb inside the tank. 
Liquid acetone is put into the tank because it will absorb 25 times its own volume 
in acetylene gas, thus stabilizing the acetylene. 

Because of the differences in chemical action and storage of oxygen and 
acetylene, there must be no mix-ups between the two. For this reason, the tanks 
are made in different proportions and different colors; the acetylene bottle has 
only left-hand threads, and the hoses for each bottle are dif- 
ferent, i.e. red hose for acetylene, green hose for oxygen 
(see illustration). Both bottles have a threaded top for filling 
and connection of the regulators, and due to their high inter- 
nal pressure, especially the oxygen cylinder, gas bottles 
should always be stored securely. If a bottle were to fall from 
a truck onto concrete, for instance, the regulator could be 
knocked off, suddenly releasing enough gas to propel the 
heavy bottle around like a kid's balloon, except with poten- 
tially deadly force. In addition, the acetylene bottle should 
always be stored in an upright position. If stored laying 
down, some of the liquid acetone inside could be drawn out 
of the bottle into the welding supply, ruining the weld. 


RIGHT-HAND THREADED NUT 
GREEN OXYGEN HOSE 
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LEFT-HAND THREADED NUT 


3.5 There must be no mix-up of gasses, so oxygen hoses 
are colored green, acetylene hoses red, and the acetylene 
hoses have left-hand threads, identified by a groove 
cut around the fittings. 


The equipment 


Besides the two gas boitles, there are gauges/regula- 
tors, hoses and the torch itself (see illustration). Each gas 
tank has it's own set of two gauges mounted on a regulator 
body designed to reduce the high cylinder pressure down 
to a useable pressure for the torch. On each tank, there is 
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3.6 The gas bottles are fitted with valves, to which regulators 
are attached. This is a cutaway of an oxygen cylinder valve, 
showing the way the valve seals internally. Oxygen cylinder 

valves seal best when either closed or fully open. 


3.7 Heavier-duty torch sets like this Trade Master from 
L-TEC have torches capable of welding up to 3/8 steel, 
cutting up to 1 1/2-inch steel, and heating capability 
of 103,000 BTUs per hour. 
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3.8 Highly portable "Kangaroo" outfit has everything you 
need in a small package, including a polypropylene carry 
cart. This doesn't have a lot of welding-time capacity, but is 
popular for maintenance work, metal sculptors, and 
automotive shops that don't use a torch too often. 
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3.10 The gauge/regulator setup screws onto the tank's 
cylinder valve, and has a fitting for attaching the 
hose leading to the torch. 
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3.9 Cutaway of a single-stage regulator shows how the 
cylinder pressure is adjusted down to a usable range for 
welding. There are two gauges attached, one shows 
the total pressure left in the cylinder, and one shows 
the adjusted pressure supplying the torch. 


one gauge to indicate the pressure in the tank, while the 
other gauge reads the pressure after the regulator, which is 
the pressure delivered to the torch and a very important ad- 
justment in oxy-acetylene welding. 

There are two basic types of regulators found on gas 
welding setups, single-stage and two-stage. The former 
type reduces the cylinder pressure to a working pressure in 
just one step, say from oxygen's 2200 psi to 3 psi for the 
torch (see illustration). In the two-stage regulator, the first 
stage reduces pressure to about 30 psi; the second stage 
adjusts pressure from there down. 

A great portion of the expense in a gas-welding setup 
comes from the gauges/regulators, and better ones simply 
cost more. The simpler-to-manufacture single-stage regula- 
tors cost less and are therefore commonly found on the less- 
expensive kits for oxy-acetylene welding (see illustration). 
They work fine for most purposes, and their only drawback is 


3.11 Connectors are available to add more hose onto a 
starter set for a longer working distance if you need it. 
These screw into your hoses and the extra new 
hoses screw on the other side. 


Gas welding/cutting 


that the regulation depends heavily (excuse the pun) on the pressure in- 
side the tank. As the tank pressure goes down as the gas is used up, 
the regulation changes and must be adjusted again. Also, when doing a 
job that requires a lot of gas flow, such as large welds or cutting/heating 
thick plates, the single-stage regulator may not be able to keep up. The 
more expensive two-stage regulators maintain gas flow to the torch 
with less fluctuation, which is important in a professional welding oper- 
ation but may not be a big factor in home/shop welding if you don't 
work on heavier materials. Obviously, gas-welding sets with two-stage 
regulators will cost more initially than the single-stage kits. 

The hoses for a gas-welding setup are specially-designed to carry 
the oxygen and acetylene gasses. While they do not handle the very 
high tank pressures, they are built in three layers to withstand the regu- 
lated pressures for many years with proper care and maintenance. As 
mentioned above, the hose for carrying acetylene is red, while the oxy- 
gen hose is green, and the acetylene hose has left-hand threads on its 
fitting, so there is no chance of mixing them up when making connec- 
tions (Note: Left-handed fittings generally have a groove cut in around 
the fitting, to differentiate them from normal, right-hand fittings). Doing 
so could be disastrous, since any residual flammable gas or other ma- 
terial in a hose connected to pure oxygen could cause the hose to ig- 
nite or explode. For this same reason, it is important that no lubricants 
or chemical compounds of any kind be used on the hoses or fittings. 
Gas-welding packages may contain hoses around 10-12 feet long in 
the economy or light-duty kits, and 20-25 feet long in the heavier, more 
professional sets. Extension hoses can be added to your starter set if rd = 


you need to reach areas further from your tanks (see illustration). 3.12 In industrial situations, like this oilfield service 
truck, gas welding setups may be equipped with 


large cylinders and 100 feet of hose, to handle 
any situation. 


LEA i 
AN 


BF m 
AE 
AA 


Bis 
tae A 
vi Wy 


f 
li 


TTT) 
Hy 


ree 
i fH i Hi ñ 


NN 


a 
ce 


A y 


e 
= 


3.13 In this clever setup, the hoses and torch are 3.14 Basic torch sets include, from top: cutting torch attachment, 


attached to a swingaway arm for access to the tanks basic torch head, a variety of welding tips sized for different 
for servicing. Arrow indicates retaining plate with a thicknesses of material, and at bottom a rosebud tip for 
simple steel wedge rod. Tanks are held securely but heating large areas. 


can be changed quickly without wrenches. 
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The torch for oxy-acetylene welding is a precision-made 
| | tool, usually constructed with a forged brass body, two knobs 


GROOVE IN ACTYLENE HOSE controlling the gas flow, and copper tips of varying size (see il- 
FITTING (TO PREVENT lustration). In use, the two gasses flow through valves con- 
MIXING UP HOSES) 


TIP trolled by the knobs, and mix inside the torch with the com- 
bined gasses coming out of the tip in an oxygen-to-acetylene 
ratio controlled by the weldor. The weldor changes tips, each 
of which has a carefully sized opening, to suit the gas-flow and 
flame shape required for a particular job. The makeup of the 
cutting torch is different from the welding torch and will be dis- 
cussed later on. 

Gas welding sets can be purchased three ways: as a weld- 


ACTYLENE ACTYLENE 


HOSE (RED) \ Pa VALVE 


| MIXING 
HANDLE HEAD 


| OXYGEN 
| HOSE OXYGEN ing-only setup, a cutting-only setup or a combination set with 
(GREEN) VALVE hes. Th h ill d d ds. If 
THREADED two torches. Ine type you choose will depend on your neeas. 
FITTING all you need to do is weld up animal corral fencing made from 


| ee steel pipes, you may use a cutting-only gas set for cutting pipe 
3.15 When assembled with welding tip and hoses, this is to length and shaping the cut ends to fit against the next pipe, 


what an oxy-acetylene welding torch looks like. The two and USE a generator-driven arc welder on your truck for joining 
gasses are controlled by separate knobs, and are the pipes. However, if you are doing automotive sheet metal 
mixed inside the torch body. work or metal sculptures with relatively-thin materials, you will 


probably do most of your cutting with an electric shear, hand 
tin snips, hacksaw, etc., and only require a torch for welding, brazing and occa- 
sional heating. A combination set is of course the most versatile. Most sets that 
you buy can be fitted with a different torch at any time, so if you decide to buy a 
welding-only setup, you can purchase a cuiting torch later on if your need to. 
After you purchase your welding package, you will have to buy or rent tanks. 
The standard-size oxygen and acetylene tanks will hold enough gas to last the 
home/shop user for a long, long time. The tanks must be hydrostatically-tested 
periodically, which involves filling them with water to a certain pressure to test for 
safety. When the test is due, your local gas supply cannot refill your tank until it is 
tested. When you buy new tanks outright, you then become responsible for the 
testing costs and any cylinder-valve repairs, while if you lease the cylinders, the 
gas company takes care of that as part of the lease agreement. Leasing the cylin- 
ders allows you to get started welding with the minimum investment, because 
outright purchase may be expensive. However, if you add up the monthly rent 
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3.16 You'll never have cause to disassemble your torch this far, but these are the internal components. Some torches require 
wrenches to change tips and heads, while others have knurled, hand-tightened connectors. 
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3.17 Each of these little "flea circus" figures are welded up 3.18 The small, medium and large welding cylinders contain 
completely of thin welding rod and tiny blobs of molten metal. 80,150 and 275 cubic feet of gas, but some manufacturers 
The artist works with a very small welding tip and tremendous label theirs by a letter designation. Ask your welding supply 

patience, showing what can be done with skill shop approximately how long each size would last in terms 
and imagination. of welding, and choose according to your needs. 


charges, you'll find that after two years of leasing you could have purchased the 
tanks outright for the same money. Most leases run from 5-99 years, but if you 
move to another area where a different gas company is located, you may be able 
to return your tanks to the original location where you leased them and get back 
a pro-rated portion, then begin a new lease account in the area you move to. 
Look in your local telephone Yellow Pages under "Gasses, Industrial" or "Weld- 
ing Supplies." 

There are usually three sizes of tanks, small (80 cu. ft.), medium (150 cu. ft.) 
and large (275 cu. ft.). The small tanks are the easiest to store and maneuver 
around the shop and are fine for most occasional users. The medium tanks will 
be more than enough for most any home/shop use, lasting more than a year un- 
der normal use. The largest tanks are heavy, and more difficult to move around 
the shop. 


Getting started with 
oxy-acetylene 


Thoroughly read all the directions that come with your 
gas-welding setup before you do anything. If you have pur- 
chased a used welding set from someone, make sure the in- 
structions are included, or have an experienced person help 
you get set up. Compressed gasses are dangerous; so is the 
welding process, and there are many more safety considera- 
tions to understand than we can cover here in this book. Ob- 
viously, since we are dealing here with a very hot flame and 
the promise of flying sparks, you should have a clean work 
area away from any flammable materials and a good fire ex- 
tinguisher should be handy, as well as a source of water. Ifa 
spark gets onto your shoe, don't waste your extinguisher on -a — _>— 
that. Use a water spray bottle, which is also handy at times 3.19 Most home/shop users of oxy-acetylene will have single- 
for cooling off a piece of metal. stage regulators on their torch sets. Unless you do a lot of 

Follow your set's directions for attaching the gauge/reg- a hee aa are Just fine, Epica ta dee 9 
ulator sets to your filled bottles of oxygen and acetylene (see pas the protestlonal Aaaa r aL RiGee gi 
illustration). The bottles should be secured with a sturdy ' l 
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chain to either your bench or a welding cart that has provi- 
sions to keep it from tipping over easily. Before the regulators 
are attached, blow any dust out of the cylinder valves by 
cracking them. You should stand to the side of the cylinder 
when doing this, with the outlet pointed away, and very 
quickly open the valve slightly and close it again. Just a little 
blast of gas will ensure that the connection is free of dust. 
Use a proper-fitting wrench (not an adjustable) on all 
your regulator and gas hose connections, which are usually 
brass fittings, and remember that the acetylene connec- 
tions are left-hand threaded. Blow out the regulator by 
slowly opening the cylinder valve when the pressure-ad- 
justing screw (usually T-shaped) is turned out all the way. 
One gauge will show you the cylinder pressure, and the 
other the hose/torch pressure. Attach the hoses and blow 
them out with a blast of gas. Adjust the regulators to pro- 


a B 
è a 5 — 
; i i a 1 | 
h y — 
r A A 
p w 
A at 
= | 


3.20 Gas flow is regulated on the oxygen cylinder to 1-5 psi vide 2-3 psi working pressure from each bottle (see illus- 
for welding, depending on the thickness of the material tobe tration). The cylinder valves should always be opened 
welded, and the acetylene pressure is adjusted the same. slowly, with your body away from the ends, and the oxygen 
Higher pressures are set when performing cutting, but valve should always be opened all the way. It is of a type 
acetylene must never exceed 15 psi to the torch. that seals best either fully closed or fully open. The acety- 


lene valve should be opened only about 1-1/2 turns. 

Connect the hoses to your torch with the gas cylinder valves closed. In most 
cases this involves wrenches, but there are some professional sets that have 
snap-on connections (like air line hoses) to make quick, wrenchless work of 
changing torches (see illustration). Select a medium tip from your set (your set's 
instructions will recommend what gas pressure works with which tip and what 
thickness of metal they are suited for) and attach to the torch. After everything is 
assembled, you can test the connections with soapy water for leaks. 

You will need something to light the torch flame, and a wire-framed metal 
striker should have been included with your set (see illustration). Never use 
open flames such as a cigarette, cigarette lighter or match to start your torch! 
Your fingers need to be well out of the way. You should be wearing leather 
gloves and heavy clothing with leather shoes or boots. Do not tuck your pants 
into your boots, or you could create a pocket there that could collect sparks. 
Likewise, do not wear pants with cuffs, for the same reason. Have your colored 
welding goggles on your head, but not yet over your eyes. 


3.21 Some torches are equipped with quick-release fittings 3,22 To start a torch, open the acetylene valve 1/2 turn and 


as usually seen on air-compressor hoses, making light immediately with a striker like this. Never use a match, 
for quick, easy changes. cigarette or lighter, you could easily burn your hand. Once 


the sooty acetylene is lit, gradually add oxygen until you 
achieve a neutral flame. 
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Flame adjustment 


This is a very important step in gas welding, and one you will be making 
every time you pick-up the torch to weld, braze, cut or solder, so you'll have 
to practice this to the point where it becomes second nature. Open the cylin- 
der valves slowly as described before, and make sure the regulated pressure 
is set correctly. Hold the torch in your operating hand (right, if you are right- 
handed) and the striker in the opposite hand. Both valves on the torch are 
closed. Open the acetylene valve on the torch about a half-turn and operate 
the striker near the torch tip. There should be a flame with some sooty flying 
particles. Quickly add some oxygen and the soot should disappear. Study the 
illustrations of flame type. What you have right now is a carburizing flame, 
which is overly-rich in acetylene. As you add more oxygen, the flame charac- 
teristics will change. While the rich mix gives you a wide, flared-out yellow 
flame, adding oxygen will make the flame narrower and brighter. 

The ideal flame for most gas welding is a neutral flame, which is neither 
carburizing nor oxidizing (too much oxygen). When you have adjusted the 
torch properly, there will be a large flame graduating from blue at the end 
away from the tip down to white near the torch and with an inner cone that 
should be light blue. If you add too much oxygen, the inner cone will be 
smaller, pale in color, and there may be a hissing sound. You'll need to prac- 
tice achieving the neutral flame, and when you start welding, you'll see what 
happens to metals when the flame is incorrect. 

The proper method of shutting off the torch is equally important. Close 
the acetylene valve on the torch first, then the oxygen. If you do it the other 
way around, there could be a small amount of gas left in the tip that could ig- 
nite. If you are through welding for some time, it is good safety practice to 
then close down the gas cylinder valves as well, but if you are going to weld 
again in a short while, just shut off the torch valves only. 


Gas welding 


You'll need a lot of small pieces of clean scrap metal to practice on, of 
varying thicknesses. Even if you only intend to do light sheet-metal welding, 
start by practicing with thicknesses up to 1/4-inch to become familiar with 
different tip sizes and flame adjustment. The cleaner the scrap pieces, the 
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3.24 You don't have to worry about grounding with gas equipment, but 
there is a dangerous flame involved, so your welding projects and 
practice sessions are best done over some firebricks like this, 
which you can get at your welding supply store. 
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3.23 The oxidizing flame has too much 
oxygen, and a feathery blue flame with small 
white inner flame. The carburizing flame is 
acetylene rich, and features a large flame, 
with a large blue inner cone and a longer, 
colored cone around that. For welding, 
adjust for a neutral flame. 
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better your welds will be, and this applies to any type of welding, gas or electric. 
You should sand or grind the areas to be welded to remove any paint, coatings 
or rust. You should not use for testing any metals that are galvanized or coated 
with zinc, or any kind of plating. Not only will welding be dirty and difficult, but 
the coatings may cause harmful gasses when vaporized in the weld. 

Start your first exercise with a piece of steel on a level, non-flammable sur- 
face, not a wooden bench. The ideal work area would be a steel table (not just a 
wooden bench with thin sheet metal nailed onto it) with some firebricks on top. 
The firebricks can be obtained at your welding supply center, and, in addition to 
being non-flammable, they do not suck the heat out of your welding sample like a 
steel table, and there's no chance you're going to weld the sample to the brick. It 
can be very embarrassing when you practice on a steel table and you have vari- 
ous scraps welded - stuck to your table. 

With your torch adjusted properly, pull down your goggles and put the torch 
tip about one inch from the steel and just try to make a long weld puddle of 
molten metal. The torch should be leaning back at a 45-degree angle, with the 
flame pointing in the direction the bead is going. When the steel starts melting 
into a small pool where you started, move the tip along and give it a rhythmic 
motion of an oval shape as you go, trying to follow a straight line, blending the 
newly-heated edge of the puddle with the back edge of the puddle. The process 
will leave a line of rippled ridges. If you are burning holes in the metal, there may 
be too much oxygen, the torch may be too close to the metal, the tip could be 
too large or you are possibly advancing the torch too slowly. If you go too fast, 
have the torch too far away or the tip is too small, your puddle will be very small 
and it won't penetrate the metal very far. The more the torch is pointed straight 
down at the metal (no angle) the deeper the penetration will be, and vice-versa. 
Practice at different angles until you can make a bead like our illustration, with 
even ripples and proper penetration. 

Of course, not all of your welding will be done this way, in fact almost all of 
your real welding will involve adding filler rod, but for now you need to learn torch 
control and rhythm. Many of the projects you encounter will involve welding 
along an irregular line, especially in repair work, where you are welding up a 
crack. To become more familiar with making a bead along 
an irregular line (still without filler rod) draw a zigzag or 
curved line on the steel with soapstone and practice mak- 
ing a good bead. Proper hand control is everything in gas 
welding. Your hand must be comfortable and steady at all 
times. In welding classes, students are often challenged to 
write their first name in script with welding bead on a piece 
of metal, which challenges you in handling changes in bead 
direction. 


When you are successful with these experiments laying 


y down a good bead on the metal, you're ready to try joining 
ie two pieces using a filler rod. This requires not only good 
alt torch control, but control of your other hand as well with the 
+. filler rod. Generally, the filler rod should be the same mater- 
y i ; ial as the base or parent metal for good fusion welding. If 
AV f Aih you weld aluminum, the filler rod must be aluminum, and 
NA HIN steel rods are used on steel. The steel filler rods are coated 
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ý with copper to keep them from rusting and to make cleaner 


3, 25 Heat i in gas welding is controlled by matching tl the gas 
flow and tip size to the thickness of material. Your welding 
travel speed and tip-to-work distance will control the puddle 
size and penetration. With all things right, you should be able 
to heat your first puddle molten in about six seconds, then 
move along to make your bead. At left is a bead run too cold 
(bead stands up), at center is one run too hot and too fast, 
and at right is a better bead with good width and penetration. 
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welds. As a basic rule, select a filler rod that is the same di- 
ameter as the thickness of the metal you are welding. Most 
light metals are welded with 3/32-inch, 1/16-inch or 1/8- 
inch rod, and you will probably never gas-weld with any- 
thing bigger than 1/4-inch rod. To weld thick materials, sev- 
eral passes are required to make a good fusion, and various 
forms of electric welding are usually much faster than a 
torch at making multiple-pass seams. 
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Welding with filler rod 


Let's say that you need to join two pieces of 1/8-inch-thick metal in a straight 
bead from right to left. Position the two pieces such that they are butted together 
where they are to be joined, and that you have something blocking or clamping 
them in place so they won't move as you weld. Start your weld puddle at the 
right end of the seam, and as the puddle develops, use your left hand to insert 
the tip of the filler rod into the center of the hot puddle, then pull it out right away. 
Set up a rhythm of alternately putting in the rod and taking it out as the bead pro- 
gresses to the left. When we describe the puddle, the edge of the puddle closest 
to the direction you are traveling is the front edge, while the part of the puddle 
you just finished is the rear. 

If you have ever done any soldering, you may have a bad habit of heating the 
solder with your torch or soldering iron and letting the molten lead drip onto the 
joint. This is a bad habit and one you shouldn't bring with you in your welding 
practice. The molten puddle should melt the filler rod, not the torch. If the rod 
sticks, then you are not keeping the puddfe molten enough, or you are adding 
filler rod too fast, either of which will result in a low-quality weld. 

This skill of making a good bead, with evenly overlapping ovals and good 
penetration will take considerable practice, but if you learn two-handed gas- 
welding techniques well, any other welding system you pick up later on will be 
considerably easier to learn. Most of the welding you will do will be forehand 
welding, in which you angle the torch so that the flame is aimed somewhat to- 
ward the direction of the desired weld bead. This preheats the metal as you go 
and makes addition of filler rod to the front edge of the puddle easier because it 
is truly hot. Sometimes it seems like keeping the proper torch distance, moving 
at the right speed, circling or ovaling the tip and dipping the rod in at the right 
time is just too much to concentrate on at one time, but you will get the hang of 
it. This isn't "brain surgery" and millions have learned before you. After a good 
long practice session, begin to examine things around you that are of welded 
construction and you'll get an appreciation of the practice it took to lay down 
those beautiful beads that look like they were done by some machine instead of 
human hands. Indeed there are some kinds of welding that are done with largely 
robotic welding machines, but a good weldor can make virtually perfect joints 
that are stronger than the parent metal. 

We mentioned before that cleanliness is critical in making good welds. The 
two edges to be joined need to be sanded or ground clean to bright metal and 
should fit as closely as possible. Small gaps are inevitable  . 
in some kinds of work and can be bridged with filler rod, but | 4 
gaps should be kept to a minimum. On thicker materials, la 
you will find that it is easier to make a clean weld with good 
penetration if the edges of the two pieces are beveled be- 
fore you weld. This can be done with a file or grinder. Thin 
materials have their own idiosyncrasies, mostly to do with 
keeping the two edges in alignment. As you progress with 
your weld bead, more and more heat travels out into the 
parent metal, so that after welding for some distance, the 
metal you now encounter is hotter than the metal you 
started on, so you may have to adjust the torch away 
slightly to compensate for the puddle forming faster. 

Another problem with thin materials is that the parent 
metal tends to distort with the application of heat. Metal ex- 
pands when heated, and two edges that were parallel when 
you started welding probably won't stay that way. Usually, | eo dl 
the edges pull away and you have a gap to bridge that was- 3.26 When practicing basic butt welds, tack the near corner 
nt there when you started. The solution is to tack-weld at first, then tack the top corner with a slight gap between the 
intervals before applying too much heat. A tack-weld is parts. This will close up as the plates grow from welding heat. 
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3. 27 Start your bead about an inch beyond that first tack, 
and proceed toward the end, keeping the torch steady and 
dropping molten beads off the filler rod by dipping into the 
puddle quickly and evenly as you go, building an 
overlapping series of puddles. 


3.28 Before you are done, you will notice some movement or 
warping of the sample plates. If you plan to do automotive 
body work with a torch, you'll have to practice a lot on thin 
metal to get the hang of welding without burning holes or 
warping the work. Gas welding is not suited to the thin, 
high-strength body steels used on today's unibody cars. 


simply a bead only one or two puddles long, done quickly. To join a long seam in 
sheet metal, tack the ends first, then the middle, and then put tacks every few 
inches apart, while alternating the ends you tack (see illustration). When you go 
along later to do the final, full seam welding, the tack puddles can be melted into 
the main seam as you go, and the pieces will stay aligned the whole way. This is 
particularly important when joining long sheet-metal seams like welding a new 
quarter-panel onto a car. In auto bodywork, you need to keep the warpage to a 
minimum. In some cases when doing the final seam after tacking sheet metal, 
you may stop after a few inches are welded and quickly apply a body dolly to the 
backside of the weld area and hammer on the weld area on top with a body ham- 
mer. This "hammer-welding" (alternating welding and hammering) technique 
straightens the seam and the two panels while they are still hot and pliable, and 
the resultant seam when done by a good body man requires much less grinding 
or filling to make it ready for primer and paint. 

The basic joint we have illustrated is a buff joint, where 
two pieces of metal are pushed together and welded along 
the seam where they meet. There are many kinds of joints, 
and it is helpful to try welding a few other types after you 
have practiced enough on butt welds on thick and thin mate- 
rials. Corner welds, where the two edges meet at an angle 
can be either inside or outside corners (see illustrations). 
The outside corner weld is the easier to perform because you 
can see the seam so clearly, and the pieces need not be 
beveled. Just placing them so that the edges form a groove 
or V will do it. On inside corner welds, depending on the an- 
gle involved, the action is harder to observe, being shrouded 
somewhat by the pieces. After you have practiced on these 
more difficult welds, try a lap weld. This is where the two 
pieces lay over each other (overlapping). You run a bead 
where the joint is, and depending upon the strength required 


3.29 As you weld, it is inevitable that sparks and spatter will 
blow back onto your torch tip. If it plugs up, your bead will be 
spotty and your torch may go out entirely. Keep the tips clean 

with a set of fine-wire cleaners that come with your gas set. 
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for the application, you may want to weld the seam on the 
other side as well. In auto bodywork, sometimes panels have 
to be overlapped instead of butt-welded, but in such cases 
the backside seam is seldom welded. 


A T-weld is where you join a piece of metal to another larger piece at right 
angles, forming a letter T in profile. This requires some additional practice to per- 
form well, as part of the weld puddle is being made uphill, and the larger piece 
may take more heat than the smaller part. You have to play the torch back and 
forth over both pieces and get a feel for how much heat each requires. 

Further practice sessions for you may involve trying to weld pieces of tubing 
and angle-iron together, both typical materials for home/shop projects. Try join- 
ing a flat plate to a tube, or making a corner between two pieces of angle-iron. 
Careful measurement and cutting will be required to make gapless corners for a 
good weld. Square or rectangular tubing is often used in projects such as shop 
equipment or a utility trailer, and you should practice making 90-degree corners 
from two pieces cut at 45-degree angles. The inside welds will be the tougher 
ones, and you'll find when you stop practicing and assemble a real-world project 
that you can't always turn the work around to make the seam area flat in front of 
you on your bench. Often you will be forced to weld in a vertical seam, or even 
weld upside down underneath something. The latter is difficult and dangerous, 
requiring the best in full-face eye protection (a helmet instead of goggles) and a 
leather apron over your arms and shoulders to protect you from falling sparks. 
Welding an exhaust system under a car, especially if you don't have access to a 
lift, can be extra challenging. 

When these don't seem like a challenge anymore, you're doing very well, 
and you can try making nice-fitting joints between pieces of round tubing. To fit 
two pieces of round tubing together, such as in a roll-cage for a race car, re- 
quires a measure-twice, cut-once procedure and lots of patience in cutting and 
grinding round tubing to join them with full contact. Another procedure to try with 
round tubing is to make a slip-fit, with one piece of tubing sized to just fit over 
another. In such cases, you can weld around the joint, or, for high-strength appli- 
cations, cut the outside tube in a "fish mouth," as if it were being joined at a 90- 
degree angle to another piece of round tubing. When this piece is welded onto 
the inner tube, the fish mouth makes for a much longer weld seam between the 
two and gives greater strength. 

Other types of welds you may run across in your projects are spot-welds and 
rosette welds. The former is found often in auto sheet metal work, where you join 
two pieces of light-gauge material together without welding the seam entirely. 
The spot-weld is just a round welding spot, rather than a bead, and is made 
when one piece is on top of another and you just melt a puddle that fuses the two 
panels together, then move a distance away and make another spot-weld. Filler 
rod is often not used in such cases, especially where appearance is more impor- 
tant than strength. Most spot welds lie flat enough that little prep is required to 
make them ready for paint. Modern cars are welded with thousands of spot- 
welds, but these are accomplished by special electric welders, usually computer- 
controlled and robotic. 

Where a little more strength than a simple spot-weld is required, a rosette or 
plug-weld can be made. This is where the panel on top has holes drilled or 
punched into it at intervals. You weld up the holes, puddling both upper and 
lower panels together, which joins them securely in that spot. Plug-welds often 
do require some filler rod. 

Sometime in your gas-welding work, the torch will go out and you'll get a 
loud pop at the torch which will really get your attention because you don't ex- 
pect it. When welding in tight quarters, you may tend to get the tip too close to 
the work, which will overheat the tip and cause a tiny explosion as the gasses 
POP inside the tip, which is called a backfire. This will alarm you greatly when it 
happens, but the answer is simply to not get so close. You may have been work- 
ing close to get the pieces hot enough, but if that is the case, you really need a 
larger tip or more flow of oxygen and acetylene from the tank regulators to main- 
tain the right heat level with your torch further away from the confinement of the 
weld corner. Welding too close to the work will also dirty your tips. So if you have 
a backfire, stop work, shut off the gas at the torch and remove the tip for a 
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3.30 These prevent serious accidents from a flashback, 
indicated by a loud squealing noise. Flashbacks are caused 


ual 


thorough cleaning. Your welding set will have come with a 
set of wire tip cleaners. Cool off the tip with a water-soaked 
rag. 
Something akin to a torch backfire but much more dan- 
gerous is a "flashback." This is where combustion actually 
follows the gas trail back into the torch and even the hoses. 
At the least there is danger of damaging the regulators and 
hoses, but if the combustion reaches the tanks, there is a 
possibility of a serious explosion. In a flashback, the torch 
goes out and there is a loud squealing or hissing noise with 
black smoke coming out of the torch. If this happens, shut 
off the oxygen at the torch, then the acetylene at the torch, 
then the cylinder valves. Your welding supply center should 
have available "flashback flame arrestors" that install in 
your two gas lines where the hoses attach to the regulators 
(see illustration). Acting like one-way valves, they are de- 
signed to prevent serious accidents caused by flashbacks, 
and they should be installed on any gas-welding setup, 
where the hoses attach to the regulators. 

When making welds with filler rods, you will run across 
situations where the rod gets short enough for your left 
hand to get too close for comfort to the heat of the welding. 
Before making a bead, practice will have shown you how 
fast the welding rod gets used up and how long a rod you 
will need to complete the seam. Start with a rod long 
enough to do the whole seam. If the seam is longer and will 
take several rods to complete, you will have to stop welding 
and get a new filler rod. It will take some time and practice 
to get the hang of continuing a bead with a new rod where 
you left off before. The trick is to make the whole bead look 
like a continuous weld, without little piles of buildup where 
you stopped and restarted. When a rod gets short, many 
welders simply tack the short piece onto the end of a new 
rod and go right on welding. When you get good at it, the 
bead won't have a chance to cool off too much. In inside- 
corner welding, you may want to take the welding rod and 


by gasses burning inside the hose. For safety reasons, both put a bend into it, such that it puts your hand in a more 
hoses should be equipped with flash arrestors, which are comfortable position, further away from the heat of the ac- 
reverse-flow check valves. Some readjustment of gauge tion (see illustration). 


pressures may be necessary when using check valves. 
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Checking your welds 


Chances are, you won't be making nuclear-vessel welds in your home/shop, 
or other welds so critical that they require X-ray inspection to pass specifications, 
as is often done in commercial welding. However, you do want to learn how to 
make strong joints, and your practice time should include some testing as well. 
Looks are important, but a good-looking bead may not be a proper weld, espe- 
cially if it doesn't have good penetration. Checking for good penetration requires 
looking closely at the backside of the welded joint, which is easy for you to do 
with your practice sample pieces. In real-world situations, it isn't always practical 
to get at the backside of something you have welded (like a joint between two 
rectangular or round tubes), so you should be familiar with the proper heat con- 
trol and penetration before you consider yourself through with your practice 
phase. 

In looking at the back of the weld, see if there is any buildup on the backside. 
A small amount of "dropthrough" is acceptable, but 100% penetration can be 
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FLAME FLUCTUATIONS 


* Remove the moisture from the hose. 
* Adjust the acetylene pressure. 
» Have the tank refilled. 


* Moisture in the gas, condensation in 
the hose. 
insufficient acetylene supply. 


Oxygen or acetylene pressure is incor- e Adjust the pressure. 

rect. * Remove the air from inside the torch. 
EXPLOSIVE SOUND WHILE * Removal of mixed-in gases is incom- + Replace the tip. 
LIGHTING THE TORCH plete. * Clean the orifice in the tip. 


The tip orifice is too large. 
The tip orifice is dirty. 


. Oxygen pressure is too high. 
The flame outlet is clogged. 


e Adjust the oxygen pressure. 


FLAME CUT OFF e Clean the tip. 


The tip is overheated. 
The tip is clogged. 
The gas pressure adjustment is incor- 
rect. 

Metal deposited on the tip. 


+ Cool the flame outlet (while letting a 
little oxygen flow). 

+ Clean the tip. 

e Adjust the gas pressure. 


POPPING NOISES 
DURING OPERATION 


The tip is clogged. 
Oxygen pressure is too high. 

Torch is defective (the tip or valve is 
loose). 

+ There is contact with the tip and the 
deposit metal. 


Clean the tip. 
Adjust the oxygen pressure. 
Repair or replace the torch. 
Clean the orifice. 


OXYGEN FLOW IS REVERSED 
Oxygen is flowing into the 
path of the acetylene. 


The tip is clogged or dirty. 
Oxygen pressure is too low. 

The tip is overheated. 

The tip orifice is enlarged or deformed. 
A spark from the base metal enters 
the torch causing an ignition of gas 
inside the torch. 

* Amount of acetylene flowing through 
the torch is too low. 


e Clean the tip. 

* Adjust the oxygen pressure. 

* Cool the tip with water (letting a little 
oxygen flow). 

* Replace the tip. 

* Immediately shut off both torch valves. 

* Let torch cool down. Then re-light the 
torch. 

+ Readjust the flow rate. 


BACKFIRE 
There is a whistling noise 
and the torch handle grip 
gets hot. Flame is sucked 
into the torch. 
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3.31 After you have gained some welding experience, and a good torch weldor isn't trained in one day, you will learn to read the 
welding conditions based on the flame from the torch. This troubleshooting chart indicates some of the causes and 
cures of torch flame problems. 


achieved without extra material building up on the backside. Good penetration is 
particularly important in welding auto body panels, because the outside of the 
weld bead is probably going to be ground down with a body grinder in prepara- 
tion for filling and painting. Thus the strength of the topside buildup or puddling 
will be gone and the joint's strength will rely totally on the fusion of the two 
pieces below the surface. In your tests of practice welds, it can be helpful to use 
a hacksaw to cut through the center of one of your welded joints to see just what 
the penetration is. You can't always tell by looking at the ends of the joints, be- 
cause of how you may have ended the bead. 

We're assuming that your home/shop has a good, sturdy bench vise. It can 
be useful in testing your welded joints. Your first practice welds may have been 
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straight seams with two pieces butt-welded together. Take your best example 
and put it in your vise with the weld seam close to the jaws (see illustration). 
Clamp a pair of vise-grip pliers on one edge of the upper piece and start hitting 
the upper piece with a hammer, while holding it with the pliers so it can't fly off. 
Hammer the upper piece until it's bent over all the way onto the vise (making a 
90-degree angle in the welded pieces). Remove the sample from the vise and ex- 
amine the weld. If the upper piece broke off during hammering, it obviously was- 
n't a strong enough weld. 

Any of the various joints you may have practiced on can be tested by ham- 
mering. Whatever the joint, just secure the piece and hammer on one of the two 
joined pieces. Hammer from the backside area of the joint and toward the side 
that you welded on. If good penetration wasn't achieved, the backside will be 
weaker than the front and bending the metal this direction will really test the 
backside for good fusion. Even a weld with 100% penetration may not be strong 
enough if there was any "undercutting" on the top side. Undercutting is a groove 
along either or both sides of a bead, caused by applying too much heat or hold- 
ing the torch at the wrong angle. In a stressed situation, the undercut area will be 
the weak point and the joint may fracture right along the undercut area. 


Brazing 


Brazing, or braze-welding, is not a true fusion process 
such as we have been discussing. The parent metal does 
not melt into a puddle. The parent metal is heated and the 
brazing rod melts into the joint securing the two pieces to- 
gether. The brazing rod is made of brass (an alloy of copper 
and zinc) and is used in conjunction with a flux, which may 
come already on the rod, or in a can that you dip the rod 
into to coat it as you go. Brazed joints are as strong as 
welded joints when done properly and with an overlap of 
the pieces, but brazing is particularly helpful where the 
higher heat of fusion welding would harm the parent metal 
or adjacent materials, or where the pieces being joined are 
made of brass or copper. 

The rod material melts at a much lower temperature 
than the parent metal, so the basic principle is to heat the 


repairing castings and antique-car sheet metal. Here a flux- parent metal just above the melting temperature of the filler 
coated rod is being used. Brazing is not a fusion process, rod, so that the parent metal, not the torch, melts the rod. 
So it is used where higher, melting-point heat might Overheating the rod with the torch will boil the zinc out of 


damage the work, or surrounding materials. the rod and cause poor adhesion in the joint. Brazing is 


most often done where there is an overlap of two pieces, or 
in building up a worn or broken area of a casting, that will be re-machined to 
Original shape after brazing. 

A joint to be brazed must be thoroughly cleaned, by grinding, filing, or sand- 
ing. When you have selected the proper rod for the material you are working on 
(copper/zinc for ferrous metals), you begin by heating the joint with your torch, 
using a lot less heat that you would for welding. You should pull the torch tip 
back 2-3 inches, which is much further back than with gas-welding. When the 
metal is dull red, apply the filler rod to the hot spot on the parent metal and see if 
it melts in. Heat next to that soot and apply some more fluxed rod, keeping this 
process going until you have completed your seam. When a long seam is con- 
templated with brazing, preheat the whole area. When the metal is the correct 
temperature, the brazing rod will flow nicely into the joint; if the metal is too cold, 
the braze material will ball up on the surface, and if it is too hot, it will soread out 
over a wide area. White smoke during the process usually indicates the area is 
overheated, and the smoke is the zinc boiling off. Not only does this affect the 
quality of the joint, but the fumes can make you sick if you breathe enough of 
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them. Even if you don't overheat the rod, there are fumes 
given off during brazing. 

Always braze with adequate ventilation, and a good 
respirator mask is also helpful insurance. Brazing is often 
used when joining pieces of galvanized metal because it 
will adhere better than standard gas-welding; however, this 
combination of brazing fumes and fumes from the plating or 
galvanizing should be avoided unless you are outdoors. 

If you are familiar with basic soldering, you know that 
good adhesion is ensured by using flux, a compound that 
prepares the metal for a strong bond, and you may also be 
familiar with the term tinning. Tinning is a process (in solder- 
ing) of applying a thin coating of lead to the fluxed surface 
before the main solder is melted in. The procedure is similar 
in braze-welding, except that, when brazing thin materials, 
the tinning usually takes place as you are brazing, in one 
step rather than two. Brazing larger joints requires that a 


3.33 “Most welders use dip-type powdered flux for 


light coating of brass be flowed onto the surfaces, making it convenience, since the pre-coated rods can flake if they 
easier for the main brazing to stick to. The flux for brazing are exposed to moisture. Plain brazing rod is heated with 
can be a part of the rod itself (pre-fluxed rods) which is con- the torch, then dipped into can of flux and pulled out coated 
venient, or you may have a metal can of flux on your welding with enough flux for an inch or two of brazing travel. 


table. You simply heat the end of your brazing rod and stick 
it into the flux and withdraw it covered with flux (see illustration). Once you have 
Started the brazing process, the rod will always be hot enough to pick up flux as 
you need more. The pre-fluxed rods are convenient, but the coating is somewhat 
fragile and won't take rough handling. These rods must also be kept very dry. 
When brazing thin sheet metal, the purchase area or overlap between the 
two panels is the key to the strength of the joint. When there is 3/4-inch or more 
of overlap for the brazing to adhere to, the joint will actually be stronger than the 
parent metal. Because the brazing rod melts at only about 1000° F instead of the 
steel's melting point of 2700° F, brazing will induce much less warpage in thin 
metal, which is why it has been used for years in many areas of traditional auto- 
body repair. The overlap in the brazed joint also makes the joint area much stiffer 
(two thicknesses of metal there), so a seam such as when installing a body patch 
panel will take less hammer-and-dolly work to prepare for painting (see illustra- 
tion). Brazing will not work on a butt-joint because there isn't enough "captured" 
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3.34 Lap welds are best for brazing, such as when joining 3.35 You should start with very clean metal when brazing, 

overlapping sheet metal panels where the brass has lots of although the flux is designed to surface clean as you go, 

contact area for adhesion. As with fusion welding, tack the leaving some minor slag afterwards. You will have to keep 
ends before running the whole seam. the torch further away from the seam than with welding, 


to keep from overheating the brass. 
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3.36 End view of a brazed lap joint, showing how the brass 3.37 There is some silicon slag after brazing (arrows), which 
flows in between the plates with capillary action, much as can be softened with water after the part cools enough so 
solder does when applied to a hot copper pipe. The base that water will not warp it, then the rest comes clean 
metal must be heated to the point where /t melts with wire-brushing. 


the rod, not the torch. 


area for the capillary action to flow the brass into each piece, although you can 
back up a butt-joint with a strip of similar material, which gives an overlap on 
both pieces and good bonding area for the brazing. 

Although brazing is still a technique used by older body craftsmen in restora- 
tion of antique and collectible cars, it should not be used on new cars that are 
built of low-alloy, high-strength but lightweight steels. In fact, some car manufac- 
turers specify that no torch work at all should be done on their body metal, that 
only MIG welding is acceptable because of the narrow heated area and faster 
welding-bread travel. 

Other metals than steel can be brazed as well, such as stainless-steel, cast- 
ings, brass, bronze and even aluminum when a special aluminum-brazing rod is 
used. If you have special project considerations or a question, ask your local 
welding supply for advice on choosing the best brazing rod 
for the job. One advantage of brazing is that dissimilar met- 
als can be joined, which ordinarily can't be done with fusion 
welding. Also, where two pieces of different thickness are 
being joined, like a thin pipe to a thick flange, brazing is 
preferred. In ordinary gas welding, you have to be very 
good with the torch to play the right amount of heat onto 
the thicker piece while not burning up the thin piece. With 
brazing, neither piece needs to be heated beyond the melt- 
ing point of the brazing rod. 

After braze-welding a seam, you will see that the flux 
remains as a kind of crust on the parent metal. It should be 
removed with a wire brush, and can be softened with water 
first, which makes the wire-brushing work easier. 
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3.38 The versatility of gas welding equipment has always m 
found favor in the exhaust system business. You must be C U tt l n 
careful not to cut or weld near fuel tanks, fuel lines, 
electrical components or brake lines, but the equipment is The other side of the dual-purpose nature of gas equip- 
highly portable, and can cut as well as weld. Long welding ment is the ability to cut as well as join metals. The gas 
rod can be bent to eric exhaust pipes to weld in torch can make short work of cutting through even large or 
tight quarters. 
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thick pieces of steel. For sheet metal work you will proba- 
bly continue to use shears and other hand tools to cut 
light-gauge material, but being faced with cutting through 
a half-inch steel plate with a hacksaw will easily convince 
you of the value of a cutting torch. 

The only oxy-acetylene cutting component different 
from your basic wefding setup is the torch itself. The cut- 
ting torch has one major difference from the welding 
torch: it has an extra oxygen supply, operated by a lever 
instead of a valve (see illustration). Actually, when you 
cut steel with a torch, it isn't the flame that is really doing 
the cutting; it is a strong flow of oxygen that hits a heated 
part and the oxidation of the metal happens so fast the 
affected area disintegrates into flying sparks. The basic 
principle of oxy-acetylene cutting is that the torch tip has 
several small holes surrounding a central larger hole. The 
smaller outside holes are where the basic oxy-acetylene 
flame comes out - actually several small flames. These 
flames are really used to preheat the metal to be cut. The 
weldor adjusts the gas and oxygen flow on the torch for 
the proper flames from the pre-heat holes and plays the 


3.39 Muffler installers also find uses for welding rod to simulate the 
length and required bends for a pipe to be installed. Bent wire is taken 
over to the hydraulic tube bender where shape is duplicated in pipe. 
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3.40 Sometimes, the oxy-acetylene cutting torch 
the fastest, easiest way to remove the old 
exhaust system. 


3.41 The cutting torch is adjusted for a good flame, then 
checked with the extra-oxygen supplied when the cutting 
lever is depressed. The flame should remain close to 
neutral. The excess oxygen is what is used to 
push the molten slag from the kerf as you cut. 


torch on the end of the piece to be cut. When the end is heated to a cherry red 
color, the weldor presses down on the cutting lever, which activates a strong 
flow of pure oxygen through the large central hole in the tip. This is the oxygen 


that really cuts through the metal. 


Because oxy-acetylene cutting involves a huge shower of sparks from the 
underside of the metal you're cutting, you must be prepared before cutting. Clear 
the area around your welding table, have the proper welding attire on (including 
leather welding gloves), and make sure the area under the test piece is clear of 
any obstructions. It's best to support your test piece on some firebrick, leaving 
the area under the cut line open. If there were any restriction to the flow of sparks 
under your test piece, molten shrapnel could blow back into the weldor's face. 
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OUTER FLAME 


Neutral Flame 
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3.42 As in welding, the flame of your 
cutting torch head should be adjusted 
to a neutral flame before cutting. 


— a, 


Cutting Thin Panel 


3.43 The cutting torch should be held more 


Mark your cut line using a sharpened piece of soapstone and a straightedge. 
After marking the cut line, find a piece of tubing or angle-iron that you can clamp 
down onto the workpiece to act as a guide for the torch head (see illustration). 

Before you begin cutting with your oxy-acetylene torch, you should reset the 
regulators. Adjust the acetylene gas to 2-3 psi, and the oxygen to 15-20 psi, 
since a much larger percentage of oxygen will be used in the process. Select a 
gas pressure and tip size that correlates to the thickness of the material you are 
cutting. Your setup's instructions will tell you the recommended sizes for that 
brand of equipment. Light your torch as you have learned to do in gas welding 
practice and watch for a neutral flame from the preheat holes in the tip. Watching 
the flame pattern, try cutting in the extra oxygen flow from the cutting handle. It 
shouldn't affect the quality of the preheat flames. Place the torch flame at 
the edge of the material you want to cut and hold it there a short distance from 
the material (1/16-inch or 1/8-inch away). When the metal is cherry red (about 
1500° F), angle the torch tip back about 10 degrees (with the tip aiming in the di- 
rection of the cut) and cut in the oxygen. You'll find that oxy-acetylene cutting is 
much easier to learn than the welding process was; the main thing to learn here 
is the proper travel speed for the tip size, gas pressure and metal thickness you 
are working with. 

When you cut through metal with the torch, the quality of the cut edges will 
tell you much about the process. At the bottom edges of the cut, slag may col- 
lect, leaving a rough edge that must be cleaned up with a grinder later. Also, re- 
member when you are cutting that the torch takes out material as it goes; the 
part being removed is called the kerf. When you draw soapstone lines to cut out 
shapes, remember to cut outside your lines, or the part will wind up being too 
small. After your have experimented a little with the torch, you'll have an idea of 
how big the kerf will be with certain tips and certain materials. 

If you try to advance the torch too fast, the bottom of the kerf may 
be irregular or not cut through all the way. When you look at the edge of 
the cut metal, you'll see vertical lines in the edge of the cut, in a good 
cut these lines are straight and smooth, in a rough cut the lines are al- 
most like teeth on a saw blade. If you advance the torch too fast, the 
cutting lines will look curved back toward the direction you started the 
cut from, instead of straight up and down (see illustration). If you 
move too slowly with the torch, the top of the kerf will be rounded off, 
and the bottom edge may accumulate too much slag. If you have 
someone else in the shop with you, have them observe your cuiting 
from a safe distance. When you are making good cuts, the shower of 


nearly vertical to the work when cutting heavier AA -i = => 

metals, and angled back when cutting thinner 3.44 Examine the cut edge of plates after you have used your cutting 
material like exhaust pipe or sheet metal. torch. The proper heat and travel speed is when there is the least 
Use scrap steel tubing or angle as a brace amount of slag along the bottom of the cut. This hand-held cut 


to guide the torch for steadier cutting. 
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was moved a little too fast, as evidenced by the angled cut lines. 


sparks should come straight down to the floor. Your 
observer can tell you if the spark flow is going back 
toward the beginning of the cut, which indicates that 
the metal isn't being cut all the way until after the 
torch has moved on, the result is that the uncut area 
at the bottom directs the sparks back toward the be- 
ginning of the cut. Some of the sparks and blobs 
could also get blown back into your face or clothing, 
so learn to develop the right cutting speed for clean 
cuts. 

You will find that the steadier you are with the cut- 
ting torch, the better the cuts will be, and half the 
problem of cutting is finding a comfortable position for 
your hands. Since only one hand is required to oper- 
ate a cutting torch, you can use your other hand 
(gloved) to steady the torch and help advance it cor- 
rectly along your cut line. Keeping the torch tip the 
same right distance from the work is also important, 
so find a piece of angle-iron or tubing in your shop 
sized such that, when you rest your torch neck on it, it 
puts the tip about the right distance away from a 
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3.45 Clamp a piece of metal to your work that spaces the cutting 
torch head just the right distance to make your cut-line. The steadier 


piece of steel the angle or tube is lying on (see illus- your torch is held, the cleaner the cut. Travel at a very steady speed. 


tration). Mark and save this piece as your torch rest 
and it will be invaluable in making straight, clean cuts. 

There are many methods for cutting steel for projects, like saws 
and abrasive discs, but the versatility of the cutting torch is that you 
can cut out a piece of one-inch plate in the shape of an elephant if you 
want to. Irregular shapes cut out just as easily as straight lines, as far 
as the torch part goes, though you will have to develop a rhythm of 
smooth hand movements with the torch to follow your soapstone lines 
accurately. As with any aspect of welding, this will take practice. You 
can also stack several pieces of plate together. Either clamp them to- 
gether or tack-weld the edges, and when you cut (sizing the tip for the 
combined thickness) you can cut out as many as a dozen identical 
pieces. To keep them truly identical if necessary, these parts can later 
be tack-welded, clamped or bolted together for the final sanding or 
grinding of the edges, ensuring that they all match in dimensions. 

Besides making straight cuts, which are easiest, you may find that 
some projects require certain shapes to be cut out more than once. 
Here is where various cutting aids can be used. If you can make the 
torch tip follow a pattern of some kind, you can cut out the same 
shape repeatedly. Perhaps you need four round discs of steel six 
inches in diameter. You can make a steel or wooden pattern that has a 
circle in it bigger than six inches. How much bigger than the six-inch 
measurement depends on the size of the kerf with the tip you are us- 
ing. If you know that you need an extra 3/8-inch to allow for the kerf, 
make a template with a hole 3/8-inch bigger all around. When you use 
this as a cutting guide/rest for the torch, you can cut out as many cir- 
cles as you want and they will all be round and the same size. You 
clamp the template over your workpiece and move the torch around 
your cut, always in contact with you template. The smoother your tem- 
plate and the steadier your hand movement, the nicer the cut will be. 
Watching a pro weldor some time will show you how perfect you can 
get with what seems like a relatively-crude method of making a part. 

In fabrication shops, special equipment is used to make repeated 
cutout shapes where lots of parts are needed. One of the basic ma- 
chines you would see in most street rod or race-car shops is a "flame- 
cutter" (see illustration). This is basically a cutting table on which is 


3.46 A tool you will see in most race car, hot rod 
and fabrication shops is a mechanized cutting 
torch, often called a flamecutter. It uses a motor- 
driven torch to travel around a template and cut 
out exact shapes. Templates can be temporary 
ones cut from heavy cardboard, to steel 
templates for frequent use. 
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3.47 This mechanized cutting setup from Daytona MIG uses a 3.48 The complete Daytona MIG shape-cutting table is shown 
standard cutting torch, laid down and clamped in place. here with the erasable porcelain layout table folded up to take 

up less space when not being used. This table can be used 
with a gas torch or plasma cutter. 


mounted a framework that holds a special torch, with a straight cutting end in- 
stead of a 90-degree end like most hand torches (see illustration). There is a se- 
ries of arms that allow the torch to stay perfectly vertical and yet move to follow 
any shape on the table, and at the top is a small electric motor. There is a place 
at the top to mount a template, usually made of heavy-gauge sheet metal, and a 
magnetized, knurled tip on top of the torch assembly that follows the template 
exactly. The motor drives the knurled tip around the template at a steady speed 
(adjustable for the thickness of the material being cut), while below, the torch tip 
cuts out exactly the shape of the template. Removing the human element 
from the torch movement means that a flamecutter can make smoother, 
more repeatable parts. In most shops with a flamecutter, there is usually a 
large wall behind it on which hang a wide variety of templates for fre- 
quently used shapes, such as suspension brackets (see illustration). In 
some shops, the flamecutting setup has a pantograph arrangement, which 
is a series of arms that make the torch cut out a shape dictated by the 
movement of a stylus around a template on a table next to the flamecutter. 
Some sophisticated machines have an electronic stylus that will follow the 
lines of a blueprint or even the lead of a pencil line drawn on paper. 


3.49 Wherever you find a flamecutter, chances 
are you'll find a wall of metal templates 
nearby, used to easily and precisely duplicate 


commonly used shapes such as suspension -3.50 Most mechanized cutters have a drive head with a magnetized tip for 
mounting brackets. At lower left Isa shape following metal templates, inside or outside a pattern. The cutting 
used to make a head for an engine stand. speed is infinitely variable to suit the material. 
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3.51 The ESAB Porta-Graph can be moved anywhere you 
have a source of electricity, and is useful for cutting 
shapes out of large steel plates that won't fit 
under a stationary cutting machine. 


If you decide to cut out shapes with your oxy-acetylene 
torch, you will probably need to build a cutting table (see il- 
lustration). On a straight cut, the end of the part can be laid 
over the edge of your bench; the work is supported and the 
cutoff piece just falls to the floor. But cutting out shapes 
larger than a few inches means you need a different surface 
to work on, or you'll soon be cutting into your bench! Look 
at the photos of some of the cutting tables pictured and 
you'll see how to construct one. A framework is made that 
holds long strips of 1/4-inch steel straps in an edge-up po- 
sition, spaced an inch or two apart. The framework should 
be placed over some kind of fireproof container, like an old 
drum (sandblasted clean of any flammable residues first). 
This will capture the flying sparks and hot scrap pieces and 
keep the shop neater and safer. Another safety considera- 
tion to watch for is protection of your feet. Make sure when 
you are cutting out a heavy part that it isn't going to fall 
right on your feet. Either have a metal deflector under your 
cutting area, or keep your feet well away from where the 
very hot part is going to fall. 

There will be times when you cannot start a cut at the 
outside edge of your workpiece, and you will have to cut 
from inside a pattern. This requires a little different tech- 
nique to get the cut started. Adjust the torch to a neutral 
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3.52 This flamecutter with swing arms can be mounted over a 
plate, or bolted to a table. 


| 


3.53 Under a mechanized cutter, you need a grate like this to 
support the work while it is being cut. After some usage, the 
1/4-inch by two-inch slats will be fairly cut up, but can be 
pulled out and swapped end for end, top for bottom 
or simple replaced. 


flame with the cutting lever depressed. With the lever off, start heating a spot on 
your workpiece along the cut-line. When the molten puddle starts to appear, pull 
the tip back about a half-inch (because this is a closed spot, there is a chance of 
molten metal and spark being driven back into the tip if it is too close) and slowly 
cut in the cutting lever. When the spot becomes a complete hole, you can pro- 


ceed around the rest of your pattern or line. 
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Some parts cut with a torch need to have a beveled edge if they are going to 
be joined with another part by welding, such as when joining sections of heavy 
pipe. Cutting a beveled edge on a round pipe by hand is challenging, and in the 
pipe-fitting industry they often use a machine that clamps around the pipe. The 
fixture holds a cutting torch, and a motor drives the assembly around the pipe 
smoothly and evenly, and is adjustable for speed and the angle of the bevel. 
There's no place for such equipment anywhere but in the pipe business, but it's 
interesting to see the ways in which the human element of hand control of the 
torch can be eliminated with special equipment. When you do make beveled cuts 
in thicker metals with your torch, you should remember to size the torch tip to the 
measurement across the bevel, which is thicker than the straight thickness of the 


metal. 


3.54 The rosebud tip will be useful for heating metal parts to 
be bent, freeing press-fitted parts, and for preheating 
castings before welding, such as here where a cast-aluminum 
mailbox post is preheated before TIG welding. 


ait r aF j- 

3.55 A great aid to cutting straight lines manually is this 
"compass" guide. It holds the torch tip firmly, but in a swivel 
arrangement that allows it to turn as you move along the line, 

and the torch stays the same distance from the work and 
much steadier. Here it is being demonstrated against another 
great tool, a magnetic steel guide that sticks strongly 
to the work and saves the hassles of setting up a bar 
or tube with some clamps. 
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Heating with 
oxy-acetylene 


You will be surprised how easily a piece of heavy steel 
can be bent into a shape when it is properly heated with a 
torch. Even a thick piece of steel, heated to a cherry red 
color, can be bent like a sheet of soft copper. Your bench 
vise will come in very handy for projects like this. The old- 
time blacksmiths hand-shaped everything they made the 
same way, except that they had to heat the part in a coal or 
wood fire, while you can do the same thing in seconds with 
an oxy-acetylene torch. 

Depending on the thickness of the metal and the area 
to be heated and bent, you can use a welding torch or cut- 
ting torch to heat up the workpiece. It shouldn't take too 
long to get the area cherry red; if it does, use a larger tip on 
the torch. There is another type of tip that can be used 
called a rosebud, that is expressly designed for heating. If 
your oxy-acetylene set was a deluxe model, such a tip may 
have been included, or you can easily get one at your weld- 
ing supply center. 

The rosebud tip has a much larger end that flows a 
huge amount of gas. You will have to crank your tank regu- 
lators up to perhaps 25 psi on oxygen and 10 psi for acety- 
lene to feed this device (never exceed 15 psi on the acety- 
lene regulator). The big, wide flame of the rosebud tip is 
ideal for spreading heat, and lots of it, more evenly around 
a part than with the tighter flame of a welding or cutting 
torch tip, although those can be used to heat small areas, 
especially if you are just freeing frozen, rusted fasteners. 

The most common usage of the rosebud tip is for heat- 
ing components that are press-fitted together. Heat ex- 
pands metal, so logically, if you can heat up the exterior 
part while not heating the interior part, the heated part will 
expand and can be removed (with tongs). This is most 
commonly done in automotive or industrial situations where 
there is a gear pressed on a shaft, or an axle bearing must 
be removed. In some situations, however, you cannot sim- 
ply blast the area with uncontrolled heat, or damage may 
occur to one of the components. You need to apply only as 
much heat as it will take to separate the parts, no more. 
Your welding supply shop should have a variety of paint- 
marking sticks or crayons that are designed to melt or 


change color at specific temperatures. One brand, called 
Thermomelt, is available in 87 different temperature ratings, 
from 100° F to 2200° F, and in a liquid, stick or pellet form. 
You use this product on the part you need to protect, and 
only heat the area until the product melts or changes color, 
then you work on separating the components without 
adding any unnecessary heat. These products are also use- 
ful when tempering or retempering tools that have been re- 
ground, which is a lengthy subject unto itself. 

Deciding which type of welding equipment to buy is al- 
ways a tough decision, but one that is made easiest by 
carefully defining your needs before buying any equipment. 
When you have read all the chapters in this book, you 
should have a good idea what the benefits and drawbacks 
of each system are, and what is best-suited for your work. 
Any weldor will tell you that the versatility of the gas-weld- 
ing/cutting setup becomes valuable when you need it. Even 
when most of your work is done with some sort of electric- 
welding equipment, you'll find so many handy uses for oxy- 
acetylene equipment that if your budget can handle it and 
you have enough work to utilize it, a great idea is to have 
the gas equipment and some form of electric welder, too. 


Gas welding/cutting 


3.56 The same tool can be used, with different attachments, 
to cut a perfect circle of any size from a few inches to two 
feet in diameter. Removing as much of the human element 

of hand control makes for better parts that require 
less grinding to finish. 
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bas Arc welding 


One of the oldest forms of welding, arc or "stick" weld- 
ing offers versatility, strength and the ability to handle big 
projects and thick materials. Also, introductory equipment 
can be purchased inexpensively. There are some rather ex- 
pensive arc-welding machines, but the most common AC- 
current machines will do fine for the home/shop user doing 
standard projects and repairs. 

If you have thoroughly read Chapter 2, you should have 
a good understanding of the various kinds of welding 
equipment and what each type is capable of. If you think 
the arc welder serves your needs, then this chapter will give 
you a basic introduction to the equipment and procedures 
involved. When shopping for a machine, you may see them 
referred to as SMAW welders, which is the technical de- 
scription of the process and stands for Shielded Metal Arc 
Welding. 

Basic-yet-rugged arc machines are available today in 
welding equipment stores, major nationwide stores such as 
Sears and Montgomery Ward (and their mail-order cata- 
logs) and can sometimes be found at a good savings in 
large lumber/home supply centers that carry a lot of power 
tools. Most starter units are sold with a complete setup, in- 
cluding welding gloves, helmet, chipping hammer, sample 
electrodes, and a basic instruction book. Other than the 
consumable welding rods, there will be little else you will 
ever have to buy to continue arc-welding. 


4.1 Arc welding will always be with us, as the best Welding 
method for joining heavy plates for commercial, farm and 
industrial work. The weldor requires considerable protection 
from the spatter and radiation, usually wearing heavy leather 
protective gear. 
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4.2 For home and farm use, the 
Lincoln 225 is the classic AC buzz-box 
welder, having been in production 
relatively unchanged for decades. 
Most home/shop units are AC only, 
and require some rewiring to 
accommodate the required 
220V input. 


1 WELDING 4 
MACHINE 
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ELEC TRODE 
LEAD 


WORK LEAD 


4.4 The layout of the arc-welding setup is simplicity itself. 
The rod (also called a stick, stinger or electrode) is both 
the source of the arc and the shielding gas, produced 
as the rod melts its flux coating. 
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4.3 Another popular AC 220V welding machine for non-industrial use is this 
Miller Thunderbolt 225. The crank handle on top changes the output 
amperage, which is read on a scale at the top left of the front panel. 


You can find arc machines priced from less than $200 to professional units 
costing several thousands, depending on the features, but most home/shop pro- 
jects and farm repairs can be performed with machines at the lower-priced end 
of the spectrum. There are really no moving parts involved in the machinery, and 
most of the name-brand equipment is rugged enough to last for many years of 
service. The larger machines offer certain advantages for application in profes- 
sional shop use only, such as higher amperage, AC/DC switching and higher 
duty-cycles. 

The principle of arc-welding is to attach a ground cable to the workpiece, set 
the machine for the correct amperage based on the thickness of the material, fit a 
consumable electrode (welding rod) in the electrode holder, and with your helmet 
down strike the rod against the work to start a flow of current, the arc, that pro- 
duces intense heat and light and welds your seam together. Welding thicker ma- 
terials requires more heat in the form of higher amperage from the machine. The 

basic arc machines of interest to you generally have an amper- 
age range of 40-225 amps. The arc process is best suited for 
thicker materials, but you will probably never use your machine 

2 COVERED at the higher settings. Even when welding on materials one- 
pd inch thick (which you will most likely never encounter in your 
home shop), or when repairing large castings, the seam isn't 
completed all in one big bead, it requires several passes on 
overlapping beads to totally join the parts. 

At the same time, you will probably never use your AC 
welder at the lowest settings. For materials thinner than 1/8- 
inch, there are other welding processes more suitable, such as 
gas, heli-arc or MIG-welding. Most of the basic welding per- 
formed with AC arc-welding machines is done at 90-125 amps, 
on materials from 1/8-inch to 3/8-inch and sometimes 1/2- 
inch. 


Comparing duty 
cycles 


What you will look for in an arc machine, 
therefore, is not the highest amperage it offers, but 
the duty-cycle at the 90-125-amp ranges you will 
use most often. We discussed the duty-cycle in 
chapter 2, but it bears repeating in brief. All elec- 
tric welding machines have a duty-cycle rating, 
which refers to how long they can weld at a spe- 
cific output without overheating. The duty cycle is 
described as a percentage. If a machine has a 
100% duty cycle, it means that it can be operated 
virtually all day, except to stop when you change 
electrodes. The percentage is actually based on a 
ten-minute period as a test, meaning that if the 
duty-cycle was 50%, the machine could be used | 
for five minutes out of ten. You could weld non- z 
stop for five minutes and then "rest" the machine 
for five before starting again. 

The duty-cycle rating confuses most first-time 
buyers, because different companies may take 
their published ratings from different amperage 
settings. The higher the amperage you weld at (for thicker material), 
the less the duty cycle will be. Obviously, the machine will overheat 
quicker at the higher amperages. On every machine's range of am- 
perages, there is probably a point where the duty cycle is 100%. A 
specific machine may have a 50% duty cycle at its highest setting, 
yet have a 100% rating at the mid-range settings you will use most. 
It's important when shopping for a welder to find out what the ratings 
are for the high range and the mid-range. In the larger professional 
machines designed for welding shops and production-line work, the 
duty cycle must be close to 100% for any situation, and thus these 
machines have to be built with much more expensive components 
and reserve capacity. 

Some of the duty-cycle rating comparisons may be academic for 
the average home/shop user. If the only long seams you weld are on 
thin materials at lower heat settings, most machines will be fine for 
your purposes, and there is no reason to spend many times more for 
the machine to get a higher duty rating. In a typical home/farm pro- 
ject, say where you are welding together steel tubing to make a utility 
trailer, the setup of the work takes half or more of your time anyway. 
Each welded joint between pieces of tubing may only take one or two 
minutes of actual welding, and then it may take you four minutes or 
more longer to set up clamps on the next joint or flip the work over 
before you're ready to make another weld. The point is that, in this 
example, a welding machine with a 40% duty-cycle at the amperage 
you were using would be perfectly adequate for the job. You wouldn't 
find yourself being slowed down on the job because you had to weld 
and then wait for the machine to "catch up." However, there is some- 
thing to be said for having some duty-cycle "cushion," and if you 
were considering two machines in the same price range and featured 
similarly, you would take the one with a higher duty-cycle at the heat 
you would most often use it. Generally, the machine with the higher 
duty-cycle at a mid-point amperage will also have higher ratings at 
other settings. 


4.5 Virtually any building over single-family-home size requires 
structural steel in its construction, and that requires arc welding. Here 
a large beam is being prepared for earthquake retrofit 


4.6 In industrial use, the arc welding is generally all 
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DC, and you will see these venerable Lincoln 
welders performing their duties day in and day out 
for years. Most industrial machines have a 100% 
duty-cycle for production work. This one is housed 
outside in a steelyard, enclosed in a 
weatherproof box. 
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| AC, DC or both? 


| Most of the basic machines in stick welding 


are AC-powered. For those readers who may 
have taken electricity for granted since high- 
school physics classes, AC refers to alternating 
current, which is what we have in our houses, 
businesses, and power lines. The DC designation 
refers to direct current, tor which the most com- 
mon daily usage is in the 12-volt systems in our 
cars. When electricity was first being used in the 
1890s, Thomas Edison, for all his genius in other 
scientific regards, was insistent on DC current 
being the standard for home lighting and any 
other usage. Unfortunately, DC current isn't prac- 
tical to send any long distance through wires, and 
with DC every neighborhood would have to have 
their own power plant. The brilliant Nikola Tesla 
(the true inventor of the radio and many other 
breakthroughs) developed the alternating-current 
system and licensed it to Westinghouse, which 
became a giant corporation when AC was ac- 
cepted as the world standard (AC could be sent 
hundreds of miles along power lines). 


How AC "alternates" is by traveling in a wave, 


4.7 In larger welding shops, a more sophisticated power source is used, alternating in polarity up and down in a repeating 
such as this 300-amp Miller DC machine, which has a few more "bells cycle. Most electricity in the US alternates at a 
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and whistles" than the home-type units. 


rate of 60 cycles-per-second. What all of this 
means to arc-welding is that the less-expensive 
arc-welding machines are AC-only. The AC 
welder is very good at producing less welding spatter, at welding heavy plates 
with large electrodes, requires less electricity to run and usually has less mainte- 
nance expense than bigger machines. They take the standard line current, which 
is high voltage but low in amperage and reduce it through a transformer to a low- 
voltage/high amperage current for welding. The only drawback to AC arc-weld- 
ing is that the constant switching of polarity can make for tiny inconsistencies in 
the weld bead, imperfections you and | would never notice, but something that 
could be critical in an oil field pipe line, high-rise-building framework or a nuclear 
reactor. For this reason, most professional arc welders are DC, which produces a 
much smoother weld, a more stable arc and there is a wider selection of special 
electrodes (rods) for the DC-type professional arc welder. The AC-only machines 
are generally used strictly for joining ferrous metals, but the DC machines can 
also be used for stainless-steel and for hard-surfacing industrial parts. In addition 
to the two current-specific types of arc welders, there are also combination 
AC/DC machines, which usually have a rectifier added to a basic AC machine. 
Another factor separating the larger professional machines in terms of flexi- 
bility is the choice of polarity, and the option of a TIG torch setup. In the DC 
mode of operation, the operator of some machines can choose between nega- 
tive or positive polarity, depending on the type of metal he is welding and the rod 
he is using. Most DC welding is done with reverse polarity, meaning that the rod 
is positive, and the work clamp is negative. This method keeps the rod very hot 
and makes for smooth welds and improved out-of-position work (anything other 
than flat on your welding table). This is not of concern in using AC machines be- 
cause the nature of the current is switching polarity 60 times a second anyway. 
Many of the professional machines are versatile power supplies that can perform 
arc welding, MIG-welding (with the addition of a motorized wire-feeding attach- 
ment), or TIG-welding with an optional torch and foot control (see illustrations). 


This is the kind of equipment you will find in pro- 
fessional welding/fabricating shops, but most 
shops today don't perform much arc welding, us- 
ing their power supplies mostly for TIG welding, 
and using a separate machine for most wire-feed 
requirements. The arc-welding arena in profes- 
sional welding is usually in industrial jobs or con- 
struction, pipelines, etc. 

Not to confuse you any further about electric- 
ity, but the larger professional machines are often 
available for several types of input. The most ba- 
sic machines, home or shop, require 220V, and 
industrial units may be set up for 440V or more, 
and there are different phases as well. The type of 
current we have in most homes is called single- 
phase. The larger professional arc welders are 
made in three-phase configuration, which simply 
means that there are three identical inputs 
spaced 120 electrical degrees apart. The waves 
in these inputs overlap, so that voltage never falls 
completely to zero, making for smoother welds. 
Many industrial shops have big motors on lathes, 
mills and other machinery that run on three-phase 
power, which is smoother and cheaper to operate 
on large equipment. We will not find three-phase 
power at home, and some expensive equipment 
is required to set up a building for industrial three- 
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phase power. 4.8 Many shops utilize a “power source" machine which not only 
powers arc welding work, but can be set up to take a TIG torch, and 
some can use an optional wire-drive to perform MIG welding. 


Rewiring for an 
arc welder 


Except for a few small, household-current machines 
capable of 100 amps or less, even the most basic AC arc 
welders require 220V input. Depending on the present 
wiring of your house, this may require an additional ex- 
pense in rewiring to accommodate the welder, a factor to 
take into consideration when choosing the right system for 
you. Some homes already have a 220V outlet for hooking 
up an electric clothes dryer or stove (the most common 
household appliances to run on this voltage), but this outlet 
may not be where you need to weld. lf your washer/dryer 
setup is in the garage, you're ahead of the game, and 
rewiring may not be necessary. Likewise, if you plan to do 
most of your welding in the kitchen, then your case is sim- 
plified. 

If you have to run a new circuit in your house to put 
220V where you need it for the arc welder, put it on it's own 
separate circuit with a 30-amp circuit-breaker. The kind of 
current you may be drawing when welding thick material 


4.9 Contractors often use an engine-driven arc welder 
mounted on a truck bed or a small trailer. Besides powering 
the welder, the gas engine also has a large generator to run 

power tools in a remote work site. 


may blow a standard 15 or 20-amp household breaker. Call a few electricians 
before you buy an arc welder. Tell them what size electrical box you have (how 
many amps), how many open spaces there are for new circuits, and how far a 
new 220V circuit would have to be run to get an outlet in your proposed welding 
area. They should be able to give you a rough estimate of the rewiring costs. It 
may cost as much or more than the welder itself, and may ultimately influence 
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what kind of welding machine you finally purchase. 

Even if you do have an existing 220V outlet you can 
use, you'll be rudely surprised when you find the welder 
can't be plugged in, at least not directly. The arrangement 
of prongs on the welder's power cable is slightly different 
than the layout of the typical 220V home appliance plug. 
You can make or purchase an adapter, or have the electri- 
cian install an outlet box in your welding area that matches 
the kind of plug on your arc welder (see illustration). Be- 
fore plugging a new stick welder into a household 220V 
outlet with an adapter, you should have the system 
checked to be sure the wire gauge and circuit-breaker are 
up to the task of handling a welding machine. 


4.10 Even if you do have a 220V circuit in your shop for a Mea] idi he fi í el 
clothes dryer, you'll find the outlet prongs are different on a DNN Ae Pte eMe O MAG: 
220V welder's plug. You either have to rewire your outlet box tricity to create heat. The power flows from the torch or 
to accept a welding plug, put a household 220V plug on the electrode to the work, which is grounded to the source at 

welder's power cable, or use an adapter. the machine. In arc welding, the consumable electrode or 


rod makes the connection that creates the arc to the piece 
being welded. The welding rod is a metal rod coated with a hard flux material. As 
the arc is created when the tip of the metal comes to the workpiece, the heat 
generated at the bead is 6000* F or more, which melts both the parent metal and 
the filler rod, while simultaneously vaporizing the flux coating to create a gas 
shield around the bead, protecting the solidifying weld from contamination by 
gasses in the air (see illustrations). The flux actually re-solidifies on top of the 
bead as a hard coating of flux and slag, and when you look at a completed bead, 
you'll see a dome of ceramic-like material over the weld. At this point, the weld 
doesn't look very impressive, but when you remove the slag with a chipping 
hammer, a beautiful, clean bead is revealed (see illustrations). Depending on 
the type of rod and amperage used, there may also be some spatter (tiny beads 
of metal) stuck alongside the bead. Most of these beads will come off with stiff 
application of a wire brush, and more stubborn ones can be removed with the 
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4.11 Arc-welding electrodes or rods are a metal wire, 4.12 This is what you will see through your helmet and 
covered with a flux coating. The metal wire must make initial welding lens. The arc is intensely bright, but the lens cuts this 
contact with the work to initiate the arc, then it is pulled back down to just a bright glow around the arc itself, here you can 
to a proper rod-to-work distance, the vaporizing flux makes a just about see where the shielding gas cloud forms 
shielding gas, but also deposits a layer of slag over the weld around the arc. 


as it forms, to further protect the weld from contamination. 
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4.13 The slag formed over the weld bead must be removed 4.14 At right on this bead, you can see the dark gray slag 
with a chipping hammer like this, and most spatter and slag coating covering the weld. The portion at the left has been 
residue can be cleaned up with a wire brush after chipping. chipped off to reveal a bright, shiny weld. 


chipping hammer or a chisel. 

Making your first passes with the AC stick welder will be relatively easy, al- 
though really good passes will require considerable practice. The instruction 
book that comes with your welder will specify the right rods to use for various 
materials, and the amperage to set for different thicknesses of ferrous metal. The 
rest of the technique is finding the most comfortable position for your electrode- 
holder hand, and maintaining the proper arc distance and travel speed to make 
good joints. 


Safety considerations 


With every method of welding, safety is of paramount consideration, but 
each type has precautions that apply to that type of equipment in particular. In all 
forms of electric welding, including arc welding, high-amperage electrical current 
is the primary hazard. All of your cables, plugs and leads should be inspected 
regularly for any signs of defects. Even dirt or paint overspray on connections 
can cause arcing and poor welds. Water, of course, is a good conductor of elec- 
tricity, and therefore should be avoided in the work area. Your clothing, equip- 
ment and especially the floor must be kept dry to avoid the possibility of electri- 
cal shock. Rubber-soled shoes are recommended, but athletic shoes 
(non-leather) are not. Most experts will tell you not to wear metal jewelry such as 
watchbands, rings, bracelets, necklaces or belt buckles when welding. If electric- 
welder power comes into contact with metal articles you are wearing, they can 
become instantly hot to the point of melting, or can cause electric shock. 

Of the electric welding methods, arc welding requires the most protection of 
your face and body during welding. The intensity of the arc produces strong UV 
and infrared radiation. Any skin exposed during the welding process can become 
burned, in severity ranging from mild sunburn to serious burns, with the symp- 
toms not appearing until eight hours after the exposure. Leave the top button un- 
buttoned on your shift and you'll have a nasty V-shaped burn on your neck after 
only a short while arc-welding. Likewise, wear fire-resistant, long-sleeved shirts, 
and keep your sleeves rolled down at all times. Keep these shirts just for welding, 
and tear off the pockets if they have any, or keep them empty and buttoned. An 
experienced weldor friend of ours was recently burned painfully when welding 
overhead with just a shop shirt on — a hot bead of spatter went right into his shirt 
pocket and burned into his chest. Without the pockets, there's a chance the 
bead will roll off onto the floor rather than stay in one spot on your shirt. For this 
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dangerous. Do not allow any bystanders to 
observe the arc while you are welding. Also, 


4.15 The arc spatter and radiation are 


notice how much smoke is around the 
weldor's helmet here. The fumes are 


same reason, your pants should be kept uncuffed, and never tucked into 
your boots. 

If you are going to be doing arc-welding often, we'd recommend you 
invest in some leather safety clothing, like jackets, vests or pull-on sleeves 
that go over your regular shirt. Arc-welding is prone to more spattering 
than other types of welding, and these leather weldor's clothes are highly 
resistant to arc spatter. 

Probably your most sensitive and fragile body parts exposed to weld- 
ing dangers are your eyes. Even the tiniest bit of spatter in an unprotected 
eye can have truly long-lasting negative effects. Always wear a full-cover- 
age safety helmet when welding, preferably with a leather flap at the bot- 
tom-front that protects your neck area. Especially when welding over- 
head, like underneath a vehicle, wear a cloth cap backwards ( bill to back) 
to cover your hair and the back of your neck. Your helmet should be 
equipped with the proper safety lens for the type of welding you are doing, 
or your eyes could receive overexposure of UV and infrared rays in a very 
short time. Never observe anyone else doing arc-welding unless you are 
wearing proper eye protection, and make sure that when you are welding 
that there is no one observing you who could be hurt by watching, partic- 
ularly children. Watching too much arc will not show immediate effects, 
but later the affected eyes will be sore, and with a sensation almost like 
having lots of sand in your eyes. If you do not yet have your own welder, 
but want to watch someone else work, get your own helmet to observe 
through. If you do have a welder, you may want to keep a spare helmet 
around in case someone wants to observe your welding prowess. 

Your eyes can be permanently damaged by overexposure to arc rays, 
but they must also be protected when working around most shop equip- 
ment, such as grinders, mills, drills and sanders, all equipment that may be 


dangerous and you should have an electric fan involved in your welding project. Keep several pair of good safety glasses 
of some kind to blow it away from you when around your shop, the kind that have protection all the way around the 
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you are welding in a corner like this. 


sides. After arc-welding, you will also want to wear these safety glasses 

when chipping slag from your welds. The little fragments that break off are 
like glass. Always keep a very complete first-aid kit accessible in your work area 
in case of accidents. 

A particular hazard with arc welding is the presence of fumes. When the 
electrode is consumed, the flux is vaporized, creating the shielding gasses that 
protect the weld from contamination during formation. Depending on the metal 
being welded, other gasses may be released as the metal is melted. Most weld- 
ing gasses are colorless, odorless, tasteless and inert, but this is not to imply that 
they are harmless. Any of the common welding gasses can displace oxygen, and 
when you are breathing in air that contains less than 18% oxygen, you may ex- 
perience dizziness, or even lose consciousness. For this reason, arc welding, or 
any welding process, should be performed only where there is adequate ventila- 
tion. In the case of arc welding, there is less chance of the shielding gasses being 
blown away and causing a bad weld, so if you find yourself welding in one spot 
too long, or in a confined area, you can use a household fan somewhere in your 
work area to maintain air circulation. 


Beginning arc welding 

If you have already read the previous chapter on gas welding, what you will 
have learned in practicing that mode will help you greatly in learning all other 
forms of welding, including arc. Stick (arc) welding is easier in some ways than 
gas-torch welding, and more difficult in others. Practice and more practice will 
put you on the road to good welding in any mode. 

What you will find different at first about arc welding is that you only need 
one hand. The electrode holder and its electrode or rod is it, other than the 


ground clamp, which should be clamped to your workpiece or your steel welding 
table. The rod is both the source of filler metal and the shielding gasses, which 
are generated when the flux covering is vaporized. Have some scrap steel handy 
and some 1/8-inch rods. There are a great many specialized rods, but one of the 
most common is an E-6011, which is one of the easier rods to start and maintain 
an arc with. Although the arc process only involves the one hand-held tool, you 
may find that the 14-inch-long rods put your hand a much further distance from 
the weld area than the other welding processes. One end of the rod is bare of any 
flux coating for about an inch, this is the end you put in the electrode holder. 

It's a good idea to practice the arc "setup" without turning on the welding 
machine. Just situate yourself comfortably in relation to the work, and practice 
holding the electrode 1/4-inch away from your work joint or seam area, following 
the proposed seam while slightly weaving the electrode tip side to side as you 
travel along. This will give a feel for what is required in terms of coordination. 

Now if you're ready, set the machine for the right amperage for the thickness 
of your scrap steel, say 1/4-inch steel plates, or perhaps slightly hotter than the 
instructions recommend to make it easier to learn the starting procedure. One 
drawback of the arc-welding process is getting the arc started. You can't just flip 
down your helmet or lens and stab the rod against the work. 

The starting procedure has been described as similar to striking a match, in 
which you draw the rod tip across the area you plan to start the bead. At some 
point in your "scratch" the rod will momentarily contact the work and the arc will 
start, but the rod must continue moving. Arc welding is essentially a process of 
creating a short-circuit across the rod and the work, and it can only be started by 
a momentary contact of the two. Once started, this short-circuit heats the air 
around the weld and ionizes it to the point where the air conducts electricity and 
continues the arc without actual metal-to-metal contact. As soon as the arc 
starts, the rod tip must be pulled back to the suggested tip-to-work distance. All 
of this sounds tedious and difficult, but you will pick the technique up in the first 
half-hour of practice. 

If you touch the rod to the surface for more than a split second, it may stick 
firmly, in which case the rod can get red-hot for its whole length in a very short 
span of time. As soon as you feel the rod stick to the surface, squeeze the clamp 
on your electrode holder to release the rod, which is the only way to stop the rod 
from melting. The hot rod will stay stuck to your work. You can take it off with 
some pliers, but when it is really hot, don't try snapping it off with your gloves, it 
may burn right through the leather. Let that rod cool off and start another rod un- 
til your have mastered the arc-starting process. When you are more experienced, 
you'll react quickly enough to a stuck rod that you can simply break the connec- 
tion immediately by twisting the electrode holder and rod side to side. 

Another method of arc starting favored by some weldors is a "tapping" style, 
in which you quickly tap the electrode tip to the work to start the arc, not in a 
"pressing" action, but in a short in-and-out jerk that makes contact at the bottom 
of the tip's travel toward the work. 

Once you understand the starting process, the tip to work distance is next. 
When the arc starts, you must pull the rod back for a second to make a relatively- 
long arc (about twice the thickness of the electrode you are using) as a way of in- 
ducing some preheat into the metal, then immediately drop the rod closer, to 
about one rod-thickness away from the work. Keep the rod moving along the 
seam, and move the rod side-to-side slightly as you travel. Some weldors use a 
movement like a series of tiny, overlapping ovals, others a zigzag or even a 
"weaving" pattern. Stay in one place too long or with the rod tip too close to the 
work, and you'll melt a hole in your work; also, if you pull the rod back too far, 
you can lose the arc process and have to restart. On small seams in thin materi- 
als, you won't need to weave the rod much. When joining thick materials, the 
joint is usually Vee'd or beveled, and a straight pass is made along the bottom of 
the joint, followed by one or more passes where the oscillation or weaving of the 
tip spreads the bead circles out larger in the wider gap at the top of the bevel. 
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The rod should be more or less vertical when the arc is 


| l | ao struck initially, where it can really preheat the metal, but 
| how ~ should be angled forward (in the direction of travel) 20-30 
; degrees as you make your pass, i.e. you hold the electrode 


holder somewhat ahead of the puddle, with the rod 20-30 
degrees from vertical (see illustration). Try making some 
straight passes along a flat, horizontal plate, until you get 
the hang of running a bead. Run a straight bead with the 
puddles being about twice the diameter of the rod you are 
using. While you are welding, it is important to remember 
not to watch the arc, but rather focus on the puddle you are 
leaving behind it. The shape, size and crown of the puddle 
are the keys to determine how you are doing. 
| eae f When you have the travel speed, amperage and rod-to- 
—— work distance correct, you'll find out why they used to call 
| gi a >. an AC arc welder a "buzz box," because you'll get a very 
4.16 The electrode is usually held more or less perpendicular satisfying sound, which is a steady, crisp noise something 
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to the welding surface to start the arc, then laid back to like bacon frying. This sound your welder makes, and the 
continue the bead. Some weldors prefer a forehand way the bead looks will tell you much about your progress. 
technique, others a backhand direction, such as here. If you have the arc gap too large, you'll have uneven pud- 


dling, a bead that is too wide, and the sound will be uneven. 
Such a weld will have more than normal spatter. On the other hand, if you have 
the rod tip too close, it may stick to the work, the bead will be high but not very 
wide and the sound will be softer. 

One of the hard parts to learn here compared to gas welding is that the part 
you are holding, the electrode holder, must continually be brought closer to the 
work as the rod gets shorter, while in gas welding the torch stays the same dis- 
tance from the welding. The hand-eye coordination you must learn involves 
keeping the tip the right distance from the work, the rod at the right angle, the 
correct speed of travel, and compensating for the shortening of the rod. Speak- 
ing of electrode length, when the rod gets fairly short, it's best to stop and then 
re-start with a new rod. When the electrodes are too short, a lot of extra heat 
travels to the electrode holder and your gloved hand. 

The speed you travel is almost as important as the rod-to-work distance. If 
you travel too fast, the resulting bead will be too narrow, and you may not get 
100% penetration. If you proceed too slowly, you'll wind up with a large bead, 


4.17 Arc-welding electrode holders are usually a clamp-like 4.18 To achieve a different rod angle with a short-stub 


affair, with notches to allow the rod to be clamped at several electrode-holder, just bend the rod near the holder to the 
different angles. Many arc weldors prefer this style, called a desired angle. In some situation, where you have to reach 
short-stub, in which the rod is inserted and the handle is down inside something to weld, the rod can be bent 
twisted to lock the rod in place. straight out. 
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and you may induce excessive heat into the 
workpiece. After you have practiced speed 
and arc-to-work distance, practice stopping 
and starting a bead. In real-world welding, 
you will encounter seams that take several 
sticks to complete, but you want the com- 
pleted weld to look continuous even if it INADEQUATE WELD 
wasn't. To stop a bead, when you have to STRENGTH 


INCORRECT 
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PA 


GRINDING IS DIFFICULT 
AND TIME CONSUMING 


change electrodes for instance, just pull the 4.19 Too much amperage and the bead will sink too far into the work and 
rod back up quickly to break the arc. Any leave cratering or undercutting on the top. If your welding speed is too slow, 


time you stop arc welding, you must chip the bead can build up unnecessarily on top. 


the slag away from the place you last 

stopped, before continuing with a new rod. When you pick-up 
again with the new rod, start about 1/2-inch ahead of where 
the last puddle was and re-strike your arc and proceed. The 
arc will melt the original "last puddle" and continue the bead 
without any apparent interruption. This will take some practice. 
If you have seen professionally-welded seams, they look like 
they were applied by a continuously-operating machine, so in- 
tegrated are the stops and starts, and that's what you are 
shooting for. 


Types of joints 


After you are experienced at making straight beads on 
plates lying flat in front of you, begin to practice on joints be- 
tween two pieces. The simplest to learn on are butt joints. If 
the material is 1/4-inch or thicker, you should bevel the edges 
of both parts before welding. As with any parts to be welded, 


4.20 In these three practice arc-welding beads, the left- 
hand bead was too "cold", meaning not enough 
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either ferrous or nonferrous, cleanliness of the work is very im- amperage. The center weld is OK, and the right has too 
portant to making a sound weld, so grind the pieces to be much amperage, with increased spatter and too wide a 


joined not just on the bevel, but at least 1/2-inch on either side 
of the joint, so that impurities don't contaminate the weld. 

Most seams are started by tacking the parts together at either end and 
perhaps several places along the way, depending on how long the seam is. 
Because of the growth of the parts from the heat of welding, you may need 
to "build-in" a gap between them during the tacking phase. Some weldors 
place a small piece of bare copper wire between the two parts, tack one 
end, and then move the wire "spacer" to where the next tack will be, contin- 
uing so that the two parts are tacked slightly apart from each other with an 
even gap. As you weld up the seam, the parts will "grow" together. When- 
ever we mention tack-welding in conjunction with arc welding, remember 
that the slag must be chipped and wire-brushed away from the tacks before 
you "connect the dots" with continuous welds. 

Depending on the thickness of the material you are working on, you may 
make a two-pass weld, one on the top and one on the bottom. This would 
only be feasible on plates, not on pipe or tubing, but makes for a very strong 
joint, and the opposing forces of distortion may keep the parts flatter than if 
you made only one large pass on one side. Looking at an end view of the 
plates, the first pass should go into the joint a little more than halfway, then 
the second weld on the other side should bite into that first bead for a com- 
pletely-welded joint. Usually, such joints do not require as high an amperage 
setting on the welder as for making a single-pass weld. 

One of the common uses of arc-welding equipment is in farming and 
ranching, where the equipment being repaired is usually too large to bring 
into the shop. That means that most welding that requires a bottle of shield- 
ing gas may be too susceptible to wind to be effective, and the arc-welding 


bead for the thickness of the material. 


4.21 Welding large plates, such as here 
where new metal is being added to a John 
Deere dirt scoop, requires either multi-pass 

welding, or using a large rod at high 

amperages. This seam was done with a 

single pass with 1/4-inch electrodes. 
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4.22 Here half-inch plate on the sides was welded with one 


4.23 An outside corner weld on 5/16-inch plates is made with 


pass, but a gap was left where the one-inch, beveled lower one pass with a wide weaving pattern, spread equal 
plates join. The bigger plate will be welded with several heat on both parts. 
passes and strength is improved if the joint starts all 
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the way at the ends. 


process is advantageous here. Also, most farm equipment is rather heavy, with 
large components, and arc welding's ability to fill large breaks, weld castings, 
and deposit large quantities of filler metal if needed makes arc a good choice. 
The visual beauty of the welds is seldom a factor in agricultural repairs: it's get- 
ting the equipment back into service that counts. Building up of worn agricultural 
parts is a common task in which the weldor makes repeated beads right next to 
each other to literally build a new and higher surface on the part. The work is te- 
dious, but necessary. 

Generally, you make the first pass in normal welding mode, then make suc- 
ceeding passes with the electrode held at a slight side angle to the work. Re- 
member than when arc welding, the hot filler metal is virtually sprayed off the end 
of the rod like a spray gun, and where you aim the rod is where the metal will be 
deposited. The slight side angle allows the succeeding passes to bite slightly into 
the previous bead. Alternate the direction of the beads and overlap them about 
one-third of the bead width. There are even special rods made that deposit a 
hard-facing on metal. These can be used to renew or create a hard cutting edge 
on a part, which can be later ground or filed to an edge that will stay sharper 
longer than the parent metal. When making any kind of 'buildup" welds, each 
bead must be chipped clean before you begin the next pass, or slag and impuri- 
ties could be trapped by the next bead. Also, when you are building up a part, 
rather than fusing a seam as in regular welding, you can run the bead much wider 
than we have suggested so far. The idea here is not to fuse two parts but to de- 
posit as much metal as possible onto the surface. In these cases, you can 
"weave" the rod tip back and forth in a zigzag or other pattern to make a wider 
bead. 

You will find that "out-of-position" welds, welds that are not made with the 
parts lying flat in front of you on the welding table, are the toughest to learn. Cor- 
ner joints, vertical seams and overhead seams offer increasing levels of chal- 
lenge. Corner joints are commonly found when joining two plates where one 
plate is perpendicular to the other, like a T. The electrode should be at a 45° an- 
gle between the two parts, so that equal heat and filler metal is directed onto 
both pieces. In some cases, you may find you have to place the arc such that it 
puts more heat on the bottom plate (which is dissipating more heat from the joint) 
while aiming the electrode "spray" more at the upper plate to avoid "undercut- 
ting", which is when you see a slight crevice along one or both edges of a welded 
joint after you chip the slag away. 
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4.24 This sample weld shows how large plates are joined by multiple passes with large rods. Compare this front view (right) 
where the weld passes began, to the cutaway photo (left) which illustrates how integrated and free of contaminants even such a 
large weld can be. 


If you are joining heavy plates, the fillet weld may take three passes, in which 
case the first bead is put right into the corner, then a second pass is made along- 
side that one with the electrode aimed to "spray" slightly more toward the side 
between this bead and the corner's edge, and the third pass is aimed to the op- 
posite side of the center (see illustrations). If, on the other hand, you are weld- 
ing a thick plate to a thinner one, then favor the angle of the electrode towards 
the heavier plate to give it more heat. In practicing such welds, it may be advan- 
tageous to use plates that are only an inch or two by six inches. This will make for 
less work when cutting a cross-section through them afterwards to examine your 
weld for penetration and lack of voids or impurities, especially if you have to 
hand-hacksaw through them. 

While basic, flat butt joints are most common in typical home/shop projects, 
the Tee or fillet joint and the lap joint make up the majority of welds in industry 
and construction. The lap joint, where one plate lays on top of another, is ap- 
proached much like the Tee joint, with the electrode angle at about 45°, aimed at 
the inside corner where the two plates meet. If they are different thicknesses, 
then the electrode may need to be aimed to give more heat to the heavier piece. 
Another difference between industry and home projects is that you will seldom 
encounter any joint that requires more than one pass to complete in a 
home/shop project. The use of really thick plates just isn't that common in auto- 
motive, arts and crafts or making shop equipment, with the possible exception of 
building an engine stand, which might have a half-inch plate welded to a tube for 
the part the engine-holding arms attach to. This is one reason that arc-welding 
isn't that common anymore as a home/shop tool. Other methods seem better 
Suited to the thinner materials encountered in hobby projects, though farm 
equipment repair does sometimes require the large-scale abilities of an arc 
welder. 


Choosing electrodes 


Your home AC arc-welder will probably come with an assortment of basic 
welding rods to practice with. After that you'll have to shop at your local welding 
Supply or order from a catalog, and you should have a good idea by then of what 
type and thicknesses of metals you'll be working on, and thus what size and type 
of rods to use. Your local supplier should be able to give you good advice on 
what best suits your purposes. As you read or talk with other people about arc- 
welding, you may hear the rods termed any of the following: stinger, rod, elec- 
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| trode or stick. They all mean the same thing. 


| While there is a confusing array of arc-welding elec- 
| trodes on the market, the bulk of them are specifically de- 
signed for industrial and other specialty usage, and you will 
never have a call for them. There are perhaps only a half 
dozen rods that would cover your needs. Rods differ in the 
type and diameter the central metal wire is made of, and in 
the thickness and composition of the coating of flux as well. 
In actual use, the flux burns away at a slower rate than the 
rod inside, which makes for a sort of "collar" around the tip 
of the rod, further shielding the weld process and helping 
concentrate and direct the "spray" of metal coming off the 
wire (see illustration). 

Many of the hundreds of special-purpose arc rods are 
designed strictly for the professional DC welder, so you 
won't have to worry about those if you're using a typical 


4.25 Some arc rods melt the wire at a faster rate than the 220V home AC welder. For your needs, there are perhaps 
flux, leaving the wire recessed inside. During the welding, this three types you will use the most. Of these, E-6011 is the 
makes a more concentrated arc spray. When re-striking an designation for what is the most commonly-used electrode. 
arc with such a rod, the extra flux around the tip must be It is one of the easiest for a beginner to master, can be used 
broken off with your gloved fingers or pliers (with the rod on AC or DC, in virtually all positions of welding, and can be 


cooled off) to expose the metal for re-striking the arc. 


used in situations where the parent metal hasn't been pre- 
pared spotlessly. It's main drawback is that it produces a 
lot of spatter. Where the appearance of the weld is less im- 
portant than the ability to make a strong joint on rough or 
dirty materials, such as in farm equipment repairs, this is a 
good choice. After practicing with this one, you may want 
to move on to more "sophisticated" electrodes. The E-6013 
rod works great in many situations, and, although it requires 
better surface preparation and cleaning than the 6011 rod, 
it will produce much better looking welds, is suitable for a 
variety of positions and handles metals up to 3/16-inch 
thickness with most home-type buzz-boxes. It can be used 
for lots of projects like building shop equipment, and there 
are even variations on this rod from different manufacturers 
that are specifically for sheet-metal work, in sizes down to 
1/16-inch. When the size of a welding rod is mentioned, it 
refers only to the diameter of the wire inside. Obviously, the 
flux coating makes the rod appear much thicker, and if you 
need to check a rod, measure the bare end meant to go 


4.26 ce ee variety 4 EE at ee into the electrode holder. 
supply store, but there are only a few rods you will use in , l 
normal home/shop projects on mild steel. Don't buy much i There has been a variety of methods used in the past to 
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but most rods you find today have both a number and code 
from the manufacturer, as well as a standard A.W.S. num- 
ber, such as E-6013 (see illustration). These standard designations come from 
the American Welding Society and should be easy to find somewhere on the 
boxes of rod you buy. The E stands for electrode (for arc welding), the 60 part is 
multiplied by 1000 to give you the tensile strength of the wire (in this case, 60,000 
psi), the next digit is a code for the type of position the rod is recommended for, 
and the last digit refers to the type and polarity of the current required. The 1 in 
our example in the "position" spot indicates the rod is good in all positions, a 2 
would mean flat position. The last number indicates that this rod can be used 
with AC or DC, and on DC can be used with straight or reverse polarity, though 
straight polarity is seldom used. 
Another good rod for starting out is E-7014, which is higher in strength and 
produces good-looking beads. It and the E-6013 mentioned earlier require a little 
different arc procedure than what we have described so far. These are called 


"contact rods" because, instead of maintaining a basic 
1/8-inch gap as you go along, you keep the tip just in 
contact with the parent metal, in a sense dragging the 
rod lightly along the seam. 

A special-purpose rod used in repairing cast-iron, 
such as automotive blocks, cracked heads, transmission 
cases, and various farm equipment, is EST, although 
there are several brand names in the trade just for cast- 
iron rod. Most rods for this purpose have a high nickel 
content. Although these rods are available, it doesn't 
mean that cast-iron welding is easy. Any cast part should 
be thoroughly preheated to 400° F or better to prevent 
cracking after the localized heat of welding is induced 
into the part. Parts, depending on their size, can be 
heated in an oven or with a rosebud tip on an oxy-acety- 
lene torch, using temperature indicating paints to tell 


Arc welding 


when you have it evenly heated to the proper tempera- 4.27 This is the bare end of the rod, where it fits into the 
ture. Even then, there can be cracking problems. It can be electrode holder. You can judge the size of a rod from this 
very difficult to get a cracked cast-iron part thoroughly bare end - don't measure the flux coating. Rods are marked 
cleaned before welding, usually requiring a deep Vee to as to their type and color-coded. 


make a good repair. Better success on cast iron may be 
had by welding in short strips 1/2 to 3/4-inch long, with 
the part cleaned and allowed to cool off in between. In 
automotive use, broken cast-iron exhaust manifolds are a 
common repair item, and the high-nickel rods can be 
used successfully, but a well-used exhaust manifold 
needs to be sandblasted inside and out beforehand to 
get rid of as much of the carbon baked into the pores of 
the casting as possible. Usually, a brand-new casting will 
take a much-longer-lasting weld, such as when modifying 
manifolds to accept turbocharger flanges. Most small 
cast-iron repairs are better made with brazing by an oxy- 
acetylene torch, where much less heat is introduced, al- 
though the part should still be preheated. 

Arc-welding electrodes are also marked with color 
codes. Usually, the flux coating itself is a different color to 
indicate a type, as well as markings or dabs of colors near 


the tip. The E-6011 has a white flux coating and a blue 4.28 Rods must be kept dry 
properly. Keep only as much rod as you need, and store 


them in a tight container such as this Lincoln plastic rod 
box with gasketed screw cap. 


spot color, E-6013 is a dark tan with a brown spot, etc. 

Proper storage of electrodes is critical to their perfor- 
mance (see illustration). They are very susceptible to 
moisture, and must be stored in a perfectly dry environ- 
ment. Once they absorb moisture, the flux coating tends to loosen and flake off, 
and the rod is useless. In large production operations where critical welding is 
done, the rods are stored in a special oven that keeps them at a constant 100° F 
or more to ensure that they are dry, and only enough rod that will be used in a 
few hours is removed at one time from the oven. 

In a home/shop situation, buy only as much rod as you think you need to 
keep around for unexpected projects, a few pounds of each type you normally 
use. Keep these in either sealable metal cans or plastic bags with desiccant in- 
side. Desiccant is a moisture-absorbing compound, the stuff we always find 
packed in little "teabags" with electronic components and camera equipment. 
You can save up these bags whenever you get a new electronic goodie. The 
bags can be dried out in the oven for a short while, then put into the container 
holding your welding rods. If you have a bigger project in mind, buy what you 
need for that project only, fresh from the welding supply, and don't keep any 
large quantities around. We have seen a variety of methods used by weldors to 
keep electrodes dry, including racks of custom-built metal tubes with screwcaps. 
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4.29 These L-TEC portable arc power sources are 4.30 The Eastwood Company markets a lot of equipment and 


lightweight, and offer up to 90 amps on the STW 90i (right) supplies for auto restoration, and this is their small 110V arc 
and 130 amps on the STW 140i. Unlike most small arc welder. At its maximum of 70 amps, it delivers a 10% 
welders, these are DC, and can even be set up with a duty-cycle, so you won't be welding any bridges together, 
torch and power adapter to run a TIG torch. They but it only weighs 26 pounds, so it's extremely portable 
are available for 110V or 220V input. and welds up to 3/16-inch. 


If you have reviewed the above introduction to arc-welding, you should have a 
good idea by now of whether it will suit your particular welding needs. It can be 
both easy-to-learn and challenging, simple and complicated, and can produce re- 
sults from "farm-grade" (where strength is primary) to automotive-quality to 
atomic-reactor quality. It has the advantage of simple operation, low maintenance, 
low initial cost (not considering the cost of rewiring for 220V if necessary), and the 
unmatched ability to weld outdoors without being affected by wind, making it suit- 
able for structural-steel construction, pipelines, iron-fence work, and farm repairs, 
as well as being the best choice for welding and repairing thick materials. 


4.31 Auto manufacturers build cars with spot-welding 
machines, and with Eastwood Company's spot-welder gun, 
you can repair one the same way. The replaceable 
electrodes last for 60-100 welds. 


4.32 The spot welder is a self-contained mini-arc-welder, 
designed for joining sheet-metal panels on auto body work. 
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Ə MIG welding 


Welding books written as recently as ten years ago may have recommended 
oxy-acetylene and arc-welding equipment as the basic tools for home/shop 
welding. At that time, MIG, or wire-feed, welding equipment was considered too 
expensive for amateur use, despite its advantages. The MIG equipment was rec- 
ommended, and indeed was originally designed, for high-production shop work 
only. Much has changed in the intervening years, and the introduction of lower- 
cost MIG units and the competitiveness of the marketplace has brought wire- 
feed welding into an affordable range for the home/shop weldor. 

An outgrowth of arc welding, the MIG process was conceived as a way to 
speed up production in industrial applications. The basic difference with MIG, 
which stands for Metal Inert Gas welding (sometimes also referred to by its tech- 
nical description as Gas Metal Arc Welding, 
or GMAW), is that the welding filler rod is 
automatically fed through the gun whenever 
welding takes place. The weldor doesn't 
need to stop to change arc electrodes. The 
Airco company developed the MIG process 
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5.1 The use of wire-feed MIG welding has expanded greatly in the last ten 
years to encompass body shops, muffler shops, race-car builders and home 
hobbyists as well as the industrial production work it was designed for. It has 
advantages of speed, simplicity, cleanliness, and the ability to work well on 
thick and thin materials. 


5.2 Among the compact MIG welders in the 110V field is the L-TEC MIG 130, 
which features 100% duty-cycle at its 30 amp setting for thin material, and has 
a 25% duty-cycle at 130 amps. It's designed for body shops, hobbyists and 
light maintenance use. 
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Fig. 6-41. Component placement. 
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5.3 For the larger-scale shop, the 
heavy-duty 220V machines like this 


Migmaster 250 offer more amperage, 


more amp settings, higher duty 


cycles, and various extra features for 
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timing various weld functions. 
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5.4 The Miller Electric Co. makes a variety of larger professional welding 
machines, but they also offer this Millermatic 130, which has a 20% duty 
cycle at its maximum 130 amps, putting it right in the midst of the 110V 

home/shop MIGs. 


right after W.W.II, and it has been refined continuously ever since. 

The many advantages of the MIG process, besides the basic one 
of not having to stop to change electrodes, include: being able to weld 
in all positions; there is no slag removal and the welds are much 
cleaner and with very little spatter compared to arc welding; the weld- 
ing can proceed a lot faster than with other methods because the wire- 
feed rate is automatic and adjustable, which also makes for less distor- 
tion of the workpiece because less heat is concentrated on the seam; the 
process works well on joints that are irregular or have gaps; and the amperage, 
wire size and wire-feed speed can be tuned down to do ideal, almost distortion- 
less welds on thin sheet metal. There are more advantages that relate to how the 
weldor uses the equipment, and we'll see these points as we continue. 

There are technically three different processes of metal transfer with MIG 
welding equipment, but the one we are concerned with is called the short-arc or 
short-circuit process. The other types are used in larger industrial welding 
processes where high amperages and large-diameter welding wire is used. Most 
of the MIG machines suitable for home/shop use are designed for short-arc 
process, where the molten end of the welding wire touches the weld puddle and 
creates a short-circuit, and the wire diameters are from .023-inch to .045-inch. 
Amperages in these machines are seldom higher than 225 amps yet can handle 
materials from the thinnest auto-body sheet metal to plates as thick as 1/2-inch, 
a range that certainly covers everything the home/shop weldor, metal sculptor, 
body man, farmer or ornamental iron worker will have a call for. 

In the short-arc process, the basic components of the MIG equipment con- 
sist of the welding machine, which contains an AC-to-DC rectifier with constant 
voltage potential and a wire-feeding mechanism that holds a large roll of wire, a 
bottle of shielding gas (in most models), a welding cable that routes wire, power 
and gas to the torch, a simple trigger-operated torch or gun and a ground or 
work cable. In operation, the weldor brings the torch down to the work until the 
bare wire electrode, which sticks out of the gun 1/2 to 3/4-inch, is touching the 
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MIG welding 


MIG welder, just a switch for the different amperage settings, 
and a variable knob for controlling the wire-feed speed. 


Molten weld 


metal 
work where the 
>—Molten weld seam is to be: he 
metal 


then flips his hel- 


5.5 The cable leading to the MIG torch has to carry several 
met or lens 


different materials, from the electrical current, to the wire 


electrode and the shielding gas. The torch itself is rather down and pulls 
simple, feeding the wire out to maintain a short-circuit arc the trigger. The 
against the work, while keeping the weld under an envelope trigger immedi- 
of shielding gas. ately puts power 


to the wire, which arcs against the work to create very localized heat while 
shielding gas is simultaneously released that puts a shielding "envelope" over the 
forming weld, preventing contamination (see illustration). The short-arc process 
actually is alternately melting and not melting the electrode wire about 90 times a 
second. Each time the wire touches the work it melts and creates a gap between 
itself and the work, which is when a drop of molten wire attaches to the work and 
blends in. The constant arc-on-arc-off is what gives the MIG process its charac- 
teristic "sizzling" sound when you weld with the correct wire soeed, amperage 
and travel speed. The current used is DC with reverse polarity (like most of the 
professional arc-welding machines), which provides for deep penetration. Only a 
few applications and machines have the straight polarity option, and this is only 
for shallow-penetration work where the coverage or speed of deposition is most 
important. 

The weldor has few controls to worry about in setting up a MIG machine. 
There is a voltage knob or switch to control the current, and a wire-speed knob 
that determines how fast the welding wire comes out of the gun (see illustra- 
tion). Selecting the amperage is based mostly on the thickness of the material to 
be welded. A rule of thumb from the Miller Electric Company is "one ampere for 
every .001-inch of plate thickness." For example, an 1/8-inch (.125-inch) plate 
would require 125 amps. Of course, this doesn't mean that a 1/2-inch plate 
would take 500 amps, because large plates are generally beveled before welding 
and joined with a root pass in the bottom and several more passes on top. There 
are, however, industrial machines that routinely weld large plates, such as on 
ship decks, with very large wire diameter and high amperages. This is just a gen- 
eral rule, and other factors, such as the wire speed and welding travel speed af- 
fect the current requirement. In the smaller home-type MIG machines, the am- 
perage settings are fixed, with perhaps four different positions on the current 
knob, but the wire-speed knob is infinitely variable on all MIG machines. The 


TR g Work 5.6 There are very few user controls on the panel of a basic 
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5.7 The basic MIG torch is quite simple. Inside is a guide tube that the 
wire comes through, a switch that turns on the power and the shielding- 
gas flow. The curved neck, called a "swan neck", holds the contact tube 

and the nozzle. 


5.8 The wire must fit the contact tube closely, as 
this is where power is transmitted to the electrode 
wire. Note that the contact tube is recessed inside 

the nozzle, and the wire sticks out 1/2-3/4-inch 
from the nozzle. 


5.9 Most MIG nozzles just twist off past a snap ring, exposing the 5.10 It's important to keep a pair of side-cutter pliers 
contact tube (arrow). You should keep an extra nozzle as a spare, handy at all times to your MIG welder. Not only do you 

and several spares of the sizes of contact tubes (below) that you need it to maintain the correct protrusion of the wire 
use most. Eventually, you will weld the wire to the contact tube, and from the nozzle, but when the wire develops a ball on 
have to unscrew it to get it off, then clip off the wire and install a the end, the arc is easier to start if you snip the ball off. 


new tube, also called a contact tip. 


more expensive, more professional MIG machines have variable-current output, 
or at least more positions on the switch, and may have other optional controls for 
timing weld events. 

The torch cooling on almost all MIG machines, certainly the ones we are 
considering for home/shop use, is by air, although there are some industrial ap- 
plications which have a water-cooled torch because of the heavy wire and high 
amperage being used. Looking inside the MIG torch, the main body of the handle 
contains the switch or trigger, a wire conduit with a metal or plastic-tubing liner, 
and the curved "swan neck" that comes out holding both a contact or wire guide 
tube and a nozzle. The contact tube is so called because it actually puts the 
power to the wire. Usually made of copper, the contact tube also keeps the wire 
output centered in the gas cup or nozzle (see illustration). Since this is where 
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with special purposes like spot-welding. At the center here is a tool for 
scraping debris from inside a nozzle. 


the power is transferred to the wire, the contact tube must have a specific size 
related to the size of the electrode wire being used. Because of the unavoidable 
wear in the contact tube, and occasional arcing that ruins a contact tube, these 
are considered consumables in MIG welding, and you should have several 
spares of any of the sizes you normally use. 

The nozzle's main function is to contain the shielding gas in an envelope 
around the arcing wire. Most MIG machines have only one size nozzle, but in 
production applications smaller nozzles are used on smaller-amperage work and 
larger nozzles on bigger jobs (see illustration). The nozzle takes some punish- 
ment in MIG welding, with spatter and weld debris constantly building up inside. 
Special tools are available that scrape out the buildup, and most MIG weldors 
use an anti-spatter or "nozzle-shield" gel or spray to keep down the buildup and 
allow easy removal of the gook when necessary (see illustration). Obviously, if 
too much debris builds up inside the nozzle, it will affect the gas flow to the weld 
area and thus cause deterioration and unevenness in the bead. The sprays can 
be directed inside the nozzle after cleaning, to prevent future buildup, while the 
gel comes in a jar that is left uncapped while welding. Every so often, you take 
the hot MIG gun and stick the nozzle directly into the gel, which leaves a coating 
inside the hot nozzle and on the contact tube. 


Shopping for a MIG welder 


The array of available MIG machines aimed at the consumer and small shop 
market has greatly increased in the past decade. Many automotive body workers 
and fabricators in small shops used to dream of having a MIG welder to round 
out their capabilities, but the machines available at that time were either very ex- 
pensive self-contained MIG machines or wire-feeding attachments for already- 
expensive, large-size arc/TIG power supplies found only in welding shops. The 
hobbyist, auto body man or muffler shop couldn't justify the expense. 

That changed when imported MIG machines started making their appear- 
ance in the US, aimed at the hobbyist market specifically. The companies adver- 
tised in hobbyist publications, attended auto enthusiast shows, and made a 
presence in the business community. At first, the big domestic welding-equip- 
ment manufacturers took little notice, but after a few years they realized there 
was a gap in their marketing and price structure and began to produce similar 
equipment to gain back this emerging hobbyist/small shop interest in MIG weld- 


MIG welding 


5.12 Eastwood Company makes 
these multi-function MIG pliers, which 
can be used to clean nozzles, snip 
wires, and hold contact tips to 
unscrew them. 
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5.13 These three chemicals are 
helpful in performing clean welds and 
maintaining your MIG torch in good 
condition. The anti-spatter spray and 
gel are used on the nozzle to make 
removal of debris easier, and the 
weld-through coating by 3M is used 
when welding high-strength steel in 
late-model cars. Unlike the other 
sprays, it is applied to the area to be 
welded, providing extra corrosion 
protection after the weld. 
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5.14 The bigger and better 
the machine, the more 
expensive the internal 

components. Sometimes 
you can get an idea of the 

relative complexity inside a 

MIG machine by comparing 

shipping weights when 
shopping for a welder. The 
more expensive ones are 
generally much heavier. This 
is the inside of a MIG 200 
from HTP. 
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ing. Today there is a wide variety of machines offered from both domestic and 
imported sources that run the gamut from very small, very portable units that can 
be powered from a 3000-watt generator if necessary, to larger shop units with all 
the "bells and whistles." 

When the domestic manufacturers started competing with the imports for 
the lower-price end of the MIG market, there was considerable talk at the local 
welding supply level about how the imports weren't as good as the domestic ma- 
chines and that anyone who bought the cheaper imports would have trouble later 
on finding replacement parts. In the beginning of this marketing struggle, there 
was some truth to this, but the competition of today's marketplace has pretty 
much sorted these problems out. There are some very reputable companies sell- 
ing imported MIG and Plasma machines, and most of them have a full line of 
consumables and other replacement parts on hand. 

As with automobiles, there will always be some debate on import vs. domes- 
tic, but today such distinctions are harder to draw than they used to be. Like our 
cars, some domestic welding machines use components made overseas, and 
some imported machines use American-made parts. As you shop for a MIG ma- 
chine or plasma cutter, you may still find resistance to imported equipment at 
your local welding shop. The answer is to listen to everyone, including especially 
anyone you know who has purchased and used the equipment you are contem- 
plating. Find out if they have ever needed parts or service for their equipment, 
and did they have any problems with equipment under warranty. Be sure to com- 
pare the usage they put the equipment to, because there is a big difference be- 
tween what is required in hours of welding on a daily basis in a shop, and your 
needs of welding a project or two a few times a year. 


We have discussed duty-cycle comparisons in the previous chapter. 
Most manufacturers give you a duty-cycle rating at the highest amperage 
and the lowest amperage, and you may never have to use either one. If 
you contemplate a machine with say 140-amp capacity, it may have a 
duty-cycle rating of 95% at 30 amps and a 30% duty-cycle at its peak of 
140 amps. The cycle relates to how many minutes out of a ten-minute pe- 
riod you can weld continuously without overheating the machine. At a 
100% rating, you don't need to stop for anything, even if you are welding 
long seams together. In most home/shop situations however, you are not 
on a production schedule or a time-clock, and most of your joints will not 
be long seams. Also, you will probably weld a seam, such as a corner joint 
on a tubular framework for a utility trailer, that will take you only a minute 
or less to weld up (doing one side at a time), then you will move to another 
part of the project, perhaps set up some clamps or fixturing to ready the 
next joint for welding, and all this time the machine is cooling off so you 
may never exceed the duty-cycle even at higher amperages. This is where 
the big difference in cost in MIG machines is. The heavier-duty, shop-type 
machines have more expensive electrical components inside to handle a 
higher duty-cycle (see illustration). You should buy as much duty-cycle 
as you can afford to, but don't be too concerned that in your garage you'll 
spend all your time sitting around waiting for the machine to cool off. 
You'll find you will not often weld at the highest amperage output anyway, 
and when you do, even a 30% duty-cycle is livable. 


There are two basic types of smaller MIG machines you'll be looking at, the 
gas-shielded type that uses bare electrode wire and a bottle of compressed gas, 
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5.15 Sometimes a medium-size 
machine is all that is called for in a 
particular shop, like this Miller 150 


and the flux-core type that uses no shielding-gas bottle but has a special wire used in a muffler shop, but the weldor 
with a fluxed core inside that produces the shielding gasses as you weld, much uses a large-sized shielding gas bottle 
like the vaporizing coating on arc-welding rods. There are advantages and disad- for extra weld time. Note how this 
vantages to each type, and your choice depends on the kind of work you will be weldor has added a tubing arm to the 
doing. Most of the machines on the market are for use with bottled shielding-gas, cart, to organize the cables and hold 
and there are some units that can be equipped for either type of wire, in case you pliers and and-spatter gel. 


have need for both. These machines cost a little more than single-use MIG ma- 


chines because they have 
to have a switching device 
inside to change from re- 
verse polarity (with the 
torch being positive and the 
work negative) which is re- 
quired for the solid wire and 
Straight polarity (with the 
torch negative) for the flux- 
cored wires. 


The flux-cored wire ma- 
chines do not make as 
pretty a weld, if that is a 
concern to you, and there is 
some slag to be removed 
afterward, though it is eas- 
ler to remove than the slag 
from  arc-welding. With 


some kinds of flux-cored | | 
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wire, the slag will peel off 5.16 A popular entry-level MIG machine is 
the seam in strips. In body this 110-V Pocket-MIG from Daytona MIG. 


shop work, the extra thick- Though it weighs only 42 pounds, it has an 
ness of the flux-cored wire amp range from 30-110 amps, capable of 
may make them too hot for welding up to 1/4-inch steel. Very portable, 
light-gauge sheet-metal it's ideal for home/shop use, especially on 
work. Some experts say sheet metal. 


several companies for the home/shop 
market, this one is by Daytona MIG and welds 
up to 5/16-inch steel. It features a cooling fan 
and a 30% duty-cycle at maximum amperage, 
95% at 30 amps. 


9-7 


Haynes Welding Manual 


5.18 If you need the flexibility of welding indoors and out, a 

combination MIG that uses either gas-shielding or flux-cored 

wire fills the bill. This Combi 888 runs on 110V power, with 
130-amp capacity. 


5.19 There are small MIG machines that come 
equipped for use with flux-cored wire, but have an 
optional kit that can be attached to work with 
shielding gas and solid wire. Eastwood Company's 
wire-feeder uses 110V current, and has a 20% duty- 
cycle at its maximum amperage of 85. It's fan- 
cooled and adequate for light-gauge welding. 


that flux-core MIG welding is best suited for 18- 
gauge or thicker metals, and most cars today are 
using 22- to 24-gauge steel, except for 20-gauge 
in areas like floor pans. Even replacement steel 
patch panels for cars are seldom thicker than 20- 
gauge. Virtually all of the newer cars are using 
lighter-gauge metal of higher-rated alloy to re- 
duce the overall weight of vehicles to meet 
tougher fuel economy and emissions standards. 
The main advantage of the flux-cored machines 


5.20 Eastwood's gas conversion kit for their MIG welder contains the are in outdoor or drafty situations where wind can 
regulator, nozzle, tips and other parts to adapt a shielding-gas bottle to blow away the shielding gas from a "bottle-fed" 
their 85-amp welder. machine, ruining the weld consistency. The flux- 


cored wire works well for fencing repairs, farm 

equipment too big to be moved indoors, outsized 

sculptures and similar projects. These machines also have the advantage of not 
needing periodic refilling of gas bottles. As long as you have electricity and a 
spare roll of wire, there's nothing for you to run out of halfway through a project 
on a Sunday afternoon when you can't get your gas bottle refilled or exchanged. 
The advantages of the bottle-fed machines are numerous, the primary bene- 

fit being the higher quality of weld and the ability to work on very thin materials 
without burning through. With shielding gas, there is very little spatter, no slag, 
and you can even weld body panels that are painted or rusty, though a cleaner 
parent metal will always make a better weld and produce less hazard from 
fumes. We have seen a big-rig repairman MIG-welding a new and painted fan 
guard to a rusty truck radiator-support framework. The budget for the job didn't 
allow for the time that would be spent in grinding and sanding all of the edges 
clean - the truck had to be back on the road making money. The result wasn't 
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5.22 Above the 140-ampere range, you are into the 220V 
category of MIG welders, with more features and higher duty 


| 5.21 At ¡ña upper End the 110V MIG ¿caló are 140-amp capacities. This is HTP's MIG 160, which can weld up to 5/16- 
units like this one from HTP America. lt weighs 135 pounds, inch steel, has eight heat settings, and is suitable for street rod 
welds up to 1/4-inch steel, and has timing features such as shops, muffler shops, or farm use. 


stitch-welding and spot-welding. 


pretty, but it was more than strong enough for the application and a testament to 
what can be done. 

As far as running out of gas is concerned, this is an issue, but most 
home/shop users handle this by just buying a bottle that is twice as big as they 
think they need. There is, of course, a pair of gauges on the tank that indicate the 
gas-flow going to the welder and the total pressure left in the bottle, so you 
should know before any big project just how much welding time you have left. 
Bigger shops just keep a spare bottle of gas on hand and switch if they run out, 
then send the empty back to the gas supply company for refilling to become the 
next spare. 

Input current is the next consideration in shopping for a MIG machine. 
There's a number of home-type machines that can be operated on standard 
household 110V current, which negates the need for any rewiring of your shop 
area and also makes them more portable in the sense that you can use one any- 
where there is a source of standard power. However, any circuit used for a weld- 
ing machine should be at least a 20-amp circuit, and, in the case of the bigger 
110V machines, a 30-amp circuit is recommended. The 110V (it's confusing, but 
household current is also referred to as 115-volt at times, but 110V and 115V are 
the same) machines are available in power abilities with a range of 30 to 110 
amps on the smallest home MIGs and a 30- to 140-amp range on the largest. 
Most of these machines handle wire diameters from .023-inch to .035-inch, 
though some of the imports are set up for metric wire sizes, which are close 
enough to US sizes that you can always find replacement wire to suit them. 

Above the 140-amp range in maximum power brings you into the bigger 
shop-type machines that require 220V current input. Most of these machines 
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5.23 This 220V unit, the 181C from Daytona MIG, 
offers settings from 20 amps for light sheet metal to 
180 amps for heavier work, and has a spot-timer and 
quick-disconnect torch. This is suitable for light 
fabrication shops. 


5.25 This close-up of a commercially made street rod part 
has a thick steel ring MIG-welded in two places to a heavy 
bracket for suspension mounting. This is a large bead from a 
good-sized machine. Note how smooth and clean the weld is, 
the bead looks almost like one piece, rather than overlapping 
puddles, and look at the backside of the part (at right) to see 
the indications of penetration. A MIG is easy to learn, but it 
will takes lots of practice to make welds like this. 


5.24 For welding up to 3/8-inch steel, a MIG like HTP's 
MIG 200 will do the job. It has 24 heat settings, up to 200 
amps, and is suitable for farm or ranch work, commercial 
fabrication, or repeated automotive projects like building 
trailers or engine stands. 


have an upper limit of 250 amps, which is a lot, and they of- 
fer a 50% duty-cycle even at this high amperage. These 
larger machines also offer more "bells and whistles" such 
as larger wire spools, the ability to handle more different 
wire sizes, wheels on the bottom of the machine as stan- 
dard equipment and the capacity and bracketry to hold 
larger bottles of shielding gas. Designed as they are for big- 
ger jobs, these medium-size machines can handle wire di- 
ameters from .023-inch to .0625-inch (1/16-inch), which is 
bigger than virtually any requirement you will have need for 
in your home shop unless you take up amateur bridge 
building. You will see these 250-amp MIG machines hard at 
work in many shops today, from muffler businesses to 
street rod shops, race-car shops and general steel fabrica- 
tors. 

Other options you may find on these mid-size ma- 
chines are controls for timing various weld functions. If you 
were regularly spot-welding long seams in sheet metal, you 
could set one of these machines up with a special spot- 


welding nozzle which has a flat front face with cutouts on each side. You bring 
such a nozzle directly in contact with the metal and pull the trigger. An adjustable 
timer on the machine sets the weld time for a perfect spot-weld with little or no 
crown or buildup to grind off later. Also, you can set one up to do stitch-welding 
as well, where you join work with a series of spot welds that overlap. The welding 
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machine has a stitch timer that turns the arc on, pauses, arcs, pauses, arcs, etc. 
This stitch mode isn't used very often but is helpful in joining very thin materials 
where there is a chance of burring through with continuous welding. In the stitch 
mode (in which the pause time is variable at the machine), the pause time allows 
the first puddle to solidify before the next puddle is made, reducing the overall 
heat. 

Mid-size MIG machines also offer more range of heat settings than the entry- 
level MIGs. While the smaller machines may have four settings from their lowest 
to their highest amperage, their bigger brothers may also have a "fine-power" ad- 
justment knob, which essentially gives four more positions for each of the four 
basic settings on the main amperage knob. So instead of four settings, you now 
have a possible sixteen. 

Adapters and special attachments offered on some machines include a 
metal shrinker and a stud-welding attachment. The metal shrinker works to re- 
duce high spots in sheet metal, much as you would do with an oxy-acetylene 
torch, but without the flames and with very controlled heat. The basic principle is 
to heat the center of the high spot (such as from having hammered out a dent 
from the backside) to cherry-red, then quenching it with a 
wet rag, which "shrinks" down the high spot of stretched 
metal: The MIG shrinker attachment screws on in place of 
your contact tube, the wire is pulled back inside the torch 
(the wire isn't used) and the wire drive and gas flow are 
disconnected. The shrinking tip is placed in contact with 
the metal and the trigger pulled briefly, heating the high 
spot. 

The stud-welding attachment is another body-work- 
ing tool that allows you to "spot-weld" small studs onto a 
dented panel. These studs fit a special slide-hammer that 
pulls on the studs to work the dent out without having to 
drill holes in the body and use a screw-type puller as has 
been traditional. The studs can be clipped and ground off 
easily after the pulling is done. There is also a separate 
stud-welding tool that operates on 110V current without 
the need for the welding machine (see the Safety and 
Shop Equipment chapter). Another stud-welding attach- 
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5.26 In exhaust system work, muffler shops deal with broken 


ment is made to use a threaded stud as an "electrode" and rusted-away manifold studs all the time. HTP has a 
and fuse it in place of a worn-out stud in automotive work special feature to their MIG 160 that repairs such problems. 
(see illustrations). First the old stud is cut off flush. 


5.27 A special attachment to the MIG gun holds a hollow 5.28 The new stud is now welded in place, with strength said 
replacement stud. When the arc is turned on for about four to be up to 85% as good as original. This feature is a real 
seconds the wire feeds through the stud and welds it to time-saver for busy muffler businesses. 
the old stub. 
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Table 6-6. List of Required Jumpered Connections. Use RG-174/U Coax. 


. Cable J1 from pin 5 of Z6 to pin 14 of Z3; this is the divide-by-N 

out, | 

. Cable J2 from C24 to R20; this is the beat oscillator-to-mixer | 
line. | 

. A Cable from J4a to J4b and one from J4b to J4c; this is the T line. | 

. Cable J3 from R5 to + 12 volts at R21; this is the + 12-volt line. 

. A cable from J5a to J5b and J5b to J5c; these are + 5-volt connec- 
tions. 

. Cable J6; this is the T line. 


that J4a goes to J4b and J4b goes to J4c. All jumpers are RG-174/U 
coax, and provision is made at each point for the shield to be 
soldered to ground. Table 6-7 shows the cable lengths. 

The switching arrangement l used (Fig. 6-42) was designed to 
keep the number of thumbwheel switches to a minimum. The 
arrangement consists of two sets of switches, one labeled A and the 
other B. 58 and 59 are SPST switches that comprise the MHz 
selection for the A set. Placing both switches down (turning them 
off) sets the MHz to 144, S9 up (S8 down) is 145, S8 up (S9 down) is 
146, and both up is 147. S10 and $11 work in a similar fashion for 
the B set. 55 is a thumbwheel switch that selects the 100-kHz step 
for A; 56 does this for B. S7 is another thumbwheel that sets the 
10-kHz step for both A and B. S1 selects whether or not 5-kHz step 
is used. 53 and S4 select whether or not the A or B setting will be 
used for transmit or receive. 

As an example, if we want to go on 146.34/146.94 with A 
selecting the transmit frequency and B selecting the receive fre- 
quency, we set S8 and $10 to on, S5 to 3, S6 to 9, 57 to 4, S3 to A, 
and S4 to B. To go on simplex on 146.34, say, to monitor the input, 
we set S4 to A. To go simplex on 146.94, we set S3 and S4 to B. To 
go on reverse 146.94/146.34, we set S3 to B and S4 to A. With this 


Cable Length (inches) 


J1 3V2 
J2 3a 
Table 6-7. Cable Lengths (RG-174/U). J3 4a 


Jdab 32 


J4be 4V 
J5ab 3V 
J5bc 22 
J6 3% 
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5.29 Spot-welding of sheet-metal panels is 

easy with a MIG, even a small one. For large 

panels, welds may be made through holes in 
the top panel. Here a new door jamb has 
been added to a 1932 Ford with a series of 

small spot welds. So little weld is above the 

surface that no strength is lost when the 

area is ground for painting. 


To go to the top level in MIG machinery, you are now talking about 
very expensive professional welding machines with large, multi-purpose 
power supplies. As mentioned in Chapter 2, the bigger welding machines 
designed strictly for professional shops are often multi-purpose power sup- 
plies capable of high amperages which can be set up for Arc welding, TIG 
and MIG, with any polarity required. The amateur user will never need the 
high amperages or high duty-cycles of these top-level machines. To use the 
big machines for MIG welding usually requires that a separate wire-feeding 
accessory drive be set up, and, with the lower prices of today's MIG market, 
the big shops prefer to just buy a separate MIG welder for those needs, us- 
ing the large power supply just for TIG welding. 


Choosing shielding gas 


By now, you should have an idea of what level of MIG machine will suit 
your purposes. If you are like most home/shop users who aren't going to be 
welding every day, your needs may be best served by a typical, entry-level 
140-amp, 110V MIG machine using shielding gas. You now have to choose 
a shielding-gas bottle (not included with most MIG machines), some wire (a 
small sample roll may be included with your machine), and the type of 
shielding gas you want to use. This sounds like a lot of choices, but the field 
is narrowed down by what kind of work you want to do and how often you 
need to do it. In all cases, the choice of shielding gas and wire type must be 
matched to the kind of material you will be welding. 

Capacity of the gas bottle is important, and most first-time weldors 
make the mistake of buying less capacity because the bottles are cheaper, 
only to find themselves 
someday working on a 
project over a weekend 
(when there is little 


5.31 The smallest bottles are 20 cubic-foot 


5.30 various size shielding-gas bottles are available for MIG setups. capacity, and easily fit into even a small welding 

Check with your welding supply store on how long each size might cart like this. The bottle and regulator are totally 

last. Most home/shop users buy relatively small bottles because protected here. This is a good size if you only use 
they want portability in a small garage area. the welder infrequently, or on small projects. 
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| q Gas-shielded MIGs are not made for outdoor work, but 5.33 Most of your welding with shielding gas can be done 


as long as you can keep the wind currents away, they work best with a 75% argon/25% CO, mixture, which is excellent 
fine. On this driveway utility-trailer project, pieces of plywood for cleanliness and penetration, and can be used on cast-iron 
are used as wind shields while welding. and stainless-steel as well. 


chance of getting a bottle refilled) and they are out of gas. Gas bottles are avail- 
able in sizes from 20 cubic feet to 40, 60, 80 and 125 cubic feet of gas. This 
roughly translates into welding time of from four hours for the 20 cu.ft. bottles to 
14-16 hours for the 125 cu.ft. when used on a small machine like the 140-amp 
unit in our example. There's a number of factors involved in how long a particular 
bottle may last under different welding conditions, so these are just rough guide- 
lines. Every time you use your MIG machine, you should look at your tank gauge 
to see how much more gas is left. You may even want to just lease a small cylin- 
der of gas when your first get your machine just to see how long such a tank 
would last you, and then buy a bigger one if you think you need it. 

The small bottles fit nicely under a small welding cart, making for a very 
portable arrangement for occasional home use (see illustration). The larger bot- 
tles are heavy and bulky, so you'll have to build a welding cart (most first-time 
weldors' first project) that can accommodate one. Of course, bottles of com- 
pressed gas are dangerous, even if the gas is non-flammable, due to the pres- 
sures involved, and any welding gas bottle must be securely mounted with 
chains or sturdy clamps. It's important to note that welding bottles for electric 
welding machines should be ideally mounted in an insulated manner, such as 
with rubber underneath and rubber hose over any restraining chains. This pre- 
vents the remote possibility of arcing against the cylinder, which could damage 
it. 

Next there is the choice of shielding gas to use. One of the widely used 
shielding gasses for MIG work is plain carbon-dioxide, or COs. While it is in the 
bottle, COs is really an inert gas, but technically it turns into carbon monoxide 
and oxygen under the intense heat of the arc process. The oxygen can combine 
with other elements in the air and in the parent metal to form undesirable oxides. 
Thus, plain CO; will not usually result in as clean a weld as with other gasses, but 
it is used often because it is the least expensive shielding gas for welding steel. It 
will weld very fast, with good penetration, but you should use a welding wire that 
contains deoxidizing elements to counteract the effect of pure COs. 


Argon is a versatile inert shielding gas that is often used by itself, or in com- 
bination with other gasses to produce certain weld characteristics. For instance, 
welding of non-ferrous materials like aluminum is usually done with pure argon. It 
makes for good penetration patterns and a concentrated arc. 

To weld ferrous materials, like the mild steel we will use for most home/shop 
projects, argon is usually mixed with another gas, or sometimes two other 
gasses, to provide special characteristics. While there are some esoteric mix- 
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tures of gasses in different percentages for specific purposes, a mixture of 75% 
argon and 25% C0» has become pretty much the standard for welding mild steel 
with short-arc MIG machines with wire diameters of .035-inch or less (see illus- 
tration). This mixture, often abbreviated as C-25, is more expensive than the 
plain COs but produces much less spatter and consistently better looking welds, 
even on materials that exhibit minor rust or scale. It is what we would recom- 
mend for most of your welding needs. If you were doing a lot of thicker materials, 
overhead or other out-of-position welding and pipe welding, you might use a 50- 
50 mix of argon and COs which offers good wetting and bead shape without the 
excessive fluidity that causes a bead to droop or fall when doing out-of-position 
welding. 

If you are working in a body shop, you might be interested in a mixture that 
Airco calls Argoshield LG®, which stands for light gauge. It consists of mostly ar- 
gon with small additions of CO2 and oxygen. The combination is designed for 
metals down to 20-gauge, and produces good penetration, but with a smaller 
weld bead than normal for less sheet-metal finishing, less spatter and smoke and 
good arc starting. It is specifically formulated to work well on the thin, low-alloy 
steels now used on auto sheet metal. 

For welding of non-ferrous materials, either straight argon or mixtures of ar- 
gon and helium are used in various combinations which provide higher heat to a 
MIG arc. Usually, the thicker the material to be welded, the higher the percentage 
of helium that is included in the mix, and the HE-75 gas, which is 25% argon and 
75% helium is typically used in industry to weld thick aluminum. 

lf you were interested in welding stainless-steel, you can actually use the C- 
25 gas we recommended above for mild steel, but a mixture of 90% helium, 
7.5% argon and 2.5% CO» is widely used in stainless-steel MIG welding because 
it offers a higher heat for the normally sluggish weld puddle on stainless, as well 
as offering good stability, penetration and resistance to corrosion. 

If you have to pick just one type of gas, the C-25 works great on steel, can 
be used on stainless-steel and is also useable on cast iron. 


Choosing wire 


The bare steel wires used in a bottled-shielding-gas MIG machine are all 
variations of the same basic metal, with varying amounts of deoxidizers added 
for different applications and shielding gasses. The most common deoxidizer is 
silicon. Others added may be manganese, aluminum, titanium, or zirconium, with 
nickel, chromium or molybdenum added to improve mechanical or corrosion-re- 
sistance properties. The welding wires with higher levels of deoxidizers generally 
are better able to weld on rusty or unclean steel surfaces. 

Most of the steel wires for MIG welding fall under a designation from the 
American Welding Society (AWS) of E70S-something, with the last digit being the 
particular variation. For instance, one of the most common wire specifications is 
E70S-2, which is deoxidized, and makes a good weld with C-25 gas, even on 
rusty steel. lts main drawback is that it lacks fluidity; the puddle doesn't want to 
flow out width-wise and may not stick well in heavy materials. 

The E70S-3 wire is one of the most common and least-expensive MIG wires 
available, with more deoxidizers and a more fluid puddle that makes a wider 
bead. It has been used successfully for years on cars, farm equipment and appli- 
ances. 

Next up in terms of deoxidizer content is E70S-4, which is a medium-priced 
wire suitable for almost all steel welding. It offers good fluidity and better arc 
characteristics than E70S-3, but has slightly more spatter, and is used on struc- 
tural steel, ships, piping and boiler vessels. 

Probably the high-performance and higher-cost wire available is the E70S-6, 
which has the highest level of silicon and manganese as deoxidizers. It is suitable 
for welding almost all steels, from thin mild steel to 1/2-inch plate (in the appro- 
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5.34 Inside the wire-drive portion of a typical small MIG 5.35 This is the drive section of a Daytona MIG wire-feed, 
machine, this machine comes with a small wire roll such as at which has a place inside to store an extra small roll of wire, 
lower right, but comes with an adapter to handle the larger good for keeping the spare clean if you occasionally switch to 
rolls such as in the machine. The small wire rolls are another type of wire for specific needs. Arrow indicates the 
inconvenient unless you do only small projects. knob for adjusting the wire roller tension. 


priate wire diameter) and works with the most popular gas mixtures, offering 
good puddle fluidity, too (see illustration). It is one of the few MIG wires that is 
completely compatible with today's thin, low-alloy, high-strength body metal in 
unibody cars. 

L-Tec markets a wire meeting the AWS classification for ER70S-2, 3,4 and 6 
that they call Easy Grind, which is designed specifically for auto body work. It is 
said to require less skill to weld thin materials, and to have a reduced carbon 
content that means easier grinding to prepare for filler and painting. Besides au- 
tomobiles, it is also used in welding ductwork, metal cabinets, lawn furniture, and 
is designed to be on metal as thin as 26-gauge with smaller MIG machines. 

Non-ferrous metals, of course, require different wires. The basic rule of weld- 
ing electrode selection is to choose a wire or electrode whose content is much 
the same as the parent metal you are welding. In the case 
of stainless-steel, it can be welded with the steel wire we 
have recommended above, but for better corrosion resis- 
tance (the main reason for making something from stain- 
less-steel in the first place) stainless-steel wire should be 
used. There are various alloys of stainless-steel, but one of 
the more common varieties is type 304, and the best wire 
for MIG welding type 304 is called ER308, with variations of 
increasing silicone content in ER308L and ER308LS. 

For aluminum welding, you need aluminum wire. Again, 
there are many alloy variations of aluminum, and several 
metal blends in aluminum wire, but perhaps the best MIG 
wire for aluminum is called ER5356, which has a chemical 
content proven to work in most situations. Aluminum weld- 
ing is more difficult than steel in many ways, and often the 
exact alloy of the parent metal is impossible to determine, 
unless you have bought a large enough piece at a metal 
yard that is still factory marked as to its alloy and heat-treat. 


There are even some aluminum alloys which are considered electrode wires to choose from. The E70S-6 wire at left is 
unweldable, like high-strength aluminum such as 7075-16. one of the most popular. At right is L-TECs Easy-Grind 


for body work. 
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5.37 When starting in a new roll of wire, keep a pair of pliers 5.38 The wire tension is adjusted with a knob, and proper 
on the end you take off the reel, or the wire can unroll tension avoids wire-twisting problems inside the gun. The 
everywhere. Feed the wire through the guide and over the wire should be able to slip when it needs to. Most machines 
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drive roller. 


have a feature that allows you to retain the tension setting, 
once set, by swinging the tension arm away when 
changing wires. 


Learning MIG welding 


One of the attractions of MIG welding that has brought these machines into 
the home/shop market is how easy they are to learn. With a little instruction, vir- 
tually anyone can be MIG welding with an hour's practice time. As with anything 
else, the more you practice, the easier it will be and the better your welds, but 
before you get overconfident about your MIG welds, try cutting apart a seam you 
have made to check the penetration, and make the other tests (bending two butt- 
welded sample plates in a vise) we have previously described to see if the welds 
you're making are as strong as they are good-looking. 

To set up your MIG machine, the first step would be to read all the directions 
and cautions in the instruction book that came with it. One of the few adjust- 
ments you will have to make initially is to put a roll of wire into the machine and 
set the drive-roller tension. The wire unrolls from the reel through a guide and 
over a motorized roller, which feeds the wire through another guide and into the 
cable going to your torch. Lay your torch and cable out on the floor as straight as 
possible. Mount the wire spool into the machine as per your directions, but be 
careful when cutting the end of the wire which is usually bent over to lock it into a 
hole in the side of the reel. There is winding tension on the wire and if the cut end 
of the wire gets away from you, it can start unraveling all over the place. Don't cut 
the end loose until you are ready to feed it. 

Hold the cut end with some pliers or vise-grips and carefully file or sand the 
cut end until it is smooth. A sharply-cut end may snag as it travels through the 
cable or torch. Insert the end into the guide, loosen and swing away the wire-ten- 
sion adjuster, and feed the wire over the groove in the drive roller and on into the 
next guide, still holding the wire firmly (see illustration). Most machines are set 
up to handle several sizes of wire, but you must be certain that you use the drive- 
roller groove that is the right size for the wire you are using. Most rollers have two 
sizes on them and can be turned around on their shaft to put the other size in line 
with the wire. There will probably be an extra roller with other sizes on it that 
comes with your machine. 

When six inches or more of wire have been fed into the welding cable, put 
the wire-tension adjuster back in place over the wire, keeping the wire centered 
in the groove. Turn on the welder and put the wire-feed speed about one-quarter 
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5.39 There are three choices in regulators for MIG shielding gas. The unit at right is 
a single-gauge, economy unit which indicates only the line flow, not the total tank 
pressure, at left is a dual-gauge unit that shows both, and in the center is the more 
professional model that has a floating-ball flow meter easy to read from a distance. 


of the way and pull the trigger. At this point, adjust the pressure on the wire ten- 
sioner until the rollers are feeding the wire, and then turn it 1/4-turn more. With 
the nozzle and contact tube unscrewed from the end of your torch, keep the 
torch cable straight and run the machine until the wire comes out of the torch. 
Slip the correct-size contact tube over the wire, screw it in and attach the nozzle. 

The final check on wire tension is to make sure the wire can "slip" if neces- 
sary. Eventually in your MIG practice, you will virtually weld the wire to the con- 
tact tube. When this happens, and you are still pulling the trigger, the machine 
tries to feed more wire but it can't come out of the gun, so it jams up inside in 
what is called a "birds nest." To prevent this, bend the wire to the side of your 
torch and put the nozzle right against the shop floor, simulating a stuck wire. 
While watching the drive mechanism inside the machine, pull the trigger. The 
drive rollers should have just enough tension to always pull the wire through, but 
not enough to prevent slippage in case of a jam. lf your rollers do slip in this test, 
you're set. 

If yours is a flux-cored-wire machine, you are ready to weld, but for the 
shielding-gas machines, you have to set up the bottle. With the bottle mounted 
firmly on your cart, attach the regulator to the bottle and attach the reinforced 
hose (should come with your machine) to the regulator with a hose clamp, con- 
necting the gas to the machine. On some machines, a special adapter connects 
the reinforced hose to a small plastic hose going into the machine. Keep the two 
regulator gauges protected from impact, and always keep the gas valve turned 
off when you are not using the machine. Some cylinder valves only seal well 
when the valve is either fully off or fully on, so when your machine is on, turn the 
cylinder valve all the way, not just a few turns. You can check any of your gas 
connections for leaks using some soapy water solution. Bubbles indicate leaks. 
Adjust your gas regulator to the proper flow rate (cubic-feet-per-hour rate, ac- 
cording to your instructions) for the material and wire you are working on. Note: 
One gauge tells you the flow rate and the other tells you how much pressure Is 
still in the bottle. You can't read either one unless the cylinder valve is turned on, 
so don't look at your bottle one day and notice that the tank gauge looks empty - 
turn on the valve to really see what's left. 

Now you're ready to practice. Select some 1/8-inch steel, set your amperage 
according to the suggestions in your instructions, and set your wire speed a little 
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5.40 The basic MIG units have only a few power settings. 5.41 The wire speed has a lot to do with the heat and quality 


Your instruction sheet will tell you the recommended of the weld. Generally when you have it right, the MIG 
thickness of metal for each setting, and a chart on the front of machine makes a very satisfying steady "sizzle" sound. 
the machine usually tells you the amperage and duty-cycle of Practice by adjusting the feed high and gradually lowering it 

the settings. After some practice on different materials, you until the sound and results are satisfactory. If you do 
will learn instinctively which settings work best for your work. repetitive projects, write down the amperage and wire speed 
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Gun tip inclination and the 
direction of the weld can be 
changed to match different 
welding conditions 


5.42 Of the two methods of gun travel 
with MIG welding, beginners often like 
to use the reverse or backhand 
method because they can watch the 
puddling action much better. 
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settings that have worked for you. 


higher than what's recommended. The wire speed is key to getting a good weld 
with proper heat and penetration, and tuning the speed is easy. Listen to the 
sound the welder is making as you make a straight bead. If the speed is too fast, 
most of the wire coming out will be red-hot and there will be a loud crackling 
noise, gradually adjust the soeed down until you get a steady sizzling sound. The 
wire should be melting right at the weld. Practice tuning in the wire speed at dif- 
ferent power settings and metal thicknesses. 

There are two torch-holding techniques for MIG welding, forehand and back- 
hand (see illustration). The first is when the torch is angled and moved such that 
the weld is taking place ahead of the torch's direction of travel, and the back- 
hand is when the weld takes place behind the torch (see illustrations). Most be- 
ginner find the backhand (also called "dragging" the weld) technique works best 
on most steel-welding projects, giving the weldor a better view of the puddling 
action. In either style, the torch is angled about 35 degrees to the work. If you 
find yourself doing a vertical seam, you can travel either up or down, but use the 
forehand technique (Sometimes called "pushing" the weld) only when going up, 
and the backhand technique going down, keeping the arc on the puddle's lead- 
ing edge at all times for good penetration. 

After making good straight beads on top of the plate, try joining two plates. If 
you are working with materials under 1/8-inch thick, most steels can be MIG- 
welded without beveling the edges, but you should tack the parts together with a 
slight gap between them before finishing off the seam with a full weld. This as- 
sures good penetration. On 1/8-inch and thicker metals, the edges should be 
beveled before tacking them. If you find that you are consistently burning through 
the material, the heat setting is too high, or you are moving too slowly. If it is 
"cold" appearing and not penetrating, the amperage may be too low, or you may 
be traveling too fast. You will adjust your travel soeed with the torch by watching 
how the puddle develops, moving the torch along at a slow, steady rate. One of 
the great advantages of the MIG process is that your torch is right down close to 
the work, and there is much less intense light, heat and spatter as with arc-weld- 
ing; you can get your head closer to the work to really see the puddle progress. 
Keep a pair of sharp wire-cutting pliers on your welder at all times. You will use it 
when you start each time to maintain about 1/2 inch of wire sticking out of the 
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5.43 The tip-to-work distance is very important in maintaining the 
short-circuit arc. When practicing, watch the arc closely. The white- 
hot, melting end of the wire should stay about the same short 
distance from the puddle. Wire speed and welding travel speed 
control this. 


5.44 This is what some of your practice welds will look 
like. The heat setting was too hot here, and the weldor 
wasn't very steady with the gun. Use both hands and 

find a very comfortable position to hold it steady. 
Note the amount of spatter from making and breaking 
the arc. 


5.45 This production weld by a 
professional shows how clean and 
perfect MIG welds should look. The 
heat-affected area on either side is 
small, the weld has good penetration, 
and there is minimal spatter. Heat was 
evenly played on both pieces of tubing. 
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5.47 At left here is a MIG bead that was too low in 
amperage for the thickness of the material. 
Penetration is shallow and the bead sticks up too 
5.46 Welding current affects the penetration of the weld and the size high. At center, the correct amperage was used, 
of the bead. Ideally, you are looking for good penetration without a and at right, the amps were too high. The right-hand 
too-tall or too-wide bead. bead may look OK here, but penetration was too 


deep (dropthrough on the backside) and there was 
some undercutting on either side of the bead. 


5-19 


Haynes Welding Manual 


5.48 After you have practiced 
sufficiently, you'll develop a natural 
rhythm for the torch movements to 

create a good bead of overlapping 
oval puddles. 


Insufficient penetration. 
Weld strength is poor 
and the panel could 
separate when it is 


INCORRECT 


) ARC GENERATION 


DDD 


OVERLAPPING BEADS 
CORRECT 


INCORRECT 


There js good penetration 
but finish grinding will be 
both difficult and time 
consuming. 


Good penetration and 
easy to grind. 


finished with a grinder. 


ARC LENGTH: 


ARC LENGTH: MEDIUM 


SMALL 
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5.49 Arc voltage and length affect the shape of the bead's profile and its penetration. Cut a few of your practice welds in half to 
examine the beads. The shape of the overlapping puddles should have rounded ends exposed, not sharp, triangle ends. 
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TACK WELDING POINTS 


5.50 The thickness of the panel you are working on 
determines how far apart your initial tack-welds should 
be to firmly align your parts. On thin materials, you need 

a lot more tacks. 


5-20 


5.51 When working on large panels of thin material, such as when 
doing body work like welding on a new quarter-panel, warpage is 
a problem unless you keep the heat down by making lots of tack 
welds, then switching back and forth to the coolest section to add 
a short weld, then move to another section, and switch back and 

forth until the whole seam is done. A continuous weld might put 
too much heat in, and warp the new panel, requiring lots of 
hammer-work to straighten. 
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5.52 Instead of a straight butt-weld, panels of thin material are 5.53 Door-handle and lock holes have been filled in 
often joined with spot welds, in which the top panel is punched with on this street rod door, using small circles of sheet 
small holes. You MIG-weld around the hole, joining the top panel to metal the same thickness as the original metal. In 

the bottom. order to avoid warping, the circles were filled by 


tacking the filler pieces in a few places, waiting for 


the part to cool off, then adding a few more tacks, 
gun. If you are welding thicker materials, or two edges that have irreg- until the whole circle was made of tack welds. 


ular gaps, you can weave the arc back and forth from side to side as 
you travel, bridging the distance between the two edges. 

Sometimes a start-and-stop technique works well for bridging gaps or filling 
holes. You watch the arc and weave from one side to the other, then pause (let 
go of the trigger) for a second with the torch in the same spot, allowing the pud- 
dle to solidify, then pull the trigger again, building a new puddle onto the last one. 
To fill a hole, just Keep making tack-welds around the edge of the hole until you 
have made it smaller (see illustration). Let the metal cool, then add an inner row 
of tacks inside the first "ring" until you close up the hole with filler metal. This is 
often done in filling sheet-metal holes in body work, but any hole larger than a 
dime should be filled by welding in a circle of new metal of the same thickness. 

The beauty of the MIG process is that the torch is a one-hand operation, 
which allows you to use your other hand to steady your primary hand and draw a 
smooth bead. Also the torch stays the same distance from the weld at all times, 
unlike arc welding where the rod is always getting shorter. 
MIG welding doesn't require stopping to change electrodes 
either, so you can concentrate nicely on what you are do- 
ing. The one-handedness of MIG welding tempts some 
weldors to operate the torch with one hand while they actu- 
ally hold something on the work with their other hand. This 
is OK for tack-welding, where you have a body panel you 
need to hold in alignment while you tack, but better seams 
are made when you hold the torch with both hands. Some 
users get used to the lower brightness and spatter of the 
MIG process, and are tempted to tack parts together with- 
out using a helmet. Body men in particular are prone to 
hold two panels in alignment, put the torch where it needs 
to be, close their eyes and make a tack weld for a second. 
Although MIG welding does produce less intense light and 
spatter than arc welding, you are still subject to both radia- 
tion burns and some spatter. Don't ever take a chance with 
your eyesight. One blob of spatter onto your bare eyelid Pipa. Wien wieldinia-w corner binteuch ae aia 
could be really dangerous! A much better procedure (and the gun at about a A degree angie to aim equal heat and filer 
the only one we recommend) would be to use some clamps on both pieces. 
or other devices (see the Safety and Shop Equipment chap- 
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Fig. 6-42. Switch arrangement. 


method of switching, most common repeater pairings can be ob- 
tained. If a more sophisticated system is desired, an automatic 
offset could be built in, or a keyboard-type entry system could be 
used. The important thing to note is that the synthesizer only 
requires the BCD code of the desired frequency—no look-up table 
is needed. 

Mount all of the parts on the board in the following order: 
sockets, resistors, capacitors, chokes, transistors and diodes, 
crystals, and jumpers. Before inserting the IC chips, apply 12 volts 
to the unit and check for the proper supply voltages at the IC 
sockets. After turning the supply off, insert all of the IC chips. Turn 
the unit on again and the unlocked light should come on. The first 
signal to check on the unit is pin 14 of Z3. There should be a 5-volt 
peak-to-peak square wave at a frequency of 833.333 Hz. With an 
accurate frequency counter, preferably set to measure the period, 
adjust C37 until the frequency, or period, is as stated. This adjust- 
ment could also be made by looking at pin 9 of Z6 and setting C37 
for a frequency here of 26.6666 kHz. Connect the positive lead of a 
vtvm or FET vom to the lead of R1 farthest from VC1. The voltage 
here probably will be either near zero volts or near 10 volts, either 
of which represents an unlocked condition. With the synthesizer in 
the receive mode, set the frequency select switches to 147.995 
MHz and adjust the tuning slug on L1 until the voltage reads 
approximately four volts. The unlocked light should now be extin- 
guished. Change the frequency select switches to 144.000 MHz 
and check to see if the light is still extinguished. Simulate the 
transmit mode by grounding the PTT line on the synthesizer and 
check to see that the synthesizer locks over the same frequency 
range in transmit. The voltages at R1 should be within 0.5 volts of 
one another for the same frequency on transmit and receive. 

Trim L1 until the tuning range is correct. Any constant flicker- 
ing of the unlocked light indicates an unstable condition, and the 
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5.56 The best argon flow meters for professional use are the 
type with a floating ball inside a glass tube. Every time you 
pull the trigger, the ball floats up on the scale to indicate the 
gas flow to the machine. At a normal working distance from 
the machine, the weldor can more easily read this than a dial 
gauge. lt makes it easy to see at a glance if you forgot to turn 

on the gas at all. 


= hb 
5.55 Don' be tempted by the low 


spatter of MIG welding to just shut ter) to hold your panels in alignment, and use a helmet. If you don't like the 


: bother of flipping a big helmet up and down to just make a series of quick tack- 
ad body panels. welds, then use a hand-held face shield with lens (see illustration). It's very easy 
while tacking, use a hand-held safety- to hold the shield in your left hand while tacking with your right, and it goes in- 
shield with lens as shown here. stantly from shielded to an unshielded view of the work. 
Weldor here has long sleeves, but If you are welding along and all of a sudden the bead goes bad, there are 
should have gloves on and a turned- several things to consider. If you have been steady with your arc distance and 


around hat to protect his hair from 


hot spatter. travel speed, then perhaps a draft temporarily blew the shielding gas away from 


the weld. If it's not a draft, look to your main torch cable. If there are any bends or 
kinks in it, in the position in which you hold it when welding, the flow of gas can 
be restricted easily. Watch your gas bottle gauges while you pull the trigger for a 
second to see if the flow rate has changed or if the gas bottle is running low. The 
better equipped MIG machines in most shops have a type 
of regulator with a flow meter to indicate the flow rate (see 
illustration). It consists of a glass tube with a colored ball 
inside that floats during gas flow. The numbered line it 
floats to indicates the flow rate. The advantage of these 
more expensive regulator/meter setups is that the weldor 
can see the gas flow from where he is at the work. He does- 
n't have to go back to the machine to read a gauge dial. 
Aluminum welding will be more of a challenge than 
steel, regardless of the welding method used. Aluminum re- 
ally soaks up heat, and you have to use thicker wire, and 
more heat, wire and gas flow to weld it. Equipping your ma- 
chine to weld aluminum means: setting the gas flow almost 
twice as high as for steel, using aluminum wire, using the 
right gas mix, replacing the wire liner in the torch with a 
Teflon liner and using a contact tip that is one wire-size big- 
ger than the aluminum wire. The reason for all this is that 
the aluminum wire tends to grow more with heat than the 


5.57 When MIG-welding aluminum, especially thin aluminum, 
the aluminum wire itself is fairly flexible, which can cause 
feeding problems inside the machine, because the drive 


rollers are pushing the soft wire a long distance. This is a steel wire. The wire tension needs to be fairly light, because 
spool gun, which holds a small roll of aluminum wire right at bird-nesting IS more commonplace with the less stiff alu- 
the gun for easy feeding. minum wire. In fact, there are special MIG guns made for 
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5.58 For tight quarters such as muffler work and other round- 
tubing situations, HTP makes this MIG gun with a flexible swan 
neck. It can even be used straight ahead, to reach into a spot where 
you can't get your hands. 


a. = \ 


5.59 Muffler shops are finding that the MIG machine is 
faster and safer to operate under a car than the 
traditional oxy-acetylene torch equipment. There is no 
constant re-lighting and adjusting of the flame to worry 
about when initially tack-welding various pipe 
sections together. 


5.60 A handy welding cart for your MIG machine will probably be 
one of your first home/shop projects. This one is simply-built from 
one-inch angle-iron, fitted with a steel bottom shelf to hold the 
welder, bottle and accessories, and the top was made from a piece 
of polished-aluminum diamond plate purchased from a remnant pile 
at a scrap yard. Caster wheels were added quickly by welding their 
mounts to the bottom. 


— 


a y 
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5.61 You'll find many uses for your 
production work with thin aluminum wire that hold a spool of wire right at the welder once you get used to using it. 
gun. Called spool guns, they eliminate the wire-feeding problems of trying to This example of a typical home 
push a soft aluminum wire all the way through a cable to your torch (see illustra- project is a plywood-covered rear 
tion). bumper extension for a truck. It's 
The wire speed should be faster than for an equivalent sized steel wire, and pet for pete code alban gear, 
the forehand technique is recommend because it puts more preheat ahead of the Bee ee eas ee ey 


cooking when camping. Its also a 
wide step when stepping out of a 
camper shell on the truck. 


puddle. There are two extra steps in welding aluminum. The metal must be 
scrupulously clean and preheated to 350° F to get a good weld. You should keep 
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5.62 het: pee au was > MIG-welded from one- “inch steel tubing 
and braced to a 2x2-inch tube that fits into the truck's hitch receiver. 


5.63 Street rod shops, customizers and restoration 

shops are using a MIG welder more and more, for its 

WIR convenience and ability to handle delicate thin 

A AAA ee CE MERETE } PA Ej materials. This 1982 Ford door has had a new skin 

T A A i aie hha ae MIG-welded along the bottom where the original door 
was rotted away. 


5.64 The door bottom was welded on with a series of very short 
welds, alternating from one area to another to keep from putting too 
much heat at one time into an area. Eventually, the whole seam is 
welded. L-TEC Easy-Grind deoxidized MIG wire is perfect for these 
kinds of jobs, because it grinds off easier, without inducing too much 
heat in preparing the seam for finishing and paint. 


5.65 Customizers and restorers are fond of achieving a perfect gap 
around body panels on first-class vehicles. Often this involves 
grinding material off an edge or, as here, adding a sliver of metal 
along the door edge (at right) to close up a gap. Welding these thin 
strips is the perfect province of small MIG machines. 


a stainless-steel wire brush handy that is strictly used for cleaning aluminum. 
Don't use it for brushing steel or it will later on contaminate your next aluminum 
weld. 

Start welding aluminum with the torch further out than you would for steel, 
say one inch. Always start an aluminum weld with the end of the wire cut off fresh 
with snippers. As soon as the arc starts, move the torch closer, down 3/8 to 1/2- 
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inch from the work. Instead of the torch angle we recommended for steel, hold 
the gun almost square to the material and inclined only 5 to 15 degrees in the di- 
rection of travel. 

The puddling will seem much different in aluminum than in steel. The puddle 
freezes very fast, and the only change you notice is that the molten area is the 
only place that is shiny. Aluminum has a narrow range of melting before it vapor- 
izes and is highly susceptible to tiny amounts of foreign material. If you see black 
specks appearing as you go along on a seam, they represent impurities coming 
to the surface. The short-circuit type of MIG machines we have been discussing 
are best when the aluminum being welded is relatively thin. Thicker parts are bet- 
ter welded with TIG equipment or the spray-arc-pattern found on larger industrial 
MIG machines. 

There will be a little more maintenance on the nozzle and contact tube when 
welding aluminum, due to increased spatter. The use of an anti-spatter spray in- 
side the nozzle, or dipping the hot gun tip in nozzle gel, won't produce any less 
gunk inside the gun, but it will make its removal much easier, as it does with steel 
welding. If you use an anti-spatter chemical, it can act as a contaminant to the 
aluminum weld, so, after applying the anti-spatter, briefly use the torch on a 
piece of scrap aluminum to "burn-in" the chemical so it won't drip off onto your 
"good" weld. 

One of the most common aluminum welding jobs in automotive work is re- 
pairing cracked cylinder heads, bellhousings and other large aluminum castings. 
The cracks should be well ground out to virgin metal and Vee'd before welding. 
These parts can really soak up heat so they should be thoroughly preheated, ei- 
ther in an oven or with an oxy-acetylene torch fitted with a rosebud tip. The old- 
timer's method of measuring the preheat was to coat the part with black soot 
from a overly-rich gas torch. Then with a torch set properly, the part was heated 
until the soot burned off, and that was considered enough preheat. Obviously, 
too much preheat could require complete re-machining of the part after the weld- 
ing to correct warpage. Modern weldors use temperature marking sticks to get 
an exact preheat. 

Maintenance on your MIG equipment is simple, but should be performed 
regularly to keep everything operating smoothly. The most often-maintained 
items are the gun components. The contact tubes wear out from frequent use as 
well as become burned such as when you hose kinks and the gas stops during a 
weld. Sometimes the hot wire welds itself to the contact tip. Often the problem 
can be fixed by filing on the end of the tip to free the wire's bond, or by pushing 
the wire to the side with your cutting pliers. If not, you can remove the nozzle, un- 
screw the contact tip and cut off the wire. Then feed the wire through a new con- 
tact tip and screw the tip in place and replace the nozzle. Use anti-spatter agents 
often, and clean out the nozzle and contact tip before starting a project, during 
the project, and after the project. When you replace the roll of wire, use a blow- 
gun on your air compressor hose to blow any dust out from inside the cabinet, 
and blow off the roll of wire before you install it. Keep the drive rollers clean with 
mineral spirits and lint-free cloth. Often professional weldors will tape piece of 
lint-free cloth inside their MIG welder such that it drags across the wire as it 
comes off the roll. The cloth helps to snatch any lint or dirt from the wire before it 
can collect in your cable or torch. 

That's about all there is to MIG maintenance. This is a welding system that 
has really become the prominent method for the home/shop user in the last 
decade, and if you have read all of the above, you can see why it has many ad- 
vantages. Once you start using one, you'll really appreciate it. The lack of para- 
phernalia, the ease of starting and maintaining the arc, the cleanliness of the 
welds, reduced shop fire hazards and the ability to weld various materials, in- 
cluding thin sheet metal, have combined to take the MIG process out of the ex- 
clusive hands of production weldors and give hobbyists, artists, farmers and 
restoration technicians a very practical, easy-to-learn welding system. 


MIG welding 
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+ There is rust or dirt on the base metal. 
+ There is rust or moisture adhering to the 
wire. 
e Improper shielding action. (The nozzle is 
| blocked, wind or the gas flow volume is 
low.) 
+ Weld is cooling off too fast. 
Arc length is too long. 


Pore 


i ela 


PORES/PITS 


Arc length is too long. 
e Gun angle is improper. 
Welding speed is too fast. 


UNDERCUT 


Welding speed is too slow. 
+ Arc length is too short. 


OVERLAP 


INSUFFICIENT Welding current is too low. 
naur e Arc length is too long. 

PENETRATION * The end of the wire is not aligned with the 
butted portion of the panels. 


e Arc length is too long. 
+ Rust on the base metal. 
Gun angle is too severe. 


EXCESS 
WELD 
SPATTER 


The contact tip hole is worn or deformed 
and the wire is oscillating as it comes out 
of the tip. 

The gun is not steady during welding. 


BEAD NOT 
UNIFORM 


+ The welding current is too high. 
BURN e The gap between the metal is too wide. 
e The speed of the gun is too slow. 
THROUGH s 


The gun to base metal distance is too 
short. 


5.66 It will take some practice to become competent with any welding equipment, but MIG is the easiest to learn and the most 
forgiving in most automotive and home/shop applications. Test your practice welds for strength and cut them apart now and 
again to compare with the illustrations shown in this MIG-welding troubleshooting chart. 
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6 TIG welding 


When those who are interested in welding talk about fusion techniques, the 
subject of TIG welding is held in a certain reverence. lts reputation in this regard 
partly stems from its place in history as the method used for construction of a 
great many famous aircraft. Although developed initially in the 1920s, TIG (Tung- 
sten Inert Gas welding) wasn't used much because the helium shielding gas was 
too expensive. The intensified research atmosphere of W.W.II spurred further de- 


velopment as aircraft were being made lighter and lighter 
and TIG became the preeminent method of joining such 
non-ferrous materials as aluminum and magnesium. The 
Linde Corporation (now L-TEC) was the first company to 
capitalize on the technique, and after the war their trade- 
mark name "Heli-Arc" became the de facto generic name 
for TIG welding. Many weldors today still use the term heli- 
arc more often than TIG as a description of this type of 
welding, even though a number of other companies have 
been making TIG equipment for many years. 

Besides the romantic beginnings, the TIG process has 
been considered quite special for other reasons. lt does 
take considerable practice to be good at it, and, because 
the equipment has always been rather expensive, a weldor 
who had one and was good with it developed a reputation, 
particularly in the field of esoteric materials and exotic con- 
struction in aircraft and race cars. Basically an outgrowth of 
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6.1 The TIG process is considered the most precise, most 
controllable and cleanest method of welding. The arc is made 
between the work and the central tungsten electrode in the 
torch, while a flow of shielding gas comes in from the nozzle. 
Note the low angle of filler rod addition. TIG or heli-arc 
welding is also one of the most observable welding process, 
with no spatter and little smoke. 


6.2 Where the TIG process is unequaled is on non-ferrous 
materials or on thin materials. Here a custom bicycle frame 
was heli-arc-welded from very light, very thin-wall 4130 
chrome-moly tubing for strength without a weight penalty. For 
the same reasons, this kind of material and welding process 
is use in race cars and aircraft. 
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6.3 Where welds on aluminum have to be as pretty as they 6.4 Unlike arc-welding or MIG-welding, the weldor can get 

are strong, TIG is again the top choice. The weld on these two very close to his work with heli-arc equipment. Even when 

machined and polished parts can easily be wire-brushed to welding on this cast-aluminum dry-sump oil pan, smoke is 
look as good as the polished parts. minimal and the arc not nearly as intense. 


arc welding, the TIG process is done with a lightweight torch that uses a tung- 
sten electrode to draw an intense, concentrated arc, shielded by an inert gas. 
The gas comes out of the torch, all around the electrode and displaces the air 
from the weld zone to exclude oxygen and nitrogen from contaminating the weld. 
Although helium was the original gas used, today argon is the most common 
shielding gas for TIG welding. The tungsten electrode is not considered a "con- 
sumable" in the usual sense, since filler metal is supplied by separate, hand-held 
rods, much like in oxy-acetylene welding. In many ways, heli-arc welding is like a 
high-tech version of the old-fashioned gas torch. 

The concentrated nature of the TIG arc is one of its strong points. Welds of 
great strength and quality can be made on thin materials, light materials, dissimi- 
lar materials, in fact most available metals, and all with minimal distortion or cor- 
ruption of the adjoining base metal. The process does not generate sparks or 
spatter, and the welds are as clean as can be, which is why it is the method of 
choice in aircraft, race-car construction, and stainless and aluminum products 

—— made for the medical, dental or food-handling services. 
There is no slag involved, and, because there is very little 
smoke generated, the weldor has a good view of the 
process, allowing him to make very precise joints. 

The weldor has greater control with TIG than most 
other welding methods. The amperage control is infinite be- 
cause, besides the settings on the power source, the wel- 
dor has a foot control he operates as he welds. We recently 
asked a veteran weldor to make some sample TIG welds to 
photograph for this book. There was to be one good bead 
and several bad ones. Even when we set the amperage way 
too high and way too low, he instinctively tried to produce a 
good bead, adjusting his torch speed and foot control to 
compensate. He couldn't make himself do a bad weld, and 
once the arc was started he tried his best and made fairly 
good welds even with the machine parameters way off. 

With good torch manipulation, a TIG weldor can weld 
thin materials to thick ones, steel to stainless steel, steel to 
cast iron, and enough other oddball situations that a good 
TIG weldor begins to be regarded as some kind of magi- 


quarters such as on this stainless-steel race-car header, 
TIG welding's wide range of operator control is seen as 
an advantage. 
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welding is usually done with MIG equipment, because of its speed. 
However, this chassis of lightweight, thinwall 4130 chrome-moly 
tubing was TIG welded. There are a lot of man-hours represented here 
in precisely-fit joints and welding time. 


cian. In the time that we were in our friend's fabrication shop, he did a production 6.7 Most shop-type TIG welders are 
job heli-arc welding some aluminum brackets, some prototype motorcycle seat ee os 
frames, repaired a Lamborghini aluminum water-pump casting, welded up a q p PoE 


à i , } water connections, making them less 
fancy cast-aluminum mailbox post that had been run over, and finally a gunsmith portable than other welding machines: 


brought in a trigger and barrel from an antique cavalry carbine to be repaired with This is a Miller Synchrowave 250, a 
TIG-welding. He handled them all with equal aplomb, and it was obvious that popular unit in many fabrication and 
people from all around brought the tough jobs to him knowing he could handle it. race-car shops. 


We've discussed many types of welding systems to this point, and each has 
been shown to have its advantages and disadvantages. With TIG welding there 
are only few disadvantages. There are very few jobs a TIG welder can't do, but 
there are some jobs other techniques are better suited to for practical reasons, 
not because of a difference in quality or strength of weld. For big jobs, like weld- 
ing up a Car trailer or a big metals rack made from steel tubing, the heli-arc is just 
too slow - an arc welder or MIG would be much faster. However, there are appli- 
cations in aircraft and race-car chassis work where a large project may be te- 
diously done with a heli-arc, simply because a lightweight, high-strength material 
like thinwall 4130 chrome-moly tubing is used where TIG would be the preferred 
method (see illustration). For outdoor work, again an arc welder or flux-core- 
wire MIG are the best choices because they aren't as affected by air currents. 

The cost and complexity of the TIG system has kept it out of the hands of 
most small shops until the last few years. Most large TIG setups are heavy, some 
weigh up to 800 pounds and have to be moved with a crane or hydraulic pallet- 
jack, and most professional units have a water-cooled torch assembly which of- 
ten involves some plumbing connections in the shop beside the normal electrical 
hookups (see illustration). So the big shop-type TIG machines have always 
been about the most expensive welding machines available, which has increased 
their mystique but not widened their market. In the last few years, however, man- 
ufacturers have built smaller and lighter, solid-state-electronic TIG machines to 
make them more attractive to the small fabrication shop, race-car shops and 
street rod builders. Many of these machines are now air cooled, and, at about 
one-third the cost of the traditional TIG machines, they are being seen out in the 
field more and more. As one street rod builder told us, "There isn't a thing ona 
car that would require me to have a 600-amp welder, and when you design and 
build a car two brackets at a time, the torch never gets that hot." 


That is the main difference between the usage of the large, industrial TIG 
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6.9 The exploded view of the typical TIG torch shows the 
tungsten (right) and from top to bottom: the back cap, collet, 


6.8 The basic TIG torch is very light, easy to hold comfortably, collet-chuck, torch body, and ceramic cup or nozzle. To 
and quite durable. The only "consumable" is the filler rods, if assemble, the collet-chuck is screwed into the torch body on 


slides in from the top, and then the tungsten is slid in and 
retained by the back cap. 


welding machines and the "economy" TlGs on the market today. The big boys 
can weld all day long at any amperage they need and never overheat the torch or 
the electronics, the air-cooled smaller TlGs are fine for anything but long seams 
or welding big aluminum castings. 


The equipment 


The basic components of the TIG setup include the power supply, foot con- 
trol, water circulation system and the torch. The latter differs from the other types 
of electric-welding torches by being smaller and lighter and holding a central rod 
of tungsten as the electrode for the arc (see illustration). Taking the torch apart, 
there is a ceramic shield at the business end (called the ceramic, the gas cup or 
the nozzle), then the collet, which retains the tungsten in the collet body, and the 
back cap (see illustration). There is customization of the torch, depending on 
the work to be done, in that there are different-sized tungstens, different gas 
cups with shapes for specific kinds of jobs and different back cap lengths de- 
pending on how tight the quarters are where the weld has to be made. For in- 
stance, you could use a short tungsten and short back cap to fit into a tight cor- 
ner better. The shape of the gas cup can create a different shape and size 
envelope of shielding gas over the weld area. From the larger welding-machine 
companies, there's a variety of different-size torch bodies with different amper- 
age capacities as well as some special models made for tight confines, including 
one in which the tungsten and ceramic nozzle come straight out of the handle 
rather than at an angle like most TIG or MIG torches. 

When it comes to the basic power supply, you will not find as great a range 
of choices as with say, MIG welders. The marketplace for TIG equipment is still 
pretty much a professional arena, and the newer, less-expensive air-cooled TlGs 
are at one end, and the big, shop units are at the other, with few choices in the 
middle. A TIG setup is still not a home/shop type welding process, though there 
are certainly some small specialty fabrication businesses run out of a home 
garage that could utilize a TIG machine, particularly if the work involved alu- 
minum, stainless steel or other non-ferrous parts, and high-quality, squeaky- 
clean welds were important to the products' strength or appearance. If you had a 
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6.10 There are only a few small, more-portable TIG units, like this 
100-amp "pulse-TIG" from Daytona MIG. It is a 220V, DC-only 
machine, but is said to be suitable for steel, stainless-steel and 
chrome-moly up to 3/16-inch thick. 


small business making stainless-steel rope clips or other items 
for rock climbers, for instance, you might weigh the cost of an _ 


A 
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air-cooled TIG versus sending all your parts out to be welded in a 6.11 Mid-size TIG machines are in the 160-250 amp 
shop. If you had the volume of work to justify the one-time costs range, though this fairly-portable Daytona MIG unit is 
and the learning process, it could be a good move to do your 130-amp, 220V. Mid-range machines offer options like 
own. However, it would be a wise move to take some TIG classes slope control and post-flow. This one has square-wave 
and get yourself certified first. technology, and AC/DC operation. 


Input voltage on TIG machines begins in the 220V range of 
single-phase power, and the bigger professional boxes are for 460V three-phase. 
The professional units range in amperage capacity from 250 amps to 300, 400, 
500, and 650, though the larger ones are multi-technique machines on which the 
high amperages are probably used only on the arc-welding process. lt would be 
pretty rare to use more than 300 amps on a TIG weld, unless you had to weld re- 
ally thick aluminum plates or castings. When welding at 300 amps or more, tiny 
bits of the tungsten electrode can come off and become included in the weld, 
which would weaken the joint. The three-phase current models are definitely for 
shop use only, where the amount of shop equipment and power used every 
month makes the expense of transformers and rewiring the building economical 
over the long run in utility bills. Home shops generally do not have three-phase 
power. 

On the small-shop scale, there are very few TIG-capable units in the 115V 
range. One we have seen is the Hobart Ultra-Weld 130, which is an arc-welder 
with TIG capability, but with a limited range for either. In its 115V version, it offers 
75 amp capacity with a 40% duty-cycle, and the 220V model offers 130 amps at 
60% duty-cycle. lt does not include the TIG torch, and its TIG range of material 
thicknesses would be limited. We expect that as the home TIG market expands, 
there may be some interesting, smaller 115V and 220V units to come. A few im- 
ported TIG units are built with DC-only capability to keep the price down to a 
starter level, and they are fine for steel (only) up to 3/16-inch (see illustration). 

Of the medium-range TIG units, there are several of the domestic and im- 
ported brands offered in the 160-250-amp category that can handle virtually any- 
thing in the small shop environment (see illustration). Most of these are 220V or 
more in input current requirement, but most are single-phase, which means you 
could easily wire your shop to accommodate them. Be advised though, that even 
the 160 amp units can draw 36 amps of input power at their highest settings, and 
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Fig. 643. Receiver output. 
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transceiver should be keyed only if the light is fully extinguished. A 
brief flash of the light when setting the frequency select switches, 
or when keying the transceiver, is just an indication that the 
synthesizer has become unlocked momentarily while changing 
frequency. 

With the PTT line open (receive mode), connect a frequency 
counter to the receiver output jack and set the frequency select 
switches to 146.000 MHz. Adjust C34 until the counter reads 
22.5500 MHz. Ground the PTT line (transmit mode) and adjust 
C31 until the counter reads 24.3333 MHz. It should be noted that 
the reading of 22.5500 MHz in the receive mode assumes that Y2 is 
21.5500 MHz, which is the proper crystal for a 10.7-MHz i-f. For 
any other i-f, the counter should read (24.3333 — i-f/6). This 
completes the calibration of the synthesizer. 

The unit should be built in a metal box with a cover that makes 
good electrical contact all around its perimeter. This prevents rf 
from getting into the synthesizer from the transceiver. Connecting 
leads to the transceiver should be made with RG-174/U. The first 
step in interfacing the synthesizer to the transceiver is to select 
Y2. Its value depends on the i-f frequency of your transceiver. Fora 
radio with a 10.7-MHz i-f and receive crystals in the 45-MHz 
region, Y2 will be (23.3333 — 10.7/6) = 21.5500 MHz. For other 
i-fs, (23.3333 — i-f/6) will give the value for Y2. Even though the 
transceiver takes 45-MHz crystals and 22-23 MHz comes from the 
synthesizer, the receiver's oscillator and multiplication circuits do 
the proper multiplication. Receivers using 15- or 22-MHz crystals 
will also work with this scheme. 

Connect the receiver output coax to the transceiver at an 
unused receiver crystal socket. Use a .001-yF capacitor to couple 
into the socket (Fig. 6-43). 


Fig. 6-44. Transmitter output. 
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6.12 When you go up in welding machine size, 
you get more amperage and higher duty 
cycles. This TIG-Star 250 operates on several 


the 250-amp machines can draw 60 amps or better on full load. This 
means that your household 30-amp 220V circuit would blow at any of the 
higher settings. You would really need a separate circuit and box for the 
welder, with a 50-amp breaker for the smaller mid-range machines and 
100-amp breaker for the bigger ones. 

The mid-range machines offer several special features, such as 
slope control (see illustration). This refers to how the wave of current cy- 
cles when the machine is welding. Picture the wave as a curved line that 
goes up, down, crosses the baseline and then curves back up and over 
again in repeated fashion many times a second. This is called a sinu- 
soidal wave in alternating current. TIG machines use both AC and DC 
current, with the AC used for non-ferrous metals like aluminum or mag- 
nesium. One half of the AC wave is actually straight polarity, and the 
other half is reverse polarity. The straight-polarity portion of the wave 
builds the heat in the arc, while the reverse current has the effect of 
cleaning the oxides from the aluminum being welded. So the TIG torch on 
AC is constantly cycling between a hot arc and a cleaning cycle, but at 
lower amperages the arc can be obstructed at the changeover point or 
actually go out. Most of the TIG machines have a special circuit inside 
that produces a high-frequency, low-power extra current that keeps the 
process going at all times. The high-frequency control makes the TIG arc 
easy to start without touching the tungsten to the work, and makes a 
more stable arc while welding. On many machines the high-frequency 
system can be set on the front panel of the welder to arc starting, off, or 
continuous use. On ferrous metal welding, the high frequency is used 


single-phase input currents, and has a 60% 
duty-cycle at 200 amps, with 100% duty-cycle 
at 140 amps. 


AC Sinusoidal Wave 


AC Square Wave 
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6.13 As a standard "sinusoidal" wave of AC current flows, it is 
constantly reversing its polarity and its output is always 
fluctuating as the wave flows. With the new square-wave 

technology, electrodes can be used at higher currents and have 

good arc staring and stability, but without the radio interference of 
traditional high-frequency superimposition. The square-wave 
design inverts the current much faster, for better welds on non- 
ferrous materials. 
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mainly for arc starting. 
The slope control is a feature in which the weldor can adjust the pa- 


rameters of the wave on the up side or the down side to 
get the perfect combination of penetration and cleaning 
action on aluminum. Even a clean piece of aluminum 
contains some aluminum oxides in the base material, 
and the slope adjustments allow a good weld to be 
made without these oxides being included in the bead. 
Most of today's TIG machines offer square-wave AC. 
The traditional sinusoidal wave with high-frequency 
over it creates a lot of radio interference as well as 
some problems on welding aluminum (see 
illustration). The new machines are all solid-state elec- 
tronics, with features that make a wave made of up and 
down squares, rather than half-circles. This means the 
high-frequency control intervenes less often, and the 
same-sized electrode can be used at higher currents. 
This discussion of the current waves may be more than 
the home/shop user needs to know, but at least you 
may better understand the language used by manufac- 
turers to describe their equipment. Suffice it to say that 
the modern square-wave technology and solid-state 
electronics are desirable features in a full-on TIG ma- 
chine. 

Another feature you may see mentioned is post-flow. 
When you are making a bead and get to the end of your 
seam it's a good idea to allow gas to flow over the end 
of the weld as it cools, to keep out contaminants. On 
most professional machines, there is an adjustable 
timer that allows gas to flow for so many seconds after 
you have stepped off the foot control to quit the arc. 
You keep the torch in place just where you stopped, 
and gas keeps flowing for the specified time. This is 
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6.14 Less expensive, air-cooled- 
torch TIG machines have been 
available now for some time and 
are making inroads into shops 
where TIG was previously 
considered too expensive. This 
Miller "Econo-TIG" is being used 
in a street-rod shop on a home- 
built cart to make it as portable 
as any MIG machine. 


6.15 Today's state-of-the-art in 
TIG machines is represented by 
this 300-amp Heli-arc 306 by L- 
TEC (the new name for Linde 
Corporation, the original 
trademark-holders of the name 
heli-arc). All solid-state with 
square-wave technology, it 
provides high performance and 
high reliability. The bells and 
whistles include: slope control, 
spot-weld control, wave balance 
control, post-flow, and an "arc 
force" fine-tuning adjustment. 


helpful on steel, but is essential on aluminum, magnesium and brittle, high- 
strength steels like the 4130 used in aircraft and race-car construction. It's 
called post-flow because it is post-welding gas flow. The post-flow of water 
and gas to the TIG torch also helps to cool the tungsten electrode down to the 
point where it can't oxidize when regular shop air flows around it after the weld- 
ing stops. 

Most shop-type TIG machines feature a water-cooled torch, but some are 
air cooled, with the water-cooling system as an option (see illustra- 
tion). Obviously, the extra equipment for a water-cooled torch adds 
to the total price of the package. In some shops, the water-cooling 
system consist of a unit added on to the basic power supply, con- 
taining 1-5 gallons of water, a water-circulating pump and a small ra- 
diator and fan. It's like a miniature automotive cooling system. In 
shops where the amperages used can be quite high, or where long 
welds are made, the torch may be hooked to a source of regular cold 
tap water, and the heated return water flows back into the shop's 
drain. This system uses more water, but keeps the torch cooler than 
recirculated water systems (see illustration). 

The shielding-gas system for TIG welding isn't much different 
than for MIG welding, as discussed in the last chapter, except that 
you will use helium, argon or a mixture of the two in your bottle. Most 
TIG setups use as large a bottle as possible because portability isn't 
usually a concern in TIG welding (see illustration). Shops that do 
TIG welding usually have the machine set up right near their welding 
table and don't move them around, although the newer air-cooled 
units can be wheeled around a shop without too much trouble. 


Unlike oxy-acetylene bottles or most MIG-welding gas bottles 6.16 Argon bottles are available in a number of 
that use two-gauge regulators, TIG setups have a single round-faced sizes, depending on whether you are trying to make 
gauge on their tank and a flow meter instead of the other gauge for your TIG setup portable or not, and how much 
the line flow. The flow meter has a vertical glass tube with numbered welding time you need. Shown here, from left, the 


increments marked on it and a colored ball inside. When the gas is SZOS ATE vous ei 
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6.17 Flow-meters for argon bottles in 
TIG use are generally used in place of 
twin-gauge setups. Inside the glass 
tube on top is a colored ball that 
floats along a measured scale to 
indicate gas flow, but without 
requiring the weldor to step away 
from his work. 
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6.18 Argon is versatile enough to be used as the shielding gas for almost all 

TIG work, simplifying the storage of bottles. Often one large bottle mounted 
on a welding cart is all that's needed in most smaller shops. 


turned on and you click your foot-control on, the ball will float up inside the tube, 


indicating the level of gas flow in cubic feet of gas per hour (see illustration). 
Professional weldors like the flow meter better than a gauge because that col- 
ored ball can be seen floating in the tube from as far away as their welding table 
- they don't have to get up and look at the face of a gauge on the tank. They can 
just step on the pedal to start gas flow and see if the flow meter is set right. They 
can also tell if they have forgotten to turn on the gas bottle before starting. 

The correct gas flow is very important in maintaining the integrity of the weld 
by keeping out contaminants. For most basic steels, a flow rate of 8-10 cubic 
feet per hour with argon is sufficient up to 1/8-inch material, but the gas flow re- 
quirements go up with the amperage used and the thickness of the metal being 
welded. Stainless-steel requires only a little more gas flow than for plain steel, 
but if you were welding aluminum, the gas flow recommendation would go up to 
15-20 CFH for the same thicknesses, and a larger-diameter tungsten may be re- 
quired. 

Argon is certainly the basic, all-around shielding gas for the TIG process to- 
day, and is useable on virtually all metals (see illustration). Straight helium is sel- 
dom used, but often in production work a mixture of argon and helium is used to 
get the best properties of both gasses. Argon has the qualities of good arc-start- 
ing, cleaning action and best puddle control, while helium makes for a hotter 
weld for greater penetration and a faster welding speed, such as when welding 
thicker materials. An argon-helium mix is often used to allow welding of non-fer- 
rous metals at higher speeds. The helium in the mix helps make more heat for 
aluminum welding in a way that one weldor described as like "adding on a tur- 
bocharger." 


The process in action 


Basically, TIG welding is enough like oxy-acetylene welding that if you have 
already learned well how to weld with a gas torch, the learning curve for TIG 
welding will be much shorter than for most other weldors who have never learned 
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6.19 Finding a comfortable position for your torch hand is more than 
half the battle in achieving steadiness with TIG welding. Practice 
making a bead on your proposed setup withoutturning on the arc, just 
to find a comfortable position. Note the low angle and position of the 

filler rod in the weldor's left hand. 


6.20 This is a TIG welder of some years back. 
Today's current crop of TIGs are half this size. The 

| o e = = water-cooling unit here is mounted on top, and at left 
A is a rack of metal tubing holding various welding 
rods. The foot-pedal amperage control is in front. 
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6.21 Layout of this front panel is 
typical of most TIG power sources, 
with controls for coarse and fine 
amperage, current type, high- 
frequency control and post-timing. 
DIALARC HF 
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with a torch. It can be as challenging as it is rewarding. Like gas welding, the op- 
erator must use both hands, one for the torch and one for the filler rod, each of 
which must be moved along the weld seam at the same, steady rate (see illus- 
tration). In addition, the TIG weldor has to operate a foot-pedal-controlled or 
hand-controlled amperage device (usually clamped directly to the torch body) 
that is remote from the welding machine (see illustration). Using the remote 
control is one of the operator privileges of the TIG process, allowing the weldor 
to start an arc, infinitely vary the welding current as he is welding, and end the arc 
without moving the torch. Being able to vary the amperage while making a weld 
is what makes TIG welding so versatile in handling different thicknesses of met- 
als and the joining of dissimilar metals. Just the right amount of heat can be 
aimed at each side of a joint, and this also helps make TIG a technique that can 
work for all positions of welding, too. 

TIG machines produce either AC output with high-frequency over it (HFAC) 
or DC with the high-frequency for arc starting only (see illustration). Most TIG 
machines have a control on the front panel that switches between the types of 
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6.23 The lever at left on this Miller TIG sets the polarity, while 
the right lever is the coarse amperage, with a bottom setting 
of 10-55 amps, a medium range of 40-190, and a top range of 
125-310 amps. Within each range, the fine-amperage knob 
sets the upper limit for the pedal. 


6.22 The three-position switch at left is for the high- 
frequency, and at right is the post-flow timing as related to 
various sizes of tungstens. The bigger the tungsten, the more 
post-flow timing to cool it off. 


current, a control to select the basic amp range and controls for high-frequency 
and post-flow (see illustration). 

The AC is used on non-ferrous metals and usually has the high frequency on 
during welding, except for the newer square-wave machines that don't require 
high frequency all the time. The DC current can be either straight polarity or re- 
verse polarity. The straight polarity (DCSP) is used for steel, stainless-steel, sil- 
ver, silicon copper, brass alloys, cast iron, deoxidized copper and titanium, with 
the AC mainly for aluminum and magnesium. 

Set your Machine to DCSP (sometimes marked DC-), the high-frequency to 
the start-only position, and set the amperage for the material you are working on. 
Experienced TIG weldors usually set the three-position amperage lever as a 
coarse adjustment, then dial in the fine amperage control with a knob (see illus- 
tration). Often weldors will set the fine control all the way up, using their pedal as 
the ultimate control. That way, if during the welding the wel- 
dor needs a little more heat, he just puts the pedal down 
further. Whatever you set as the limit on the fine-amperage 
knob, that's as much as you can get from the pedal (see il- 
lustration). 

There should be a chart with your machine that tells 
you the correct size tungsten electrode to use with various 
amperages and material thicknesses. You will probably use 
a 1/16-inch, 3/32-inch or 1/8-inch for almost everything you 
do. There are two basic kinds of tungsten materials, pure 
tungsten or thoriated tungsten. The pure tungsten works 
under all conditions and metals, but is required for AC TIG, 
while the thoriated tungstens for DCSP welding are used 
often because they make slightly better starts and penetra- 
tion. 

Tungstens are somewhat expensive, but can be made 
to last a long time (see illustration). The sharpness of the 
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6.24 The pedal is the final weldor control of the amperage in 
TIG welding. Until you are experienced, you may want to set 
the amperage knob at the highest you need for a particular 
job, and know that when you are welding, the pedal can go all 
the way. It takes some experience to know how much pedal 
to give, if the knob is set to the max for the amp range on the 
coarse adjustment. 
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tip is important to good arc starting and penetration on 
steels, so TIG weldors keep a small supply of sharpened 
electrodes handy to slip into the torch (see illustration). 
Most weldors will sharpen both ends of a tungsten, so that 
if they need a new point right away they just loosen the 
back cap on the torch, slide the tungsten out and reinsert it 
with the new point down. Good weldors can do this in a 
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6.25 Make the most of expensive tungsten electrodes by 
using them until they are too short to fit the torch’. Shorter 
tungstens can be safely sharpened without burning your 
fingers, using a tungsten-holder like this. 
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: , l , 6.26 Spare, sharpened tungstens 
blink of an eye. A belt sander or grinder is usually used for sharpening tungstens, should be kept handy. This is a TIG 
but it should be a dedicated sharpening source (see illustration). A grinder used caddy, which holds extra tungstens as 
for smoothing steel or aluminum will have deposits on it that can contaminate the well as spares for all your torch parts 
tungsten. Sharpen the tip (like sharpening a pencil) only by grinding lengthwise and different size collets and nozzles. 
on the electrode, grinding from the tip back to the main body. Grinding it held The caddy is magnetic, and features a 
sideways to the grinder will leave a pattern of marks on the convenient torch rest. 


tip that may contribute to arc scattering. Electrode tips for 
use on aluminum with HFAC should be sharpened to be 
clean but with a much duller point than used for steel (see 
illustration). Theoretically, you should have separate ce- 
ramic cups for aluminum work too, but many weldors do 
use the same cup for both steel and aluminum TIG welding. 
When tightening the electrode in the torch, push the whole 
torch straight down against a solid surface (with the welder 
off) to see if the tungsten will slide in. If it slides, the tung- 
sten wasn't tightened enough (see illustration). 

At some point, your tungsten tip will contact the pud- 
dle, this isn't desirable, but it happens to everyone. Pull the 
pedal back all the way to break the arc, and keep the tung- 
sten in the gas flow for a few seconds until it cools off a lit- 
tle. You cannot continue to weld with this tungsten after it 
has touched either the filler rod or the puddle because it will 


tip, so as not to leave any radial grinding marks that could 
cause arc scatter. Grind points for steel like a pencil, like a 
crayon for welding aluminum. 
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6.28 The tungsten at bottom has been sharpened for use on 
steel, while the top one is for aluminum, with a small ball- | 
shape on the end. In theory, you could create a ball-end like — a =< 
this by striking an arc on a piece of copper before using the 6.29 The sharpened tungsten is inserted into the torch body, 
tungsten on aluminum, but a suitably-dull point will turn into a and when the tip is sticking out the right distance, you tighten 
ball like this with a few seconds use on HFAC for aluminum. the back cap to hold it in place. 


-< 
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6.30 Although you can crank up the gas flow and extend the 
tungsten tip out further for reaching into a tight corner, the 
normal extension of the tip should be 1/8-inch to 3/16-inch 

from the end of the nozzle. 


6.32 This is the backside of the 
same plate as the previous welds. 
Note how A has only a slight 
discoloration, B is close to being 
right, with a tiny bit of 
dropthrough, and C is too hot, with 
lots of dropthrough, while D is so 
hot there's more bead underneath 
than on top. 
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6.31 You'll make a lot of practice beads while learning to TIG 
weld. Here at left we have: A, a bead with too low an 
amperage, the bead sits up proud, B, the current control 
seems about right., C, the amperage is set a little too hot even 
though the bead seems OK on top, and D. way too hot, with 
the bead too wide and sunken. 


be contaminated, and the arc won't be clean and steady. 
The blackened and pitted section of the tungsten will have 
to be broken off with a pair of pliers, and the tip will need to 
be re-sharpened. Although tungstens are not considered 
consumable in the normal sense of the welding term, they 
do get shorter every time you break off a piece and every 
time you re-sharpen them, so eventually they become too 
short to use. When welding in tight corners, a short back 
cap can be used with a stubby tungsten, but otherwise use 
a long cap to protect you from contact with either a sharp- 
ened tip (when you have sharpened both ends) sticking out 
or a hot tungsten. The long back cap covers even a full- 
length new tungsten. 

Turn on your gas and set the flow to 10 CFH, attach the 
work-lead to a sample plate and run some practice beads. The tungsten should 
be held in the torch such that 1/8 to 3/16-inch of tungsten extends out past the 
ceramic cup (see illustration). At no time should the tungsten touch the work. 
When you bring the electrode to within about 1/8-inch of the work and hit the 
foot pedal, the arc should start and there will be a red-orange glow at the tip of 
the tungsten. As you move the tip around in small circle in one spot with the 
torch perpendicular to the work, bring the pedal control down for more amper- 
age. When the puddle is a bright fluid, move the torch along your seam slowly 
and evenly. The torch should now be tilted back to a 75-degree angle for the rest 
of the bead. To stop the process for any reason, just back off the foot control all 
the way to break the arc, but keep the torch over the same spot to cool the weld 
and tungsten with gas flow. 

When adding filler rod as in most joints of any thickness other than thin sheet 
metal, move the electrode to the rear of the puddle and dip the filler rod to the 
forward edge of the puddle. Then bring the torch to the front again and make a 
new puddle, move back, add filler, move again. This may sound like too much 
work, but really it is very similar to gas-torch welding and the movements be- 
come instinctive after enough practice. The filler rod should not touch the elec- 
trode, and it should be kept near the forward edge of the seam to keep it hot be- 


tween "dips." When it is brought to the molten leading edge of the puddle, a drop 
of molten steel will come off the rod into the puddle and be blended in when the 
torch advances over it. The filler rod is usually aligned with the direction of weld 
travel and held down to a shallow angle with the work. 

The rate at which you travel will depend on the thickness of the material you 
are working on, the amperage and the desired height and width of the bead. If 
you are too cold with the amperage or travel too fast, the bead will tend to stand 
up more, and even if it looks smooth and uniform, the weld won't pass a bending 
test because of lack of penetration (see illustrations). If you are too hot or mov- 
ing too slowly, the bead will settle into the parent metal and leave a long crater or 
at least some undercut on either side. On metals thicker than 1/8-inch, the edges 
of the parts should be beveled, and you will probably make more than one pass. 
The bottom pass or root pass ties the pieces together, and subsequent passes 
can be made at a higher amperage. TIG welding is not a process that quickly fills 
in large gaps or beveled seams on thick plates. MIG or arc welding is better for 
that. 

The filler rods used for TIG welding may look exactly like those for gas weld- 
ing, but they aren't. The TIG rods for steel welding have deoxidizers added, in 
fact one brand calls theirs "triple-deoxidized," and if you accidentally use a gas 
welding rod, you can make a bead but the weld will exhibit porosity. The proper 
TIG rods are very helpful when welding low-quality steels, which may be the 
"hot-rolled" steel you find at the salvage pile at your local metal supply. There are 
a variety of filler rods, including special blends used for the low-alloy, high- 
strength sheet metals now used in automobiles. 

After welding, your tungsten tips should be silvery and relatively clean. If they 
show signs of contamination, or are rough to touch, it usually indicates that air is 
leaking in somewhere in the torch or that shielding gas is leaking out somewhere. 
Check the cables and the fit of the collet and ceramic cup. If the electrode looks 
like it has a ball on the end like a miniature flagpole, then the amperage may be 
too high for that diameter of electrode. The tungsten shouldn't have a ball on the 
end bigger than 1.5 times the diameter of the electrode itself. If the tungsten tip is 
black or blue, check the timing of the post-flow on your machine. If the tip is 
black, it means the tungsten is cooling off in atmosphere instead of shielding gas 
and you need a little more time on the post-flow setting. 

Look at the inside of your ceramic cup after welding and check it for contam- 
ination. A cup that is too small for the work will show deterioration and even 
cracking. Cups are usually sized in 1/16-inch increments. A #4 nozzle is four-six- 
teenths or 1/4-inch, a #8 is 1/2-inch. The general rule is for the size of the cup to 
measure 4-6 times the size of the electrode being used. 

Your practice time before obtaining suitable beads will vary with your skill 
and previous welding experience. As we have said, the similarities between TIG 
welding and oxy-acetylene gas welding are such that you can pick-up TIG weld- 
ing much faster if you are already an accomplished gas weldor. When you have 
practiced straight beads and flat, butt welds and have those down fairly well, 
then try some corner or Tee welds, and then vertical seams. When you are com- 
fortable on these more difficult welds and the pieces you have done pass simple 
bending tests and cutaways to examine the penetration, you may be ready to do 
some actual projects with a TIG welder, but don't start right away with something 
critical like an automotive suspension or steering part, or anything that goes on 
an airplane. 


TIG-welding aluminum 


Perhaps a little more difficult to learn than welding steel, precision joints in 
aluminum or magnesium are among the primary reasons for having a TIG welder, 
so this should be your next area of practice. 

You need a well lighted area to do TIG welding because the arc is not as 


TIG welding 
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bright as with other electric arc techniques, and on aluminum you really need to 
see how the puddle is developing. Set your machine to HFAC, with the high-fre- 
quency on continuous, or use the square-wave feature if you have it, and adjust 
the post-flow for 1/8-inch electrodes. Use a clean 1/8-inch electrode (pure tung- 
sten) with the tip shaped for aluminum (not a needle-sharp point), and adjust the 
flow meter for the argon to 17-20 cubic feet per hour. Set an 1/8-inch-thick alu- 
minum plate that has been cleaned thoroughly down on the welding table. Alu- 
minum tends to age-harden when it is exposed to air, and aluminum oxides will 
constantly build up on the surface; such oxides are not always visible. Parts to be 
welded need to be cleaned just before welding to provide the freshest surface. 
Do not use chemical cleaners for preparing aluminum, unless it is something you 
have purchased at a legitimate welding supply store. Household or automotive 
cleaners may contain chemicals that will vaporize during welding and create 
toxic fumes. Use a stainless-steel wire brush (not steel wool) only, and never use 
this stainless-steel brush for cleaning plain steel. Since most sandpapers are 
made from aluminum oxide, and this is exactly the material we are trying to elim- 
inate when cleaning aluminum for heli-arc welding, don't use ordinary sandpa- 
pers to pre-clean. 

Use an aluminum welding rod, and clean the welding rods before starting, 
using alcohol and a lint-free cloth to wipe them down. The aluminum part you are 
welding should be well grounded to your table. If it is lightweight plate, put a 
heavy weight on part of it to keep it in contact with your grounded table, or attach 
the work clamp directly to the part. Otherwise, you may find that the bottom of an 
aluminum part you have welded on your table will have arc burns from intermit- 
tent contact with the table. Draw a bead on the aluminum for a short distance, 
then immediately cut off the arc. Examine this weld and you will probably see 
that where you stopped there's a small depression at the end of the bead. To 
avoid this at the end of every weld, don't back off suddenly, but rather ease out 
of it while slowly moving the tip back over the end puddle, and it should keep 
from sinking. 

Try to maintain a puddle of molten aluminum about 3/8-inch wide. Going too 
fast will keep it narrower, and vice-versa. You won't see any real changes in the 
aluminum in the way you are used to seeing steel alter during welding. The only 
clue that an area has become molten is that it gets very shiny in that spot. You'll 
have to watch for this change in reflectivity when making a series of puddles that 
make up a bead, because aluminum melts at 1250°F, much lower than steel and 
can be overheated easily with the intensity of an arc. When 
welding steel, you have a whole range of colors that the 
metal turns at different temperatures. These colors make it 
easier to tell when you have the metal molten and when it is 
just starting to cool off. You won't have this advantage with 
aluminum, and you'll probably burn through a number of 
samples before you learn temperature control on this metal 
(see illustration). 

After the weld is completed and cooled, you'll see your 
bead is nice and shiny because all of the bead material has 
been melted and it looks as good as virgin aluminum just 
out of the foundry, but along each side of the bead you'll 
see a light-colored band that is contrastingly dull. This is an 
area where aluminum oxides have been vaporized from the 
weld bead by the high frequency in the arc and deposited 
| next to the weld. If the aluminum plate you have been prac- 

l o n A A ticing on was not entirely clean, you may see some black 

6.33 When you are learning TIG welding on aluminum, keep spots, black "smoke" residue, or a wide dull area on either 

your torch angle so that you can get a good, close look at side of the weld bead, indicating too much aluminum oxide 

how the puddle develops and the molten area becomes shiny. was present. Inspect your welds for uniformity, appearance 

You need enough heat to form the puddle, but not much more ¿ng cleanliness, and check the backside of your welds for 
onthe aluminum vaporizes: evidence of sufficient penetration. 
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6.34 When welding thick aluminum materials, or aluminum 
castings like this fancy mailbox post, the edges must be method for preheating thick and cast aluminum before heli-arc 
thoroughly cleaned and beveled before welding. welding. In order not to warp cast-aluminum heads, manifolds 

and blocks, use heat-markers on the metal while preheating. 


When TIG welding any aluminum thicker than 1/8-inch, it is desirable to pre- 
heat the aluminum to 350°F before welding (see illustration). This is also partic- 
ularly important when welding aluminum castings such as repairing cylinder 
heads, water pumps, aluminum engine blocks, bellhousings and other automo- 
tive castings. If the casting isn't preheated before welding, it will proba- 
bly crack again later on, due to the welding section being expanded 
more than the adjacent metal, and then shrinking. Aluminum castings 
soak up a lot of heat, so the initial welding is made easier if the part is 
preheated because the part doesn't draw off the heat you're putting in 
to make the seam melt (see illustration). Preheating on automotive 
castings also helps bake out any dirt or oils that may be present, al- 
though any aluminum castings should be thoroughly cleaned before 
even attempting to weld them. Even starting with a clean casting and a 
Veed-out crack, impurities in the casting may keep coming out while you 
weld. 

Ideally, aluminum parts should be evenly heated in a temperature- 
controlled oven, but some parts won't fit in a regular oven, and perhaps 
the boss of the kitchen may not allow it anyway. The alternative is to use 
temperature-sensitive paint sticks from the welding supply. Use one 
made for 350°F and dab some on various parts of the casting. Heat the 
whole part with a rosebud tip on an oxy-acetylene torch just until all the 
temperature indicators have melted (see illustration). 

TIG-welding stainless steel should prove to be very similar to your 
practice on mild steel. What makes stainless steel different from ordi- 
nary steel is its content of both chromium and nickel, part of the reason 
for its much higher expense. You will find some characteristics that are 
different, such as the heat staying in the bead area longer than in plain 
steel because stainless steel is only about half as conductive of heat as 
regular steel. Once stainless steel does take on heat, it expands some 
50% more than mild steel, which can cause problems of warpage in ee ——— = ee 
thinner materials if the pieces aren't clamped or jigged securely during 6.36 Weldor Bill Maguire is TIG-welding the 
the welding process. In critical welding in industry, jigs may be made of heated mailbox post, using his rotating welding 


ae : stand he invented. At the bottom is a round disc 
A its conductivity helps to carry heat out of the stainless you can spin with your foot, leaving your hands 


| free to continue welding, especially where you 
In terms of setup, stainless steel can be TIG welded with the argon have to go around something. These should be 


flow set only slightly more than for steel, from 11-13 CFH for thicknesses available for sale at the time of printing. 


A = i 
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Fig. 6-45. Rear panel connections. 


The transmitter output coax from the synthezier also goes to 
an unused crystal socket, but a 100-ohm resistor and a .001-uF 
capacitor are connected as shown in Fig. 6-44. The resistor as- 
sures smooth operation of Z2. A ferrite bead is placed as shown to 
act as a choke which keeps the VHF rf from entering the syn- 
thesizer. 

The PTT input line should go toa line in the transceiver that is 
open or has at least +5 volts on it during receive and is grounded 
during transmit. This line will most probably be the PTT line from 
the microphone to the relay. The +12-volt input line can go to the 
same place from which the transceiver gets power, but if it is at all 
possible, connect it to some source of regulated and hash-filtered 
power within the rig. A ferrite bead should be placed at the ends of 
the coax on both the PTT and +12-volt connections. See Fig. 6-45. 

The most difficult part of interfacing the synthesizer to a 
particular transceiver is keeping stray rf from the transceiver from 
getting into the synthesizer. This problem will be noticed when 
your audio is reported as sounding bassy or distorted. A very 
severe case of rf leakage will cause the unlocked light to glow on 
transmit. A less severe case will cause the aforementioned bassy 
audio. 

If you have this problem, listen to yourself on a nearby re- 
ceiver. Disconnect the receiver’s coax at the synthesizer while 
transmitting, to see if the audio clears up. If it does, then this is the 
path of leakage. Try more ferrite beads or an additional low-pass 
filter in series with the other one. To check if the rf is leaking 
through the power supply line, temporarily run the synthesizer off 
a 12-volt battery and see if the audio clears up. If it does, try more 
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6.37 No one knows better what a weldor would need than a 
weldor. Another invention of Bill Maguire's is this "Pocket- 
Feeder”, which is patented and for sale through major - z — 

suppliers. It hand-feeds a welding wire, from .020-in. to 3/32- 6.38 In use, the Pocket-Feeder can be used with either left or 


in., to your weld, while your hand stays the same, comfortable right hands, and you can reload new wire with one hand. 
distance from the work. Your thumb on the wheel determines Sensitivity on the thumbwheel is good, even with a light 
the feed speed. glove on. 


up to 1/4-inch. Set your current controls for DCSP as you would for steel, with 
high-frequency for starting only, unless you are working on very thin pieces, in 
which case you might use HFAC instead because of its lower heat input and 
lesser tendency to burn through thin material. When using DCSP, the 2%-thori- 
ated tungstens work best, with the pure tungstens good for HFAC on thin mater- 
ial. Of course the welding rods must be stainless steel. Practice on some stain- 
less scraps until you get the hang of handling the different heat-transfer 
capabilities of stainless. Your puddling and rod-dipping action will be at a differ- 
ent pace than for mild steel. 

In industry, critical welds on stainless steel are often made with a setup on 
the backside of the part to exclude air from the weld area. Of course, the shield- 
ing gas on top from the torch takes care there, but on the backside the weld can 
be contaminated. The pros form a box or shield around the back of the weld area 
and plumb some extra argon shielding gas in one end and out the other end into 
a tube to carry it away from the weldor. This will purge any air from the backside 
of the weld where it could cause any molten stainless-steel to crystallize. This 
technique is also used in protecting the back of titanium when TIG welding. 
When they weld critical tubing and can't get at the inside with a shield, they plug 
each end ofthe tube or pipe with tape and cardboard and fill the pipe with shield- 
ing gas. This is particularly true when welding stainless-steel tubing meant to 
carry medical ingredients or anything else that must be kept from contamination 
or oxidation. 

Although you will likely never encounter other metals in your home/shop use, 
there are a variety of special alloys and rarely-used metals that are used often in 
specialized industries, and for which TIG is the primary or only method found to 
do the job properly. For instance, in the food-service and canning/bottling indus- 
try, there are numerous products that are transported through tubing or pipe. Be- 
sides stainless steel, nickel is often used in these applications, for its resistance 
to alkalines and acids. For the same reasons, it is used extensively in the chemi- 
cal industry. But nickel-alloy pipe used in these situations cannot tolerate the 
possibility of a particle of slag, such as from stick welding or MIG welding, be- 
coming included in the weld bead. It would become a weak point when faced 
with continued chemical attack if high temperatures are involved, until surround- 
ing material is affected and the joint is weakened. For this reason, nickel work 
must be thoroughly cleaned before welding without using chemical cleaners, or a 
black nickel oxide coating can form. 
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6.39 TIG welding is especially helpful 
in situations like this race-car 
suspension upright, where you have 
thin chrome-moly plate and tubing, 
and need total heat control. If you burn 
through on a job like this, the whole 
part may have to be scrapped. 


6.40 Beautiful, precise welds on 


For metals like nickel, copper, titanium, and others, TIG welding has proven this race-car exhaust system typify 
itself to be the most adaptable method, especially in critical applications. Since experienced, professional 
there is no flux of any kind used in TIG welding, there is no chance of even TIG welding. 


minute slag particles being included in the weld bead. Industry is also capitalizing 
on the fine-grain structure of TIG welded seams (and the heat-affected areas 
nearest the weld). Helium is most often used as a shielding gas on nickel for its 
hotter arc, which allows for a higher welding speed, with a gas flow of 8-30 CFH, 
depending on work thickness. Polarity is usually set at DCSP (except for thin 
work where HFAC can be used to prevent burn-through), and the high frequency 
control set for start-only, using thoriated tungstens. Filler rods must be nickel or 
nickel alloy. Oxidation can be kept to a minimum by keeping the filler rod at a low 
angle to the work and keeping the rod tip in the shielding-gas envelope. 

It isn't done often, but TIG welding can be used to repair cast iron. Your 
welding supply store will have some special rods that are cast of gray iron, called 
"three-in-one," and these should work for either gas or TIG welding although the 
same preheating instruction apply as above when we discussed welding cast 
aluminum parts. 

Heli-arc or TIG welding is likely to remain as mostly a shop-only process due 
to the expense of the equipment and the length of the learning curve, but don't 
discount it as something you can't try. If you Know someone in a shop with TIG 
equipment, ask them if you can spend a few hours closely observing them (with a 
Suitable spare helmet on, of course) performing TIG welds. The lack of spatter 
and smoke from TIG welding means you can observe this process better than 
most other welding methods, and this will tell you much more about how the 
process works than a chapter in a book. If you feel you have observed enough to 
get a good idea, see if they will let you try it out, but first offer to pay for any tung- 
stens you ruin in your practice. You may find you have a hidden aptitude in hand- 
eye coordination, and TIG may be a process that appeals to you. 
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Plasma 
cutting/welding 


Just as the emergence of lower-cost, higher-efficiency MIG machines has 
made something of a revolution in small shop and home/shop welding in the last 
ten years, so has plasma technology changed the face of metal cutting. While the 
technology has been around for a while, it has been seen by most weldors as a 
high-technology setup that seemed complicated or hard to use. Plasma technol- 
ogy's biggest usage had been in plasma arc welding, or PAW, and it is still used 
in this form in many industrial applications. 

The simpler plasma-arc cutting (or PAC) technology got very little play at the 
time, and it has taken some years for the equipment to filter down to the general 
welding/cutting marketplace. As with the MIG welders, what 
was originally considered to be a professionals-only setup has 
entered the province of the small shop and the amateur fabrica- 
tor, due mainly to the introduction of less-expensive imported 
equipment that really opened up new markets with hobbyists. 
The domestic welding manufacturers suddenly became aware 
of these newer markets for smaller versions of equipment they 
had been selling to industry all along and brought increasing 
competition to the fray. Today there's a wide selection of 
plasma machines to choose from, from small 110V AC porta- 
bles to large shop equipment for materials up to one inch thick. 


Shielding Gas 
(Not always needed) 
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input Voltage 7.1 Plasma cutting can be done outdoors, being very 


A LA EN 
=== or 


Remote Control little bothered by wind, makes very clean cuts on ferrous 
ms a and non-ferrous materials, and produces no smoke and 
Cutting Gas bins rra very little sparks. It has become the modern way to cut 
Cutting metal. The operator here should be wearing gloves and a 
Power Supply - long-sleeved shirt. 
. Mechanized Torch 
| Manual Torch 7.2 This illustration shows the basic components of the 
——— | plasma-arc layout. The two bottles of shielding gas are 
o E really only required on the large industrial machines, not 
Workpiece the home/shop portables which run on compressed air. 
1 The medium and larger sized plasma cutters can be used 
Safety ee with a straight (mechanized) torch body for trace cutting. 
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7.3 In the needle-arc version of 


plasma welding, the narrow-and-tall 


arc forms a weld that makes 100% 
penetration, top and bottom. The 


technique is used mostly in precision 
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industrial applications. 


Usage today is increasingly with the cutting side of plasma technology. With 
an incredibly easy learning curve and not a lot of special installation costs, the 
benefits of plasma-arc cutting, usually just called plasma cutting, are being 
reaped today by body shops, muffler shops, wrecking yards, sheet-metal shops, 
duct repairmen, street rodders, race-car builders and fabrication shops. Among 
the benefits are use of plain shop air-compressor air, no dangerous gasses, no 
flames, smoother cuts, less heat distortion in the edges you cut, little oxidation of 
the edges and incredible speed. 

In basic principle, the plasma process uses a torch something like a TIG 
torch, but the electrode is deeply recessed up into the torch, where it cannot 
contact the work and be contaminated, and the arc is maintained as a needle- 
like point when the air between the electrode and the work is ionized. The air or 
gasses around the electrode are heated to such a point that they reach the 
plasma state, in which the gasses themselves can conduct electricity. While the 
gas is ionized and making continuity for the arc process between the electrode 
and the work, another gas is introduced around the nozzle. In the case of plasma 
welding, the gas is an inert shielding gas; in the case of plasma cutting, it is com- 
pressed air. In either case, welding or cutting, the action takes place in a very 
narrow stream. 


Plasma-Arc welding 


The original plasma technology was developed in the laboratories of the 
Linde Air Products Company (a pioneer in many welding processes, now the L- 
TEC Company) back in the late Fifties. They and other companies have worked 
on refining the equipment and the process ever since. You won't find plasma 
welding equipment at most welding supply stores, but it is in a few industry cata- 
logs. This is the kind of equipment usually sold through a company representa- 
tive. Most of this equipment is used in high-precision joining of very thin materi- 
als. Although, up until the last ten years, both plasma welding and cutting have 
been virtually reserved for industrial purposes only, and most of the plasma-arc 
welding equipment is still expensive and for limited industrial usage, the process 
is worth looking at. 

In operation, the plasma torch has a central tungsten electrode tucked up in- 
side a nozzle that is more restrictive than other welding gun nozzles, that is 
closer to the electrode and increasingly tighter as it gets close to the tip of the 
electrode, until there is just a hole for the arc to come through (see illustration). 
An "orifice" gas is forced through this nozzle, and it speeds up like air/fuel mix 
going through a carburetor's venturi. The gas is usually argon. 

Inside the welder's power source is a high-frequency arc-starting system not 
unlike a conventional TIG machine, and this initiates the arc, since the electrode 
doesn't stick out and can get close enough to the work metal to start the arc it- 
self. This is called the "pilot-arc" circuitry, and it generally cuts out after the arc is 
established. The current in the electrode superheats the argon until the gas itself 
conducts electricity, and a long, extremely hot arc is created that welds the work. 
A second inert gas is introduced in a large nozzle around the inner one, such that 
a cone of shielding and cooling gas is formed around the long arc column to pro- 
tect the weld area from contamination, much as in other electric arc-welding 
processes. 

There are several methods of welding with plasma technology, a conven- 
tional method akin to TIG welding where filler rod is added, a needle-arc process 
where parts are fused without filler rod, and a keyhole method where a weld with- 
out filler rod can be made that actually fuses the parent metal on the whole mat- 
ing surface at the same time, top and bottom. The latter produces as pure and 
uncontaminated a joint as possible. The benefits of using plasma-arc welding 
over conventional TIG welding is that it is easier to operate as far as maintaining 
the arc length exactly and the weldor has a better view of the process. 


Plasma cutting/welding 


Although you may find one or two PAW units in a catalog, most of the tech- 
nology is used in industrial situations with mechanized torches and water cooling 
with amp ranges up to 300 or 400. Most manual-operation plasma welders do 
not have as much amperage as conventional welders; L-TEC's catalog shows a 
110V 15-amp unit, and a 100-amp 220V three-phase machine weighing some 
730 pounds that only welds up to 1/8-inch plate, although it has a 100% duty cy- 
cle at maximum output. 

For those reasons, the plasma-arc welding process is probably not for your 
home/shop. Much more flexible, lighter and more affordable conventional equip- 
ment is available for making welds. However, there is no question but that the 
practical application of the technology in everyday situations is eminently pro- 
vided by plasma-arc cutting equipment. 


Plasma-Arc cutting 


In plasma-arc cutting, the technology is much the same as welding, but the 
arc is even more constricted, with the plasma temperature so high that the arc 
can cut any metal. The very restricted arc cuts a pencil-thin line through the 
metal, and a sharp force of gas through the nozzle blows the melted metal from 
the kerf (see illustration). The velocity and steadiness of the cutting action is 
such that the edges of the cuts are kept very straight and clean. 

The benefits of plasma-arc technology in cutting metal are many. The cuts 
are very clean, with little oxidation of the metal as found in oxy-acetylene cutting, 
the velocity of the action creates smoother edges that need a — ¿»> 
great deal less cleanup, and in fact, with the industrial units that | 
are mechanized much like a gas flame-cutter or pattern-cutter, | 
the cuts need no cleanup or preparation for welding (see illustra- 
tion). There is little or no slag found on the bottom edge of the 
kerf. 

Plasma-arc cutting is considered much safer in many work 
environments than gas cutting. There are no flammable gasses 
involved, there is no smoke from the cutting action to bother the 
weldor, he can watch the process much more closely and there is 
much less spray of sparks coming from under the cut. If you re- 
member the little sparking toys you had as a kid, where you 
pushed a plunger and a wheel went around, scraping against a 
tiny flint making sparks, that is a small-scale version of what you 
see when plasma cutting. This is in high contrast to gas cutting, | 
where there is a lot of heat generated, and blobs of molten metal | 


are constantly falling on the floor under the cut, creating a fire RAN 


7.4 In plasma-arc cutting, there is 
usually only one gas (in all but the 
biggest machines), and that is air from 
the shop's air compressor, which is 
forced around the electrode to blow 
the kerf out neatly. 


hazard. 7.5 Plasma cutters have become very popular with auto 


There is some heating action in plasma cutting, but in a short 
time, depending on the thickness of the material you have cut, 
the parts are ready to be handled for further work. With a gas 
cutting torch, the parts are still red-hot. Some have described the 
plasma process as almost "cold cutting." Another benefit of the 
cooler cutting action is that much less heat is induced into the parent metal, so 
when working on thin materials there is greatly reduced warpage. 

This is what has made the plasma cutter so popular with automotive body- 
men and sheet-metal workers. Thin materials can be cut with virtually no distor- 
tion. The cuts can be made, as one bodyman described it, "as fast as you could 
draw a line with a pencil." A few minutes with a file or sandpaper and the edges 
are ready for some other work, whether to be welded or left as a finished edge. 
Because of the lower heat and reduced sparks, panel-cutting on cars is much 
easier, even if there is a secondary panel on the other side because there is less 
damage to what's on the other side like other painted surfaces that need to be 
left untouched. Bodymen also like the fact that you can make a cut, lay down the 


bodymen for the cleanliness and speed in cutting body 
panels. These sheet-metal edges need very little prep, 
and a plasma cutter can cut painted or rusty metal just 


as easily. 
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torch, do something and pick up the torch again and start cutting with no other 
functions to perform other than putting your safety helmet down and pulling the 
torch trigger. With a gas cutting torch, there is always the danger of what to do 
between cuts with a torch flaming full-bore. If you keep shutting it off each time, 
you have to go through the process of re-lighting and adjusting it every time. 

The last reason is why plasma-arc cutting has become the tool of choice 
now in wrecking yards across the country. In a yard full of discarded cars with 
flammables like upholstery still in them and various pools of oil, gasoline and 
other fluids soaked into the ground all around, oxy-acetylene cutting on cars in 
wrecking yards has always been a hazardous job. Also, the torches and bottles 
are a heavy setup and had to be hauled around to various parts of the wrecking 
yard. With a good plasma machine, the 220V cutter can be plugged in a small 
shed central to the yard, while a plasma torch cable as long as 234 feet could be 
used to cut almost anywhere with a lot less fire danger and much faster speeds, 
10 or 20 times faster than with acetylene equipment. 

Because the plasma machine has arc-starting circuitry built-in, most plasma 
torches do not need to contact the metal to get started, which is a decided ad- 
vantage in body work. Once the arc is started and the gas is ionized and conduc- 
tive, a plasma torch can cut through rusty metal, painted metal, even sections of 
a car body that have Bondo or undercoating on them. When using an oxy-acety- 
lene torch to cut painted sheet metal, the cut edges are blackened, scarred and 
blistered, while with plasma the edges have a gray discoloration near the edge 
and that's it. 

In fabricating shops, one of the biggest advantages of plasma-arc cutting 
equipment is the fact that all metals can be handled equally, from steel to alu- 
minum, to stainless and plated or galvanized metals. It is the nonferrous metals 
like aluminum and austenitic stainless steel, which are normally hard to cut 
cleanly with other methods, that make the plasma machines appealing to shops. 
The author remembers his first experience with a plasma cutter some years 
back. An aluminum motor plate was being made for a race car, and we needed 
to cut a 14-inch hole out of the center to clear the flywheel. The material was 1/4- 
inch-thick aluminum and 7075-16, which is so hard you can have difficulty even 
drilling it unless you have a fresh bit. The idea of using a sabre saw or band saw 
seemed tedious and out of the question. We took it to a shop that had a plasma 
cutter and within minutes of making a plywood circle template to run the torch 
around, we had our hole cut with very little heat and perfect 
edges. It was eye-opening, and when you try one you may be 
similarly amazed. 

When plasma-arc cutting equipment first came into 
wider, less-industrial usage, some traditional fabricators and 
bodymen were intimidated. The technology wasn't widely 
understood, and the term "plasma" seemed to indicate some 
highly-technical process akin to esoteric lasers. Once the 
machines got out into the field, they quickly became ac- 
cepted for their soeed, cleanliness, lack of maintenance, 
lower fire hazards and the ease with which a weldor can op- 
erate them. It's almost a pull-the-trigger-point-and-shoot 
kind of process. 

Perhaps one of the bigger attractions of plasma cutting 
equipment we haven't mentioned yet is the type of gasses 
used in the process. While the big industrial plasma ma- 
chines do use traditional shielding gasses, like argon for the 
arc "pilot" gas and hydrogen, nitrogen or a gas mixture (like 
35% hydrogen/65% argon) as the cutting gas, most portable 
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7.6 Shop air-compressor air is all that's required to run most plasma units today use nothing more than compressed air 
plasma cutters. Here on the back of a Thermal Dynamics from a shop air compressor (see illustration). There are no 
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machine is the air filter and pressure regulator. 


expensive bottles to buy or periodically refill. 
This is how the shop-air works. When the gas in the arc 
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column is ionized, it becomes the arc medium between the work and the elec- 
trode. Nitrogen happens to ionize well and makes for a hot arc, and also happens 
to make up about 75% of the air around us by weight. Most plasma cutters use a 
high velocity of shop compressed air to become the ionized arc gas, the cutting 
gas that blows the material out of the cut, and the cooling medium. It can be as- 
sumed that all shops already have a heavy-duty air compressor on hand for op- 
erating other equipment, so using shop air greatly simplifies the use of a plasma 
cutter and keeps expenses down. In industrial situations, pure nitrogen or hydro- 
gen or a mix is used for totally clean cuts in precision work, but the shop-air cuts 
are more than good enough for any automotive or fabricating-shop usage. 


Choosing plasma cutting 
equipment 


The large, expensive and heavy industrial plasma cutters and welders are for 
specific purposes in high-precision and high-production mechanized work, often 
requiring two gas bottles, three-phase power for 200-600 amps, and use water 
cooling for the torch as well. For these reasons, we'll concentrate on the wide ar- 
ray of more portable plasma cutters that are available for home and shop use, 
most of which operate on 220V, single-phase current and use only shop com- 
pressed air for cutting and cooling. 

At the most basic level, where a home/shop user might be interested, there's 
a number of domestic and imported plasma cutters that weigh 75 pounds or less 
and are capable of cutting material thicknesses that an automotive user would 
come across. If you are comparing plasma cutters to welders, don't be alarmed 
at the amperages on the smaller plasma machines. Units with 50-amp capability 
can cut steel up to 3/4-inch thick. An area where there is a comparison with 
welders is that smaller plasma machines have lower duty-cycles and their cutting 
speed slows down when thicker materials are cut. 

In the 110V category, Daytona Mig offers the Pocket Plasma , which 
puts out 25 amps at a 20% duty-cycle and cuts sheet metal at 100 inches 


7Opsi air input at a rate of 4-6 cubic feet per minute (cfm). Miller makes sev- 
eral 110V units, with the Spectrum 187D cutting up to 9/64-inch steel ma- 
terial and weighing 47 
pounds. Thermal Dynamics 
starts their extensive line off 
with the DynaPak 110, 
which cuts up to 3/16-inch 
steel, uses all solid-state 
circuitry, Sequential status 
lights, and has an amazing 
80% duty-cycle at 20 amps 
(see illustrations). With all 
of the machines available, 
the maximum cutting thick- | 
ness is usually given for | 
mild steel, while aluminum | 
and other non-ferrous ma- 

terial take more amps and 
the same machine can only 


per minute, though it is said to cut up to 3/16-inch steel material. It requires | 


| 
| 
| 
| 
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cut a lesser thickness of 7.7 The compact end of the plasma cutter 7.8 Another quite-portable plasma machine 
these metals. On some ma- market is represented by 110V machines is the PCM-VPi from L-TEC, which offers cuts 
chines, a figure may be ad- such as this Plasma Pocket from Daytona up to 5/8-inch in steel, variable amps from 10- 
vertised that gives a maxi- MIG. It puts out 25 amps, weighs 55 pounds, 40, and a 60% duty-cycle at its rated 
mum thickness for cutting and requires 4-6 cfm of air at 70 psi. maximum. It operates on 220V current. 
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7.9 One of Miller's smallest plasma cutters, the Spectrum 187D 
weighs only 47 pounds, yet cuts up to 9/64-inch materials, and 
runs on 110V house current. 


7.10 The popularity of plasma-arc equipment has really 
jumped in the last five years. Now imported units are sold 
here, and tool companies like Matco have them, as well 
as the traditional welding equipment manufacturers. 


and another, higher figure for severing. The severing 
action is a short cut, such as when cutting a length of 
material. 

Beyond the 25-amp range that seems to be the 
limit for 110V equipment, there are machines for 220V 
input that are still quite portable. HTP America offers 
affordable plasma cutters from their Micro-Cut 250 that 
cuts up to 3/16-inch steel, to the Micro-Cut 375 which 
can be used on 110V, 220V or 460V input and offers 
7.5-35 amps, cutting up to 3/8-inch steel, as well as 
larger shop units (see illustration). L-TEC has a popu- 
lar unit, the PCM-VPi, which weighs only 46 pounds 
with its plastic case and carrying handle, but is said to 
cut up to 5/8-inch steel with its 50 amps of power, and 
features a 60% duty-cycle at 40 amps output (see il- 
lustration). It is a good choice for any automotive 
shop, and can sever up to 3/4-inch material such as re- 
bar for construction sites. Lincoln's entry-level plasma 
cutter is the Pro-Cut 40, with a 60% duty-cycle at 40 
amps, 220V input, cuts up to 3/8-inch steel, and offers 
a timed pilot arc and timed post-flow. Daytona MIG's 
medium-sized lineup includes a 35-amp, 220V Plasma 
Prof 35 that is said to cut up to 3/8 steel quickly, and 
1/2-inch steel at 15 inches per minute. 


7.11 HTP's entry-level plasma cutter takes 220V current, but 
weighs only 56 pounds and is said to cut up to 1/4-inch steel. It 
has a 100% copper-wound transformer. 
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Above the 50-amp range, plasma-arc cutting equipment is in the 
serious shop equipment arena. Most of these machines are for 220V, 
three-phase power input, which you won't have at most home 
garages or small shops. Within this large group of choices though, 
there are cutters with total amperage ranging from 50 amps to 150 
amps or more. In this category, you'll find the Lincoln Pro-Cut 125, 
with 125 amps, 60% duty-cycle, a microprocessor-controlled over- 
shoot limiter, and "Drag-Detect" circuitry that is said to prevent con- 
sumable damage. In this machine, let's look at the duty cycles for a 
professional-grade plasma cutter. Rated at 60% duty-cycle at its 
highest 125-amp output, it has an 80% duty-cycle at 110 amps, and 
a 100% duty-cycle at 100 amps or less. At its highest output, this 
machine can cut 1 1/4-inch steel, and for ordinary 1/2-inch plate, it 
can cut all day long. That's the difference in the heavier professional 
machines; they have stronger components to work heavy materials 
not just a few times a day, but all day, which is why they are overbuilt 
and too expensive for the home/shop market, even disregarding the 
three-phase input power required. 

Other powerful plasma-arc cutters include: HTP's PCA 65, with 
60 amps (220V single-phase), cuts up to 3/4-inch steel (clean cuts on 
5/8-inch steel), a 50% duty-cycle at 60 amps, and a weight of 180 
pounds. HyperTherm has their 100-amp MAX 100, that will cut 1 1/4- 
inch steel on 220V or 440V three-phase power, with CC (constant- 
current) transistorized out- 
put, ESAB offers the PCS-90 
that cuts up to one-inch steel 
with three-phase 220V or 
440V, and has air pre-flow, 
post-flow and a low-air-pres- 
sure sensor. L-TEC has the 
PCM-1000i, which can cut 
one-inch steel at production 
speeds with its 80 amps, and 
a 70% duty cycle at that 
maximum amperage, yet 
weighs only 80 pounds. Day- 
tona MIG has a full line of 
heavy-duty plasma cutters, 
with the Plasma Prof 120 be- 
ing near the top with 120 
amps (220V three-phase), 
cuts up to 1 1/8-inch steel 
and 7/8-inch aluminum, with 


quick-disconnect torches so 
you can switch to a mechan- 
ical torch for a cutting table 
(see illustrations). 


Most of these machines 
offer such features as infi- 
nitely-variable output con- 
trol, which means that you 
can dial in the exact require- 
ments for a job, say cutting 
through an outer skin on a 
vehicle without cutting pan- 
els on the other side. Of 
course, you can cut thin ma- 
terials with more power than 


7.13 Still light and portable, but 
powerful enough to cut 3/4-inch 
steel, The L-TEC PCM-750i has 50 
amps with a 40% duty-cycle at that 
setting, and has its own torch 
storage spool and spare parts 
storage compartment. 


7.14 The larger plasma-arc cutting 
machines are all in the three-phase 
power category, like this Plasma Prof 
150 from Daytona MIG. It weighs 317 
pounds, has a range from 20-150 
amps, and can cut 1 1/2-inch steel 
and 1-inch aluminum at 30 inches 
per minute. 


Plasma cutting/welding 


7.12 The bigger-amperage machines are all in the 
220V category, and many, like this Daytona MIG 
Plasma Prof 50, require shop-type three-phase 

current, too. This one has a 35% duty-cycle at its 

rated max of 50 amps and 100% at 30 amps. 
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ferrite beads of a larger value for RFC6. To check if the rf is leaking 
through the PTT line, disconnect it from the synthesizer and 
simply short the PTT input to ground. If the audio clears up, try 
more ferrite beads or another bypass capacitor. If none of these 
remedies seems to cure the problem, then the transmit coax is 
probably the path of coupling, and additional ferrite beads or 
another low-pass filter probably will fix it. 

Figure 6-46 is a spectrum analyzer photograph of the 6-MHz 
output of the synthesizer being sent to my transmitter. The 
analyzer is set for a 30-Hz resolution, 500 Hz per division, and a 
10-Hz video filter in place. The vertical is calibrated at 10 dB per 
division. The signal is very clean; there is no sign of the 833.333- 
Hz reference sidebands, and the noise is 60 dB down. Figure 6-47 
is the output of my transceiver with the synthesizer set at 146.000 
MHz. The analyzer is set for 3-kHz resolution, 100 kHz per 
division, and 10 dB per division vertically. There are no close-in 
spurs within 60 dB. Figure 6-48 is also the output of my trans- 
ceiver, but the resolution is 30 kHz, and every division now 
represents 5 MHz. The strongest spur is at about 154 MHz, but it 
is 60 dB down, complying fully with the latest FCC regulations for 
spurious output. 

Table 6-8 gives the parts list andalso see Figs. 6-49 and 6-50. 
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3 — e least danger from flying sparks. On the less-expensive end of the 
<a A Se plasma cutter spectrum, some of the machines offer only a knob 
with several predetermined positions. 

Beyond the 80-120 amp range of plasma cutters, where re- 
ally large plates are cut all day long, the equipment offered is no 
longer usable with shop air, requiring two inert gas supplies and 
water-cooling for the torch. However, they offer from 100 amps to 
as much as 600 amps (the higher amperages are usually found on 
machines built to be used with mechanized torches), and all with 
100% duty-cycle. Obviously, that kind of power doesn't arrive at 
your doorstep without a hefty invoice. 


Using a plasma cutter 


If you thought the modern MIG welder brought great ad- 
vancements in ease of the learning and operating curves, wait until 
you try plasma-arc cutting. It's as much of an improvement over 
gas-torch cutting, in both learning curve and reduced mainte- 
nance. We watched as a race-car mechanic in a large shop was 
being trained by another worker to utilize their plasma cutter. The 
newcomer to the technology made his first 4-inch by 6-inch part 
from 3/8-inch steel plate after only fifteen minutes of instruction. 
After experimenting with different soeeds, power levels and mate- 
rials, he was ready to do real jobs after an hour. You can't learn everything there 
is to know about the process in your first day, but this story is typical of first-time 
users. 

Unlike welders, most plasma cutters of the shop-type variety are ready to 
use when you uncrate them. Their power cord Is ready to plug in (you don't have 
to put on your own plug), the torch is usually already hooked up to the front of 
the machine, and all you have to do is connect your shop air supply before mak- 
ing your first cuts. 

Although the risk of fire or injury is less with a plasma cutter than with a 
welder or oxy-acetylene cutting torch, you must still take every precaution before 
starting. Read over the instruction manual that came with your machine before 
doing anything. When you are familiar with all the controls, take the torch apart, 
so you'll understand how it works. Specific design of electrodes and other parts 
may vary from make to make, but, whatever the make, 
you'll notice that the electrode is like no other you've seen. 
Instead of a six-inch-long rod of tungsten as with a TIG 
torch, the plasma electrode is a machined part. 

Although it never comes in contact with the work, the 
plasma cutter's electrode should still be considered a 
"semi-consumable" item. Electrodes can last a long time, 
but keep several spares on hand because they do get worn 
and contaminated with material blown back from the cut- 
ting (see illustration). Besides the electrode, you'll find 
several other pieces inside the plasma torch, including the 
nozzle (also called a shield cup, retaining cup, and gas dif- 
fuser), and a cutting tip, which is what converges the airflow 
past the electrode (see illustration). Different brands of 
torch may have small springs, insulators or swirl rings, but 
the basic principle is the same for all brands. 


7.16 Eventually, enough material will blow back from cutting h There is much danger e pa cutter tha A 
to cause a building of slag on the exposed nozzle and orifice other equipment, yet there are still hot sparks generated. 
of the torch, requiring periodic maintenance. There is also ultraviolet radiation. Because the process 
doesn't seem as bright or intense as welding, some users 


7.15 Larger machines are usually offered with an 
optional 180-degree (straight) torch for use with 
shape-cutting machines for industrial work. 
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7.17 The main components of a typical plasma-arc cutting 
torch are, from left: torch body with o-ringed and threaded 
extension, the swirl ring, the electrode, the cutting nozzle, and 
the retaining cup. Some brands have a slightly different 
arrangement of parts inside. 


7.18 Hot rodders never leave anything 


are tempted to perform plasma cutting without proper safety wear, but your skin alone. Rugged Thermal Dynamics 50- 
can still be burned. So wear long-sleeved shirts with the collar and cuffs but- amp plasma cutter used in a rod shop 
toned up, and wear leather welding gloves and a full-face shield. If you ever have has been modified with the addition of 
to work on your machine, it should be unplugged, even if all you are doing is a tubing rack and box on top to hold 
changing the electrode. The machine's output is high enough voltage to cause nozzle dip and plasma consumables. 


severe shock and injury. Also, if you are cutting any painted, plated or galvanized 
metals, ensure that you have adequate ventilation. The plasma process doesn't 
create fumes by itself, but what's on the surface of the metal can. 

On most machines, there is a high frequency arc-starting circuit that makes it 
unnecessary to touch the work with the torch to initiate the arc. Set your output 
voltage at the machine, depending on the thickness of the metal you are cutting. 
On some of the smallest machines, there may just be an on/off switch, or a 
switch with two or three amperage positions. Most machines have a variable 
knob spanning from the machine's minimum amperage to its maximum. 

Use a guide of some kind to make straight practice cuts (see illustration). 
Place the torch so that the outer cup rides on your guide with the nozzle the sug- 
gested distance from the work and just push the button. The arc will start, it will 


w | | pr 
7.20 The plasma cutter makes very clean cuts, so any 
raggedness on yours means your hand wasn't steady. Use a 


7.19 You'll need to keep on hand some spares of each of the sturdy guide whenever possible. With a piece of tubing as a 
torch components, including wrenches for changing the tip straightedge, here a dry run is being made to ensure the 
and the electrode. torch follows the correct cut line. 
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holds the torch just the right distance away from the work, so 
if you have this and a sturdy guide, your cuts should be 
almost as good as machine-operated torches. 


7.22 Same tool as the previous photo, showing how it holds 
the tip away from the work, and provides a good surface to 
lightly drag against your pattern or straightedge. 


pierce the metal (no need to go to the edge of a plate to get the cut started) and 
begin blowing the slag out the bottom. Move along at a steady speed and you're 
cutting. You'll develop a feel for the correct cutting speed for various materials, 
but the instructions with your machine should tell you the recommended speeds 
for various thicknesses and materials. Practice moving the torch a few times 
without the arc, just to see how fast or slow 15 inches per minute may be, and 
what 100 inches per minute feels like. 

Examine the cut edges of the material. If the lines in the cut are not straight 
up and down, your speed was off (see illustration). If the lines turn to the direc- 
tion the cut was made from, your cutting speed was too fast. You can also have 
someone else observe you from a short distance while you are cutting. They will 
tell you if the sparks went straight down (proper speed), or sprayed more to the 
direction the torch came from (too fast). Moving too fast can cause premature 
failure of the nozzles. 

When the part you have cut is cool enough to pick up, 
examine the kerf. If your cutting soeed and amperage was 
right, the small amount of slag at the bottom of the kerf can 
be easily clipped off with wire-cutter pliers, and the rest of 
the metal should take minimal cleanup. 

In cutting shapes, you can use plywood patterns to cut 
repeated shapes such as round or square holes or anything 
else. Just make the template the right size for the torch 
head to follow. For basic circles, most welding supply 
shops have a circle-cutting tool (Sometimes called a circle- 
cutting "compass") that can be used with a plasma cutter. 

By far the most important thing to maintaining and op- 
erating your plasma-arc cutter is the condition and quantity 
of the air it runs on. Read the manufacturer's recommenda- 
tions for the size of compressor you need and the pressure 
and cfm requirements. If you try to make a cut when you 


7.23 At top here are two cuts made with a hand-held plasma 
cutter. In the top one the torch was moved too fast and with 
not enough amperage. The middle plate had the speed more 
correct. The bottom plate for comparison only was oxy- 
acetylene cut with a machine, so this is the smoothness you 
are trying to duplicate. Only a gas torch cut would have this 
discoloration of the metal showing. 
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don't have enough air, most machines will either not start or 
make a grinding-like noise inside. Besides having enough 
air, plasma cutters also require clean, dry air. Most will 
come equipped with a drier/regulator right at the air-line 
connection on the back of the machine, but you also need a 
good drier on your compressor. And, if your compressor is 


Plasma cutting/welding 


| 


7.24 As with traditional torch cutting, soapstone is useful to 
mark your cut lines because it won't burn off. With the 
reduced heat of plasma, you could also use a marker pen. 
Sharpen the soapstone before drawing. 


very far from where you hook up the flex line to the plasma cutter, it's a good 
idea to install one on the wall just ahead of the connection for the flex line (see 
illustrations). Your compressor and the driers should all be drained every night 
to remove dirt and moisture. Moist air will rapidly deteriorate the electrodes and 
nozzles. 

Cutting too fast or trying to cut too thick a metal for the size machine you 
have will cause some slag buildup inside the nozzle of a plasma cutter, not un- 
like the buildup inside a MIG gun. In fact, you may use the same anti-spatter 
spray or dip in your plasma cutter as you use on your MIG torch to make the 
slag buildup easy to remove. Eventually, even if you take care of your plasma 
torch, you will have to replace nozzles and electrodes because usage will en- 
large the holes, making for a less-concentrated arc. If any slag is "fried" onto the 
nozzle or electrode, sand it off by hold- 
ing the part squarely against sandpaper 
on a flat surface, and then clean out any 
orifice holes. 


7.27 Dry, clean shop air is extremely 
important to extending the life of 
your plasma nozzles and electrodes. 
These HTP Super-Dry air driers have 
a bronze filter and desiccant inside 
that changes color when it needs to 
be changed. 


7.25 Here an exhaust gasket is being traced to make thick 
header flanges from a piece of 3/8-inch steel plate. 


7.26 The 50-amp plasma cutter 
makes short work of cutting out the 
patterns and can easily pierce the 
center of a pattern to cut out internal 
holes and shapes. 


7.28 In most applications the HTP 
Super-Dry disposable filter/driers 
can be screwed right onto the rear 
of your machine. 
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7.29 You can't have the air too dry for use with a plasma 
cutter. If your compressor is outside or a long distance away, 
use an extra filter/drier on the wall where the hard line 
switches to the flexible hose for your plasma cutter. 
Drain daily. 


=e 


7.30 The Max-Dry from HTP is a three-stage system. Stage 
one is a self-draining 5-micron filter, stage two is a 
"coalescing" filter, and the final stage is another filter with a 
large amount of desiccant. The desiccant changes color when 
it can't absorb any more humidity, but can be dried out in an 


oven for reuse. 


You'll find there isn't too much to discuss further about how a plasma cutter 
operates. They are at the same time technologically advanced, and yet simple to 
operate and maintain. They perform exactly as they are claimed to, in terms of 
speed, cleanliness of the cuts, lack of cleanup required and the minimal heat in- 
duced into the adjacent parts. Plasma-arc cutting is most definitely the preferred 
modern method of cutting metals, in situations ranging from an air-conditioning 
duct repairman or an automotive bodyman working on gauge metal to industrial 
plants where shapes are cut from thick plates all day long. To most automotive 
enthusiasts and race-car shops, the modern shop combination is a good MIG 
gun for welding and a com- 
panion plasma machine for 
cutting (see illustration). 


7.31 Daytona MIG offers several air filters, from left: the 
disposable filter element, a wall-mount filter housing, 
machine-mount filter housing, and in front a small 
disposable filter. 


7.32 Given his preferences, today's hot rodder, race-car 
builder, farmer or fabricator would like to have one of each - 
a reliable, easy-to-use MIG welder, and a safe, clean and 
equally easy-to-use plasma cutter. 
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When it comes to equipment for working with metals, there's a lot more re- 
quired than just a means of cutting metal and fusion-joining it. Many automotive 
enthusiasts are "tool addicts" to begin with and welding just adds another di- 


mension to the want list. 

Other than your welding/cutting equip- 
ment itself, the two main requirements for a 
good environment are the proper safety 
gear, particularly the goggles or helmet, and 
a clean, safe, well-designed welding work 
area or table. As you'll see, there's a wide 
variety of helmets available. Choose one 
that you are comfortable with and that 
meets your budget. You may have gotten a 
basic helmet with your welding machine, 
and you can use that until you save up for 
one of the more advanced models. Other 
personal safety equipment would include 
steel-toed industrial safety shoes (available 
at most shoe stores), good leather gloves, 
fire-resistant long-sleeve shirts or, if you are 
arc-welding, a leather welding jacket and/or 
apron. 

A clean, safe welding table setup is of 
paramount importance. While you are learn- 
ing, there will be a lot more sparks and slag 
generated than when you are advanced, 
and your welding table should be heavy 
steel, positioned well away from all stored 
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8.1 You'll find most of your welding safety gear and clothing at your local 
welding supply store, such as helmets, leather protective wear, gloves and 
safety shields or goggles. 
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8.2 This Hunstman welding helmet offers full face and chin 
protection, and features a flip up welding lens. When you are 
setting up to weld, the helmet can be down on your head and 
you look through the clear lens, then flip down the dark lens 

just before welding. Some weldors find these better than fixed 
lenses where you have to shake your head to flip the whole 
helmet down. 


8.4 Another L-TEC helmet, the Weldorama offers a clear sight 
plate above the welding lens, so the weldor can keep the 
helmet down, and then just shift his eyes to the dark lens 

when he is ready to weld. 


8.3 This L-TEC helmet from ESAB, called the Liftorama, 
features a lift-up safety lens, and underneath a shatter-proof 
clear lens that can be used when grinding a weld. 


flammables and with a clear area underneath for any sparks 
or molten slag to be safely contained without having them 
scooting across the shop or lodging on top of your shoes. 
For metal cutting, you need a good "grate" setup as pic- 
tured in Chapter 3. You will also need some firebricks, 
which are helpful to practice welds on because the work 
won't stick to them. Do not just cover your old wooden 
work bench with a piece of sheet metal and call it a welding 
table. Invest in a piece of plate from a scrap yard. When you 
put a lot of heat into welding projects on a tin-covered 
wooden surface, enough heat can go through the metal to 
start the wood smoldering, perhaps even starting a fire after 
you have left the shop. Also, you must have proper fire ex- 
tinguishers on hand, preferably an ABC type or halon, that 
can put out all kinds of fires. 

Much of the work of sizing and joining metals for 
home/shop projects will involve tools you already have, 
such as a drill press, grinders and sanders, clamps, mea- 
suring equipment, squares and levels. A common hacksaw 
can be used to sever lengths of material but can be tedious 
on heavier-wall stock. Sheet metal can be cut with aircraft 
tin-snips, manual or electric nibblers, or a plasma cutter. 

Many of the tools shown here are special-purpose 
tools that you may not have already, and which perform 
special functions that relate to improving welding work or 


holding materials to be welded. All of them are useful when the time comes. We 
all wish we could just put one of each in our home garage, but you may have to 
collect them over the years as your projects get more involved. 

We also show here some tools and equipment that were made by fabricators 
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8.6 This Darth Vaderish design from ESAB is the Autorama 


8.5 The Scanorama helmet was designed for MIG and TIG- 2000, which one of a modern breed of welding helmet with an 
welding applications, with a large shade 5 filter disc automatically-darkening lens. The lens is powered by solar 
surrounding the welding lens. You can see most details cells, and turns dark as soon as the welding arc begins. These 
through this area, but your skin is still protected from are considered by many weldors to be much easier to use 
radiation. You look through the darker portion when welding. than flipping a helmet up and down to set up each weld. 


8.7 Daytona MIG offers a variety of modern safety helmets, and a special, clip-on lens (foreground) 
that attaches to your MIG gun. It allows you to set up a weld, then look through the lens when making 
spot-welds without the bother of a full helmet. 
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8.9 From HTP is this Super Spark Guard 
welding blanket. It can take up 2300" F, and 
can be used when working on a car to 
protect the window glass, dash or interior. It 

measures 37 inches by 50 inches. 


8.8 A good pair of leather welding gloves will last you for many years, but if you 
are using oxy-acetylene equipment, keep an extra-clean pair for use with this 
equipment. A spurt of oxygen on a dirty glove could cause combustion, so don't 
use these good gloves for handling hot or dirty parts. 
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shop won't need a steel-plate table this big, but note how uncluttered 8.11 A very useful tool when welding on thin 


and organized things are here in a professional shop. A rack under the materials such as newer-car body metal is a 
table holds all the C-clamps. copper "spoon." The heat-absorbing spoon can 


be used to back up butt welds or when filling 
holes in sheet metal. The welds will not stick 
to the copper. 


and hot rodders for their own use. These are typical of projects you can do once 
you have practiced your welding skills, and some represent considerable involve- 
ment, though on the part of someone who has already "been there." 

Sources for the commercial products in this and other chapters can be 
found in the Sourcelist at the end of this manual. 
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8.12 If you get into a race-car project, you might 
invest in one of these tubing notchers. Available from 
Eastwood, Williams Low-Buck Tools, Speedway 
Motors and other sources. It fits in your drill press and 
allows precise fish-mouthing of tubing via a captive 
hole saw. 


De je BA 
8.15 This unique spot-welding gun for sheet-metal 
work has a power lead that clamps into the electrode 
holder of your arc welder. Use the trigger to make the 
electrode touch the work, pull up for 5 seconds, then 
pull all the way to break the arc. Get it from Eastwood. 


8.16 One of the handiest shop tools we have ever 
used is the Milwaukee "Porta-Band", which as the 
name implies is a portable bandsaw. It cuts fast and 
straight and is very helpful in cutting tubing at angles 
and other chores associated with welding projects. 
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8.13 This welding shop has a dedicated grinder for sharpening 
tungstens mounted right on the side of the TIG machine. The 
rubber bungee cord kills the vibration noise when the grinder is 
slowing down. 


8.14 Eastwood offers this magnetic quick-clamp which functions to 
hold parts in alignment at various angles for tack-welding. 
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Fig. 6-47. Transceiver output, 3 kHz resolution. 


A $10 PHONE PATCH 


You don’t have to spend $40 to $90 for a phone patch to match 
your new solid-state rig. This simple circuit will give perfectly 
adequate performance with parts purchased at your local Radio 
Shack. For a cost of under $10 and one evening's work, you can 
have a patch that will work with a new solid-state rig or an older 
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Fig. 6-48. Transceiver output, 30 kHz resolution. 
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8.18 Other kinds of metal-cutting power saws include this type, which 
uses a bi-metallic toothed blade, here being used to cut clean through 
aluminum tubing. 


8.17 A "Radiac" or cutoff saw with an abrasive blade 
is very fast and secure when cutting large amounts 
of tubing. The work is held in a moveable vise so 
angle-cuts can be made. This one is cleverly 
mounted on a 55-gallon drum to capture all the 
sparks and debris. 


8.19 In auto bodywork, a tool like 
this can be used in your electric drill 
to cut out factory spot welds to 
remove panels for replacement. 


8.20 For Eastwood offers a 
similar tool for removing spot 
welds which features a hex- 
sided drive end, so it can't slip 
in your drill chuck. 


8.21 Weldor Bill Maguire made up this electrode rack 

for his TIG machine from a rolling platform holding 15 

plastic plumbing pipes with caps, each marked for the 

size and type of electrode. A bungee cord holds them in 
the rack. Tubes keep the rods clean and dry. 


8.23 If you plan to do any ornamental iron work or make a lot of 
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8.22 You never know when you'll find something that 
comes in handy in the shop. This huge and hefty round 
plate was found at a metal yard and bought at the per- 
pound price. It's dead flat and cannot warp, and has 
mounting holes in it for clamping work to it. 


8.24 A disc sander with at least 1/2 horsepower is very 
handy around the shop for squaring edges of flamecut 
parts, and taking sharp edges and corners off work. 


brackets, an ironworker like this is very handy, It can bend solid 
round, square or hex stock, as well as bend round tubing and flat 


stock into repeatable shapes. 
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8.25 Ideally, you would have both a disc sander and belt sander for a 
variety of metal finishing needs. There are combination units, but beware 
of weak-powered sanders. When you put the rough edge of a 3/8-inch 

plate up there to sand, they stall easily. 


8.26 HTP is marketing this clever belt-sander 
that can get deep into corners and places where 
regular sanders and grinders can't reach. The 
belt guide rotates 160 degrees, and the sander 
uses 3/8-inch belts. 


8.27 Something that is always a problem in body work when replacing 

panels is getting parts aligned properly before making a butt-weld. 
Eastwoods Intergrip clamps space the two parts .040-inch apart for full 
penetration. After tacking the panels, you can disassemble the clamps. 


8.28 Nothing beats the original Cleco clamps and pliers for test- 
assembling sheet-metal parts. Originally developed for aircraft use, these 
operate like reusable, temporary rivets. In blind holes you insert the 
fastener with the pliers and the two parts are held together, but come apart 
easily with the pliers again. HTP offers this set. 
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8.30 For small jobs, Eastwood offers these little Cleco-type 
panel holders that you operate with your fingers. No tool is 
needed. They have a range of up to 1/4-inch for thickness and 
fit a 1/8-inch hole. 


8.29 You can see here how the pliers extend the tip of the 
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Cleco fastener through a set of holes. When the tool is 8.31 When you want to spot-weld sheet-metal panels that 
released, the Cleco grips the parts. Also available are Cleco didn't have them originally, like new parts or repair panels you 
mini-clamps (right) that exert a temporary hold while you have made , a manual flange punch like this is a real help. 

tack-weld small parts together. This one is from Daytona MIG. 


8.32 An air-powered "panibbler" is a fast, clean way to cut sheet metal up to 3/64-inch in steel or 5/64 in aluminum. It will follow 
a pattern or cutline very closely, and you control the speed with the throttle. This one is from HTP. 
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- 8.33 The HTP stud setter is a great boon to bodymen, who 


used to have to pull out creases and dents by drilling holes . | = = 
and using slidehammers that distorted the metal even further. 8.34 Small-headed copper-plated "studs" are 


This 110V tool saves considerable time and labor. inserted into the magnetic head of the stud setter. 


8.36 The suds are spot-welded in place, and a special 
slide hammer is used to pull out the dent or crease. Studs 


hold 500 pounds of pull. 
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8.35 On a dented area that has been ground to clean 
metal, the tool is pushed in contact with the metal and 
the trigger is pulled for a half-second. 
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ee studs pulled out the bulk 


8.37 On this dent, the first thr 


of the damage, and two more are in place to pull the last 8.38 After the pulling, the stud heads are easily ground 
bit out. Note how the first three studs have been clipped off without distorting the metal, and there are no holes 
off with cutting pliers. left to fill in, as with conventional methods. 
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8.39 Visit most street rod shops, fabrication shops and race-car 
facilities, and you'll find that a lot of the shop equipment they have is 
homemade, and these are the kinds of things you'll be able to do once 
you have welding and cutting equipment. 


z e ‘ ar SAR Y Ai 
| ARE, eee 8.41 An old truck rim, a length of round pipe and a 
7 l | = ESA e AN piece of scrap plate are combined with welding to 
8.40 A simple steel materials rack like this is great for keeping tubing, make a perfect small welding table or mount for a 
bar stock and flat stock out of your way, and is easily constructed. In grinder or sander. 
front of this one is an electric, automatic bandsaw great for making 


unattended cuts. This one was purchased inexpensively at a tool 
auction. Watch your newspapers for industrial auctions and 
shop foreclosures. 


8.42 Leftover pieces of tubing 
and other stock should be 
saved in a barrel. You never 
know when you need a short 
piece. This fixture for making 
up a street rod four-link rod is 
made from short pieces of 
angle-iron and a length of 
rectangular tubing. 
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8.45 Another type of angle 
fixture from HTP is this type, 
which clamps the two parts at 
a perfect 90 degree angle for 
tack-welding. 


e. > 


"Wi 


me 


o. DGI _ 
NTI-HEAT 
Par 2407 


` Reuzadie 


A 


8.46 The Eastwood anti-heat is a putty-like paste that 
can be formed around heat-sensitive parts when you are 
welding near them. The paste absorbs heat and can be 
used to protect auto glass when welding near it. 
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g are 
these magnetic blocks, available at most welding supply stores. 


8.43 Ideal for holding small brackets onto tubing for tackin 
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8.44 HTP and other companies offer these strong 
magnetic holders that can secure two pieces of tubing 
for angles of 45 degrees, 90 degrees, and 135 degrees. 
Tack the parts then move the magnets to the next joint. 
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ytona MIG sells this handy spot-sandblaster. It is useful 

for cleaning paint and rust away from a spot your have to weld, 

like a recess where a regular sander won't reach. Three-quarters 
of the blasting media is returned to the gun, so it won't make your 
shop a "sandpit." 


Building a 
utility trailer 


One of the most common home/shop projects for welding equipment is a 
trailer of some kind, Which can be used for carrying a race car or off-road vehi- 
cle or On a smaller scale, can function as a utility trailer. Each of these is easily 
within the realm of the hobbyist, though a trailer of any size should not be your 
first welding project. Hone your cutting, fitting 
and welding skills on other, less critical projects 
first, like a metals storage rack, a wrought-iron 
front gate, a fireplace grate, barbecue grille or a 
rolling cart for your welding equipment. Frankly, 
the latter is usually the first welding project after 
the practice sessions. Many are the accom- 
plished weldors we have met who say they 


welded up their oxy-acetylene equipment cart | E A E % 
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Since the trailer project is something to be 
used on public roads and at highway speeds, 
you want your welding quality to be good be- 
fore you get started because the welds here 
have to be strong, not just good-looking. The 
basic construction details of any trailer are fairly 
similar, whatever the size. You assemble a rect- 
angle of steel tubing or angle-iron, attach a sus- 


9.1 A 4x8-foot utility trailer like this is a good project 

once you have perfected your welding and fitting 
techniques. Once you have a trailer like this, you'll 
wonder how you ever got along without one. It can be 
used for hauling camping gear, lumber, yard trimmings, 
a go-kart or furniture. 


9.2 Find a good trailer supply store in your area, where 
you can browse for suspension parts, wiring, lights and 
hitch components. 
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9.3 We purchased this Chevrolet Sprint solid rear axle and springs at a do-it- 
yourself wrecking yard very inexpensively. New trailer axles and springs can 
be expensive, but you can often find used ones at swap meets, or you can buy 
an old, small boat trailer that you can rework into a utility trailer. 


pension and axle system, add a floor and 
sides, taillights, safety chain and a hitch in 
the front. Most smaller trailers, from 4x8- 
foot size and down, can be constructed of 
2x2 tubing, or 2x2 angle-iron, depending on 
the hauling requirements. A trailer such as 
we are illustrating here is capable of carry- 
ing motorcycles, a go-kart, personal water- 
craft, garden tractor, camping equipment, 
building materials, firewood or landscaping 
dirt. With a few simple poles and some can- 
vas, you could actually use it to camp in, 
like a homemade pop-up camper. We built 
this one of 2x3 tubing and 2x2 tubing of 
1/8-inch wall thickness, which is somewhat 
overbuilt, but these were the materials that 
were accessible, and the cost of building 
such a trailer is entirely dependent on your 
materials. If you were building a car-hauling 
trailer, you would use two axles, preferably 
with brakes, and use diamond-plate steel 
for the floor, with some very sturdy ramps. 
If you can get much of the steel from 


the scrap or remnant pile at your local metal 
source, scrounge used plywood or surplus 


diamond-plate steel and get your axle and suspension from a donor car at a 

wrecking yard, such a trailer can be built for 1/3 to 1/2 the cost of a newly pur- 

chased trailer of the same size. You'll need some kind of metal cutting equipment 

beyond the basic hacksaw or your arm is going to get tired. There's a lot of metal 

to cut to build even a simple trailer. You could lay out your plan on the driveway 

or garage floor, mark all your materials and bring them to a shop for cutting if you 

have to, then bring them back home to weld. Welding such a project can be done 

with any of the equipment we have discussed in this 

VT Se BOOK, but it goes together fairly quickly with either arc- 


9.4 Bolt your springs, U-bolts, spring plates and shackles 
together, making sure the springs are square to the axle centerline 
and measuring the same distance apart front and rear. 


9.5 Attach a hitch to the ball on your tow vehicle, and mock up the 
assembly, using 2x4s to simulate the rails. This should give you an 
idea of what size and layout of trailer you want, and where to 
locate the axle and wheels. Keep more trailer frame in front of the 
axle than behind, to insure you have enough tongue weight. 


9-2 


welding or MIG-welding. 

We used inexpensive-grade plywood for our 
trailer sides, which we made two feet high, and a better 
grade of 3/4-inch plywood for the floor bolted to the 
frame with carriage bolts so the floor would remain 
smooth enough for easy rolling of a furniture dolly into 
the trailer. Once you have built such a trailer, it's like 
having a new truck. Everyone you know will want to 


meant widening our tubular axle 7 inches. 


borrow itto move something. Our tailgate was made from a 
frame of one-inch-square steel tubing, .063-inch-wall, and 
we tack-welded to it a section of steel mesh such as is 
used for barbecue grilles. The hinged tailgate allows wind 
to flow through the tailgate on the road, reducing fuel con- 
sumption from the drag of a solid tailgate. 

For our project, we used a solid rear axle and suspen- 
sion from a compact FWD Chevrolet Sprint, which has sin- 
ole-leaf rear springs. We found later on that we had to add 
helper springs to accommodate heavier loads with the 
trailer. The 4x8-foot size allows for a fairly heavy load. We 
just bought two more Sprint rear springs at the local do-it- 
yourself wrecking yard, cut the eyes off each end with a 
friend's plasma cutter and used these as an extra leaf on 
each side. This increased the load capacity without making 


9.9 With the remains of your original centerline in alignment, 
clamp the axle ends together with a piece of new heavy-wall 
tubing the same size and keep them all in alignment with a 
length of wide angle-iron. 


9.6 In our case, we determined that the Sprint axle was too narrow for our 
purposes, since we wanted a full 4x8-foot sheet of plywood as a floor. This 


Building a utility trailer 


9.7 Grind the paint from the center of the axle, 
mark a straight centerline across the axle for 
lining-up purposes later on and cut the axle 
with a hacksaw. A hose clamp around the axle 
is used as a saw guide to keep the cut straight. 
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9.8 This axle is heavy-wall tubing, and, since we wanted good 
weld penetration for strength, the cut ends were beveled with 
a grinder. Tube at left has been beveled to about half 
its thickness. 


9.10 Here the assembly is tack-welded at several points 
around each joint with a MIG welder. 
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tube-type transceiver. This circuit (or variations of it) has been in 
use by several hams in this area for a number of years (see Fig. 
6-51). With the bypass capacitors shown, no effect from rf feedback 
has been experienced, even when used with a kilowatt. 

Sl is a four-pole, two-position switch (Radio Shack 275-1384 
or equivalent) used to switch the patch on and off. The fourth 
section of this switch (S1d) is used to switch the patch into the 
circuit in lace of the usual station microphone. If your rig has a 
phone patch input, you can leave the mike connected to its usual 
jack and use the alternate connection shown by the dotted line. 

S2 is a DPDT toggle or lever switch. It allows you to select 
XMIT (transmit) or RCV (receive) from the front panel of the 
patch, rather than fumbling with the microphone PTT switch, 
telephone handset, and receiver audio gain control all at once. 

52 is wired in such a way as to permit operation with many 
types of solid-state rigs. These rigs often have the novel little 
problem that the receiver audio is not cut completely off while in 
the transmit mode. During normal operation this is not a problem. 
However, with many of the usual phone patches, an audio oscilla- 


Haynes Welding Manual 


| | ai ] A Ma i 
9.11 When the axle is securely tacked at several points, 

remove the angle-iron and make a strong weld bead all 
around the axle at each joint. Check for straightness after it 
has cooled off. 


9.13 We used what materials we had, with 2x3-inch tubing for 
the two main rails and 2x2-inch tubing for the rest. When 
joining tubing of different sizes, cut one to a standard 45- 

degree angle (here the 2x3), then lay the next piece in, 
square it and mark along the second tube for the correct 
angle to cut it. 


9.14 You can cut tubing and angle-stock with a hacksaw, but 
it is tedious. We borrowed a Milwaukee Port-A-Band 
hand-held bandsaw that made short, accurate work 

of fitting our tubing. 
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9.12 If your driveway or shop floor is flat enough, lay out your 
pieces of tubing on the ground and check all your 
measurements. Cut your joint angles carefully, and, with the 
pieces laid out, measure diagonally from corner to opposite 
corner to see if the frame is square. Check this again several 
times during the tacking and welding phase, too. 


it too stiff when unloaded. Since you are using an automo- 
tive axle, it comes with brakes and all, and you could hook 
these brakes up to your tow vehicle with parts available 
from a trailer supply store. For our loads, like firewood, fur- 
niture and camping equipment, it didn't seem necessary. 
You could also buy a regular trailer axle with springs and 
brakes, but they are rather expensive if purchased new. 
There's a number of straight rear-axle assemblies available 
from front-wheel-drive cars in wrecking yards at reasonable 
prices. 

There are few hard-and-fast rules in building a trailer, 
except that you should design it with the suspension and 
axle located in the rear 50% of the basic frame, not in the 
center, to maintain good tongue weight up front. Your 
tongue weight should be roughly 10% of your total trailer 
weight statically at ride height. The one thing that will cer- 
tainly make a trailer handle badly is not having a long 
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9.20 Put bushings in the front spring eyes and use a . — 
cardboard to make up a template for four front- 9.21 After flame-cutting, torching or plasma-cutting your plates, sand 
spring-eye mounting plates to be welded to the frame the edges smooth and stack them together with a vise-grip clamp. 


You can drill all four plates at the same time, saving time and 
ensuring that all have the spring-bolt holes in the same place. 


9.22 The front spring-mounting plat 
side of the front spring eye, squared to the rails and clamped the bushings don't melt, and fully-weld the four front spring 
lightly in position for tacking. mounts. Here the springs are bolted back in. 


9.24 At the rear, short lengths of 
heavy-wall tubing, with an inside- 
diameter that fits the spring 
bushings, are welded to the 
underside of the rails (tack first, 
then remove the bushings to finish 
welding). Tubes should be 
positioned to have the spring 
shackles straight up and down. 
When the weight of the whole trailer 
is put on, they will arc to the rear 
enough for easy spring action. 
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9.25 In our case, the frame was built just the right size to 
use an uncut 4x8-foot piece of 3/4-inch plywood for the flooring and tubing, then bolt the floor down with carriage 
trailer's floor. bolts, with the round heads on top so the floor is relatively 

smooth and a furniture dolly will go over the floor easily. 


enough tongue on the front and, therefore, not enough 
tongue weight. When loading your utility trailer, try to load 
the heavier items toward the front of the trailer. 

When making joints in tubing, angle and other materi- 
als, get as tight a fit as you can before welding. A tight joint 
will always weld up as a stronger unit than something with 
gaps to be filled. If you are cutting with a hacksaw, use a 
carpentry miter-box to start your 45-degree cuts at the right 
angle. When you're done, give the whole thing a coat or two 
of rust-resistant paint, get an assigned registration number 
and license plate at your local Department of Motor Vehi- 
cles, and you're on your way. 

When your trailer is complete, have a qualified wel- 


dor/metals expert ape it for strength and safety. Then 9.27 Four posts of heavy 1x2-inch angle-iron were welded 
find some things to move! on, one in each corner, as supports for the plywood sides. 
After welding, all were checked with a square. 
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9.28 Having metal around for welding projects can pay off 9.29 The front panel is attached with carriage bolts through 
when working with wood, too. Use an extra length of straight the angle-iron posts. The posts were pre-drilled before 
angle-iron or tubing to clamp down on a piece of plywood as welding on, because they are much easier to drill in a drill- 

a saw guide, for perfectly straight cuts. press than once they are welded in place. 
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9.30 Short strips of 1/8-inch thick, 2-inch-wide st 
metal (pre-drilled) were welded along the floor edges to 
help attach the bottom of the side panels. When MIG 
welding outdoors with argon gas shielding, use pieces of 
plywood around you to form a wind barrier to keep the 

gas from blowing away as you weld. 


9.32 At the local trailer supply 
store, we found a wide variety 
of lights, wiring harnesses, 
plugs and hitch parts to 
complete our utility project. 
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9.33 The taillights were bolted to the rear angle posts, 
but with a short extra piece of steel added on to move 
the lights further outboard to clear the tailgate. 
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9.31 Plywood sides are bolted to the end pillars and the 
side plates. 


9.34 We originally had the hitch bolted to the main tongue, but 
found we had a better tongue weight with the tongue down 
another two inches. Simply welding on another piece of 2x2-inch, 
heavy-wall tubing set the trailer just right. 


Building a utility trailer 
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9.35 Every trailer needs a safety chain, peel with your 9.36 Our metal tailgate will save fuel because air flows through it on 


local DMV to see if your trailer qualifies for just one, the road, cutting wind resistance. The frame was made of 1x1-inch 
due to light weight, or needs two to be legal. Take one tubing, to which was added steel mesh. Hinges (bottom arrows) 
end link, grind it clean of any plating and weld it to the were welded to the tailgate and bolted to the trailer. Top arrows 
trailer tongue (at top here). Below you'll see the indicate where tabs were welded to the gate for bolting with 
removable snap-link that hooks to our tow vehicle. wingnuts to the trailer structure. 


9.37 With the wingnuts undone, the hinged tailgate 
folds down as a ramp for furniture dollies, aE 
lawnmowers, etc. The trailer should be hooked up to 9.38 A 4x8x2-foot utility trailer actually hauls a lot of "stuff". We've 


the tow vehicle before you step on the tailgate/ramp, known people who built a simple trailer just to make a long-distance 
or the lightweight trailer could tilt quickly. household move, then sold the trailer when they got there, saving 


considerably on what a rental trailer would have cost. 


Glossary of welding terms 


AC Current - Alternating current, such as in homes and businesses. Polarity 
switches at 60 cycles per second (US). 


Acetylene - A highly flammable gaseous hydrocarbon fuel used with oxygen 
in gas torch welding/brazing/cutting. 


Alloy - A modified metal made by combining a base metal with other metals 
or chemicals to produce a metal with different properties. 


Amperage - A measure of electrical power. In electric welding, such as TIG, 
MIG and arc, the higher the welding amperage, the more heat is generated at 
the arc. 


Annealing - A process of heating a metal and slowly cooling it to soften it 
and make it more workable. 


Arc Welding - An electrical welding process in which a consumable, flux- 
coated electrode rod makes an arc with the work. Also called stick welding. 
Arc welding deposits a coating of slag over the seam, which must be 
chipped off after it cools. 


Alloy numbers on aluminum 


Acetylene bottles 


ie 


Arc welding 


GL-1 


Argon bottles 


e The welding current is too high. 


the work can cause a wind-like force that blows shielding gasses away. Usu- 
ally happens in corner welding and can be avoided by switching polarity or 
moving the ground clamp. 


Argon - A colorless, odorless inert gas often used as a shielding gas in TIG 
and MIG welding. 


Backfire - A loud pop heard at the torch in oxy-acetylene welding that indi- 
cates combustion has backed up into the torch. A potentially dangerous 
phenomenon caused by holding the torch too close. 


Base Metal - In alloying, this is the pure metal before alloys are added. In 
welding, this refers to the work metal, as opposed to the filler metal melted 
in. 


Bead - The seam between two pieces of metal that have been fused by 
welding. The bead usually looks like a tight series of overlapping circles or 
ovals of metal. 


Brazing - A type of metal-joining where the parent or base metal isn't melted 
but is heated only enough to melt a filler metal such as brass, which holds 
the parts together after cooling. 


Butane - A fuel gas sometimes used with oxygen for brazing or soldering. 
Butane does not produce as much heat as acetylene. 


Burn-Through - When the welding flame or arc is too hot for the material, 
holes develop in the seam. 


Butt Weld - The most common joint in home/shop welding, where the two 
edges to be joined are lying flat in front of the weldor. 


Carbon - A non-metallic basic element that is a key in- 
gredient in alloying of steels. Higher amounts of carbon 
in a steel make it tougher. 


Carbon-Arc - A type of welding in which two carbon 
rods are brought together to create an arc independent 
of the parent metal. A process virtually obsolete in 
home/shop welding today. 


Carburizing - In welding, an oxy-acetylene flame that is 
rich in acetylene, used to coat parent metals with soot 
before annealing. In metal work, a process of treating a 
surface such as a tool or knife edge by adding carbon to 
a hot metal, increasing surface hardness. 


Cast Iron - A common metal, formed of steel with very 
high carbon and silicon content, in which soft graphite 
flakes appear throughout. The graphite makes the mate- 
rial hard to weld, but it is commonly used in large cast- 
ings such as automotive engine blocks, heads and 

crankshafts, as it is inexpensive to 

manufacture and resists vibration 


e The gap between the metal is too wide. damage. 

e The speed of the gun is too slow. 

* The gun to base metal distance is too Clad Metals - Usually mild steel al- 
short. 


loys coated with another metal, 
such as galvanized steel, or sand- 


Burn-through wiched with another metal such as 
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Butt weld 


kitchenware that has mild steel sandwiched between two layers of stainless- 
steel. 


Copper - A reddish basic metal that is relatively soft, malleable and is one of 
the best conductors of heat and electricity. 


Current - The flow of electricity, usually described by its direction of flow (al- 
ternating or direct) and strength (amperage and voltage). 


Deposit - The addition of new metal to a welding seam by melting in a filler 
rod. 


Deposition Rate - How fast filler metal is added to a welding seam. Deter- 
mined by the wire-feed speed in MIG welding, and by the movement of the 
hand-held filler rod in gas, arc and TIG welding. 


Ductility - A property of a metal that indicates how well it can be hammered 
out thin or drawn into a wire. A welded joint that passes a bending test with- 
out breaking is said to have good ductility. 


Duty-Cycle - In electric welding processes, this is a way of gauging how 
long a particular machine can weld before it must be cooled off. It is ex- 
pressed as a percentage of a ten-minute test period. At a 40% duty-cycle, a 
welder can be operated for four minutes, then must be cooled for six. At 
100% duty-cycle, such as industrial equipment, the welder can be operated 
all the time. 


Electrode - In electric welding, a conductive element that makes the final 
connection with the work to create an arc of electrical 
energy. In arc-welding, it is the rod or stick. In MIG it is 
the welding wire, and in TIG it is a tungsten rod. 


Eye-Flash- A eye problem that occurs from observing a 
welding arc without protective goggles or lenses. Even 
brief exposure to the intense ultraviolet and infrared radi- 
ation can harm your eyes, causing a burning sensation 
that may show up 6-8 hours after exposure. 


Ferrous Metals - Any of several metals made from iron 
and other elements. Common ferrous metals include 
wrought-iron, cast-iron, steel and cast-steel. Magnets 
attract ferrous metals. 


Deposit 


Electrode - arc rods 
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Filler Metal - New metal added to a welded joint by melting in a filler rod or 
wire. Most weld seams require filler metal. 


Fillet Weld - A joint such as a 90-degree or T-joint, where the weld bead is 
filling a triangular-shaped area. Also describes a multiple-pass weld on thick, 
beveled plates. 


Firebrick- Special fire-proof bricks used in welding as a 
non-conductive base on which to set parts to be 
welded. Usually larger than common masonry bricks. Do 
not use concrete or red brick to weld on, they will crack 
or explode from trapped moisture inside. 


Flame - The heat-creating, working-end in oxy-acety- 
lene welding/cutting/brazing. The flame, not the torch, 
contacts the work. 


Flamecutter - A mechanized gas or plasma torch that is 
A Motorized and follows a pattern, to cut 
out repetitive shapes from metal. 


F : ; ; i 
Cra i | Flashback - A situation in gas-welding 


ENTER in which combustion goes back into 
the torch. More serious than a backfire, 
it is signaled by a loud squeal, and 
should be stopped immediately by 
turning off the gasses at their tanks. 


STOP DANGEROUS FLASHBACKS 


Flashback Arrestors - One-way 
valves installed in oxygen and acety- 
lene hoses to prevent flashback. All 
gas-welding setups should have these. 


We pe eh A i imie 


ua Flowmeter - A type of gauge for 
: Cece pou 6 ROW MN shielding gasses which indicates the 
rani ge a flow via a colored ball floating in a clear 
glass tube which is easier to read from 

distance than a dial-type gauge. 
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Flamecutter Flashback arrestors 
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Flowmeter 


Flux - A chemical compound that 
cleans base metal under heat. In braz- 
ing, flux prepares the base metal for the 
brass to stick to it. Flux is applied as a 
coating to arc-welding rods and to wire 
for flux-cored MIG welding and is con- 
sumed in the arc to produce shielding 
gas. 


Forge-Welding - A blacksmithing process where two 
pieces of metal are heated to the near-molten state and 
hammered together, resulting in fusion. Until the late 
19th-century, all metals were either soldered, brazed or 
forge-welded. 


Fusion Welding - Where the edges of two pieces of 
metal are brought to a molten state and joined, usually 
with filler metal of a similar alloy melted in. 


Gas Welding - Using a mixture of oxygen and acetylene 
gasses to form a very hot, concentrated flame to heat 
and fuse metals. 


GMAW - Stands for Gas Metal-Arc Welding, also known 
as MIG (Metal Inert Gas welding) and commonly called 
wire-feed welding. The process uses a shielding gas 
emitted from the torch while the consumable wire is the 
filler and electrode. 
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Gas welding 
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Resistors —all Vs -Watt, five percent 
R1, R14, R23, R25, R38, R40, R41 


R2, R18, R42 
R22, R3 


RG, R10, R12 


R17, R21, and one in radio 


R20 
R24, R26 
R27-R37 
R39 

R9 

R5 

R8, R19 
R11 


Table 6-8. Synthesizer Parts List. 


270 Ohms 
4.7k 

3.3k 

100 Ohms 
820 Ohms 
2.2k 

1 megohm 
4.7 megohms 
220 Ohms 
390 Ohms 
180 Ohms 
1k 


Capacitors — all disc ceramic, unless otherwise noted 
C1, C2, C10, C14, C17, C23, C35, 
C36, C41, C45, C48 and two in radio 


C50, C51 
C3, C4 


C9, C15, C16, C18, C19 
C12, C27, C46, C49 


C7, C22, C28 
C42 
C43, C44 


C13, C25, C39, C47 


C24 

C29, C30 
C32, C33 
C8, C26, C40 
C38 

C5 

C20 

C21 

C6 

C11 

C31, C34, C37 


0.001 uF 
0.001-uF feedthroughs 
100-pF silver mica 

47 OF 

33-uF tantalum 

0.01 uF 

2.2-uF tantalum 
0.1-uF tantalum 

0.1 uF 

20 pF 

270-pF silver mica 
15-pF silver mica 
1-uF tantalum 

120-pF silver mica 
33-pF silver mica 

33 pF 

180 pF 

27-pF silver mica 

10 pF 

5-30-pF subminiature 
trimmers 
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GTAW - Stands for Gas Tungsten Arc Welding, also called TIG (Tungsten In- 
ert Gas welding), and may be referred to as heli-arc welding, though this is a 
tradename. Helium or argon shielding gas emits from the torch, while a non- 
consumable tungsten electrode makes the arc, and filler is added from a 
hand-held rod like in gas welding. 


Tig torch 


- Electrical conductor 


Tungsten 
electrode 


Filler Passage — 
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Small heat-affected zone on MIG weld 
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Ground Clamp - In electrical methods of welding, this is a 
heavy cable from the welding machine that clamps to the 
work or the conductive metal work table, completing the cir- 
cuit from the electrode to the work and back to the machine. 


Gun - In welding, this usually refers to the "torch," particu- 
larly in the MIG welding process. The similarity to a gun is 
that the wire "shoots" out of it into the weld bead. 


Hardness - A metal property that can be tested by the ability 
of the metal to scratch another surface or be scratched. Sen- 
sitive equipment is used to measure metal hardness, and the 
alloy number of a metal is used as a hardness indicator. 


Hard-Surfacing - In arc-welding, a procedure in which many 
weld beads are made overlapping, covering a large area. Us- 
ing special rods, a very hard, abrasion-resistant face can be 
added to tools or farm implements. 


Heat-Affected Zone - This is the area along either side of 
the weld that has been changed by the fusion heat. On fer- 
rous metals, it is indicated by a discoloration. In some cases 
the metal in this zone may have become weaker than the 
joint itself. 


Heat Sink - Something used behind or around an area to be 
welded, to protect adjacent areas from heat. Wet rags and 
moldable, heat-resistant clays are often used around welding 
on thin sheet metal. 


Heat-Treating - Changing a metal's characteristics of 
strength and formability by scientifically heating and cooling 
it. The term usually implies making a metal harder. 


Heli-Arc - A tradename of the L-TEC company (formerly 
Linde), for their TIG welding equipment. The original process 
began with Helium as the shielding gas, and the tradename 


¡xo 


Heli-arc torch 
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came into such wide usage that it is now generic when 
used by weldors. 


Helium - An extremely light, colorless, nonflammable 
gas, used in welding as a shielding gas and in everyday 
use to fill balloons. 


Hydrogen - Atomically the simplest of all atoms, hydro- 
gen in its normal state is a colorless, odorless light- 
weight gas that is extremely flammable. In small 
amounts it is used in some industrial welding/cutting ap- 
plications. 


Jig - Á device used to keep parts in alignment or posi- 
tion during welding. 


Joint - Where two parts are joined by welding, or where 
two sides of a crack are welded. 


Kerf - The width of the cut in metal cutting by torch or 
plasma cutter. 


Lap Weld - Where two pieces of metal are overlapped 
before welding, rather than butted together. Commonly 
used in brazing, and to stiffen a joint in thin sheet metal. 


Lead - Another term for an electrical cable, such as a 
is Brazed lap joint 
Machine - The power supply for an electrical welding 

setup. 


Machine Welding/Cutting - When the torch or welding/cutting gun is 
moved by motorized equipment rather than by hand, resulting in a more pre- 
cise weld or cut. 


TIG machine Machine welder/cutter 
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MIG Multiple-pass weld 


Malleability - A metal quality indicating how well the material responds to 
being shaped by a hammer or forming tools. 


Manifold System - Where a number of welding torches are fed by a com- 
mon source of gasses, such as in an industrial situation or a weiding school. 


MIG - Stands for Metal Inert Gas welding, more commonly called wire-feed 
welding because the consumable electrode is a metal wire machine-fed 
through the gun from a roll. 


Mild Steel - Synonymous with low-carbon steel, the most commonly found 
and highly useful material, easy to weld, heat and form. 


Molybdenum - A modern metal used in alloying, to make steels and stain- 
less steels stronger and more resistant to corrosion. A well known steel alloy 
is 4130 chrome-moly which contains molybdenum and chromium and is a 
strong material used in aircraft and race cars. 


Multiple-Pass Weld - When welding thick plates or repairing large cracks in 
castings, more than one bead must be made. The joint is usually beveled first 
and the succeeding passes have wider beads until the joint is filled. 


Neutral Flame - In oxy-acetylene welding and cutting, this is the desired ad- 
justment of the torch flame, with equal amounts of each gas. 


Nickel - A metal used in alloying steel and stainless steels chiefly to increase 
corrosion resistance and suitability for both very low and very high tempera- 
ture extremes. 


Nitriding - A metal treatment process to surface-harden 
certain steels, castings and forgings. 


Nitrogen - The main component (75%) of the air we 
breathe, nitrogen is an inert gas that can be used as a 
shielding gas in welding copper, or as the cutting gas in 
plasma equipment. 


Normalizing - A heat-treating process that refines the 
grain structure in hard steels. lt is used when high- 
strength steels have been welded, to remove stresses. 


Nozzle - A component part of the torch in TIG, MIG and 
plasma welding equipment, designed to focus the 
shielding gas over the arc. 
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Out-Of-Position Welding - Welding whenever the parts are not laid flat in 
front of the weldor, such as welding vertically, overhead or horizontally but 
perpendicular to the ground. 


Oxidation - The deterioration process when metals are exposed to oxygen 
through air, moisture and natural or manmade harmful elements, On steel it 
appears as red-brown rust, on aluminum it can be a gray-black. To prevent 
it, metals must be coated with oils, paints or plating processes. 


Oxidizing Flame - In oxy-acetylene welding/cutting, when the flame is ad- 
justed with too much oxygen, identified by a ragged purple outer cone and a 
hiss from the torch. 


Oxygen - A colorless, odorless, tasteless gas that makes up 21 % of the air 
around us. It is essential to combustion processes, and combined with equal 
parts acetylene makes a 3315° C flame for welding and cutting. 


Penetration - Important in all welding processes, penetration describes how 
far into the two pieces of a joint the fusing process extends. Maximum pene- 
tration makes the strongest joint. 


Piercing - In metal cutting, piercing is the technique for starting a cut in the 
middle of the material (Such as cutting an interior hole in a piece of plate). It 
usually requires slightly different torch procedure than starting from an edge. 


Pickling - Treating a metal chemically before welding it. For instance, cad 
plating on bolts, chain and other hardware can create 
dangerous fumes when welded, plus good contact is 
hard to make. Plated parts should be stripped in swim- 


ming-pool acid before welding. a 
BE IGH 


Plug Weld - Where a piece of tubing fits inside another 
and is welded to it through holes drilled in the outer tube. 
Also called a rosette weld. pe 


Polarity - The direction in which electrical current flows | F 


in a welding setup. There is AC, which alternates in 60 | 
cycles per second (US), and DC, direct current, which 
can be either straight polarity or reversed polarity. 


Porosity - An undesirable quality in a weld, with tiny 
holes caused by welding dirty metal, using damp arc 
electrodes, or getting a gas torch too close to the metal. 


Post-Flow - A setting on a TIG machine allows the wel- 
dor to adjust how long after the arc is broken the shield- 
ing gas will continue to flow to protect/cool the bead. 


Post-Heating - Heating a welded part after the final 
welding to relieve stresses. 


Pre-Heating - When an entire part, or just the weld area, 
is heated with an oven or torch before welded to prevent 
thermal stresses and uneven expansion and contraction. 
Thick metals and aluminum and iron castings are usually 
preheated before welding. 


Propane - A fuel gas commonly used in self-contained 
torches for heating and soldering plumbing pipes. It can 
be used with oxygen to perform welding/brazing on thin 
materials. 


ae ETA DOO 77 
> | PENETRATION 
; DEPTH 


Pre-heating 


GL-9 


Haynes Welding Manual 


AA 


OVERLAPPING BEADS 


Puddle 


ELECTRODE COVERING — / 
CORE WIRE | 
SHIELDING GAS 
ARC AREA 


7} 


1 


Arc welding rod 


Resistance welding 


Puddle - The welding bead in process, as the concen- 
trated area of the parent metal is melted and joined with 
molten filler rod. The finished bead is a continuous string 
of overlapping puddles. 


Rectifier - A major component of many electric welding 
machines, the rectifier changes AC input current to DC 
output. 


Resistance Welding - A method of welding where elec- 
trodes are placed on either side of the material to be 
joined, and a brief arc is made, which is enough to fuse 
the materials together at that point without greatly af- 
fecting the area around it. The weld is made by heat and 
pressure, and the technique is often used as spot-weld- 
ing on sheet metal. 


Rod - The filler rod in welding processes. In arc-welding, 
rod is another term for the coated, consumable elec- 
trode. In gas and TIG welding, the filler rod is usually un- 


coated and hand-fed into the puddle. 
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Root - The bottom of a weld bead viewed in cutaway. In multiple-pass weld- 
ing oh thick material, the first bead in the bottom is called the root pass. 


Reverse Polarity - In electric welding, the term refers to a DC setup where 
the work is made negative, and is called 
DCRP. It is the opposite of DCSP, or straight 
polarity. 


Seam Welding - A procedure used on lighter- 
gauge metals where the bead is composed of 
overlapping spot welds. Some MIG machines 
can be timed to perform seam welds. It is also 
used on machine-made welds to join long 
seams in sheet metal. 


Sheet metal - Thinner metals, such as found 
in auto bodies, appliances, heating/cooling 
ducts. Usually refers to metals from 12-gauge 
to 24-gauge. 


Shielding Gas - An inert (nonflammable, non- 
reactive) gas forced out around a weld proce- 
dure to cover the arc area, excluding air and 
impurities from the forming weld. 


Shielded Metal Arc Welding - Another term for stick or arc- 
welding, it is abbreviated as SMAW. The flux coating on the 
consumable electrodes vaporizes into shielding gas to protect 
the weld. 


Short Circuit - In electrical terms, this is what makes the arc 
when there is an air gap between positive and negative current 
flow. When you plug an appliance that is already switched on 
into the wall outlet and there is a tiny spark at the plug's prongs, 
this is a small-scale version of the short-circuit that makes elec- 
tric welding possible. 


Slag - Oxidized impurities resulting from welding and cutting. In 
arc welding, the slag forms a thick, hard coating over the seam, 
which must be chipped off with a pointed hammer. Slag is also 
found along the bottom of a cut made by a gas torch. 


Slope Control - In electrical welding, professional- 
level welders have controls that adjust the shape of 
the current waves, to weld better on non-ferrous 
materials. Slope control can also be used to de- 
scribe controls that gradually increase current at the 
beginning of a weld, and taper off current at the end, 
both to avoid cratering. ( 


Spatter - Tiny balls of filler metal stuck to the parent 
metal around the weld, spatter is produced mostly 
by incorrect welding technique, but in arc welding 
spatter is unavoidable. Spatter is also present in 
smaller amounts with MIG welding. 


NA 
+ Right Angle 
1” y 
Spot Welding - Small circular welds used to hold 
light sheet-metal panels together. Usually made 
through a hole in the topmost panel and common in Spot welding 
auto bodywork (also see resistance welding). 
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Square-wave technology 


Stick Welding - Another term for arc welding. 


Stitch Welding - A seam where welding is done only in 
short strips with gaps in between where full welding isn't 
required. Better MIG machines have timer controls to 
easily do stitch welding. 


Stud Welding - An option for some types of MIG 
welders whereby a special attachment to the gun ac- 
cepts hollow studs. The studs are pressed onto a sur- 
face where the arc is made, and filler wire welds the stud 
to the surface and fills the inside of the stud. A very fast 
method of replacing broken studs in exhaust system 
work. 


Square-Wave Technology - An electronic method of 
changing the shape of the AC current wave for improved 
welding of non-ferrous metals with TIG equipment. 


Submerged-Arc Welding - An industrial process where 
the seam is buried under a long, thin pile of flux material, 
and a mechanized welder travels along the seam weld- 
ing underneath the flux pile. The arc is not visible, and 
the technique is used often on heavy plates such as in 
shipbuilding. 


Synchronous Control - A type of electronic control 
which ensures that each weld will begin at the same 
point on the wave cycle, particularly important for con- 
sistent spot welds in automatic operation. 


Tack Welding - Very short welds made at each end and 
the middle of a seam, to hold the pieces in alignment be- 


fore a full seam is welded. When designing and building a project, it's impor- 
tant to tack-weld everything first before finish welding. You may want to 
change something at the last minute and tack-welds can be easily broken off 
or cut through to make changes. 


Tempering - Steels can be hardened by heat-treating but may become too 
brittle. Tempering heats a metal to some degree below the transformation 
temperature and then cools it to bring back some toughness in the metal. 


Tensile Strength - A measure of a metal alloy's (or welded seam's) ability to 
resist being pulled apart. 
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TIG Welding - This stands for Tungsten Inert Gas weld- 
ing (see heli-arc). 


Titanium - An expensive, strong, lightweight material 
used in aerospace and race cars. Special techniques are 
required to weld titanium. 


Transformer - A major electronic component of electric 
welding machines, it turns high-voltage, low-amperage 
line current into low-voltage, high-amperage welding 
current. 


Tungsten - The non-consumable electrode used in TIG 
welding. It is resistant to corrosion and doesn't melt until 
6170° F. 


Air- or Water-Cooled 
Tig Torch 
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Undercut - A weld defect where too much heat was ap- 
plied and at the sides of the bead the parent metal is 
eroded. Usually accompanied by too much penetration 
on the backside of the weld. 


Voltage - A characteristic of electrical current that 
equals the amps times the ohms (resistance). In welding 
machines, input current is usually described in volts, 
while welder output is usually measured in amps. 


Welder - The machine that makes the welded.seam. 
Weldor - The person who operates the welder. 


Wrought Iron - A soft form of iron that includes some 
slag in its formation. Traditionally the material chosen for 
making ornate fences, gates and horseshoes because of 
its shapability. 


_ Regulator/Flowmeter 
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index 


Alloys, metal, 2-3 

Angle clamp, 8-12 

Anti-heat paste, 8-12 

Arc welding, 2-9, 4-1 through 4-16 
arc welders, AC or DC?, 4-4 
beginning, 4-8 
choosing electrodes, 4-13 
safety considerations, 4-7 
the arc process, 4-6 
types of joints, 4-11 


B 


Bandsaw, portable, 8-5 

Beginning arc welding, 4-8 

Belt sander, 8-8 

Bender, 8-7 

Blanket, welding, 8-4 

Brazing, 3-16 

Building a utility trailer, 9-1 through 9-10 


Checking your welds (oxy-acetylene), 3-14 


Choosing a MIG welder, 5-5 

Choosing electrodes (arc welding), 4-13 
Choosing wire (MIG welding), 5-14 
Clamp, magnetic, 8-5 

Cleco clamps, 8-8, 8-9 

Copper spoon, 8-4 

Cutoff saws, 8-6 

Cutting (with gas cutting torch), 3-18 


Definitions of welding, 1 -2 
Development of modern welding, 1-3 
Disc sander, 8-7 

Duty cycles, 2-17, 4-3, 5-7 


Electrode rack, 8-7 


Flame adjustment, oxy-acetylene welding, 3-9 


Flange punch, 8-9 


Haynes Welding Manual 


Gas welding/cutting, 2-6, 3-1 through 3-26 
checking your welds, 3-14 
cutting, 3-18 
equipment, 3-3 
flame adjustment, 3-9 
heating, 3-24 
how to, 3-9 
the process, 3-1 
welding with filler rod, 3-11 

Gloves, welding, 8-4 

Grinder, 8-5 

Gun, spot welding, 8-5 


H 


Heli-arc welding (TIG), 6-1 through 6-18 
Helmets, welding, 8-2 
How welding works, 2-2 


Introduction, 1-1 through 1-4 


Magnetic blocks, 8-12 
Materials rack, 8-11 
Metal alloys, 2-3 
MIG (wire-feed) welding, 2-11, 5-1 through 5-26 
choosing a MIG welder, 5-5 
choosing a shielding gas, 5-12 
choosing wire, 5-14 
description, 2-11 
learning, 5-16 


Nibbler, 8-9 
Notcher, tubing, 8-5 


Oxy-acetylene gas welding/cutting, 2-6, 
3-1 through 3-26 
checking your welds, 3-14 
cutting, 3-18 
equipment, 3-3 
flame adjustment, 3-9 
heating, 3-24 
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how to, 3-9 
the process, 3-1 
welding with filler rod, 3-11 


Plasma arc welding and cutting, 2-18, 7-1 through 7-12 


choosing plasma cutting equipment, 7-5 
cutting, 7-3 
how to use, 7-8 
welding, 7-2 
Post-flow (TIG welding), 6-6 
Practice and training, 2-21 
Punch, flange, 8-9 


Rack 
electrode, 8-7 
materials, 8-11 
Rewiring for an arc welder, 4-5 


Safety & shop equipment, 8-1 through 8-12 
Safety considerations, arc welding, 4-7 
Sandblaster, 8-12 
Sander 
belt, 8-8 
disc, 8-7 
Saws 
bandsaw, portable, 8-5 
cutoff, 8-6 
Slope control (TIG welding), 6-6 
Spoon, copper, 8-4 
Spot weld remover, 8-6 
Spot welding gun, 8-5 
Stud setter, 8-10 


Table, welding, 8-4 
TIG {heli-arc) welding, 2-14, 6-1 through 6-18 
aluminum, 6-13 
equipment, 6-4 
how to, 6-8 
post-flow, 6-6 
slope control, 6-6 
Trailer, utility, building, 9-1 
Training and practice, 2-21 
Tubing bender, 8-7 
Tubing notcher, 8-5 
Types of welding, 2-1 through 2-22 


RF chokes and coils 

RFC1 E 

RFC2, RFC3 14 

RFCA oe 

RFCS 0 fh 

ares incl slug-tuned form wound | 


with 8 turns of #22 wire 
L2 20 turns #30 wire on Amidon 
#73-801 ferrite bead 


71 LM309H 
72 74LS73 
73 4046 
74 4001 
75 4059 
76 4060 
Q1 3N128 
Q3, Q4, Q6 2N2222 
Q5 40673 or HEP F2004 
Q7, Q8 2N3904 
Qg MPS6520 or HEP 50009 
Q2 2N2857 
VC1 HEP R2503 varactor 
D1-019 1N914 diodes 
LED1 any type red LED 
VR1, VR2 5.1-volt V2-Watt zener diode 
Crystals 
Y1 23.3333-MHz, Heath #404-586" 
v2 21.5500-MHz, Heath 404-584 * 
Y3 26.667-kHz, Statek type SX-1H 
Switches 
$5, $6, S7 10-position BCD switches with 
endplates 
S3, S4 SPDT toggle switches 
S1, S2, S8, S9, S10, S11 SPST toggle switches 
aiii "International crystal 
Miscellaneous 
2 RCA phone plugs and jacks Gat #495274 


RG-174/U miniature 50-Ohm coax 
Amidon #64-101 ferrite beads 


Index 


U how it works, 2-2 

Utility trailer, building, 9-1 MIG (wire feed) welding, 2-11, 5-1 through 5-26 
choosing a MIG welder, 5-5 

choosing a shielding gas, 5-12 

choosing wire, 5-14 


W oxy-acetylene (gas), 2-6 
Welding plasma arc, 2-18 
Arc welding, 2-9, 4-1 through 4-16 safety considerations, arc welding, 4-7 
arc welders, AC or DC?, 4-4 table, 8-4 
beginning, 4-8 TIG (heli-arc) welding, 2-14, 6-1 through 6-18 
choosing electrodes, 4-13 aluminum, 6-13 
safety considerations, 4-7 equipment, 6-4 
the arc process, 4-6 how to, 6-8 
types of joints, 4-11 post-flow, 6-6 
blanket, 8-4 slope control, 6-6 
definitions of, 1-2 types of, 2-1 through 2-22 
development, 1-3 wire-feed, 2-11 
helmets, 8-2 with filler rod (oxy-acetylene), 3-11 
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Airco Gas and Gear 
BOC Gasses 

575 Mountain Avenue 
Murray Hill, NJ 07974 


Daytona MIG 
1821 Holsonback Drive 
Daytona Beach, FL 32117 


Eastwood Company 
580 Lancaster Avenue 
Malvern, PA 19355 


HTP America 
261 Woodwork Lane 
Palatine, IL 60067 


Lincoln Electric Co. 
22801 St. Claire Avenue 
Cleveland, OH 44117-1199 


L-TEC Welding & Cutting 
Systems 

The ESAB Group 

P.O. Box 100545 
Florence, SC 29501 -0545 


Miller Electric Mfg. Co. 
718 S. Bounds Street 
Appleton, WI 54911 
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Hermann PLAUSON 


Conversion of Atmospheric Electricity 


Biography (Wikipedia) 

Meridian International Research: Atmospheric Electricity Research 
Science & Invention (Feb. 1922): "Power from the Air" (T) 

Science & Invention (March 1922): "Power from the Air" (II) 


Plauson's Patents (List) 


H. Plauson: USP # 1,540,998 -- Conversion of Atmospheric Electricity 


H. Plauson: British Patent # 157,262 -- Improvements in Electric Motors 


H. Plauson: British Patent # 157,263 -- Process & Apparatus for Converting Static Atmospheric Electrical Energy into Dynamic 
Electrical Energy... 


Science & Invention ( June 1928 ) - "Harnessing Nature's Electricity" 


H. Plauson : British Patent # 299735 -- Process for Producing Rapidly Moving Electrons [ PDF | 


H. Plauson : Gewinnung und Verwertung der Atmosphatischen Elecktrizitat ( 1922 ) [ PDF | 


http://en.wikipedia.org/wiki/Hermann_Plauson 
Biography 


Hermann Plauson was an Estonian engineer and inventor. Plauson investigated the production of energy and power via atmospheric 
electricity. 


Plauson was the director of the Fischer-Tropsch "Otto Traun Research Laboratories" in Hamburg, Germany during the Weimar Republic 
of the 1920s. He built on Nikola Tesla's idea for connecting machinery to the "wheelwork of nature". Plauson's US Patent # 1,540,998 
describes methods to convert alternating radiant static electricity into rectified continuous current pulses. He developed the Plauson's 
converter, an electrostatic generator. In 1920, Plauson published a book titled "Production and Utilization of the Atmospheric Electricity" 
(Gr, Gewinnung und Verwertung der Atmospharischen Elektrizitat). A copy of this book is in the British Library. 


It is believed that he was related to Gertrud Plauson (the exact relationship is unknown; she may be his wife). 


"Power from the Air". Science and Invention , Feb. 1922, no. 10. Vol IX, Whole No. 106. New York. ( nuenergy.org ) 
"Power from the Air". Science and Invention , March 1922. 


Science and Invention, Vol. IX (106) #10 (February 1922) 
Power from the Air (I) 
by 


Hugo Gernsback 


During the war there was developed in Germany a new art --- or science --- that bids fair to revolutionize our present means of obtaining 
power. 
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This art, which is as new now as wireless was 25 years ago, will attain proportions during the next 25 years that may appear fantastic 
today. The inventor of the new science, an engineer of note, Herr Hermann Plauson, has devoted years of labor to his researches and he 
has now actually in use small power plants, that generate electricity direct from the air, day and night, without interruption at practically 
no cost, once the plant is constructed. 

We had occasion, in one of our former issues, to describe the system, roughly, from cabled dispatches, but complete information is 
available now. The amount of electrical power that resides in our atmosphere is astounding. Herr Plauson found in his experiments that a 
single balloon sent aloft to a height of 300 yards gave a constant current at 400 volts of 1.8 amperes, or in 24 hours over 17-1/4 kilowatts! 
By using two balloons in connection with a special condenser battery, the power obtained was 81-1/2 kilowatts in 24 hours. The actual 
current delivered was 6.8 amperes at 500 volts. 


The best balloons used by the inventor are made of thin aluminum leaf. No fabric was used. A simple internal system of ribs, stays and 
wires, gives the balloon rigidity as well as a certain amount of elasticity. The balloon, when made airtight, is filled with hydrogen or 
better, with helium. It will then stay aloft for weeks at a time. The outer surface is dotted with extremely sharp pins, made sharp 
electrolytically. Ordinary pins did not prove good current collectors, as they lacked extreme sharpness. The pins themselves were made 
from amalgamated zinc, containing a radium preparation, in order to ionize the air. It was also found that by dotting the outer surface of 
the balloon with zinc-amalgam more current could be collected. Even better results were obtained with polonium amalgam. Plauson states 
that the function of these amalgams is purely photoelectric. 


One hundred of such captive balloons, separated one hundred yards from each other, will give a steady yield of 200 horsepower. This is 
the minimum, because in the winter this figure increases up to 400 horsepower, due to the higher electrification of the atmosphere. 


We need not go into the technic of how the current is finally made useable for industrial purposes, suffice it to say that the problem has 
been entirely solved by Herr Plauson. By using batteries of condensers, high tension transformers, etc., the current can be transformed to 
any form desires. Such as for lighting lamps, running motors, charging storage batteries, etc. 


Plauson also invented a sort of electrostatic rotary transformer which gives alternating current without the use of condensers and 
transformers. Indeed, its output is very great, as it actually ‘sucks’ the current down rapidly from the collector balloons. There is no doubt 
that this invention will soon come into universal use all over the world. We will see the land dotted with captive balloons, particularly in 
the country and wherever water power does not abound. Indeed, the time is not distant when nearly all of our power will be derived from 
the atmosphere. So far it seems to be the cheapest form of power known, it being much cheaper even than water power --- the cheapest 
form of power known today. Not only that, but as the inventor points out, no devastating thunder storms occur near such aerial power 
plants, because the balloons act not only as lightning arresters, but they quickly discharge the biggest thunder cloud, safely and noiselessly 
through their grounded spark gaps. 


Science & Invention (March 1922), page 1006, 1007 
Power from the Air (II) 
by 
Hugo Gernsback 


[ For many years electrical engineers have endeavored to devise some means whereby it would become possible to utilize the free 
electrical energy ever present in the atmosphere, but they were not successful, as every now and then an extra heavy surge of static current 
would rush down the elevated conductor and endanger the lives of the experimenters, or else destroy the apparatus connected with it. A 
German engineer has, however, devised the somewhat elaborate scheme here shown in brief, and he has succeeded, at least so his report 
states, in safely extracting several kilowatts of electrical power from the atmosphere with metallic surfaced balloons, elevated to a height 
of only 1000 feet. ] 
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We have previously treated of the extraction of electrical energy from the atmosphere. The difference of electric potential in different parts 
of the atmosphere, and the difference between the upper air and earth make it a tempting proposition to obtain power from atmospheric 
electricity. The power would take the form of high potential difference with a discharge almost of a static nature. It has long appeared 
rather doubtful to conservative engineers, if such a source of power should really be available. Yet when we see the lightning flash, it 
certainly suggests very high power, even though the total of its energy may be small, on account of the small duration of the discharge It is 
not to the thunder storm that we look for getting power from the atmosphere, as the subject is now being seriously investigated. A German 
scientist, Hermann Plauson, has published a very elaborate work on this subject, and has investigated the use of kites, balloons and 
towers, for the utilization of the high potentials existing in the air at different altitudes, and has studied out the construction of motors to 
be operated by the peculiar type of discharge which will be obtained, if the projects are successfully carried out. 


We will first speak of the methods used for collecting electricity from the upper air. The author cites several German patents. One of them 
shows the use of a kite balloon. The balloon is shown floating in the air, kite fashion, and from it hangs a great net or aerial for the 
collection of electricity. The conductor from the aerial leads to the ground station; quite an elaborate description is given of the net-work 
which the patentee proposes to have covered with needle points. A windlass takes in or pays out cable for the balloon, and the patentee 
claims that by sending the apparatus to a height of about one mile he will have 225,000 volts to draw upon. He then speaks o a battery of 
20,000 cells in series, which will use up to 40,000 to 50,000 volts in the charging. This certainly provides for a reasonable large fall of 
potential. 


But our author discards this idea and first suggests something more permanent. He proposes the erection of towers to be in the 
neighborhood of 1,000 feet high, or about the height of the Eiffel Tower. At the summit he has his collecting aerial. The appliance consists 
of a number of copper tubes; within each one he proposes to burn gas lamps, whose products of combustion will reach the aerial, a 
collecting net-work covering the tops of the tubes. One of his apprehensions is that if rain should wet his connections trouble might ensue, 
so he proposes a protection at the top in the shape of a great bell-like shield, resembling in his terms “a Siamese pagoda”. He also 
compares the form of the protection to that of a great petticoat insulator. Another of his difficulties is that he must have his tower insulated 
from the earth. He, therefore describes a complicated foundation for his structure. He proposes first to pour in at the bottom of the 
excavation a foundation of simple concrete. On this he places a layer of asphalt, and then a layer of cast glass, three to ten feet thick, and 
then comes a reinforced concrete foundation, to which the metallic foot of the tower is to be anchored. This foundation must rise at least 
seven feet above the ground level, and is to be boarded in on all sides to protect it from moisture. The author’s idea s to erect a number of 
these towers connected by a horizontal cable, to which the aerials for collection of potentials are secured. 
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The author strongly advocates balloons as collectors of the electric power of the air. These he depicts covered with spots. These spots 
indicate areas to be variously coated and prepared to collect potential from the atmosphere. 


In the first place he describes the balloon as made of thin metallic leaf supported by internal ribs. Steel wires silver-plated, copper-plated, 
or aluminum-coated, run from the balloon to the pendant or junction ring. To this ring the tether cable is attached and runs to an insulated 
windlass on the surface of the earth. The balloon is to rise to an altitude varying from 300 feet to three miles. 


The coating of the spots is to be of the thinnest amalgam, of mercury and gold, or zinc, or even polonium, perhaps only 1/2500 inch thick. 
All over the upper face of the balloon are numberless metal points. To prepare the needle-like wires, they are collected into bundles and 
are treated electrolytically in a bath, so as to be dissolved in part. This gives a sharp point and roughened surface, all adapted for 
collecting the electric energy. The points may be of copper, steel, or some hard metallic alloy. After this corrosion. As it may be termed, 
the wires are plated with gold or other of the so-called noble metals. It is advised that polonium or radium salts be added to the plating 
bath. 


Dr Plauson devotes many pages of his book to describing his motor. This is a rotary motor including a stator and rotor and its peculiarity 
is that 1t contains no coils, develops no electromagnetic field properly speaking, but works by static excitation. One typical arrangement is 
shown in our illustration. The stator plates and rotor plates are concentric with each other, representing segments of cylinders. The 
alternation of negative and positive charged plates produces the rotation. In the connections there is included a safety spark gap to take 
care of dangerous potentials. Inductances and capacities are also used and indicated. It was found that the plates heated, owing to the 
Foucalt currents, and to overcome this, several methods of subdividing the stator and rotor plates, are described by the author. 


The whole subject is quite captivating, and it really seems as if the utilization of the electricity of the air may be almost in sight. It would 
seem possible to carry out experiments in this direction by means of the Eiffel Tower, but of course, the trouble here is that the tower is 
grounded, and perfect insulation of the collecting surface is absolutely essential. 


And now our author gives us some practical details. He says that on the Finland plains he carried out experiments with a balloon made of 
aluminum leaf with collecting needles of amalgamated zinc with a radium preparation as an ionizer. The surface of the balloon was 
sprinkled over with zinc amalgam. It was sent up to a height of 300 meters, early 1,000 feet, and was held by a copper-plated steel wire. A 
constant current of 1.8 amperes at an average of 400 volts potential difference was obtained. This gave nearly three-quarters of a kilowatt, 
or close to one horsepower. The collector of the balloon insulated from the earth showed a tension of 42,000 volts. By sending up a 
second balloon with an antenna to the same height at a distance of 100 meters from the first balloon, a current of over 3 amperes was 
obtained. Then by putting into the circuit a large condenser, whose capacity was equal to the surface capacity of both balloons, and of the 
antenna connections, the current rose to 6.8 amperes with about 500 volts mean tension. By the use of these two balloons, he eventually 
ran up the power to 3.4 kilowatts. 


Science & Invention (June 1928 ) 
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Science and Invention for June, 1928 


Remarkable European Experiments with Atmospheric Electrical 


Discharges with Potentials as High as 3,000,000 Volts 
By HENRY TOWNSEND 


elevation of 350 it, and these students of 
natural electrical phenomena have found a 
very desirable locación in the Alps, where 
they can suspend between one moumain and 
an adjacent one, a strong irou cable having 
a lengih of shout 2000 ft. This cable is 
about 250 feet above the intervenios valley, 
aml fem it these daring engineers have 
spendet a coarsely woven wire net, which 
serves as am electrical capacity to gather the 
electricity [ram the atmosphere. As shown 
la the pictures, the wire net is suppKed with 
nimereus sharp points to aid io collecting 
the current from the ajr. 

As the accompanying photographs of the 
actual apparatus and wire cable used last 
year clearly show, an adjustable spark gan 
of considerable length is provided. By ad- 
Justine thig spark esp to various lengths, 
it.is- possible to judge the voltage of the 
discharge which kaps the gap at any me- 
ment, Mr, E, W. Peek, Jr., tac well-known 
American’ worker in the realm of high 
voltage micasurcciments, together with other 
enginecrs, have provided tabulated data and 
ciirves ior yarious lengths of both needle 
and sphere type spark maps. As ono al the 
attormpanvirg diagrams shows, it is a simple 
matter to calculale the voltage when a ter- 
tam length of gap is used, The enginecr 
first cheeks the length of the gap on the 
chart; he then follows a line horizontally 
frem the gap length, to where it intersects 
with the angular line on the chart: and from 
the point of intersection he looks in a visual 
line downward lo a place where the voltage 
¡E given. For needle spurk wap measure- 
ments, the characteristic curve on the chart 
is practically a straight line, while for 
sphere gaps the characteristic curve on the 
voltage versus gap length, is a curyed line, 
Foose interosied m high voltage measure- 
ments by means of the spark gap method can 
find the vwoltage-gap tables and charis in 
the Standardisation Rules of the American 


Actual photograph of the experimental “Elite” 
need hy the German experimenters In the 
Alps Mountains, for the puttuse of accumu- 
lating high potcutial electrical discharges 
from the alicosphere, Note the size of the 
insulators, 


Instituze ot Electrical Engineers, Accord- 
ing to Mr. Peek’s researches, the voltage 
per foot of atmospheric electrical discharees 
is about 100,000, while in laboratory turcas- 
crementa with A.C), transformer high po- 
tential discharges, the average vollage per 
foot ef snark was found to be about 150,000 
volts. The voltage of a lightning flash may 
(Contimucd on page 156) 
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: man scientists. The 
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TE 000. The spark occurred 
i E once per second (or 3) 
E iningtes. 


1 Actual photo above 


Photo, leii, shows Lhe 
adjustable spark gap 
used in the Alps. Ħa- 
tice the heavy eler- 
trode on the end of tha 
adjnstable arm to whick 
the spark jumps. 


Below we see 4,009,000- 
volt artificial lightning 
% stroke produced in G. 
y E. Laboratory at Fills- 
¥ Held, Mass. Nota mar. 
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Remarkable caihade tay a need 
write its antorraph with a pergi 


easily be 100,000,000 volts, as Mr. Peel: has 
potted vut im one of his scientific papers. 


WHY THE EXPERIMENTS ARE 
BEING MADE 


ME oi the main reasous why these dun- 


gcrons experiments are being carried 
on by the dhree young German scientists, 
whose ugmes we have already learned, js 


because sutence believes that with a suffi- 
eicully high voltage, it will be possible for 
man to disintegrate the atom, and in this 
Way make available a tremendous source 
OF power az vet untapped. “hese experts 
have calculated thal they will be able tu 
obtain electrical energy in señicient quantity 
from one oi these Pawerthl atmosplerio dis- 
charges. to emal the Alpha rays obtained 
from 220 pounds af radium. As we have 
trentioned betore, these experiments are of 
course fraught with ereut duneer, und for 
that reason “the experimenters seek ref: e 
in a special lightning-proot hut, which is 
located about 000 ft, irom the spark Ap, 
Wien clccirical storms are in the yicinity, 
it is especially F important that the scientists 
keep within ther prolected iortress, for 
olherwise Dey would very probably be killed 
by a stray electrical discharge. 

One of the peenhar things about this 
whole Ime of cxperiment is that the average 
layman does nal realize perhaps, that there 
isa high electrical stress in the atimosp ere 
on clear days, as well as when thunder 
starms are overhead, This i has been 
known for a hundred years and more, and 
any years ago measuremenis of the vari- 
ous electrical potentials at inercasiug aki- 
tudes, were observed and measured by scien- 
tific icyestigalors,. There are a uumber of 
diflerent ways m which these high electricul 
potentials found in the atmosphere can be 
measured: one of these methods involves the 
use of a calibrated spark gap. In this case 
the pap is set to 2 predetermined length, and 
when a discharge jumps this gap, the engi- 
neers know of course irom previous experl- 
ence and measurements, just what voltage 
Je present. Another method of measuring 
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extra high potentials, such as here er- 
eomnicred, requires the use or a static volt- 
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electrostatic Held irom voltages below 2,000 
is not sificient to warrant the use ol a 
static voltmeter, Another method af meas- 
uring high potentials involves the use ot 
the so-called vacuuin tube volimeter, 
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Fig. 6-50. The finished synthesizer. 


tion will result, with the phone patch acting as the oscillator 
coupling element. Switch S2 disconnects the receiver audio from 
the patch when in the transmit mode, thus eliminating the problem. 

The second section of this switch (S2b) grounds the PTT line 
when you wish to transmit. On a few of the new rigs, this line is 
called MOX rather than PTT. MOX stands for Manually Operated 
Xmit, similar to VOX for Voice Operated Xmit. 

Impedance matching is provided by T1 and T2, which are 
identical 8-ohm-to-1000-ohm (center-tapped) audio transformers. 
Radio Shack lists this item as 275-1384. They are not critical, and 
any 8-ohm-to-1000-ohm or 8-ohm-to-500-ohm audio transformer 
will do. Good performance has been obtained even with a pair of 
12-volt filament transformers. The 12-volt secondary is connected 
in place of the 8-ohm winding and the 115-yolt primary in place of 
the 500- or 1000-ohm winding. 

The transmit level is set by the 500-ohm pot connected to T2. 
Bypass capacitors are shown on all input and output leads to 
prevent rf feedback. A metal enclosure for the patch is recom- 
mended. 

To use the patch, set the S1 to ON and S2 to RCV and listen on 
the telephone handset. You can get a clear line (no dial tone) by 
dialing the first digit of a local exchange. Tune in a station on your 
receiver and set the audio gain control on the receiver for a 
comfortable level in the telephone handset. Telephones are quite 
tolerant and level setting is not critical. If the audio sounds com- 
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Plauson's Electrical Patents 


USP # 1,540,998 
Conversion of Atmospheric Electric Energy 
6-09-1925 


GB157262 
Improvements in Electric Motors 
1922-07-10 


GB157263 

Process and Apparatus for Converting Static Atmospheric Electrical Energy into Dynamic Electrical Energy of any Suitable High 
Periodicity 

7-10-1922 


British Patent # 299,735 
Apparatus for Producing Rapidly Moving Electrons 
7-15-1930 


FI21227 
Elektrisk uppvarmningsanordning 
4-25-1946 


Varmelegeme med elektriske varmemodstande 
DK67691C 
9-27-1948 


FR877362 
Dispositif de chauffage électrique 
12-04-1942 


DE734794 
Elektrisches Heizsystem 
4-24-1943 


CH222509 
Elektrischer Heizkörper zur Erwärmung von Flüssigkeiten 
7-31-1942 


DE738107 
Elektrolyt fuer unmittelbare elektrische Warmwasser-Radiatorenheizung mit Elektroden 
8-03-1943 


DE433476 
Verfahren zur Herstellung von Elektroden und Schleifkontakten fuer Dynamomaschinen 
8-31-1926 


CH94021 
Elektrode und Verfahren zu deren Herstellung 
4-01-1922 


CA226423 
Electrode for Electrolytic Apparatuses 
11-21-1922 


http://www.meridian-int-res.com/Energy/Atmospheric.htm 


Atmospheric Electricity Research 
| Excerpts | 


In the nineteenth and early twentieth centuries, a large number of researchers investigated ways to extract electrical power from the 
Earth's ambient electric field. 


The leader in this field was Dr Hermann Plauson who in the 1920s succeeded in generating significant quantities of electrical power 
comparable with modern solar photovoltaic systems of a similar scale... 


The leader in this field before the Second World War appears to have been Dr Hermann Plauson. Dr Plauson was an Estonian citizen who 
lived in Hamburg and Switzerland. He carried out experiments in Finland with aerostats manufactured from magnesium-aluminium alloy, 
covered with electrolytically deposited needles. The needles were further doped with a radium compound to increase local ionisation of 
the air. (This was the era in which the hands of watches were hand painted with radium to make them luminous in the dark). Zinc 
amalgam patches were also painted onto the aerostats. Plauson obtained a power output of between 0.72kW and 3.4kW from one and two 
aerostats 300m above ground level. Dr Plauson filed patents in the USA, Great Britain and Germany in the 1920s. His book "Gewinnung 
und Verwertung der Atmospharischen Elektrizität" is the most detailed known account of the technology. 
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Other atmospheric electricity researchers contemporary to Dr Plauson included Walter Pennock and MW Dewey in the USA, Andor 
Palencsar in Hungary and Dr Heinrich Rudolph in Germany. Hippolyte Charles Vion in Paris predated them all, putting forward 
proposals in the 1850s and 1860s. 


Heinrich Rudolph made an interesting contribution to the design of the aerostat collectors. In 1898 he designed an elliptical aerostat made 
up of faceted surfaces to minimise the effect of wind. The design bears a strong resemblance to Northrop's 2003 UCARS unamnned 
helicopter UAV project. The design uses the Coanda Effect to help keep the aerostat on station and minimise wind effects. 


In recent times, the only person who seems to have been active in this field is Dr Oleg Jefimenko. Dr Jefimenko carried out experiments 
on driving electrostatic motors from the Earth's electric field in the 1970s and has recently called for research into the neglected field of 
electrostatic motors to be renewed. 


MIR's Research Programme 
Since 1997 we have been carrying out theoretical research into conversion of atmospheric electricity into useable electrical power. 


From a low level (5m high) simple zinc antenna we are able to obtain sufficient charge to light a number of white power LEDs. Further 
experimental investigations with metallic aerostat collectors and cavity resonant slow wave antennae concepts are ongoing... 


Advantages of Atmospheric Electricity 


Simple and robust technology 

Low Cost technology - much cheaper than photovoltaics or wind turbines 

Available day and night in all weather conditions - in fact, more power is produced at night than during the day 
Available at any point on the Earth's surface 


1. Gewinnung und Verwertung der Atmospharischen Elektrizitat, Dr Hermann Plauson, Hamburg, (1920) 

2. Conversion of Atmospheric Electric Energy, USP 1,540,998, Dr Hermann Plauson, (1925) 

3. Assembly for the Induction of Lightning into a Superconducting Magnetic Energy Storage System, USP 5,367,245 Goven Mims, 
(1994) 

4. Electrostatic Motors are Powered by Electric Field of the Earth; CL Stong, Scientific American, (October 1974) 

5. Operation of Electric Motors from the Atmospheric Electric Field; Dr Oleg Jefimenko, American Journal of Physics, vol. 39, July 
1971. 

6. Electrostatic Motors: Their Principles, Types and Theory of Operation; Dr Oleg Jefimenko, Electret Scientific, (1972). 

7. Parametric Electric Machine, USP 4,622,510, Ferdinand Cap, (1986). 


US Patent # 1,540,998 
Conversion of Atmospheric Electric Energy 
(9 June 1925) 


Hermann PLAUSON 


Be it known that I, Hermann Plauson, Estonian subject, residing in Hamburg, Germany, have invented certain new and useful improvements in the 
Conversion of Atmospheric Electric Energy, of which the following is a specification. 


Methods of obtaining atmospheric electricity by means of metallic nettings set with spikes which are held by means of ordinary or anchored kite 
balloons made of fabric and filled with hydrogen, are in theory already known. Atmospheric electricity obtained in this way has been suggested to be 
used in the form of direct current for the charging of accumulators. This knowledge however is at present only theoretical as the conversion in practice 
has hitherto been a failure. No means are known of protecting the apparatus from destruction by lightning. The balloons used for collecting the charge 
must also me be made of very large size in order to be able to support the weight of the metallic netting and the heavy cable connections. 


Instead of using heavy metallic netting as collectors attached to single air ballons of non-conducting materials which are liable to be torn and are 
permeable to the gas, it is proposed to use metallic balloon collectors which have the following important advantages --- 


(a) The metallic cases are impenetrable to helium and hydrogen; they also represent large metallic weather-proof collecting surfaces. 


(b) Radio active means the like may be easily applied internally or externally; whereby the ionization is considerable increased and therewith also the 
quantity of atmospheric electricity capable of being collected. 


(c) Such balloon collectors of light metal do not require to be of large size as they have to carry only their own moderate weight, and that of the 
conducting cable or wire. 


(d) The entire system therefore offers little surface for the action of storm and wind and is resistant and stable. 


(e) Each balloon can be easily raised and lowered by means of a winch so that all repairs, recharging and the like can be carried out without danger 
during the operation. 


It is further proposed to use a collecting aerial network of several separate collectors spread out in the air above the earth, which collectors are 
interconnected by electrical conductors. 


According to this invention charges of atmospheric electricity are not directly converted into mechanical energy, and this forms the main difference 
from previous inventions, but the static electricity which runs to earth through aerial conductors in the form of direct current of very high voltage and 
low current strength is converted into electro-dynamic energy in the form of high frequency vibrations. Many advantages are thereby obtained and all 
disadvantages avoided. 
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The very high voltage of static electricity of a low current strength can be converted by this invention to voltages more suitable for technical purposes 
and of greater strength. By the use of closed oscillatory circuits it is possible to obtain electromagnetic waves of various amplitude and thereby to 
increase the degree of resonance of such current. Such resonance allows various values of inductance to be chosen whereby again the governing of the 
starting and stopping of machines driven thereby by simply tuning the resonance between coils of the machine and the transformer circuit forming the 
resonance can easily be obtained. Further, such currents have the property of being directly available for various uses, even without employing them 
for driving motors, of which there may be particularly mentioned, lighting, production of heat and use in electro-chemistry. 

Further, with such currents a series of apparatus may be fed without direct current supply through conductors and also the electro-magnetic high 
frequency currents may be converted by means of special motors adapted for electro-magnetic oscillations into mechanical energy, or finally 
converted by special machines into alternating current of low frequency or even into direct current of high potential. 

The invention is more particularly described with reference to the accompanying diagrams in which: --- 

Figure | is and explanatory figure. 

Figure 2 is a diagrammatic view of the simplest form. 

Figure 3 shows a method of converting atmospheric electrical energy for use with motors. 

Figure 4 is a diagram showing the use of protective means. 

Figure 5 is a diagram of an arrangement for converting large current strengths. 

Figure 6 is a diagram of an arrangement including controlling means. 

Figure 7 shows means whereby the spark gap length can be adjusted. 

Figure 8 shows a unipolar connection for the motor. 

Figure 9 shows a weak coupled system suitable for use with small power motors. 

Figures 10, 11, and 12 show modified arrangements. 

Figure 13 shows a form of inductive coupling for the motor circuit. 

Figure 14 is a modified form of Figure 13 with inductive coupling. 

Figure 15 is an arrangement with non-inductive motor. 

Figure 16 is an arrangement with coupling by condenser. 

Figure 17, 18, and 19 are diagrams of further modifications. 

Figure 20 shows a simple form in which the serial network 1s combined with special collectors. 

Figure 21 shows diagrammatically an arrangement suitable for collecting large quantities of energy. 

Figure 22 is a modified arrangement having two rings of collectors. 

Figure 23 shows the connection for three rings of collectors. 

Figure 24 shows a collecting balloon and diagram of its connection of condenser batteries. 

Figure 25 and 26 show modified collector balloon arrangements. 

Figure 27 shows a second method of connecting conductor for the balloon aerials. 

Figure 28 shows an auto-transformer method of connection. 

Figure 29 shows the simplest form of construction with incandescent cathode. 

Figure 30 shows a form with cigar shaped balloon. 

Figure 31 is a modified arrangement. 

Figure 32 shows a form with cathode and electrode enclosed in a vacuum chamber. 

Figure 33 is a modified form of Figure 32. 

Figure 34 shows an arc light collector. 

Figure 35 shows such an arrangement for alternating current. 


Figure 36 shows an incandescent collector with Nernst lamp. 


Figure 37 shows a form with a gas flame. 
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Figure 1 illustrates a simple diagram for converting static electricity into dynamic power of a high number of oscillations. For the sake of clearness in 
the drawings an influence machine is assumed to be employed and not an aerial antenna. 13 and 14 are combs for collecting the static electricity of the 
influence machine. 7 and 8 are spark discharging electrodes. 5 and 6 are condensers, 9 an inductive primary coil, 10 secondary coil, 11 and 12 ends of 
conductors of the secondary coil 10. When the disc of the static influence machine is rotated by mechanical means, the combs collect the electric 
charges one the positive and the other the negative, and charge the condensers 5 and 6 until such a high potential is formed across the spark gap 7-8, 
that the spark gap is jumped. As the spark gap 7-8 forms a closed circuit with condensers 5 and 6, and inductive resistance 9, as is well known, waves 
of high frequency electromagnetic oscillations will pass in this circuit. 


The high frequency of the oscillations produced in the primary circuit induces waves of the same periodicity in the secondary circuit. Thus in the 
primary circuit electromagnetic oscillations are formed by the passage of the spark over the spark gap and these waves are maintained by fresh charges 
of static electricity. 


By suitably selecting the ratio between the number of the coils in the primary and secondary circuits with regard to a correct application of the co- 
efficients of resonance (especially, inductance and resistance) the high voltage of the primary circuit may be suitably converted into low voltage and 
high current strength. 


When the oscillatory discharges in the primary circuit becomes weaker or entirely cease, the condensers are charged again by the static electricity until 
the accumulated charge again breaks down the spark gap. All this is repeated as long as electricity is produced by the static machine employing 
mechanical energy. 


An elementary form of the invention is shown in Figure 2 in which two spark gaps in parallel are used one of which may be termed the working gap 7 
in Figure 2, whilst the second serves as a safety device for excess voltage and consists of a larger number of spark gaps than the working section, 
which gaps are arranged in series and are bridged by very small capacities as is illustrated in a, b, c, Figure 2 which allow of uniform sparking in the 
safety section. 


In Figure 2 A is the aerial antenna for collecting charges of atmospheric electricity. 13 is the earth connection of the second part of the spark gap, 5 
and 6 are condensers, 9 a primary coil. Now when through the aerial A the positive atmospheric electricity seeks to combine with the negative charge 
to earth, this is prevented by (the air gap between) the spark gaps. The resistance of the spark gap 7 is, as shown in the drawings, lower than that of the 
other safety section which consists of three spark gaps connected in series, and consequently a three times greater air resistance is offered by the latter. 


So long, therefore, as the resistance of the spark gap 7 is not overloaded, so that the other spark gaps have an equal resistance with it the discharges 
take place only over spark gap 7. Should however the voltage be increased by and influences so that it might be dangerous for charging the condensers 
5 and 6 or for the coil insulation 9 and 10 in consequence of break down, by a correct regulation of this spark gap the second spark gap can discharge 
free from inductive effects direct to earth without endangering the machine. 


Without this second spark gap, arranged in parallel having a higher resistance than the working spark gap it is impossible to collect and render 
available large quantities of electrical energy. 


The actions of this closed oscillation circuit consisting of spark gap 7, two condensers 5 and 6, primary coil 9, and also secondary coil 10 is exactly the 
same as the one described in Figure 1 with the arrangement of the static induction machine with the only difference that here the second spark gap is 
provided. The electromagnetic high frequency alternating current obtained can be tapped off from the conductors 11 and 12 for lighting and heating 
purposes. Special kinds of motors adapted for working with these peculiar electrical charges may be connected at 14 and 15 which can work with 
static electricity charges or with high frequency oscillations. 


In addition to the use of spark gaps in parallel a second measure of security is also necessary for taking off the current. This precaution consists 
according to this invention, in the introduction of and method of connecting certain protective electromagnets or choking coils in the aerial circuit as 
shown by S in Figure 3. 


A single electromagnet only having a core of the thinnest possible separate laminations is connected with the aerial. 


In the case of high voltages in the aerial network or at places where there are frequent thunder storms, several such magnets may however be 
connected in series. 


In the case of large units or plants several electromagnets can be employed in parallel or in series parallel. 


The windings of these electromagnets may be simply connected in series with the aerials. In this case the winding preferably consists of several thin 
parallel wires, which make up together, the necessary section. 


The winding may be made of primary and secondary windings in the form of a transformer. The primary windings will be then connected in series 
with the aerial network, and the secondary winding more or less short-circuited over a regulating resistance or an induction coil. In the latter case it is 
possible to regulate to a certain extent the effect of the choking coils. In the further description of the connecting and constructional diagrams the aerial 
electromagnet choke coil is indicated by a simple ring S. 
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Figure 3 shows the simplest way of converting atmospheric electricity into electromagnetic wave energy by the use of special motors adapted for high 
oscillatory currents or static charges of electrical energy. Recent improvements in motors for working with static charges and motors working by 
resonance, that is to say, having groups of tuned electromagnetic cooperating circuits render this possible but such do not form part of the present 
invention. 


A motor adapted to operate with static charges will for the sake of simplicity be diagrammatically indicated by the two semicircles 1 and 2 and the 
rotor of the motor by a ring M (Figure 3). A is a vertical aerial or aerial network. S the safety choke or electromagnet with coil O as may be seen 1s 
connected with the aerial A. Adjacent the electromagnet S the aerial conductor is divided into three circuits, the circuit 8 giving the safety spark gap, 
the circuit 7 with the working spark gap, and then a circuit including the stator terminal 1, the rotor and stator terminal 2 at which a connection is made 
to the earth wire. The two spark gaps are also connected metallically with the earth wire. The method of working these diagrams is as follows: 


The positive atmospheric electric charge collected tends to combine with the negative electricity (or earth electricity) connected with the earth wire. It 
travels along the aerial A through the electromagnet S without begin checked as it flows in the same direction as the direct current. Further, its 
progress is arrested by two sparks gaps placed in the way and the stator condenser surfaces. The stator condenser surfaces are charged until the charge 
is greater than the resistance of the spark gap 7, whereupon a spark springs over the spark gap 7 and an oscillatory charge is obtained as by means of 
the motor M, stator surfaces 1 and 2, and spark gap 7, a closed oscillation circuit is obtained for producing the electromagnetic oscillations. The motor 
here forms the capacity and the necessary inductance and resistance, which, as is well known, are necessary for converting static electricity into 
electromagnetic wave energy. 


The discharge formed are converted into mechanical energy in special motors and cannot reach the aerial network by reason of the electromagnet or 
choke. If, however, when a spark springs over the spark gap 7 a greater quantity of atmospheric electricity tends to flow to earth, a counter voltage is 
induced in the electromagnet, which is greater the more rapidly and strongly the flow of current direct to the earth is. By the formation of this 
opposing voltage a sufficiently high resistance is offered to the flow of atmospheric electricity direct to earth to prevent a short circuit with the earth. 


The circuit containing spark gap 8 having a different wave length which is not in resonance with the natural frequency of the motor, does not endanger 
the motor and serves as security against excess voltage, which, as practical experiments have shown, may still arise in certain cases, but can be 
conducted direct to earth through this spark gap. 


In the diagram illustrated in Figure 4 the spark gap 7 is shunted across condensers 5 and 6 from the motor M. This construction affords mainly a better 
insulation of the motor against excess voltage and a uniform excitation through the spark gap 7. 


In Figure 5 a diagram is illustrated for transforming large current strengths which may be employed direct without motors, for example, for lighting or 
heating purposes. The main difference is that here the spark gap consists of as star shaped disk 7 which can rotate on its own axis and is rotated by a 
motor opposite similarly fitted electrodes 7a. When separate points of stars face one another, discharges take place, thus forming an oscillation circuit 
over condensers 5 and 6, and inductance 9 for oscillatory discharges. It is evident that a motor may also be directly connected to the ends of the spiral 
9. 


The construction of the diagram shown in Figure 6 permits of the oscillation circuit of the motor being connected with an induction coil/ Here a 


regulating inductive resistance is introduced for counter-acting excess voltages in the motor. By cutting the separate coils 9 (coupled inductively to the 
aerial) in or out the inductive action on the motor may be more or less increased or variable aerial action may be exerted on the oscillation circuit. 
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Filed Jan, 13, 1921 12 Sheets-Shest a 


In Figure 7 the oscillation circuit is closed through the earth (E and El). The spark gap 7 may be prolonged or shortened by more or fewer spark gaps 
being successively connected by means of a contact arm 7b. 


Diagram 8 shows a unipolar connection of the motor with the aerial network. Here two oscillation circuits are closed through the same motor. The first 
oscillation circuit passes from aerial A through electromagnet S, point x, inductance 9a to the earth condenser 6 and further, over spark gap 7 to the 


aerial condenser 5 and back to x. The second oscillation circuit starts from the aerial condenser 5 at the point x! over the inductance 9 to the earth 


condenser 6 at the point x? and through the condenser 6 over the spark gap 7 back to xl. The motor itself is inserted between the two points of the 
spark gap 7. From this arrangement slightly damped oscillation wave currents are produced. 


In the diagram illustrated in Figure 9 a loosely coupled system of connections 1s illustrated which is assumed to be for small motors for measuring 
purposes. A indicates the aerial conductor, S the electromagnet in the aerial conductor, 9 the inductance, 7 the spark gap, 5 and 6 condensers, E the 
earth, M the motor, and 1 and 2 stator connections of the motor. The motor is directly metallically connected with the oscillation circuit. 


In Figure 10 a purely inductive coupling is employed for the motor circuit. The motor is connected with the secondary wire 10 as may be seen in 
Figure 11 in a somewhat modified diagram connection. The same applies to the diagram of Figure 12. 


The diagrams hitherto described preferably allow of motors of small and medium strength to be operated. For large aggregates, however, they are too 
inconvenient as the construction of two or more oscillation circuits for large amounts of energy is difficult; the governing 1s still more difficult and the 
danger in switching on or off is greater. 


A means of overcoming such difficulties is shown in Figure 13. The oscillation circuit here runs starting from the point x over condenser 5, variable 
inductance 9, spark gap 7, and the two segments (3a and 4a) forming arms of a Wheatstone bridge, back to x, If the motor is connected by brushes 3 
and 4 transversely to the two arms of the bridge as shown in the drawings, electromagnetic oscillations of equal sign are induced in the stator surfaces 
1 and 2 and the motor does not revolve. If however the brushes 3 and 4 are moved in common with the conducting wires 1 and 2 which connect the 
brushes with the stator poles a certain alteration or displacement of the polarity is obtained and the motor commences to revolve. 


The maximum action will result if one brush 3 comes on the central sparking contact 7 and the other brush 4 on the part x. They are however, usually 


in practice not brought on the central contact 7 but only held in the path of the bridge segments 4a and 3a in order not to connect the spark gaps with 
the motor oscillation circuit. 
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Fig 15. 


As however, the entire oscillation energy can thereby not act on the motor it is better to carry out the same system according to the diagram 14. The 
diagram 14 differs from the foregoing only by the motor not being directly metallically connected with the segments of the commutator, but only a 
primary coil 9 which induces in a secondary coil 10, current which feeds the motor M and takes the place of the rotor. By this arrangement a good 
transforming action 1s obtained, a loose coupling and also an oscillation circuit without a spark gap. 


In Figure 15 the motor is not purely inductive as in 14, but directly metallically branched off from the primary coil (at x and x!) after the principle of 
the auto-transformer. 


In Figure 16 instead of an inductance a condenser 6 is in similar manner, and for the same object inserted between the segments 3a and 4a. This has 
the advantage that the segments 3a and 4a need not be made of solid metal but may consist of spiral coils whereby a more exact regulation is possible 
and further motors of high inductance may be employed. 


The arrangements of Figures 17, 18 and 19 may be employed for use with resonance and particularly with induction condenser motors; between the 
large stator induction condenser surfaces, small reversing pole condenser surfaces, mall reversing pole condensers are connected, which, as may be 
seen from Figures 17, 18 and 19 are led together to earth. Such reversing poles have the advantage that with large quantities of electrical energy the 
spark formation between the separate oscillation circuits ceases. 


Figure 19 shows a further method which prevents electromagnetic oscillations of high number of alternations formed in the oscillation circuit striking 
back to the aerial conductor. It is based on the well known principle that a mercury lamp, one electrode of which is formed of mercury, the other of 
solid metal such as steel allows an electric charge to pass in only one direction from the mercury to the steel and not vice versa. The mercury electrode 
of the vacuum tube N is therefore connected with the aerial conductor and the steel electrode with the oscillation circuit. From this it results that 
charges can pass only from the aerial through the vacuum tube to the oscillation circuit, but not vice versa. Oscillations which are formed on being 
transformed in the oscillation circuit cannot pass to the aerial conductor. 


In practice these vacuum tubes must be connected behind an electromagnet as the latter alone affords no protection against the danger of lightning. 


As regards the use of spark gaps, all arrangements as used for wireless telegraphy may be used. Of course the spark gaps in large machines must have 
a sufficiently large surface. In very large stations they are cooled in liquid carbonic acid or better still in liquid nitrogen or hydrogen; in most cases the 
cooling may also take place by means of liquefied low homologues of the metal series or by means of hydrocarbons the freezing point of which lies at 
between —90° C and —40° C. The spark gap casing must also be insulated and be of sufficient strength to be able to resist any pressure which may 
arise. Any undesirable excess super-pressure which may be formed must be automatically let off. I have employed wit very good results mercury 
electrodes which were frozen in liquid carbonic acid, the cooling being maintained during the operation from the outside through the walls. 
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Figure 20 is one of the simplest forms of construction of an aerial network in combination with collectors, transformers and the like illustrated 
diagrammatically. E is here the earth wire, 8 the safety spark gap, 7 the working spark gap, 1 and 2 the stator surfaces of the motor, 5 a condenser 


battery, S the protective magnet which is connected with the coil in aerial conductor, A! to AY aerial antennae with collecting balloons, N horizontal 
collecting or connecting wire from which, to the center a number of connections run. 


The actual collectors consist of metal sheaths preferably made of an aluminum magnesium alloy, and are filled with hydrogen or helium and are 
attached t copper plated steel wires. The size of the balloon is selected so that the actual weight of the balloon and the weight of the conducting wire is 
supported thereby. On top of the balloon aluminum spikes, made and gilded in a special manner hereinafter described, are arranged in order to produce 
a conductor action. Small quantities of radium preparations, more particularly polonium-ionium or meso-thorium preparations considerably increase 
the ionization, and therewith the action of these collectors. 


In addition to metal balloons, fabric balloons which are superficially metal coated according to Schoop’s metal spraying process, may also be 
employed. A metallic surface may also me produced by lacquering with metallic bronzes, preferably according to Schoop’s spraying process or 
lacquering with metallic bronze powders in two electrical series of widely different metals, because thereby the collecting effect is considerably 
increased. 


Instead of the ordinary round balloons, elongated cigar shaped ones may be employed. In order also to utilize the frictional energy of the wind, patches 
or strips of non-conducting substances which produce electricity by friction, may be attached to the metalized balloon surfaces. The wind will impart a 
portion of its energy in the form of frictional electricity, to the balloon casing, and thereby the collecting effect is substantially increased. 


In practice however, very high towers (up to 300 meters is fully admissible) may be employed as antennae. In these towers copper tubes rise freely 
further above the top of the tower. A gas lamp secured against the wind is then lit at the point of the copper tube and a netting is secured to the copper 
tube over the flame of this lamp to form a collector. The gas is conveyed through the interior of the tube up to the summit. The copper tube must be 
absolutely protected from moisture at the place at which it enters the tower and also rain must be prevented running down the walls of the tower which 
might lead to a bad catastrophe. This is done by bell shaped enlargements which expand downwards, being arranged in the tower in the form of high 
voltage insulators of Siamese pagodas. 


Special attention must be devoted to the foundations of such towers. They must be well insulated from the ground, which may be obtained by first 
embedding a layer of concrete in a box form to a sufficient depth in the ground and inserting in this an asphalt lining and then glass bricks cast about 1 
or 2 meters in thickness. Over this in turn there is a ferro-concrete layer in which alone the metal foot of the tube is secured. This concrete block must 
be at least 2 meters from the ground and be fully protected at the sides by a wooden covering, from moisture. In the lower part of the tower a wood or 
glass house for the large condenser batteries or for the motors may be constructed. In order to lead the earth connection to the ground water, a well 
insulated pit constructed of vitreous brick, must be provided. Several such towers are erected at equal distances apart and connected with a horizontal 
conductor. The horizontal connecting wires may either run directly from tower to tower or be carried on bell shaped insulators similar to those in use 
for high voltage conductors. The width of the network may be of any suitable size and the connection of the motors can take place at any suitable 
places. 


fig. 22. 


In order to collect large quantities of electricity with few aerials it is well to provide the aerial conductor with batteries of condensers as shown in 
Figures 21 and 22. In Figure 21 the batteries of condensers 5 are connected on the one hand with the aerial electricity collectors Z by the aerial 
conductor A, and on the other hand interconnected in series with an annular conductor from which horizontal conductors run to the connecting points 
C to which the earth wire is connected. 


Figure 22 shows a similar arrangement, Should two such series of antennae rings be shown by a voltmeter to have a large difference of potential (for 
example, one in the mountains and one in the plain) or even of different polarity these differences may be compensated for by connecting sufficiently 


large condenser batteries (5, 5a, 5b) by means of Maji star conductors D and D! In Figure 23 a connection of three such rings of collectors to form a 
triangle with a central condenser battery is illustrated. 


The condenser batteries of such large installations must be embedded in liquid gases or in liquids freezing at very low temperatures. In such cases a 
portion of the atmospheric energy must be employed for liquefying these gases. It is also preferable to employ pressure. By this means the condenser 
surfaces may be diminished, and still allow for large quantities of energy to be stored, secure against breakdown. For smaller installation the 
immersing of the condensers in well-insulated oil or the like, suffices. Solid substances on the other hand cannot be employed as insulators. 
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The arrangement in the diagrams hitherto described was always such that the condenser batteries were connected with both poles directly to the aerial 
condensers. An improved diagram of the connections for obtaining atmospheric electricity for the condenser batteries has however, been found to be 
very advantageous. This arrangement consists in that they are connected only by one pole (unipolar) to the collecting network. Such a method of 
arrangement is very important, as by means of it a constant current and an increase of the normal working pressure or voltage is obtained. If for 
example a collecting balloon aerial which is allowed to rise to a height of 300 meters, shows 40,000 volts above earth voltage, in practice it has been 
found that the working voltage (with a withdrawal of the power according to the method hereinbefore described by means of oscillating spark gaps 
and the like) is only about 400 volts. If however, the capacity of the condenser surfaces be increased, which capacity in the above mentioned case was 
equal to that of the collecting surface of the balloon aerials, to double the amount, by connecting the condenser batteries with only one pole, the 
voltage rises under an equal withdrawal of current up to and beyond 500 volts. This can only be ascribed to the favorable action of the connecting 
method. 


In addition to this substantial improvement it has also been found preferable to insert double inductances with electromagnets and to place the 
capacities preferably between two such electromagnets. It has also been found that the useful action of such condensers can be further increased if an 
induction coil be connected as inductive resistance to the unconnected pole of the condenser, or still better if the condenser itself be made as an 
induction condenser. Such a condenser may be compared with a spring which when compressed carries in itself accumulated force, which it again 
gives off when released. In charging, a charge with reversed sign is formed at the other free condenser pole, and if through the spark gap a short circuit 
results, the accumulated energy is again given back since now new quantities of energy are induced at the condenser pole connected with the 
conductor network, which in fact charges with opposite signs to that at the free condenser pole. The new induced charges have of course the same sign 
as the collector network. The whole voltage energy in the aerial is thereby however increased. In the same space of time larger quantities of energy are 
accumulated than is the case without such inserted condenser batteries. 


{5 


E = ks 


[qiveqtor 


In Figures 24 and 25 two different diagrams of connections are more exactly illustrated, Figure 24 shows a collecting balloon and the diagram of the 
connections to earth. Figure 25 shows four collecting balloons and the parallel connection of the condenser batteries belonging thereto. 


A 1s the collecting balloon made of an aluminum magnesium alloy (electron metal, magnalium) of a specific gravity of 1.8 and a thickness of plate 0.1 
to 0.2 mm. Insider there are eight strong vertical ribs of T-shaped section about 10 to 20 mm in height and about 3 mm in thickness with the projecting 
part directed inwards (indicated by a, b, c, d and so forth); they are riveted together to form a firm skeleton and are stiffened in a horizontal direction 
by two cross ribs. The ribs are further connected with one another internally and transversely by means of thin steel wires, whereby the balloon obtains 
great power of resistance and elasticity. Rolled plates of 0.1 to 0.2 mm in thickness made of magnalium alloy are then either soldered or riveted on this 
skeleton so that a fully metallic casing with smooth external surface is obtained Well silvered or coppered aluminum plated steel wires run from each 
rib to the fastening ring 2. Further, the coppered steel hawser L preferably twisted out of separate thin wires (shown in dotted lines in Figure 24) and 
which must be long enough to allow the balloon to rise in the desired height, leads to a metal roller or pulley 3 and from thence to a winch W, well 
insulated from the earth. By means of this winch, the balloon, which is filled with hydrogen, or helium, can be allowed to rise to a suitable height (300 
to 5000 meters) and brought to the ground for recharging or repairs. 
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The actual current is taken directly through a friction contact from the metal roller 3 or from the wire, or even from the winch or simultaneously from 
all three by means of brushes (3, 3a and 3b). Beyond the brushes the conductor is divided, the paths being: --- firstly over 12 to the safety spark gap 8, 


from thence to the earth conductor E!, and secondly over electromagnet si, point 13, to a second loose electromagnet having an adjustable coil s?, 


then to the spark gap 7 and to the second earth conductor Eĉ. The actual working circuit is formed through the spark gap 7, condensers 5 and 6, and 
through the primary coil 9; here the static electricity formed by oscillatory discharges is accumulated and converted into high frequency 


electromagnetic oscillations. Between the electromagnets S! and S? at the crossing point 13, four condenser batteries are introduced which are only 
indicated diagrammatically in the drawings each by one condenser. Two of these batteries (16 and 18) are made as plate condensers and prolonged by 
regulating induction coils or spirals 17 and 19 while the two others (21 and 23) are induction condensers. As may be seen from the drawings each of 
the four condenser batteries 16, 18, 21 and 23 is connected by only one pole to the aerial or to the collector conductor. The second poles 17, 19, 22 and 
24 are open. In the case of plate condensers having no inductive resistance an induction coil is inserted. The object of such a spiral or coil is the 
displacement of phase by the induction current by 1/4 periods, whilst that of the charging current of the condenser poles which lie free in the air, works 
back to the collector aerial. The consequence of this is that in discharges in the collector aerial the back inductive action of the free poles allows a 
higher voltage to be maintained in the aerial collecting conductor than would otherwise be the case. It has also been found that such a back action has 
an extremely favorable effect on the wear of the contacts. Of course the inductive effect may be regulated at will within the limits of the size of the 
induction coil, the length of the coil in action being adjustable by means of wire connection without induction (see Figure 24, No. 20). 


S! and SŽ may also be provided with such regulating devices in the case of s? (illustrated by 11). If excess voltage be formed it is conducted to earth 
through the wire 12 and spark gap 8 or through any other suitable apparatus, since this formation would be dangerous for the other apparatus. 


The small circles on the collector balloon indicate places at which zinc amalgam or gold amalgam or other photoelectric acting metals in the form of 
small patches in extremely thin layers (0.01 to 0.05 mm in thickness) are applied to the entire balloon as well as in greater thickness to the conducting 
network. The capacity of the collector is thereby considerably strengthened at the surface. The greatest possible effect in collecting may be obtained 
by polonium amalgams and the like. On the surface of the collector balloon metal points or spikes are also fixed along the ribs, which spikes serve 
particularly for collecting the collector charge. Since it is well known that the resistance of the spikes is less the sharper the spike is, for this purpose it 
is therefore extremely important to employ as sharp spikes as possible. Experiments made as regards these have shown that the formation of the body 
of the spike or point also plays a large part, for example, spikes made of bars or rollers with smooth surface, have a many times greater point 
resistance as collector accumulator spikes than those with rough surfaces. Various kinds of spike bodies have been experimented with for the collector 
balloons hereinbefore mentions. The best results were given by spikes which were made in the following way. Fine points made of steel, copper, 
nickel, or copper and nickel alloys, were fastened together in bundles and then placed as anode with the points in a suitable electrolyte (preferably in 
hydrochloric acid or muriate of iron solutions) and so treated with weak current at 2 to 3 volts pressure. After 2 to 3 hours according to the thickness 
of the spikes or pins the points become extremely sharp and the bodies of the spikes have a rough surface. The bundle can then be removed and the 
acid washed off with water. The spikes are then placed as cathode in a batch consisting of solution of gold, platinum, iridium, palladium or wolfram 
salts or their compounds and coated a the cathode galvanically with a thin layer of precious metal, which must however be sufficiently firm to protect 
them from atmospheric oxidation. 


Such spikes act at a 20-fold lower voltage almost as well as the best and finest points made by mechanical means. Still better results are obtained if 
polonium or radium salts are added to the galvanic bat when forming he protective layer or coating. Such pins have a low resistance at their points and 
even at one volt and still lower pressures have an excellent collector action. 


In Figure 24 the three unconnected poles are not connected with one another in parallel. That is quite possible in practice without altering the principle 
of the free pole. It is also preferable to interconnect in parallel to a common collector network, a series of collecting aerials. 


Figure 25 shows a diagram for such an installation. Al, A?, AS, A? are four metal collector balloons with gold or platinum coated spikes which are 
electrolytically made in the presence of polonium emanations or radium salts, which spikes or needles are connected over four electromagnets s! s?, 
s3, s4, through an annular conductor R. From this annular conductor four wires run over four further electromagnets Sa, Sb, Sc, Sd, to the connecting 
point 13. There the conductor is divided, one branch passing over 12 and the safety spark gap 8 to the earth at E!, the other over inductive resistance J 


and working spark gap 7 to the earth at E*. The working circuit, consisting of the condenser 5 and 6 and a resonance motor M, such as hereinbefore 
described, is connected in proximity round the sparking gap section 7. 


Instead of directly connecting the condenser motor of course the primary circuit for high frequency oscillatory current may also be inserted. 


The condenser batteries are connected by one pole to the annular conductor R and can be either inductionless (16 and 18) or made as induction 
condensers as shown by 21 and 23. The free poles of the inductionless condensers are indicated by 17 and 19, those of the induction condensers by 22 
and 24. As may be seen from the drawings all these poles 17, 22, 19, 24 may be interconnected in parallel through a second annular conductor without 
any fear that thereby the principle of the free pole connection will be injured. In addition to the advantages already set forth the parallel connection 
also allows of an equalization of the working pressure in the entire collector network. Suitable constructed and calculated induction coils 25 and 26 
may also be inserted in the annular conductor of the free poles, by means of which a circuit may be formed in the secondary coils 27 and 28 which 
allows current produced in this annular conductor by fluctuations of the charges of the like appearances to be measured or otherwise utilized. 


According to what has been hereinbefore stated separate collector balloons may be connected at equidistant stations distributed over the entire country, 
either connected directly with one another metallically or by means of intermediate suitably connected condenser batteries through high voltage 
conductors insulated from earth. The static electricity is converted through a spark gap into dynamic energy of a high number of oscillations and may 
in such form be coupled as a source of energy b y means of a suitable method f connecting, various precautions being observed and with special 
regulations. The wires leading from the collector balloons have hitherto been connected through an annular conductor without this endless connection, 
which can be regarded as an endless induction coil, being able to exert any action on the whole conductor system. 


It has now been found that if the network conductor connecting the aerial collector balloons with one another is not made as a simple annular 
conductor, but preferably short circuited in the form of coils over a condenser battery or spark gap or through thermionic tubes or valves or audions, 
then the total collecting network exhibits quite new properties. The collection of atmospheric electricity is thereby not only increased but an 
alternating field may be easily produced in the collector network. Further, the atmospheric electrical forces showing themselves in the higher regions 
may also be directly obtained by induction. In Figures 26 and 28 a form of construction is shown on the basis of which the further foundations of the 
method will be more particularly explained. 
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In Figure 26, 1, 2, 3, 4 are metal collector balloons, 5, 6, 7, 8 their metallic aerial conductors and I the actual collector network. This consists of five 
coils and is mounted on high voltage insulators in the air, in high voltage masts (or with a suitable construction of cable embedded in the earth). One 


coil has a diameter of 1 or 100 km or more. S and S! are two protective electromagnets, F the second safety section against excess voltage, E its earth 
conductor and El the earth conductor of the working section. When an absorption of static atmospheric electricity is effected through the four balloon 
collectors, the current in order to reach the earth connection El must flow spirally through the collector network over the electromagnet S, primary 
induction coil 9, conductor 14, anode A of the audion tube, incandescent cathode K, as the way over the electromagnet and safety spark gap F offers 
considerably greater resistance. Owing to the fact that the accumulated current flows in one direction, an electromagnetic alternating field is produced 
in the interior of the collector network coil, whereby the whole free electrons are directed more or less into the interior of the coil. An increased 
ionization of the atmosphere is thereby produced. In consequence of this the points mounted on the collector balloon show a considerably reduced 
resistance and therefore increased static charges between the points on the balloon and the surrounding atmosphere are produced. The result of this is a 
considerably increased collector effect. 


A second effect which could not be obtained otherwise is obtained by the electromagnetic alternating field which running parallel to the earth surface, 
acts more or less with a diminishing or increasing effect on the earth magnetic field, whereby in the case of fluctuations in the current a return 
induction current of reversed sign is always produced in the collector coil by earth magnetism. Now if, however, a constantly pulsating continuous 
alternating field is produced as stated in the above collector network I, an alternating current of the same periodicity is produced also in the collecting 
network coil. As the same alternating field is further transmitted to the aerial balloon, the resistance to its points is thereby considerably reduced, 
whilst the collector action is considerably increased. A further advantage is that positive electrons which collect on the metal surfaces during the 
conversion into dynamic current produce a so-called drop of potential of the collector area. As an alternating field is present, the negative ions 
surrounding the collectors surfaces, when discharge of the collector surfaces takes place produce by the law of induction, an induction of reversed sign 
on the collector surface and so forth (that is to say again a positive charge). In addition to the advantages hereinbefore set forth, the construction of 
connecting conductors in coil form when of sufficiently large diameter, allows of a utilization of energy arising in higher regions also in the simplest 
way. As is well known electric discharges frequently take place at very great elevations which may be observed as St Elmo’s fire or northern lights. 
These energy quantities have no been available to be utilized up to now. By this invention all these kinds of energy, as they are of an electromagnetic 
nature and the direction of axis of the collector coils stands at right angles to the earth’s surface, can be more or less absorbed in the same way as a 
receiver in wireless telegraphy absorbs waves coming from a far distance. With a large diameter of the spiral it is possible to connect large surfaces 
and thereby to take up also large quantities of energy. 


It is well known that large wireless stations in the summer months, and also in the tropics are very frequently unable to receive the signals in 
consequence of interruptions which are caused by atmospheric electricity, and this takes place with vertical coils of only 40 to 100 meters diameter. If 
on the contrary horizontal coils of 1 to 100 km diameter be employed very strong currents may be obtained through discharges which are constantly 
taking place in the atmosphere. Particularly in the tropics or still better in the polar regions where the northern lights are constantly present, large 
quantities of energy may probably be obtained in this way. A coil with several windings should act the best. In similar manner any alteration of the 
earth magnetism should act inductively on such a coil. 


It is not at all unlikely that earthquakes and spots on the sun will also produce an induction in such collector coils of sufficient size. In similar manner 
this collector conductor will react on earth current more particularly when they are near the surface of the earth or even embedded in the earth. By 
combining the previous kind of current collectors so far as they are adapted for the improved system with the improved possibilities of obtaining 
current the quantities of free natural electricity which are to be obtained in the form of electricity are considerably increased. 


In order to produce in the improved collector coil uniform current oscillations of an undamped nature so-called audion high vacuum or thermionic 
tubes of suitable connection are employed instead of the previously known spark gaps (Figure 26, Nos. 9-18). The main aerial current flows through 


electromagnet S (which in the case of a high number of alternations is not connected here but in the earth conductor E!) and may be conveyed over the 
primary coils in the induction winding through wire 14 to the anode A of the high vacuum grid tube. Parallel with the induction resistance 9 a 
regulating capacity of suitable size, such as condenser 11 is inserted. In the lower part of the vacuum grid tube is arranged the incandescent filament or 


the cathode K which is fed through a battery B. From the battery B two branches run, one to the earth conductor E! and the other through battery Bl 
and secondary coil 10 to the grid above g in the vacuum tube. By the method of connections shown in dotted lines, a desired voltage at the grid 
electrode g may also be produced through the wire 17 which is branched off from the main current conductor through switches 16 and some small 


condensers (a, b, c, d) connected in series, and conductor 18, without the battery B! being required. 


The action of the entire system is somewhat as follows: -- 
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On the connecting conductor of the aerial collector network being short circuited to earth, the condenser pole 11 is charged and slightly damped 
oscillations are formed in the short circuited existing oscillation circuit formed of the condenser 11 and self inductance 9. In consequence of the 
coupling through coil 10, fluctuations of voltage take place in the grid circuit 15 with the same frequency, which, fluctuations in turn influence the 
strength of the electrode current passing through the high vacuum amplifying tube and thus produce current fluctuations of the same frequency in the 
anode circuit. A permanent supply of energy to the oscillation circuits 9 and 10 consequently takes place, until a condition of balance is set up, in 
which the consumed oscillation energy is equal to that absorbed. Thereby constant undamped oscillations are now produced in the oscillation circuits 
9-11. 


For regular working of such oscillation producers high vacuum strengthening tubes are necessary and it is also necessary that the grid and anode 
voltages shall have a phase difference of 180° so that if the grid is negatively charged, then the anode is positively charged and vice versa. This 
necessary difference of phase may be obtained by most varied connections, for example, by placing the oscillation circuit in the grid circuit or by 
separating the oscillation circuit and inductive coupling from the anodes and the grid circuit and so forth. 


A second important factor in this way of converting static atmospheric electricity into undamped oscillations is that care must be taken hat the grid and 
anode voltages have a certain relation to one another; the latter may be obtained by altering the coupling and a suitable selection of the self-induction 
in the grid circuit, or as shown by dotted lines 16, 17, 18 by means of a larger or smaller number of condensers of suitable size connected in series; in 


this case the battery Bl may be omitted. With a suitable selection of the grid potential a glow discharge takes place between the grid g and the anode 
A, and accordingly at the grid there is a cathode drop and a dark space is formed. The size of this cathode drop is influenced by the ions which are 
emitted in the lower space in consequence of shock ionization of the incandescent cathodes K and pass through the grid in the upper space. On the 
other hand the number of ions passing through the grid is dependent on the voltage between the grid and the cathode. Thus is the grid voltage 
undergoes periodic fluctuations (as in the present case) the amount of the cathode drop at the grid fluctuates and consequently the internal resistance of 
the tube correspondingly fluctuates, so that when a back coupling of the feed circuit with the grid circuit takes place, the necessary means are afforded 
for producing undamped oscillations and of taking current, according to requirements from the collecting conductor. 


The frequency of the undamped oscillations produced is with a suitably loose coupling equal to the self-frequency of the oscillation circuits 9 and 10. 
By a suitable selection of the self induction of the coil 9 and capacity 11 it is possible to extend from frequencies which produce electromagnetic 
oscillation of only a few meters wavelength down to the lowest practical alternating current frequency. For large installations a suitable number of 
frequency-producing tubes of the well-known high vacuum transmission tubes of 0.5 to 2 kw in size may be connected in parallel so that in this 
respect no difficulty exists. 


The use of such tubes for producing undamped oscillations, and also the construction and method of inserting such transmission tubes in an 
accumulator or dynamo circuit is known and also that such oscillation producing tubes only work well at voltages of 1000 up to 4000 volts, so that on 
the contrary their use at lower voltages is considerably more difficult. By the use of high voltage static electricity this method of producing undamped 
oscillations as compared with that through spark gaps must be regarded as an ideal solution particularly for small installations of outputs of from 1 to 
100 kw. 


By the application of safety spark gaps, with interpolation of electromagnets, not only is short-circuiting avoided but also the taking up of current is 
regulated. Oscillation producers inserted in the above way form a constantly acting electromagnetic alternating field in the collector coil, whereby as 
already stated, a considerable accumulating effect takes place. The withdrawal wire or working wire is connected at 12 and 13, but current may be 
taken by means of a secondary coil which is firmly or movable mounted in any suitable way inside the large collector coil, 1.e., in its electromagnetic 
alternating field, so long as the direction of its axis runs parallel with that of the main current collecting coil. 


In producing undamped oscillations of a high frequency (50,000 per second or more) in the oscillation circuits 9 and 11, electromagnets S and S! must 
be inserted if the high frequency oscillations are not to penetrate the collector oil, between the oscillation producers and the collector coil. In all other 
cases they are connected shortly before the earthing (as in Figures 27 and 28). 
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In Figure 27 a second method of construction of the connecting conductor of the balloon aerials is illustrated in the form of a coil. The main difference 
consists in that in addition to the connecting conductor I another annular conductor II is inserted parallel to the former on the high voltage masts in the 
air (or embedded as a cable in the earth) but both in te form of a coil. The connecting wire of the balloon aerials is indicated as a primary conductor 
and also as a current producing network; the other is the consumption network and is not in unipolar connection with the current producing network. 


In Figure 27 the current producing network I is shown with three balloon collectors 1, 2, 3 and aerial conductors 4, 5, 6; 1t is short-circuited through 
condenser 19 and inductance 9. The oscillation forming circuit consists in this diagram of spark gap f, inductance 10, and condenser 11; the earth wire 
E, is connected to earth over electromagnet S! F s the safety spark gap which is also connected to earth through a second electromagnet S at E. On 
connecting up the condenser circuit 11 this is charged over the spark gap f whereby an oscillatory discharge is formed. This discharging current acts 
through inductance 10 on the inductively coupled secondary 9, whereby in the producing network a modification of the potential of the condenser 19 
is produced. The consequence of this is that oscillations arise in the coil shaped producer network. These oscillations induce a current in the secondary 
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circuit II, which has a smaller number of windings and a less resistance, the voltage of which, according to the proportion of the number of windings 
and of the ohmic resistance, is considerably lower whilst the current strength is greater. 


In order to convert the current thus obtained into current of an undamped character, and to tune its wavelengths, a sufficiently large regulatable 
capacity 20 in inserted between the ends 12 and 13 of the secondary conductor I. Here also current may be taken without an earthy conductor, but it is 
advisable to insert a safety spark gap El and to connect this with the earth over an electromagnet S2. 


The producer network may be connected with the working network II over an inductionless condenser 21 or over an induction condenser 22, 23. In 
this case the secondary conductor is unipolarly connected with the energy conductor. 


In Figure 28 the connecting conductor between the separate accumulator balloons is carried out according to the autotransformer principle. The 
collecting coil connects four aerial balloons 1, 2, 3, 4, the windings of which are not made side by side but one above the other. In Figure 28 the 


collector coil I is shown with a thin line, the metallically connected prolongation coils II with a thick line. Between the ends I! and II! of the energy 
network I a regulating capacity 19 is inserted. The wire I! is connected with the output wire and with the spark gap F. 


As transformer of the atmospheric electricity an arrangement is employed which consists in using rotary pairs of condensers in which the one stator 
surface B is connected with the main current, whilst the other A is connected with the earth pole. Between these pairs of short-circuited condensers are 
caused to rotate from which the converted current can be taken by means of two collector rings and brushes, in the form of an alternating current, the 
frequency of which is dependent on the number of balloons and the revolutions of the rotor. As the alternating current formed in the rotor can act, in 
this improved method of connection described in this invention, through coils 1 on the inductance 9, an increase or diminution of the feed current in I 
can be obtained according to the direction of the current by back induction. Current oscillations of uniform rhythm thereby result in the coil shaped 
windings of the produce network. 


As the ends of this conductor are short-circuited through the regulatable condenser 19 these rhythms produce short-circuited undamped oscillations in 
the energy conductor, the periodicity and wave lengths of which oscillations can be adjusted according to desire by altering the capacity 19 to a given 
wavelength and therewith also to a given frequency. These currents may also be employed in this form directly as working current through the 


conductors II! and III. By inserting the condenser 20 a connection between these conductors may also be made, whereby harmonic oscillations of 
desired wavelengths are formed. By this means quite new effects as regards current distribution are obtained. The withdrawal of current can even take 
place without direct wire connection if, at a suitable point in the interior of the producing network (quite immaterially whether this has a diameter of 1 
or 100 km) a coil tuned to these wavelengths and of the desired capacity is firmly or movably mounted in the aerial conductor in such a way that is 
axial direction is in parallel with that of the collector coil. In this case a current is induced in the producing network, the size of which is dependent on 
the total capacity and resistance and also on the periodicity employed. A possibility is thereby afforded in future, of taking energy from the producer 
network by wireless means. As thereby in addition to atmospheric electricity also magnetic earth currents and energy from the higher atmosphere (at 
leas partially may be simultaneously obtained, this last system for collecting the atmospheric energy is of particular importance for the future. 


Of course everywhere instead of spark gaps grid vacuum tubes may be employed as producers for undamped oscillations. The separate coils of the 
producer network with large diameters may be connected with one another through separate conductors all in parallel or all in series or in groups in 
series. By regulating the number of oscillations and also the extent of the voltage more or less large collector coils of this kind may be employed. The 
coils may also be divided spirally over the entire section. The coils may be carried out in angular form or also in triangular, quadrangular, hexagonal or 
octagonal form. 


Of course wires may be carried from a suitable place to the center or also laterally which serve the current waves as guides. This is necessary when the 
currents have to be conducted over mountains and valley and so forth. In all these cases the current must be converted into a current of suitable 
periodicity. 


As already hereinbefore mentioned separate collecting balloons may be directly metallically interconnected at equidistant stations distributed over the 
entire country or may be connected by interpolation of suitable condenser batteries by means of high voltage conductors. The static electricity is 
converted through a spark gap into dynamic energy of a high number of oscillations, and could then in such forms, wit a suitable arrangement of the 
connections, observing various measures of protection, be employed as source of energy after separate or special regulation. 
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According to this invention in order to increase the collecting effect of the balloon in the aerial collector conductor or in the earth wire, radiating 
collectors are employed. These consist either of incandescent metal or oxide electrodes in the form of vacuum grid tubes, or electric arcs (mercury and 
the like electrodes), Nernst lamps, or finally flames of various kinds may be simply connected with the respective conductor. 


It is well known that energy can be drawn of from a cathode consisting of an incandescent body opposite an anode charged with positive electricity 
(vacuum grid tube). Hitherto however, a cathode was always first directly placed opposite an anode, and secondly the system always consisted of a 
closed circuit. 


Now if we dispense with the ordinary ideas in forming light or flame arcs in which a cathode must always stand directly opposite an anode, charged to 
a high potential or another body freely floating in the air, or regard the incandescent cathode only as a source of unipolar discharge (which represent 
group and point discharges in electrostatic machines similar to unipolar discharges), it may be ascertained that incandescent cathodes and less 
perfectly all incandescent radiators, flames and the like admit of relatively large current densities and allow large quantities of electric energy to 
radiate into the open space in the form of electron streams as transmitters. 


The object of this invention is as described below, if such incandescent oxide electrodes or other incandescent radiators or flames are not freely 
suspended in space but connected metallically with the earth so that they can be charged with negative terrestrial electricity, these radiators possess the 
property of absorbing the free positive electrical charges contained in the air space surrounding them (that is to say of collecting them and conducting 
them to earth). They can therefore serve as collectors and have, in comparison to the action of the spikes, or points, a very large radius of action R; the 
effective capacity of these collectors is much greater than the geometrical capacity (R,.) calculated in an electrostatic sense. 


Now as our earth is surrounded as is well known with an electrostatic field and the difference of potential 


iV 
bh 


of the earth field according to the latest investigations, is in summer about 60 to 100 volts and in winter 300 to 500 volts per meter of difference in 
height ( 8h ), a simple calculation gives the result that when such a radiation collector or flame collector is arranged for example on the ground, and a 
second one is mounted vertically over it at a distance of 2000 meters and both are connected by a conducting cable, there is a difference in potential in 
summer of about 2,000,000 volts and in winter even of 6,000,000 volts and more. 


According to Stefan Boltzmann’s law of radiation, the quantity of energy which an incandescent surface (temperature T) of 1 sq cm radiates in a unit 
of time into the open air (temperature T, ) is expressed by the following formula: 


S = Ê (T*-T?, ) watt./sq cm. 


And the universal radiation constant $ is according to the latest researches of Ferry (Annales de Chimie et de Physique, 17: 267 [1909]) equal to 6.30 


0-712 


x | watt/sq cm. 


Now if an in incandescent surface of 1 sq cm shows, as compared with the surrounding space a periodic fall of potential V it radiates (independent of 
the current direction, that is to say of the sign) in accordance with the above formula, for example at a temperature of 3725° C an energy of 1.6 kw/sq 
cm/second. As for the radiation the same value can be calculated for the collection of energy, but reversed. Now, as carbon electrodes at the 
temperature of the electric arc support on the current basis a current density up to from 60 to 65 amperes per sq cm no difficulties will result in this 
direction in employing radiating collectors as accumulators. 


If the earth be regarded as a cosmically insulated condenser in the sense of geometrical electrostatics x there results from the geometric (compare 
Edwald Rasch: Das Elektrische Bogenlicht |The Electric Arc Light], page 169) capacity of the earth according to Chwolson: 


For negative charging 1.3 x 10° Coulomb 
For negative potential V = 10 x 108 volts. 


From this there results however, EJT = 24.7 x 1024 watt/sec. Now if it is desired to make a theoretic short circuit through an earthed flame collector 


this would represent an electric total work of about 79,500 x 101% kilowatt years. As the earth must be regarded as a rotating mechanism which 
thermodynamically, electromagnetically and also kinematically coupled with the sun and star system by cosmic radiations and gravitation a 
diminution of the electric energy of the earth field is not to be feared. The energies which the incandescent collectors would withdraw from the earth 
field can only case by the withdrawal of motor work a lowering of the earth temperature ( temperature Tp = 300 ) and reduce this to that of the world 


space ( T = O ) by using the entire energy. This is however not the case as the earth does not represent a cosmically entirely insulated system. On the 
contrary there is conveyed to the same according to the recent value corrected by Perry for the solar constants through the radiation from the sun an 


energy of 18,500 x 10!9 kw. Accordingly, any lowering of the earth temperature (Tp) without a simultaneous lowering of the sun’s temperature (T,) 
would contradict Stefan Boltzmann’s law of radiation. 


S = 6 (s4 - T4). 


From this it must be concluded that if the earth temperature ( Tg ) sinks the total radiation S absorbed by the earth increases, and further also that the 


secular speed of cooling of the earth is directly dependent on that of the sun and the other radiators cosmically coupled with the sun and is connected 
most closely with these. 


The incandescent radiation collectors may, according to this invention, be employed for collecting atmospheric electricity 1f they (1) are charged with 
the negative earth electricity (that is to say when they are directly connected by means of a metallic conductor with the earth) and (2) if large 
capacities (metal surfaces) charged with electricity are mounted opposite them as positive poles in the air. This is regarded as the main feature of the 
present invention as without these inventive ideas it would not be possible to collect with an incandescent collector, sufficiently large quantities of the 
electrical charges contained in the atmosphere as the technology requires; the radius of action of the flame collectors would also be too small, 


especially if it be considered that the very small surface density (energy density) ( $ about = 2 x 7 . 10? St, E. per sq cm ) does not allow of large 
quantities of charge being absorbed from the atmosphere. 


x) Calculated according to Poisson’s calculation: 
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AV=—4n8 ; as here the alteration of the potential or potential gradients only takes place in the direction o the normal, this calculation assumes the 
simple form 


1 PV 
Sri 
It has indeed already been proposed to employ flame collectors for collecting atmospheric electricity and it is known that their collecting effect is 
substantially greater opposite the points. It is however, not known that the quantities of current which could hitherto be obtained are too small for 
technical purposes. According to my experiments the reason for this is to be found in the too small capacities of the collector conductor poles. If such 
flame or radiating collectors have no or only small positive surfaces, their radius of action for large technical purposes is too small. If the incandescent 
collectors be constantly kept in movement in the air they may collect more according to the speed of the movement, but this again is not capable of 
being carried out in practice. 


By this invention the collector effect 1s considerably increased by a body charged with a positive potential and of the best possible capacity being also 
held floating (without direct earth connection) opposite such an incandescent collector which is held floating in the air at a desired height. If for 
example, a collecting balloon of sheet metal or of metalized balloon fabric be caused to mount to 300 up to 3000 meters in the air and as positive pole 
it is brought opposite such a radiating collector connected by a conductor to the earth, quite different results are obtained. 


The metallic balloon shell (with a large surface) is charged to a high potential by the atmospheric electricity. This potential is greater the higher the 
collecting balloon is above the incandescent collector. The positive electricity acts concentratedly on the anode floating in the air as it is attracted 
through the radiation shock ionization, proceeding from the incandescent cathode. The consequence of this is that the radius of action of the 
incandescent cathode collector is considerably increased and thereby also the collection effect of the collecting balloon surface. Further the large 
capacity of the anode floating in the air plays therefore an important part because it allows of the taking o large charges, and thereby a more uniform 
current is obtained even when there is a large consumption: this cannot be the case with small surfaces. 


In the present case the metallic collecting balloon is a positive anode floating in the air and the end of the earth conductor of this balloon serves as 
positive pole surface opposite the surface of the radiating incandescent cathode, which in turn is charged with negative earth electricity being 
conductively connected to earth. 


The process may be carried out by two such contacts (negative incandescent cathode and anode end of a capacity floating in the air) a condenser and 
an inductive resistance being switched on in parallel, whereby simultaneously undamped oscillations may be formed. 


In very large installations it is advisable to connect two such radiating collectors in series. Thus an arc light incandescent cathode may be placed below 
on the open ground and an incandescent cathode which is heated by special electromagnetic currents be located high in the air. Of course for this the 
special vacuum Liebig tubes wit or without grids may also be employed. An ordinary arc lamp with oxide electrodes may be introduced on the ground 
and the positive pole is not directly connected with the collecting balloon, but through the upper incandescent cathode or over a condenser. The 
method of connecting the incandescent cathode floating in the air may be seen in Figures 29-33. 


B is the air balloon, K a Cardan ring (connection with the hawser), C the balloon, L a good connecting cable, P a positive pole, N negative 
incandescent cathode, and E earth conductor. 
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Figure 29 represents the simplest form of construction. If electric oscillations are produced below on the ground by means of a carbon arc lamp or in 
other suitable way a considerably greater electric resistance is opposed to that in the direct way by inserting an electrical inductive resistance 9. 
Consequently between P and N, a voltage is formed, and as, over N and P only an inductionless ohmic resistance is present, a spark will spring over so 
long as the separate induction co-efficients and the like are correctly calculated. The consequence of this is that the oxide electrode (carbon or the like) 
is rendered incandescent and then shows as incandescent cathode an increased collecting effect. The positive poles must be substantially larger than 
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the negative in order that they may not also become incandescent. As they are further connected with the large balloon area which has a large capacity 
and is charged at high voltage, an incandescent body which is held floating in the air and a positive pole which can collect large capacities is thereby 
obtained in the simplest way. The incandescent cathode is first caused to become incandescent by means of separate energy produced on the earth, and 
then maintained by the energy collected from the atmosphere. 


Figure 30 only shows the difference that instead of a round balloon a cigar-shaped one (of metal or metalized fabric) may be employed and also a 
condenser 5 is inserted between the incandescent cathode and the earth conductor so that a short circuited oscillation circuit over P.N. 5 and 9 is 
obtained. This has the advantage that quite small quantities of electricity cause the cathode to become incandescent and much larger cathode bodies 
may be rendered incandescent. 
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In this form of construction both the incandescent cathode and also the positive electrode may be enclosed in a vacuum chamber as may be seen in 
Figure 32. A cable L is carried well insulated through the cover of a vessel and ends in a condenser disc 5. The cover is arched in order to keep off the 
rain. The vessel is entirely or partially made of magnetic metal and well-insulated inside and outside. Opposite the disc 5 another disc 6 and on this 
again a positive pile of the vacuum tube g with the incandescent cathode (oxide electrode) N is arranged. The negative electrode is on the one hand 
connected with the earth conductor E, and on the other hand with the inductive resistance 9 which is also connected with the cable L with the positive 
pole and wound round the vessel in coils. The action is exactly the same as that in Figure 29 only instead of an open incandescent cathode one 
enclosed in vacuo is employed. As in such collectors only small bodies can be brought to incandescence in large installations a plurality of such 
vacuum tubes must be inserted in proximity to one another. According to the previous constructions Figures 31 and 33 are quite self evident without 
further explanations. 
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Figures 34-37 represent further diagrams of connections over radiating and flame collectors, and in fact, how they are to be arranged on the ground. 


Figure 34 shows an arc light collector with oxide electrodes for direct current and 1ts connection; Figure 35 a similar one for alternating current, Figure 
36 an incandescent collector with a Nernst lamp and Figure 37 a similar one with a gas flame. 


The positive pole 1 of the radiating collectors is always directly connected to the aerial collecting conductor A. In Figure 34 this is further connected 
over the condenser battery 5 with a second positive electrode 3. The direct current dynamo b produces current which flows over between the 
electrodes 3 and 2 as an arc light. On the formation of an arc the negative incandescent electrode 2 absorbs electricity from the positive poles standing 
opposite it and highly charged with atmospheric electricity and conveys the same to the working circuit. The spark gap 7, inductive resistance 9 and 
induction coil 10 are like the ones previously described. The protective electromagnet S guards the installation against earth circuiting, the safety spark 
gap 8 from excess voltage or overcharging. 


In Figure 35 the connection is so far altered that the alternating current dynamo feeds the exciting coil 11 of the induction condenser. 12 is its negative 
and 13 its positive pole; if the coil 3 on the magnet core of the dynamo is correctly calculated and the periodicity of the alternating current is 
sufficiently high an arc light can be formed between the two poles 1 and 2. As the cathode 2 is connected with the negatively charged earth, and 
therefore always acts as a negative pole, a form of rectification of the alternating current produced by the dynamo 3 is obtained, the second half of the 
period is always suppressed. The working circuit may be carried out in the same way as in Figure 34; the working gap 7 may however be dispensed 
with, and instead thereof between the points m and n a condenser 5 and an induction resistance 9 may be inserted from which the current is taken 
inductively. 


Figure 36 represents a form of construction similar to Figure 34 only that here instead of an arc lamp a Nernst incandescent body is employed. The 
Nernst lamp is fed through the battery 3. The working section is connected with the negative pole, the safety spark gap with the + poles. The working 
spark gap 7 may also be dispensed with and the current for it taken at 12 over the oscillation circuit 5, 11 (shown in dotted lines). 


Flame collectors (Figure 37) may also be employed according to this invention. The wire network 1 is connected with the aerial collector conductor A 
and the burner with the earth. At the upper end of the latter, long points are provided which project into the flame. The positive electrode is connected 
with the negative over a condenser 5 and the induction coil 9 with the earth. 


The novelty in this invention 1s firstly, the use of incandescent cathodes opposite positive poles which are connected with large metallic capacities as 
automatic collecting surfaces, (2) the connection of the incandescent cathodes with the earth whereby, in addition to the electricity conveyed to them 
from the battery or machine which causes the incandescing, also the negative charge of the earth potential is conveyed, and (3) the connection of the 
positive and negative poles of the radiating collectors over a condenser circuit alone or with the introduction of a suitable inductive resistance, 
whereby simultaneously an oscillatory oscillation circuit may be obtained. The collecting effect is by these methods quite considerably increased. 


I declare that what I claim is: --- [ Claims not included here ] 


British Patent # 157,262 
(10 July 1922) 


Improvements in Electric Motors 
Hermann Plauson // Otto Traun’s Forchungs-Laboratorium GmbH 


This invention relates to that type of motor in which rotation is produced by means of the attraction and repulsion of surfaces carrying charges of 
electricity. 


According to this invention a stator and rotor are formed of condensor surfaces and charges of electricity thereon imposed in the form of alternating 
currents of high frequency. 
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The invention 1s more particularly described with reference to the accompanying drawing in which: --- 


Figure 1 shows a simple form of motor and feed. 


Figure 2 is a modification of Figure 1. 


Figure 3 shows one form of a spiral condenser surface. 
Figure 4 shows a wire wound condenser surface. 


Figure 5 is a diagram of one type of rotor, 
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The inner plates of the condenser 5 and 6 are charged from a spark gap 7, 8 connected to a source of energy of sufficiently high pressure (alternating 
or direct current), until the potential has risen so far that a spark springs over. 


The spark gap 7, 8 forms with the condenser 5 and self-inductance 9 and condenser 6 a closed oscillatory circuit and alternating currents of high 
frequency will be produced in this circuit. The high frequency current produced in the primary circuit 9 excite by induction in the secondary circuit 10 
currents of the same periodicity. 


The improved type of motor is fed by the discharges produced by the induction in the secondary circuit. 


Hitherto only Tesla’s motor system (shown diagrammatically in Figure 1, 16 and 17) was known for this purpose. The above-mentioned diagram is 
only shown for illustrating the fundamental principle. It has however no practical interest for carrying out large machines by reason of the 
impossibility of the regulation and the low efficiency. 


Now according to this process, all these defects are overcome by the construction of a machine which is applicable for high frequency currents and of 
a more or less undamped nature. The difference between the principle of construction of these motors as compared with those hitherto customary 
consists in that the motor is not based on the principle of magnetic induction only (as have been all motors hitherto and also Tesla’s motors). 


It has been fund that the machine constructed according to Figure 1 cannot only be fed directly with static electricity but if it is connected to a source 
of high frequency current it will operate. 


The applicants call this new type of motors ‘condenser motors’ to differentiate them from hitherto existing types. 
The simplest form of construction of such condenser motors is shown in Figure 1, and this motor may be fed with high frequency alternating currents. 


At a given moment positive electricity is charged by means of the lead 14 to the stator surface 1 and to the brush 3x (Figure 1). The brush 3x is 
connected with the rotor condenser surface 3, so that both the stator surface 1 and also the rotor surface 3 1s charged with positive electricity. The 
stator surface | and the rotor surface 3 being both charged with positive electricity and the second rotor surfaces 4 and 4a by brushes 4x with negative 
electricity, such motors can then be started by providing intermediate stator surfaces 11, 12, the earth connection 13 of one of which is broken by a 
switch (not shown) according to the direction of rotation desires, or alternatively the motor may be started by a separate source of alternating current 
in a manner similar to the starting of synchronous motors of known construction. After a half revolution of the rotor the brush 3x comes in contact 
with the second collector surface 4 so that now this surface is connected by the brush 3x with the stator surface 1 and the brush 4x with the collector 
surface 3. Consequently with a reverse direction of current through the second half of the oscillation period all the hereinbefore mentioned effects take 
place in the reverse direction which, however, produces no alteration in the direction of rotation because the dead points between two directions of 
oscillation are overcome by inertia. 


Although this motor is easy to start it can only be employed for small experimental and measuring purposes because the stator and rotor surfaces are 
made of solid metal and are heated by Foucalt (eddy) currents. In spite of its simplicity and its unsuitability for use in practice it must however be 
regarded as a basic type for technical calculations. 


The condenser motor shown in Figure 2 differs from Figure 1 by the rotor surfaces consisting of six condenser surfaces connected one behind the 
other in series and they are connected with three collector surfaces, so that at any one moment only two adjacent collector surfaces come under the two 
brushes (3 and 4). In its other actions it corresponds to Figure 1. The leads 14 and 15 may be connected either to the ends of the secondary coil 10 or 
directly with the source of energy. The outer thicker line indicates the stator surfaces 1 and 2 (that is to say the unmoving part of the motor), 11 and 12 
shown by thick dotted lines means earthed additional poles of the stator, 8, 9, and 10 are the outer parts of the rotor condenser surfaces which in turn 
are connected with the collector surfaces 8, 9, and 10. 5, 6, and 7 are the inner parts of the condenser surfaces of the rotor and 3 and 4 are brushes. 


Hitherto stator and rotor surfaces of compact metal have been spoken of. These however become highly heated with eddy currents and hardly yield 
10-15% of useful effect. In examining into such small useful effects 1t was found that certain forms of metal sections in the stator and condenser 
surfaces highly increase these. It was then further found that if slots or notches be cut in the metal surfaces of the stator and rotor in the form of a 
spiral, not only was a higher useful effect possible, but also an easier starting and even a regulation could be obtained. 


Experiments have shown that by such a form of construction it is possible to build a very useful motor for high frequency alternating currents more 
particularly those of an undamped nature. 


If for example the system of construction of a stator shown in Figure 1, but four polar, be taken and the system of rotor construction shown 
diagrammatically in Figure 5, but with the form of construction of the condensers of the stator as well as of the rotor according to Figure 3, a 
condenser motor is obtained which works well in either direction for high frequency alternating current. It was also observed that the motors in such 
forms of construction were found to be more sensitive to resonance effects. Such a motor then works the best if stator and rotor surfaces have equal 
capacity and self-inductance so that the windings both in the stator and also in the rotor are in resonance. 


A motor constructed according to the foregoing kind is already fully technically applicable. But even these motors have a series of faults, more 
particularly in their building construction. For example, the attachment of the spiral condenser surfaces both of the stator and of the rotor sown in 
Figure 3 are in practice difficult to carry out. Therefore in practice the condenser and stator surfaces are simply wound of wire or bands in the form 
shown in Figure 4. Such stator and rotor surfaces may, without further difficulty, be regarded as electromagnetic poles, although they are not made of 
iron as is the case in electromagnets. Such machines may be spoken of directly as motors for high frequency alternating currents in which the separate 
pole surfaces consists of wound induction condenser surfaces of which one is sound on the stator and the other on the rotor. 


If the coil as shown in Figure 4 be made of well insulated wires the coil can be embedded in insulating material either for the stator or motor surfaces 
as has already been done in the case of ordinary single and multiphase motors. At the same time the possibility is afforded by increasing the number of 
turns to produce a greater or smaller alteration of the self induction co-efficients. 


In Figure 5 is shown a modified construction of a rotor for a four pole motor consisting of four condenser surfaces 1, 2, 3, 4, of which 1 and 2 are 
connected though an iductance 9 coupled with the coil 10. Four inner surfaces 5, 6, 7, 8 are provided of which 5 and 6 are directly connected also 7 
and 8 similarly connected. 


The pairs of like poles are connected by wires 14 and 15 to the source of energy. By a suitable selection of the values of the reactance and capacity in 
these circuits resonance circuits may be formed. 
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Having now particularly described and ascertain the nature of our said invention and in what manner the same 1s to be performed, we declare that what 
we claim 1s: --- [Claims not included here] 


British Patent + 157,263 


Process & Apparatus for Converting Static Atmospheric Electrical Energy into Dynamic Electrical Energy of any Suitable 
High Periodicity 


Hermann Plauson // H.O. Traun’s Forschungs-Laboratorium GmbH 


Static aerial electricity in the form of direct current can be converted by using spark gaps and with the assistance of oscillatory circuits into dynamic 
electrical wave energy of a high number of alternations of a more or less undamped nature and in such form --- either direct or by means of a special 
kind of resonance or 'condenser motors' --- ready to be utilized for technical purposes as mechanical energy. 


For small installations this system may be very well employed; about 100 horsepower may be stated as practical limit. In constructions of larger 
aggregate difficulties as regards the spark gaps however increase considerably. Further it is desirable to convert the accumulated currents of from 100 
to 1000 periods which may then be used for the ordinary types of alternating current machines instead of into electromagnetic waves of a high number 
of alternations. 


In experimenting with condenser motors the construction of which forms the object of British Patent # 157,262 1t was observed that the rotor, if one 
pole of the stator surface be connected with the aerials collecting aerial electricity and the other pole with the earth, not only could act as a motor, but 
if vice versa the rotor connection with the stator be interrupted and the rotor caused to rotate by means of another motor, that when the brushes supply 
an alternating current the periodicity of which is dependent on the number of poles and the revolutions of the rotor. Such an apparatus may therefore 
be regarded as a transformer of static into dynamic electrical energy. 


The invention is more particularly described with reference to the accompanying diagrams in which: --- 


In Figure 1A is a strong accumulator battery, 1 and 2 are the outer poles of the transformer, consisting of simple metallic plates or are as shown in 
Figures 8-11, made of wire coils without an electromagnet being present. Between these poles an armature is revolubly mounted on a shaft, which 
armature also consists of two similar cylindrically curved plates 3 and 4. These are metallically connected with two collector rings 5 and 6 on which 
two brushes 7 and 8 freely run which again are short-circuited with one another over a primary coil 9. 10 is the secondary coil with the free ends 11 
and 12. If through the accumulator battery the stator plate 1 is charged with positive electricity, 1t induces a charge of reverse sign on the rotor surface 
3 which is connected by the brushes 7 and 8 over the primary coil 9 with the second rotor surface 4. This latter is therefore charged with positive 
electricity, which in turn induces negative electricity on the stator surface 2/ Up to this moment everything takes place in the same way as if two 
condensers were connected one behind the other in the current circuit A. If however, by means of mechanical power, this rotor be caused to rotate, the 
surface conditions are altered. After a quarter revolution the rotor plates are between the stator plates and therefore no condenser surface faces another. 
By this means however, the capacity of the entire system is reduced to a minimum and a change of current will also result in the main 9. Now if the 
rotor be turned further through 90 degrees by mechanical energy the rotor plate 3 comes opposite the stator plate 2 and the rotor plate 4 opposite the 
stator plate 1, so that then the rotor pates are in a field of reverse sign. A fresh charge of current in the reverse direction now runs through the primary 
coil 9. After a further half revolution the same action is repeated so that after a full revolution the initial condition is again produced. The result of 
such a revolution is an alternating current the periodicity of which is equal to the number of revolution. In practice of course not two poles but as many 
poles as possible would be employed because thereby the number of alternations would e considerably increased. The primary alternating current thus 
obtained induces in the secondary circuit an alternating current the potential of which is dependent on the winding of the coil. Figure 7 shows a 
multipolar machine. 
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Fig. 6-52. Low cost 10 watt ATV transmitter (exciter left, amplifier right). 


fortable in your ear on receive while listening through the tele- 
phone handset, it probably is acceptable. 

Next, put S2 in the XMIT position and talk normally into the 
telephone handset. Set the 500-ohm pot so that the meter on the 
final in your rig swings into its normal area as though you were 
using the station microphone. 

There is no provision for VOX operation. Most hams prefer 
manual RX/TX since it both prevents an operator's accidental 
sneeze or cough from turning on the transmitter and allows you to 
cut off the speaker if he or she attempts to say something inappro- 
priate for transmission over your station. 

One tip on phone patch use—for some reason, when you tell 
someone on the telephone to talk louder, they will do so for a few 
minutes and then lapse back to their original volume. However, if 
you turn the audio gain control down so that they hear the other 
station more softly, they will automatically speak up as though to 
compensate. 


FAST SCAN ATV TRANSMITTER 


Here's a compact 10 watt fast scan amateur television (ATV) 
transmitter with audio on the video carrier and T/R switching that 
can be built for about $120 (Fig. 6-52). The rig incorporates the 
video exciter described in the June 1976 issue of 73 to drive a 
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If the stator surface 1, instead of being connected with the battery be connected with a collecting aerial network and the other stator surface 2 be 
directly earthed, but the rotor wich is otherwise constructed as hereinbefore, be rotated by a separate motor a much stronger alternating current results 
which is to be ascribed to the circumstance that a much higher potential can be charged on the pole surfaces of the stator by reason of the higher 
pressure of the static electricity than where accumulators are employed. By this means the transformer has of course much larger quantities of energy 
supplied to it. 


Figure 2 shows a mode of connections. The stator surface 1 is connected with the aerial antennae which is connected through the safety spark gap F to 
earth at El. The stator surface 2 is directly earthed at E2. The inner revoluble rotor surfaces 3 and 4 are interconnected by means of an induction coil 
which is constructed directly in the motor. The current is taken as in Figure 1 up to collector rings by means of brushes, which are not shown for the 
sake of clearness, and further conveyed through the conductors 11 and 12. Between these a condenser 5 may be inserted. There is thereby formed a 
short oscillatory oscillation circuit free from spark gaps, which circuit consists of the induction coil 9 and condenser 5 and is fed by the periodic 
charging current impulse. By this means the possibility is afforded of obtaining a kind of current which is characterized by longer periods and is 
undamped and oscillatory. Of course a simple alternating current may be obtained by cutting out the condenser. 


Instead of the induction coil the condenser may also b constructed in the rotor. His can be carried out in such a way that its ends serve directly as 
collector rings for taking current through the brushes. In Figure 3 such a motor is sketched in perspective, 3 and 4 are the rotor surfaces, 5 and 6 are 
the condenser surfaces constructed to form part of the rotor consisting of two co-axial cylinders fitting one in the other in such a way that free room is 
left for the brushes 7 on one end of the condenser cylinder 6. 


The condenser may be made in the form of a cylindrically wound spiral forming the capacity and reactance as shown in Figure 4. A further type of 
transformer is shown in Figure 5. The difference consists in the stator and rotor surfaces not only each assuming a quarter of the circuit but almost the 
half. By this means the space and the effective condenser surface is better utilized. Charge is produced only when the rotor surfaces face the full scope 
of the stator surfaces. 


In addition a condition is obtained in which the stator surfaces are inductively connected by the rotor surfaces. The consequence of this is that an 
alternating current simultaneously results which is produced without sparking otherwise the connection is as before. 


Figure 6 shows the alternation of the rotor surfaces; the rotor here consists of two cylindrical condenser plates arranged concentrically, each divided 
into two halves and connected so that half the inner cylinder is connected to half the outer. Such a machine shows the more complete transformer 
action. 


Figure 7 shows a four polar transformer. It consists of a metal casing, the lower half of which is fastened with the foundation plates 17 to the support 
or foundation. The upper half, the cover, is connected by bolts 15 and 16 firmly with the under part. This upper sleeve or casing is insulated from the 
under part. Two rings 1 and 2 are cylindrically constructed in the casing. The ring 1 is metallically connected with the collector aerial and the ring 2 
with the earth. On both rings an equal number of stator surfaces are mounted side by side but well insulated from one another and thus form an 
electrostatic field similar to the electromagnetic in many alternating current machines. The rotor consists in similar manner of two rings 5 and 6 on 
which an equal number of rotor surfaces are fixed so that each stator surface faces a rotor surface. By the brushes 7 and 8 the alternating current 
formed is removed from the collector. The charge is conveyed by the conductor 14 to and by 13 away. If this rotor be then rotated by means of a motor 
the positive and negative fields precisely as in the case of magnetizing will alter and thereby an alternating current is formed in the rotor, the periods of 
which are dependent on the number of the poles and the revolutions per second. 


At the commencement it was thought that this apparatus could only be regarded as alternating current converters, but it was soon found that much 
more energy was necessary to rotate the rotor than might be necessary to overcome the friction. It was then found that the considerable expenditure of 
energy for rotating the rotor was caused by a conductor being moved through strongly electrostatic fields since the electrostatic lines of force must be 
cut at right angles and that further in the conductors a stronger current arose than was otherwise to be expected. This apparatus must therefore not only 
be regarded as a transformer, but also as an energy producer, with the difference that the excitation here is obtained instead of by means of 
electromagnets, by static fields of high pressure. The entire system may, to some extent, be compared with a dynamo in which the excitation takes 
place by means of a fixed constant magnet. It was further ascertained that this way of using the atmospheric electricity produced a sort of suction on 
the collector network, and that thus suitable greater quantities of current could be obtained. 


The effects which in this apparatus became evident are extremely interesting and open a prospect of being able to obtain here a great deal more. 
Merely that these transformer made it possible to transform suitable quantities of atmospheric electricity into alternating current of high or lower 
frequency (without the use of spark gaps) shows already the extreme utility of these apparatus. Should in future, the construction of larger aggregates 
be necessary the transformer installation may be constructed in such a way that motors which are fed by a current obtained from an installation with 
spark gaps produce a certain quantity of energy which may then be employed for producing current according to the last described system. 


The results of the examinations made for this may be construed as follows. 
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(1) If solid electrodes (condenser surfaces, rotor and stator surfaces) are employed they become hot. This effect may be considerably reduced by 
cutting the electrodes in ribbed form Figure 8, but not entirely removed. This form allows the surface of the condenser plate to be enlarged or 
increased; the electrodes may be fastened in a simple manner on the under frame by perforation 1, 2, 3, 4, 5. 


(2) If nicks or notches in spiral form as shown in Figure 9 seen from the side end in Figure 10 in section are employed, not only is the transformer 
effect greater but the poles yields also more current, but require greater quantities of energy for their movement than a simple commutator action 
would require. 


(3) The greatest effect is obtained if the rotor and stator surfaces are wound in flat spiral form of suitably thick wire, and in such a way that the 
inductive effect combining with the capacity is calculated in suitable proportion and this result is adapted to a suitable periodicity. In practice this is 
preferably done by the wire bent in spiral form being inserted in a separate vulcanite or hard rubber mass (see Figure 11) so that a smooth pole surface 
is formed similar to that in phase motors. 


Regular undamped oscillations of a high frequency may however be produced if the converter be carried out in the manner shown in Figure 13. The 
aerial wire L is metallically connected with the ring 20. To this two pole surfaces 1 and 2 are connected. The inductive earth pole is also connected 
with a second ring 10 from which again two, poles la and 2a are branched off. Of course in similar manner any suitable number of poles may be 
branched of. In similar manner there are in the rotor two poles fastened to one another (3 and 4 and 3a and 4a) connected with separate collector rings. 
From these two rings the current is collected by means of two brushes. The induced alternating current is however directly metallically connected with 
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an inductive earth stator conductor over an induction coil 9. Further a combined inductance and capacity 5 1s inserted between the two wires 11 and 12 
in parallel with the converter. By this means a sparkless oscillatory circuit is obtained which can act on the exciting current in the stator. This produces 
however, a periodic alteration of the charging quantities according to the oscillation curves of the rotor currents in consequence of which the stator 
charge also commences with resonance oscillations and if the stator and rotor surfaces are calculated to one another in such a way that they are 
adapted to form oscillations of waves of similar length the entire converter is caused to oscillate and furnishes undamped oscillations of a high number 
of alternations, but of periodically changed amplitude, the form of which is dependent on the amplitude of the main alternating current and is caused 
by the number of the poles and revolutions per second. Thus an alternating current of, for example, 100 periods is formed, the separate periods of 
which are formed by undamped oscillations of a higher number of alternations. In Figures 14-16 four other diagrams of converters are illustrated, the 
object of which is not to produce usual alternating current, but oscillations of high frequency. 


The main difference of these systems from those previously described is that from the connection of the collecting aerials is made between the stator 
pole 1 (Figure 14) and one pole 16 of the condenser 17 and the earth connection between a second stator pole 2 and the pole 18 of the condenser 19. 
The other poles of these condensers 17 and 19 are short circuited through a ring over two inductive primary coils 9 and 9a with one another. The 
secondary coils form the rotor conductors 10 and 10a. The rotor itself is constructed in the manner shown in Figure 6 of two short-circuited plate 
condensers which may be wound as shown in Figure 11. In similar manner of course the stator surfaces may also be formed. The collector rings of the 
rotor with the two brushes for collecting current are here not shown in order to simplify the drawings. By the connection of the two condensers in the 
exiting circuit of the converter and also by the action of the alternating current produced in the rotor on the stator circuit, with a correct calculation of 
the capacity and the self-induction co-efficients a maximum action may be obtained. The kind of current produced will be similar to that described for 
Figure 12. 


The novelty of the converter illustrated in Figure 15 consists mainly in that the current resulting in the rotor is not directly employed, but only serves a 
exciter of the primary coils 9a and 9b. The working current is produced in the secondary coils 10 and 10a and further conducted through the 
conductors 11 and 12. The stator current may be brought by the regulatable inductive resistance 9 to the same resonance as the rotor current. 
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In Figure 16 a very similar system is shown to Figure 14. The condenser 5 is however connected in parallel with the converter; and by the inductive 
resistance constructed in the rotor a short circuited oscillatory circuit is formed which gives extraordinarily good results and is simple in construction. 


The inductive resistance 9 may also instead of being constructed in the rotor be constructed as primary coil employed outside the rotor and short 
circuit the oscillatory circuit over the stator surfaces (see Figure 17). 


The last six types serve only for producing oscillations of a high number of alternations. If it be desired to obtain ordinary alternating current there 
complicated constructional arrangements are not required as the types illustrated in Figures 1 to 11 suffice. It is self-evident that these arrangements 
may be altered in various ways by means of different condenser surfaces in practice. 

Having now particularly described and ascertained the nature of our said invention and in what manner the same is to be performed, we declare that 
what we claim is: --- [ Claims not included here | 
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High Performance Crystal 
Radios 


Don Asquin, 
Gord Rabjohn 


(Presented by Gord at the Ottawa Electronics Club, April 2012) 


Childhood History 


e Like many kids, I had 
frustrating childhood 
experiences with crystal 
radios! 


e Simple crystal sets couldn’t 
separate multiple AM radio 
www.crystalradio.net Stations . 


e Only local stations were 
received, and everything was 
received all at once. 


Rediscovering History 


© Recently, my friend Don 
Asquin and I decided to 
build high performance 
cryStal sets. 


e Much of this exploration 1s 
rediscovering the knowledge 
of the 1910s and early 1920s. 

e Even then there were claims 
of DX performance with 
crystal sets. 


How does a basic crystal set work”? 


Antenna 


A rectifier 
A filter 


At low frequency, the inductor 
shorts the signal out. At high 
frequency the capacitor shorts 
the signal out. In-between, 
there is a magic point called 
“resonance” 


e Antenna couples to the 
(usually) electric field in 
a radio wave. 


e L-C selects the 
frequency. 


* Diode rectifies it. 


e Earphone makes it 
audible 


AM modulated signal 


11 a dlls 


e e A 


RF Carrier frequency (say 1310kHz): Rectified audio output, 
the filter selects only this frequency. smoothed by the capacito: 


The Four Key Elements 


e Antenna 
— Antenna 
— Ground 
e Tuner 
— Loose coupler 
— High Q coils 
— RFimpedance matching 


e Detector 
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e Audio Transducer 


— Audio Impedance matching 


quasilinear 10 watt % meter amplifier. No amplifier tuneup is 
required since it utilizes the Motorola MHW-710 sealed power 
module. (For theory of operation of this module in the ATV mode, 
refer to Nov/Dec 1975, page 37 of 73.) 

Operating at 13.8 V dc, the transmitter draws about 2.7 Amps 
from an external regulated power source. Linearity and frequency 
response performance is shown in Fig. 6-53. 

As noted above, the construction details for the exciter have 
already been given; therefore only the amplifier circuit will be 
described here. Several different mounting arrangements are pos- 
sible, so you may wish to deviate from the following procedure. Of 
course, both the amplifier and exciter can be located in the same 
enclosure; however, experimentalists may prefer the two-box 
modular approach to effect rapid exciter or amplifier interchange 
with future designs. 


Amplifier Construction Procedure 


Refer to Table 6-9 and Fig. 6-54. 

1. Drill holes in chassis and heat sink per Figs. 6-55 and 6-56. 
Make sure that holes in heat sink line up with holes in chassis. 

2. Referring to Fig. 6-57, mount all components to PC board. 
(Foil layout for board is shown in Fig. 6-58). 

3. Using two #4-40 screws, lockwashers and nuts, bolt PC 
board on two “L” brackets as shown in Figs. 6-59 and 6-60. 

4, Spread heat sink compound over back of heat sink and 
Motorola MHW-710 module. Place module on inside of chassis and 


Fig. 6-53. Performance curves, 10 watt ATV transmitter. All vertical scales 
uncalibrated. Power: 13.8 V dc 2.7 A. (a) Linearity: top scale—video in; 
bottom scale—detected rf output; 10 usec/div horizontal; 10 watts out 
(average). (b) Frequency response: top scale—video in; bottom scale— 
detected rf output; 10 usec/div horizontal; burst order (in MHz)—0.5, 1.5, 
2.0, 3.0, 3.58, 4.2. 
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Y Antenna | 


e A long exterior antenna is crucial. 


e Why? It’s not just about area... “watts per acre”. It’s also 
about giving the antenna a better “radiation impedance”. 


— The energy from an antenna, can be modeled as a voltage source in 
series with a source resistance (or a current source in parallel with a 
source conductance), and the antenna capacitance (or inductance). 


— Radiation resistance is the resistance of this apparent source of 
energy in an antenna. 


— The tuned circuit matches this impedance to the load (detector) for 
optimum energy transfer. 
— A small antenna will tend to look My Antenn a 


like a “difficult to match” 
impedance.... ~lohm 500pF=300ohms 


a Ground 7 


The ground provides the completion of the current 
path for the radio signals. 

You can always attach a wire to a cold water pipe, 
but the best ground remains a copper plated rod 
pounded into the ground. 

Home Depot sells these rods for grounding 
electrical systems. 

If installed near a water tap, the ground can be 
kept moist and conductive. 


Tuner 
-Antenna Tuner 


e To extract the most power, you 
need to match the resistance of 
the load (detector and earphone) 
to the impedance of the source 
(antenna) 


e The function of the tuner is to 
match the radiation resistance of 

= = the antenna to the impedance of 

Series Parallel Tuggle the detector, and to provide 


(Series / o 
Parallel) selectivity. 


Tuner 
-Loose Coupler 


e The loose coupler is simply 
two coils (each generally 
resonated with a capacitor) 
lightly coupled to each other. 


e One coil 1s connected to the 
antenna, the other 1s 
connected to the detector. 
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¢ Even cheap capacitors tend to 
/ a be quite good, but high Q 
inductor fabrication is an 


“art 
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Loose Coupler 


Loose Coupler Response, Different Coupling Coefs 
| Critical Coupling 
Over-coupled:Too broad 


Under-coupled: poor 
energy transfer 


FT Ti 
a 


ff fil \\\ \ SN 
Poe YZ S/T \VN NSN 


Response, dB 


094 0.96 0.98 1 102 1.04 1.06 
Frequency, MHz 


Simulation of 1000pF, 1.0 ohm antenna, 100uH primary coil and ~330pF cap, 
coupled to a 100uH secondary coil, 250pF cap, 100k load. 
e There is an optimum amount of coupling between the coils. 


(=1/Q). This is VERY LIGHT coupling. Under 1% of the 
magnetic field is coupled. 
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Q = Frequency 
~ Bandwidth 


Station 
Frequency 
(kHz) 


Assume Q=160 


Station Audio 
Frequency | Bandwidth 
(kHz) (kHz) 


— E 


\ Coil‘ ‘Q” = Quality 


For a tuned circuit “Q” is the ratio of 
the center frequency to the bandwidth. 


For a coil, it 1s the ratio of energy lost 
to energy stored. 


Q 1s very difficult to accurately 
measure. 


You can never have too much Q! 


The inductor is usually the part with 
the poorest “Q”, so a lot of creative 
energy 1s invested into optimum 
devices. 


Coil Types 


e The highest “Q” coils 
seem to be air core. 


e Many different variations 
— Spider web, 
— Basket weave 
— Honey Comb 
e All attempt to reduce 
Capacitance and current 
crowding to increase Q 
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Coil Winding Jig 


Drinking straws fit 
over 14” dowels. 


Comb helps space 
wires 


Litz Wire 


e Best wire for high “Q” coils is Litz wire. 
het | e Litz is derived from the German word “Litzendraht” 
y meaning woven wire. 
e Consists of many strands of parallel connected, individually 
insulated wire woven together in a regular pattern. 


Outer 
insulation of 


e Each wire alternates between the middle and the outside of 
the bundle. 

e Each wire forced to carry about the same current, 
minimizing skin effect (the tendency for current to flow 
along the outside surface of a wire), and loss. 


wwwnewenglandwirecon = © The holy grail of litz wire is made up of 420 to 660 
individual strands of 46 AWG wire all twisted together to 
make a 16-18 AWG wire. 

e One comparison: A basket wound coil with solid copper 
wire (~200uH) has a Q of 230 at 1MHz. With Litz wire, it 
has a Q of over 500! 


-E 


1N34A 


Detector 


In my experience, nothing beats a good IN34A germanium 
diode. (Still widely available) 


Germanium is good because its barrier height (turn-on voltage) 1s 
lower than silicon, and a germanium diode 1s truly a point- 
contact diode (Schottky, not P-N diode), so has low charge 
storage (and therefore fast switching times). 
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Specified with very low capacitance, less than 1.OpF. 
Main complaint about 1N34A diodes is that they tend to have 
high and highly variable leakage. 


Best solution is to try several, doing A B comparisons and select 
the best germanium diode in your drawer . 


ole 


Description 


5%4''x3"'x1%" Chassis; LMB #139 
UG-1094 BNC Bulkhead Connector 
.001 uF feedthrough cap; Erie 
#327-005-X5U0-102M 

3/8"x3/4" "L" bracket; Calectro 
#J4-641 (2 brackets in package) 

Heat sink, 3"x4.75'"x0.46" Inter- 
national Rectifier HE330-C or 
Wakefield 623-K 

Heat sink compound; Archer 276-1372 
Y" #8 screws, nuts and lockwashers 
(to mount heat sink to chassis; also 

for and lug) 

%4" #6 screws, nuts and lockwashers 
(to mount MHW-710 with “L” brackets 
to chassis) 

#8 hole terminal lug; Waldom #KT-198 
#8 nut (to secure ground lug soldered to 
relay) 

w" #4 screws, nuts and lockwashers (to 
attach PC board to "L" bracket) 
RG-188 cable 

Amplifier PC board; cut, etched and 
drilled 


Table 6-9. ATV 10 Watt Amplifier Parts List. 


Unit Total 

Qty Cost Cost 
1 $2.00 
3 $ .85 2.55 
1 1.62 
2 49 
1 2.72 
1 .89 
5 

2 

3 

1 

2 

18" 3.00 
1 Ppd 


Source of Supply 


Electronic Supply Store 
Electronic Supply Store 


Electronic Supply Store 
Electronic Supply Store 
Electronic Supply Store 


Radio Shack 


Hardware Store 


Hardware Store 
Hardware Store 


Hardware Store 


Hardware Store 
Cable 4 PC Brd both 
from Stu Mitchell 
WAQ@DYJ, 14761 
Dodson, Woodbridge 
VA 22193 


Detector Impedance 


Detectors are most efficient when driven with high 
voltages. 

— Detectors are “square law” devices (at low power), output voltage 

is proportional to square of input voltage. 

Since we have a fixed amount of input power, we need to 
increase voltage and decrease current applied to the 
detector (Power=V oltage x Current); in other words 
increase the detector impedance. 


At detector input: use a loose coupler. 


At detector output: use a 100kohm microphone 
transformer to match into the headphones. 


Germanium Diodes 


N 


l 
ite 


Dr o et 


af 


Detectors: I-V Curves 


Diode I-V Curve 
— 1N914 


—— 1N34A_Act 
—— 1N34A_ITT 
—— 1N34A_ITT 
— UHF 


— 1N60 
———-HP Sch 1 
HP Sch 2 


0 0.1 02 03 04 0.5 0.6 0.7 08 0.9 1 


Forward Bias 


Current, Amps 


Detectors: I-V Curves 


0.1 — 1N914 
0.01 — 1N34A_Act 
0.001 — 1N34A_ITT 
0.0001 — 1N34A_ITT 
0.00001 yur 
0.000001 —_— {N60 
0.0000001 HP Sch 1 


0.00000001 
0.000000001 


HP Sch 2 


-1.5 -1 -0.5 0 0.5 1 
Diode Voltage 


Mineral Detectors 


Lead Sulfide, PbS (Galena), Iron Pyrite, Zincite, and other 
minerals have been used to make detectors (surprisingly good). 


Mounted on copper Embedded into 
with silver epoxy solder 


| za 


Commercia 


mounted Galna 


x 


Galena Chunks 


Galena Detector 


| », Y y AS 
he 4 ON X- Y-Z manipulator 


Ne 


Galena mounted in solder 


Audio Transducer 


¢ Best transducers (headphones) for crystal 
radio operation are “Sound Powered” 
headphones or “Deck Talkers”. 


* Developed in WWII for the navy to 
allow communications between the 
observers and gunners without the need 
for external power source. 


e So sensitive that the pressure of the 

YY talkers voice in the microphone is 

ww crystarad.ne sufficient to drive the headphones of the 
listener. 


Audio Transducer 


e An elaborate mechanism 
balanced armature system) give 
the sound powered headphones 
their sensitivity. 

¢ Impedance typically around 1000 
ohms, much too low for direct 
use in acrystal set. An 
impedance matching transformer 
is essential. 


ee | e Microphone transformers are 
excellent choices for matching 
the impedance of the diode to the 
headphones. 


Basket would 


1000pF y 
Ground 


1000pF 


secondary: 22 
turns, 4.5" 
diameter, 
basket-would 


100k 


Final Results 


Litz wire basket wound with 
taps for experimentation. 


Series antenna tuner above 
650kHz. Below 650kHz, 
capacitor has to be placed in 
parallel with the inductor 


Ceramic insulated variable 
capacitors for maximum Q 


R-C allows DC to build up, 
reduces detector loading and 
reduces distortion on local 
stations. 


Clear Channel Stations 
Most of the distant stations we receive are 50,000 Watt 
“clear channel” stations. 
A clear channel station 1s a high power American station 
that shares 1ts frequency with very few other stations 
The realization that a station nearly 1000 miles away can be 
heard in a completely passive crystal radio 1s amazing 
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MHW-710-1 or -2 Power Amplifier 
Module, Motorola. The 710-1 covers 
400-440 MHz; the 710-2 covers 440-480 
MHz. Either device will give equivalent 
performance in the 435-450 portion of 
the band. 


#20 stranded wire, insulated 

Stick-on lettering kit 

DPDT relay, 12 V de; Archer #275-206 
Copper foil, Circuit-stick #9252 


2% turn ferrite choke; Ferroxcube VK 200- 


20/4B 


500 uF, 35 V dc, Axial #272-1018 

.05 disc, #272-134 

33 uF, 35 V dc, PC Type, Lead aluminum 
4.7 pF (or 5 pF), #272-120 

270 Ohms, Y Watt, 10% 

10 Ohms, % Watt, 10% 

15 V zener, 1N4744 


=i = 


1 
1 
1 
3 
1 
1 


1 


42.50 


51 1.02 


40 


A 13.8 V de power supply with a rating of 4 Amps continuous is required. 


Call local Motorola 
sales office for source 
Electronic Supply Store 
Stationery Store 

Radio Shack 

Electronic Supply Store 


Eastern Components 
1407 Bethlehem Pk. 
Flourtown PA 19031 
$10 min. order 

Radio Shack 

Radio Shack 

Lafayette; Elec. Supply 
Radio Shack ` 
Electronic Supply Store 
Electronic Supply Store 
Electronic Supply Store 


Clear Channel Stations 


DH CITIES WITH CLEAR CHANNEL 
AM RADIO 


LA = 1 
@ OTHER 50000 WATT AM STATIONS 5 7 - Y 


A è 
Click a city for info on it's 50000 watt nighttime AM radio. 


e http://www.fortunecity.com/tinpan/bluenote/7/06/namrp/amradio.htm#anchor3 


640 CFYI, Toronto 

660 WFAN, New York City 
680 CFTR, Toronto 

690, Montreal 

700 WLW, Cincinati 

720 WGN, Chicago 

740, Toronto 

760 WJR, Detroit 

770 WABC, New York City 
780 WBBM, Chicago 

800 CJAD, Montreal 

810 WGY, Schenectady 
840 WHAS, Louisville 

880 WCBS, New York City 
920 WHJJ, Providence 

940 CINW, Montreal 

990 The Team, Montreal 
1000 WMVP, Chicago 
1010 CFRB, Toronto 

1020 KDKA Pittsburgh 
1030 WBZ, Boston 

1060 KYW, Philadelphia 
1080 WTIC, Hartford 

1500 WTOP Washington 
1520 WWKB, Buffalo 


1560 WQEW, New York Citiy 


Stations Logged 


Top Performers 


e Mike Tuggle of Hawaii is 
one of the top builders of 
crystal sets. 


e His set, the Lyonodyne-17 
has heard stations in Cuba 
from his home location in 
Hawaii! 

e There are lots of web 
resources available. This 
presentation describes my 

www.crystalradio.net efforts. 
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e Crystal sets appear to 
be simple, but attention 
must be paid to all the 
details. 


e If you truly understand 
a crystal radio, you 
have a good foundation 
to RF engineering in 
general. 
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3/19/2018 Homebrew 1920s Crystal Set 


Homebrew Galena Crystal Set 


Enjoying a 1920's radio experience 


Ever since my youth, I have been attracted to crystal radios I had seen pictured in old books. There 1s a special 
appeal about a device, however primitive, that can pull in radio voices and music through the air from many 
miles away without batteries or electrical power of any kind, just an antenna and a ground. 


That explains my immediate attraction to this little homebrew crystal radio with galena detector found at a swap 
meet. It was built into a deep cigar box using a heavy paper roll as a coil form. The coil form measures 4 1/4 
inches long with 3 3/4 inches outside diameter. The coil itself consists of 99 turns of solid double-cotton covered 
wire tapped every 9 turns. Those taps are fed to ten smooth-head screws that make up the tap selector switch 


contacts. 
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Repairs 

As with all older electronics, the first repair 1s a good cleaning, making sure the solder joints are in good shape, 
and applying a bit of deoxit to all moving electrical contacts, in this case the ten-position tap switch and the 
crystal holder. 

The top of the cigar box had been removed and apparently lost over the years. The cover had been fastened with 
a small nail which was still on the box. I made a top cover from another old cigar box lid. 

The galena crystal was potted in Wood's metal that had separated into two pieces. Quick work with a soldering 
iron solved that problem. I cleaned the galena surface with rubbing alcohol as recommended in older articles. I 
then measured forward and back resistance ratios of the galena-and-cats-whisker diode. While there is a 
signifcant difference between forward and back resistance readings on an ohmmeter, the ratio was nowhere close 
to that of a modern germanium diode, thus limiting the efficiency of the crystal. 


A 1920s experience 

I hooked up the set to my 80 meter dipole antenna and listened to the two local AM stations with adequate 
volume using my equally old but very efficient Baldwin headphones. I could find sweet spots with the "cat's 
whisker" on the galena crystal that worked reasonably well. However, connecting a 1IN34A germanium diode in 
series with the headphone lead to the galena crystal made a major difference. I could see why the introduction of 
fixed germanium diodes quickly ended the era of the galena and cat's whisker detector. 


Crystal set schematic showing similar set with 7 position switch and coil taps 


(Source: The Radio Amateur's Hand Book by A. Frederick Collins, 1923) 
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The ten-position tap switch enabled good separation in tuning of the two local stations which are 370 KHz apart. 
At night I was able to also comfortably listen to a some distant stations with strong signals. 

I also tried a very long wire antenna but found the volume to be about the same as with the 80 meter dipole. 
Living the experience of a 1920s listener was the fun part. My hat is off in tribute to the quality work of the 
unknown builder of this very nice little set. 


Information sources 


The internet has lots of good sources on building crystal radios with modern parts. Here are a few: 
"Build A Crystal Radio" from The Stay Tuned Website 
"Simple Crystal Radio" from techlib.com 


1 


"Building a crystal radio out of household items" from scitovs 
"Quaker Oat Box Radio Project" from The Xtal Set Societ 


8-24-10; 


An Altec Lansing A-324A Amplifier was the previous item on the bench. 


Go back to the BA Pix Homepage. 
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Poor Man's Electronics Web Page 


Random Wire 
Antenna Project 


Back to main page 
How to build it 


How it works 


Computer program 
Homebrew arrestor 


Random Wire Antenna 
Homebrew lightning arrestor: 


How to 
make it 


Pill bottle 
Drill a 


hole in 
the 
bottom 
and in 
the lid 
to receiver of a 2- 
Use 2 screws, file to a point, 1/2" 

= double nut as shown, and adjust 


gap to about 1/4" long by 
1-1/4" 


dia. pill 
bottle. 
File the 
ends of 
two 3" 
#20 


L 
A 
AS 
arrestor made from pill bottle 
«$ 
e”. 


machine bolts into a sharp point. Then lock them in place on each 
end of the pill box with double nuts. Adjust the gap to about 1/4". 


Strip about 3/4" of #14 copper stranded wire and loop it under the 
outside nut. Do this on both ends. The wires should connect to 
the antenna lead-in on one side and the ground lead wire on the 
other side. 


Seal around the lid and connections with clear silicone caulking to 
make the unit water tight. 


How it works 


http://myplace.frontier.com/-bwalker1945/LongWire4.html 
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Electrical field intensity is a function of the amount of voltage 
divided by the surface area over which it acts. The diameter of 
the tip of the screws when filed down is quite small, so the 
surface area is quite small. Since field intensity is greater for a 
smaller area, it will take a relatively small voltage to raise the field 
intensity inside the pill bottle to the point where the air across the 
gap will ionize. 


Once the air has ionized, it becomes a conductor; that is, a short 
circuit, and will bypass the static charges to ground. 


Copyright © 2007 - Prof. W.S. Walker, West Virginia State University - All Rights Reserved. 


+ Contact me 
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How to Build a Crystal Set 


Home 


Crookes Radiometer | Stormglass | Crystal Set | Theremin | Rum | Guitar | Contact | Links 


Crystal Set 


Many years ago | purchased a crystal set kit from Orpheus Radio in Ballarat. The design of the set was based 
on a 1920's naval radio and featured high-Q spider-web inductors, a variometer, mica capacitors and a rotary 
inductance selector switch. It is one of the best DX crystal sets | have ever owned. The selectivity and 
sensitivity are excellent and with this set | have been able to receive many stations from around Australia and 
south-east Asia. Unfortunately, Orpheus Radio doesn't seem to exist any more so for the crystal set 
enthusiast wanting to build this excellent radio apparatus, here is a description of that set. For the purist, the 
germanium diode can be replaced with a cat's whisker detector to produce a totally authentic piece. 


Headphones 

Before the construction of a crystal set is contemplated, a pair of high quality high-impedance headphones 
should be obtained. The performance of the crystal set is highly dependant upon the quality of the phones. lt 
is possible (and | have done so) to modify a set of standard 600 ohm headphones to produce an excellent pair 
of high-impedance phones. The modifications include complete disassembly of the phones and tediously re- 
winding the coils. This is not a job for the feint-hearted but if your sense of adventure extends this far then 
the results can be very satisfying. 
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Fig. 6-54. 10 watt amplifier schematic. K1 is Archer (Radio Shack) #275- 


206 relay. L1 is Ferroxcube. VK200-20/4B. 


heat sink on outside. Place PC board mounting brackets on module. 
Position brackets, module and heat sink so that all holes line up. 
Bolt all together with two #6-32 screws, lockwashers and nuts. 

5. Using four #8 screws, lockwashers and nuts, bolt the 
corners of the heat sink to the chassis. 

6. Solder all seven pins of the module to the PC board (pin 
numbers shown in Fig. 6-58). 

7. Mount 3 BNC connectors, feedthrough capacitor and 
ground lugs to chassis. As shown in Fig. 6-60, also secure a #8 
terminal lug to one of the screws holding the heat sink to the 
chassis. This is the relay ground lug. 


i 
Ps | 


AT SINK MOUNTS 
ia ERE 


Fig. 6-55. ATV 10 watt amplifier chassis drill guide. Notes: All dimensions 
are ininches. All measurements are from outside edge of chassis. Chassis 
is LMB #139. Guide is not drawn to scale. 
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A sketch showing the layout of the crystal set 


L3-80t tapped every 8 turns 


Li- BBt 
Le-14t 
TROD UYaduUoL 
435pF = 
Aerial 1 € = 
Aerial 2 al 


Earth 


Schematic of the crystal set 


Circuit Description 


The crystal set incorporates an aerial tuning circuit that is quite separate from the main tuning. Altering the 
aerial switch selects an appropriate tap on L1 to bring the aerial circuit in to tune. The 435pF aerial capacitor 
C1 will enable the circuit to tune a long aerial. In some cases, it may necessary to reduce the value of this 


capacitor to enable a very long aerial to be brought into tune. 


Following the aerial circuit is the variometer coil L2, used to control the amount of RF coupling to the main 
tuned circuit. As L2 is pivoted away from the tuning coil L3, the amount of interaction (or mutual inductance) 
between these coils is reduced. In this way the amount of energy drawn from the aerial circuit is minimized, 


maintaining sharp tuning of the set. 


The main tuning circuit consists of L3 and the tuning capacitor C2. This circuit is energised via the 


http://www.strangeapparatus.com/Crystal_ Set.html 


a Santih ha 


High-Z Phones 


2/8 


3/23/2018 How to Build a Crystal Set 


aforementioned variometer and some of its energy is drawn off to feed the detector circuit consisting of D1 
and C3. As with the aerial circuit, it is important that the energy drawn from the tuned circuit is minimised. 
This is achieved by the tap selection on L3. For a given detector arrangement, an optimum tap is selected 
using the flying lead and alligator clip. 


Construction 

The coils are wound in the spider-web style and due to the low inter-winding capacitance of this winding 
arrangement, a coil of very high Q results. The details of the former and winding format are illustrated in the 
following sketches. 


p—- 33 de — x 
‘ein 
H 
a EE 
Al: 
$ Tis 
ah, 


Coil winding details - aerial loading coil (L1) and tuning coil (L3) - 80 turns of 26g B&S enamelled wire 
with a tap every 8 turns. variometer coil (L2) - 14 turns 


http://www.strangeapparatus.com/Crystal_ Set.html 
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Rear view of the crystal set 


Aerial coil taps 

The coupling coil (variometer) is pivoted at its mounting bracket to allow the amount of RF coupling to be 
adjusted by the operator. For best selectivity, it should be adjusted for the least amount of coupling possible. 
Increased coupling will provide increased volume but the selectivity of the set will deteriorate markedly. 


bade fiad Doe a 
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Aerial coil taps 


Operation 

The set requires a substantial aerial and earth system for best performance. It can be a little tricky to operate 
as several separate tuning operations are required. One operation selects the appropriate station by turning 
the tuning knob and the other tunes the aerial circuit by adjusting the aerial taps. Additionally, the variometer 
and detector tap will need to be adjusted and the correct aerial terminal selected (terminal 1 for short aerials 
and 2 for long ones). All of this makes for an interesting and challenging pastime. A log book is useful for 
recording the various adjustments so that an interesting station can be revisited at a later date. 
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The variometer set for minimum and maximum coupling 


To operate the set, connect the aerial and earth, plug in the high-impedance headphones, set the aerial tap to 
O and set the variometer for maximum coupling. It should now be possible to find a station using the tuning 
control (C2). Once a station is found, reduce the variometer coupling as much as possible while still hearing 
the station. Now adjust the aerial tap to find a peak. When this is found it should be possible to further 


reduce the variometer coupling and re-tune for best signal. The detector circuit tap should be set as low as 
possible to provide the best selectivity of the set. 
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40133130 


Detector set to tap no. 7 


With careful operation of the controls it should be possible to select even quite weak stations from amongst 
the stronger signals. With a skilled operator, the performance of this crystal radio is quite remarkable. 


A Variation on the Design 


When cleaning out my shed the other day I came across a set that I had constructed many years ago. It 
is a variation on the Orpheus design with a small beehive trimmer capacitor used to control the coupling 


between the tuned circuits in place of the variometer. Also, a different approach to the coil winding design 
is Used. 
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Rear View 
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The small trimmer capacitor is used to ‘couple the uned circuits. Like the design using a variometer, it is 
adjusted to optimise the trade-off between sensitivity and selectivity. 
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How to make a batteryless (crystal set) radio 


july 21, 2012 


CRYSTAL SET 


The simplest radio receiver, known as a Crystal Set, consists of nothing more than a coil, 
tuning capacitor, diode detector, and a pair of earphones. A typical circuit diagram for a 
Crystal Set Radio is given below where inductor or coil L1 is tuned by variable 

capacitor VC1 to the transmitter frequency. Diode D1 demodulates the signal, which is 


fed straight to the earphones. There is no amplification. 


LONG WIRE AGRIAL: AT LEAST 
20 METRES [00 FT] OF WIRE 
LOCATED 7 METRES (20 FT) 
ABOVE THE GROUND 


O 


TO CRYSTAL 
EARPIECE 


ER 
ot 
= 
nin 


RX ak?. ONLY RECGUBRED 
IF SET CONNECTED TO 
HEADPHONE AMPLIFIER 


| EFFECTIVE EARTH 


om EEE TEXT) 
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CLICK HERE FOR BIGGER PHOTO 


* You can use 1N34 Germanium diode in place of OA47 


A long (at least 20 metres), high (17 metres or more) aerial and a good earth (a buried 
biscuit tin or a metre of copper pipe driven into damp ground) are required in order to 
ensure audible headphone reception. The earphones originally used with these receivers 
had an impedance of around 4000 ohms and were very sensitive (and heavy and 
uncomfortable). They are no longer available, but a crystal earpiece, which relies on the 


piezoelectric effect, will give acceptable results. 


Low impedance ”Walkman” type earphones are NOT suitable. 


Component details: 


Resistor- RX-4.7k, 0.25 W- only required if set is connect to audio amplifier 


Capacitors- C1- 10nF disc ceramic VC1- 5p to 140p, polythene dielectric variable 


capacitor. 


Semiconductors: D1: OA47 or 1N34- Germanium Diode 


Miscellaneous: L1- Ferrite Rod, 100mm(4 inch)x9mm/10mm dia., with coil. 


Crystal earpiece and jack socket to suit; plastic control knob; plastic insulated flexible 
cable for aerial wire, downlead and earth connection, 30 meters minimum; buried biscuit 
tin or 1 meter of copper pipe for earth system; 50gm reel of 26SWG enamelled copper 
wire, for tuning coil; card and glue for coil former; multistrand connecting wire; crocodile 


clips or terminals for aerial and earth lead connection; solder, etc. 
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READ MY EXPERIENCES- HOW EASILY | MADE A BATTERYLESS RADIO 


DRAWBACKS 


Quite apart from the absence of amplification, two factors seriously limit the performance 
of crystal receivers. Germanium diodes become increasingly reluctant to conduct as the 

applied voltage falls below 0.2V, and this makes the receiver insensitive to weak signals. 
Silicon diodes have a threshold of around 0.6V, and are, therefore, unsuitable for circuits 
of this kind. 


* Silicon diodes like 1N4007 are not suitable 


The earphone loading imposes heavy damping on the tuned circuit, hence, reduces 

Its ability to separate signals. With such low selectivity insensitivity can be a blessing, and 
crystal sets are normally only capable of receiving a single, strong transmission on the 
long and medium wavebands. They will sometimes receive more than one if a shortwave 


coil is fitted. 


The aerial and diode can be connected to tappings on the tuning coil in order to reduce 
damping, but the improvement in selectivity is usually at the expense of audio 

output. When valves cost a week’s wages and had to be powered by large dry 
batteries and lead/acid accumulators, the construction of simple receivers of this kind 
could be justified. With high performance transistors now costing only a few pence 
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or cents, crystal sets are now regarded as ‘nostalgic pieces”. Some readers may, 
however, wish to build one out of curiosity, or for the novelty of having a receiver that 


does not require a power supply. 


CIRCUIT DETAILS 


Ferrite loop aerial L1 and polythene dielectric variable capacitor VC1 form the tuned 
circuit. Point contact germanium diode D1 (1N34 or OA47) demodulates the signal; 
capacitor C1 bypasses residual r.f. (radio frequency) to earth and also exhibits a 
reservoir action, enabling the a.f. (audio frequency) output to approach its peak value. 
The recovered audio signal is fed directly to a crystal earpiece. Signal voltages 
introduced in the ferrite loop aerial by the radiated magnetic field are much too much to 
produce an output from the detector, and the component Is used here simply as a tuning 
coil. The ferrite core does, however, reduce the number of turns required for the coil 
winding, thereby reducing its resistance and increasing its audio quality. 
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Fig. 6-56. Heat sink drill guide. Heat sink is International Rectifier HE330-C 
or Wakefield 623-K. 

8. Run twisted #20 wires from the feedthrough capacitor and 
ground lug (next to feedthrough) to + and GND on the PC board 
respectively. Solder a 500 aF electrolytic capacitor across the 
feedthrough and ground lug. 

9. Completely cover the transparent plastic sides and end of 
the relay with copper foil. Also run a .2” strip of foil across the 
bottom of the relay (where the contacts are). The relay socket 1s 
not used. Solder all copper foil pieces together to insure a good 
shield. 

10. Position the relay as shown in Fig. 6-60. Terminals A and 
B will be up. Solder the #8 terminal to the copper foil at the end of 
the relay opposite from the contacts. This will partially secure the 
relay in place while also grounding the relay's shield. 

11. Solder wire from the ground terminal to terminal #4 of the 
relay. Solder a wire from the feedthrough capacitor (+V dc) to 
terminal #1 of the relay. 

12. Prepare four RG-188 cables as shown in Fig. 6-61. 

13. Connect the 3” cable from the “IN” BNC to “IN” on the PC 
board (module pin 7). Solder the cable shield directly to the 
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COIL DETAILS 


Full construction and winding details for the ferrite tuning/ aerial coil L1 are shown in 


figure. 


The coil is made from 26 SWG(25 AWG) enamelled copper wire, close wound on a 
cardboard former. 
100 TURNS OF 265 WG (25A/WG) 


EMAMELLED COPPER WIRE. 
CLOSE WOUND 


ámm (Ven) 


CHAMETER x ENDS OF WINDING 

Timm (din) SECURED BY 

FERRITE ROO NARROW STRIPS OF 
MASKING TAPE 


THIN CARD ROLLED AROUND ROU TO 
MAKE A FORMER 60mm (2/21) LONG BY 
13mm (Uan) DIAMETER. APPLY GLUE TO 
CARD WHILST ROLLING 


The r.f. bypass capacitor C1 can in practice, be omitted with no noticeable reduction in 
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performance. However, if the set is to be connected to either the headphone amplifier or 
speaker amplifier decribed next month, the component together with diode, load resistor, 
RX, must be included. 


AMPLIFICATION Audio frequency amplification, after the diode detector will permit the 
use of low impedance Walkman type earphones or even loud speaker operation. It will do 
nothing, however, to overcome the diode's insensitivity to weak signals. For this we must 
have radio frequency amplification of the signals picked up by the aerial before they 
reach the detector(The standard circuit for a transistor portable receiver has three stages 


of radio frequency amplification ahead of the diode). 


For amplification, you can use a simple audio amplifier using LM386. 


READ MY EXPERIENCES ON MAKING A BATTERYLESS RADIO 


WATCH THESE VIDEOS: 


BuildCircuit proudly recommends EasyEDA for circuit and PCB design 


EasyEDA: A Powerful Free Circuit, Simulation & PCB Design Tool 


Register now to use it for free. No Need to download. Lots of resources and Step by step tutorials 
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HAND SOLDERING TUTORIAL FOR FINE PITCH QFP DEVICES 


Scope 


This document is intended to help designers create 
their initial prototype systems using Silicon Lab's 
TQFP and LQFP devices where surface mount 
assembly equipment is not readily available. This 
application note assumes that the reader has at least 
basic hand soldering skills for through-hole solder- 
ing. The example presented will be the removal, 
cleanup and replacement of a TQFP with 48 leads 
and 0.5 mm lead pitch. 


Safety 


Work should be done in a well-ventilated area. Pro- 
longed exposure to solder fumes and solvents can 
be hazardous. There should be no presence of 
sparks or flames when solvents are in use. 


Materials 


The right materials are key to a good solder job. 
The list below are the recommendations from Sili- 
con Labs. Other materials may work, so the user 
should feel free to substitute and experiment. The 
use of organic solder is highly recommended. 


Required 
1. Wire wrap wire (30 gauge) * 


2. Wire strippers for wire wrap wire * 


3. Soldering station - variable temperature, ESD- 
safe. Should support temperatures 800°F 
(425°C). This example uses a Weller model 
EC1201A. The soldering wand should have a 
fine tip no more than 1 mm wide. 


4. Solder - 10/18 organic core; 0.2" (0.5 mm) 
diameter 


Rev. 1.1 12/03 


Copyright © 2003 by Silicon Laboratories 


5. Solder flux - liquid type in dispenser 

6. Solder wick - size C 0.075" (1.9 mm) 

7. Magnifier - 4X minimum. An inexpensive 
headset OptiVISOR by Donegan Optical Co. is 


used for this example. 


8. ESD mat or tabletop and ESD wrist strap - both 
grounded 


9. Tweezers with pointed (not flat) tips 

10. Isopropyl Alcohol 

11. Small stiff bristle brush for cleaning (nylon or 
other non-metallic material). Cut off hair to 


approximately 0.25" (6 mm) 


* Required for device removal only. 


Optional 


1. Board vise to hold printed circuit board 
2. Dental pick (90 degree bend) 


3. Compressed dry air or nitrogen to dry boards 


AN114 
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4. Optical inspection stereo microscope 30-40X 


Figure 1. Some of the materials to get started... 


Figure 2. clock-wise from left: 4X magnifying headset, solder wick, 
wire wrap wire, stiff cleaning brush, wire strippers, 
and pointed tweezers 
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Figure 3. Solder wick and 


Figure 3. Isopropyl Alcohol 
wire wrap wire 


Weller 
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Figure 4. ESD safe soldering station with fine tip wand. 
This one is Weller model EC1201A 


Figure 5. Optional equipment includes a PCB vise and 
an inspection microscope 7-40X 
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Procedure If you are soldering parts to a new printed circuit 
board, skip part A and refer to the new board 

The following procedures cover the replacement of cleanup section in part B. 

a TQFP 48 pin device with 0.5 mm lead pitch. The 

lead shape is the standard gullwing associated with A. Part Removal 

JEDEC standard QFPs. This procedure section is 


divided into three parts: Preparation: 

A. Part Removal e Board with IC to be removed is mounted in a 
holder or vise. A PCB holder/vise is optional 

B. Board Cleanup but it is required that the PCB is held steady for 
the part removal. 

C. Soldering a new device. e The soldering station is warmed up to 800°F 


(422°C) and the solder tip is clean. 
e ESD precautions have been taken. 


Figure 6. Ready to get started 


Begin by wetting all the leads with flux to enhance 
the initial solder wicking cleanup. Wick up solder 
as much as possible from the QFP leads. Be careful 
not to scorch the PCB board with prolonged solder 
heat. 


® 
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Next, strip off approximately 3 inches of insulation from a piece of the 30 gauge wire wrap wire. Cut the 
wire at a comfortable 12 inch length or so. 
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Feed the wire behind and under the leads on one side of the IC as shown in Figure 9. 
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Figure 9. Wire with one side anchored to nearby component 


Solder tack (anchor) one end of the 3 inch wire to a nearby via or component on the PCB. The anchor 
point should be in a location similar to that should in Figure 10. 
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Dispense a small amount of liquid flux across the leads. 
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Fig. 6-58. 10 watt ATV amplifier PC board, foil side. All dimensions in 
inches. Board is glass. 


grounded portion on the BNC connector. The other shield is 
inserted in the hole provided on the PC board and soldered to the 
foil. All shield lengths must be as short as possible. 

14. Solder the Y” long center conductors and shields of the 
two 4” long cables to BNCs “A” and “R.” Also solder the Y” long 
center conductor and shield of the 6%” cable to “OUT” on the PC 
board (module pin 1). Again keep shield lengths as short as possi- 
ble. 

15. Solder the 114” long center conductor of the cable from the 
PC board to terminal A of the relay. Solder the shield to the relay’s 


Fig. 6-59, PC board, probes shown. 
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Hold the loose (non-anchored) end of the wire with tweezers in close proximity to the device as shown in 
Figure 11. 
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Figure 11. Side 2 anchored and ready for solder heat 


You will now need to simultaneously apply solder heat and pull the wire away from the QFP, pulling at a 
slight upward angle from the board surface. Apply solder heat beginning at the lead closest to your twee- 
zers. As the solder melts, gently pull the wire away from the QFP while continuing to move the solder 
heat from pin to pin to the right. You should not pull very hard. Pull as the solder melts. Do not leave the 
solder heat on any lead for more than necessary. The first lead will take the longest to heat, and after the 
wire gets hot, solder on the other leads will melt quickly. Excessive heat will damage the IC device and 
the PCB pad. The removal of 12 pins from a 48TQFP should take about 5 seconds total. Signs of exces- 
sive heat are: 


e Melted plastic on the IC device 
e PCB pads that lift off 
¢ Brown scorch marks on the PCB 


With one side of the QFP completed, repeat the same procedure on the other three sides of the QFP. Cut 
off the dirty part of the wire wrap wire or use a new piece for each side. Dispense flux again for each side. 
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Note that in the following pictures, the old IC device is not being saved. There is slightly more heat being 
applied here than necessary to speed up the process. This result is some melted plastic and missing gull- 
wing leads. These are visible in the pictures that follow. If you are trying to save the IC being removed, 
then you must be very careful to apply as little heat as possible during the removal process such that the 
QFP leads remain intact in the plastic QFP body. This will require some experimentation with solder heat 
settings and timing. 
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Figure 14. Side 2 almost complete 
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Figure 16. Side 3 anchored and ready 
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Figure 19. QFP removal a second before completion 
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B. Board Cleanup 
New PCBs 


For mounting a device to a new PCB, the amount 
of cleanup should be minimal. On a new PCB, 
there should be no solder on the pads. Brushing 
the pads with isopropyl alcohol (Figure 33) and 
drying the board should be enough preparation to 
begin the mounting procedure. 


Reworked PCBs 


The following section is the cleanup sequence that 
follows the QFP removal in the previous section. 
After removing the device, the solder pads will 
need cleanup. The idea is to clean the pads so that 
they are flat and free or solder and flux. Solder 
wick the pads until they are flat and dull. A clean 
pad appearance should be a dull silver color. 


N 
Figure 20. Pads after QFP removal procedure 
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Figure 22. Repeat for all pads 


If any pads become loose from the PCB, use a dental pick or other pointed object to re-align the pad 
(Figure 23 and Figure 24). 
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Figure 24. Pad straightened out 
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B. Soldering a new QFP 
The pads on the PCB should be clean and free of any solder. 


Carefully place the new QFP device on the PCB using tweezers or another safe method. Make sure the 
part is not dropped as the leads can be easily damaged. 


Align the part over the pads using a small pick or similar tool to push the part. Get the alignment as accu- 
rate as you can. Also, make sure that the part is oriented correctly (pin 1 orientation). 
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Figure 26. QFP aligned 
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Adjust the soldering station temperature to 725°F (385°C). Put a small amount of solder on the tip of the 
solder iron. While holding down the aligned QFP with a pick or other pointed tool, add a small amount of 
solder flux to the corner leads in two opposite corners. While still holding the part down with the pick, 
solder down two opposite corner leads on the QFP. Do not worry about excess solder or shorts between 
adjacent leads at this time. The idea is to anchor down the aligned QFP with solder so it does not move. 
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Figure 27. Aligned QFP ready for solder anchoring 


Re-check the QFP alignment after soldering the corners. If necessary, make adjustments or remove and 
start over to get good QFP to PCB alignment. 
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Figure 28. Aligned QFP with corners soldered down 
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Now you are ready to solder all the leads. Add solder to the tip of the soldering iron. Dispense flux over 
all the leads to keep them wet. 


Touch the solder iron tip to the end of each QFP lead until the solder is seen running up the lead. Repeat 
for all the leads. Add small amounts of solder as needed to the soldering iron tip. Again, do not worry if 


you see some solder bridging as you will clean that up in the next step. 


When soldering, keep the soldering iron tip parallel with the pins being soldered to prevent excessive sol- 
der shorts. 


Figure 29. Keep iron tip parallel to pins being soldered 
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copper foil near the terminal thus creating a small loop. Solder a 4.7 
pF capacitor between the grounded shield and the terminal (see 
Fig. 6-62). Solder the cable from BNC “A” to relay terminal B in 
like manner. In the same way, solder the cable from BNC “R” to 
the relay terminal immediately below terminal A. Again all shield 
lengths should be as short as possible. Also keep loops as close as 
possible to their respective capacitors. 

16. Screw on bottom cover of chassis and label using stick-on 
lettering. 

17. The amplifier is now complete (see Fig. 6-63). 


Tune-Up With QRP Rig 


Connect a short length of RG-58 coax from the “OUT” connec- 
tor on the QRP transmitter to the “IN” connector of the amplifier. 
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Fig. 6-61. RG-188 cable preparation. 
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After soldering all the leads, wet all the leads with flux to enhance the solder wicking cleanup. Wick up 
solder where needed to eliminate any shorts/bridging. 
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Figure 31. Wicking Solder #2 
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Hand inspect the board using 4X magnification (or higher) for shorts or marginal solder joints. Solder 
joints should have a smooth melt transition between each device pin and the PCB. Rework any pins as 
needed 


After the inspection passes, it is time to clean the flux off the board. Dip the stiff bristle brush into alcohol 
and wipe in the direction of the leads. Use moderate, but not excessive pressure. Use liberal amounts of 
alcohol and brush well between the QFP leads until the flux disappears. 


Figure 33. Isopropyl Alcohol and stiff brush used for cleanup. 
Brush only in direction of leads 
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Dry the board with compressed dry air or nitrogen. If this is not available, let the board dry for 30 minutes 
or more to let the alcohol evaporate under the QFP. The QFP leads should look bright and there should be 


no flux residue. 


Figure 34. Clean and Pristine 


Re-inspect the board for workmanship. Rework any leads if needed. 


helps to inspect solder joint workmanship 
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The invention is directed to the method of utilizing the 
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unpaired electron spins in ferro magnetic and other 
materials as a source of magnetic fields for producing 
power without any electron flow as occurs in normal 
conductors, and to permanent magnet motors for utiliz- 
ing this method to produce a power source. In the prac- 
tice of the invention the unpaired electron spins occur- 
ring within permanent magnets are utilized to produce a 
motive power source solely through the superconduc- 
ting characteristics of a permanent magnet and the mag- 
netic flux created by the magnets are controlled and 
concentrated to orient the magnetic forces generated in 
such a manner to do useful continuous work, such as the 
displacement of a rotor with respect to a stator. The 
timing and orientation of magnetic forces at the rotor 
and stator components produced by permanent magnets 
to produce a motor is accomplished with the proper 
geometrical relationship of these components. 


28 Claims, 10 Drawing Figures 
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PERMANENT MAGNET MOTOR 
- FIELD OF THE INVENTION 


The invention pertains to the field of permanent mag- 
net motor devices solely using the magnetic fields cre- 
ated thereby to product motive power. 


BACKGROUND OF THE INVENTION 


Conventional electric motors employ magnetic 
forces to produce either rotative or linear motion. Elec- 
tric motors operate on the principle that when a con- 
ductor is located in a magnetic field which carries cur- 
rent a magnetic force is exerted upon it. 

Normaily, in a conventional electric motor, the rotor, 
or stator, or both, are so wired that magnetic fields 
created by electromagnetics may employ attraction, 
repulsion, or both types of magnetic forces, to impose a 
force upon the armature to cause rotation, or to cause 
the armature to be displaced in a linear path. Conven- 
tional electric motors may employ permanent magnets 
either in the armature or stator components, but in the 
art heretofore known the use of permanent magnets in 
either the stator or armature require the creation of an 
electromagnetic field to act upon the field produced by 
the permanent magnets, and switching means are em- 
ployed to control the energization of the electromag- 
nets and the orientation of the magnetic fields, to pro- 
duce the motive power. ` 

It is my belief that the full potential of magnetic 
forces existing in permanent magnets has not been rec- 
ognized or utilized because of incomplete information 
and theory with respect to the atomic motion occurring 
within a permanent magnet. It is my belief that a pres- 
ently unnamed atomic particle is associated with the 
electron movement of a superconducting electromagnet 
and the lossless current flow of Amperian currents in 
permanent magnets. The unpaired electron flow is simi- 
lar in both situations. This small particle is believed to 
be opposite in charge and to be located at right angles to 


the moving electron, and the particle would be very 


small as to penetrate all known elements, in their vari- 
ous states as well as their known compounds, unless 
they have unpaired electrons which capture these parti- 
cles as they endeavor to pass therethrough. 

Ferro electrons differ from those of most elements in 
that they are unpaired, and being unpaired they spin 
around the nucleus in such a way that they respond to 
magnetic fields as well as creating one themselves. If 
they were paired, their magnetic fields would cancel 
out. However, being unpaired they create a measurable 
magnetic field if their spins have been oriented in one 
direction. The spins are at right angles to their magnetic 
fields. 

In niobium superconductors at a critical state, the 
magnetic lines of force cease to be at right angles. This 
change must be due to establishing the required condi- 
tions for unpaired electronic spins instead of electron 
flow in the conductor, and the fact that very powerful 
electromagnets that can be formed with superconduc- 
tors illustrates the tremendous advantage of producing 
the magnetic field by unpaired electron spins rather 
than conventional electron flow. 

In a superconducting metal, wherein the electrical 
resistance becomes greater in the metal than the proton 
resistance, the flow turns to electron spins and the posi- 
tive particles flow parallel in the metal in the manner 
occurring in a permanent magnet where a powerful 
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flow of magnetic positive particles or magnetic flux 
causes the unpaired electrons to spin at right angles. 
Under cryogenic superconduction conditions the freez- 
ing of the crystals in place makes it possible for the spins 
to continue, and in a permanent magnet the grain orien- 
tation of the magnetized material results in the spins 
permitting them to continue and for the flux to flow 
parallel to the metal. 

In a superconductor, at first the electron is flowing 
and the positive particle is spinning; later, when critical, 
the reverse occurs, i.e., the electron is spinning and the 


"positive particle is flowing at right angles. These posi- 


tive particles will thread or work their way through the 
electron spins present in the metal. 

In a sense, a permanent magnet may be considered 
the only room temperature superconductor. It is a su- 
perconductor because the electron flow does not cease, 
and this electron flow can be made to do work because 
of the magnetic field it supplies. Previously, this source 
of power has not been used because it was not possible 
to modify the electron flow to accomplish the switching 
functions of the magnetic field. Such switching func- 
tions are common in a conventional electric motor 
where electrical current is employed to align the much 
greater electron current in the iron pole pieces and 
concentrate the magnetic field at the proper places to 
give the thrust necessary to move the motor armature. 
In a conventional electric motor, switching is accom- 
plished by the use of brushes, commutators, alternating 
current, or other known means. 

In order to accomplish the switching function in a 
permanent magnet motor, it is necessary to shield the 
magnetic leakage so that it will not appear as too great 
a loss factor at the wrong places. The best method to 
accomplish this is to use the superconductor of mag- 
netic flux and concentrate it to the place where it will be 
the most effective. Timing and switching can be 
achieved in a permanent magnet motor by concentrat- 
ing the flux and using the proper geometry of the motor 
rotor and stator to make most effective use of the mag- 
netic fields generated by the electron spins. By the 
proper combination of materials, geometry and mag- 
netic concentration, it is possible to achieve a mechani- 
cal advantage of high ratio, greater than 100 to 1, capa- 
ble of producing a continuous motive force. 

To my knowledge, previous work done with perma- 
nent magnets, and motive devices utilizing permanent 
magnets, have not achieved the result desired in the 
practice of the inventive concept, and it is with the 
proper combination of materials, geometry and mag- 
netic concentration that the presence of the magnetic 
spins within a permanent magnet may be utilized as a 
motive force. 


SUMMARY OF THE INVENTION 


It is an object of the invention to utilize the magnetic 
spinning phenomenon of unpaired electrons occurring 
in ferro magnetic material to produce the movement of 
a mass in a unidirectional manner as to permit a motor 
to be driven solely by magnetic forces as occurring 
within permanent magnets. In the practice of the inven- 
tive concepts, motors of either linear or rotative types 
may be produced. 

It is an object of the invention to provide the proper 
combination of materials, geometry and magnetic con- 
centration to utilize the force generated by unpaired 
electron spins existing in permanent magnets to power a 
motor. Whether the motor constitutes a linear embodi- 
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ment, or a rotary embodiment, in each instance the 
“stator” may consist of a plurality of permanent mag- 
nets fixed relative to each other in space relationship to 
define a track, linear in form in the linear embodiment, 
and circular in form in the rotary embodiment. An 
armature magnet is located in spaced relationship to 
such track defined by the stator magnets wherein an air 
gap exists therebetween. The length of the armature 
magnet is defined by poles of opposite polarity, and the 
length of the armature magnet is disposed relative to the 
track defined by the stator magnets in the direction of 
the path of movement of the armature magnet as dis- 
placed by the magnetic forces. 

The stator magnets are so mounted that poles of like 
polarity are disposed toward the armature magnet and 
as the armature magnet has poles which are both at- 
tracted to and repelled by the adjacent pole of the stator 
magnets, both attraction and repulsion forces act upon 
the armature magnet to produce the relative displace- 
ment between the armature and stator magnets. 

The continuing motive force producing displacement 
between the armature and stator magnets results from 
the relationship of the length of the armature magnet in 
the direction of its path of movement as related to the 
dimension of the stator magnets, and the spacing there- 
between, in the direction of the path of armature mag- 
net movement. This ratio of magnet and magnet spac- 
ings, and with an acceptable air gap spacing between 
the stator and armature magnets, will produce a resul- 
tant force upon the ármature magnet which displaces 
the armature magnet across the stator magnet along its 
path of movement. 

In the practice of the invention movement of the 
armature magnet relative to the stator magnets results 
from a combination of attraction and repulsion forces 
existing between the stator and armature magnets. By 
concentrating the magnetic fields of the stator and ar- 
mature magnets the motive force imposed upon the 
armature magnet is intensified, and in the disclosed 
embodiments such magnetic field concentration means 
are disclosed. 

The disclosed magnetic field concentrating means 
comprise a plate of high magnetic field permeability 
disposed adjacent one side of the stator magnets in sub- 
stantial engagement therewith. This high permeability 
material is thus disposed adjacent poles of like polarity 
of the stator magnets. The magnetic field of the arma- 
ture magnet may be concentrated and directionally 
oriented by bowing the armature magnet, and the mag- 
netic field may further be concentrated by shaping the 
pole ends of the armature magnet to concentrate the 
magnet field at a relatively limited surface at the arma- 
ture magnet pole ends. 

Preferably, a plurality of armature magnets are used 
which are staggered with respect to each other in the 
direction of armature magnet movement. Such an off- 
setting or staggering of the armature magnets distrib- 
utes the impulses of force imposed upon the armature 
magnets and results in a smoother application of forces 
to the armature magnet producing a smoother and more 
uniform movement of the armature component. 

In the rotary embodiment of the permanent magnet 
motor of the invention the stator magnets are arranged 
in a circle, and the armature magnets rotate about the 
stator magnets. Means are disclosed for producing rela- 
tive axial displacement between the stator and armature 
magnets to adjust the axial alignment thereof, and 
thereby regulate the magnitude of the magnetic forces 
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being imposed upon the armature magnets. In this man- 


ner the speed of rotation of the rotary embodiment may 
be regulated. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The aforementioned objects and advantages of the 
invention will be appreciated from the following de- 
scription and accompanying drawings wherein: 

FIG. 1 is a schematic view of electron flow in a su- 
perconductor indicating the unpaired electron spins, 

FIG. 2 is a cross-sectional view of a superconductor 
under a critical state illustrating the electron spins, 

FIG. 3 is a view of a permanent magnet illustrating 
the flux movement therethrough, 

FIG. 4 is a cross-sectional view illustrating the diame- 
ter of the magnet of FIG. 3, 

FIG. 5 is an elevational representation of a linear 
motor embodiment of the permanent magnet motor of 
the invention illustrating one position of the armature 
magnet relative to the stator magnets, and indicating the 
magnetic forces imposed upon the armature magnet, 

FIG. 6 is a view similar to FIG. 5 illustrating dis- 
placement of the armature magnet relative to the stator 
magnets, and the influence of magnetic forces thereon 
at this location, | 

FIG. 7 is a further elevational view similar to FIGS. 
5 and 6 illustrating further displacement of the armature 
magnet to the left, and the influence of the magnetic 
forces thereon, | 

FIG. 8 is a top plan view of a linear embodiment of 
the inventive concept illustrating a pair of armature 
magnets in linked relationship disposed above the stator 


magnets, 


FIG. 9 is a diametrical, elevational, sectional view of 
a rotary motor embodiment in accord with the inven- 
tion as taken along section IX—IX of FIG. 10, and 

FIG. 10 is an elevational view of the rotary motor 
embodiment as taken along section X—X of FIG. 9. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENTS 


In order to better understand the theory of the inven- 
tive concept, reference is made to FIGS. 1 through 4. In 
FIG. 1 a superconductor 1 is illustrated having a posi- 
tive particle flow as represented by arrow 2, the un- 
paired electrons of the ferrous conducting material 1 
spin at right angles to the proton flow in the conductor 
as represented by the spiral line and arrow 3. In accord 
with the theory of the invention the spinning of the 
ferrous unpaired electrons results from the atomic struc- 
ture of ferrous materials and this spinning atomic parti- 
cle is believed to be opposite in charge and located at 
right angles to the moving electrons. It is assumed to be 
very small in size capable of penetrating other elements 
and their compounds unless they have unpaired elec- 
trons which capture these particles as they endeavor to 
pass therethrough. | | . 

The lack of electrical resistance of conductors at a 
critical superconductor state has long been recognized, 
and superconductors have been utilized to produce 
very high magnetic flux density electromagnets. FIG. 2 
represents a cross section of a critical superconductor 
and the electron spins are indicated by the arrows 3. 

A permanent magnet may be considered a supercon- 
ductor as the electron flow therein does not cease, and 
is without resistance, and unpaired electric spinning 
particles exist which, in the practice of the invention, 
are utilized to produce motor force. FIG. 3 illustrates a 
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horseshoe shaped permanent magnet at 4 and the mag- 
netic flux therethrough is indicated by arrows 5, the 
magnetic flow being from the south pole to the north 
pole and through the magnetic material. The accumu- 
lated electron spins occurring about the diameter of the 
magnet 5-are represented at 6 in FIG. 4, and the spin- 
ning electron particles spin at right angles in the iron as 
the flux travels through the magnet material. 

By utilizing the electron spinning theory of ferrous 
material electrons, it is possible with the proper ferro- 
magnetic materials, geometry and magnetic concentra- 
tion to utilize the spinning electrons to produce a mo- 
tive force in a continuous direction, thereby resulting in 
a motor capable of doing work. 

It is appreciated that the embodiments of motors 
utilizing the concepts of the invention may take many 
forms, and in the illustrated forms the basic relation- 
ships of components are illustrated in order to disclose 
the inventive concepts and principles. 

The relationships of the plurality of magnets defining 
the stator 10 are best appreciated from FIGS. 5 through 
8. The stator magnets 12 are preferably of a rectangular 
configuration, FIG. 8, and so magnetized that the poles 
exist at the large surfaces of the magnets, as will be 
appreciated from the N (North) and S (South) designa- 
tions. The stator magnets include side edges 14 and 16 
and end edges 18. The stator magnets are mounted upon 
a supporting plate 20, which is preferably of a metal 
material having a high permeability to magnetic fields 
and magnetic flux such as that available under the trade- 
mark Netic CoNetic sold by the Perfection Mica Com- 
pany of Chicago, Illinois. Thus, the plate 20 will be 
disposed toward the south pole of the stator magnets 12, 
and preferably in direct engagement therewith, al- 
though a bonding material may be interposed between 
the magnets and the plate in order to accurately locate 
and fix the magnets on the plate, and position the stator 
magnets with respect to each other. | 

Preferably, the spacing between the stator magnets 12 
slightly differs between adjacent stator magnets as such 
a variation in spacing varies the forces being imposed 
upon the armature magnet at its ends, at any given time, 
and thus results in a smoother movement of the arma- 
ture magnet relative to the stator magnets. Thus, the 
stator magnets so positioned relative to each other de- 
fine a track 22 having a longitudinal direction left to 
right as viewed in FIGS. 5 through 8. 

In FIGS. 5 through 7 only a single armature magnet 
24 is disclosed, while in FIG. 8 a pair of armature mag- 
nets are shown. For purposes of understanding the con- 
cepts of the invention the description herein will be 
limited to the use of single armature magnet as shown in 
FIGS. 5 through 7. 

The armature magnet is of an elongated configuration 
wherein the length extends from left to right, FIG. 5, 
and may be of a rectangular transverse cross-sectional 
shape. For magnetic field concentrating and orientation 
purposes the magnet 24 is formed in an arcuate bowed 
configuration as defined by concave surfaces 26 and 
convex surfaces 28, and the poles are defined at the ends 
of the magnet as will be appreciated from FIG. 5. For 
further magnetic field concentrating purposes the ends 
of the armature magnet are shaped by beveled surfaces 
30 to minimize the cross-sectional area at the magnet 
ends at 32, and the magnetic flux existing between the 
poles of the armature magnet are as indicated by the 
light dotted lines. In like manner the magnetic fields of 


20 


25 


45 


50 


55 


65 


6 


the stator magnets 12 are indicated by the light dotted 
lines. | | 

The armature magnet 24 is maintained in a spaced 
relationship above the stator track 22. This spacing may 
be accomplished by mounting the armature magnet 
upon a slide, guide or track located above the stator 
magnets, or the armature magnet could be mounted 
upon a wheeled vehicle carriage or slide supported 
upon a nonmagnetic surface or guideway disposed be- 
tween the stator magnets and the armature magnet. To 
clarify the illustration, the means for supporting the 
armature magnet 24 is not illustrated and such means 
form no part of invention, and it is to be understood that 
the means supporting the armature magnet prevents the 
armature magnet from moving away from the stator 
magnets, or moving closer thereto, but permits free 
movement of the armature magnet to the left or right in 
a direction parallel to the track 22 defined by the stator 
magnets. 

It will be noted that the length of the armature mag- 
net 24 is slightly greater than the width of two of the 
Stator magnets 12 and the spacing therebetween. The 
magnetic forces acting upon the armature magnet when 
in the position of FIG. 5 will be repulsion forces 34 due 
to the proximity of like polarity forces and attraction 
forces at 36 because of the opposite polarity of the south 
pole of the armature magnet, and the north pole field of 
the sector magnets. The relative strength of this force is 
represented by the thickness of the force line. 

The resultant of the force vectors imposed upon the 
armature magnet as shown in FIG. 5 produce a primary 
force vector 38 toward the left, FIG. 5, displacing the 
armature magnet 24 toward the left. In FIG. 6 the mag- 
netic forces acting upon the armature magnet are repre- 
sented by the same reference numerals as in FIG. 5. 
While the forces 34 constitute repulsion forces tending 
to move the north pole of the armature magnet away 
from the stator magnets, the attraction forces imposed 
upon the south pole of the armature magnet and some of 
the repulsion forces, tend to move the armature magnet 
further to the left, and as the resultant force 38 contin- 
ues to be toward the left the armature magnet continues 
to be forced to the left. 

FIG. 7 represents further displacement of the arma- 
ture magnet 24 to the left with respect to the position of 
FIG. 6, and the magnetic forces acting thereon are 
represented by the same reference numerals as in FIGS. 
S and 6, and the stator magnet will continue to move to 
the left, and such movement continues the length of the 
track 22 defined by the stator magnets 12. 

Upon the armature magnet being reversed such that 
the north pole is positioned at the right as viewed in 
FIG. 5, and the south pole is positioned at the left, the 
direction of movement of the armature magnet relative 
to the stator magnets is toward the right, and the theory. 
of movement is identical to that described above. 

In FIG. 8 a plurality of armature magnets 40 and 42 
are illustrated which are connected by links 44. The 
armature magnets are of a shape and configuration iden- 
tical to that of the embodiment of FIG. 5, but the mag- 
nets are staggered with respect to each other in the 
direction of magnet movement, i.e., the direction of the 
track 22 defined by the stator magnets 12. By so stagger- 
ing a plurality of armature magnets a smoother move- 
ment of the interconnected armature magnets is pro- 
duced as compared when using a single armature mag- 
net as there is variation in the forces acting upon each 
armature magnet as it moves above the track 22 due to 


RELAY Fig. 6-62. Relay contact connection. 
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Also connect a through-line wattmeter and dummy load or antenna 
to the amplifier’s output (BNC “A”). Apply 13.8 V dc from a 
regulated 4 amp continuous supply to both the amplifier and exci- 
ter. 

Basically follow the tuneup procedure given in the QRP rig 
article. Of course, now you will be aiming for a good picture at 
about 10 watts instead of Y% watts. The following suggestions may 
be of help: 


L] Remove the core from L6 on the exciter. Set the “L” 
(level) control fully counterclockwise. These actions will knock 
down the drive level which should make tune-up easier. 

O Start with “C” (contrast) control fully clockwise. 

CO Adjust output modulation and power levels using the 4 
variable capacitors in the exciter’s output circuitry. 

Don’t rely too heavily on the picture you see on your local TV 
monitor since the 10 watt transmitter will probably overload it. Try 
to have an on-the-air station, remotely located, assist you. If you 


Fig. 6-63. Amplifier, top view. 
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the change in magnetic forces imposed thereon. The use 
of several armature magnets tends to “smooth out” the 
application of forces imposed upon linked armature 
magnets, resulting in a smoother movement of the arma- 
ture magnet assembly. Of course, any number of arma- 
ture magnets may be interconnected, limited only by 
the width of the stator magnet track 22. 

In FIGS. 9 and 10 a rotary embodiment embracing 
the inventive concepts is illustrated. In this embodiment 
the principle of operation is identical to that described 
above, but the orientation of the stator and armature 
magnets is such that rotation of the armature magnets is 
produced about an axis, rather than a linear movement 
being achieved. 

In FIGS. 9 and 10 a base is represented at 46 serving 
as a support for a stator member 48. The stator member 
48 is made of a nonmagnetic material, such as synthetic 
plastic, aluminum, or the like. The stator includes a 
cylindrical surface 50 having an axis, and a threaded 
bore 52 is concentrically defined in the stator. The sta- 
tor includes an annular groove 54 receiving an annular 
sleeve 56 of high magnetic field permeability material 
such as Netic Co-Netic and a plurality of stator magnets 
58 are affixed upon the sleeve 56 in spaced circumferen- 
tial relationship as will be apparent in FIG. 10. Prefera- 
bly, the stator magnets 58 are formed with converging 
radial sides as to be of a wedge configuration having a 
curved inner surface engaging sleeve 56, and a convex 
outer pole surface 60. 

The armature 62, in the illustrated embodiment, is of 
a dished configuration having a radial web portion, and 
an axially extending portion 64. The armature 62 is 
formed of a nonmagnetic material, and an annular belt 
receiving groove 66 is defined therein for receiving a 
belt for transmitting power from the armature to a gen- 
erator, or other power consuming device. Three arma- 
ture magnets 68 are mounted on the armature portion 
64, and such magnets are of a configuration similar to 
the armature magnet configuration of FIGS. 5 through 
7. The magnets 68 are staggered with respect to each 
other in a circumferential direction wherein the mag- 
nets are not disposed as 120° circumferential relation- 
ships to each other. Rather, a slight angular staggering 
of the armature magnets is desirable to “smooth out” 
the magnetic forces being imposed upon the armature as 
a result of the magnetic forces being simultaneously 
imposed upon each of the armature magnets. The stag- 
gering of the armature magnets 68 in a circumferential 
direction produces the same effect as the staggering of 
the armature magnets 40 and 42 as shown in FIG. 8. 

The armature 62 is mounted upon a threaded shaft 70 
by antifriction bearings 72, and the shaft 70 is threaded 
into the stator threaded bore 52, and may be rotated by 
the knob 74. In this manner rotation of the knob 74, and 
shaft 70, axially displaces the armature 62 with respect 
to the stator magnets 58, and such axial displacement 
will very the magnitude of the magnetic forces imposed 
upon the armature magnets 68 by the stator magnets 
thereby controlling the speed of rotation of the arma- 
ture. 

As will be noted from FIGS. 4-7 and 9 and 10, an air 
gap exists between the armature magnet or magnets and 
the stator magnets and the dimension of this spacing, 
effects the magnitude of the forces imposed upon the 
armature magnet or magnets. If the distance between 
the armature magents, and the stator magnets is reduced 
the forces imposed upon the armature magnets by the 
stator magnets are increased, and the resultant force 
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vector tending to displace the armature magnets in their 
path of movement increases. However, the decreasing 


_ Of the spacing between the armature and stator magnets 
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creates a “pulsation” in the movement of the armature 
magnets which is objectionable, but can be, to some 
extent, minimized by using a plurality of armature mag- 
nets. The increasing of the distance between the arma- 
ture and stator magnets reduces the pulsation tendency 
of the armature magnet, but also reduces the magnitude 
of the magnetic forces imposed upon the armature mag- 
nets. Thus, the most effective spacing between the ar- 
mature magnets. Thus, the most effective spacing be- 
tween the armature and stator magnets is that spacing 
which produces the maximum force vector in the direc- 
tion of armature magnet movement, with a minimum 
creation of objectionable pulsation. 

In the disclosed embodiments the high permeability | 
plate 20 and sleeve 56 are disclosed for concentrating 
the magnetic field of the stator magnets, and the arma- 
ture magnets are bowed and have shaped ends for mag- 
netic field concentration purposes. While such magnetic 
field concentration means result in higher forces im- 
posed upon the armature magnets for given magnet 
intensities, it is not intended that the inventive concepts 
be limited to the use of such magnetic field concentrat- 
ing means. 

As will be appreciated from the above description of 
the invention, the movement of the armature magnet or 
magnets resultsfrom the described relationship of com- 
ponents. The length of the armature magnets as related 
to the width of the stator magnets and spacing therebe- 
tween, the dimension of the air gap and the configura- 
tion of the magnetic field, combined, produce the de- 
sired result and motion. The inventive concepts may be 
practiced even though these relationships may be varied 
within limits not yet defined and the invention is in- 
tended to encompass all dimensional relationships 
which achieve the desired goal of armature movement. 
By way of example, with respect to-FIGS. 4-7, the 
following dimensions were used in an operating proto- 
type: 3 
The length of armature magnet 24 is 34”, the stator 
magnets 12 are 1” wide, 3” thick and 4” long and grain 
oriented. The air gap between the poles of the armature 
magnet and the stator magnets is approximately 14” and 
the spacing between the stator magnets is approxi- 
mately 4” inch. 

In effect, the stator magnets define a magnetic field 
track of a single polarity transversely interrupted at 
spaced locations by the magnetic fields produced by the 
lines of force existing between the poles of the stator 
magnets and the unidirectional force exerted on the 
armature magnet is a result of the repulsion and attrac- 
tion forces existing as the armature magnet traverses 
this magnetic field track. | 

It is to be understood that the inventive concept em- 
braces an arrangement wherein the armature magnet 
component is stationary and the stator assembly is sup- 
ported for movement and constitutes the moving com- 
ponent, and other variations of the inventive concept 
will be apparent to those skilled in the art without de- 
parting from the scope thereof. As used herein the term 
“track” is intended to include both linear and circular 
arrangements of the static magnets, and the “direction” 
or “length” of the track is that direction parallel or 
concentric to the intended direction of armature magnet 
movement. 

I claim: 
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1. A permanent magnet motor comprising, in combi- 
nation, a stator track defining a track direction and 
having first and second sides and composed of.a plural- 
ity of track permanent magnets each having first and 
second poles of opposite polarity, said magnets being 
disposed in side-by-side relationship having a spacing 
between adjacent magnets and like poles defining said 
track sides, an elongated armature permanent magnet 
located on one of said track sides for relative movement 
thereto and in spaced relationship to said track side 
wherein an air gap exists between said armature magnet 
and said track magnets, said armature magnet having 
first and second poles of opposite polarity located at the 
opposite ends of said armature magnet defining the 
length thereof, the length of said armature magnet being 
disposed in a direction in general alignment with the 
direction of said track, the spacing of said armature 
magnet poles from said track associated side and the 
length of said armature magnet as related to the width 
and spacing of said track magnets in the direction of said 
track being such as to impose a continuous force on said 
armature magnet in said general direction of said track. 

2. In a permanent magnet motor as in claim 1 wherein 
the spacing between said poles of said armature magnet 
and the adjacent stator track side are substantially equal. 

3. In a permanent magnet motor as in claim 1 wherein 
the spacing between adjacent track magnets varies. 

4. In a permanent magnet motor as in claim 1 wherein 
a plurality of armature magnets are disposed on a com- 


mon side of said stator track, said armature magnets 


being mechanically interconnected. 

5. In a permanent magnet motor as in claim 4 wherein 
said armature magnets are staggered with respect to 
each other in the direction of said track. 

6. In a permanent magnet motor as in claim 1 wherein 
magnetic field concentrating means are associated with 
said track magnets. 

7. In a permanent magnet motor as in claim 6 wherein 
said field concentrating means comprises a sheet of 
magnetic material of high magnetic field permeability 
engaging side and pole of said track magnets opposite to 
that side and pole disposed toward said armature mag- 
net. 

8. In a permanent magnet motor as in claim 1 wherein 
said armature magnet is of an arcuate configuration in 
its longitudinal direction bowed toward said track, said 
said armature magnet having ends shaped to concen- 
trate the magnetic field at said ends. 

9. In a permanent magnet motor as in claim 1 wherein 
said stator track is of a generally linear configuration, 
and means supporting said armature magnet relative to 
said track for generally linear movement of said arma- 
ture magnet. 

10. In a permanent magnet motor as in claim 1 
wherein said stator track magnets define a circle having 
an axis, an armature rotatably mounted with respect to 
said track and concentric and coaxial thereto, said arma- 
ture magnet being mounted upon said armature. 

11. In a permanent magnet motor as in claim 10, 
means axially adjusting said armature relative to said 
track whereby the axial relationship of said armature 
magnet and said stator magnets may be varied to adjust 
the rate of rotation of said armature. 

12. In a permanent magnet motor as in claim 10 
wherein a plurality of armature magnets are mounted 
on said armature. 
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13. In a permanent magnet motor as in claim 12 
wherein said armature magnets are circumferentially 
nonuniformily spaced on said armature. i 

14. A permanent magnet motor comprising, in combi- 
nation, a stator comprising a plurality of circumferen- 
tially spaced stator permanent magnets having poles of 
opposite polarity, said magnets being arranged to sub- 
stantially define a circle having an axis, the poles of said 
magnets facing in a radial direction with respect to said 
axis and poles of the same polarity facing away from 
said axis and the poles of opposite polarity facing 
toward said axis, an armature mounted for rotation 
about said axis and diposed adjacent said stator, at least 
one armature permanent magnet having poles of oppo- 
site polarity mounted on said armature and in radial 
spaced relationship to said circie of stator magnets, said 
armature magnet poles extending in the circumferential 
direction of armature rotation, the spacing of said arma- 
ture magnet poles from said stator magnets and the 
circumferential length of said armature magnet and the 
spacing of said stator magnets being such as to impose a 
continuing circumferential force on said armature mag- 
net to rotate said armature. 

15. In a permanent magnet motor as in claim 14 
wherein a plurality of armature magnets are mounted 
upon said armature. 

16. In a permanent magnet motor as in claim 14 
wherein said armature magnets are asymmetrically cir- 
cumferentially spaced on said armature. 

17. In a permanent magnet motor as in claim 14 
wherein the poles of said armature magnet are shaped to 
concentrate the magnetic field thereof. 

18. In a permanent magnet motor as in claim 14, mag- 
netic field concentrating means associated with said 
Stator magnets concentrating the magnetic fields 
thereof at the spacings between adjacent stator mag- 
nets. 

i9. In a permanent magnet motor as in claim 18 


_ wherein said magnet field concentrating means com- 


40 


55 


65 


prises an annular ring of high magnetic field permeabil- 
ity material concentric with said axis and in substantial 
engagement with poles of like polarity of said stator 
magnets. 

20. In a permanent magnet motor as in claim 14 
wherein said armature magnet is of an arcuate bowed 
configuration in the direction of said poles thereof de- 
fining a concave side and a convex side, said concave 
side being disposed toward said axis, and said poles of 
said armature magnet being shaped to concentrate the 
magnetic field between said poles thereof. 

21. In a permanent magnet motor as in claim 14, 
means for axially displacing said stator and armature 
relative to each other to adjust the axial alignment of 
said stator and armature magnets. 

- 22. The method of producing a unidirectional motive 
force by permanent magnets using a plurality of spaced 
Stator permanent magnets having opposite polarity 
poles defining a track having a predetermined direction, 
and an armature magnet having a length defined by 
poles of opposite polarity movably mounted for move- 
ment relative to the track in the direction thereof, and of 
a predetermined length determined by the width and 
dimensions of said stator magnets comprising forming a 
magnetic field track by said stator magnets having a 
magnetic field of common polarity interrupted at 
spaced locations in a direction transverse to the direc- 
tion of said magnetic field track by magnetic fields cre- 
ated by magnetic lines of force existing between the 
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poles of the stator magnets and positioning the armature 
magnet in spaced relation to said magnetic field track 
longitudinally related to the direction of the magnetic 
field track such a distance that the repulsion and attrac- 
tion forces imposed on the armature magnet by said 
magnetic field track imposes a continuing unidirectional 
force on the armature magnet in the direction of the 
magnetic field track, 

23. The method of producing a unidirectional motive 
force as in claim 22 including concentrating the mag- 
netic fields created by magnetic lines of force between 
the poles of the stator magnets. 

24. The method of producing a unidirectional motive 
force as in claim 22 including concentrating the mag- 
netic field existing between the poles of the armature 
magnet. 

25. The method of producing a unidirectional motive 


force as in claim 22 including concentrating the mag- 


netic fields created by magnetic lines of force between 
the poles of the stator magnets and concentrating the 
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magnetic field existing between the poles of the arma- 
ture magnet. | 

26. The method of producing a motive force by per- 
manent magnets wherein the unpaired electron Spinning 
particles existing within a permanent magnet are uti- 
lized for producing a motive force comprising forming 
a stator magnetic field track by means of at least one 
permanent magnet, producing an armature magnetic 
field by means of a permament magnet and shaping and 
locating said magnetic fields in such a manner as to 
produce relative continuous unidirectional motion be- 
tween said stator and armature field producing magnets. 

27. The method of producing a motive force by per- 
manent magnets as ín claim 26 wherein said stator mag- 
netic field is substantially of a single polarity. 

28. The method of producing a motive force by per- 
manent magnets as in claim 26 including concentrating 
the magnetic field of said stator field track and armature 
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Science & Mechanics (Spring 1980) 


"Amazing Magnet-Powered Motor" 


by 
Jorma Hyypia 


"We don't grant patents on perpetual motion machines," said the exammers at the U.S. 
Patent Office. "It won't work because it violates the law of Conservation of Energy," 
said one physicist after another. But because, inventor Howard Johnson is not the sort 
of man to be intimidated by such seemingly authoritative pronouncements, he now 
owns U.S. Patent No. 4,151,431 which describes how tt is possible to generate 
motive power, as in a motor, using only the energy contained in the atoms of 
permanent magnets. That's right. Johnson has discovered how to build motors that run 
without an input of electricity or any other kind of external energy! 


The monumental nature of the invention is obvious, especially in a world facing an 
alarming, escalating energy shortage. Yet inventor Johnson is not rushing to peddle his 
creation as the end-all solution to world- wide energy problems. He has more 
important work to do. First, there's the need to refine his laboratory prototypes into 
workable practical devices -in particular a 5,000-watt electric power generator 
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already in the building. His second and perhaps more difficult major challenge: 
persuade a host of skeptics that his ideas are indeed practical. 


Johnson, who has been coping with disbelievers for decades, can be very persuasive 
in a face-to-face encounter because he can not do more than merely theorize; he can 
demonstrate working models that unquestionably create motion using only permanent 
magnets. When this writer was urged by the editor of Science & Mechanics to make a 
thousand mile pilgrimage to Blacksburg, Virginia, to meet with the inventor, he went 
there as an "open-minded skeptic" and as a former research Scientist determined not 
to be fooled. Within two days, this former skeptic had become a believer. Here's why. 


Doing the Unthinkable 


Howard Johnson refuses to view the "laws" of science as somehow sacred, so doing 
the unthinkable and succeeding is second nature to him. Ifa particular law gets in the 
way, he sees no harm in gomg around it for a while to see if there's something on the 
other side. Johnson explains the persistent opposition he experiences from the 
established scientific community this way: "Physics is a measurement science and 
physicists are especially determined to protect the &lsquo;Lawé&rsquo; of 
Conservation of Energy. Thus the physicists become game wardens who tell us what 
laws' we can't violate. In this case they don't even know what the game 1s. But they 
are so scared that I and my associates are gomg to violate some of these laws, that 
they have to get to the pass to head us off!" 


The critics say Johnson offers a "free lunch" solution to energy problems, and that 
there can be no such thing. Johnson demurs, reminding repeatedly that he has never 
suggested that his invention provides something for nothing. He also pomts gut that no 
one talks about a "free lunch" when discussing extraction of enormous amounts of 
atomic power by means of nuclear reactors and atom bombs. In his mind, it's much 
the same thing. 


Johnson is the first to admit he doesn't actually know where the power be has tapped 
derives. But he postulates that the energy may be associated with spmning electrons, 
perhaps in the form of a "presently unnamed atomic particle." How do other physicists 
react to Johnson's suggestion that there may be an atomic particle so far overlooked 
by nuclear physicists? Says Johnson: "I guess it&rsquo;s fair to say that most of them 
are revolted." On the other hand, a few converted scientists, including some who are 
associated with large and prestigious research laboratories, are intrigued enough to 
suggest that there should be a hunt for the answer, be it a "particle" or some other as 
yet unsuspected characteristic of atomic structure. 


This article is prefaced with the foregomg brief summary of the ongoing controversy so 
that, in fairness to the inventor, we might all view his claims with open minds, even tf it 
means temporary setting aside of cherished scientific concepts until more complete 
explanations are forthcoming. The mam question to be answered here and now 1s this: 
Does Johnson permanent magnet motor work? 


Before providing the answer, we need to face up to another question that undoubtedly 
nags in the minds of many readers: Is Johnson a bona fide researcher, or merely a 
"garage mechanic" mad inventor? As the following brief summary suggests, the 
inventor's credentials appear to be impeccable. Followmg seven years of college and 
university trammg, Johnson worked on atomic energy projects at Oak Ridge, did 
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magnetics research for Burroughs company, and served as scientific consultant to 
Lukens Steel. He has participated m the development of medical electrical products, 
including injection devices. For the military he invented a ceramic muffler that makes a 
portable motor generator silent at 50 feet; this has been in production for the past 18 
years. His contributions to the motor industry include: a hysteresis brake; non-locking 
brake materials for anti- skid application, new methods of curing brake linings; and a 
method of dissolving asbestos fibers. He has also worked on silencers for small 
motors, a super charger, and has perfected a 92-pole no-brush generator to go in the 
wheel of Lincoln automobiles as a skid control; that last item reduced the cost to one- 
eighth of the cost of an earlier design by utilizmg metal-filled plastics for the armature 
and field. In all, Johnson is connected with more than 30 patents m the fields of 
chemistry and physics. 


Figures 2,3 & 4: Magnet Motor Models ~ Pictured here are three of the 
inventor's early models. Top left is a linear motor which propels a magnetic 
vehicle at high speeds through a series of rings. Top right is rotary motor 
upon which the prototype will be built. The 8-ounce manget, hand held to the 
large ring weighing 40 pounds, provides enough force to spin the entire 
assembly. In the third assembly above, the vehicle is propelled, in either 
direction, by the force of the large magnets arranged below tracks. 


Sticky Tape Scientist 


Despite his impressive credentials, this amiable and unpretentious inventor likes to 
characterize himselfas a "Sticky tape" scientist. He sees no virtue in wasting time 
building fancy, elaborate equipment when more simple assemblies serve as well to test 
new ideas. The prototype devices shown in the photographs in this article were 
assembled with sticky tape and alummum foil, the later material bemg used mainly to 
keep individual, permanent magnets packaged together so that they do not fly apart. 


Perhaps the best way to describe what these three gadgets do is by reciting this 
writer's personal experiences during the interview demonstration. That way I will not 
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use a coupler, detector and oscilloscope to tune up the rig, you may 
note a 15 to 20 MHz oscillation on the signal, It will generally not 
be observable on your TV monitor. To attenuate this parasitic 
signal, adjust L1 through L5 for minimum oscillation amplitude. 

A complete ATV station is shown in Fig. 6-64. Be sure to use 
hardline and a good antenna for best performance. As explained in 
the QRP article, a separate receiver is required to derive audio 
from a signal using the audio-in-the-carrier format. 


important Design Notes 

Amplifier power output is highly dependent upon power sup- 
ply voltage. A 1 volt difference can result in a 3 watt difference in 
output power. To achieve a good video signal at 10 watts average 
power, 13.8 V dc must be used. Current drain will be slightly less 
than 3 amps. If the amplifier is driven hard into a class C mode (no 
video), it will be possible to initially obtain about 15 watts. You will 
note that as the amplifier warms up, the power output will drop. 
This is natural operation for the Motorola module. Also don't be 
alarmed if the heat sink and case get very warm. This, too, occurs in 
normal operation. If you should use the amplifier without video, try 
not to overdrive it. Use the minimum drive power necessary to 
achieve full output power (about 300 mW). You will generate fewer 
spurs while also reducing possible damage to the input of the 710 
module. Warning. When exciting the amplifier, always make sure 
that BNC “A” is loaded. I smoke-tested the amplifier with about % 
watts drive and no load and found that the amplifier self-destructed 
in 2 minutes. The MHW-710 is rugged and can handle short periods 
of misuse but don't overdo it. 

When procuring the 710, you will note that two models are 
available: the 710-1 for 400-440 MHz and the 710-2 for 440-480 
MHz. I have used both types and found that they perform equally 
well in the 435-450 MHz portion of the ham band. 


420-450 MHr 
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merely be telling what the inventor says they do, but I will reveal what happened when 
I tried the experiments myself. When we start talking about how and why the things 
work as they do, well have to rely on the inventor&rsquo;s explanations. 


The first item consists of more than a dozen foil-wrapped magnets assembled to form 
a broad arc. Each magnet is extended upward slightly at each end to forma low U- 
shape, the better to concentrate magnetic fields where they are needed. The overall 
curvature of the mass of magnets apparently has no particular significance except to 
show that the distance between these stator magnets and the moving vehicle is not 
critical. A transparent plastic sheet atop this magnet assembly supports a length of 
plastic model railroad track. The vehicle, basically a model railroad flatcar, supports a 
foil-wrapped pair of curved magnets, plus some sort of weight, m some cases merely 
a rock. The weight is needed to keep the vehicle down on the track, against the 
powerful magnetic forces that would otherwise push it askew. That 'is all there is to 
the construction of this representation of a "linear motor." 


I was prepared to develop eye strain in an effort to detect some sort of motion in the 
vehicle. I need not have been concerned. The moment the mventor let go of the 
vehicle be carefully placed at one end of the track, it accelerated and literally zipped 
from one end to the other and flew onto the floor! Wow! 


I tried the experiment myself, and could feel the powerful magnetic forces at work as I 
placed the vehicle on the track. I gently eased the vehicle to the critical starting point, 
taking great care not to exert any kind of forward push, even inadvertently. I let go, 
Zip! It was on the floor again, at the other end of the track. Knowing that I would be 
asked if the track might have had a slant, I reversed the vehicle and started it from the 
opposite end of the track. It worked just as effectively in the reverse direction. In fact, 
the vehicle can even navigate a respectable upgrade. In light of these tests, and 
considermg the remarkable speed of the vehicle, you can discount any notion that this 
was a simple "coasting" effect. 


Incidentally, the photograph shows the vehicle about half ways along the track. It was 
"frozen" there by the electronic flash used to make the picture; there is no way of 
"posing" the vehicle in that position short of tying it down. 


The second device has the U-shaped magnets standing on end in a rough circular 
arrangement oddly reminiscent of England's Stonehenge. This assembly 1s mounted on 
a transparent plastic sheet supported on a plywood panel pivoted, underneath, on a 
free turnmg wheel obtained from a skateboard. As mstructed, I eased the 8-ounce 
focusing magnet into the ring of larger magnets, keeping it at least four inches away 
from the ring. The 40 pound magnet assembly immediately began to turn and 
accelerated to a very respectable rotating speed which it maintained for as long as the 
focusing magnet was held in the magnetic field. When the focusing magnet was 
reversed, the large assembly turned in the opposite direction. 


Since this assembly is clearly a crude sort of motor, there's no doubt that it is indeed 
possible to construct a motor powered solely by permanent magnets. 


The third assembly, which looks like the bones of some prehistoric sea creature, 
consists of a tunnel constructed of rubber magnet material that can be easily bent to 
form rings. This was one of the demonstration models Johnson took to the U.S. Patent 
Office during his appeal proceedings. Normally the patent examiners spend only a few 


rexresearch.com/johnson/ljohnson.htm 


6/54 


12/28/2009 Howard Johnson: Permanent Magnet Mo... 
minutes with each patent applicant, but played with Johnson&rsquo;s devices for the 
better part of an hour. As the inventor was leaving, he overheard one sideline observer 
remark: "How would you like to follow that act?!" 


It took Johnson about six years of legal hassling to finally obtain his patent, and he has 
been congratulated for his ultimate victory over patent office bureaucracy as well as 
for his inventiveness. One sign that he left the patent office more than a little shaken by 
the experience was the inclusion of diagrammatic material in the printed patent that 
does not belong there. So if you look up the patent, pay no attention to the "ferrite" 
graph on the first page; it belongs in some other patent! 


The tunnel device of course worked very well in the inventor's office during my visit 
although Johnson observed that the rubber magnets are perhaps a thousand times 
weaker than the cobalt samarium magnets used the other assemblies. There's just one 
big problem with the more powerful magnets: they cost too much. According to the 
inventor, the magnets used to construct the Stonehenge rotating model are collectively 
worth more than one thousand dollars. But there's no need to depend solely on mass- 
production economies to bring the cost down to competitive levels. Johnson and U.S. 
Magnets and Alloy Co. are in the process of developing alternative, relatively low cost 
magnetic materials that perform very well. 


How do they work? 


The drawing that shows a curved "arcuate" armature magnet in three successive 
positions over a line of fixed stator magnets provides at least highly simplified insights 
into the theory of permanent magnet motive power generation. Johnson says curved 
magnets with sharp leading and trailing edges are important because they focus and 
concentrate the magnetic energy much more effectively than do blunt-end magnets. 
These arcuate magnets are made slightly longer than the lengths of two stator magnets 
plus the intervening space, in Johnson's setups about 3-1/8 inches long. 
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Note that the stator magnets all have their North faces upward, and that they are 
resting on a high magnetic permeability support plate that helps concentrate the force 
fields. The best gap between the end poles of the armature magnet and the stator 
magnets appears to be about 3/8 inch. 


As the armature north pole passes over a magnet, it is repelled by the stator north 
pole; and there's an attraction when the north pole is passing over a space between 
the stator magnets. The exact opposite is of course true with respect to the armature 
South pole. It is attracted when passing over a stator magnet, repelled when passing 
Over a space. 


The various magnetic forces that come into play are extremely complex, but the 
drawing shows some of the fundamental relationships. Solid lines represent attraction 
forces, dashed lines represent repulsion forces, and double lines in each case indicate 
the more dominant forces. 


As the top drawing indicates, the leading (N) pole of the armature 1s repelled by the 


north poles of the two adjacent magnets. But, at the indicated position of the armature 


magnet, these two repulsive forces .(which obviously work against each other), are 


not identical; the stronger of the two forces (double dashed line) overpowers the other 


force and tends to move the armature to the left. This left movement is enhanced by 
the attraction force between the armature north pole and the stator south pole at the 
bottom of the space between the stator magnets. 


But that's not all! Let's see what is happening simultaneously at the other end (S) of the 


armature magnet. The length of this magnet (about 3-1/8 inches) is chosen, in relation 
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to the pairs of stator in magnets plus the space between them, so that once again the 
attraction/repulsion forces work to move the armature magnet to the left. In this case 
the armature pole (S) is attracted by the north surfaces of the adjacent stator magnets 
but, because of the critical armature dimensioning, more strongly by the magnet 
(double solid line) that tends to "pull" the armature to the left. It overpowers the lesser 
"drag" effect of the stator magnet to the right. Here also there is the added advantage 
of, in this case, repulsion force between the south pole of the armature and the south 
pole in the space between the stator magnets. 


The importance of correct dimensioning of the armature magnet cannot be over- 
emphasized. If it is either too long or too short, it could achieve an undesirable 
equilibrium condition that would stall movement. The objective is to optimize all force 
conditions to develop the greatest possible off-balance condition, but always' in the 
same direction as the armature magnet moves along the row of stator magnets. 
However, if the armature is rotated 180 degrees and started at the opposite end of the 
track, 1t would behave in exactly the same manner except that it would, in this 
example, move from left to right. Also note that once the armature is in motion, it has 
momentum that helps carry it into the sphere of influence of the next pair of magnets 
where it gets another push and pull, and additional momentum. 


Complex Forces 


Some very complex magnetic forces are obviously at play in this deceptively simple 
magnetic system, and at this time it is impossible to develop a mathematical model of 
what actually occurs. However, computer analysis of the system, conducted by 
Professor William Harrison and his associates at Virginia Polytechnic Institute 
(Blacksburg, VA), provide vital feedback information that greatly helps in the effort to 
optimize these complex forces to achieve the most efficient possible operating design. 


As Professor Harrison points out, in addition to the obvious interaction between the 
two poles of the armature magnet and the stator magnets, many other interactions are 
in play. The stator magnets affect each other and the support plate. Magnet distances 
and their strengths vary despite best efforts of manufacturers to exercise quality 
controls. In the assembly of the working model, there are inevitable differences 
between horizontal and vertical air spaces. All these interrelated factors must be 
optimized, which is why computer analysis in this refinement stage 1s vital. It's a kind of 
information feedback system. As changes are made in the physical design, fast 
dynamic measurements are made to see whether the expected results have actually 
been achieved. The 'new computer data 1s then used to develop new changes in the 
design of the experimental model. And so on, and on. 


That very different magnetic conditions exist at the two ends of the armature is shown 
by the actual experimental data displayed in the table and associated graph. To obtain 
this information, the researchers first passed the probe of an mstrument used to 
measure magnetic field strengths over the stator magnets and the intervening spaces. 
We shall call this the "Zero" level although there is a very tiny gap between the probe 
and the tops of the stator magnets. These measurements in effect indicate what each 
pole of the armature magnet "sees" below as it passes over. the stator magnets. 


Next the probe is moved to a position just beneath one of the armature poles, at the 
top of the 3/8-inch armature-to-stator air gap. Another set of magnetic flux 
measurements is made. The procedure is repeated with the probe positioned just 
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beneath the other armature pole. 


Now "Instinct" might suggest, and correctly so, that the flux measurements at the top 
and bottom of the air gap will differ. But if "instinct" also suggests that these differences 
are pretty much the same at the two armature pole positions, you would be very much 
in error! 


First study the two tables that show actual flux density measurements. Note that in this 
particular experiment the total magnetic flux amounted to 30,700 Gauss (the unit of 
magnetic strength) when the probe was held at the "Zero" level under the north pole of 
the magnet, and a total of 28,700 Gauss when the probe was moved to the top of the 
3/8-inch air gap. The difference between these total 'measurements is 2,000 Gauss. 


Similar readings made at the air gap between the south pole of the armature and the 
stator magnets indicates a total flux at "Zero" level of 33,725 Gauss, and 24,700 
Gauss at the top of the air gap. This time the difference is a much larger 9,025 Gauss, 
or four and one half times greater than for the north pole! Clearly, the magnetic force 
conditions are far from identical at the two ends of the armature magnet. 


The middle five pairs of figures from each table hive been plotted in graphic form to 
make these differences more obvious. In the top "South Pole" graph the dashed line 
connects, the "Zero" level readings made over the stator magnets and over the 
intervening air spaces. Points along the solid line indicate comparable readings made 
with the probe just beneath the armature south pole. It is easy to see that there is an 
average 43% reduction of the attraction between the armature and stator magnets 
created by the air gap. Equally true, but perhaps not so obvious, is the fact that there 


rexresearch.com/johnson/ljohnson.htm 


10/54 


12/28/2009 


Howard Johnson: Permanent Magnet Mo... 
is an average 36% increase of repulsion when the south pole of the armature passes 
over the spaces between the stator magnets. The percentage increase only seems 
smaller because 1t applies to a much smaller "Zero" level value. 


The second graph shows that the changes are much less dramatic at the north pole of 
the armature. In this case there's an average 11.7% decrease of attraction over the 
spaces, and a 2.4% increase, of repulsion when the armature north pole passes over 
the stator magnets. 


As you study the data, be sure to note that the columns are labeled differently. In the 
case of the north pole data, the stator magnet areas repulse the armature north pole 
while the spaces between the stator magnets attract. The conditions are exactly the 
opposite for the south pole of the armature magnet. When the south pole passes over 
a magnet, there is strong attraction; when it passes over a space, there is repulsion. 


The Ultimate Motor 


A motor based on Johnson's findings would be of extremely simple design compared 
to conventional motors. As shown in the diagrams developed from Johnsoné&rsquo;s 
patent literature, the stator/base unit would contain a ring of spaced magnets backed 
by a high magnetic permeability sleeve. Three arcuate armature magnets would be 
mounted in the armature which has a belt groove for power transmission. The 
armature is supported on ball bearings on a shaft that either screws or slides into the 
stator unit. Speed control and start/stop action would be achieved by the simple 
means of moving the armature toward and away from the stator section. 


There is a noticeable pulsing action in the simple prototype units that may be 
undesirable in a practical motor. The movement can be smoothed, the inventor 
believes, by simply using two or more staggered armature magnets as shown m 
another drawing. 


What&rsquo;s Ahead? 


For inventor Howard Johnson and his permanent magnet power source there's bound 
to be plenty of controversy, certainly, but also progress. A 5000 watt electric 
generator powered by a permanent magnet motor is already on the way, and Johnson 
has firm licensing agreements with at least four companies at this writing. 


Will we see permanent magnet motors in automobiles in the near future? Johnson 
wants nothing to do with Detroit at this time because, as he puts it: "It&rsquo;s too 
emotional - weézrsquo;d get smashed into the earth!" The inventor is equally reluctant 
to make predictions about other applications as well, mainly because he just wants 
time to perfect his ideas and, hopefully, get the scientific establishment to at least 
consider his unorthodox ideas with a more open mind. 


For example, Johnson argues that the magnetic forces m a permanent magnet 
represent superconductance that 1s akin to phenomena normally associated only with 
extremely cold superconducting systems. He argues that a magnet is a room 
temperature superconducting system because the electron flow does not cease, and 
because this electron flow can be made to do work. And for those who pooh- pooh 
the idea that permanent magnets do work, Johnson has an answer: "You come along 
with a magnet and pick up a piece of iron, then some physicist says you didn't do any 
work because you used that magnet. But you moved a mass through a distance. 
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Right? That's work that requires energy. Or you can hold one magnet in the air 
indefinitely by positioning it over another magnet with like poles facing. The physicist 
will argue that because it involves magnetic repulsion, no work is done. Yet if you 
support the same object with air, they will agree in a minute that work is done!" 


There's no doubt in Johnson's mind that he has succeeded in extracting usable energy 
from the atoms of permanent magnets. But does that imply that the electron spins and 
associated phenomena that he thinks provide this power will eventually be used up? 
Johnson makes no pretense of knowing the answer: I didn't start the electron spins, 
and I don't know any way to stop them - do you? They may eventually stop, but that 
is not my problem." 


Johnson still has many practical problems to solve to perfect his invention. But his 
greater challenge may be to win general acceptance of his ideas by an obviously 
nervous scientific community in which many physicists remain compulsive about 
defending the law of Conservation of Energy without ever wondering whether that 
"law" really needs defending. 


The dilemma facing Johnson is not really his dilemma but rather that of other scientists 
who have observed his prototypes. The devices obviously do work. But the 
textbooks say it shouldné&zrsquo;t work. And all that Johnson is really saying to the 
scientific community 1s this: here is a phenomenon which seems to contradict some of 
our traditional beliefs. For all our sakes let&rsquo;s not dismiss it outright but take the 
time to understand the complex forces at work here. 


The Permanent Magnet Motor 


by 
Howard R. Johnson 
& 
William P. Harrison, Jr. 


( Engineering Fundamentals Division, Virginia Polytechnic Institute and State 
University, Blacksburg, VA ) 


Presented at the UNITAR ( UN Institute for Traming & Research ) Conference on 
Long-Term Energy Resource, Montreal, Canada, November 26-December 7, 1979. 


I. Introductory remarks (by Mr. Johnson) 


Today when energy is so expensive, it is not hard to drum up mterst for most any 
avenue that offers a breath of hope or a way of escape, but this was not necessarily so 
in 1942. We were somewhat satisfied and convinced that we had the main sources of 
energy in view. So it took a pure act of faith to try to develop a new un-named 

source. 


It took faith to spend time on tt. It took faith to spend money on tt. And it took faith to 
consider facing the opposition later when I made my work known and faced all the 
status quo people. 


So, in 1942 using the Bohr model of the atom, and knowing that unpaired electron 
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spins created a permanent magnet dipole, I kept wondermg why we couldn't use these 
fields to drive something. I was sure that the magnetic effect of the spins was similar 
enough to the field of a current in a wire to do the same thing. I had no knowledge of 
electron spins stopping and knew no method that I could exert to stop them, so I 
decided to try to work out a method to use them. 


At the same time there were no good hard magnetic materials that I knew of, materials 
that could be opposed with strong magnetic fields and not be demagnetized enough to 
damage them. Not only that, they would not give the thrust that I desired. 


Having a chemical background, I thought it would be nice to use the best magnetic 
materials I could find in combination with an interstitial material that was highly 
diamagnetic to force the electron spm to stay in place. 


The U.S. Navy later made such a compound using bismuth and good magnetic 
materials, but the internal coercive forces were so great that this strong magnet would 
fall apart ifnot encased in glass. It was also expensive. 


So I kept checking magnetic materials while I worked on designs that I thought should 
be implemented. It was a quiet, sometimes lonely job over the years, for I didn't share 
my plans with my associates. My self-imposed security would not permit it, and I 
knew of few people who would be interested anyway. 


In the fifties, as ceramic magnets became better and harder, and long-field metal 
magnets appeared on the scene, I began to freeze some designs and to have magnets 
custom made to fit them. 


It was about this time that I mentioned the fact that just as I believed electron spins 
made permanent magnets, I also believed that they were responsible for the 60° 
angles in the structure of snowflakes giving the six-spoked wheel, the six-sided 
spokes, etc. The dean of the school where I was teaching said, "Maybe so" and ask 
me if I knew that snowflakes were mentioned in the Bible as being important. I told 
him, "No, I didn't know that," but I looked it up. It said: "Hast thou entered into the 
treasures of the snow? Or hast thou seen the treasures of the hail? Which I have 
reserved against the time of trouble, against the day of battle and war." 


My comment was, "Well, maybe this is more important than I thought." So I went 
ahead and worked on it another ten years. 


I went to the Library of Congress and looked up snowflakes. I found a wonderful 
book there by Dr. Bentley of New Hampshire. He has spend many years making 
these studies, and he had learned a lot, as well as turning out one of the world's most 
beautiful books. He had found that snowflakes have gas pockets oriented on 60° 
angles and that the gas has a higher percentage of oxygen than air. That's one reason 
why snow water rusts so well. This higher concentration of oxygen also interested me 
because oxygen is more attracted to a magnetic field than other gases. 


Finally, using the best ceramic magnets I could find and the best metal magnets, I 
worked out a scheme for a linear motor. The stator would be laid out as if it were 
unwound from around a motor. The parts of the armature would ride just above the 
stator and have the same beveled angular orientations I have just mentioned. 


Dies were made for the curved armature magnets, and an order was placed for these 
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shapes, despite the objections of magnet manufacturers who said it was a bad design. 
They didn't know what it was for, but they were sure it was a bad design. They 
wanted to make horseshoe magnets. They even begged me to content myself with half 
an order. I did not agree --- and once again you have that little matter of faith; faith to 
try to implement a new theory; faith to spend your own limited funds when you have a 
a family and other financial responsibilities starmg you in the face; faith to buck the 
recognized authorities and manufacturers in the field; faith to believe that your work is 
good and that some day, despite all the hazards, you will apply for and receive patent 
rights m your own country and perhaps throughout the rest of the world; and finally, 
faith that you can resist being smashed into dust by industrial giants and/or being 
robbed by others who know only how to steal. 


Believe it or not, my first motor assembly showed about two pounds of thrust. The 
little toy car on which I fastened the armature magnets for support ran in both 
directions over the stator, showing that the focusing and timing of the interactions was 
not too bad. 


This was the first light at the end ofa rather dark tunnel I had been traveling for many 
years. I breathed a real sign of relief as my young son played with this "new toy," and 
was able to operate it as easily as I could. 


After much testing of linear and circular designs, and looking for an attorney for years 
suited to securing a patent on the new theoretical work, I was led to Dunkan Beaman 
of Beaman & Beamon in Jackson, Michigan. It took some time to prepare the patent. 
The attorney built some models himself to check certain parameters. Finally, we 
entered the case in the patent office expecting a lot of opposition. We were correct. 
We got it. But again, faith saved the day as we battled for many years to gain a rather 
complete victory. 


Now the work requires different kinds of faith: faith in those who have taken cut 
licenses and who will license; faith to continue the research to replace scarce materials 
in the magnets; and faith that this work will continue to progress and that it will 
eventually fulfill its goal. 


For a number of reasons, the permanent magnet motor has not received much 
consideration. In fact, nothing too radical has been done since Faraday took some 
very crude materials and showed the world that it was possible to make a motor. This 
work of his largely influenced the thinking of Clerk Maxwell and others who followed. 


Today, the two greatest obstacles to using a permanent magnet motor are, first, the 
belief that it violates the conservation of energy law; and, secondly, that the magnetic 
fields of attraction and repulsion decrease according to the inverse square law then the 
air gap 1s increased. 


In fact, both contentions are quite wrong because they are based on wrong 
considerations. 


The permanent magnet 1s a long time energy source. This has been shown for many 
years in the rating of magnets as high or low energy sources for many applications 
over long usage. 


A loudspeaker composed entirely of electromagnets would be unreal in size and 
energy consumption. Yet, despite examples of this type, many hesitate to apply the 
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same principles to motors and extend them even further by usmg permanent magnets 
for both the stator and armature. 


The elements of all electric and permanent magnet motors are similar. A field 
imbalance must be created, the fields must be focused and timed, and magnetic 
leakage must be controlled. 


In the wound motor, brushes and contact rings give the timing, the size and shape of 
the wound fields and poles gives the focusing, and the motor case and kind of iron 
used help to limit the leakage. 


In our permanent magnet motors the timing is built into the motors by the size, shape, 
and spacing of the magnets in the stator and armature. The focusing is controlled by 
the shape of the magnets, pole length, and the width of the air gap. This air gap, 
through which magnets oppose and attract each other, is a rare phenomenon. Usually 
when a magnetic air gap 1s increased, the field decreases mversely as the square. 


When the air gap of the permanent magnet motor is increased, a curious but definite 
change takes place. There 1s a large decrease in the reading at south pole of the 
armature and an increase in the reading at the north pole. Thus, a Hall-effect sensing 
probe will give a higher gauss reading at the north pole and a decreasing count at the 
south pole. This helps explain why the thrust is better with a larger air gap than a 
smaller one. The attracting field is minimized and will not produce a locking force, 
while the repulsion of the crescent magnet is great enough to generate a thrust vector 
component that will drive the armature. 


As I tried to explam in the patent, I believe that the permanent magnet is the first room 
temperature super conductor. In fact, I believe that super conductors are simply large 
wound magnets. The current in a super conductor is not initiated by a strong emf, such 
as a battery, but is instead actually induced into existence by a magnetic field. Then, in 
order to determine how much current may be flowing in the super conductor coil, we 
measure its magnetic field. This appears to be something like going out the door and 
coming back m the window. 


Another rather unique feature of super conductors 1s the fact that their magnetic lines 
of force experience a change in direction. No longer do these lines flow at right angles 
to the conductor, but they now exist parallel to the conductor. Theoretically, the heavy 
conductor currents exist in the fine filaments of niobium within each small wire of 
niobium tin from which such super conductors are made. Isn't it interesting that the 
finer the wire the less the resistance until eventually there 1s no resistance at all? 


II. Theoretical Analysis (presented by William P. Harrison, Jr.) 
1. Introduction 


Despite the fact that the linear version of the permanent magnet motor (Johnson, 
1979) may appear conceptually simple (see Fig. 1), the complex interactions of the 
fields alone place it m a class with other quite sophisticated motive systems. 


Figure 1: Partial Front and Plan Views of a Linear Model of the Howard 
Johnson Permanent Magnet Motor 
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If you can't get at least 15 watts from your amplifier at a cold 
start using 13.8 V dc, you may be experiencing high losses in the 
relay circuitry. To verify this, connect a cable directly from the 
wattmeter to “OUT” on the PC board. Normally the relay will 
exhibit a 1 watt loss in the 15 watt range. Relay efficiency is highly 
dependent upon the length of cable between the relay and PC and 
“OUT.” If you do have a loss problem, experiment using different 
cable lengths. 

The rig is placed in transmit by applying voltage to both the 
exciter and amplifier power terminals. This arrangement is rather 
unconventional for normal PTT use, but has been implemented 
here for simplicity. You may wish to use the spare set of relay 
contacts and mount additional feedthrough capacitors to achieve a 
standard switching scheme. 
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Many parameters play an important part in making possible the successful design ofa 
permanent magnet motor. A number of these variables relate directly to the geometry 
of the system and its components. Mathematical models for both the linear and 
circular versions of Mr. Johnson's motors are presently under development, and 
include such controllable parameters as stator-to-armature air gap, stator element air 
gap spacing, armature pole length, stator magnet dimensions, magnet material 
variations, magnetic permeability and geometry of backing metals, and multiple 
armature couplings, to mention only a few. However, much of the early work involved 
quit simple mathematical investigations, and even at this level some remarkable 
revelations resulted. Also, as often is true with simple models, considerable insight into 
the mechanisms that might prove predominant was gained. Therefore, it is our 
intention to share with you some of those early analytical investigations and findings. 


Even though Coulomb's Law, embodying the inverse square relationship as it does, 
may yet prove suspect, it nevertheless provides an exceedingly simple yet viable form 
upon which to base an elementary model of the linear version of the permanent magnet 
motor. Describing the interaction between two magnetic monopoles, Coulomb's Law 
in vector form is recalled as 


mar 


where M and M' are the pole strengths (positive if north, negative if south), u [mu] is 
the permeability of the medium in which the poles are located, r is the straight-line 
separation distance between the two poles, and f [ f with line over top] is the vector of 
force (see Fig. 2) acting at each pole (positive in magnitude for repulsion and negative 
for attraction). 


Figure 2: Coulomb's Law 
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The vector nature of Eq. (1), the fact that fs lne of action is colinear with the straight- 
lne distance r between poles, its superposition properties when applied to multiple 
poles, and its restriction to static systems fixes in space are all well known conditions 
on Eq. (1). We will use the superposition property of Eq. (1) to extend its application 
to a spatial domain containing many more poles than the two shown in Fig. 2. 
However, Eq. (1) will first be resolved into scalar components so that analytical 
expressions can be more easily developed. 


Our analysis will be two-dimensional and coplanar, restricted to the vertical x-y 

plane. It should be noted that the horizontal stator "track" of H.R. Johnson's linear 
model comprises a plurality of flat magnets, rectangular m cross section, each having 
an aspect ratio (length-to-thickness ratio) of 16. This high value contributes to the 
two-dimensional nature of the model and helps to minimize and effects in the z 
direction. Thus there is some justification for a two-dimensional analysis, at least in the 
case of the linear model we are considering here. 


Figure 3: Positional Locations of Two Opposing North monopoles in X-Y 
Space ~ 


O (x,0) 


As shown in Fig. 3, we consider first a north pole of strength M located at coordinates 
(E [epsilon], n [nu]) with a second north pole of strength M', located on the x-axis at 
(x,0). Force f, acting on the monopole at (£,n), when resolved into its horizontal and 
vertical components yields, respectively, 
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2. The Attractive Sheet 
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Figure 4: Spatial Orientation of Thin, Magnetized Sheet having high aspect 
ratio and with S side face up 
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To illustrate some of the assumptions and extensions of Coulomb&rsquo;s Law that 
will be made, the simple example ofa magnetic sheet lying along the x-axis will be 
considered first (see Fig. 4). The sheet, of finite length L, is a permanent magnet 
magnetized across its y-direction thickness and having a high aspect ratio (to eliminate 
z-direction edge effects). The south-pole face will be oriented up, with north facing 
downward on the underside ofthe sheet. Underside effects will be ignored as though 
the sheet represented a continuous distribution of only south monopoles along the x- 
axis. To incorporate such distributions into Eq. (1) we replace M&rsquo; with the 
differential dM&rsquo; and introduce the function B(x) so that 


(4) dM&rsquo; = B(x) dx 


Then the magnitude of the total force vector, F, acting on an isolated north monopole 
of strength M situated somewhere within the upper half of the x-y plane, becomes 


fos ML f B(x) dy 
= oh > 
i r 


(5) Q 


where x is the ratio x/L. Assuming that the magnetic density along the sheet can be 
represented by the southern constant -B, and neglecting end effects at x = 0 and x = 
L, Eq (5) reduces to 
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] 
dai: 4 dy 
J? 
(6) 9 


where 
Ea Mi 
: 2 
(7) pL 


the strength parameter M&rsquo; having been determined by integrating Eq (4) over 
the sheet length L, and p is the ratio r/L. 


Figure 5: North Monopole Positioned Symmetrically above the center of a 
magnetized, attracting sheet 


Figure 6: Force Imbalance Acting on a North Monopole above a mangetized 
sheet tending to restore the pole to sheet center 


y 
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If the north monopole is placed directly above the center of the sheet, at coordinates 
(E, n), with E = L/2 and the vertical arr-gap separation distance n taken as arbitrary, 
the symmetrical distribution of incremental force vectors acting at (£,n) will appear as 
shown in Fig. 5. Note that a shift of the north monopole to the left results m a force 
imbalance which tends to pull the pole back to the right, as shown in Fig. 6. So 
considermg now only the x-component of F, similar to Eq (2) we write 


| 1 
Fy == | —— 
E a) a 


(8) 9 


dy 


af 
aj 


where X and Y are the dimensionless ratios 


oe = EL 
and 
ay 1 = a/b 


For any fixed position (X,Y) of the north monopole in the upper half plane, Eq (8) can 
be integrated to give 


LX = pec CE > > 
fat. (X - 1)% + y 


(11) 


Figure 7: X-Direction Distribution of the X-Component of attractive force 
exerted on a north monopole by a thin, magnetized sheet 
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This ratio is shown in Fig (7) as a continuous function of X locations with Y treated 
parametrically. The Y = 1 curve represents the field influence on the north monopole 
situated at a constant air- gap separation (n = L) quite some vertical distance above 
the sheet; whereas at Y = 0.1 the monopole is located much closer to the x axis. 
Reversal of the force component through its zero value at mid-sheet (X = 1⁄2) is clearly 
shown. 


In order to trace some trajectories through this field, we now observe that the y- 


component of force F will be 
I L E y METET: 
(12) 


This function is shown in Fig (8) with a Y value of 0.20 
Figure 8: [Missing] 


In dimensionless form the equations of motion for trajectory paths of the monopole 
above the sheet in planar X-Y space become 
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2 
dr? X’ mag 
(13) 
and 
2 
aY, z A y 
dr? El mac “2 
(14) ~* 
where 
T = E 
(15) T 
G = gró 
(16) L 
and 
-._¢ 
n WwW 
(17) 


In these expression ź is real time and T is simply a time constant chosen arbitrarily. As 
previously noted, L is the length of the sheet; whereas, g is the gravitational 
acceleration constant and W is the downward weight force of the moving monopole 
above the sheet. For magnetic force terms (1y)mag and (Ty mag We substitute directly 


Eq (11) and Eq (12), respectively. 


Several of the trajectories resulting from the integration of Eq (13) and Eq (14) are 
shown in Fig.9. They all exhibit the expected behavior. As already implied in the 
discussion of Fig. 7, the function (Ty); given by Eq (11) has a stable point of 


equilibrium at X = /2 and therefore drives the free-falling monopole towards the sheet 
center, regardless of the initial drop-pomt location. The function (ty mag from Eq (12) 


is equally persuasive in pulling the monopole down towards the sheet itself} and 
manifests that attraction quite pervasively throughout the integration of Eq (14), even 
when the G term may be omitted (as it was in the trajectories of Fig. 9). Actually, the 
computer integration procedure will not carry the monopole all the way to surface 
contact with the sheet at Y = 0 because of the infinite condition which exists there as 
reflected by Eq (12). Thus, tailings of these trajectories (Fig 9) have been completed 
by manually overriding the plotter. 


Figure 9: Trajectories of a North Monopole in an attractive field generated by 
the thin, magnetized sheet lying in the X-interval 0-1 
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As we would anticipate in working with this type of central field, where B in Eq (4) is 
a simple constant, the field is conservative with curl of F vanishing. Also, the reverse 
symmetry of (1,) mg about X = 4, as seen in Fig. 7, confirms that the energy integral 


for this function will vanish without any appropriate limit pairs of X. 


3. The Repulsive Sheet 


By substitutmg +B instead of -B for B in Eq (4), the sheet of length L lying along the x- 
axis becomes repulsive, with its northern face directed upward, opposing the north 
monopole above it at location (E,n). Of course the sign in Eq (6) becomes positive 
and the functions (1,)mag and (Ty )mag reverse their behavior accordingly, as illustrated 


in Fig. 10. Again (mag Will have an equilibrium point at X = 2, but now tt is 


destabilizmg. As a consequence, resulting trajectories for the north monopole are 
much more interesting in this case than they were with the attractive sheet. Several 
paths are shown in Fig 11 with different values used for the W/¥ trajectory in Eq (17). 
Parameter G was included, and in each example the trajectories commenced at (0.9, 
0.2) with zero initial velocity. 


Figure 10: X-Direction Distributions of (Ty)mag and (Ty) mag for the repulsive 
field of a thin, magnetized sheet acting on a moving north monopole 
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Figure 11: Trajectories of a North Monopole in a repulsive field generated by 
a thin, magnetized sheet lying in the X-interval 0-1 
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The attractive and repulsive sheet results are easily demonstrated since rubberized 
flexible sheet magnets are commercially available, such as those sold by the Permag 
Corp. of Jamaica, NY. It may also be interesting to note that with slight modifications 
this first simple analytical sheet model can be used to gain some insight into operation 
of the so-called "magnetic Wankel" reported on by Scott (1979). 


Figure 12: Pole Strength Influence Factor, M', as a cosine function of linear 
displacement distance, x 


| pa e Lx 
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Figure 13: Experimentally Detemined Magnetic Flux Density, B, along a 
linear model of the Johnson permanent magnet motor 


4. The Sinusoidal Model 


The first paper (Harrison, 1979) relating, indirectly, to any mathematical analysis of the 
permanent magnet motor adopted a cosine function (Fig 12) to simulate the 
distribution of influence parameter Mé&rsquo; generated by the flat stator track of Mr 
Johmsonézrsquo;s linear model. An experimentally determined distribution, shown in 
Fig 13, was obtained by moving a Hall-effect probe over the stator track of one of Mr 
Johmsonézrsquo;s early linear models having seven flat ceramic magnet elements. The 
figure shown was produced by a plotter connected directly to the monitor computer 
controlling positioning of the Hall probe and processing its output signal. Ordinate 
values on the graph are magnetic flux density in gauss measured relative to a 
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predetermined background value. These direct-readmg experimental results suggest 
that the function 


(18) Blx) = 8 cos (27x/x,) 


substituted into Eq (4) should prove interesting to pursue as a more challenging test of 
what might be gleaned from this simple Coulomb model we have been discussing. It 
should be noted that one of the important differences between the function (18) and 
that shown in Fig 12 1s that m Eq (18) the period length parameter xp 1s double that 
shown in Figure 12. 


Using Eq (18), the total force magnitude expression Eq (5) becomes 


1 | 
T iX- x) cos(2nx/x,,) 
diag: 8 ag) formar 8 


oo peer 
r(x - + Y") 
(19) 0 = 1 x) 


Cll” 


where a total track length distance of L has been used to form the dimensionless ratios 
p =r/L, x=x/L, and xp = xp/L. Also, if Eq (7) is used for + in Eq (19), then in that 
expression one must substitute the product BL for M&rsquo;,. 


Now we plan to hold Y constant while investigating linear motion of the monopole 
along this track in the X-direction only. So we need consider only the X-component 
of F from Eq (19) which yields 


T 


J= - x) cos (2nx/x,) 

=f ———_—______—__.—_ dx 
a 
(20) 0 i 
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Figure 14: Oscillatory Path of a North Monopole restrained to x-direction 
motion over a three-element linear stator assembly 


With this expression substituted into Eq (13), mtegration becomes straightforward and 
yields the typical oscillatory type of trajectory path shown in Fig 14. As Mr Johnson 
has brought out, the focusing armature magnet of his linear model will start at either 
end ofthe stator track simply by insuring that the north end ofthis bipoled crescent is 
leading the south (see Fig. 1). So, m Fig. 14, we are showing the X-direction motion 
from right to left instead of from left to right as in our previous examples. Also, by 
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Every receiver and transmitter needs some kind of antenna. 
Strangely enough, antennas are probably the simplest electronic 
devices to build and yet at the same time the least understood. This 
chapter starts by explaining the basics of antennas and then goes on 
to give you some easy-to-build antenna projects. 
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simply rotatmg the figure clockwise through 90 degrees, 1t becomes easy to follow the 
behavior of dimensionless velocity, V,, in Fig 11, since Vx is defined as 


It will be noted in Fig 14 that the north monopole has been allowed to self-start its 
motion at the origin with V, mitially zero. 


We now discuss out final adjustment which proved to be an exciting revelation at the 
time it was first investigated several months ago. Johnson (1979, col. 5, line 39) states 
that the horizontal air-gap spacing between the magnet elements which the stator track 
comprises should vary slightly from normal in order to smooth out movement of the 
armature. Introducing this type of variation into a two-dimensional model, provided 
the charge 1s nonuniform, would certainly transform the field from conservative to 
nonconservative. It should by now be apparent that only a nonconservative model has 
any chance at all of even partially explaming the phenomena of the permanent magnet 
motor. 


With these thoughts in mind, an attempt was made to drive the armature monopole of 
Fig 14 onto the second stator magnet and beyond by varying the horizontal gap 
parameter xp during the integration process (1.e., during the motion). The results are 
shown in Fig 15. It was found that through small variations in xp in Eq (20), as the 
monopole advanced along its trajectory path from one X position to another, sufficient 
control over the moving pole could be exercised to carry it over the full length of the 
stator and beyond. 


Figure 15: Continuus Path of a North Monopole restrained to x-direction 
motion shown traversing a linear stator assembly comprised of seven 


permanent magnet elements 
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Abstract --- The invention is directed to the method of utilizing the unpaired electron 
spins in ferro magnetic and other materials as a source of magnetic fields for producing 
power without any electron flow as occurs m normal conductors, and to permanent 
magnet motors for utilizing this method to produce a power source. In the practice of 
the invention the unpaired electron spins occurring within permanent magnets are 
utilized to produce a motive power source solely through the superconducting 
characteristics of a permanent magnet and the magnetic flux created by the magnets 
are controlled and concentrated to orient the magnetic forces generated in such a 
manner to do useful continuous work, such as the displacement of a rotor with respect 
to a stator. The timing and orientation of magnetic forces at the rotor and stator 
components produced by permanent magnets to produce a motor is accomplished 
with the proper geometrical relationship of these components. 
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Description 
FIELD OF THE INVENTION 


The invention pertains to the field of permanent magnet motor devices solely using the 
magnetic fields created thereby to product motive power. 


BACKGROUND OF THE INVENTION 


Conventional electric motors employ magnetic forces to produce either rotative or 
lear motion. Electric motors operate on the principle that when a conductor is 
located in a magnetic field which carries current a magnetic force is exerted upon tt. 


Normally, in a conventional electric motor, the rotor, or stator, or both, are so wired 
that magnetic fields created by electromagnetics may employ attraction, repulsion, or 
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both types of magnetic forces, to impose a force upon the armature to cause rotation, 
or to cause the armature to be displaced in a linear path. Conventional electric motors 
may employ permanent magnets either in the armature or stator components, but in the 
art heretofore known the use of permanent magnets in either the stator or armature 
require the creation of an electromagnetic field to act upon the field produced by the 
permanent magnets, and switching means are employed to control the energization of 
the electromagnets and the orientation of the magnetic fields, to produce the motive 
power. 


It is my belief that the full potential of magnetic forces existing in permanent magnets 
has not been recognized or utilized because of incomplete information and theory with 
respect to the atomic motion occurring within a permanent magnet. It is my belief that 
a presently unnamed atomic particle is associated with the electron movement of a 
superconducting electromagnet and the lossless current flow of Amperian currents in 
permanent magnets. The unpaired electron flow is similar in both situations. This small 
particle is believed to be opposite in charge and to be located at right angles to the 
moving electron, and the particle would be very small as to penetrate all known 
elements, in their various states as well as their known compounds, unless they have 
unpaired electrons which capture these particles as they endeavor to pass 
therethrough. 


Ferro electrons differ from those of most elements in that they are unpaired, and bemg 
unpaired they spin around the nucleus in such a way that they respond to magnetic 
fields as well as creating one themselves. If they were paired, their magnetic fields 
would cancel out. However, being unpaired they create a measurable magnetic field if 
their spins have been oriented in one direction. The spms are at right angles to their 
magnetic fields. 


In niobium superconductors at a critical state, the magnetic lines of force cease to be 
at right angles. This change must be due to establishing the required conditions for 
unpaired electronic spins instead of electron flow in the conductor, and the fact that 
very powerful electromagnets that can be formed with superconductors illustrates the 
tremendous advantage of producing the magnetic field by unpaired electron spins 
rather than conventional electron flow. 


In a superconducting metal, wherein the electrical resistance becomes greater in the 
metal than the proton resistance, the flow turns to electron spins and the positive 
particles flow parallel in the metal in the manner occurring in a permanent magnet 
where a powerful flow of magnetic positive particles or magnetic flux causes the 
unpaired electrons to spin at right angles. Under cryogenic superconduction conditions 
the freezing of the crystals in place makes it possible for the spins to continue, and ma 
permanent magnet the grain orientation of the magnetized material results in the spins 
permitting them to contmue and for the flux to flow parallel to the metal. 


In a superconductor, at first the electron is flowing and the positive particle 1s spinning; 
later, when critical, the reverse occurs, 1.e., the electron is spinning and the positive 
particle is flowing at right angles. These positive particles will thread or work their way 
through the electron spins present in the metal. 


In a sense, a permanent magnet may be considered the only room temperature 
superconductor. It is a superconductor because the electron flow does not cease, and 
this electron flow can be made to do work because of the magnetic field it supplies. 
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Previously, this source of power has not been used because it was not possible to 
modify the electron flow to accomplish the switching functions of the magnetic field. 
Such switching functions are common m a conventional electric motor where electrical 
current is employed to align the much greater electron current in the iron pole pieces 
and concentrate the magnetic field at the proper places to give the thrust necessary to 
move the motor armature. In a conventional electric motor, switching is accomplished 
by the use of brushes, commutators, alternating current, or other known means. 


In order to accomplish the switching function in a permanent magnet motor, it is 
necessary to shield the magnetic leakage so that it will not appear as too great a loss 
factor at the wrong places. The best method to accomplish this is to use the 
superconductor of magnetic flux and concentrate it to the place where it will be the 
most effective. Timing and switching can be achieved in a permanent magnet motor by 
concentrating the flux and using the proper geometry of the motor rotor and stator to 
make most effective use of the magnetic fields generated by the electron spins. By the 
proper combination of materials, geometry and magnetic concentration, it is possible 
to achieve a mechanical advantage of high ratio, greater than 100 to 1, capable of 
producing a continuous motive force. 


To my knowledge, previous work done with permanent magnets, and motive devices 
utilizing permanent magnets, have not achieved the result desired in the practice of the 
inventive concept, and it is with the proper combination of materials, geometry and 
magnetic concentration that the presence of the magnetic spins within a permanent 
magnet may be utilized as a motive force. 


SUMMARY OF THE INVENTION 


It is an object of the invention to utilize the magnetic spinning phenomenon of unpaired 
electrons occurring in ferro magnetic material to produce the movement ofa mass ina 
unidirectional manner as to permit a motor to be driven solely by magnetic forces as 
occurring within permanent magnets. In the practice of the inventive concepts, motors 
of either lnear or rotative types may be produced. 


It is an object of the invention to provide the proper combination of materials, 
geometry and magnetic concentration to utilize the force generated by unpaired 
electron spins existing in permanent magnets to power a motor. Whether the motor 
constitutes a linear embodiment, or a rotary embodiment, in each instance the "stator" 
may consist of a plurality of permanent magnets fixed relative to each other m space 
relationship to define a track, linear in form in the Inear embodiment, and circular in 
form in the rotary embodiment. An armature magnet is located in spaced relationship 
to such track defined by the stator magnets wherem an air gap exists therebetween. 
The length of the armature magnet is defined by poles of opposite polarity, and the 
length of the armature magnet is disposed relative to the track defined by the stator 
magnets m the direction of the path of movement of the armature magnet as displaced 
by the magnetic forces. 


The stator magnets are so mounted that poles of like polarity are disposed toward the 
armature magnet and as the armature magnet has poles which are both attracted to 
and repelled by the adjacent pole of the stator magnets, both attraction and repulsion 
forces act upon the armature magnet to produce the relative displacement between the 
armature and stator magnets. 
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The contmumg motive force producmg displacement between the armature and stator 
magnets results from the relationship of the length of the armature magnet in the 
direction of its path of movement as related to the dimension of the stator magnets, 
and the spacing therebetween, in the direction of the path of armature magnet 
movement. This ratio of magnet and magnet spacings, and with an acceptable air gap 
spacing between the stator and armature magnets, will produce a resultant force upon 
the armature magnet which displaces the armature magnet across the stator magnet 
along its path of movement. 


In the practice of the invention movement of the armature magnet relative to the stator 
magnets results from a combination of attraction and repulsion forces existng between 
the stator and armature magnets. By concentrating the magnetic fields of the stator and 
armature magnets the motive force imposed upon the armature magnet is mtensified, 
and in the disclosed embodiments such magnetic field concentration means are 
disclosed. 


The disclosed magnetic field concentrating means comprise a plate of high magnetic 
field permeability disposed adjacent one side of the stator magnets in substantial 
engagement therewith. This high permeability material is thus disposed adjacent poles 
of like polarity of the stator magnets. The magnetic field of the armature magnet may 
be concentrated and directionally oriented by bowing the armature magnet, and the 
magnetic field may further be concentrated by shaping the pole ends of the armature 
magnet to concentrate the magnet field at a relatively limited surface at the armature 
magnet pole ends. 


Preferably, a plurality of armature magnets are used which are staggered with respect 
to each other in the direction of armature magnet movement. Such an offsetting or 
staggering of the armature magnets distributes the impulses of force imposed upon the 
armature magnets and results in a smoother application of forces to the armature 
magnet producing a smoother and more uniform movement of the armature 
component. 


In the rotary embodiment of the permanent magnet motor of the mvention the stator 
magnets are arranged in a circle, and the armature magnets rotate about the stator 
magnets. Means are disclosed for producing relative axial displacement between the 
stator and armature magnets to adjust the axial alignment thereof, and thereby regulate 
the magnitude of the magnetic forces being imposed upon the armature magnets. In 
this manner the speed of rotation of the rotary embodiment may be regulated. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The aforementioned objects and advantages of the invention will be appreciated from 
the following description and accompanying drawings wherein: 


FIG. 1 is a schematic view of electron flow ina superconductor indicating the 
unpaired electron spins, 
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FIG. 2 is a cross-sectional view of a superconductor under a critical state illustrating 
the electron spins, 
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FIG. 3 is a view ofa permanent magnet illustrating the flux movement therethrough, 
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FIG. 4 is a cross-sectional view illustrating the diameter of the magnet of FIG. 3, 
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FIG. 5 is an elevational representation of a linear motor embodiment of the permanent 
magnet motor of the invention illustrating one position of the armature magnet relative 
to the stator magnets, and indicating the magnetic forces imposed upon the armature 
magnet, 
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FIG. 6 is a view similar to FIG. 5 illustrating displacement of the armature magnet 
relative to the stator magnets, and the influence of magnetic forces thereon at this 
location, 


FIG. 7 1s a further elevational view similar to FIGS. 5 and 6 illustrating further 
displacement of the armature magnet to the left, and the influence of the magnetic 
forces thereon, 


FIG. 8 is a top plan view ofa linear embodiment of the inventive concept illustrating a 
pair of armature magnets in linked relationship disposed above the stator magnets, 
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FIG. 9 is a diametrical, elevational, sectional view ofa rotary motor embodiment in 
accord with the invention as taken along section IX--IX of FIG. 10, and 
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FIG. 10 1s an elevational view of the rotary motor embodiment as taken along section 
X--X of FIG. 9. 
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DESCRIPTION OF THE PREFERRED EMBODIMENTS 


In order to better understand the theory of the inventive concept, reference is made to 
FIGS. 1 through 4. In FIG. 1 a superconductor 1 is illustrated having a positive 
particle flow as represented by arrow 2, the unpaired electrons of the ferrous 
conducting material 1 spin at right angles to the proton flow in the conductor as 
represented by the spiral line and arrow 3. In accord with the theory of the invention 
the spmning of the ferrous unpaired electrons results from the atomic structure of 
ferrous materials and this spinning atomic particle is believed to be opposite in charge 
and located at right angles to the moving electrons. It is assumed to be very small in 
size capable of penetrating other elements and their compounds unless they have 
unpaired electrons which capture these particles as they endeavor to pass 
therethrough. 


The lack of electrical resistance of conductors at a critical superconductor state has 
long been recognized, and superconductors have been utilized to produce very high 
magnetic flux density electromagnets. FIG. 2 represents a cross section ofa critical 
superconductor and the electron spins are indicated by the arrows 3. 


A permanent magnet may be considered a superconductor as the electron flow therem 
does not cease, and is without resistance, and unpaired electric spinning particles exist 
which, in the practice of the invention, are utilized to produce motor force. FIG. 3 
illustrates a horseshoe shaped permanent magnet at 4 and the magnetic flux 
therethrough is indicated by arrows 5, the magnetic flow being from the south pole to 
the north pole and through the magnetic material. The accumulated electron spins 
occurring about the diameter of the magnet 5 are represented at 6 in FIG. 4, and the 
spinning electron particles spin at right angles in the iron as the flux travels through the 
magnet material. 


By utilizing the electron spinning theory of ferrous material electrons, it is possible with 
the proper ferromagnetic materials, geometry and magnetic concentration to utilize the 
spinning electrons to produce a motive force in a continuous direction, thereby 
resulting in a motor capable of doing work. 
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It is appreciated that the embodiments of motors utilizing the concepts of the invention 
may take many forms, and in the illustrated forms the basic relationships of 
components are illustrated in order to disclose the inventive concepts and principles. 


The relationships of the plurality of magnets defining the stator 10 are best appreciated 
from FIGS. 5 through 8. The stator magnets 12 are preferably ofa rectangular 
configuration, FIG. 8, and so magnetized that the poles exist at the large surfaces of 
the magnets, as will be appreciated from the N (North) and S (South) designations. 
The stator magnets include side edges 14 and 16 and end edges 18. The stator 
magnets are mounted upon a supporting plate 20, which is preferably of a metal 
material having a high permeability to magnetic fields and magnetic flux such as that 
available under the trademark Netic CoNetic sold by the Perfection Mica Company 
of Chicago, Illinois. Thus, the plate 20 will be disposed toward the south pole of the 
stator magnets 12, and preferably in direct engagement therewith, although a bonding 
material may be interposed between the magnets and the plate in order to accurately 
locate and fix the magnets on the plate, and position the stator magnets with respect to 
each other. 


Preferably, the spacing between the stator magnets 12 slightly differs between 
adjacent stator magnets as such a variation in spacing varies the forces being imposed 
upon the armature magnet at its ends, at any given time, and thus results in a smoother 
movement of the armature magnet relative to the stator magnets. Thus, the stator 
magnets so positioned relative to each other define a track 22 having a longitudinal 
direction left to right as viewed in FIGS. 5 through 8. 


In FIGS. 5 through 7 only a single armature magnet 24 1s disclosed, while in FIG. 8 a 
pair of armature magnets are shown. For purposes of understanding the concepts of 


the invention the description herein will be limited to the use of single armature magnet 
as shown in FIGS. 5 through 7. 


The armature magnet is of an elongated configuration wherein the length extends from 
left to right, FIG. 5, and may be of a rectangular transverse cross-sectional shape. For 
magnetic field concentrating and orientation purposes the magnet 24 is formed in an 
arcuate bowed configuration as defined by concave surfaces 26 and convex surfaces 
28, and the poles are defined at the ends of the magnet as will be appreciated from 
FIG. 5. For further magnetic field concentrating purposes the ends of the armature 
magnet are shaped by beveled surfaces 30 to minimize the cross-sectional area at the 
magnet ends at 32, and the magnetic flux existing between the poles of the armature 
magnet are as indicated by the light dotted lmes. In like manner the magnetic fields of 
the stator magnets 12 are indicated by the light dotted lines. 


The armature magnet 24 is maintained in a spaced relationship above the stator track 
22. This spacing may be accomplished by mounting the armature magnet upon a slide, 
guide or track located above the stator magnets, or the armature magnet could be 
mounted upon a wheeled vehicle carriage or slide supported upon a nonmagnetic 
surface or guideway disposed between the stator magnets and the armature magnet. 
To clarify the illustration, the means for supporting the armature magnet 24 1s not 
illustrated and such means form no part of invention, and it is to be understood that the 
means supporting the armature magnet prevents the armature magnet from moving 
away from the stator magnets, or moving closer thereto, but permits free movement of 
the armature magnet to the left or right in a direction parallel to the track 22 defined by 
the stator magnets. 
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ANTENNA BASICS 
One of the questions most asked by newly-licensed Novices 
is, “What should I use for an antenna?” 

While no one solution is right for everyone, here is one which 
should satisfy the requirements of most Novices (and some more 
experienced hams), even if they live in places where materials are 
hard to get. This idea won't cost an arm and a leg, either. 

The half-wave dipole antenna is probably the most widely- 
used amateur antenna in the world, because it is cheap, easy to 
build, easy to erect, easy to feed, and it gives good results. So build 
your antenna system around the dipole. The “ingredients” you'll 
need are wire, insulators, feedline, and supports. 

Start with the wire. There are several good sources which are 
right on the beaten track. One is your local electrical contractor. 
He always has scraps of wire left over that can be bought quite 
reasonably (sometimes for nothing, if he is sympathetic toward 
amateur radio). Ask him if he has any scraps of No. 12, 14, or 16 
wire. He may have 10- to 30-foot long pieces, but don’t worry about 
that. These pieces can be soldered together with good results. Be 
sure the joint is mechanically sound and that the wire is heated 
enough to let the solder flow. Also, be sure you get copper wire and 
use rosin-core solder (acid-core solder is for guttering). Don't 
worry about the insulation. It won’t harm the antenna’s sending and 
receiving properties. Don’t get any insulation in the solder joints, 
however. 

Another source of wire could be your local radio and TV repair 
shop. Ask the repairman if he has any old burned-out TV trans- 
formers he will give you. These can be taken apart and the wire 
taken from the core for your antennas. Be sure to sand off the 
varnish used for insulation at any solder joints. 

Egg insulators can be bought at an electronics store, but you 
probably have the makings for some excellent insulators right at 
home. Many consumer products now come in shatterproof plastic 
bottles (shampoo, mouthwash, etc.). The bases of these bottles, 
especially oval-shaped bases, can be cut out and made into very 
good insulators. 

Many hams have the misconception that coaxial cable must be 
used as feedline for dipoles. Coax if fine, but it isn’t the only kind of 
feedline that works. For years, I have used flat line, simply two 
parallel wires, with excellent results. So where do you get flat 
line? Just go to the local hardware or discount store and buy either 
plastic-covered lamp cord or four-conductor flat TV rotator cable 
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It will be noted that the length of the armature magnet 24 is slightly greater than the 
width of two of the stator magnets 12 and the spacing therebetween. The magnetic 
forces acting upon the armature magnet when in the position of FIG. 5 will be 
repulsion forces 34 due to the proximity of like polarity forces and attraction forces at 
36 because of the opposite polarity of the south pole of the armature magnet, and the 
north pole field of the sector magnets. The relative strength of this force is represented 
by the thickness of the force line. 


The resultant of the force vectors imposed upon the armature magnet as shown in 
FIG. 5 produce a primary force vector 38 toward the left, FIG. 5, displacing the 
armature magnet 24 toward the left. In FIG. 6 the magnetic forces acting upon the 
armature magnet are represented by the same reference numerals as in FIG. 5. While 
the forces 34 constitute repulsion forces tending to move the north pole of the 
armature magnet away from the stator magnets, the attraction forces imposed upon 
the south pole of the armature magnet and some of the repulsion forces, tend to move 
the armature magnet further to the left, and as the resultant force 38 continues to be 
toward the left the armature magnet continues to be forced to the left. 


FIG. 7 represents further displacement of the armature magnet 24 to the left with 
respect to the position of FIG. 6, and the magnetic forces acting thereon are 
represented by the same reference numerals as in FIGS. 5 and 6, and the stator 
magnet will continue to move to the left, and such movement continues the length of 
the track 22 defined by the stator magnets 12. 


Upon the armature magnet being reversed such that the north pole is positioned at the 
right as viewed in FIG. 5, and the south pole is positioned at the left, the direction of 
movement of the armature magnet relative to the stator magnets is toward the right, 
and the theory of movement is identical to that described above. 


In FIG. 8 a plurality of armature magnets 40 and 42 are illustrated which are 
connected by links 44. The armature magnets are of a shape and configuration 
identical to that of the embodiment of FIG. 5, but the magnets are staggered with 
respect to each other in the direction of magnet movement, 1.e., the direction of the 
track 22 defined by the stator magnets 12. By so staggering a plurality of armature 
magnets a smoother movement of the interconnected armature magnets is produced as 
compared when using a single armature magnet as there is variation in the forces acting 
upon each armature magnet as it moves above the track 22 due to the change in 
magnetic forces imposed thereon. The use of several armature magnets tends to 
"smooth out" the application of forces imposed upon linked armature magnets, 
resulting in a smoother movement of the armature magnet assembly. Of course, any 
number of armature magnets may be interconnected, limited only by the width of the 
stator magnet track 22. 


In FIGS. 9 and 10 a rotary embodiment embracing the inventive concepts is 
illustrated. In this embodiment the principle of operation is identical to that described 
above, but the orientation of the stator and armature magnets 1s such that rotation of 
the armature magnets 1s produced about an axis, rather than a linear movement being 
achieved. 


In FIGS. 9 and 10 a base is represented at 46 serving as a support for a stator 
member 48. The stator member 48 is made of a nonmagnetic material, such as 
synthetic plastic, aluminum, or the like. The stator includes a cylindrical surface 50 
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having an axis, and a threaded bore 52 is concentrically defined in the stator. The 
stator includes an annular groove 54 receiving an annular sleeve 56 of high magnetic 
field permeability material such as Netic Co-Netic and a plurality of stator magnets 58 
are affixed upon the sleeve 56 in spaced circumferential relationship as will be 
apparent in FIG. 10. Preferably, the stator magnets 58 are formed with converging 
radial sides as to be of a wedge configuration having a curved inner surface engaging 
sleeve 56, and a convex outer pole surface 60. 


The armature 62, in the illustrated embodiment, is of a dished configuration having a 
radial web portion, and an axially extending portion 64. The armature 62 1s formed of 
a nonmagnetic material, and an annular belt receiving groove 66 is defined therein for 
receiving a belt for transmittmg power from the armature to a generator, or other 
power consuming device. Three armature magnets 68 are mounted on the armature 
portion 64, and such magnets are ofa configuration similar to the armature magnet 
configuration of FIGS. 5 through 7. The magnets 68 are staggered with respect to 
each other in a circumferential direction wherein the magnets are not disposed as 
120.degree. circumferential relationships to each other. Rather, a slight angular 
staggering of the armature magnets is desirable to "smooth out" the magnetic forces 
bemg imposed upon the armature as a result of the magnetic forces being 
simultaneously imposed upon each of the armature magnets. The staggering of the 
armature magnets 68 in a circumferential direction produces the same effect as the 
staggering of the armature magnets 40 and 42 as shown in FIG. 8. 


The armature 62 is mounted upon a threaded shaft 70 by antifriction bearmgs 72, and 
the shaft 70 is threaded into the stator threaded bore 52, and may be rotated by the 
knob 74. In this manner rotation of the knob 74, and shaft 70, axially displaces the 
armature 62 with respect to the stator magnets 58, and such axial displacement will 
very the magnitude of the magnetic forces imposed upon the armature magnets 68 by 
the stator magnets thereby controlling the speed of rotation of the armature. 


As will be noted from FIGS. 4-7 and 9 and 10, an air gap exists between the 
armature magnet or magnets and the stator magnets and the dimension of this spacing, 
effects the magnitude of the forces imposed upon the armature magnet or magnets. If 
the distance between the armature magents, and the stator magnets is reduced the 
forces imposed upon the armature magnets by the stator magnets are increased, and 
the resultant force vector tending to displace the armature magnets in their path of 
movement increases. However, the decreasing of the spacing between the armature 
and stator magnets creates a "pulsation" in the movement of the armature magnets 
which is objectionable, but can be, to some extent, minimized by using a plurality of 
armature magnets. The increasing of the distance between the armature and stator 
magnets reduces the pulsation tendency of the armature magnet, but also reduces the 
magnitude of the magnetic forces imposed upon the armature magnets. Thus, the most 
effective spacing between the armature magnets. Thus, the most effective spacing 
between the armature and stator magnets is that spacing which produces the maximum 
force vector in the direction of armature magnet movement, with a minimum creation 
of objectionable pulsation. 


In the disclosed embodiments the high permeability plate 20 and sleeve 56 are 
disclosed for concentrating the magnetic field of the stator magnets, and the armature 
magnets are bowed and have shaped ends for magnetic field concentration purposes. 
While such magnetic field concentration means result in higher forces imposed upon 
the armature magnets for given magnet intensities, it is not intended that the inventive 
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concepts be limited to the use of such magnetic field concentrating means. 


As will be appreciated from the above description of the invention, the movement of 
the armature magnet or magnets resultsfrom the described relationship of components. 
The length of the armature magnets as related to the width of the stator magnets and 
spacing therebetween, the dimension of the air gap and the configuration of the 
magnetic field, combined, produce the desired result and motion. The inventive 
concepts may be practiced even though these relationships may be varied within limits 
not yet defined and the invention is intended to encompass all dimensional relationships 
which achieve the desired goal of armature movement. By way of example, with 
respect to FIGS. 4-7, the following dimensions were used in an operating prototype: 


The length of armature magnet 24 1s 31/8", the stator magnets 12 are 1" wide, 1/4" 
thick and 4" long and grain oriented. The air gap between the poles of the armature 
magnet and the stator magnets 1s approximately 11/2" and the spacing between the 
stator magnets 1s approximately 1/2" inch. 


In effect, the stator magnets define a magnetic field track ofa single polarity 
transversely interrupted at spaced locations by the magnetic fields produced by the 
lines of force existing between the poles of the stator magnets and the unidirectional 
force exerted on the armature magnet is a result of the repulsion and attraction forces 
existing as the armature magnet traverses this magnetic field track. 


It is to be understood that the inventive concept embraces an arrangement wherein the 
armature magnet component is stationary and the stator assembly is supported for 
movement and constitutes the moving component, and other variations of the inventive 
concept will be apparent to those skilled in the art without departing from the scope 
thereof. As used herein the term "track" is intended to include both linear and circular 
arrangements of the static magnets, and the "direction" or "length" of the track is that 
direction parallel or concentric to the intended direction of armature magnet 
movement. 


United States Patent 4,877,983 
Magnetic Force Generating Method & Apparatus 
Howard R. Johnson 
( October 31, 1989 ) 


Abstract --- A permanent magnet armature is magnetically propelled along a guided 
path by interaction with the field within a flux zone limited on either side of the path by 
an arrangement of permanent stator magnets. 


Inventors: Johnson; Howard R. (Box 199, 314 N. Main, Blacksburg, VA 24060) 
Appl. No.: 799618 ~ Filed: November 19, 1985 


Current U.S. Class: 310/12; 310/152 ~ Intern'l Class: HO2K 041/00 
Field of Search: 310/152,12,46 
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Claims 
What is claimed as new is as follows: 


1. In combination with a movable armature, means for guiding movement of the 
armature along a predetermined path and a permanent armature magnet having 
magnetic poles of opposite polarity spaced from each other along said path to 
establish a magnetic field of limited extent movable with the armature and magnetic 
stator means for establishing a stationary magnetic flux zone along said path, the 
improvement comprising flux emitting surfaces of one polarity mounted on the stator 
means on opposite sides of said path for limiting said flux zone through which said path 
extends and means mounting the permanent armature magnet on the armature with the 
poles thereof orientated relative to said flux emitting surfaces on the stator means for 
unidirectionally propelling the armature along said path through the limited zone in 
response to magnetic interaction between the movable magnetic field and the limited 
flux zone, said magnetic stator means including a plurality of magnetic gate assemblies 
fixedly spaced from each other along said path and respectively establishing stationary 
magnetic fields, each of said gate assemblies including a plurality of interconnected bar 
magnets substantially bordering said limited flux zone exposing pole faces of opposite 
polarity in parallel spaced planes intersected by said path, and magnetic means 
connected to said interconnected bar magnets exposing one of the flux emitting 
surfaces of said one polarity perpendicular to said parallel planes for magnetic 
interaction of the stationary magnetic fields. 


2. The combination of claim 1 wherein said armature magnet is curved between end 
faces at which said poles of opposite polarity are located, the end faces being 
orientated by the mounting means in converging relation to each other toward the 
guiding means. 


3. In combination with a movable armature, means for guiding movement of the 
armature along a predetermined path and a permanent armature magnet having 
magnetic poles of opposite polarity spaced from each other along said path to 
establish a magnetic field of limited extent movable with the armature and magnetic 
stator means for establishing a stationary magnetic flux zone along said path, the 
improvement comprising flux emitting surfaces of one polarity mounted on the stator 
means on opposite sides of said path for limiting said flux zone through which said path 
extends and means mounting the permanent armature magnet on the armature with the 
poles faces thereof orientated relative to said flux emitting surfaces on the stator means 
for unidirectionally propelling the armature along said path through the limited zone in 
response to magnetic interaction between the movable magnetic field and the limited 
flux zone, said armature magnet being curved between end faces at which said poles 
of opposite polarity are located, the end faces being orientated by the mounting means 
in converging relation to each other toward the guiding means. 


4. In combmation with a movable armature, means for guiding movement of the 
armature along a predetermined path and a permanent armature magnet having 
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magnetic poles of opposite polarity spaced from each other along said path to 
establish a magnetic field of limited extent movable with the armature and magnetic 
stator means for establishing a stationary magnetic flux zone along said path, the 
improvement comprising flux emitting surfaces of one polarity mounted on the stator 
means on opposite sides of said path for limiting said flux zone through which said path 
extends and means mounting the permanent armature magnet on the armature with the 
poles thereof orientated relative to said flux emitting surfaces on the stator means for 
unidirectionally propelling the armature along said path through the limited zone in 
response to magnetic interaction between the movable magnetic field and the limited 
flux zone, said magnetic stator means including a pair of permanent magnet assemblies 
having contmuous, confronting pole faces of said one polarity bordering said limited 
zone, each of said assemblies having means for varying magnetic field intensity mn the 
flux zone along said path, and a second armature magnet connected to the first 
mentioned armature magnet in mirror image relation thereto. 


5. The combination of claim 4 wherein said armature magnet is curved between end 
faces at which said poles of opposite polarity are located, the end faces being 
orientated by the mounting means in a plane parallel to said path. 


6. In combination with a movable armature, means for guiding movement of the 
armature along a predetermined path and a permanent armature magnet mounted on 
the armature having magnetic poles of opposite polarity spaced from each other along 
said path, the improvement comprising a plurality of permanent magnet gate 
assemblies mounted m spaced relation to each other along said path establishing 
interacting stationary magnetic fields along said path, each of said assemblies including 
stator magnets interconnected in surrounding relation to said path and having pole 
faces of opposite polarity aligned with parallel planes intersected by said path and 
magnetic means fixed to the pole faces aligned with one of the parallel planes for 
interaction of the armature magnet with said stationary magnetic fields for 
unidirectional propulsion of the armature along said path, said magnetic means being 
an annular magnet having a radially inner pole surface of one polarity enclosing a 
magnetic flux zone through which said path extends. 


Description 
BACKGROUND OF THE INVENTION 


This invention relates m general to the use of permanent magnets to generate 
unidirectional propelling forces. 


The generation of unidirectional propelling forces by permanent magnets 1s already 
known and recognized in U.S. Pat. Nos. 4,151,431 and 4,215,330 to Johnson and 
Hartmen, respectively, by way of example. According to applicant's own prior Pat. 
No. 4,151,431, such forces are generated by magnetic interaction between a curved 
magnet bar of an armature guided for movement along a circular path and an 
arrangement of spaced stator magnets having pole faces of one polarity facing the 
armature on one side thereof parallel to the path of movement. 


It is therefore an important object of the present invention to provide certain improved 
stator arrangements of permanent magnets interacting with a permanent magnet 
armature for unidirectional propulsion thereof in a novel manner believed to be more 
efficient. 
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SUMMARY OF THE INVENTION 


In accordance with the present invention, the armature magnet is guided along a path 
through a magnetic flux zone limited on opposite sides of the path by an arrangement 
of magnetic pole surfaces of one polarity on stator magnets. According to one 
embodiment, the flux zone is formed by spaced gate assemblies of magnets having 
exposed pole faces of one polarity ina plane perpendicular to the armature path from 
which a magnetic field extends to the opposite pole faces and a ring magnet fixed to 
such opposite pole faces of the other polarity, with a radially inner pole surface of the 
same polarity producing a magnetic field perpendicular to the first mentioned field to 
their opposite radially outer pole surfaces. 


According to another embodiment, the flux zone is formed between continuous 
confronting pole surfaces of one polarity on stator magnets arranged to produce a 
magnetic field of varying intensity along the armature path. 


In yet another embodiment, at least two curved bar magnets are interconnected to 
form the armature with two pairs of pole faces spaced along the armature path. 


These together with other objects and advantages which will become subsequently 
apparent reside in the details of construction and operation as more fully hereafter 
described and claimed, reference bemg had to the accompanying drawings forming a 
part hereof, wherein like numerals refer to like parts throughout. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a somewhat schematic side elevational view showing an installation of the 
present invention in accordance with one embodiment, with parts broken away and 
shown m section. 


FIG. 2 1s a transverse sectional view taken substantially through a plane indicated by 
section line 2--2 in FIG. 1. 
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FIG. 2 
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FIG. 3 1s an enlarged partial sectional view taken substantially through a plane 
indicated by section line 3--3 in FIG. 1. 
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FIG. 4 is a top plan view of an installation in accordance with another embodiment of 
the invention. 
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FIG. 5 1s a sectional view taken substantially through a plane indicated by section line 
5--5 m FIG. 4. 


FIG. 6 1s a sectional view taken substantially through a plane indicated by section line 


5--5 m FIG. 5. 
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FIG. 7 is a simplified side view through the flux zone shown in FIGS. 4, 5 and 6 with 
the armature bar magnet positioned therein. 
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FIG. 8 is a top plan view of an installation in accordance with yet another 


embodiment. 
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FIG. 9 is an enlarged partial sectional view through a plane indicated by section line 9- 
-9 in FIG. 8. 


DETAILED DESCRIPTION OF THE PREFERRED EMBODIMENTS 


Referring now to the drawings in detail, FIG. 1 illustrates one embodiment of the 
invention in which a magnetic armature generally referred to by reference numeral 10 
is unidirectionally propelled along a predetermined path established by a motion 
guiding track 12 fixed to a frame or support 14. The path is represented by a line 16 
extending through pole faces 18 and 20 of opposite polarity at the longitudinal ends of 
a curved armature bar magnet 22. The armature 10 in the illustrated example includes 
a wheeled vehicle mount 24 to which the armature magnet 22 1s fixedly secured with 
the pole faces 18 and 20 converging toward the guiding track 12. The pole faces 18 
and 20 are furthermore orientated so that the magnetic field extending between pole 
faces 18 and 20 is movable therewith within a flux zone 26 limited in surrounding 
relation to the guided path at spaced locations by stator gate assemblies 28 formed by 
permanent magnets fixed to the frame support 14. 


Each of the stator gate assemblies 28 as shown in FIGS. 1-3, includes four bar 
magnets 30 interconnected at corners by non-magnetic elements 32, such as triangular 
wooden blocks as more clearly seen in FIG. 3, to forma rectangular enclosure in 
surrounding relation to the track 12. Pole faces 34 and 36 between which a stationary 
magentic field extends are formed on the bar magnets substantially aligned with parallel 
spaced planes in perpendicular intersecting relation to the path line 16. The pole face 
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34 of one polarity (north) 1s effective through its magnetic field to magnetically interact 
with the magnetic field of the armature magnet 22 causing unidirectional propulsion of 
the armature 10 as actually observed during tests. Such magnetic interaction 1s 
obviously influenced by the pole face 36 of opposite polarity (south) abutting and fixed 
to an annular or circular rng magnet 38 magnets 30. The interconnected and 38 may 
be held m assembled relation by an outer skin or sheathing 40 as shown in FIG. 3. 


The rmg magnet 38 has a radially inner pole surface 42 of the same polarity (north) as 
that of the pole faces 34 to interact with the other pole faces 36 as aforementioned, to 
the exclusion of the radially outer pole surface 44. The obvious effect of said 
arrangement is to exert a net magnetic force on the armature magnet 22 causing the 
observed continuous, unidirectional propulsion thereof through the gate assemblies 28. 
Such assemblies 28 are spaced apart distance dependent on the magnetic field 
intensity or strength of the permanent magnets 30 and 38 which dictate the effective 
axial extent of the aforementioned magnetic fields associated with the assemblies 28 
and the armature magnet 22. 


FIGS. 4-7 illustrate another embodiment of the invention utilizing the same type of 
movable armature 10 guided along a predetermined path by a frame mounted track 
12 extending through a flux zone 46 established by another type of permanent magnet 
stator arrangement, generally referred to by reference numeral 48. The stator 48 
includes a pair of permanent magnet assemblies 50 extending m parallel spaced 
relation to each other on opposite sides of the armature path established by the track 
12. Each assembly 50 is a mirror image of the other so as to expose continuous 
confronting pole surfaces formed by a magnetic layer material 52 such as Neodynmum, 
mounted on interconnected ceramic bodies 54. The confronting pole surfaces of the 
magnetic layers 52 are of like polarity (north), opposite to the polarity of the pole 
surface of magnetic layer sections 56 and 58 made of Samarium Cobalt, for example, 
and carried on the ceramic bodies 54. The bodies 54 have transversely extending 
flange portions 60 at the abutting ends so as to mount the layer sections sections 58 
laterally outwardly of layer sections 56 as more clearly seen in FIGS. 4 and 6 to 
thereby vary the magnetic field intensity along the guided armature path within the 
limited flux zone 46 m which the magnetic fields of the stator assembly 48 interact with 
the magnetic field of bar magnet 22. 


The curved armature magnet 22 is orientated within the flux zone 46 between the 
confronting pole surfaces on 52 as depicted in FIG. 7, with the pole faces 18 and 20 
converging toward the track 12 as previously described m connection with FIGS. 1-3. 
However, it was found that maximum propelling thrust is produced by optimum 
location of the path line 16 through the pole faces 18 and 20 a distance 62 closer to 
the upper edge of surface layer 52 than the lower edge on the frame support 14. 


FIGS. 8 and 9 illustrate yet another embodiment of the invention involving the same 
type of permanent magnet stator arrangement 50 as described with respect to FIGS. 
4-7. a modified form of armature 10' is featured in FIGS. 8 and 9, including two 
curved armature magnets 64 that are mirror images of each other with respect to an 
intermediate abutting portion 66. The magnets 64 are interconnected at the abutting 
portion 66 in alignment with a plane containing the path line 16 centrally between the 
confronting pole surfaces on 52. The end pole faces 68 and 70 for each magnet 64, 
are aligned with a plane in parallel spaced relation between the path line 16 and the 
pole surface on 52. With the number of pole faces thereby doubled for the armature, a 
higher and more efficient propelling thrust may be achieved. 
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(you have to separate the rotator cable into two-conductor line, but 
that's easy to do). Either the lamp cord or the divided TV rotator 
cable has conductors spaced so that the characteristic impedance is 
in the 50- to75-ohm range—perfect for feeding dipoles. 

Sometimes you may be lucky enough to have trees spaced just 
right so that you can erect your dipoles between them. Nylon twine 
purchased at the hardware or discount store is fine for this. But 
many subdivision lots have neither the space nor the trees to allow 
convenient dipole placement. However, don't be discouraged. You 
can make a support for the center of your dipoles using two 10-foot 
TV masts (see your local discount store) nested together. Use 
more than two masts if you can support them. Drive a4' x Y” or Y” 
water pipe halfway into the ground, and slip the mast over the pipe. 
For a 20-foot mast, no guying will be needed if you mount 80 and 40 
meter dipole center insulators at the top and swing the elements 
out in “semi-inverted-V” style at 90 degree angles (or as close as 
possible) around the top of the mast. Use an eyebolt and nylon 
twine to support the insulators, and apply plastic electrician's tape 
about 12” down from the top of the mast to prevent the antenna 
from touching the metal. Use nylon twine to tie off the ends of the 
dipoles (don't tie them too low where people walk!). See Fig. 7-1 
for details. 

A 40 meter dipole can be used for both 40 and 15 meters quite 
effectively. A 10 meter “piggyback” antenna can be added to the 80 
meter dipole (using the same feedline) with good results without 
affecting performances on 80 (see Fig. 7-2). However, it is recom- 
mended that two different feedlines be used for the 40/15 and 
80/10 meter dipoles, due to harmonic problems which can arise 
when the same feedline is used to feed two antennas, one of which 
is resonant at the second harmonic of the other. 

Now, what about the lengths of the dipoles? Use this formula: 
Length of Y-wave dipole in feet (or Ya A) = 468/frequency in MHz. 
So an 80 meter dipole for 3.775 MHz is about 123' 11” long, a 40 
meter dipole (7.125 MHz) = 65' 8”, and a 10 meter dipole (28.150 
MHz) = 16' 8”. 

Be sure when you put up this or any antenna system that you 
stay well clear of any overhead power lines. And be extra careful 
when climbing trees or roofs. It is far better to have an antenna “not 
quite as high as you wanted it” than to risk broken bones or worse! 


THE “NO ANTENNAS” ANTENNA 


Are you one of the unfortunate few who happens to be an 
apartment dweller ham? And is your landlord or apartment man- 
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The foregoing is considered as illustrative only of the principles of the invention. 
Further, since numerous modifications and changes will readily occur to those skilled 
in the art, it is not desired to limit the invention to the exact construction and operation 
shown and described, and accordingly, all suitable modifications and equivalents may 
be restorted to, fallmg within the scope of the invention. 


US Patent # 5,402,021 
Magnetic Propulsion System 
Howard R. Johnson 


( March 28, 1995 ) 


Abstract --- A magnetic propulsion system including a plurality of specifically 
arranged permanent magnets and a magnetic vehicle propelled thereby along a path 
defined by the permanent magnets. The magnetic vehicle which 1s to be propelled 
includes a rigidly attached armature comprising several curved magnets. The 
propulsion system further includes two parallel walls of permanent magnets arranged 
so as to define the lateral sides of a vehicle path. Preferably, the walls are identical to 
one another except that the polarities of the magnets which define one wall are 
opposite from the polarities of the corresponding magnets in the opposite wall. A first 
wall, for example, includes a series of generally rectangular magnets, each magnet 
arranged with a North-to-South axis pomting longitudinally down the wall in the 
intended direction of vehicle travel. Each of the rectangular magnets is separated from 
the next successive rectangular magnet by a thinner magnet, which thinner magnet is 
arranged with its North-to-South axis pointing laterally toward the opposite wall and 
therefore perpendicular with respect to the North-to-South axis of the rectangular 
magnets. The opposite (or second) wall includes the same general arrangement of 
magnets, except that the North-to-South axis for each of the generally rectangular 
magnets is in a direction opposite from the direction of vehicle travel and the North- 
to-South axis of the thinner magnets points away from the first wall. In addition, the 
propulsion system includes several spin accelerators. 


Inventors: Johnson; Howard R. (1440 Harding Rd., Blacksburg, VA 24060) 
Appl. No.: 064930 ~ Filed: May 24, 1993 


Current U.S. Class: 310/12; 198/619; 310/152 
Intern'l Class: B65G 035/06; HO2K 041/00 
Field of Search: 310/12,152,46 198/619,805 
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Applications of Magnetism, pp. 42-47 date unknown. 


Description 
FIELD OF THE INVENTION 


The present invention relates to a magnetic propulsion system including a plurality of 
specifically arranged permanent magnets and a magnetic vehicle propelled thereby 
along a path defined by the permanent magnets. 


BACKGROUND OF THE INVENTION 


The generation of unidirectional propelling forces by permanent magnets 1s already 
known and recognized in U.S. Pat. Nos. 4,151,431 and 4,877,983 to Johnson, and 
U.S. Pat. No. 4,215,330 to Hartmen, by way of example. According to applicant's 
first patent (U.S. Pat. No. 4,151,431), such forces are generated by magnetic 
interaction between a curved magnet bar of an armature guided for movement along a 
circular path and an arrangement of spaced stator magnets having pole faces of one 
polarity facing the armature on one side thereof parallel to the path of movement. 


According to applicant's second patent (U.S. Pat. No. 4,877,983), the armature 
magnet is mounted on a vehicle and guided along a path through a magnetic flux zone 
limited on opposite sides of the path by an arrangement of magnetic pole surfaces of 
one polarity on stator magnets. According to one embodiment of the second patent, 
the flux zone 1s formed by spaced gate assemblies of magnets having exposed pole 
faces of one polarity in a plane perpendicular to the armature path from which a 
magnetic field extends to the opposite pole faces and a rmg magnet fixed to such 
opposite pole faces of the other polarity, with a radially inner pole surface of the same 
polarity producing a magnetic field perpendicular to the first mentioned field to their 
opposite radially outer pole surfaces. Several other embodiments are illustrated 
including variations in the armature structure and in the stator structure; however, all of 
the embodiments teach use of an annular stator assembly. 


SUMMARY OF THE INVENTION 


It is therefore an object of the present invention to provide an improved magnetic 
propulsion system having a plurality of permanent magnets and a magnetic vehicle 
propelled thereby along a path defined by the permanent magnets, wherein the 
permanent magnets need not encircle the path of the magnetic vehicle. 


In order to achieve this and other objects, the present invention comprises two parallel 
walls of permanent magnets arranged so as to define the lateral sides of a vehicle path. 
The walls are identical to one another except that the polarities of the magnets which 
define one wall are opposite from the polarities of the corresponding magnets in the 
opposite wall. 


A first wall, for example, includes a series of generally rectangular magnets, each 
magnet arranged with a North-to-South axis pointing longitudinally down the wall in 
the intended direction of vehicle travel. Each of the rectangular magnets is separated 
from the next successive rectangular magnet by a thinner magnet, which thinner magnet 
is arranged with its North-to-South axis pomting laterally toward the opposite wall and 
therefore perpendicular with respect to the North-to-South axis of the rectangular 
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magnets. 


The pole-to-pole length of each thinner magnet is preferably no more than half the 
width of the generally rectangular magnets. Accordingly, a gap on the inside surface of 
the wall is defined by the presence of each thinner magnet. 


The opposite (or second) wall includes the same general arrangement of magnets, 
except that the North-to-South axis for each of the generally rectangular magnets is in 
a direction opposite from the direction of vehicle travel and the North-to-South axis of 
the thinner magnets points away from the first wall. 


In addition, the propulsion system of the present mvention includes several spin 
accelerators for crowding the magnetic fields at predetermined positions along the 
length of the walls. This crowding of the magnetic fields serves to intensify the fields 
and causes the vehicle's armature to be accelerated faster than would otherwise be the 
case without the spin accelerators. 


The spin accelerators project laterally outward from each of the walls at 
predetermined positions along the longitudinal length of each wall. Each spin 
accelerator comprises a generally rectangular permanent magnet which is preferably 
identical to that of the first and second walls. Each spin accelerator further includes a 
shorter magnet having a smaller pole-to-pole length than that of the generally 
rectangular magnet and a wedge separating the generally rectangular magnet of the 
spin accelerator from the shorter magnet. 


The orientation of the generally rectangular magnet in the spin accelerator is 
determined by which pole of the wall's thinner magnet is facing outwardly. The 
rectangular magnet's orientation is such that face-to-face contact is established 
between opposite poles of the generally rectangular magnet in the spin accelerator and 
the thinner magnet in the wall. Accordingly, the North-to-South axis of the generally 
rectangular magnet in the spin accelerator pomts in the same direction as the North-to- 
South axis of the thinner magnet in the wall. The shorter magnet in the spm accelerator 
is likewise arranged with its North-to-South axis pointing in the same general direction 
as that of the thinner magnet m the wall; but here, an acute angular tilt away from the 
North-to-South axis of the thinner magnet is established by the wedge. In particular, 
the angle of the wedge determines the acute angle which exists between the North-to- 
South axis of the shorter magnet in the spin accelerator and the North-to-South axis of 
the thinner magnet in the wall. 


The magnetic vehicle which is to be propelled by the instant propulsion system 
includes a rigidly attached armature comprising several curved magnets. Each curved 
magnet is arranged on the vehicle such that its North-to-South axis is parallel with 
respect to that of the other curved magnets. In particular, the North-to-South axes of 
all the curved magnets point in the same direction as the North-to-South axes of the 
thinner magnets in each wall. The vehicle itselfis preferably a wheeled vehicle mounted 
on a track; however, it is understood that other vehicle structures will suffice so long 
as the vehicle is maintained between the walls of the propulsion system. 


In operation, the magnetic fields created by the two walls exert a propelling force on 
the armature of the vehicle in the desired direction of travel. Since the armature of the 
vehicle is rigidly attached to the vehicle, the vehicle itself begins to accelerate and is 
hence set in motion by the propulsion system. 
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Preferably, the curved magnets of the vehicle armature are "Alnico 8" magnets tipped 
with neodymium magnets. The magnets which constitute the walls and spin 
accelerators are preferably made of neodymium and ceramic material, except for the 
thinner magnets. The thinner magnets are preferably made of rubber or plastic, and 
each can comprise a plurality of magnetic rubber or plastic layers. 


Although the present invention has been described with regard to generally rectangular 
magnets, it is understood that other permanent magnet shapes will suffice, including but 
not limited to generally cylindrical shapes. 


BRIEF DESCRIPTION OF THE DRAWING 


FIG. 1 1s a schematic plan view of a magnetic propulsion system m accordance with a 
preferred embodiment of the present mvention. 


ne hi | | 


DETAILED DESCRIPTION OF A PREFERRED EMBODIMENT 


With reference to FIG. 1, a preferred embodiment of the inventive magnetic 
propulsion system and vehicle propelled thereby will now be described. 


FIG. 1 schematically illustrates a propulsion system 10 comprising two parallel 
magnetic walls 12,14 which are stationary, and an armature 16 rigidly attached to a 
vehicle 18. The two parallel walls 12,14 are formed from several permanent magnets 
arranged so as to define the lateral sides of a vehicle path. The desired direction of 
vehicle travel is indicated by an arrow A in FIG. 1. The two walls 12,14 are identical 
to one another except that the polarities of the magnets which define one wall 12 are 
opposite from the polarities of the corresponding magnets in the opposite wall 14. A 
first wall 12, for example, includes a series of generally rectangular magnets 20, each 
magnet arranged with a North-to-South axis pomtmg longitudinally down the wall in 
the intended direction of vehicle travel (indicated by arrow A). Each of the magnets 20 
preferably comprises a ceramic magnet with a neodymium north pole. In addition, 
each of the generally rectangular magnets 20 is separated from the next successive 
rectangular magnet 20 by a thinner magnet 22. The thinner magnets 22 are arranged 
with their North-to-South axes pointing laterally toward the opposite wall 14 and 
therefore perpendicular with respect to the North-to-South axis of the rectangular 
magnets 20. Each thinner magnet 22 is preferably made from rubber or plastic 
permanently magnetic material. Also, the pole-to-pole length of each thinner magnet 
22 is preferably no more than half the width of the generally rectangular magnets 20. 
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Consequently, a gap 24 on the inside surface of the wall 12 is defined by the presence 
of each thinner magnet 22. 


The opposite (or second) wall 14 includes the same general arrangement of magnets 
20,22, except that the North-to-South axis for each of the generally rectangular 
magnets 20 pomts m a direction opposite from the direction of vehicle travel, while the 
North-to-South axes of the thinner magnets 22 point away from the first wall 12. 


By arranging the thinner magnets 22 between the generally rectangular magnets 20 in 
the foregoing manner, there is a pole shading effect on the magnets 20 of the walls 
12,14. 


In addition, the propulsion system 10 of the preferred embodiment includes several 
spin accelerators 26 for crowding the magnetic fields at predetermined positions along 
the length of the walls 12,14. This crowding of the magnetic fields serves to intensify 
the fields and causes the vehicle's armature to be accelerated faster than would 
otherwise be the case without the spm accelerators. 


The spin accelerators 26 project laterally outward from each of the walls 12,14 at 
predetermined positions along the longitudinal length of each wall 12,14. According to 
the preferred embodiment, the spin accelerators 26 are positioned along the walls 
12,14 at every other thinner magnet 22 (as is shown in the middle of FIG. 1). Each 
spin accelerator 26 comprises a generally rectangular permanent magnet 28 which is 
preferably identical or very similar to that of the first and second walls 12,14. Each 
spin accelerator 26 further includes a shorter magnet 30 having a smaller pole-to-pole 
length than that of the generally rectangular magnet 28 and a wedge 32 separating the 
generally rectangular magnet 28 of the spin accelerator 26 from the shorter magnet 30. 
The orientation of the generally rectangular magnet 28 in the spin accelerator 26 1s 
determined by which pole of the walls thinner magnet 22 is facing outwardly. The 
rectangular magnet's orientation 1s such that face-to-face contact is established 
between opposite poles of the generally rectangular magnet 28 m the spin accelerator 
26 and the thinner magnet 22 in the wall 12,14. Accordingly, the North-to-South axis 
of the generally rectangular magnet 28 in the spin accelerator 26 points in the same 
direction as the North-to-South axis of the thinner magnet 22 in the wall 12,14. The 
shorter magnet 30 in the spin accelerator 26 is likewise arranged with its North-to- 
South axis pomting in the same general direction as that of the thinner magnet 22 in the 
wall 12,14; but here, an acute angular tilt away from the North-to-South axis of the 
thinner magnet 22 is established by the wedge 32. In particular, the angle .alpha. of the 
wedge determines the acute angle which exists between the North-to-South axis of 
the shorter magnet 30 and the North-to-South axis of the thimer magnet 22 in the wall 
12,14. The shorter magnet 30 preferably consists of neodymium. 


The magnetic vehicle 18 which is to be propelled by the instant propulsion system 10 
includes a rigidly attached armature 16 comprising several curved magnets 34. Each 
curved magnet 34 1s arranged on the vehicle 18 such that its North-to-South axis is 
parallel with respect to that of the other curved magnets 34. In particular, the North- 
to-South axes of all the curved magnets 34 pomt in the same direction as the North- 
to-South axes of the thinner magnets 22 in each wall 12,14. The vehicle 18 itself, 
according to the preferred embodiment, 1s a wheeled vehicle mounted on a track 36. 
It is understood, however, that other vehicle structures will suffice so long as the 
vehicle is maintained between the walls 12,14 of the propulsion system 10. 
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In operation, when the vehicle 18 is positioned as 1s shown in FIG. 1, the magnetic 
fields created by the two walls 12,14 exert a propelling force on the armature 16 of 
the vehicle 18 in the desired direction of travel (arrow A). Since the armature 16 is 
rigidly attached to the vehicle 18, the vehicle 18 itself begins to accelerate and hence 1s 
set in motion by the propulsion system 10. 


Furthermore, since the spin accelerators 26 serve to crowd and thereby intensify the 
magnetic fields at predetermined positions along the walls 12,14, the acceleration of 
the vehicle is enhanced as the vehicle passes these predetermined positions. 


The spin accelerators 26 can be reversed in order to lessen their effectiveness at 
crowding the magnetic fields. Reversing of the spin accelerators 26 can be 
accomplished by rotating the spin accelerators 26 so that the shorter magnets 30 tilt 
away from the intended direction of vehicle travel, rather than in the direction of travel 
as is the case for the illustrated embodiment. 


Preferably, the curved magnets 34 of the vehicle armature 16 are "Alnico 8" magnets 
tipped with neodymium magnets, while the wedges 32 comprise wood or similar 
material and an angle .alpha. of 45 to 90 degrees. 


The width w.sub.20, height, and pole-to-pole length 1.sub.20 ofthe generally 
rectangular magnets 20 in each wall 12,13 are 0.75 inches to 1.25 inches, 3.75 to 
4.25 inches, and 1.25 inches to 1.75 inches, respectively. The width w.sub.22, height, 
and pole-to-pole length 1.sub.22 of the thinner magnets 22 in the walls 12,14 are 1 
inch to 1.5 inches, 3.75 inches to 4.25 inches, and no more than one half the width 
w.sub.20 of the generally rectangular magnets, respectively. In the spin accelerators 
26, the width w.sub.28, height, and pole-to-pole length | .sub.28 of the generally 
rectangular magnets 28 are 1.125 to 1.625 inches, 3.75 to 4.25 inches, and 0.875 
inches to 1.375 inches, respectively, while the width w.sub.32, height, and pole-to- 
pole length 1.sub.32 of the shorter magnets 30 are 0.75 inch to 1.25 inches, 3.75 
inches to 4.25 inches, and 0.125 inch to 0.375 inch, respectively. 


Preferably, the distance separating the walls 12,14, is such that each wall 12,14 is 0.5 
inch to 1.25 inches away from the tips of the armature magnets 34, both walls 12,14 
being equidistant from the tips of the armature 16. Also, the curved magnets 34 of the 
armature 16 are preferably 0.375 inch to 0.625 inch apart from one another. 


Testing of the foregomg prototype propulsion system resulted in the vehicle moving 2 
feet in one second. 


Although the present invention has been described with reference to a preferred 
embodiment, it is understood that various modifications to this embodiment will 
become subsequently apparent to those having ordinary skill in the art. In this regard, 
the scope of the invention is limited only by the claims appended hereto, and not by 
the illustrated embodiment. 


Tom Bearden Comments 
( Cribbed from www. greaterthngs.com ) 


From: "Karl" <krlbrgmnn@mailandnews.con> 
To: "Sterling D. Allan, PerenTech.com" <sterlngda@perentech.com> 
Sent: Thursday, December 19, 2002 2:01 PM 
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Subject: Truth about Howard Johnson and his motor 


Sterling, 


Just a quick note to let you know I spoke to Tom Bearden today and, regarding the 
statement on your webpage by your "anonymous source" who said "Howard Johnson 
never was able to get the rotary version to work. He was only able to get the linear 
version working, and there were some questions about its viability.", Tom said such a 
person doesn't know what they are talking about. I'd say Tom is in the best position 
to know, since he and Howard have been friends for decades and Howard has 
personally brought a functional, rotary PMM to Tom's house, and they've played with 
it for hours. Next to Howard himself, I'd consider Tom to be the best resource on the 
subject of HJ's PMM. 


He also said that Howard 1s still working on getting another functioning unit 
constructed (he's had numerous setbacks over the years after his working unit was 
vandalized by thieves that broke nto Howard's shop and stole only the magnets off 
that model, leaving many $K worth of other material nearby untouched). Howard is 
still plugging away every day, at over 70 years old, but his wife's health problems are 
keeping him busy. However, he has gotten hooked up with a respectable, honest 
businessman who 1s financing him and Howard also now has some younger help to do 
the grunt work that is becoming tougher for him. All in all, Tom hopes to see some 
real progress bemg made for Howard in the next year or so. 


Tom mentioned that there are a few critical things that anyone who wants to 
successfully build a working HJ PMM needs to know, some of which are probably 
obvious to the more experienced builders: 


1) The most critical element is the precise machining of the magnets. Joe Q. Public, 
with his diamond saw, cutting his own magnets by hand has little chance of succeeding 
in shaping the magnets to the aerospace-critical specs that are the minimum necessary, 
much less duplicating that feat several times for each necessary part. 


2) Alignment of the parts is highly important too. One slight misalignment and the 
motor will not run continuously. 


3) All magnets aren't the same. This application requires expensive, extremely high 
quality magnets. Howard, in order to get them cheaper, was buying them in $50K 
lots from China, where high quality and a lower price can be had. 


I also spoke with a gentleman named Gary Hanson who had been in touch with 
Howard years ago when Gary was trying to build Howard's motor. Howard told him, 
as I think most researchers on this know now, that the motor *can* be build directly 
from the patent but that there needs to be 5 or 6 armtures and not just the one that is 
shown as an illustration in the patent. Just want to make sure any newbies understand 
this. 


I hope some of this has helped clear up any misunderstandings for those of us 
interested in building a functional HJ PMM. My opinion is that, if you want to do tt 
right, go to the horse's mouth (Howard) or else as close as you can possibly get 
(Tom). Hopefully, domg so will enable us to make this motor a reality. 


Regards, Karl 
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Tom Bearden: Chasing the Wild Dragon [Excerpts from 
www.cheniere.org | 


Howard Johnson is also a respected colleague, whom I very much admire. (See 
Figure 23). Howard has continued to work quietly and patiently upon his patented 
permanent magnet motor, [note 31] including patenting various magnetic gates, etc. 
that are necessary to make such a motor work m a rotary configuration. [note 32] 
Howard employs a two-particle theory of magnetism; 1.e., each magnetic flux line is 
envisioned as having a particle traveling from the north pole to the south pole, and also 
a particle traveling from the south pole to the north pole. The particles are spinning; the 
forward-time particle spms in one direction, and the antiparticle spins in the other 
direction. Howard then slightly separates the two particle flows. [note 33] In other 
words, Johnson splits the flux lines themselves, into two different pieces. When so 
separated, the component lines are now curls, so their paths curve. The paths of the 
two "curl particles" are different; one curls in one direction and the other curls in the 
opposite direction. Further, a predommance of one form of curl particle gives a "time- 
forward" aspect, while a predominance of the other form of curl particle gives a "time- 
reversed" aspect. Johnson is thus able to employ a deeper kind of magnetism than the 
textbooks presently contain. He demonstrates that a "spin-altered" magnetic assembly 
exhibiting (to a compass or other such detector) a north polarity can attract another 
unaltered magnetic assembly exhibiting a north polarity. In short, he can make a north 
pole attract a north pole. We will give you further insight into Johnson's two-particle 
theory in a future article. [note 34] We will also explain how and why the physicists 
missed that antiparticle in the magnetic field's flux Imes, and thereby failed to advance 
the theory of magnetism to a deeper level. Make no mistake, one day when the new 
theory is done, Johnson may well be awarded a Nobel Prize for his epochal discovery 
of a deeper structure of magnetism. 


Footnotes: 


[32] I personally saw and closely examined one demonstration rotary Johnson 
permanent magnet motor some years ago, and toyed with it for about one hour. It 
would definitely self- rotate as long as you wished to permit it to turn. It was not a 
powerful device at all, but just a small laboratory "proof of principle" prototype. It had 
cost Johnson an enormous amount of time, labor, and optimization to get the critical 
adjustment required of his two magnet assemblies. But the device had no power 
source other than the permanent magnet assemblies themselves. Johnson's nonlinear 
rotor and stator magnets interacted with each other in a manner to break local 
symmetry. So his machine was an open system and therefore a permissible overunity 
device; it was not a perpetuum mobile. 


[33] As I have pointed out repeatedly in the past, photons also carry time, not just 
energy. We have previously shown the process and the photon interaction mechanism 
that creates the flow of time itself we will discuss this mechanism in the future. So 
when Johnson separates the particles and antiparticles, not only does he partially 
separate them according to spin, but he also alters the local character of time flow 
during which the resulting magnetic field forces must appear. In other words, he 
accomplishes a partial separation of time-forward and time- reversed polar 
interactions. A south pole 1s just a time- reversed magnetic north pole, in the first 
place! So a north pole of a bar magnet that is slightly time reversed on one side will 
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partially act on that side just like a south pole. On the other side it will contmue to act 
like a normal north pole. By partially time-reversmg (phase conjugating) one side of 
the north magnetic pole piece, Johnson makes that side look and act like a south pole. 
that way Howard 1s able to create two north poles, one on a stator and the other ona 
rotor, and time-reverse part of one face of the stator's north magnetic pole-piece. 
Therefore when the proper sides of the stator and rotor north poles are facing, they 
attract each other, contrary to the conventional textbook. The two poles then repel 
each other normally as soon as the north rotor poles passes the north stator pole. 
Hence Johnson can make a surrounding north pole stator assembly "draw in" an 
approaching north pole rotor assembly, and then kick it on out the other side, because 
he has broken the local magnetic symmetry. In short, Johnson's magnetic gate can 
provide a legitimate component of unidirectional magnetic thrust, which means that he 
can indeed make a rotary permanent motor. Simply put, this "partially separating the 
spin particles," and thereby partially phase conjugating one face of a magnet, 1s what 
Johnson calls a "gate," and this is the patented secret by which his magnet assemblies 
can be made self-powering. The entire process is still very meticulous, and assembly 
and adjustments are extremely critical. With Johnson's blessings we hope to shed 
more light on this subject in coming articles. 


[34] For a basic article on rotary permanent magnet motors, see T.E. Bearden, "On 
Rotary Permanent Magnet Motors and 'Free' Energy," Raum & Zeit, 1(3): 43-53 
(Aug.-Sep. 1989). 
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To use earbuds/iPhone earpods with a crystal radio you need to insert a transformer where the crystal earpieces would normally 
connect to a crystal radio. The jack for the earbuds would be connected to the transformer. Technically speaking, this is for 
purposes of impedance matching. Below is a diagram for one such crystal radio and some sample photos. 


Crystal radio with crystal earpiece. Crystal radio with transformer and jack going to earbuds. 
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Diagram with crystal earpiece. Diagram with transformer and jack going to earbuds. 
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In the photo below are shown the transformers I've tried. Note that the transformer needs to be a step-up or step-down transformer. l'm not certain that a one- 
to-one transformer will work. The three smaller ones all gave around the same results. The large microwave oven transformer didn't work as well; the sound 
was too quiet. 
Transformers I've tried with earbuds. 
-—— -_—— À 
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Connecting to the earbud/earpod 


Earbud/earpod connectors usually have three places to connect on them. As shown in the following diagram, the tip is for one earbud, the middle is for the 
other earbud and the place nearest the plastic molded casing is common to the two. 


Where to connect to the earbud jack. 
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Fig. 7-1. How to connect the dipoles. 


ager one who forbids outdoor antennas of any sort? If so, this article 
may be for you. The problem of erecting an antenna in a “no 
antennas outdoors” situation is a tricky one, indeed. This limits 
one to indoor antennas, the logic being that what is not seen will not 
be noticed. 

After experimenting with many different types of indoor an- 
tennas, all with disastrous results and much TVI, I finally came 
upon a coaxial dipole suggested by a fellow ham friend. This 
antenna appealed to me because of its greatly attenuated har- 
monics, thus lessening the TVI problem. Unlike a conventional 
dipole, this antenna is very broad-banded, covering from 500 kHz 
to 1 MHz, depending upon band used, and with an swr under 2:1 at 
band edges. 

Its broadband characteristics are due, in part, to the feedline 
being matched to the antenna and the electrical incorporation of its 
own balun, with the result that no add-on antenna tuner or balun is 
required. The coaxial dipole has a slight amount of gain over a 
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Using earbuds/iphone earpods with a crystal radio 
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For connecting to both earbuds. 


A transformer has two coils/sides and each coil has two wires coming from it. You need to connect the two wires from one side to the crystal radio and the two 


wires from the other side to the earbuds. 


Here are some ways to determine which side goes where. See the corresponding diagrams and photos below. The side that connects to the crystal radio is the 
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Using earbuds/iphone earpods with a crystal radio 
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Video - Use earbuds/earphones with a crystal radio 


The following is a video showing all of the above - basically how to make earbuds/earpods work with a crystal radio using a transformer. 
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[57] ABSTRACT 


The ambient broadband radio frequency field strength 
from broadcast stations is monitored (FIG. 4) by peri- 
odic sampling (50, 52). A warning indication is provided 
if the field strength drops significantly. Drops in such 
field strength have been correlated empirically with the 
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occurrence of seismic activity, usually several days 
later. Thus the indication serves as an early warning of 
an impending earthquake. In one preferred embodi- 
ment, a broadband, horizontal, very long monopole 
antenna (40) was connected to a rectifying and smooth- 
ing circuit (FIG. 3) to provide a dc output proportional 
to the ambient rf field. This voltage is digitized (50), and 
using a suitably-programmed computer (52), the digital 
version of the field strength signal is sampled once per 
minute (78). A cumulative or running average of the 
minute samples is calculated (80) and held. Once per 
hour the latest running average is stored (84) and a 
standard deviation (SD) of the last 24 hourly stored 
running averages is calculated (88). If the SD exceeds a 
predetermined value, 0.3 in one embodiment, an alarm 
is triggered (92). The use of the SD eliminates the effect 
of day-to-day changes in the amounts of the variations 
of the ambient field strength, due to changes in tides and 
other factors. Once per day the samples are written (96) 
to a permanent storage file and a continuous plot of the 
field strength is also made (14). Preferably the alarm is 
triggered only if another detector also provides an indi- 


cation (FIG. 6), thereby to eliminate the effect of ma- 


chine error. 


20 Claims, 6 Drawing Figures 
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SEISMIC WARNING SYSTEM USING RF ENERGY 
MONITOR 


BACKGROUND—FIELD OF INVENTION 


This invention relates to the prediction of the fugure 
occurrence of seismic activity, particularly to the ad- 
vance notification of earthquakes through the monitor- 
ing Of ambient radio frequency (rf) energy. 


BACKGROUND—DESCRIPTION OF PRIOR 
ART 


Heretofore, insofar as we are aware, seismology, the 
science of earthquakes, has not been able to make any 
near-term predictions of earthquakes. 

While scientists have known that certain animals may 
have had some sort of advance knowledge of quakes, 
due to the fact that they exhibited peculiar behavior 
before quakes, and not at other times, this behavior has 
not been consistent and reliable enough to be of practi- 
cal use. 

Also, while scientists have also been able to predict 
thunderstorms in advance by monitoring the ambient 
electrostatic field (see, e.g., U.S. Pat. No. 3,611,365 to 
Husbyorg and Scuka, 1968; 3,790,884 to Kohl, 1974; 
and 4,095,221 to Slocum, 1978), they have not been 
aware of any corresponding system for earthquake pre- 
diction. 

Scientists have been able actually to detect earth- 
quakes during their occurrence by monitoring air pres- 
sure variations (e.g., as described in U.S. Pat. No. 
4,126,203 to Miller, 1978) and by monitoring the earth's 
physical movement by seismographs but, again, science 
has not been aware of any system for short-term ad- 
vance detection or prediction of quakes. 

Due to the devastating effects of quakes to property, 
life, and limb, public and governmental authorities 
would derive great benefit from any system which 
could provide short-time advance notification of great 
earthquakes. As it is now, except for aftershocks, which 
seismologists know will occur after any large quake, all 
great and small quakes occur without warning. Because 
people in the vicinity of such quakes are unprepared, 
they often are in places of great vulnerability, such as 
beside or inside collapsible buildings, so that severe and 
human injury usually occurs during a quake. Also, 
property itself is left vulnerable, e.g., by leaving auto- 
mobiles in or near collapsible buildings, leaving gas and 
electricity connected such that disruption of these facili- 
ties causes fires, and leaving other valuable property in 
vulnerable areas. If advance notification of a large 
quake could be provided to the public and civil authori- 
ties, people and valuable property could be evacuated 
and protected, thereby preventing deaths, injuries, and 
greatly reducing property damage. Further, advance 
notification of quakes would eliminate the severe psy- 
chological trauma which often affects large segments of 
the populace due to the surprise occurrence of quakes. 


OBJECTS AND ADVANTAGES 


Accordingly several objects and advantages of the 
invention are to provide a reliable and effective method 
of earthquake prediction, to provide a method of pre- 
venting death, injuries, and reducing property damage 
in earthquakes, and to provide a method of reducing the 
psychological trauma which often accompanies quakes 
due to their surprise occurrence. Additional objects are 
to provide such a system which is easy to use, economi- 


5 


15 


35 


40 


45 


55 


60 


65 


2 


cal, reliable, and portable. Further objects will become 
apparent from a consideration of the ensuing descrip- 
tion, taken in conjunction with the accompanying 
drawings. 


BACKGROUND—THEORY OF INVENTION 


The following is a discussion of the background the- 
ory of the invention. While we believe it to be techni- 
cally accurate, we do not wish to be limited by this 
theory since the operability of the invention has been 
empirically verified, as will be apparent from the later 
discussion. 

We have recently worked work with the reception 
and utilization of broadband radio-frequency reception, 
e.g., for low-power utilization applications, as discussed 
in the copending application Ser. No. 06/539,223 of 
Joseph B. Tate, filed Oct. 6, 1983. While doing this 
work, we have noted that the antenna's output voltage 
fluctuated with time due to certain, known causes. 

First, we noted that the higher we placed an antenna 
above the ground, the the greater the output signal it 
provided. We have observed this by raising the physical 
height of an antenna and observing an increase in power 
output, and also by observing variations in the output of 
a fixed antenna near a body of ocean water as a function 
of the tides: the antenna's output was greatest at low 
tide and lowest at high tide. We believe that the the 
change in water level, which serves as a ground plane, 
effectively lowers or raises the height of the antenna 
above the ground. 

We also noted that the antenna's output was affected 
by solar flares to a limited extent; these caused the an- 
tenna to produce a higher output voltage during their 
occurrence. We believe this phenomena is caused by an 
increase in the level of ambient ionization due to the 
flares. 

Further, we noted that the antenna's output dropped 
at certain irregular times; at first we would not attribute 
any cause to these drops. However investigation en- 
abled us to correlate these drops with the subsequent 
occurrence of seismic activity. We found that the mag- 
nitude of the drop was proportional to the size of the 
subsequent earthquake. 

Certain phenomena have been discovered to precede 
earthquakes. These include an anomalous uplift of the 
ground, changes in the electrical conductivity of rock, 
changes in the isotopic composition of deep well water, 
changes in the nature of small earthquake activity (e.g., 
bunching of small foreshocks), anomalous ground tilt or 
strain changes, changes in physical properties, such as 
porosity, electrical conductivity, and elastic velocity in 
the hypocentral region. Earthguake, McGraw-Hill En- 
cyclopedia of Science And Technology, 1960; Earth by 
F. Press, W. H. Freeman & Co., 1974. 

Phenomena associated with rocks have attracted 
much recent attention. Wm. Brace of the Mass. Inst. of 
Technology has found that when rocks were squeezed 
or compressed, just before they fractured, they tended 
to develop hairline cracks, swell or dilate (dilatancy), 
become more porous and electrically conductive, and 
transmitted high frequency seismic-like waves more 
slowly. Two of Brace’s former students, Amos Nur of 
Stanford University and Christopher Scholz of La- 
mont-Doherty furthered Brace’s work, connecting the 
dilatancy theory with seismic P-wave velocity shifts 
and rock resistivity changes as a precursor for earth- 
quakes. See. e.g., Brace, Orange, and Madden, J. Geo- 


conventional dipole has a slight amount of gain over a conventional 
dipole, and since the vinyl jacket covers the entire antenna, it 
reduces static charge build-up considerably, which causes a pop- 
ping noise in the receiver when discharged. Thus, the coaxial 
dipole is a very “quiet” antenna with slightly stronger signal punch 
than a conventional dipole. 

Construction of the antenna is simple. One may use either 
RG-8/U or RG-58A/U coax, the latter being lighter in weight and 
easier to work with. Maximum legal power can be used with either 
choice of coax. For antenna lengths, see Fig. 7-3. The 40-meter 
antenna will be used as an example. 

Begin construction by removing 2.5 cm (1”) of vinyl jacket (2” 
each side of center) at the center of the antenna. Cut the shield in 
the center all the way around the coax. Care must be used so that 
you do not cut the dielectric or the center conductor. Next, form 
two leads with the shield as shown in Fig. 7-4. This is the feedpoint 
of the antenna. 

From this center feedpoint, measure out each side of center 
9.1 m (16'9”) and cut the coax at that point. Remove approximately 
2.5 cm of vinyl jacket from each of the ends and fold back the shield 
so that the dielectric is exposed. Cut and remove about 2.5 cm of 
this insulation, being careful not to cut the center conductor. Then 
twist the shield and center conductor together and solder. This 
must be done at both ends and forms the 52-ohm matching section 
and balun. 

Next, cut two lengths of coax, each 4.4 m (14' 9”) long. Then 
remove 2.5 cm of vinyl jacket from all four ends, fold back the 
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phys Res., 70(22), 5669, 1965; A. Nur, Bull. Seis. Soc. of 
Amer., V 62, Nr. 5, pp. 1217-1222, 1972 Oct.; Earth- 
quake by B. Walker, Time-Life Books, 1982. 

Based upon the above background, we have devel- 
oped a theory as to the cause of this drop in antenna 
output as a precursor or predictor of earthquakes. We 
believe that before a quake occurrs, the pressure within 
underground rock bodies temporarily increases greatly, 
causing the rocks to dilate and become conductive, in 
accordance with the works of Brace, Nur, and Scholz. 
This increase in conductivity effectively raises the 
ground plane, thereby causing the antenna’s output to 
decrease temporarily. 

Thus before the occurrence of a quake, the under- 
ground pressure increases greatly temporarily, causing 
underground rock bodies to swell and become more 
conductive, thereby raising the ground plane, which in 
turn causes the voltaic output of nearby antennas to 
drop. 

We accordingly constructed an apparatus to automat- 
ically monitor antenna output and provide a suitable 
indication if the output level dropped significantly. ‘The 
indication was calibrated empirically after much experi- 
mentation so as to filter ouo the effects of solar- and 
tide-caused variations. We did this by arranging the 
apparatus so that an output indication was provided 
only if the antenna output dropped a predetermined 
degree beyond its average level; we utilized statistical 
filtering techniques to accomplish this. 


DRAWINGS 


FIG. 1 shows the front panel of a Seismic Early 
Warning (SEW) apparatus according to the invention. 

FIG. 2 is a plot of voltage (representing ambient rf 
level) v. time as measured by the apparatus of FIG. 1. 

FIG. 3 is a schematic diagram of an ambient power 
module circuit (used in the SEW apparatus) for produc- 
ing a DC output voltage proportional to the ambient rf 
energy 

FIG. 4 is a block diagram of a computer in the appa- 
ratus of FIG. 1. 

FIG. 5 is a flowchart which depicts the operation of 
the the SEW system. 

FIG. 6 is a flowchart which depicts the operation of 
an optional alarm trigger system useable with the SEW 
apparatus. | 


FIG. 1—SEISMIC EARLY WARNING 
APPARATUS 


In accordance with the invention, a seismic early 
warning apparatus is provided as shown in FIG. 1. The 
apparatus consists of a housing containing a general 
purpose computer (not shown), a disc drive 10, an ana- 
log system comprising a microampere meter 12 ar- 
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ranged to monitor direct current (which is proportional 


to the ambient rf energy), and a direct current strip 
chart recorder 14 arranged to provide a continuous 
indication of the current antenna output, which will be 
called the ambient power level. A hexidecimal keypad 
16 is provided to enter data, such as time, for entering 
programs and changes and for operating the system 
according to preset codes. The time, date, and voltaic 
level of the antenna’s output are continuously indicated 
by digital readouts 18, 20, and 22, respectively. A screen 
display 24 is provided to display graphic and alphanu- 
meric information of the current status of the apparatus 
and previous data records. 
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Lastly the apparatus includes four status indicating 
lamps, which preferably are LEDs (light-emitting di- 
odes) as follows: A green LED 26 indicates that the 
system is on and functioning normally. A yellow LED 
28 indicates that the system has detected an event, 
namely the occurrence of a drop in ambient power 
below the preset level, which would be the prediction 
of an impending earthquake. A red LED 30 is provided 
as backup confirmation of the occurrence of the event; 
LED 30 is illuminated when a duplicate receiving sys- 
tem also detects an event. A blue LED 32 indicates 
initiation of operation of an automatic telephone dialer 
within the system, which has been preprogrammed to 
dial a predetermined number and provide a warning in 
the event of an occurrence of an alarm condition. Lastly 
the apparatus includes a hard copy output port 33 for 
providing printed graphic and numeric outputs of all 
system data. 


FIG. 2—AMBIENT RF LEVEL V. TIME BEFORE 
QUAKE 


FIG. 2 illustrates a reproduction of an actual plot of 
a voltage as a function of time, which voltage was pro- 
portional to the ambient RF (radio frequency) level, 
from the period from before to after a relatively large 
earthquake. This plot, which is typical of many we have 
observed before a quake, was made by deriving the 
voltage with a 30-meter, long-wire monopole antenna 
(not shown) which was mounted horizontally and 
which extended over San Francisco (Richardson) Bay 
easterly from Sausalito, California, 9 meters above sea 
level. The antenna thus intercepted and converted to an 
RF voltage the ambient RF energy, mainly from local 
(San Francisco area) AM radio stations. We rectified 
and filtered the output of the antenna using one-half of 
the circuit of FIG. 3 (described below) to provide a DC 
voltage which was plotted on a conventional ink-on- 
paper plotter. Note that on the section of the chart for 
Apr. 19 (1984), which begins at time 0:00 (midnight) and 
ends at 24:00, the voltage or ambient RF power level at 
the antenna increased and feli and then increased 
slightly in the 24-hour period. This wavelike variation 
typically occurs on a daily basis and is caused by tides: 
the peaks occurring at low tide when the effective 
ground plane provided by the water drops and the 
troughs occurring at high tide when the ground plane 
rises. 

On Apr. 20, from about 8:00 to about 12:00, a sharp 
and constant-level dip in the ambient rf power oc- 
curred, as indicated. The magnitude of this pronounced 
dip is far greater than the normal tide-caused variations, 
as is its beginning and ending slope. | 

Thereafter, from Apr. 20 to Apr. 23, the plot (not 
shown) continued unremarkably, albeit with a slight 
variation from normal. | 

The same occurred on Apr. 24, with the plot actually 
being generally similar to a normal day. However at 
13:15 on Apr. 24, as indicated, a large, Richter magni- 
tude 6.0 quake occured near Hollister, Calif., about 340 
km away from the antenna. No change in the plot oc- 
curred at this time. 

Correllation of this quake with the plot's marked dip 
of Apr. 20 was made by the repeated observation of 
dozens of similar dips and subsequent quakes. Pro- 
nounced dips were always followed by a quake several 
days later. Thus we have empirically established causal 
and theoretical connections between pronounced dips 
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of the type shown and the occurrence of subsequent 
seismic activity. 


FIG. 3— AMBIENT POWER MODULE 


The circuit of FIG. 3 is used to convert the ambient 
RF energy to a direct voltage which can be used and 
handled by data processing equipment. Designated an 
ambient power module (APM), it is connected to an 
antenna 40, preferably a broadband monopole antenna 
of the type described in the preceeding section. The 
distal end of the antenna is free and its proximal end is 
connected to the circuit via two capacitors Cp1 and 
Cn1, each being in series with the signal line for cou- 
pling and each having a value of 0.047 microfarad. 
Taking the left or negative side of the circuit first, it 
comprises two rectifiers (diodes) Dn1 and Dn2 (1N34 
type) and a filter capacitor Cn2 (40 microfarads). Recti- 
fier Dn1 is connected in parallel to the signal path and 
rectifier Dn2 is connected in series, in the wellknown 
voltage multiplier arrangement. Capacitor Cn2 is con- 
nected in parallel across the output of the APM to 
smooth the rectified output. The right or positive side of 
the circuit is similar, except for the polarity of the di- 
odes. 

In operation, an RF voltage is developed across an- 
tenna 40; this voltage is voltage multiplied by the two 
rectifiers on each side of the circuit. The resultant direct 
voltages are smoothed or filtered by capacitors Cn1 and 
Cp2 and are supplied to output terminals 42 and 44. A 
positive version of this direct voltage is plotted in FIG. 
2, as described above. 


FIG. 4#—-BLOCK DIAGRAM OF COMPUTER 


A computer for performing the monitoring and alarm 
functions of the invention and which is provided within 
the apparatus of FIG. 1 is shown in FIG. 4. The com- 
puter receives the positive voltage from the APM (FIG. 
3) and processes this, providing an alarm if the voltage 
dips a predetermined amount from its recent average 
value. | 

The computer comprises an analog to digital con- 
verter (ADC) 50 which is arranged to convert the posi- 
tive DC voltage from the AAPM to digital form, pref- 
erably in the form of a parallel signal at the output of 
ADC 50. The digitized voltage from ADC 50 is sup- 
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FIG. 5—FLOWCHART OF SEISMIC EARLY 
| WARNING SYSTEM 


In operation, the system of FIG. 4 operates under 
control of the program in EPROM 56 in accordance 
with the flowchart of FIG. 5 as follows: 

Startup: Blocks 70 and 72: An initialization and start- 
up sequence is first initiated when the machine is turned 
on, as indicated by block 70; this sets all registers and 
counters to zero. The time and data are then set manu- 
ally (using EPROM 56), as indicated by block 72. 

_ Clock Reading: Blocks 74 and 76: Next, under auto- 
matic program control, the machine reads the elapsed 
time on its clock display register, as indicated by block 
74. If the “seconds” register does not indicate the num- 
ber one (#1), the machine continues to read the clock, 
as indicated by the “no” output of decision block 76. 

Minute Sample: Block 78: When second #1 appears, 
as it will once per minute, the decision in block 76 will 
be “yes”, so that the machine will take one sample of the 
rectified, smoothed, and digitized version of the anten- 
na’s output, i.e., the output of ADC 50 of FIG. 4, as 
indicated in block 78. This sample will be taken once 
per minute, i.e., whenever second #1 is displayed. 

Running Average: Block 80: Next, as indicated by 
block 80, a running average of the samples taken in 
block 78 is calculated. This is done by accumulating the 


- samples to keep a running total of their values, counting 
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45 


plied to a central processing unit 52, which is a type - 


68000 microprocessor or computer on a chip. CPU 52 
and ADC 50 are clocked by a clock 54 in conventional 
fashion. 

CPU 52 operates on instructions from a program 
contained in an electricallyprogrammed read only 
memory (EPROM), the program being listed later. 
CPU 52 temporarily stores data in a read and write 
memory (RAM) 58. CPU 52 also supplies output data to 
display screen 24, disc drive 10, and hard-copy printer 
26’, each of which was already described in conjunction 
with FIG. 1. 

CPU 52 can receive input data manually from hex- 
idecimal keypad 16 (see FIG. 1) via a keyboard encoder 
60. : 

CPU 52 can supply an alarm output to a radio trans- 
mitter or automatic telephone dialer 62 via a modem 
(modulator-demodulator) 64 for connecting the CPU to 
a phone (not shown). 

As also indicated in FIG. 4, the negative output of the 
AAPM of FIG. 3 is connected to ammeter 12 and chart 
recorder 14. 
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the number of samples accumulated, and dividing the 
running total by the latest number of samples each time 
a new sample is taken. 

Store Hourly Average: Blocks 82 and 84: Next, as 
indicated in block 82, a test is made to see if the time 
display register indicates that minute number one (#1) 
has come up. If not, the decision is “no” and the clock 
is read again (block 74). If the decision is “yes”, as it will 
be once per hour, the running average in the accumula- 
tor will be stored (block 84) and the accumulator will be 
cleared or reset to zero. 

One Day Test: Block 86 (“No” decision) and Block 
94; Next the machine makes a test to see if 24 hours have 
passed. If not, the machine will not be able to make any 
valid statistical determinations. Thus it must run at least 
24 hours before being operative. Assuming the decision 
in block 86 is negative (24 hours have not yet elapsed) 
another test is made (block 94) to see if hour zero is 
indicated, which will occur once per day. If hour zero 
is not indicated, (decision in block 94 is negative), the 
clock will be read again (block 74) in the usual loop. 

Calculate SD: Block 86 (“Yes”) and Block 88: If a full 
day has elapsed, so that valid statistics can be calculated 
(“yes” from block 86), the standard deviation (SD) of 
the last 24 hourly averages is calculated, as indicated in 
block 88. This is done once per hour. The calculation is 
made using the usual SD formula 


SDDEV =SQR([sum(x —X)?]/m) 


where SDDEV =SD; SQR =the square root; sum =the 
sum of; x=the individual hourly averages; X =the mean 
of the hourly averages; and n=the number of individual 
hourly averages. Essentially the SD is calculated by 
taking the mean of all of the hourly averages, taking the 
difference or deviation of each hourly average from the 
mean, squaring each deviation, taking the mean of the 
squared deviations, and then taking the square root of 
the mean of the squared deviations. 


7 

Evaluate SD: Block 90: The SD is then evaluated to 
see if it is greater than 0.3. This value has been empiri- 
cally determined to be the level at which a the present 
apparatus will provide a reasonably positive indication 
that an earthquake will occur, while neglecting the 
effects of non-seismic-caused variations. If the SD is less 
than 0.3, (a “no” output from block 90), this indicates 
that the last hourly average was not greatly different 
from the average of the last 24 hourly samples, so that 
no alarm need be indicated. I.e., the antenna’s output 
did not drop significantly to indicate an impending 
earthquake. Thereupon the program moves to block 94, 
where a test is made for the existence of hour zero, as 
described. If, however the SD exceds 0.3 (“yes” output 
of block 90), this indicates that the antenna’s output has 
dropped significantly so as to affect the last hourly 
- average, thereby to indicate an impending earthquake. 


Alarm: Block 92: In response to the Yes output of 
block 92, an alarm is triggered (block 94). The alarm 
may be a bell, the dialing of a telephone to a location 
where personnel are present if the apparatus is placed at 
a remote or non-manned location, or the initiation of the 
further program of the Flowchart of FIG. 6, the alarm 
trigger sequence. To eliminate the possibility of equip- 
ment failure and to provide confirmation from another 
apparatus at another location, we prefer to provide an 
alarm only upon confirmation from another apparatus, 
as discussed in the description of FIG. 6 below. 


Make Record: Block 94 (“Yes”) and Block 96: If hour 
zero is being displayed when the operation of block 94 
is performed, which occurs once per day at midnight, 
the operation of block 96 will be performed, i.e., the 
data in the registers will be stored to disc to create a 
permanent record and the registers will be cleared to 
create new data for the next day. However the previous 
24 hourly averages are still stored at all times so that a 
valid SD can be calculated and tested every hour. After 
the operation of block 96, the clock is read again in 
accordance with the regular program (block 74). 


FIG. 6—-ALARM TRIGGER FLOWCHART 


The sequence of FIG. 6 is performed when the alarm 
is triggered in block 92 of FIG. 5 as an optional, but 
preferred backup confirmation of an impending earth- 
quake. The operations in the backup confirmation sys- 
tem will be described briefly. 


Beginning with blocks 100 and 102, the system is 
continually tested (hourly) for the occurrence of a SD 


of the hourly averages of greater than 0.3. If the SD is | 


greater than 0.3, the alert indicator (28 of FIG. 1) is 
triggered (block 104) and the program initiates a test 
(block 106) to see if a backup apparatus (not shown) is 
present. If so (yes output of block 106) the backup appa- 
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does not indicate an excess SD, the indicators are reset 
to normal (block 112), but if backup confirmation is 
received, the alarm indicator (30 of FIG. 1) is triggered 
per block 114 and a preprogrammed telephone number 
is dialed and indicator 32 is lit (block 116). 

After the alarm condition is manually checked and 
the system is reset, the output of block 120 will be a 
“yes” and the system will be reset to normal (block 
112). If a valid alarm condition is indicated and con- 
firmed, civil authorities will have time (usually several 
days) to notify the populace, evacuate the area, or take 
any other needed precautions, depending on the size of 
the impending quake as indicated by the size of the 


- standard deviation. 


PROGRAMS: 


The attached computer programs will perform the. 
calculations and operations above described. These 
programs are written in the BASIC programming lan- 
guage. Program “RECVOLT.AL” runs continuously 
and writes the information to disc every 24 hours. Pro- 
gram “GRASTAT.*” is manually run; it reads data 
from the disc and plots it on the screen or printer, as 
desired. | 

While the above description contains many specifica- 
tions, these should not be construed as limitations on the 
scope of the invention, but merely as an exemplification 
of one preferred embodiment thereof. Many other vari- 
ations are possible. For example, the programming lan- 
guage can be changed, or the calculations and opera- 
tions can be performed with hard-wired conventional 
circuitry in lieu of a programmed computer. More than 
two corroboration receivers can be used, and these can 
be placed at various locations. In lieu of testing the 
antenna's output reception of the area's AM stations, a 
special, decicated transmitter with a special, dedicated 
frequency and a specially-tuned matching receiver can 


- be used to avoid depedence on stations which are not 


under the control of the earthquake prediction system 
and its personnel. The transmitter and the receiver 
should be spaced apart geographically, preferably by at 


least several km, so that the ground plane conduction 


phenemon can operate. Also the transmitted signal can ' 
be a specially-coded or modulated signal, or it can be an | 
auxiliary signal of a regular transmitter, e.g., a SSB or 
SCA signal, together with a matching receiver. In lieu 
of a test for an excess SD, the apparatus can be arranged 
to test for a predetermined drop in the value of the 
antenna output from its immediately previous value or 
its average value over a predetermined period, such as 
an hour or day, or for a drop having greater than a 
predetermined slope. Accordingly the full scope of the 
invention should be determined by the appended claims 
and their legal equivalents, and not by the examples 


ratus is also checked (blocks 108 and 110). If the backup 55. given. — 


"RECVOLT.AL" 


> Led e 

HO=G:W=1:G=1 

DIM Ps: 108), ASC 1i Aps" " 

ia 18 DIM BEC 35 

116 DIM 25135 

115 DIM HARC243: DTM HAC 24 3: DIM HAL ZT 2 
117 FOR I=1 TO 235: HALCI0=4:HEXT I 

126 POSITION 3.5: 
H5,9:? "JOE TATE" 

125 FOR D=i TO 1966:NEXT D:7 
158 7 "DO YOU WANT TO SER A FILE?" 


=J place 


” » H 


7 "RECORDING VOLTMETER": POSITION 


3779 
Soars of 1) q 


miei? “COPYRIGHT 1984 ":POSITIO 


léh 1 
ira J 
184 1 
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HPUT Bs 
F R$="YES" THEN GOTO 1240 
F BS="HO" THEN GOTO ZOA 


ZAA Hei: 129: AYG=G: ASA: Kea 

2AT RIM [eC 35. ME 8. DATES 150,802 
220 FOR R=1 TO 24:HACRO=A:NEXT F 
220 7 "Y":POKE 752.1 

424 7 "IF DATE IS CORRECT PRESO. 
423 7 "PRESS N FOR NEXT MONTH" 


420 R 
422 1 


RAC M5:K=k+1: TF K>13 THEM K=1 
Fons RES" THEN 435 


433 RESTORE :GUTO 434 
435 POSITION 6,12:7 M$ 


då J 
443 1 


1828 
1025 
163% 
1933 
{Ada 
16445 
1459 
1055 
{ars 
1074 


HPLIT as 
F X$="C" THEN 450 


T=HE6B* 34h FEA 2 EEE 

POKE 18, INTC T7. 258x256 05 

TESTA 256256 IRC INTC TK 2554256 39 
POKE 13.1HTCT/“256) 
T=T~256#0 IHT T7256 55 
FOKE 26,IHTCT) 

7 nyn 
TIME=PEEK( 20 %+PEEK: 19 O#XSSR+PE ERY 15 VES SEE Se, 
IF TIMES? 124404 THEM 1265 
TIME=THT! TIME e+. S 
SEC=TIME-£0#! INTC TIME,sia 2 > 

RePEERC S927°9 5: IF R=S THEM SODHD 6.6. B, 0: SOUHD 
POKE 752.1:1F P=2 THEM Ge2:GOTO 12044 


IF Wel THEN POSITION 2,2: RESET. “GH HRS, 


POSITION 14,8:7 #64;SEC3":S, " 

IF SEC=? AND G=1 THEN GOSLIB 13264 :GOTO 14026 © 
IF SEC=8 AND G=0 AND HOURS<>@ THEN GOSUB 13040: 
Db: GOSUB 13204 


2 IF SEC>1 THEM H=1 

S IF SEC=1 AND N=1 THEN 242A 

a TIME=INTC¢ TIME-SEC: AA 

1 MINSTIME-60%¢ INTC TIME-6G 9) ` 
D HOURS=INTC ¢ TIME-MIH 5766 > 


IF SEC>=6 THEN 1220 
IF MIN=1 AND SEC=1 ANG HD24 THEM GOTO 15006 
GOTO 1236 


4 MIN=THTE SEC/68 d+MTH 
= SEM=SEC-66#¢ THT. SECAR 


IF MIN>=EA THEN 1246 


1 HOURS=TNTS MIMEA HOLAS 
2 MIN=MIN-£48% INT! MINE 
2 IF HOURS>23 THEN HOURS=a 


GOTO 1853 


7 INTCHOURS+@. 505": "a THTCMIMN4+@. S35": "GS INTC SEC+E,. & 


7 "LIME 62" 
TIME=PEEKS 12 ACID +PEERE 19 DEP S4+PR EKO 2A) 


A TIMESTTME-5189 064: THT? TIME 451 Sea 4 
i POKE 15. INTC TIME! SSA 
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443 IF ¥S="N" THEN 430 
443 GOTO 435 
454 7 "yn 
455 7 "ENTER TODAY?2 DATE" 
453 INPUT D 
453 DE=STRADO 
460 7 MB" "DS. e 
SAS 7 "DO YC WANT TO SET THE TIME?" THPLIT Os 
SJA IF #$="YES" THEM 520 
515 GOTO 1454 
EH Y It > E] 
525 7 "HOURS"; : INPUT H 
530 7 "MINUTES": IHPLIT M 
535 7 "SECONDS"; : INPUT S 
540 7 "HIT START TO BEGIN THE | TIME" 
S45 IF PEEKCS22799<>6 THEN S 
ba an) ? ft y ij 
1010 REM *XXŁŁŁPIT CURRENTTIME IH HARUARE REGISTEREKEEX 
1011 GRAPHICS 2 
1015 POKE 1%,9:POKE 19.6:POKE 26,0 


1.4. 04,A:1l=1 


GOSUB 13166:FOR D=i TO 7509: 


GOTO 1075 


a 


5040 

5850 

1DaAMAa 
ft Ro 
10014 
12904 
120414 
128024 
12634 
12044 
12656 
12055 
12656 
12457 
SABIA 
1274 
12075 
12030 
"120665 
- 12990 


S IF K=2 THEN DMAX=22: 
4 DMAYSS 1 


IF Ke4 OF K=6 ME K=3 NR K=11 THEM CHA 
GOTO 5023 


=34M: ROTO =p 


ZVAL. D$ >} 
D=D+1 
IF DOMAN THEN D=f: READ Msi K=k +1 
O=STREZD > 
GATO 16033 


DATA D: JAM. OG FEB. OMAR. OD APR. ot PAS a ¿De JA Ge 
We DE DEC, 

DATA PES 

FEM READ OUT RCUTINEREREEEEE 

7 "ho YOLU- WANT TO REAC FILE?" 

IMPIIT Es 

IF Bé="YES" THEM Gas: GoTo 12640 

7 "S" GRAPHICS 4: "ENTER FILE SPEC PLEASE" 

INPUT Z$ 

GOSUB 135844 


PLOT 29.75 

7 25 

OPEN #1.4. 0. 2$ 

FOR Q=4 TO 23 

FOR a=23 TO 149 STEP 5 

LET HARE G Y=HAR: 

IF #314% THEH 12138 

INPUT R1HAR - 


ML. 


12 


11 

122A E a e LLT Peen a, 
1285 FOKE 19, INTCTIME/25 

12396 TIMESTIME-2 SER INTE TIMEX2S6 33 

1293 TF HOURS+23 THEN H=4:M=4:5=4: GOTO 1813 
13606 GOTO 1455 

TAZOD REM ARASAFSAMPLE ROUTINE AKER 

2422 H=2 

2825 LET X=PEEKC 625 5 

2a TF 27408 THEM POSITION 1.14:7 

2825 IF 423 THEN FÓSITION 1:10:7 “VOLTAGE ABOVE RAHGES ABOVE ER 
2644 JF «<>+26<44 THEN LET Yaet 22a. Mit, Sh 
2045 IF 22426 THEM LET Vet 26-4 IEA, GA ++? 
205A IF x20722 THEN LET Y= 22- YEA., (2542.25 
2435 IF Kise THEN LET ‘Vee 24-246, 1254+2.5 
2066 IF X>13<1É THEN LET ‘V’=C-16-% 546, 1665+32 
2665 IF 4>11413 THEN LET We 12-4540, 2254+3.5 
eAPA IF x10711 THEM LET pe a tera 
2675 IF 425418 THEN LET Ver i@—K YEA. 1543. 2% 
¿Aa IF X3>8<19 THEN LET Wet 10-34. masr. 35 
20285 IF #3688 THEN LET “=C8-%34B,5+5, 1 

2024 IF 4>3¢6 THEN LET = 6-* 948. 33+5.9 
2095 POKE 77.0 

3088 GOSUB 15244 

3508 Ja l+i 

4510 AVG A+ sl 

4512 LET A=A+" . 

2500 € "SAMPLE #"; Ji" RUH RVG "MANG: M: DE 
3688 HAC HOURS =RYG 

S618 IF MIN<>A THEN 1455 

B12 HALE 28 A/G 

613 FAR I=1 TO @4:HAL? TosHALY 1+1 5: HET I 

615 IF MIH=4 THEN A=A: HO=H0+1 

£25 J=4 

4824 IF HOURS<>@ THEM 1655 

4045 REM XEF 

4454 REM £x CREATE FILENAME- “CLSEUR TERAPIA 
432 REM 4444 | 
4853 FOR O=6 TO 22: HARCO=HAS O: HEXT G 
44355 DATES LENS DATES +i betig 

4656 DATES LEWC DATES 541 =bg 

4069 OPEN #1,8,.6,DATES | 

4065 FOR Q=6 TO 23 

4076 HAR=HARC G Y > A 
4072 PRINT $1, HAR:HEXT 6 | 
4975 CLOSE #1 

40434 DATES="" 

SAAS REM FEXIXIXFDATE POLLOVERFAREAE 


sD: AUG. 


‘aD: 


"VOLTAGE BELOW RANGE LESS THAW 1.5/3" 


SEF; 


iP: ACT. 


12898 
1216% 
12120 
12134 
1214 
12150 
12168 
12176 
12175 


SITION 15,1:7 #63" | 


12177 
1308 
1394109 
12015 
13020 
13838 


13035 
HORSE; " 


1: SARS 
13040 
1345 


IF G=2 


4,628,299 
13 
LET Y=75-144¢ HAR-2 >: Y=T HTC Y 
IF HAR<2 THEM Y=? 
DRAHTO 4. Y:HEXT X:HEXT 0 
CLOSE #1 
7 "DO YOU WANT TO SEE AROTHER FILET" 
INPUT Es 
TF BS="YES" THEH 12048 
IF BS="HO" THEH ? "3":? "FINIS SHED" 
FOR D=1 TO cub : HEAT D: T "p": GRAFHICS 2 


14 


‘POSITION 3.1:7 #6: "SDDEY ": SODEM: PO 
GOTO 1835 
TRAP 12444: 
CALOR 1 
PLOT 16,4 
PERITO 16.73:DEAUTO 153,79 
THEN ? "HOUR @ É 
THEN 7 "HOUR “GS HOURS- 
"SHOURS: 7 "TODAY" 


COMES 


12 
2970 


12 24" 


IF Geo "i HOURS-18; ” 


"HOURS - 12; " "i 
C= 

PLOT 32.4: PRANTE m6 ae 
PLOT 31.4: 0RAWTO 43. 


PRAUTO di. 4 


CORAWTO 45.170 PRANTO 51,12:DRAWTO S4,12:DERNTO SF. 


DRAWTO 57.6: DRANTO 54.4 

13048 DRANTO 51.4 | A Baie compe 

“13056 PLOT 67.4: DRAR £7.12:DRANTO 73,12 

13055 PLOT £0.4:DRANTO 83,4:PLOT 94,4: DRAWTO 24,12 

13060 PLOT 96,9:DRANTO 96, 10:DPANTO 92,12:DRANTO 161.12:DRAWTO 102,10:DRAUTO 1 
2 9:DRAHTO 96,6: DRANTO 96.5 


O 
1) 


13065 
13479 
13872 
13474 
137E 
13478 
13486 
13032 
13024 
12936 


DRAWTA 11, 


13933 
130339 
130390 
131500 
1311A 
13128 
13122 
13125 
13127 
13134 
14026 
14621 
14422 
14423 
14424 
14425 
14826 
14027 
14935 
14040 
14054 
xT T 

149878 


NEXT I 


14034 
TI 

144394 
14149 


¿NEXT I 


14110 
4099 

14120 
14150 


PLOT 


ORAWTO 99,4: DRAVTO 191,4: DRANTO 163,S:DEAMNTO 193,€ 
PLOT 194.5:DPRANTO 18,5 | l 

PLOT i4. 19:ODRAWNTA 18.19 y 

19,23 DRANTO 18.33 

14,4 :DRAUTO 18.47 

14,61: 0PRAUTAO 13,61 

14, 73:DRAUTO 12,75 

PLOT 9,74 :DRAUTO 16.73:DRANTO 11.73:0RANTO 12.7 
PLOT 3.45: DRAWTO 2,47: DEAUJTO 12, 47° PLOT 11,45: 
PLOT 12 


PLOT 
PLOT 
FLAT 
PS ORAMTO 3.7? 
DEAMTN 11.49 
18: DRANTO 11, 17: CRANTO 18. 17 :DEAUTO 9.15: DRAWTO 9.21: DRALTO 16, 
22: DRAWTO 12,21- a 

CRANTO 11,28:DRANTO io, 20 

TRAP 48686 

RETURN 

FOR G=1 TO 24:LET n HAL.=HAL© (a > 
LET Y=?5-144¢ HAL -2 9: Y=I HTC YY 

IF HAL<2 THEN Y=73 

IF 42229 THEN PLOT X.Y 

IF >29 THEH DRAWTO +. Y 

FOR D=1 TO 26:HEXT D:NEXT G 

RETURH 

(=9:FOR S=1 TO F: 
THEH 14125 
THEH 14156 
THEM 14166 
THEN 14174 
THEH 14126 
6 THEN 14135 
TF S=? THEN POSITION 1.5: 
LM=LEN( PL) 

POSITION 1,5:7 #63" Ñ 
TRAP 140:FQR I=1 TO 12:FPOSTTION 2A-1.5 


¿DRAWTO 12, 


-j 
=] 


ho 
ra 


IF PEEKS 53279 %=2 THEN ii 


T FRG". "GITO 1655 


Po BEPREL DOS FOR Del TO S:NEXT D:ME 
AT D: 


HET D:HE> 


TRAP S@:FOR I=2 TO LM-19:POSITIOH 0,5:7? #6:P$e I, 19+13:FOR D=1 TO @:H 


FOR I=4 TO S:POSITION 0,3:7 #OIPECOLM-1S +1 LAB: FOR D=1 TO E: 


POSITION @.5:7 46AS: GOTO 14204 


FOR I=19-LM TO 1 STEP -1:FOSITION 1.5:7? #63 F801. LM 2 AS FOR bel TO S:HEXT O 


FOR I=1 TO UM:POSITION 0,5:7 #6;PRCILLM3:FOR D=1 TO S:HEXT D:HEXT 1:GOTO 1 


Pe="THIS ATARI COMPUTER IS BEING USED AS A RECORDIHG YOLTMETER": GOTO 14025 
P$="VOLTAGE TO BE MEASURED AND RECORDED IS BROUGHT IH THROUGH THE JOYSTICK 


_ PORT": GOTO 14635 


(14166 


P$" AN ANTENHA OH THE ROOF 


OF THE BUILDING PROVIDES A SOURCE OF FLUCTUATIN | 
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15 16 


G VOLTAGE":GOTO 14025 

14176. P$="A RECORD OF THE VARIATIONS IS SENT TO THE DISK ORIVE": GATO 14635 
14166 PS="THIS ALLOWS YOU TO SEE GRAPHS OF HOURLY VOLTAGE CHANGES FOR PREVIOUS E 
AYS": GOTO 14035 

14139 PS="TO SEE PREVIOUS RECORDS PRESS OPTIOW UNTIL SCREEH CHAHGES": GOTO 14035 
14206 WEXT 5 

15006 REM --<CALC MEAR le ZTE PEW--- 

1588S SUMNSA: SODEY=A: DEF=A 

15414 FAR I=1 TO 24 

13424 SUM=SUM+HALS 13: NET T 

15839 MEAN=SUM24 

13049 FOR {=i TO 24 

15859 DFF=DFF+¢ HALL I D-MEAN "2: NEXT I 

15968 SDDEY=SORC DFF/C 235) 

15965 POSITION 3.1:7 #6;"SDDEY ";SODEY: POSITION 13,1:7 $6:" ij 

15878 IF SDDEY>B.5 THEN GOSUB 15190 

15889 GOTO 1855 

15109 REM am ALARM TONE=---- : 

1518% POSITION 1,3:7 REÉS"AR.T. "HOURS" "Gigs OS U=0 

15116 FOR TONE=1 TO 30 

15128 SOUND @.120,16,.16 

15125 SOUND 1,85,18,18 

15130 FOR D=1 TO 20:NEXT D 

151484 SOUND A,B8,0,0 

15143 SOUND 1.6.6.4 

15150 FOR D=1 TO 19:HEXT D 

151684 NEXT TOHE 

15165 SOLUMD 8,126,10,1A 

i5166 SOUND 1,85,10,14 

15176 RETURH 

¡13204 -GRAPHICS 2:POSITION 3,1:7? #6; "SDDEY" “J SODEV: POSITION 13,1:7 #6;" j 
152109 POSITION 3.3:7 #6;"E.T. "¿HO0;" HRS. " 

15215 POSITION 5.7:7 FE 45" VOLTS " 

15220 POSITION 1,8:? #6: HARS: "HRS "MIH: Meh." 

15225 7 "SAMPLE #";J:" RUH ANG "AG: MS: GE 

11523% RETURH 


"GRASTAT.*" 


98 DIM HARK Z4) pe een aa a eeey AS 
55 DIM ZCA) i 
GG GRAPHICS 0:CLOSE #1:0PEH #1.4,0."Ki"-POKE P52. 1:SETCOLOR 2,0,6 


DTM SAC AEA y 
REM GENERAL IWMSTRUCTIONS 
POSITION 15.6:? "STATISTICS" POSITION 15,16:7 "FoR": POSITION 11.14:7 "MOH-ST 
TICIÓNS" 
FOR k=1 TO sag: SACK OSA: MEST E 

T "S'S POSITION 14.3: 7 "THIS PROGRAM": POSITION 12.4: "CALCULATES THE": POSITI 

2.53% ad VALUES" | 

eH POSITION 2. pe "FROM THE DATA ‘OL! INPUT: " 
E POSITION 14,5 3:7 "l. MERAH POSITION 14.11:7 "2. STAHCDARD": POSITION 17,12: PD 
TATION" 

POSITION: i4.14:7 "4. RANGE" 

POSITION 9,20:7 "PRESS “C’ To COMTIHWE” 

¿BB GET #1.A:IF A< erT THEN 2a 
214 REM REQUEST INSTRUCTIONS 

220 SUM=a: MEAN=B : DFF=6: SODEV=Sa: Rosy 

239 7 "OS": POSITION S.i2:7 "Do sou need instructions ray re" 

243 GOSUB 1254 | = 

zou IF A=32 THEN GOSUB 224 

260 REM DATA ENTEY 

cea CLOSE #1 

ero 7 "S"—POSITION 2 T "Enter Fa ledate > "Ss THEUT E: Heed 

236 IF H3300 OR Hed gor dd I=25 TO 38:POSITION 1.11:7 CHR S2a:HEXT 1:GOTO 27s 
236 FOR Q=1 TO 2 

248 DFEN oer 

Sig FOR I=} TO e4 
| 326 LET HAFS I 3=HAR 
IMPIIT #1. HAF l 

HEAT I:CLOSE #1:HEST Q Ñ 

FOR 1I=1 TO 24: SAe I o=HARZ IO: HEX T I 
ZAL T =3A 
FOR Je22 TO 2%:POSITIDH Joie? CHRE See: HEST J 

OREM #1.4,8, K” 
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REM EFE: CORRECT IC REGUE'S T 

OM "MS POSITION 3.12: "Mish to make ana corrections Cuenot" 
COIE 1355 | 

IF A=3%2 THEN GOTO 1124 

REM CALCULATION OF MERAH AMO STD. LEYIATION | 
E en 13.12: "PLEASE WAIT": FUSITIOCWN Godler "STATISTICS BEIMG CALC 
FUR I=1 TO H 

SUMSSUM+SA¢ Io: HEXT 1 

MEAS SUM} 

FOR I=1 Tū H 

DEFSDFF+ SAC I -MERAH OCS: HEST J 

SELEY = 2a. OFF oe Hed 

REM SURTIWG THE DATA 

FL=4 

POUR [=1 TO H-1 

IF SAC Tov = AL I+1> THEM 555 

Ee SA [i 

A E 
ei FL= 1 
300 NEXT I 
vg IF FL=1 THEM «+ 
STO REM rt N MF RANGE 


= OO Mm 


MA! 
an 


AA DA iy 
O “3 OT, 7 
vito wm a ays 


Fxg me Re tle ey a et Pct eS TE gs A 


Wes srs ake ye UD a 


rim A 


TEL EED ee Oe ec CO 


Ti Se Me hs et 


U 
ly 

= 
ws 

er 
| om | 
+ - 
— 
mE: 
D 


-mamm z - o -. ms en 


SIA LESERE 1: HEZEA HS 
FEN VALCULATION : CIF MEDIA 

IF Hei IHT HA2 0 THEM SSE , 

IF She he as AGS Meee R THEN MODS SHe Hee 

IF SAC HAS oS SSAC Herido THEM Mba Sac Hee 4SAC NOEL D972 

GOTO ETH 

HDP=SAS INTE He +10 

REM FPRIHT RESULT TO SCREEN 

TOE" POSITION 14.2: "CALCULATION RESULTS": POSITION > gy VERRE Pig" $E 


YN 
bo 


JNO IR Cro oH AIO Ub O hat 


cn a 


een $,6:7 "SAMPLE SIZE: ":POSITIOW 26.6: H 
> POSITION 4,8:7 "MEAN A BAR "POSITION chug: INTC MEARE 1 abra, Sa ik 
4 POSITION 4,19: "STD. GEVIATION" : Sree MH ¿6.16 t IHT SDDEV EL BeHb+a, S a7 {AAR 
4 POSITION 412:7 "MEDITAR": FOSITION oe. — MOD 
Aa POSITION 4,14:7 “EANGE"=FOSITION 26, 14: El 
A POSITION 4,18: "LOWEST SAMPLE VALUE": POSITION Zee lee? LE 
A POSITION 4.46: 7 "HIGHEST SAMPLE VALUE’: FOSITION 26.15:7 HE 
a POSITION 13,2%: "FRESS AHY KEY" 
MW GET #1.A 
REM REQUEST TO CONTINUE Oe EHE 
SUSE {460 
cod T PpO POSITION 4.12: "Mish to Prozess more dale sens?" 
7928 GOSUB 1250 | | 
860 IF A=?8 THEN GRAPHICS 8: EMD 
810 FOR I=1 TO H:SA Io=5:NERT I GITO 22a 
826 REM INSTRUCTION SUBROUTINE 
B30 7 "F":POSITION 3,5:7? "The maximam umber of enties is . Z306, while the mini 
men number is La” a 
840 POSITION 5:2:7 "The mean is the arithmatic average of the numbers you enter. 


Qu ¿pl E O A E a Y 


TA) mg med OS wad Sd A Ty) AA O a a oT 


699 POSITION 5.13:7 "THE STANDA 
ers spread Fron the AMES BE 
POSITION 14.21:7 "Press a k 
GET H1,A 

T CO POSITION 6,337 "Since the values you enter tend to form a bell curvett 
mal Dist. 3 the Std. Deviation" l 

POSITION 17.5:7 " is a meazure of the area under the tell cura,” 
POSITION 3,3:7 "Ho of Std. Dew. + POSITION 3.18: 7 "--------------------~- 


RD DEVIATION is a measure of how widely sour mmt. 
E 


Por more, " 


my & 


SOF aH 
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"yu SE = 


POSITION 2: 
POSIT TH 
POSITION 4, 


2 T "S Area" POSITION 25.16: % "------- á 
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4 
POSITION 4, 
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1 


¿7 PI 1 Std. Lew." :POSITION 31.1:%:7 
T H 2 Std. Dew, "POSITION 31,19:7 
E Hr ¿3 Std. Dew., "POSITION 31.16:7 

eee: 4 Std, Dew." POSITION 21.13:7 " 
iy "Press a key Por mora" 


in igi tf iT; 


POSITION < 
POSITION 
GET +$1.A 
7 "SE" POSITION 4.3: "The MEDIAN iz the value at the mid-point of sour i 
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9908 POSITION 4,10:7? "The RAHGE is the difference betucen sour lowest data value” 


pra pd et fo pr ee ps poro nt 
MNP Pb pu pata piro nh 
mee Re AA 


Po POD) O 


OR hi 5 U E Ya zo 


1866 POSITION 25,11:7 "and the highest. The rarae de a dulckuandodirta” 
1416 T “estimate of the spread. The standard deviation is more reliable tha the 
spread. u 

1926 POSITION 14.20: "Press *5* to start" 
1635 GET R1,H:IF A453 THEN 1030 
1646 FETURH 
1936 REM DISPLAY CORRECTION OPTIONE 
1980 7 "3": POSITION 1.25: 7 "EsCHAHGE DATA .H=HERT TABLE BSRUTT" > RE TUR 
876 GET +1,A:1F AS? AND ASSP AWD ASSL THEM 1075 
168G IF A=75 THEN 12368 
1654 IF R=51 THEH 3530 
1160 + "3" 
1116 REM ERROR CORRECTION SUBROUTINE | 
1128 7 "3":POSITION 3,12:7 "Remember incorrect sample # ¿sen 37" 
1136 GOSUB 1330 | | 
1146 IF AsTE TREN 1235 
L150 7 "OS": POSITION 7,39: "Nhat is the sample *";: IHFUT EN 
1156 IF EHH OF EWS 1 OF ENS THTC EM? THEM 1156 
117@ FPOSITIOH Poids (7 "Sample "GEM: POSITION 22,11:7 "Value "SSAC EHD 
1186 POSITION 7.13: 7 "Enter sour new value": POSITION 7,194: INFUT C: SALEN 2C: HARE 
N3=L i 
1199 POSITION 2.138: “Ars more changes Cue nd?" 
1266 GOSUB 1335 
1210 IF A=23 THEN 1126 
12256 GOTO 456 o E 
1230 GOSUE 1625: POSITION S/2:7 "These are the first ten valuzs:” 
1248 POSITION 11.5: 7 “EWTRY”’ : FOSITION 22,35:7 " VALUE" 
1250 FOR K=1 TO 16 
1268 POSITION 12,E+T:7% Es POSITION S4.K4+P: 7 SACK OS HERT E 
tere GOTO 1074 
1258 POSITION S.2:7 "These, are the next ten values: "IF Ki=366 THEM Gotsue ] 
EGIS 
12239 DT=: FUR ksk TO K+3 E -A EEI 
1368 IF K7360 THEN Kakta: HET E:GOTO 40905 
1310 POSITION 12,07 :7 K:POSITION 24.07: 7 SALE 
1320 bd k; 
1336 GOTO 147% 
1344 FOR .J=1 A 19:POSITIOR 12. de? : 7 " "POSITION 24. JP: 7 " E 
NEXT J: RETIRA 5 
1350 GET $1,A:1F AX739 AHD ACTO TREM 1354 
1360 RETURH 
1408 7 "Om YOL WISH TO PRIHT RESULTS?" 
1416 GET #1.A:IF AL?S9 AHD ASSPS THEM 1414 
i426 IF A=78 THEM RETLIRH 
i430 LFERINT :LPRIMT :LPRIHMT "24 HOUR VOLTAGE STATISTICS FOR "Z$: LPRIHT 
1448 LPRINT "SAMPLE SIZE. wscccccsenncas JH? LPRINT 
1445 LERIMNT "MEROS BARD. wwe ee eee MS TINTE MERA] Beet A LPRIWT 
14368 LERIMT "STD, DEVIATION. . 2. cee nae eee GIHTS SODES I gani aa ES “16806: LPRIMT 
1455 LPRINT "MEDIAN. 660-6656 ees ce ees oe CMD LPRIWT 
1469 LPRIHT "RAHGE. ..oo.0..<... so. OGR LPRINT 
1485 LPRIMT "LOMEST SAMPLE ! VALUE. sesa SLESLPRINT 
1470 LPRIHT "HIGEST SAMPLE VALUE... ee a "HE: LPR IMT 
1334 + "DO YOU WAHT TO FEIHT GRAPHICS?" 
1430 GET $1.R:1F Aces AWD ASSP THEM 1435 
1423 IF A=78 THEM RETURH 
1364 GOTO 1156 
11969 DIM EROS 
11398 DIM OS So, MB SO, CATE 157. > 
12000 REM FIFFRERD DIIT ROUTINES 
12655 GOSUE 13060 
1257 CLOSE #1 
1205 A 
12082 W=HAR 1 
126653 FOR I=1 TO 23: HARI I S=HARS 1+10:HE=T 1 

66 HARE 24 5=1 

ra FOR I=1 TË 24 


LET HAR=HARE I > 

LET YEIoG-2040 HAR=2 3: VETTE 72 
IF HARS2 THEN Y= =i 

IF naag THEN PLOT SS. Y 

nie vents THEM DRAMWTO +. Y 
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12130 CLOSE #1 
12132 GOSUB 14000: GOTO 133996 
12148 7 "DO YOI WANT TO SEE ANOTHER FILE?" 


12155 INPUT Es 
1215656 IF BS="E5" THEM 12040 

12175 IF BS="HO" THEN F o"$":? "FIHISHEO" 
T2r7O-FOR G=1 TO 1000=HNEX%T D:GOTO 12000 
13000 7 "y": GRAPHICS St+16 

13014 COLOR 1 

12013 PLOT 32.8 


a CRAWTO 32,155:DRANTO 212, 158 


aga PLOT 64.6:0RAWTO 72,24 :DEANTO 55,5 
B45 PLOT 192.2:DPRANTO As 12 ERANTO 32,25: PRAHTI 162,25 


ae DRAWTO 114, 1<:DERANTO 105.3 

46 DERUTO 182,5 

de PLOT 134.2: GRAWTO 13 Sn 146.24 

O PLOT Lee. a: DRATO 1758. 3:FLOT 1A8.8:DRAMTO 165, 24 

tT PLOT 195.18: 0RAWTO CET CERRATO 136. 234:DEANTO 202. 2 

“18: DRAWTO 192, 12: DRANT 122,16 

DRAWTO 192,0: DRAWTI cz. 

PLOT 28.18: RATO 36,168 

PLOT 28, 38:DRAWTO 36,22 

aoe FLOT 28.66: ORAWTO 36 

13676 FLOT 23,34: DRAWTO 26 

13878 PLOT 25.122:DFRAWTO 3 
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re ee OP ee 
SO St Cyr Se ee a ee M a 
AN Ty TN Ti gi A 
MĚS cn 
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Q) ae GOK GI te A GI = We to 


pa — pe ha 


„146: RAHTI 


13636 PLOT Z. 150:DRAWTO 
13032 PLOT 18, 148:DRAHTO 
24,154 

13054 PLOT 18,90: DRAWTO 12. 94: DRA 
123028 PLOT 24.36: DRAWTO 22.34: DEAL 
4: DRAWTO g2. 44: DRAHT 24,42 
13938 DRAWTO 22,48:DRANTO 26.46 
13090 PLOT 16.165: DRANTO 16.16 
162:PLOT 24, 165 

13032 DRATI 23.166: DRANTO 23.165 


‘DRAWTO 22 


E 
PLOT 


re 
m= 
Ti 


TO 26, i66: DRAWTO 25,165 
13094 DRAWTO 24,165 
130396 PLOT 25.1685 :CRAWTO 23,185: CRAWMTO Z6. 15% 
32,165 | 
1303938 PLOT 56.185: DRATO 46. 16S: FLOT SF. 168: DRANTO 32, 


le 
13109 PLOT 45, 165: CRAWTO 43.165: 
45.168 :DRAWTO 44, 163 
13182 DRAWTO 42,163 
13184 PLOT AS CRANTO Fa. 16E 
SS 1685: DEAMTO 59,166 
12186 DERUTO 52. 16h: DRAWTO 57.165 
13108 PLOT 147.185: DRAWTO 185,165: DEAWTO 164.156: DEHHTO 
14, 165: DEANTO 167.165 
131140 CRAWTO 156,187 :DERUTO 143,167 
13112 PLOT 183,185: DEANTO 153.162 
131194 PLOT 166.1668: 0ERUTO 187 
RATO 163.169 
13118 PLOT 22.163: DRERNTO 220. 
13118 PLOT 224,165: DRANHTO 223, 
RANTO 223, 169:DRANTO 226,182 
13120 CRAWTO 2230 167 :DEANTO 2236, 188:>0RANTO 225 
13122 PLOT 275. 168:DRAMTO 276. 1835:DEANTO 277. 
RATO 278,165 
13124 PLOT 251,165 
123506 RETURH 
13399 GOÓSUE 13500 
14068 TRAP 14634: RESTORE 
14626 FOR I=4 TO H-1 
149430 READ J 
14646 PORE ADRS PS +I.. 
(14056 HEAT I 
14063 REAL L 
14067 RETURN 
14983 REM 
14996 REM 
14391- REM $4 DUMP PICTURE OW SCREEN 
14392 REM 
14923 REM FFF 
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te 


leo ler: CRAHTO 13,167 


IES: DRATO 162,165: ORAWTO 18 
DRAHTI 23. 162: DRAIT 224. 


165: DEAMTO 278, 
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ITO 24,34:FLOT 22,90:DEANTO 22,2 
D 20,34: 0RAWTO 18.36: DEANTO 12,42 :DRANTO 20,4 


¿PLOT 10,163 


¡DEANTO 31.162: DRATI 


LES: DRAMTO 33 


se. les: 


les DRAMTO 33,155 
DEAMTO 42, les: DRAMTO 43, 18  DRAWTO 44,167 


1S5: DRAHT 275. 


(OR AWTO 183, 24: DRAWTO 11 
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Fig. 7-3. Antenna lengths. 


shield, remove center insulation, and twist shield and center con- 
ductor together as before. This forms the end sections of the 
antenna. Attach one of these end sections to one end of the match- 
ing section by twisting together the prepared ends and soldering. 
In the same manner, solder the remaining end section to the other 
end of the matching section. Waterproof these joints as best you 
can. Waterproofing of the ends will be done later, for they may 
need cutting for tuning purposes. 

The next step is to attach the feedline. Any random length of 
coax will do, but it must be of the same type used for construction of 
the antenna. Remove approximately 2.5 cm of vinyl jacket from the 
end of feedline, fold back the shield, and remove center insulation. 
Form two leads with the shield and center conductor. At the 
feedpoint of the antenna, connect the feedline by soldering the 
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1. A method for providing an early warning of the 5, 
future occurrence of an earthquake, comprising the 
following steps: 

(a) measuring the field strength of at least one broad- 
cast radio frequency signal at a location separated 
from the place of transmission of said signal, and 

(b) providing a humanly-sensible indication if the 
strength of said signal decreases beyond a predeter- 
mined amount from a previous value thereof. 

2. The method of claim 1 wherein said measuring is 
done on a broadband basis so as to measure the strength 
of a plurality of radio signals. 

3. The method of claim 1 wherein said measuring is 
performed by rectifying and filtering said radio fre- 
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23 24 
145994 REM 
143393 REM KEF 
142508 REM 
‘T4997 REM EE 
143922 REM 
idasa REM 
EHAR KEISRI ADRE PE IHW 
15010 IF + THEN GRAPHICS Ø:FRIHT "DUNE ERRUR ":EHD 
13020 RETIREN 
15834 RETA 
19234 REM 
139331 REN 
19932 REH 
13333 REN 
199394 REM 
19333 REN 
199398 REM 
(19937 REN 
cubra DATA 566 
abla DATA 163,38, 133.7,32, 7.0, 126, 202. 123,0, 1,56, 223,53,123 
0868 DATA 264.232,189,0,1.233,0,133.265.160. 125, 177,204, 01.240.134 
26434 DATA 123, 185, 204,24, 105,97,123, 206,165, 245, LED. p. 133, 207. 168.8 
e846 DATA 177,202, 208, iT. Z206. 240.101.125, 177. 206,24,101, 204. 122, 202, 200 
cara DATA 177,206, 101. 205,1243. 203,146. 2, 6. 160,1.177, cB. 24, 151. ent 
MEA DATA 145, 205, ZAA. IFP, PAR, 4L i5 101.203 14h, 2603 172 2.8, 200, 205 
cgBro DATA 207. 193, 0. 203. 0. 205.8, 225.0, 255.8,245.6, 255,0. 52 
chase DATA 1,521,1,.114,1,112,.1,1232,.1.145.1 ‘tas... 132.1,132 
24090 DATA 1,255,1,211.1.217.1. 1h. 2.420 2,8, WLP. 240.5 
24108 DATA 154,154, 2 202. 20, 251, IBS. se. 13s ele. led. 215, 36.164. 261.1, 262 
28118 DATA 236,184, 141.7: 6:104. 13. P. 5. 240., 4 163,0, 24, 2,162 
29126 DATA 255., 141.3. 6,136., 1423,0. 5., 169,60,133, 212,123,213, 141,; 
¿01346 DATA oe rae lee. 42.169. 3, 157,88, E ei ee es 
¿61499 DATA 3,172 62920157 569.35,165,5.157.74.3,169,60,157,75 
¿4156 CATA eee 242,169,108, 22. 230, 341, 166. 83, 164, 89, Lot. cid, laz 
¿64150 DATA eb, 163, eo, 191,7,6:100, 8.183,98, 242. LS IC dE AN 
20146 DATA 230.241. 200., 208,243, 168,06, 165,204, 72. 165 ERENT vr 
281384 DATA 264.157.9.6. 165. 264, 24, 185.40, Se SEF 144, ey es, 20S, a 
20134 DATA 224,.5.144,. 255.155. 72,152. 72,1599,8.141,.8,.6,162,.8,138 
cheb DATA S0, 3.6. 106., 232, 224,5, 144,247) PP GE 174,7 Pi ebe 
2210 DATA eat pee A A 225. 164. 163,104, 17 
28220 CATA 164.133.2805, 194.132, 204,208. 192,45, $44,172, B25, 132, 241, 103. 204 
2h2se DATA 24,105.24, 133,2 204, 163, 285, 103. L 133,295, 206. T. 5. 268. 134 
20248 DATA 165.15. 32 230. 241. 163., 155, 32. 230, 241. 162.43, 169,12,157. 66 
¿4236 DATA 3,76.17.242,173,5,6, 230, 21,72,183.0,191.5.6,165 
2026A DATA 285. 32.230, 241, CERIN Les. Bs 2d, 241, 155 218 
¿era DATA 268,668.35, es, 179,5,5 Do 24g, Dev 2h, 6.8, 2b, 5 2253 
2023 CATA Es She, 50, 20E, 5, Externas onl. e- „175.13 TE EAEE 
¿aaa DATA 6.32. 230. 241.206, 5, 6. 202, 245,246, 17. 162, 25, 32, 220 ¿91 
¿4390 DATA 173,53,.6:.32,230,241,.173,6,8,32.23B.241.104,141. Er 
203108 DATA 165.1,141,5,6,395,140,2,.6,141,4,8,1582,48,163,11 
20328 DATA 157,663) 169, 1,157. 72:3. 168,0, 157,723,2, 157.725,32 
20339 DATA 165,4.157,68,3.169.6,.157,69,3.32,17,242,172.2,6 
26340 DATA 96,32. AE, 22E E2, 45. 67d leeds ia 212’. 174 BS 
 2A356 DATA 134,162¢,43,189,12.157,656, ae ro. 86,226,495, 242.36, gey Loe 
25368 DATA Dre 16,6, 74,255, 63937 
-— 25808 LPRINT :LPRIHT :LPEIHT " gue 
We claim: quency to provide a direct current voltage and wherein 


said indication is provided in response to a predeter- 
mined drop in the value of said voltage. | 

4. The method of claim 1 wherein said indication is 
provided if the strength of said signal decreases a prede- 
termined amount from an average value thereof. 

5. The method of claim 4 wherein the value of said 
signal is periodically sampled for a predetermined per- 
iod, a standard deviation of the resultant samples is 
calculated, and said indication is provided if said stan- 
dard deviation exceeds a predetermined value. 

6. The method of claim 4 wherein said signal is sam- 
pled once per minute, the resultant minute samples are © 
averaged each hour, and the resultant hourly averages 
are tested to Berane if the latest hourly average has 
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deviated from previous hourly averages beyond a pre- 
determined amount. l 

7. The method of claim 1 wherein said indication is 
provided only if at least wo separated receivers detect 
said predetermined drop in the strength of said signal. 

8. The method of claim 1 wherein a visible record of 
said signal’s field strength is plotted as it is measured. 

9. The method of claim 1 wherein the strength of a 
plurality of broadcast signals are measured by rectifying 
and filtering said signals to provide a direct current 
voltage, said direct current voltage is periodically sam- 
pled, the resultant samples are averaged periodically to 
provide periodic averages, the standard deviation of 
said periodic averages is calculated, and said indication 
is provided if the value of said standard deviation ex- 
ceeds a predetermined value. 

10. A system for providing an early warning of the 
future occurrence of an earthquake, comprising: 

(a) means for measuring the fieid strength of a least 
one broadcast radiofrequency signal, said means 
being arranged to measure said fieid strength at a 
location separated from the place of transmission of 
said signal, and i 

(b) means responsive to the measured strength of said 
signal for providing a humanly-sensible indication 
if said measured field strength decreases beyond a 
predetermined amount from an average value 
thereof. 

11. The system of claim 10 wherein said means for 
measuring comprises a broadband receiver for measur- 
ing the strength of a plurality of radio signals. 

12. The system of claim 10 wherein said means for 
- measuring comprises means for rectifying and filtering 
said radio frequency signal to provide a direct current 
voltage and wherein means for providing said indica- 
tion is arranged to do so in response to a predetermined 
drop in the value of said voltage. 

13. The system of claim 11 wherein said means for 
providing said indication is arranged to do so if the 
strength of said signal decreases a predetermined 
amount from an average value thereof. 

14. The system of claim 13 wherein said means for 
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26 
measuring comprises means for periodically sampling 
the value of said radio signal for a predetermined per- 
iod, and wherein said means for providing said indica- 


tion is arranged to calculate the standard deviation of 


the resultant samples and to provide said indication if 
said standard deviation exceeds a predetermined value. 

15. The system of claim 13 wherein said means for 
periodically sampling said signal is arranged to take a 
sample once per minute and to average the resultant 


‘minute samples each hour, and wherein said means for 


providing said indication is arranged to do so by testing 
the resultant hourly averages to determine if the latest 
hourly average has deviated from previous hourly aver- 
ages beyond a predetermined amount. 

16. The system of claim 10 wherein said means for 
providing said indication is arranged to do so only in 


response to the detection of a predetermined drop in the 
‘strength of said signal by two separated receivers. 


17. The system of claim 10 further including means 
for making a visible record of said signal’s field strength 
as it is measured. 

18. The system of claim 10 wherein said means for 
measuring includes means for measuring the strength of 
a plurality of broadcast signals by rectifying and filter- 
ing said signals to provide a direct current voltage, 
means for periodically sampling said direct current 


voltage, means for averaging the resultant samples peri- 
odically to provide periodic averages, and wherein said 


means for providing said indication includes means for 
calculating the standard deviation of said periodic aver- 
ages, and providing said indication if the value of said 
standard deviation exceeds a predetermined value. 

19. The system of claim 10 wherein said means for 
measuring and providing said indication comprises a 
broadband receiver arranged to provide a direct current 
output voltage, an analog to digital converter, and a 
programmed computer arranged to receive the outpt of 


said converter. 


20. The system of claim 19 further including means 
for periodically storing received field strength values 
and providing a visible plot of the continuous value of 
said field strength. 


* k*k + * * 
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John Bedini's "Scalar Beam" device 


Here's a suggestion for "scalar" experiments from a conversation with John Bedini. Mr. Bedini 
encourages everyone to try this experiment, but warns us that this device 1s patent applied for, so you 
should only build a single unit for your own use. 


N 1 
| \ \ 
NA \ 
a a \ S 
VA] | Obtain two Radio Shack ceramic magnets and 
\ \ | N glue their north pole faces together. 
\ | [N 
N | 


S 


Wind the magnets with about 50 turns 
NANA of #30 magnet wire. Wire gauge 1s not 
INN \ critical. 
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PEA 
A A 
YN | UIE 
YA 
A 
MAMI 
\ | 
| | [small ] 
| ----- [ noisy |---------- O 
[ motor | 6v to 12v power supply 


O 


The brush noise from the DC motor provides a pulse signal to the co1l, which modulates the 'colliding' 
field pattern of the magnets and creates interesting scalar effects within a narrow pencil-beam pattern 
which extends from each face of the magnet out to a few inches. 


¡NO 

PASIA 

IN EANNAN 
<<<<<<EEEA, A WM A>>>>>>>>>>>>>>>>>>>> scalar effect comes from the 
ts. | ||| >>>>>>>>>>>>>>>>>>>>> joint between magnet faces 


Mr. Bedini suggests these experiments: 


Purchase two identical music CDs. Listen to both to verify that they are identical. Now let the "scalar 
beam" play all over the surface of one of the CDs for about one minute. You may want to build a simple 
rotating platform to make this process more convenient. Now play the two CDs and compare them again. 
Hear any difference? (Note, this process is patent pending, so do not use it for any other purpose except to 
demonstrate the reality of the effect) 


Connect a small probe-coil to an oscilloscope, then move it around in the beam and observe the 
waveforms. 


Taste some wine, then put it in a small airtight container and place it against the magnet face for a few 
(minutes? hours?) Taste it again. Improvements? Try it with and without the power supply connected to 
verify that any changes are caused by the scalar beam and by just the magnetic field. 


FROM : Some tests I intend to try (but as yet have not!): 

Place various foodstuffs in the beam then compare flavor with untreated samples. 

Grow two collections of plants, water one with normal water, water the other with water that's been 
treated by several minutes??hours?? exposure to the beam. As a control, use water which was held 


nearby identical magnets but without the coil. 


Aim the beam directly at a plant for many days, compare it with another untreated plant as a control. 
(Shield the magnet, or place a similar magnet-block near the control plant.) 


http://www.rexresearch.com/bediniscalar/bediniscalar.htm 


2/15 


1/28/2019 John BEDINI -- Scalar Beam Generator -- article & patent 


Sprout two groups of seeds, one treated and one untreated, and look for differences in number, health, 
growth rate, etc., between the two groups. 


Measure the growth of the tip of a plant stem by using a tiny lever, mirror, and laser beam. Graph the 
growth rate, then treat the plant with the scalar beam and look for changes in the growth rate. (Note that 
this method can also be used to observe plants' realtime response to numerous stimuli both conventional 
and "weird." Fertilizer? Light? Music? Magnetism? Pyramids? Good/Bad thoughts?) 


Observe microscopic lifeforms in pond water, then expose them to the beam and see 1f their behavior 
changes while it 1s operating. Or, expose the water to the beam for several minutes??hours??, then 
compare the number and activity of lifeforms in the water with an untreated bottle. Or, compare the 
effects of adding treated or untreated water to the slide under the microscope. 


Use an opamp buffer and an audio amplifier to listen to the noise output of a capacitor which is shielded 
in a thick copper box, (or does a resistor or transistor work better?) then aim the beam at the box and 
listen for signals, or monitor changes to component values. See: http://amasci.com/freenrg/grav3.txt, 
Hodowanec's capacitor-based gravity detector, for more info. 


Apparatus and method for reducing electronic relaxation noise present information recording 
medium 
US5487057 


A method and apparatus is provided for reducing relaxation noise in a conducting medium. The device is 
fabricated by affixing two magnets at like, repelling poles; wrapping said magnets with a coil of wire in 
an orientation orthogonal to the interface between the joined magnets and the like poles of the magnets to 
form a magnetic unit; connecting said coil to a motor means, an electrical power supply means and a 
switch means; attaching a spindle to said motor means. The spindle receives said conducting medium. 
The apparatus can be in a housing. The conducting medium is placed on said spindle. By activating the 
device, a modulated magnetic electromagnetic field is created simultaneous to the spinning of the 
conducting medium. The information recording medium rotates through the modulated electromagnetic 
field, thereby reducing the relaxation noise. 


BACKGROUND OF THE INVENTION 
1. Field of the Invention 


The invention relates to the general field of playback of recorded conducting media or conductors, more 
specifically, an apparatus and method that reduces electronic relaxation noise, also known as "linger 
noise", that exists in information recording medium. 


2. Description of Related Art and Information 


The utility of the present invention is based on fundamental laws of nuclear and electronic physics at the 
electron level, particularly with respect to electron gas relaxation phenomena in conductors immediately 
preceding the initiation of normal current flow per ohms law. 


For current to flow through a medium conductor or a conducting plate (conductor) that involves 
electromagnetic (EM) effects in recording and playback, and in transmission of signals, and thus to 
provide signals through normal circuitry, conducting plates, etc., a finite time is required before the flow 
is established, and before stability, referred to as a "stable signal" or stable flow pattern, can be 
established. This time delay 1s referred to as electron gas relaxation time. 


The relaxation phenomenon involves at least three major stages, all of which must be substantially 
completed before the relaxation time 1s actually complete, and coherent signals or patterns are being 
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transmitted in the conductor. Further, the relaxation time involves damped oscillations. 


The first stage in the relaxation time is the relaxation of the electrical charge density. Electrons initially 
distributed throughout the conductor are "excited" by taking on excess energy in the form of potential 
gradients across them. They are now substantially involved in working their way to the surface, since 
most of the current flow must occur on the surface of the conductor, not in its interior. If the total charge 
is not zero, a very highly non-linear first phase results, and the division between first and second stages 1s 
substantially blurred. 


A simplifying assumption is made, that the initial charge 1s zero, so that the compensated charge 
fluctuations may be described by linear equations. Then the relaxation of electrical charge density can be 
assumed to be mostly independent of the initial conditions and of the size and shape of the conductor. 


Treating the Drude electron gas model as applicable, and assuming each electron is independent of the 
rest, damped harmonic oscillator equations result for the relaxation. This yields a short relaxation time for 
stage 1. This erroneously short relaxation time basically results from assuming that the electrons move 
rather independently and are de-coupled. With coupling remaining as 1s almost always the case, a 
combination of stage 1 and stage 2 actually applies immediately, and sometimes an extra combination of 
stage 3 as well Much "noise" known as small field perturbations in random directions, is present during 
phase 1. This is because of the random motion of the electrons in all directions, as the addition of the 
excess energy to them essentially results in an increase in the average electron's kinetic energy and 
increases the violence and frequency of their collisions with the lattice and with each other. 


The second stage is the expulsion of the electric and magnetic fields to the exterior of the conductor, and 
the expulsion of the excited electrons as axial currents (on the average) to the surface. This electron 
movement during the second stage is still immersed in the midst of a great collision/violence among the 
electrons in the electron gas in the conductor. Accordingly, there are erratic electric and magnetic fields 
from the erratically moving charges, whose violent movements are, in fact, expelling these fields from the 
conductor and in all directions in the conductor. Consequently, there is much noise, distortion and 
scattering going on in this stage. 


In the third stage, the electrons reach the skin of the conductor, resulting in a marked decrease in collision 
frequency and violence. The relaxation process terminates with the slower ohmic and radiative damping 
of the surface currents. 


As an end result of the three relaxation stages, a sinusoidal charge disturbance 1s formed and propagated 
in the conductor with a phase velocity Vp of roughly 1.times.10@8 cm/sec, or roughly 10@6 meters per 
second. Further, this disturbance is extremely noisy. It is also moving far slower than the speed of light, 
hence "lingers" in a circuit after each and every stimulation, directly adding noise to slightly succeeding 
"signal stimuli." The "signal" moves down the conductor at nearly C, the velocity of light in space. 


The net result in a continual digital process is that the 3-stage relaxation phenomena continually generates 
lingering noise signals in a circuit. This noise is continually produced both when signals are initially 
recorded on a conductor, increasing the noise in the signal actually recorded, and again when the 
conducting medium is later optically re-stimulated to detect the recorded "signal and noise". Examples of 
conducting media are audio compact disc, CD-ROM (read only memory), video laser disc, photo-CD and 
photgraphic film. The net result is that continual relaxation noise is added to both the recording and 
playback stages of any recording process utilizing such a conducting medium. Relaxation noise 1s also 
added to any signal translated down or in a conductor and through circuits. 


In searching prior art that disclosed magnetic and/or modulated EM devices designed for processing or 
clarifying conducting media for the purpose of reducing relaxation noise, no references were located that 
either disclosed or anticipated the present invention. 


SUMMARY OF THE INVENTION 


The device is a housed magnetic unit that, when electrically activated by a switch and motor means, 
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creates a modulated EM beam or field that dampens and reduces electron relaxation or linger noise in a 
recorded conducting medium as the conducting medium passes through the EM field. 


BRIEF DESCRIPTION OF THE DRAWINGS 

FIG. 1 is a perspective view of a device that produces a permanent magnet magnetic field. 
FIG. 2 is a perspective view of the outside of a housing for the apparatus. 

FIG. 3 is an inside view of the bottom half of the housing and components. 


FIG. 4 is a perspective view of the orientation of the conducting medium (compact disc), to a 
molded spindle. 


FIG. 5 is an inside view of the top half of the housing and components. 


FIG. 6 is a side view of the housing and components. 
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FIG. 4 


FIG. 5 
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DETAILED DESCRIPTION OF THE INVENTION 


The method and apparatus or device of the present invention is discussed hereinafter in terms of 3-stage 
relaxation noise actually introduced to all signal conducting media by the recording process, and again 
introduced in the playback from such recorded conducting media. 


First, the sharp distinction between the first and second relaxation stages is removed. The moment the 
charges present in the electron gas in a conductor are excited with excess energy from the leading part of 
the incoming signal stimulus, excess fields exist on the electrons, directly combining with the E- and B- 
fields already in existence. Consequently, stages 1 and 2 are considered combined. In other words, even in 
stage one, a strong component of the excited fields is attempting to axially eject or expel electrons from 
the conductor, while other strong fields oriented within the conductor are affecting the entire electron gas, 
increasing its collision frequency and noise. Axially, there is less collision damping, so on the average an 
axial movement toward the surface results. Axial expulsion 1s a radial effect. 


Next is the effect of an additional magnetic field from an external magnetic pole, which is what the 
present invention provides. The magnetic pole, for example, may be fairly localized in the case of 
recording signals and replaying signals, or 1t may be distributed in a "cover" or "blanket" covering the 
outside surface of the conductor. In the case of flat conducting plates, the blanket may cover both sides. 


When any field element attempts to emerge from the conductor, or can be decomposed into longitudinal 
and axial components where the axial component attempts to emerge, it 1s directly coupled to one or more 
axially (on the average) moving electrons within the plate, which constitutes the source or sources of the 
fields. The source electrons are also attempting to move to the surface themselves. However, the strength 
of the electron-associated magnetic field will be altered, affected and resisted by the externally introduced 
modulated EM field of the present invention. 


The net effect of the magnetic field, as produced by the present invention, is to induce damping and 
"magnetic braking" of the electrons and damping of their fields. In addition, a moving electron in a 
magnetic field is forced to turn away from its path, again increasing damping. In the externally introduced 
modulated EM field of the present device, the axially (on the average) moving electron is forced to 
develop an electric field gradient at right angles to its (on the average) axial movement, and "back 
against" the "linger noise" stimulus. In short, the electron develops a "back EMF" from all of the other 
electrons in the gas, which resist its movement and damp it. This dampens the electron's axial component, 
consequently its movement and concomitant relaxation "stage 1" and "stage 2" noise, resulting in a 
materially reduced relaxation noise. 


The result of the use of the present invention, is that as the electrons continue to violently alter their 
directions due to collisions, they are continually damped by the modulated EM field created by the 
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feedline center conductor to one of the feedpoint leads. Then 
solder the feedline shield to the remaining lead. You may wish to 
waterproof this area, making sure that the feedpoint leads do not 
touch each other and short out. Follow this procedure for antennas 
on other bands. 

Erecting the antenna is next. If you have access to an attic or 
crawl space in the roof of your apartment building, so much the 
better. Using monofilament fishing line as anchor ties, a series of 
half hitches along the vinyl jacket ends of antenna will do nicely for 
anchoring the antenna. The monofilament line will bite into the 
vinyl as it is pulled taut. 

If you are not fortunate enough to have access to an attic, the 
antenna may be stapled to a living room or bedroom ceiling using 
plastic cable ties or any other non-conducting material as support. 
Wrap the cable ties around the antenna at intervals and staple the 
free end(s) of the ties to the ceiling. Do not staple directly through 
the antenna itself. 

This antenna can be used as a dipole or inverted vee. If used as 
a dipole, try to erect as much of it as possible in a straight line, 
keeping it as far away from large metal objects as feasible. The 
ends may hang down as long as they don’t touch any nearby metal 
objects. More than one antenna may be erected in the same area, 
providing they are run at angles to each other rather than being 
parallel. The reason for this is that the inactive antenna could 
absorb some signal from the active antenna, thereby attenuating 
the signal output. 
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device. Consequently, the erratic movement of the electrons are constrained, their velocities are lowered, 
their collision frequency is diminished, and relaxation noise is reduced, compared to the situation where 
no external EM field is present. The net result is a reduction of relaxation or linger noise resulting in 
clarifying of audio and/or visual signals from the conductor. 


When the external modulated EM field of the present invention crosses the relaxation excitation E-fields 
of the conductor, longitudinal components on the electrons, in either direction, are produced which 
contribute to the overall damping. The fundamental principle is that, as the electrons increase their kinetic 
energy during stage | and stage 2 of the relaxation time, that increase 1s being resisted by a magnetic 
braking/damping effect, and the axial ejection and noise components that continually develop are damped 
by the introduced EM field. 


This results in a reduction in the production of both immediate and linger noise. It is the mirror symmetry 
of the "magnetic brake" effect. The excited electrons try to move faster, in effect creating "eddy currents" 
in the conductor. Moving in the fixed magnet's modulated EM field, these "eddy currents" exert a 
magnetic repulsion force upon the magnetic pole, which in turn exerts a braking effect back upon the 
"eddy currents" themselves. This latter effect constitutes noise reduction in the conductor. 


The end total result of the use of the device of the present device 1s: 
1. Reduction of the velocity and kinetic energy of the electrons during coupled phase 1 and phase 2; 


2. introduction of substantial additional damping upon the harmonic damped-oscillation relaxation noise 
that results in phases 1, 2 and 3,; and 


3. substantial reduction of the overall relaxation noise in the system, in the resulting conducting medium, 
and in the resulting playback from the conducting medium. 


The device directly reduces the relaxation noise in all conducting media which involve EM effects in 
recording and playback, and in transmission of signals. In any operating system, whether recording or 
playback as such is being performed or not, the present device directly reduces the continuously-forming 
"lingering relaxation noise" from signals that have previously occurred, and that are actually slower- 
moving charge disturbances constituting relaxation noise in the system's operation. The relaxation noise is 
also a power loss from the signal. Reduction of the signal power being lost in the system constitutes 
effective enhancement of the noise-free power transmitted by the system. 


Application of the device increases the signal-to-noise ratio by dramatically reducing the lingering 
relaxation noise that is continually produced in: 1) systems operation; 2) the conducting medium; and 3) 
detection, amplification, and playback from the conducting medium. Media conductors or conducting 
plates that the apparatus may be applied to are audio compact discs, CD-ROM discs, photographic 
compact discs, video laser discs, motion picture and still-camera film of all types, x-ray film, optical 
media, and other medium which involve EM effects in recording and playback and in the transmission of 
signals through normal circuitry and conducting plates. Video, audio and digital tapes also benefit from 
the present invention but conducting tape must be treated with the device before recorded upon. 


The systems may be any EM system such as electrical, electro-optical, magnetic, and magneto-optical 
systems. The continuously-formed lingering relaxation noise is a direct part of the so-called "standard 
noise" in the system. 


When the device is applied to a conductor, such as an audio compact disc (CD) that normally produces 
playback distortion as a result of relaxation noise, the distortion 1s reduced and there 1s an improvement in 
sound quality with improved clarity and sharpness of the music or other such sounds. When the apparatus 
is applied to a medium that has a visual expression, such as a CD-ROM, Photo-CD, video laser disc or 
photogaphic film, there is improved visual effects with greater clarity, sharpness and color to the resultant 
pictures and photographs. 


One embodiment of the invention is a device comprised of a pair of permanent magnets in an orientation 
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in which their like poles, 1.e., north or south, are in a facing and repulsing relationship. A coil of wire is 
then wound around the pair of fixed magnets in an orientation orthogonal to both the interface between 
the facing magnets and their north and south poles. 


A motor means and electric supply means 1s provided for creating a pulsed current characterized by sharp 
voltage spikes to the coil of wire creating a modulated EM field while also producing a means for 
spinning the conducting medium when placed on a spindle that is driven by the motor means. A far 
greater effect is given by the brushes of the motor means when DC current is applied at a constant rate. At 
the same time, the motor means provides a more constant means of maintaining optimum rotation of the 
spindle thus exposing the conductor to the constant effect of the EM field. 


The molded spindle allows for improved centering and stability during rotation of the conducting 
medium. The conducting medium is oriented to the device so that its plane is parallel to a plane running 
through the north pole orientation of the magnets. As the conducting medium passes through the 
modulated EM field, the electrons of the conductor are effected by the field, thus reducing the relaxation 
noise. 


The device is housed in a container, such as a molded plastic housing, to maintain magnetic unit 
placement and to allow for greater penetration of the modulate magnetic field by the magnetic unit and 
with greater effect on the conductor. 


One application of the device of the present invention is in clarifying sounds emitting from an audio 
compact disc. Compact discs are comprised of an aluminum surface encased in a plastic coating. The disc 
itself is composed of a very thin piece of stamped aluminum, which is the conducting medium, encased in 
plastic. The thin aluminum layer 1s the active ingredient that contains the recorded data. 


A second application is in the clarification of compact discs such as video laser discs, photo-CDs and CD- 
ROMS. Processing of visual compact discs produces a clearer, sharper, brighter and more colorful image 
both on the computer screen and in a photo image. 


A third application is in the clarifying of photographic films of all types. Exposed film that has been 
clarified before developing the film produces a consistantly clearer image than film that is unclarified. 


Referring first to FIG. 1, 10 is a device comprised of a magnetic unit 12 which 1s further comprised of a 
pair of permanent magnets 14 and 16 orientated with like poles in a facing, contacting and repelling 
relationship and fused with an adhesive means 18 forming a seam with joined magnets 14 and 16 
producing a shaped magnetic field 22. Magnets 14 and 16 are oriented with their north poles in an 
abutting relationship, although the magnets may be abutted using their south poles. 


FIG. 1 further shows a coil of wire 20 wound around magnets 14 and 16 of the magnetic unit's out 
facing poles with coil 20 having an orientation perpendicular to the plane of the interface between 
magnets 14 and 16. Coil 20 may consist of 150 to 300 turns of a #34 enamel-insulated high 
temperature wire, with 250 turns preferable. Magnetic field 22 is shown emitting above adhesive 
seam 18 of magnetic unit 12. 


Also shown in FIG. 1 is circuitry 3 for providing an electrical supply to coil 20 of magnetic unit 12 
used in apparatus 10. Circuitry 3 is comprised of a DC motor 5, a controlling switch 7, either a 9 
volt DC battery or a DC power supply 9 and connecting wire 11 to coil 20. DC motor 5 also 
provides a means for rotating spindle 33 seen in FIG. 2. In the alternative, electrical power may be 
provided by a 120 volt AC power supply 13 which is reduced to 9 volts by passing through a 9 volt 
AC to DC convertor or power step-down unit 15. 


FIG. 2 is a perspective view of a housing 31 which contains apparatus 10 and its components. Seen 
emerging from the top of housing 31 is spindle 33 for the placement and orientation of conducting 
medium 24. Spindle 33 emerges from the top side of housing 31 for ease of placement of the 
conducting medium. Closure of switch 7 creates a modulated EM field 22 simultaneous to the 
spinning of conducting medium 24. As the conducting medium spins, it passes through field 22 thus 
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producing the desired effect on the conductor. 


FIG. 3 is an inside view of the bottom half of housing 31 showing compartments, A-1 and B-1 
separated by a divider 35. Compartment A-1 is adapted to fit over compartment A-2 of the top half 
of housing 31, seen in FIG. 5. Compartment B-1 contains a 9 volt DC battery or DC power supply 
9, space for switch 7 and space for motor 5. 


FIG. 4 is a perspective view showing the orientation of conducting medium 24 to spindle 33 and 
motor 5. 


FIG. 5 is an inside view of the top half of housing 31 showing compartments A-2 and B-2 separated 
by divider 37. Compartment A-2 contains magnetic unit 12 with connecting wire 11 from coil 20. 
Wire 11 passes through a recess in divider 37 and into compartment B-2 to connect to motor 5 and 
switch 7. Compartment B-2 contains motor 5 and a side wall of B-2 contains a recess for switch 7. 
Beneath motor 5 and on the roof of the top half of housing 31 is an opening for the emergence of 
spindle 33. 


FIG. 6 is a side view of housing 31 showing the relationship of the various elements to each other. 
Magnetic unit 12 is located in compartment A-2 of housing 31. Connecting wires 11 connect coil 20 
to a 9 volt battery or AC to DC convertor 9 and motor 5. Spindle 33 is connected to motor 5 and 
emerges through the top of housing 31 to accept conducting medium 24. Conducting medium 24 is 
shown in close proximity to magnetic unit 12 and oriented in a plane perpendicular to the plane of 
intersection of magnets 14 and 16 so that when apparatus 10 is activated, the rotating conductor 24 
will pass through the modulated EM field 22. 


EXAMPLE I 


An analysis of an audio compact disc was carried out with the test completed using a Schlumberger 1510 
Audio Spectrum Analyzer to display real-time fast fourier transform (FFT) spectra of the sound, a 
Tektronix 465B dual-trace oscilloscope to display phase differences between left and right stereo channels 
as well as waveform shapes, and a Leader LMV-185A 2 channel AC Millivoltmeter to simultaneously 
read the amplitude of the left and right stereo channels. The spectrum analyzer has a frequency range of 
up to 25 khz, a dynamic range of 70 db, and an absolute range of 100 db using attenuators, and an 
accuracy of 0.1 db and 1/256 of the frequency range selected. All measurements were made using the 25 
khz range. The oscilloscope has an upper frequency range of 100 mhz. The test CD was played on the 
Denon DCD-1500 II compact disk player connected directly to the above instrumentation. 


The test CD, CDP 7 46446 2, DIDX 2249 Stereo, UK: CD-PCS 7078, manufactured by Capitol Records, 
otherwise known as the Beatles: Abbey Road album originally recorded in 1969 and digitally re-mastered 
in 1987 for CD, was subjected to the above equipment and technique. Spectral measurements at a 00:24 
interval was made on track #7, a selection known as "Here Comes the Sun". 


Track #7, at a 24 second interval, 1s exhibited in Example l as a series of bar graphs in diagrams 1-8. The 
bar graphs simultaneously show the relative loudness in decibels "before" and "after" clarifying of the 
device. Each pair of bars represents the relative loudness of frequencies between 100 hertz and 25600 
hertz of Track #7 time 24 seconds of the audio CD analyzed. 


Diagram | shows the entire spectrum from 100 to 25600 hertz in 8 frequency bands as labeled at the 
bottom of the diagram. It is noted that each frequency range except for 200 to 400 hertz is about | or 2 
decibels louder after processing by the device. 


Diagrams 2-8 display the same data in more detail showing a larger number of smaller frequency ranges 
in intervals of only 100 hertz each. Because frequency ranges are smaller there are more variations in the 
data, however, the readings show the trend of being 1 to 2 decibels louder after processing. 


It is noted that each of the spectral differences as well as the average spectrum difference follow a profile 
demonstrates the effect that clarifying by the instant device has on the CD. 
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EXAMPLE II 


An analysis of an audio compact disc was carried out by first recording "The Best of Mike Olfield-- 
Elements", track "Portsmouth" without clarifying the CD, on a hard drive using a WAV file of Voyetra's 
WINDAT software with a sound card connected to a CD-ROM's audio output. The recording was in 
mono at a sample rate of 44100. 


Following the first recording, the CD was then clarified, using the device, by placing the CD in the 
modulated electormagnetic field of the present device for 10 seconds on each side followed by again 
recording the CD using the above technique. 


Using the WINDAT program, the "before" clarifying and "after" clarifying recordings were trimmed so 
that application of the device could be easily compared with non-application. Ten second and 0.25 second 
excerpts were used. The ten second excerpts were measured from the point where sound began to come 
off of the CD. The 0.25 second excerpts were taken from a consistent point within the body of the 
recording. 


The sound files were converted into graphics using two Shareware programs: Screen Thief and Blaster 
Master. The recordings were loaded into Blaster Master individually and the graphical representation of 
each recording was captured using Screen Thief. The graphics of the sound files were then laid down and 
compared using Deluxe Paint II Enhanced. 


The graphical representation of the sounds, in Diagrams 9-11, is based on amplitude and time. The left 
side of the graphic is the beginning of the recording, and right side 1s the end. The beginning of the 
graphic is defined as the point where sound began showing up on the graphic. 


Diagram 9 illustrate a 10 second comparison of the unclarified with the clarified CD. The waveform 
represents amplitude. It is noted that waveform A, the unclarified sample, is taller than waveform B, the 
clarified sample. 


Diagram 10 1s of the same recording but compares exclusively unclarified, partial waveform C, unique to 
waveform A, and clarified partial waveform D, unique to waveform B. That is, all of the points in the 
unclarified graph, waveform A, that correspond to points in the clarified graph, waveform B, have been 
erased resulting in waveform C, and all of the points in the clarified graph, waveform B, corresponding to 
the unclarified graph, waveform A, have been erased, resulting in waveform D. This technique leaves a 
graph showing the data that is unique to the recording in question. Thus, in Diagram 10, the graph 
labelled "Exclusively Clarified", the visible lines show data that is unique to the clarified recording, and 
the "Exclusively Unclarified" graph shows sound or noise that was no longer present after clarification. 


Diagram 11 illustrates a 0.25 second comparison of the unclarified CD, waveform E, with the clarified 
CD, waveform G. Waveform F is the exclusively clarified and shows what is unique to waveform G. A 
graphic of an exclusively unclarified waveform was eliminated because interest was in the clarified 
waveform and what is unique to it. 


Three criteria were used in analyzing the graphs of Diagrams 9-11: Response Time, Noise level and 
Density. Response Time refers to "when the sound starts", a key factor because the CD excerpt recorded 
was timed from the moment that sound began recording off of the CD. The position of the remaining 
material recorded is dependent on the accuracy of the starting point. In the ten second excerpt of 
Diagrams 9 and 10, there were no measurable time discrepancies, as the graphs matched up as 
represented in the Diagrams with the peaks in the sound occurring in the same places throughout the 
sample. 


The 0.25 second excerpts showed a lag time between unclarified waveform E with clarified waveform G. 
As many of the peaks of waveforms E and G as possible were matched-up and then compared to how 
much "extra" sound was left at the beginning. By comparing the length of the sound to the length of the 
whole sample, it was determined that the unclarified 0.25 second excerpt was lagging behind the clarified 
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excerpt by about 0.01 second. A small discrepancy at the starting point would not be visible on the ten 
second scale, but on the 0.25 second scale is noticeable. 


In terms of Noise Level, the unclarified sample was "noisier" in both excerpts, ten second and 0.25. By 
noise level is meant, that overall, the unclarified sample consistently had several peaks where the volume 
line went further than the corresponding volume line in the clarified sample. This lower level in the 
clarified sample is the result of a reduction of "noise" level in the clarified sample. Extraneous noise 
makes the overall signal noisier and less clear. The clarified sample has an improved and smoothed out 
dynamic because of a reduction in noise level. 


Density 1s defined as the solidity of the volume or amplitude lines rather than the range of the lines. 
Comparison of the volume lines of waveform A, unclarified, with waveform B, clarified, shows 
waveform B to have a much more consistent volume level than waveform A. Increased Density gives 
greater consistency to the CD, producing a much fuller sound. 


EXAMPLE HI 


In Example III, the identical technique used in Example II was duplicated. An analysis of the audio 
compact disc, "The Cross of Changes" by Enigma, track "Return to Innocence" was carried out by first 
recording, without clarifying the CD, on a hard drive using a WAV file of Voyetra's WINDAT software 
with a sound card connected to a CD-ROM's audio output. The recording was in mono at a sample rate of 
44100. Following the first recording, the compact disc was then clarified, using the device, by allowing 
the CD to spin for 10 seconds on each side followed by again recording the CD using the above 
technique. The analysis technique as described in Example II was then completed. 


Diagram 12 illustrates a ten second excerpt comparison of waveform A, unclarified, with waveform D, 
clarified. Waveform B is exclusively unclarified, and unique to waveform A. Waveform C is exclusively 
clarified and is what is unique to waveform D of the sound track. Waveform A, the unclarified sample, is 
significantly different than waveform D, the clarified sample. 


Diagram 13 illustrates a 0.25 second comparison of the same recording of unclarified waveform E with 
clarified waveform G of the CD. It also shows exclusively clarified waveform F, demonstrating the 
unique difference between waveforms E and G. 


Response Time, Loudness and Density were analyzed. In the 0.25 graphic of Diagram 13, the Response 
Time of waveform G is slightly ahead of waveform E, indicating that sound from the recording began 
sooner than in waveform E. The amplitude lines of waveform G are slightly reduced overall in 
comparison with waveform E, resulting in a reduction of Noise Level. The Density of waveform G is 
much greater than in waveform E, especially in the last one-third segment of Diagram 13. 


EXAMPLE IV 


A Photo-CD was analyzed both "before" and "after" passing the CD through the modulated 
eletromagnetic field of the device to determine specific changes in the retrievable data from the CD. The 
method and steps used to derive and quantify the effect that clarifying had on the conductor was 
determined using the following method and steps: 


1. A demonstration Photo-CD sampler, produced by Kodak, was down loaded to the hard drive of an 
Apple Centris 650, 25 HRZ, 6800040 motherboard and a new file created and properly designated as 
"before". The photo-CD had not been clarified by the device. Images were transferred to a commercial 
graphics software program, PhotoShop, developed by Adobe Software. 


2. The Photo-CD was removed from the ROM and treated with the present device by spinning the CD on 
each side for 15 seconds. The CD was then down loaded to the hard drive and a second new file created 
and properly designated as "after". The images created were transferred to the PhotoShop graphics 
software program with file separation maintained at all times. 
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3. Print number 3 of the Photo-CD list, contained in the "before" or unclarifyied, was brought to the 
screen and a text translator was used to convert the picture to post script computer language. Picture 
number 3 represented a photo image that measured 21/2.times.13/4 inches, using 132 LPI, 72 DPI and 
utilized approximately 250K of memory. Following the text translation process to convert the small 
image to post script, it was then saved to a new file. Following the conversion, there were 360 pages of 
post script computer language created to describe the image number 3. 


4. The identical process as described above was used to create a post script file for the image following 
use of the device on the photo-CD. The "after" or clarifying effect resulted in 348 pages of post script 
computer language. 


5. The first 16 pages of post script language was specific to language to program the printer. The balance 
of the pages in both cases was post script language to describe the specific image that was converted. The 
first 4 pages of both files were then converted into text files using Wordperfect 6.0. The process of 
converting the post script files to text files was for the specific purpose of utilizing a specialized software 
program that could compare the text language of both files. The process of converting the first 4 pages of 
both post script files to text files took 25 minutes and resulted in the generation of 101 pages of new text 
language. The ratio of pages of text converted from post script 1s approximately 1 to 25. If the entire post 
script files (354 pages average) were converted to text file using the same ratio, 1t would require 
approximately 8,850 pages of text file to fully describe a single 21/2.times.13/4 inch colored image. 


6. The software used to simultaneously compare the text in the two files, DocuComp II, version 1.05, is a 
product of Advance software, Inc. 


7. The first 4 pages produced a total of 101 pages of text file. When placed into the DocuComp file, it 
resulted in the following summary of information changes: The 4 pages represent slightly more than 1% 
of the total data available from each image. If the entire 708 pages were converted and analyzed, 1t would 
take considerable memory capacity and about 37 hours (4 pages of each file takes 25 minutes) of 
computer running time to analyze 708 pages of post script computer language. 


8. Four pages from each file generated a total of 56 material changes, on the average, resulting in over 
5,000 changes for the entire image when "before" clarifying was compared to "after" clarifying. 


9. The "before" unclarified file, resulted in 53,336 bytes of information The "after" clarified file version, 
generated 50,521 bytes of information. The comparison represents a difference in information retrieved 
equal to 5.7% less for the clarified file. 


Clarifying the Photo-CD with the device realigns the data into a tighter format by reducing superfluous 
data. Each Pixel has a "halo" or influence zone. Exposing the pixel to a modulated EM field reduces the 
halo by suppressing electron activity or relaxation noise thus causing the pixel to be sharper with 
improved clarity. The photo-CD manufacturing process can produce residual color around each individual 
pixel referred to as pixel residual or bleeding. When a pixel, represented by post script and text script, is 
sharper, 1t does not require as much information to accurately describe or define it. When a pixel halo or 
influence zone is reduced, it requires less information to describe the data. In Example IV, 5.7% less 
information was required following clarifying by the device, at the same time improving the image to 
describe the same segment of the picture. 


The analysis process of converting each image to post script and then to text 1s accurate. Changes created 
by treating a photo-CD with the present device can be demonstrated by a computer comparison of the 
information generated from both images. 


Diagram 14 is a Summary of Post Script Changes with a list of differences between the "before" and 
"after" application of the device to the photo-CD. 


EXAMPLE V 


Using the identical technique and steps as described in Example IV, steps 1-9, a second Photo-CD, 
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Nature's Way, published by Gazelle Technologies and produced by Kodak, was tested "before" and "after" 
application of the present device. In this Example, the original bytes numbered 74,151 before clarifying 
with the device. After clarifying, the number of bytes were reduced to 70,214 resulting in a 5.6% byte 
reduction. 


Diagram 15 is a Summary of Post Script Changes with a list of differences between the "before" and 
"after" application of the device to the photo-CD. 


Diagrams 16 and 17 are black and white, "before" and "after", copies of color pictures of the photo image 
of the photo-CD, demonstrating the effect that clarifying the conducting medium has on the comparable 
results. 


John BEDINI's Patents 


Device and method for utilizing a monopole motor to create back EMF to charge batteries 
US6545444 


Analog vector processor and method for producing a binaural signal 
US5748745 


Circuits and related methods for charging a battery 
US7990110 


Monaural to binaural audio processor 
US4555795 


Anti-copy system 
US4644422 


Device and method of a back EMF permanent electromagnetic motor generator 
US6392370 


Apparatus and method for reducing electronic relaxation noise present information recording 
medium 
US5487057 


MONAURAL TO BINAURAL AUDIO PROCESSOR 
WO8400661 


Device and method for pulse charging a battery and for driving other devices with a pulse 
US6677730 


ANTI-COPY SYSTEM 
AU1827083 
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1. Minimize physical size. Since the coil is the largest single piece (other than the AA battery) it makes 
sense to align the diameter of the coil to the battery and pack everything else as tightly inside as I can. 

2. Minimize component count. Most Joule Thief examples on the internet (including the top picture on 
the Wikipedia page) soldered the legs of the individual components together. No circuit board 
needed. 

3. Friendly to hand soldering. There are some ready-made Joule Thief circuits for sale on the internet 
using surface mount components and a circuit board. I wanted something I can build by hand and 
maybe use as a soldering teaching project to be shared on the internet. 


After a few iterations, I have something I’m happy to share with the world. This is purely about the 
mechanical assembly — the electronic schematic is identical to the one in the Wikipedia article linked at 
the top of this post. 


An overview in words: 


o The resistor for the NPN transistor base is installed between the collector and emitter. The resistor 
acts as physical separation in order to avoid a short-circuit. 

o The transistor and LED are pointing in opposite directions, allowing their pins to point towards each 
other and soldered together. The aforementioned resistor keeps the LED anode and cathode separate. 

o The transistor is stuffed into the middle of the coil, utilizing the center volume. 


The build sequence in pictures: 
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e 


Transistor with the base bent in preparation for resistor installation. 
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After erecting the antenna, check swr and trim the ends if 
needed. Be sure to twist the ends of the antenna as before (shield to 
center conductor), then recheck swr. The antenna will interact 
with any hidden wiring in walls, so a considerable amount may have 
to be trimmed from each end. Once you have gotten the swr down 
to an acceptable level, solder the ends of the antenna and water- 
proof them if desired. This completes construction. 

Aside from a low-pass filter, no other add-ons are needed, the 
filter being only a safety precaution. And, since the antenna is 
basically omnidirectional, orientation can be determined by the 
space available at your location. 

Once you start enjoying the pleasures of operating from your 
apartment with this antenna, you will be amazed at what you can 
work and the signal reports you get with it. I have used coaxial 
dipoles on 10, 15, 20, and 40 meters from an apartment, and all are 
stapled to a ceiling in “inverted-U” fashion rather than as an 
inverted vee. Signal reports received vary from S-6 to 60 dB over 
S-9. TVI is minimal, considering my TV is only a mere ten feet 
from the antenna and 1 run 200 watts PEP. 

With these coaxial dipoles in use for over two years now, I 
have gotten Worked All Continents, Worked All States, and DXCC 
with 121 countries worked to date. So there’s no telling what you 
can do with this antenna and you may be pleasantly surprised at the 
results. It sure beats non-operating just because you live in an 
apartment! Happy DXing! 


THE BETTER VERTICAL 


How would you like to be a proud owner and user of an 
inexpensive (around $60-$70) vertical DX antenna which— 

O Is self-supporting. 

O Is attractive in appearance. 

O Can be installed in a limited space. 

O Gives a low vertical radiation angle even when it is one 
wavelength long. 

O Can be used on all present and future amateur bands. 

O Minimizes TVI because its radiation is vertically polarized 
and because harmonics are radiated at high vertical angles. 

O Is safe from shock hazards because its base is grounded. 

O Has a built-in lightning protection system. 
Theory 


An elevated-feed vertical antenna is not a vertical antenna 
which is elevated. It is a vertical antenna which is fed at a point 
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The 1K Ohm resistor is installed on the base, between collector and emitter. 
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The coil has two wires wound together. One end of this dual-coil is facing the camera, the other end 
facing away. Since we need to wire up the coil in opposite directions, we'll bend one wire of the front 
pair towards the back, and the opposite back side wire to the front. 
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The two wires now facing away from the camera are soldered together to become the positive 
terminal of the circuit. One of the two wires facing the front will be soldered to the resistor, and the 
other to the emitter. 
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Transistor in the center of the coil. Now the coil wires can be soldered. 
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Resistor soldered to one coil wire, all the others have been trimmed short in preparation for attaching 
the LED. 
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LED is soldered to the circuit, as is a wire to act as negative (return) wire. 
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Install the whole assembly in front of a 3D-printed AA battery tray: Let there be light! 


2017-10-192017-10-19/ROGER CHENG 


A 3D-Printed Enclosure to Take My LED Project 
On The Go 


For the Connect Week (https://connectpasadena.com) event put on by Innovate Pasadena 
(http: //www.innovatepasadena.org/), the Hackaday LA (https: //www.meetup.com/Hackaday-Los- 


Angeles/) group is hosting the “Bring-A-Hack (https: //www.meetup.com/Hackaday-Los- 
Angeles/events/243694093/)” event where attendees are encouraged to bring projects (in any stage of 


completion) for show and discussion. Since I’ve been building my LTC-4627JR driver board as a learning 
project, I wanted to bring it in for show-and-tell. 


Now I could just bring the assembled circuit board and pass it around as an inert object, but what fun 
would that be? I wanted to bring in something that shows it doing something, and provide some way for 
people to interact with the whole contraption. Looking at my parts on hand, it seemed easiest to rebuild 
my thermometer test project. I can have a simple Python program run on the Raspberry Pi, reading 
temperature from the Tux-Lab 517021 breakout board, and sending it out to my display. That makes 3 
circuit boards, plus they'll need portable power. I will enlist my Amazon purchases: the 3-cell lithium 

ion battery pack protected by a 5-8254A IC, and the MP1584 buck converter to translate the battery 
pack’s power into Raspberry Pi friendly voltage. 
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Shared by L. Cozma ( Thanks ! ) -- 


The Guillot device generated about 2.5-3 Kilowatts with antenna height of ~ 20 meters. Power depends on the total collector surface and 
height of the vertical antenna. The apparatus in the photo produced ~300 watts with a collector 2 meters tall. 


"Practical Utilization of Atmospheric Electricity" 
by 
Gillbert Darida 
in The Invention Encyclopedia, pp. 204-207 ( 1930, Geo. Constantinescu, Ed. ) 
"The Earth has its own negative electricity, in the soil, and the atmosphere which surrounds the Earth is charged with positive electricity. The 


electric potential (the voltage) increases with the altitude, so we can say that the electric force is proportional to the atmospheric altitude (after 
Franklin, Quetelet, Lord Kelvin, Mascart, Joubert and other scientists). 
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The recent observations demonstrate that the air at 6000-7000 meters in altitude, is very highly charged with positive electricity, which could be 
explained by the friction between the external photosphere and the upper atmosphere of Earth, which rotates at a speed of more than 100,000 
Kilometer per hour. 


In that way, the Earth works like an electrostatic generator with electric charging by influence --- the upper atmosphere is positively charged by 
influence and the Earth crust obtains the negative polarity. 


Between the two environments, the air and the soil, and inside the low atmosphere, in conditions of good weather, there are sbout 800 positive 
ions and also, 680 negative ion (and electrons) in just one square-centimeter of normal ionised air. 


' 


The Earth behaves like an huge electric armature negatively charged, which repels the electrons and attracts the positive ions. That positive ions 
attraction determinates an electric current, also called "convective current". That's like an invisible continous bombardment, subject to daily and 
seasonal variations, which could be aproximated at 3 x 10 ^ -16 Amperes per square-centimeter, and that is a total value of 1500 Amperes for 
the entire surface of the Earth. 

The question is --- how does this current always maintains the same direction ? We can suppose that the natural radioactive emissions of the soil 
is responsable for this. We also know that radioactive emissions of the Earth works usually near the soil surface, and that explains the ionisation 
phenomenona inside caves. 


The ionisation of the low atmosphere could also be the effect of the radioactive emissions of the Earth, especially when the X radiation works. 
Also, the Earth atmosphere is ionisated by the external radiation proceeding from the Sun and from the space environment, especially the action 


of ultraviolet radiation and the electron fascicles emitted by the Sun surface, at the temperature of 6000 deg. Celsius. 


The capture of atmosphere electricity has been used in France, with aerial cables mounted on the Mont Blanc, and also in Germany --- with 
conductive cables carried by the captive baloons. 


The atmosphere electricity collect system invented by eng. Jules Guillot is most ingenious and it relies on "the electric siphon" [ m.n. --- the 
discharging devices or spark-gap used today from the protection of aerial electric cables against the atmospheric electricity ; Jules Guillot has 
thought to recuperate and to use that electricity ]. 


His method consisted in the direct "pumping" of the atmosphere electricity using a collecting device which had two antennae and several 
collecting rods. 


One antenna is vertical and it has a lot of rods scattered like an opened fan, with the tips against the zenith, for collecting the negative 
electricity which comes from the air ; the horizontal antenna is orientated against the South and its role is to collect the positive electricity. 


The air electricity seems to have the double-polarity, as we can see at two electrised clouds when between them apears the electric discharge. 
The air could have different electric charging and the ionisation processus of atmosphere is very heterogenous. The inventor Guillot used two 
separated and insulated armatures with the positive armature against the South ( more precisely, against the Equator...) and the negative 
armature against the zenith. 

We can see in the scheme : 

1,- the device P is the "collector apparatus" having 15-20 meters height ; it also has a lot of rods which are scattered fan-like, all this on top 
of an iron pillar ; and also an horizontal antenna S oriented against the South ; the two antennae are disposed at 90 deg. angle forming the 
two armatures where the electrical tension must apear. As the height of the pillar increases, the voltage increases more and more ; 

2,- a system of lightning-rods ( p1, p2, p3 ) for protection against discharges of atmospheric electricity during storms; 

3,- the regulator system (voltage regulator, etc) R ; 


4,- the electric resistors ( Cn ) for absorbing the parasite currents ; 


5,- the "electric siphons" which have the role of making a magnetic field as a good environment for the transport of the ionized fluid, absorbing 
the electricity from the air ; the El and E2 are their regulator devices ; 


6,- an auxilliary continous current power supply which send the current against an special excitation coil, used as starting device ; it works 
only when the system is starting. 
This collector device works very good for lighting and heating. The device made by Guillot had 


20 meters height on the total surface of 3 square-meters. Also, J.Guillot used and electrical transformer for the industrial utilization of this 
"collector" --- as power supply for industrial electric engines." 


French Patent # 551,882 


Apparatus for Capture of Electric Currents in the Atmosphere 
16 April 1923 
Considering the terrestrial globe like the inductor of a dynamo, where the extraterrestrial ether is the inductor of electric currents 
circulating in the atmosphere; the apparatus of the invention described here selects through the device described below two 
perfectly distinct currents and eliminates others. 


The device includes: 


1, The air sensor; 2, a series of lightning rods; 3, vacuum; 4, an array of resistances; 5, vacuum; 6, witnesses. 
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1. An aerial sensor mounted on a pole is composed of magnetic steel fixed and sealed by a porcelain insulator, and surrounded a 
base by a bronze ring which are screwed 32 points of soft iron, all forming antenna a pole. level beside it and isolated from the 
first, forming the 2nd pole, is fixed a sharp point of magnetic steel fixed in the horizontal position and directed towards the south 
and movable to an angle of 45 is sealed in a porcelain insulator. This point is also circled a ring of copper notches figure. 1. 


2. A series of 6 lightning surge arrestors at corners between each pole and the earth and the various gauges. 


3. A first regulator form of a device similar absolutely similar to the aerial amtenna, but the two poles are superposed and opposed 
to the vertical point, and a copper disk connects to ground. Opposite the horizontal point, a ring of tin to which are welded tubes 
alternatively 16 tubes composed each composed of copper-lead and iron-lead . The ring connects to the ground as shown in 
figure. 2. 


A second regulator form of automatic breakers balanced on 3 poles and two poles also equally balanced. 


4. A panel of resistances composed of wire mesh in bunches from different sections of glass tubes containing copper dust, coal 
and flowers of sulfur. 


Vacuum cleaners consists of a wooden box on each pole, containing a porcelain vase in which layers isolated with mica is made 
up of mercury, tin, coal, copper and sulfur, all contaied in a copper tube. 


6. The witnesses are comprised of ordinary incandescent lamps. 
Resume 


By the point at the zenith and the point to the south we channel two currents forming the two poles. We also protect from lightning. 
It regularizes the flow by a regulator and similar devices by a controlling each devise of adequate strength of the current harmful 
nature of these devices do not have loads. The refined current is conducted by ordinary copper wires. 


French Patent # 565,395 
Combined Apparatus for Capture of Atmospheric Electric Currents with Immediate Implementation 
25 January 1924 


We know that earth with its constitution, its rotation and movement in space, provides the electricity in the atmosphere. The 
electrical currents escape into space or largely accumulate towards the equator, as a result of the greater periphery of the globe. 


In the atmosphere, there are two clearly distinct poles, 1.e., clouds that can be electrically positive or negative; everything in nature 
shows this, otherwise it would be difficult to explain the lightning that occurs between the clouds and which are none other than 
contrary cloud electrical charges discharged by too close proximity. 


The invention relates to a set of devices capable of capturing the atmospheric electricity. 


So far, all searches made for this purpose has been to capture the atmosphere, 1.e., that brought together into one system to capture 
two poles and opposes effect has been to destroy or cancel each other leaving the amount as the difference of the strongest to 
weakest. 


It is therefore easy to understand why, considering the two poles of air as about equal, it is almost impossible to measure some 
potential with the land, the highest on the lowest remaining which can be positive or negative, copper being the strongest of one or 
other of these polarities. 


It is on this basis that all research until now have been made, and that is why we must consider that all the time, between the two 
poles captured in the atmosphere and not in any mixture of systems uptake, it is possible to obtain tension and intensity, a 
considerable and measurable power captured separately between the two poles and remaining isolated from one another until their 
utilization . 


In accordance with this invention, this collection is made by attraction of primary electrical currents in teh atmosphere, either 
positively or negatively charged, by an antenna that has two points absolutely isolated from one another, where one points to the 
zenith to attract negative electricity, and the other turned south, toward the equator to draws in the masses grouped in this area. 


This shows and proves the existence of atmospheric electrical currents, and that it is possible to capture them with specially 
designed equipment primarily acting as regulators, as the persistent difficulty encountered so far in realizing their capture lies with 
large variations of tension in which the current atmosphere is present in space, for each of the poles, and an overload could 
inevitably fatal. 


The patent in its present form of presentation does not cover the regulators or devices that are anticipated in the system, because 
they can be designed in different ways and give the same result, but covers the application and grouping of equipment operating as 


automatic relays with variable influence to limit current tension to that chosen for utilization. 


These devices have a role associated with an overflow reservoir outside carrying excess liquid; these regulators will divert the 
excess voltage flows to ground. 


We can still absorb these regulators having filters because they have the sole purpose of diverting the post being used , currents that 
are not yet known but likely that we will call for simplicity, abnormal currents. [sic...] 
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The patent also covers systems for regulating currents, applied to each of the poles because it is recognized that the shape and 
tension of the currents of the two poles are not equivalent. 


The method of capture is by special antenna has directed two points in the atmosphere, as will be stated after this, with Boot 
ecoulement prior to the current atmosphere is also of great importance. 


Finally, the current atmospheric reception is adequate even with the installation of a post, which can be expected at any location 
without the need for special altitude, as has been attempted in previous efforts. 


We refer to the attached drawings: . 


Figure 1 represents in elevation and side view an antenna that only has two points, to overcome an elevation ; 


Figure 2 is the end of one of the peaks, the horizontal: 
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Figure 3 shows schematically the table on which are mounted various devices or accessories that act as regulators of current 
tensions. 
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which is Ya of its height from the ground—see Fig. 7-5A. 

I first came across the discussion of this antenna in Amateur 
Radio Techniques. It contains a discussion of how an elevated-feed 
vertical antenna can be applied to amateur work to obtain“. . . 
low-angle radiation, without unwanted high-angle lobes, from ver- 
tical aerials of appreciable electrical length.” It explains how feed- 
ing a vertical antenna at the Y point produces a current distribution 
different from that of a base-fed antenna. This is true only in cases 
where the antenna element is % A or 1 A long. If element length is 
Ya A or less, the elevated feed will perform approximately the same 
as a base-fed vertical antenna of the same height. 

The comparisons of the current distributions and approximate 
vertical-radiation patterns for the base-fed and elevated-feed an- 
tennas are shown in Fig. 7-5. To understand how a low vertical 
radiation angle is achieved in the elevated-feed antenna, one 
should study the current distribution along an antenna element. 
TheARRL Antenna Book states that current is reversed every Y A 


Y 
z - FEED 


Fig. 7-5. (A) Current distribution and (B) vertical radiation patterns for Y A 
and 1 A elevated-feed vertical antennas. 
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Figure 4 is a scheme of surge arrestors, and 


Figure 5 a table of resistances. 
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The necessary arrangements to capture atmospheric current form is as follows: 


1. The antenna in figure 1 is formed with two peaks: the 1 1s steel, supported by a bronze ring 2, surrounded by a spiral form 3; 
this point is oriented for attracting the zenith layers of negative electricity and the other edge 4 contains copper coils 6, and is 
oriented south to the equator to draw in the masses grouped in this area. To use this antenna it suffices to be raised on a mast or 
pole to a height a little higher than that of surrounding houses. 


2. On the table lightning arrestors, contained 4, forms of 7 copper horns used to absorb large atmospheric discharges by certain 
time, as it would be dangerous to allow movement in the devices regulators. 


3. On a table of two symmetrical systems regulators, Figure 3, one for each pole, to obtain and allow a regularization of large 
excesses in the current tensions, by automatically absorbing surges before passing over the surfacea chosen for the desired use. 
These regulators are represented on the drawing by the references R, R1, R2, R3, R4. 


4. In the resistance panel in communication with regulators, these resistances are formed as spiral coils or screens 8, tubes 9 of 
glass filled with fine coal dust , aluminum powder, sulfur and fine copper dust. Finally, two special 10 processors and 
constitutes layers of metal forming an absorbant for harmful or abnormal currents. 


5. As a source of energy formed auxiliary batteries 11 and Ruhmkorff coils 12 to get into the antenna sufficient attraction by 
means of an adjustment of intensity, which once it begins, allows the constant flow of atmospheric current in the system. 


In considering Figure 3, which represents a sort of an installation scheme of the device, the reception of atmospheric electrical 
current will, as set out above, producing a priming of these currents. This boot is made in launching the system which is double to 
answer each of the poles, the current batteries 11 through 12 and reels going to the antenna. 


This boot will continue until the disposal of electrical current atmosphere is evident by the one or more table lamps L of resistance 
shown in Figure 5. 


Once the lights illuminate it is advisable to charge the batteries to boot. Natural flow and constant currents will be captured by the 
regulators , Figure 3; they will regularize in tension and in amperage and then directed to use in table lamps. 


It has been said above that regulators R, etc., are intended and designed to automatically eliminate earth surge currents capture and 
abnormal currents that cannot yet be level but that these regulators could be replaced by devices with the same function. 


There is therefore no need to describe in detail and especially the claims. We only specify that these regulators must be proper 
protection for the purposes described above. 
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The classic spark-pap with may 
blowing cincai 
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The spark-gap with magnetic blowing : 

Ay- he initial stage ; the impulse current send in sof! through the shunt-resistences 3, because e 
coils 2 have an impedance loo big for the impulse of 10:20 ps; 

the spark-pap 1 has hvo elements disc-shaped La and Ib, the inferior disc have one electrode and 
the upper disc the other electrode af the spark-gap circuit. 

b,- the second stage ; the accompanying current discharge - afler the impulse current ; 

fis accompanying current pass throwek the colls 2 which prodace the magnetic field with the 
role lo extend the electric arc into the shit between insulator discs La and Ib; the thickness af 
Gols siii ds smaller and smaller in accord with the extension of the electric arc, in Gols manner 
producing the magnifing of its electric resistance and finally, the electric arc extinction. 


1,- fhe spark-gap individual devices which 
work in fhe manner to extend fhe electric 
arc of ite accompanying electric current ; 
2,- fhe cofis which produce fhe magnetic 
field for fhe magnetic blowing ; 

3,- fhe electric shunti-resistances in parallel 
connection on the blowing coils, with the 
role of reducing the current inside ihis cotis 
4,- fie disc with antinear resistance ; 

5,- electrical resistance for the homogenous 
distribution of the electric field in ail the 


elements of fe spark-24p. 


In Jules Guillot scheme, that Kind of de- 
vice could be used for leading the current. 


Spark-gap element with circuit ‘for the magnetic blowing of the electric fascicle 
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' the aerial electric 
j dine |2 = Pa 
| | F Sas 
oe f 6 d- the spark-pap a me l with 
variable resistance ; 
y b,- fhe tube spak- ap; 
pe 4 í - the time 
C se 


= Ù | The tube spark-gap has the aerial spark 
p Emp with the electrodes 5 and 6 disposed 
af ihe insulator § extremities ; and one 
= ( “e-over spark-gap device between the 
¡y L_T >" rod 4 and the electrode 1. 
Ai start, the first spark apear in the aerial 
spark-gap and then, the electric dicharge 
== goes to the gas-producing tube 7, where it makes 
$ ) fhe arc-over. The local pressure in the gas allow 
the electric arc extinction, after managing tie 
over electric tension into soil. The capacity C 
which is created between fhe external ring 3 and 
ihe rod 4 is bigger than the Capacity C, between I an 2 
in hat manner, when the overfension apears, the 


a) auitiary spark-gap 1, 2 will stari working and then, 
fhe main spark-gap 1, 4. In fis circuit, the electrode 9 is connected at the 


aerial electric tine and the electrode I at the Earth. 


In the image above, if is an classic tube spark-gap used for the protection of 
aerial electric cables. The atmospheric electricity is discharged in soil and 
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fost... The Guillof's inventions used that kind of devices for leading and ab- 
sorbing of the atmospheric electricity. 


DARIDA, Gillbert : "Practical Utilization of Atmospheric Electricity"; 
(in The Invention Encyclopedia, pp. 204-207 ; 1930, Geo. Constantinescu, Ed. ) -- 
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Utilizarea practică a electricititit atmosferice 


Pamantul ca si celelalte astre, posedă o electricitate proprie 
negativă in interior, iar aerul care-l inconjoară este pozitiv. Po- 
tenfialul sau tensiunea electrică a aerului se măreşte pe măsură 
ce ne ridicim in inălțime, astfel că putem spune că intensitatea 
electrică este proporțională cu indltimea (după lucrările remar- 
cabile ale lui Franklin, Quetelet, Lord Kelvin, Mascart, Joubert 
si a altor mari savanți fizicieni). 

Observațiile fácute recent, au arătat că aerul regiunilor inalte 
dela 6000—7000 m este foarte incărcat cu electricitate pozitivă, 
a cărei explicație se datoreste frecárii fotosferei sau atmosferei 
terestre, prin invårtirea pámántului in jurul soarelui cu mai mult 
de o sută de mii de km pe oră. Această frecare directă in fluidul 
eterice ambiant, face ca aerul sá se incarce cu electricitate pozi- 
tivá prin influență, iar pámántul sá se incarce negativ. 

Intre cele două medii, fluidic (aerul) si (pámántul) materie, 
stiinfa ne spune, că in partea de jos a atmosferei, pe timp frumos 
un centimetru cub de aer ionizat, conține circa 800 particule 
cu ioni pozitivi si 680 ioni negativi (electroni). 

Pámántul se comportă ca un enorm conductor incárcat negativ, 
respingånd electroni gi atrágánd ionii pozitivi. Această atracție 
a ionilor pozitivi determină un curent electric, zis si curent de 
conventiune. E un fel de bombardament invizibil supus variatiunilor 
zilei $1 a sezoanelor, putándu-] evalua aproximativ la o densitate 
mijlocie remarcabilă, dela 3x10! sau a 30 quatrilionime de am- 
per pe cm cub, ceea ce dă pentru intreagá suprafață a pámán- 
tului un curent formidabil, de 1500 de amperi. 

Se pune intrebarea cum un astfel de curent poate să-și intretie 
mereu acelaşi sens? Aceasta este enigma pe care ne-o punem, 
studiind curenții naturali ai atmosferei noastre, presupunem că 
poate sá fie o legătură a acțiunii emanatiunilor radioactive. Aceste 


emanatiuni fiind din gaze radioactive grele, se gasese de obiceiu 
in mare abundență aproape de pámánt ceea ce ne explică marea 
ionizare observată in general in grote $l caverne. 

lonizarea atmosferică poate de asemenea fi produsă in parte, 
de acțiunea razelor X, foarte pátrunzátoare gi de diferite sub- 
stante radioactive inchise in subsolul pámántului. De asemenea 
poate sá mai fie, finánd seama de acțiunea « Calei Lactee » si de 
‘onizarea luminei solare, foarte bogată in radiatiuni ultraviolete 


=. 
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| 
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Fig, 108 


precum si a electronilor emigi direct din radierea cáldurii solare 
de circa 6000 de grade. i, 
Captarea electricității atmosferice a fost utilizată in Franța 
prin cabluri aeriene montate pe Mont Blank, iar in Germania 
prin cabluri susținute de baloane captive. 
Sunt mai multe sisteme, vom da pe scurt pe cel mal ingenios 
procedeu, inventat de ing. Jules Guillot, bazat pe sifonul electric. 
Procedeul consistă de a pompa direct din atmosferă, electricitate 
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prin ajutorul unui aparat de captare, format din 2 antene aeriene 

$1 o serie de bobine după cum se vede in fig. 108. Una din antene 

este verticală in formă de evantaiu dirijată cu vårfurile către 

zenit, pentru a capta electricitatea negativă din atmosferá; cea 

care este orizontală, este dirijată către Sud, pentru a capta electri- 
citate pozitivá. 


ie Electricitatea in aer pare sá fie cu 
as dublă polaritate, după cum se vede la 
2 nori electrizati, cari deplasándu-se 


in sens contrar, dau nastere unei scántei 
(fulger) cand distanța respectivă poate 
sá fie străbătută de puternica lor di- 
ferență de potential. Straturile de aer 
de densități diferite, nu sunt toate 
ho ; antrenate de aceeaşi vitezá prin ro- 

"E tatia pámántului, ele se electrizeazá 
deci prin frecarea decalajului lor res- 
pectiv. 

Aceste sunt consideratiunile ce l-au 
fácut pe inventator sá aşeze in at- 
mosferá doi poli complet distincti gi 
perfect izolați, al cărui pol pozitiv $ 
(fig. 109) poate fi dirijat in directiunea 
Sudului, gi a celuilalt negativ P, in 
directiunea zenitului. Fig. 109 arată 
schema montajului si a conexiunilor 
compuse dupá cum urmează: 1. dintro 
antenă dublá aeriană, montată pe 

Fig. 109 stálpi de 15—20 m ináltime. Această 
parte care se mai numește si aparat 
de captat, este format din vårfurile P, dispuse in evantai in 
várful unei tije de oțel dirijate către zenit, pentru a capta 
curenții negativi ai atmosferei si dintr’o altá antenă orizontală 
a cărei săgeată este indreptată către sud S, adică către equator 
pentru a recepta curenții pozitivi. Aceste douñ párti dispuse 
in unghiu de 90% formeazá cei doi poli al curentului aerian, 
a cárei diferentá de potential este suficientă pentru a permite 
utilizarea electricitátii atmosferice. 
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French Patent # 551,882 


Appareil Capteur de Courants Electriques dans L'Atmosphere 
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BREVET D'INVENTION. 


XII. — Instruments de précision, électricité. 


5. — PRODUCTION DE L'ÉLECTRICITÉ, MOTEURS ÉLECTRIQUES. 


N° 551.882 | 


Appareil capteur de courants électriques dans l'atmosphére. - 
M. Jures GUILLOT résidant en France (Tarn-et-Garonne). 
Demandé le 27 septembre 1921, à 15h 20, à Paris. 
Délivré le 15 janvier 1923. — Publié le 16 avril 1923. 


[Brevet d'invention dont la délivrance a été ajournée en exécution de Part, 1157 de la loi du 5 juillet 1844 
modifide par la loi du 7 avril 190. ] 


Considérant le globe terrestre comme Pin- 
duit d'une dynamo , dontPéther supraterrestre 
est Pinducteur, des courants électriques circu- 
lent dans l'intervalle c'est-à-dire dans la couche 

5 atmosphérique; l'inventeur capte au moyen 
de Tappareil décrit ci-dessous deux de ces 
courants parfaitement distincts et élimine les 
autres. a 

L'appareil comprend : | 

10 1” Le capteur aérien; 9° une série de pa- 
rafoudres; be les régulateurs; 4° un tableau 
de résistances; 5° les aspirateurs; 6° les. té- 
moins. 

1° Le capteur aérien monté sur un poteau 

15 est composé d'une pointe d'acier aimanté fixée 
par scellement sur un isolaleur porcelaine el 


cerelée à sa base par une bague de bronze sur | 


laquelle sont vissées 32 aiguilles de fer doux, 
le toul formant l'antenne Ki un påle. A cóté et 
20 isolé de la première, formant le 2° pòle, est 
fixée une pointe d'acier aimanté dans la posi- 
tion horizontale et dirigée vers le sud dont la 
base coudée à 45° est scellée sur un isolaleur 
» porcelaine. Cette pointe est également cerelée 
25 d'une bague de cuivre à encoches fig. 1. 
2° Une série de 6 parafoudres 4 cornes 
entre chaque póle et la terre et à écartements 
variés, 
3° Un premier régulateur formé d'un ap- 


2 [551.882] 
sud nous canalisons deux courants formant les 
deux póles. On protège Pensemble par des 
parafoudres. On régularise le débit par un 
régulateur semblable et par des o á 
5 déclanchement commandant chacun des résis- 
lances appropriées de la nature du courant 


pareil absolument semblable au capteur 30 
aérien, mais ayant les deux pôles superposés, 
et, opposé à la pointe verticale, un disque de 
cuivre relié à la terre. Opposé à la pointe ho- 
rizonlale, une roue à jante d'étain sur laquelle 
sont soudés alternativement 10 tubes com- 35 
posés eux-mémes de deux mélaux soudés : 
cuivre-plomb et fer-plomb. Cette roue est re- 
liée à la terre par son pivot fig. a. 

Un deuxième régulatenr formé d'appareils 
à déclanchement automatique au nombre de Lo 
3 par póles et deux basculatcurs également 
par póles. y 

4° Un tableau de résistances composé de 
fils de maillechort en boudins de différentes 
sections, de tubes en verre contenant des pous- 45 
siéres de cuivre, du charbon de cornue et de 
la fleur de:soufre. 

5° Les aspirateurs composés d'une botte en 
bois-sur chaque póle, contenant un vase de 
porcelaine dans lequel par couches superpo- 5o 
sécs et isolées au mica est placé du mercure, 
de l'étain, du charbon, du cuivre et du soufre, 
le tout traversé par une tige de cuivre. 

6° Les témoins composés de lampes à in- 
candescence ordinaires. 55 


RESUME. 
Par la pointe au zénith et par la pointe au 


oT 5 A 


PRODUCTION DE L'ÉLECTRICITÉ, ETC. 


nuisible dont ces’ appareils sont chargés. Les 
courants épurés sont conduits aux témoins 


par des fils de cuivre ordinaire. 


Jores GUILLOT, 
Moissae (Tarn-et-Garonne). 
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N° 565.395 


Dispositif combiné pour capter les courants électriques atmosphériqu 


avec application immédiate. 
M. Jores GUILLOT résidant en France (Allier). 


Demandé Je 6 avril 1923, à 14" 302, à Paris... 
Délivré le 7 novembre 1993. — Publié le 25 janvier 1924. 


On sait que la terre, par sa propre consti- 
tution, sa rotation et son mouvement dans 
Vespace, fournit à elle seule l'électricité que 
l'on utilise et qui est- en suspension dans l'at- 
mosphére. Les courants électriques, qui sé | 
chappent de la surface du globe, montent di- 
reclement dans Vespace ott les grandes masses 
sont accumulées vers l'équateur, par suite de 
la plus grande périphérie du globe. 

Dans l'atmosphère, il y a deux les par- 
faitement distincts, c'est-à-dire que des nuages 
peuvent être électrisés, soit d'électricité posi- - 
tive ou négative; ceci, tout dans la nature le 
démontre, sans quoi y il serait difficile fonr 
ġuer la provenance des éclairs qui se produi- 
sent entre les nuages et ui ne sont autres que 
des nuages chargés d'é lectricité contraire et 
qui.s'amorcent entre eux par un trop grand ` 
jg’ ira | 

invention dont il-s’agit concerne un, dis- 

sitif formé d'un ensemble d'appareils aptes 
la captation dé ces courants atmosphériques. 

Jusqu’à ce jour, toutes les recherches faites | 
dans ce but ont été de capter dans latmo- 
sphère une seule catégorie de courants atmo- 
sphériques, c'est-à-dire, qu'on a réuni dans 
un même système de’ captation, deux pòles 
opposés et ont Pelfet a été de se détruire ou 
de s'annuler l'un ò l'autre laissant comme quan- | 


+ 


ll sera done facile de comprendre-pourquoi, 
en considérant les deux pôles d'un courant 
atmosphérique comme à peu près égaux, il est 
presque impossible par certains temps de me- 
surer le potentiel avec la terre, du plus fort 3: 
sur le plus faible subsistant èt qui peut étre 
positif ou AA , suivant que le plus fort est 
de Tune ou de Fautre de ces polarités. 

C'est sur cette base que toutes les recherches 
jusqu’à nos jours ont été faites et c'est pour- 
quoi, il faut considérer que par tous les ae i 
entre les deux péles captés dans l'atmosphere 
et non mélangés dans aucun des systèmes de 
captation, il est possible d'obtenir, en tension 
et en intensité, une puissance. aussi considé- 4 
rable que Pon puisse désirer et qui sera me- 
surée entre les. deux pôles captés séparément 
et toujours isolés l'un de lautre jusqu’à leur 
utilisation. | i 

Suivant l'invention, cette captation se fait 5 

r attraction dans Tatmosphère au moyen 
do amorcage des courants électriques, soit , 
positif ou négatif, par une-antenne à deux 

intes absolument isolées l'une de lautre, 
Font l'une tournée’ vers le zénith attire les 5 
couches d'électricité négative, et l'autre, tour- 
née vers le sud, puise vers l'équateur, dans les 
masses groupées dans celle zone. 

Ceci exposé et l'existence des courants élec- 
triques 'atmosphériques étant prouvée, il est { 


E 
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possible de les capter à la condition de dis-- 
ser d'appareils spéciaux étudiés surtout pour 


jouer le rôle de régulateurs, attendu que fa - 


difficulté persistante rencontrée jusqu'alors 
pour réaliser la captation incombe aux grandes 


variations de tensions sous lesquelles les cou- | 


rants atmosphériques se. présentent dans l'es- 
0 pour chacun des pôles, et dont P'écon- 


ement dans un poste de captalion serait 


inévitablement funeste. 


- Le présent brevet sous sa forme de résem: |. 


tation doit done couvrir, non pas le ou les dis- 
positifs régulateurs qui sont prévus dans le 
sysléme, car ils peuvent étre conçus d'une façon 


toute différente et donner le même résultat, . 


mais sur Papplication raisonnée et le groupe- 
ment: d'appareils fonctionnant automatique- 
ment et intervenant chacun comme relais d'in- 
fluence variable pour limiter la tension des 
courants caplés dans l'atmosphère à celle 
choisie pour utilisation. 
Ces appareils ont un róle assez connexe 
avec celuide trop-pleins sur un réservoir qui 
dcheminent à l'extérieur l'excès de ‘eel i 
iti ces régulateurs détournent excès de ten- 


_ ston des courants á la terre, 


a 


E 


ha 


On peut encore assimiler ces régulateurs à 
des filtres car ils ont pour but de détourner 
du poste d'utilisation; is courants qui ne sont 
pas encore de nature connue mais que pour 
simplicité on appellera courants parasites ou 
anormaux. 

. Le brevet portera aussi sur le système de 
régulation des courants, appliqué à chacun 
des pôles, car il est reconnu que la forme et 
la tension des courants aux deux póles ne sont 
pas équivalentes. | 
> Le mode de captation par antenne spéciale 
à-deur pointes orientées dans l'atmosphère, 
comme is sera indiqué ci-après, avec amorcage 
préalable pour Técoulement des courants at- 


_ mosphériques est aussi d'une grande impor- 


e? 


} 


lance, 
_ Enfin la réception des courants atmosphé- 


riques se fait à l'endroit méme de l'installation — 
du has celui-ci peut ¢tre prévu en un lieu | 
E 


conque sans nécessiter d'altitude parti- 


culiére, comme cela a été tenté dans des essais 


préconcus. l . 
Sur les dessins ci-annexés auxquels on se 

réfère a : 

La fig..1 représente. en‘ dévation et en 


un mát ou poteau de 


PRODUCTION DE L'ÉLECTRICITÉ, ETC. 
|” coupe partielle l'antenne seule, à deux pointes, 


surmontant un poteau d'élévation; | 
«La fig. a est le plan de Tune des pointes, 
celle horizontale: 

La fig. 3 montre schématiquement le ta- 
bleau sur lequel sont montés les divers appa- 
reils ou accessoires qui jouent le róle de régu- 
lateurs des tensions de courants. 

La fig. 4 est un schéma de parafoudre, et 

La fig..5 un tableau de résistances.. 

Le dispositif nécessaire a la captation des cou- 
rants atmosphériques est formé comme suit : 

1° D'une antenne, fig. 1, formée de deux 
pointes dont l'une 1 est en acier, supportée 
par une bague de bronze a entourée d'une spi- 


rale 3 formant self; cette pointe est tournée 


vers le zénith pour attirer les couches d'élec- 
tricité négative; l'autre pointe 4 comporte un 
cadre 5 de huit branches supportant des spi- 


` rales de cuivre 6 et est tournée vers le sud 


pour puiser vers l'équateur dans les masses 


| groupées dans cette zone. Pour Pulilisation de 


cette antenne il suffira- = soit portée par 

auleur un peu supé- 
rieure à celle des habitations environnantes. 
-a° D'un tableau de parafoudre, fig. 4, 


, formé de cornes de cuivre 7 servant à absorber : 


` les tros grosses Sa atmosphériques que 
i p certains temps, 1 
a 


serait dangereux de 
isser circuler dans les appareils régulateurs. 
3° D'une table de deux systèmes symétri- 
ques de régulateurs, fig. 3, un pour chaque 
pole, qui permet d'obtenir une régularisation 
assez grande dans les tensions des courants en 
absorbant automatiquement les surtensions 
dépassant la tension choisie pour l'utilisation 
désirée. Ges régulateurs sont rep tés sur 
le dessin par les références R, RI, R2,-R3, Ra, 
4° D'un tableau de résistance en commu- 


; nication avec les régulateurs, ces résistances 


sont formées de spirales de maillechor 8, de 
tubes y de verre remplis de poussière fine de 
charbon de cornue, de poudre d'alaminiam, 
de soufre et de poussière fine de cuivre; enfin, 
deux appareils spéciaux 10 formant transfor- 
maleurs et constitués de couches de métaux 
absorbant certains courants nuisibles ou anor- 
maur: E 


En 


gi 


gi 


' 5° D'unesource auxiliaire d'énergie formée 


de piles 11 et de bobines Rulimkorff 19 per- 
mettant d'obtenir dans l'antenne une attrac- 


tion suffisante au moyen d'un. dispositif de 


13/15 


11/18/2018 


E 


ar? 


Jules Guillot -- Atmospheric Electric Generator -- Article & 2 French Patents 


PRODUCTION DE L'ÉLECTRICITÉ, ETC. 


réglage d'intensité qui, une fois amorcé, per- 
met l'écoulement constant des courants de l'at- 
mosphére dans le systéme. 
n considérant la fig. 3 qui représente en 
uelque sorte le schéma d'installation du dispo- 
sitif, la réception des courants électriques atmo- 
sphériques se fera de la façon indiquée ci-dessus, 
en produisant un amorcage de ces courants, Cet 
amorgage est fait en lançant dans le système qui 
est double pour répondre & chacun des pôles, 
le courant des piles 11 passant par les bobines 
19 et se rendant à l'antenne. 

Cet amorçage sera maintenu et réglé jusqu'à 
ce que Pécoulement des courants électriques 
atmosphériques se soit manifesté par Vallu- 
mage d'une ou plusieurs lampes L du tableau 
des résistances représenté en fig. 5 portant la 

rise d'utilisation. 

Dès que l'allumage «des lampes sera constaté 
on sera averti de la captation des courants at- 


ree ons Ls et on pourra couper le courant. 


des piles d'amorçage. L'écoulement naturel et 
constant des courants captés se produira dans 


les appareils régulateurs de la table, fig. 3; 


| ils seront régularisés en tension et en nature 
puis dirigés au tableau des lampes pour utili- 


sation. 

ll a été dit ci-dessus que les régulateurs 
R, etc., étaient prévus et conçus pour éli: 
miner automatiquement à la terre les surlen- 
sions des courants captés ainsi que les courants 
anormaux qui ne ral encore étre classés, 
mais que ces régulateurs pouvaient être rem- 
placés par des appareils faisant le méme office, 


Il n'y a done pas lieu de les décrire en dé- | 


tail et de les revendiquer spécialement. L'ave- 
nir seul précisera si ces régulateurs doivent 


[565.395] 3 
faire l'objet d'une protection propre pour l'ap- 
plication décrite ci-dessus. 

RESUME. 

Dispositif combiné pour capter les courants 
électriques atmosphériques avec application 
immédiate, caractérisé : 

1° En ce que l'organe de captation est une 


antenne à deux branches orientées différem- . 


ment, l'une vertical avec self est tournée vers 
le zénith pour puiser les courants négatifs, 


lautre horizontale comporte un plateau cen- 


tral avec enroulement de fil et est orientée 
vers le sud pour puiser les courants positifs ; 


| Porientation des pointes restant fonction du 


lieu terrestre où se fait la captation des cou- 
rants considérés, 

a” En ce que l'écoulement des courants 
mare Jl dans le système récepteur est 
subordonné á un amorcage qui consiste á lancer 
dans Pantenne un courant -provenant d'une 
source auxiliaire, telle que des piles reliées à 
des bobines de Ruhmkorff. 

3° En ce qu'un tableau parafoudre est in- 
terposé entre Pantenne ou organe de captation 
el le tableau des régulateurs pour préserver 
linstallation en éliminant à la terre les dé- 
charges brusques atmosphériques. 

f° En ce que les régulateurs sont disposés 
suivant deux sysiémes symétriques correspon- 
dant à chacun des pôles des courants atmo- 
splrériques, 


J. GUILLOT. 
Par procuration : 
Y. Prévost. 


Parts List 


Steel Rods, magnetic, 2 


Insulator, porcelain 
Ring, bronze 

Rods, soft iron, 32 
Ring, copper 

Surge Protector 
Disk, copper 

Ring, tin 

Tubes, steel 

Rx Cu-Pb, Fe-Pb 
Breakers, automatic 


Resistances : Wire Mesh, Glass Tube. Cu, C, S powder 
Vacuum Cleaners : Box, Jar, Mica « 


Tube, copper; 

Rx : Hg, Sn, C, Cu, S 
Battery 

Ignition Coil 
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Fig. 7-6. Currents along antenna element for A elevated feed (A) and 
base feed (B). 


along the element. Figure 7-6A shows how this results in an 
inphase collinear array in the elevated-feed antenna which is % A 
long. This inphase current distribution along the antenna element 
is the reason for its low vertical angle of radiation. If the same 
antenna were fed at the base, the current distribution would not be 
in phase—see Fig. 7-6B—and an unwanted high-angle lobe would 
appear in the vertical plane as shown in Fig. 7-5B. 


Design Considerations 

In the design, I gave priority to the following considerations: 

O Limiting the design to a reasonable height. 

O Incorporating a top hat to dissipate static charge. 

Positioning the tuning unit near the ground. 

O Designing and building a strong yet inexpensive center 
insulator from readily available materials. 

O Designing the antenna strong enough to be self- 
supporting. 

I chose an overall antenna length of 33 feet as this would give 
me a full wave-length—the longest practical length for DX 
operation—on 10 meters. The 33-foot length meant that the upper 
section must be 22 feet because the antenna is fed Ya of the length 
from the ground. This would make it Y A from the feedpoint on 15 
meters, so I detuned it slightly to lower the impedance at that 
point. The optimum length of the upper section, as determined by 
15-meter and 20-meter band impedance curves, was found to be 
24.5 feet. 

Because aluminum tubing comes in 8-foot sections, and be- 
cause I would lose 2-feet in the bushings and overlap, the available 
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Part II: Diode Test Data Report 


Back to Lab.. 


Test Results 


Over a period of several weeks in 2013 I ran I-V characterization measurements on 
a good number and variety of diodes, crystals and my two tubes to see how very 
thing stacks up. The following presents the resulting curves, diode photos, and 
some puzzling questions/conclusions I churned up in the process. These 
Characteristic Curves carry the voltage out to 2.0 Volts, well beyond any signal 
strength one might expect to receive with a crystal set. This is important to note because the curves themselves are dominated by 
the diode series resistance. After each discussion I then include my spreadsheet with the detail DX-level analyses that provide the 
critical information about diode "n", (Ideality factor) "Is", (Reverse Saturation current) and "Ro", (Zero-bias Diode resistance). 
These are the data the set designer requires. 


I start off with the realization that when one orders diodes, it is by no means certain what one will get. This seems especially true 
for the supposedly ubiquitous 1N34A. Unless you see the part number actually on the diode, you probably need to test it to know 
what it really is. So, lets take a look! 


Germanium Diodes 


Germanium Characterization 


10 


$ 1N34Atg 
g = -1N34A bonafide 
1344 (277 
a e iN277. 
== 1N270 bonafide 
7 pe iN20P37 


mo] 34 A [red 
6 P==045 f 
tee (GAZ51 | 
e la | 
E [| —$=D0E | 
maja 118 
a —+=FO-215 
3 
2 | F. 
1 $ sd 
E | 
á F 
-0.50 0.00 0.50 1.00 1.50 2.00 
Vv 
1N34A series 
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INMA IN34A-g 


1N270 37 


D18 


1N270-277 series 


1N277 


http://www.lessmiths.com/-kjsmith/crystal/dtest.shtml 
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1N141 DIE 


GAZ 51 OAS 


ITT Diodes, Something special here. 


FO-215 AA-143 


http://www.lessmiths.com/-kjsmith/crystal/dtest.shtml 
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1N695 


One oddball Ge diode, not sure what it is for.. 


1N91 


Here we see a set of Germanium diodes and photos of the diodes under test. Immediately you should notice two sets of curves, 
what I call the "1N34A" set and the "1N270-277" set. In this analysis, the second set appears clearly superior in sensitivity and 
deservedly so. In the photos it is clear that one bunch of diodes I purchased as 1N34A were in fact better 1N 277, the black band 
and thin gold contact wire as well as common curve unite these. "True" 1N34A's have a more robust contact wire. I also purchased 
a 1N270 and received pretty orange diodes with the number "37" stamped on it, a fairly robust contact wire and a curve that most 
closely resembles a 1N34A, go figure. Mercifully, I DID manage to get some bona-fide 1N34A's with the part number on the diode, 
as well as a single bona-fide ITT 1N270 diode with the part number. These are my base for comparison. 

In addition to the standard Germanium Diodes tested above, I also have latched my hands on a few "other" germanium diodes for 
the fun of testing. These include two vintage Russian types, a D9E (in the 270 class) and a D-18 (transitional between 270 and 
1N34A). Additionally, I acquired a few FUZZ diodes popular, I suspect, with the guitar gadget crowd. These are larger packages in 
metal cases so I cannot see how the internal contact is made other that they are stated to be gold bonded point contact type. 
Clearly these are highly sensitive diodes in my 270 class, the OA5 looking best of the lot. Interestingly, I recently purchased from 
good Mr. Peebles a few of his "Holy Grail" ITT FO-215 diodes. My measured characteristic for one of these is a dead lay down on 
the gold-bonded OAS. From the photos, these are in different packaging with the FO-215 in a traditional glass casing. What makes 
the FO-215 so great is the fact that its resistance Rd is an interesting 150k ohm or so which matches very well with typical 
moderate Q tank circuits. Interestingly, I find that an old Russian D18 diode has very similar characteristics to the FO-215 and so 
must also be placed into the "Holy Grail" class of germanium diode. Take your pick! 


http://www.lessmiths.com/-kjsmith/crystal/dtest.shtml 4/14 


7/8/2017 


Spreadsheet for calculation of Germanium diode n and Is (modified from Mike Tuggle's spreadsheet) 


spreadsheet for calculation of diode n and Is 


Diode 

under test 
FO-215 ITT 
FO-215 ITT 


GA 51 Tesla 
GAY 51 Tesla 


123 53p 
123 14p 
1N270 TT 
11147 blue 
11141 blue 
11695 ITT 
11695 TT 
AA143 ITT 
AA143 ITT 
IN2 70 blue 
IN270 blue 
D310 russia 
1N277 black 
1N277 black 
045 Tesla 
0A 5 Tesla 
D9E russia 
D9E russia 
018 russia 
D18 russia 
1344, red 
1344, red 


GD 402A russia 
GD 402A russia 
INS4A, green 
INS4A, green 
1N34A4 green 
1N344 37 orange 
1N344, 37 orange 
INS4A bonafide 
INS4A bonafide 


11141 germanium 
11147 germanium 
1147 germanium 
1141 germanium 
191 fwd 
1N91 rev 
191 fwd 
1N91 fwd 
1N91 fwd 


n 


1.0993 
1.1050 
1.5152 
1.1379 
1.3455 
1.2546 
1.2790 
1.1795 
1.2570 
1.1160 
1.0930 
1.1220 
1.1575 
1.6610 
1.2590 
1.0059 
1.4990 
1.6042 
1.8490 
1.4810 
1.5350 
1.4200 
1.2040 
1.2706 
1.3220 
1.3430 
1.7080 
1.5535 
1.3210 
1.3030 
1.5740 
1.0955 
1.3550 
1.8220 
1.2500 
1.2795 
1.1795 
1.2570 
1.3090 
2.0000 
2.0000 
2.0000 
2.0000 
2.0000 


ls 
ná, 
196 
175 
617 
140 
AT? 
240 
915 
126 
1402 
83 
T3 
218 
242 
2310 
oof 
1215 
2293 
2296 
3304 
1996 
2414 
2161 
194 
193 
993 
833 
1360 
970 
1554 
1185 
1389 
1458 
1370 
2153 
1392 
292 
126 
1402 
1339 
16564 
12442 
18868 
22098 
20144 


Ro 
k Ohm 
144 
163 
64 
211 
14 
135 
36 
4? 
23 
342 
379 
130 
121 
19 
38 
21 
17 
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Temperature 
dF dC 
80.7 | 27.1 
30.9 | 27.2 
83.1 | 28.4 
829 | 26.3 
81.8 | 21 
20 | 27.8 
g24 | 28.0 
65.1 | 235 
g45 | 292 
7112 | 218 
708 | 216 
112 | 218 
M712 | 218 
o24 265.0 
825 | 28.1 
836 | 28.7 
815 | 21.5 
816 | 27.6 
3.4 | 28.6 
833 | 28.5 
81.1 | 2f.3 
06 27.0 
825 | 28.1 
429 | 26.3 
836 | 28.7 
033 | 20.5 
33.6 | 28.7 
34 26.6 
829 | 28.3 
83.1 | 284 
82.7 | 28.2 
(3 | 28.5 
836 | 28.7 
816 | 27.6 
22 | 21.9 
854 | 297 
45.1 | 295 
g45 | 29.2 
ga 7 | 293 
T14 | 213 
11.6 | 220 
112 | 218 
112 | 218 
112 | 218 


Vd2 
V 
0.03574 
0.03662 
0.02356 
0.04491 
0.02525 
0.03665 
0.01432 
0.01642 
0.01024 
0.05650 
0.05965 
0.03420 
0.03275 
0.00635 
0.07505 
0.00915 
0.00765 
0.00821 
0.00664 
0.00665 
0.00748 
0.00755 
0.04004 
0.04215 
0.07401 
0.01675 
0.01365 
0.01719 
0.00945 
0.01175 
0.01237 
0.00861 
0.01091 
0.00995 
0.00995 
0.03316 
0.01642 
0.01024 
0.01075 
0.00786 
0.00827 
0.00741 
0.00661 
0.00703 


ld? 
uA 
0.49730 
0.50990 
0.50850 
0.50280 
0.50460 
0.50490 
0.49660 
0.51540 
0.51750 
0.52880 
0.55890 
0.50930 
0.49950 
0.49630 
0.50440 
0.51170 
0.50180 
0.50400 
0.50370 
0.50550 
0.50250 
0.49570 
0.50970 
0.50250 
0.50250 
0.51570 
0.49200 
0.51780 
0.49530 
0.49420 
0.49350 
0.51740 
0.49990 
0.50780 
0.50250 
0.50000 
0.51540 
0.51750 
0.49870 
2.690500 
2 T4150 
3.05400 
3.33300 
3.18400 


Tuggle Method from "Cal n_ls.xls" 


Vd1 
V 
0.05123 
0.05735 
0.03782 
0.06275 
0.04050 
0.05325 
0.02437 
0.03075 
0.01795 
0.07335 
0.07423 
0.0495 
0.05024 
0.07635 
0.02629 
0.07695 
0.07402 
0.07639 
0.07255 
0.07645 
0.01522 
0.01402 
0.05913 
0.06415 
0.02475 
0.02765 
0.02785 
0.03185 
0.01695 
0.02135 
0.02327 
0.01495 
0.01925 
0.01911 
0.02014 
0.04992 
0.03075 
0.01795 
0.01915 
0.01526 
0.01976 
0.01354 
0.01180 
0.01305 


ld1 
uA 
1.00250 
1.13650 
1.00240 
1.03650 
1.04320 
1.00390 
0.99860 
1.25650 
1.02960 
1.02600 
0.99600 
1.02790 
1.10580 
1.07150 
1.18650 
1.11490 
1.00250 
1.11620 
1.07460 
1.07020 
1.13260 
1.07000 
1.10500 
1.16550 
1.05390 
1.01250 
1.19350 
1.17270 
0.99650 
1.04750 
1.07190 
1.01250 
1.00790 
1.08050 
1.20570 
1.01950 
1.25650 
1.02960 
1.07450 
5.83110 
5.94010 
5.79000 
5.90500 
5.92600 


The above spreadsheet is based on measurements of the diodes shown above. For the determination of Is and n, I chose at random 


two examples from my collection of various diodes, (all germanium in this case) and measured via a modified version of the 
methodology outlined by Ben Tongue and Mike Tuggle. For this work I have chosen to set Id2 about 0.5uA and Id1 about 1.0uA 


and then read the needed voltage. This is the inverse of the normal method but the justification is that for any diode regardless of 
forward voltage drop the measurement is made at the same part of the LOG I vs V characteristic. This allows comparison between 
all diodes. I have included the actual room temperature in the calculations in order to eliminate this variable as a source of doubt 


or error. All the measured parameters as well as the determined results are presented in order to facilitate repeatability. 


A final note on the plots above. You will have noticed that I sub-divide germanium diodes into a "1N34A" class and a "1N270- 
277" class. This is a result of looking at their I / V characteristics on a plot of 1 -2V DC versus 0 - 10mA scale. At such a scale the 
slope of the characteristic for the 1N270 class remains much steeper than that for 1N34 type diodes. As this is not seen as a 
distinguishing feature at the small-signal scales looked at here, I judge the chief difference between the two types lies in the diode 
series resistance Rs. This impacts strong-signals but is of no concern for small-signal DX work. Just so you know. 


Schottky Diodes 


http://www.lessmiths.com/-kjsmith/crystal/dtest.shtml 
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Schottky Characterization 


a | oe | 


i 
is 
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? INMA 1N60 


BAT46 1N5819 


18516 185006 


Schottky diodes are very sensitive diodes that work excellently in crystal radios. Their construction and theory are different and I 
confess to not fully understanding these components. Still, from the characteristic curves, they are excellent! Again, note that you 
don’t always get what you bargain for. Here I found what was supposed to be 1N34A's to be some sort of Schottky of unknown 
pedigree. The 1N5819, while having the lowest forward voltage drop, has a rather very high Junction Capacitance and will not 
perform well. Posts on the RaidoBoard Crystal Radio Forum however highly recommend the 1N5711 for crystal sets although the 
characteristic curve doesn’t look that fabulous. Many web pages out there on Shottky diodes, I recommend you do your 
homework. Of all the schottky's, I note that Ben Tongue recommends most highly the HP5083-2835. The high resistance Ro makes 
them useful for DX sets with very very high Q tanks. Even so the diodes need to be paralleled with up to 4 or 5 diodes to match 
correctly the Rd with the tank Rp. I have found these somewhat hard to find and expensive, especially when one requires using 
several in parallel. I recently measured a few 1SS98 diodes and I discover them to have characteristics extremely similar to the HP 
and I feel they deserve more attention. Sadly, on ebay they seem to be just as difficult to find and expensive. No free ride! 
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Spreadsheet for calculation of Schottky diode n and Is (modified from Mike Tuggle's spreadsheet) 


spreadsheet for calculation of diode n and Is Tuggle Method from "Cal_n_ls.xls” 
Diode n Is Ro Temperature Vd? Id? Vd1 Id1 
under test nA, k Ohm dF dC V uA, V uA, 
1N5711 blue 1.0733 6 4816 80.2 | 268 |0.12323| 0.4917 | 0.14261) 0.9979 
15711 blue 1.0683 6 4541 80.0 | 26.7 (0.12115) 0.4917 | 0.19981) 0.9757 
15596 1.0753 12 2302 836 | 28.8 |0.10430' 0.5001 | 0.12383) 1.0206 
HP 5082-2035 1.0713 12 2206 80.2 | 268 (0.10215| 0.4961 | 0.12215) 1.0364 
15598 1.0626 13 2188 836 | 26.8 (0.10245) 0.5081 |0.12085| 1.0036 
HP 5082-2835 * 4 1.0713 48 37d 80.2 | 268 (0.10215) 0.4961 |0.12215| 1.0364 
1N5711*8 1.0683 48 572 80.0 | 267 |0.12115) 0.4917 |0.13981| 0.9757 
SD103A  50pF 1.0435 109 247 34 | 286 | 0.04648) 0.5021 | 0.06305) 1.0201 
SD103A 50pF 1.0443 112 241 83.3 | 285 |0.04611| 0.5053 | 0.06165; 0.9934 
BAT 46 1.1185 141 204 30.0 | 26.7 /0.04304. 0.4878 | 0.06032) 1.0055 
BAT 46 1.1839 172 177 80.7 | 27.1 | 0.04173| 0.5048 [0.05839| 0.9972 
160 1.1040 161 176 80.0 | 26.7 |0.03989| 0.4955 | 0.05725) 1.0506 
1160 1.0664 178 156 80.4 | 26.9 (0.03743) 0.4988 | 0.05371) 1.0065 
INS4A ? = schottky 1.1104 317 90 80.4 | 269 |0.02710| 0.5079 | 0.04068) 1.0003 
INS4A ? = schottky 1.2359 482 66 80.4 | 269 /0.02269| 0.5016 |0.03615| 1.0197 
15619 — 100pF 1.1661 750 41 80.6 | 27.0 (0.01551) 0.4957 | 0.02566; 0.9975 
1N5619 — 100pF 1.1425 607 36 80.7 | 28.1 |0.01453| 0.5155 |0.02541| 1.1074 
15599 4 ón 1.5760 1840 19 822 | 27.9 | 0.00865) 0.5205 | 0.01575) 1.0265 
15599 6.2n 1.3450 1815 19 82.2 | 27.9 |0.00875| 0.5201 |0.01685| 1.1335 
15516 NEC 2.2700 4101 14 815 | 275 /0.00684|/ 0.5083 |0.01385 10947 
15516 NEC 6.2400 14236 11 813 | 274 | 0.00564) 0.5099 |0.01165| 1.0733 


The above spreadsheet is based on measurements of the diodes shown above 


. For the determination of Is and n, I chose at random 
two examples from my collection of various diodes, (all schottky in this case) and measured via a modified version of the 
methodology outlined by Ben Tongue and Mike Tuggle. For this work I have chosen to set Id2 about 0.5uA and Id1 about 1.0uA 


and then read the needed voltage. This is the inverse of the normal method but the justification is that for any diode regardless of 
forward voltage drop the measurement is made at the same part of the LOG I vs V characteristic. This allows comparison between 
all diodes. I have included the actual room temperature in the calculations in order to eliminate this variable as a source of doubt 


or error. All the measured parameters as well as the determined results are presented in order to facilitate repeatability. 


Note in the above data that both the BAT-46 and the 1N60 diodes appear to have excellent properties for crystal radio work. In 
fact they have very similar parameters overall. Looking at the photos you should also note that the two types of diode look 
suspiciously exactly alike. The BAT 46 has it correct markings but the 1N60 is unmarked. You never know what you get! 


Silicon Diodes 
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Silicon Characterization 
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Silicon diodes have good characteristics, but an unacceptably high forward voltage drop making them a very poor choice for 


1N4736A 


6A10 


crystal radio unless used with bias. The 1N4736A is a Zenner diode. 


Spreadsheet for calculation of Silicon diode n and Is (modified from Mike Tuggle's spreadsheet) 


spreadsheet for calculation of diode n and Is 


Diode 


under test 


10914 
11914 
14146 
1N41465 
114007 
1N4007 
6410 
64:10 


1N4 7364 
1N47364 


KB 130 
KB 130 
UK H 
UK H 
UK | 


KD 4014 
KD 4014 


D 220 
D 220 
D 2234 
D 2234 
UK J 
UK J 


The above spreadsheet is based on measurements of the diodes shown above 
two examples from my collection of various diodes, (all silicon in this case) and measured with a modified methodology to that 
outlined by Ben Tongue and Mike Tuggle. In this case, with the radically different forward voltage drop of these diodes from 
Germanium or Schottky diodes, I have kept the Id values constant (about Id2=0.S5uA and Id1=1.0uA) and varied Vd. I have 
included the actual room temperature in the calculations in order to eliminate this variable as a source of doubt or error. All the 
measured parameters as well as the determined results are presented in order to facilate repeatability. 


fener 

fener 

russian 
russian 
russian 
russian 
russian 
russian 
russian 
russian 
russian 
russian 
russian 
russian 
russian 


n 


1.9510 
2.0236 
1.9950 
2.0041 
1.5139 
1.5140 
1.5660 
1.5366 
1.1505 
1.1365 
1.1403 
1.1649 
1.9443 
1.7727 
1.7807 
1.5115 
1.3646 
1.2566 
1.2447 
1.1963 
1.1954 
1.4617 
1.3966 


Light Emitting Diodes 


ls 


0.00002 
0.00001 
0.00005 
0.00007 


Ro 
k Ohm 
9.3E+03 
7.6E+03 
8.9E+03 
9.3E+03 
6.4E+04 
7.8E+04 
1.9E+04 
2.0E+04 
1.9E+09 
2 5E+09 
5.8E+08 
4,4E+08 
6.3E+03 
1.3E+04 
2.6E+05 
2.3E+05 
1.5E+06 
3.2E+05 
5. 4E+05 
1.0E+07 
8.6E+06 
9.8E+03 
?.0E+04 


http://www.lessmiths.com/~kjsmith/crystal/dtest.shtml 


Temperature 
dF de 
820 | 21.8 
82.9 | 28.3 
83.1 | 284 
633 | 28.5 
83.3 | 20.5 
$3.3 | 28.5 
$3.3 | 245 
633 | 20.5 
034 | 28.6 
8314 | 26.6 
834 | 28.6 
034 | 20.6 
836 | 28.7 
83.1 | 264 
83.1 | 284 
03.3 | 28.5 
03.3 | 28.5 
8314 | 28.6 
836 | 28.7 
834 | 28.6 
829 | 26.3 
g2.7 | 28.2 
827 | 28.2 


Vd2 
V 
0.22733 
0.22354 
0.25194 
0.23177 
0.26320 
0.26951 
0.22129 
0.22021 
0.51439 
0.51663 
0.47531 
0.47567 
0.20333 
0.22717 
0.36493 
0.37083 
0.35041 
0.27732 
0.29013 
0.37171 
0.36416 
0.18415 
0.20325 


Id? 
uA 
0.4695 
0.4657 
0.5117 
0.4603 
0.5047 
0.4885 
0.4902 
0.4942 
0.4961 
0.5017 
0.5012 
0.4929 
0.4456 
0.5148 
0.4688 
0.4752 
0.5152 
0.5039 
0.4877 
0.4857 
0.4732 
0.4955 
0.4978 
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1N4007 


Vd1 
V 
0.26229 
0.26423 
0.27037 
0.27346 
0.29137 
0.29807 
0.25023 
0.24764 
0.53702 
0.53648 
0.49567 
0.49746 
0.24405 
0.25707 
0.39604 
0.33924 
0.38302 
0.30100 
0.31662 
0.39716 
0 30645 
0.21154 
0.22879 


Tugale Method from “Cal_n_ ls. xls” 


ld1 
uA 
0.9655 
1.0653 
1.0841 
1.0801 
1.0355 
1.0133 
1.0026 
0.9871 
1.0609 
0.9853 
1.0061 
1.0155 
1.0175 
0.9916 
0.9775 
0.9628 
1.0472 
1.0427 
1.1167 
1.1036 
10378 
1.0334 
1.0106 


. For the determination of Is and n, I chose at random 
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length from three sections was reduced to 22 feet. To get around 
this limitation, 1 decided to enlarge the considered top-hat section 
to achieve the desired effective length. Four top-hat radials, each 
1.3 feet long, were experimentally found to provide the missing 
link. 

The prospect of climbing a stepladder to adjust the tuning unit 
did not appeal to me. To avoid this, I chose to place the tuning unit 
near the ground and to use a 12.5-foot section of RG-8 foam coaxial 
cable to carry the power from the tuning unit to the feedpoint. 
Theoretical approximation showed that, at the worst, an swr of 7:1 
would be present. The additional power loss for a 12.5-foot section 
of RG-8 foam cable with an swr of 7:1 was found to be 0.25 dB. I 
preferred this to climbing the ladder. 

Power limit at an swr of 7:1 is found by dividing the power 
rating of the cable at an swr of 1:1 by the swr under operating 
conditions. For this application, this is 2200/7 = 314.3 watts. The 
output from a kW linear should be approximately 500-600 watts. 
For intermittent duty, the average power would be half of this 
figure, or some 300 watts. This does not give much of a safety 


IN SUL ATOR 


| PIPE 
— TUNING UNIT 


GROUND LEVEL——= 


COAX TO | | 
FEED POINT — x 


RADIAL (TTR) ; ES 
ji RADIAL (TYP) : 
. i COAXIAL 
we E LIGHTNING > TURNS 
ARRESTOR - 5% DIA. 


SMALL STONES TO 
LIMIT INSERTION TO 2 7' LIGHTNING PROTECTION STSTEM 


Fig. 7-7. Final design of the elevated-feed vertical antenna. 
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Yellow 2.0v \ Amber 2.1¥ 
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As long as I am measuring various and sundry diodes, I figure I ought to include that most ubiquitous of modern diode, the LED. 
Found everywhere, these diodes are rapidly becoming the low-energy light source of choice for many lighting applications. I have 
read occasionally of someone asking whether these ought to be useful for radio applications as well. To this question the answer is 
generally a resounding "No!". The turn-on voltage is waaay above any reasonable value expected to be delivered by an antenna to 
a crystal set. Still, this simple answer avoids the actual question, what in fact does the characteristic curve of a LED really look 
like? Where is the turn-on voltage with respect to the published junction voltage, (assuming you can find that). 

To provide just such a look I visited my local electronics store and bought a small handful of LED's, most with the junction voltage 
listed and took them home to measure. Typical LED junction voltages seem to range from about 1.8v to 2.1v or more. The turn-on 
voltages look closer to 1.6v-1.7v. Anyone used to working with Carborundum crystals or silicon diodes will be used to biasing their 
rectifier to get good sensitivity. These LED's once on have a very sharp rise and with a proper bias should work quite well as 
detector diodes. As a bonus you will get a sweet glow as well. OK, not as cool as the glow of a vacuum diode, but certainly more 
sensitive! 


Spreadsheet for calculation of Light Emitting Diode n and Is (modified from Mike Tuggle's spreadsheet) 


spreadsheet for calculation of diode n and ls Tuggle Method from "Cal_n_ls xls" 
Diode n Is Ro Temperature Vd? Id? Vd1 Id1 
under test nå § kOhm dF dC V uA V uA 
Red 2.1547 3.3608 1.7E+12 80.7 | 27.1 |130114| 0.4995 | 1.33695) 0.9875 
Red 2.0720 9.7E-09 5.5E+12 80.7 | 27.1 | 1.31649) 0.5038 | 1.35690) 1.0745 
Amber 1.5627 | 1.9E-13 2.1E+17 380.4 | 269 /1142768| 0.5046 | 1.45571) 1.0131 
Amber 1.6163 6.4E£-13 6.5E+16 80.2 | 26.8 | 1.42525) 0.4963 | 1.45532) 1.0229 
Yellow 1.5660 5.1E-14 3.0E+17 804 | 269 | 1.50347) 0.5065 | 1.53292) 1.0422 
Yellow 1.3763  1.2E-16 2.9E+20 30.7 | 27.1 |1.51826) 0.5003 | 1.54291) 1.0031 
Green 2.0490 1.2£-09 4.7E+13 80.7 | 27.1 |1.41066| 0.5116 | 1.44647) 1.0082 
Green 2.0650 1.2E-09 4.3E+13 60.4 | 26.9 | 1.42153| 0.5075 | 1.45762) 1.0009 
Water Green 3.2709 | 1.7E-09 4.66413 80.4 | 269 |222240| 0.5085 | 227970) 1.0045 
Water Green 1.9273 | 8.6£-16 5.6E+19 809 | 27.2 (2.03170) 0.5099 |206510| 0.9993 
White-Gn 1.4366 3.5E-16 1.1E+20 60.9 | 272 | 1.54760| 0.5143 | 1.57610) 1.1050 
White-Gn 3.0356 | 1.1E-05 6.9E+09 80.7 | 27.1 | 1.37740) 0.5111 | 1.49020) 1.0043 


The above spreadsheet is based on measurements of the diodes shown above. For the determination of Is and n, I chose at random 
two examples from my collection of various diodes, (all led's in this case) and measured with a modified methodology to that 
outlined by Ben Tongue and Mike Tuggle. In this case, with the radically different forward voltage drop of these diodes from 
Germanium or Schottky diodes, I have kept the Id values constant (about [d2=0.5uA and Id1=1.0uA) and varied Vd. I have 
included the actual room temperature in the calculations in order to eliminate this variable as a source of doubt or error. All the 
measured parameters as well as the determined results are presented in order to facilitate repeatability. 


Crystal Galena and Pyrite Diodes 
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Galena Characterization Pyrite Characterization 
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The above curves demonstrate the wide variation in properties and qualities that can be found in natural crystals of galena or 
pyrite, the two most common and best quality natural stones. In each crystal test I first poked around the crystal for some time to 
1) determine a typical sensitivity for the crystal in question and 2) to locate the best hot spot with which to test. This turns out to be 
a non-trivial exercise on the diode test setup. In a crystal radio one need only listen for the loudest spot. With the test setup one 
needs test both the forward and reverse current in order to determine if the whisker is on a hot spot or not. Very tedious work! (In 
retrospect, if I were starting over making a test jig, I would definitely add a DPDT switch to readily change between forward and 
reverse current measurements. I'd probably toss in a rheostat for fine adjustments as well). 

For many crystals there are limited number of possible hot spots, but these may be hot indeed. For most of my "Steel Galena" 
samples (Tintic Utah, or Leadville Colorado) there are numerous hot spots under virtually every place I touch the probe, but in 
general the sensitivity is good to so so. These crystals are very kind to work with in terms of finding spots and avoiding frustration. 
Mirror galena on the other hand may have quality hot spots, but any hot spots at all are rare and frustratingly difficult to locate. 
Here my Philmore detector crystal shines with an almost ideal "Galena" response. To chase down this rabbit I purchased some 
lovely mirror galena from Sweetwater Missouri. I broke off a few appropriate-size chunks to pot in woods metal and test. At first I 
was very excited with the high currents I was seeing at moderate voltages. Figured I had struck gold. When these crystals failed 
miserably to rectify anything in my radios, I re-measured things in both forward and reverse directions. These crystals obey 
Ohm's law and act like typical resistors, not suitable for radio work at all. 

For my pyrite crystals the work has been especially tedious and frustrating. With one of the crystals one "hot spot" alternated, 
entirely on its own, between hot and bad while I was making the measurements. I would start over and over, sometimes getting 
interesting readings then suddenly it would drop to low values and I'd start over, back and forth. I present this data as best as I 
have measured, and I don't intend to go back! You see at least one of the crystals, my "China 1", (from a lead/silver mine in 
Hunan) gave a sweet classic-looking curve. More to the point, "ideal" curves for natural minerals are difficult to come by. Most 
crystals you use will be less than ideal. The good news is that, while listening to your set, poking about for a good spot is far easier 
than what I have gone through to produce these curves. Your ear will take care of you! 
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In the photo I indicate groupings based on an easy measure of performance. I note the current in milliamps for each set where the 
plate voltage is set at 0.5V. The greater the current the better are your chances to get a sensitive crystal, assuming Ohm's Law is 
not followed! Crystals in the "dead zone" on the left will have their woods metal re-melted for new detector crystals and the bad 
ones tossed, its tough love for crystals. I find that easily half the potted crystals I make are tossed this way, and only a few can be 
considered superlative. 


| 
My measurements and discussion on vacuum diodes has moved to my section "Diodes III" under the Lab Menu. 


| 


Return.. 


Back to Main.... 


Sunday, 09-Jul-2017 00:50:33 CDT 


Comments and/or Correspondance to: k+-smith@sbcglobal.net 


.::. Sitemap .::. International Pix .::. Western US Pix .::. Pinhole Pix .::. Crystal Radio .::. 
i. Snapshots .::. Thoughts .::. Beer Labels .::. Petrology .::. Life List .::. lonosphere.::. 
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neomwanion LAKINSTRUCACTIVE Basic Instructions rev 0620 


Informational Data for Those Who Purchased the Lakhovsky Unit 


A color copy of the instructions can be down- loaded from the products main page on the web site. 
These instructions are new and if you need further data let us know by EMAIL OR CALL US 


See also downloads of books and helpful medical explanations on performance issues etc 


LAKMWO10 Laskowski Multi-Wave Oscillator setup instruction 
PLEASE READ BELOW NOTES 


The New Lakhovsky machine now has a clear protective plastic shroud that goes around the 
bottom and allows covering the top flat spiral coil. This partition will help to prevent accidental 
contact with the high-voltage parts and Is labeled do not remove unless you are qualified in 
handling this type of equipment! 


Most units come with several feet of green wire. This is intended to connect to an earth ground, such 
as a AC receptacle socket plate screw or other known ground point. It is not for connecting to the 


coil of the antenna, as this will greatly reduce or possible damage the machine. Those who use 


3-wire grounded wall outlets need not to worry about this wire and coil it up where it is not an issue 


This machine will produce a small amount of ozone if not properly ventilated or being used in a very small 
confined area could be a problem and proper ventilation may be required. Usually if the Ozone smell is 
pleasant like after a passing thunder shower it is probably not a problem. How-ever if you are going to expose 
patients or yourself you must take this into consideration. And we recommend you obtain an ozone detection 
device we can supply that will measure the amount of ozone per-cents in the air. It included a download that 
will take you to a specification sheet on ozone what its benefits are and what it also has so far is not 


been an issue. How-ever unlikely, it must be addressed as a potential negative attribute should it 


ever becomes excessive. 

CAUTION: FDA safety standards state that .05 parts / million are considered acceptable for continued human 
exposure. If unit is operated in an inhabited area on a continuous basis, output should be just set to the point 
where a pleasant odor is detectable. This only is an approximate setting and should be verified by a certified 
meter. These can be purchased or rented and is strongly advised if you use the unit for treating patients 


Neither the publisher nor the author makes any representations as to the accuracy of the 
information contained herein and disclaim any liability for damages or injuries, whether 
caused by or resulting from inaccuracies of the information, misinterpretations of the 
directions, misapplication of the information or otherwise 


Important Data: Please Read Before Using 


“The spark gap is factory set to 1/16” This setting is very 
critical in determining the treatment time of your 
sessions. As of 3/19/18 this setting has been tested 
for run times of 10min-on/10min-off 


*Please note if you increase the spark gap separation distance 
ou will void your warranty on this product 


Tap lead is factory set for proper frequency and 
waveshape when set and displayed on a scope 


Brief Data for Operating Your Lakhovsky 


1. It is suggested to study some of the downloadable material 
where you may find worthwhile data on your malady 


. It is recommended to sit in front of the antenna about 2-3 feet 


. Maintain a position where the treatment area is at midsection 
of antenna for optimum exposure. 


4. Keep treatment time no more than 10 minutes intervals 


Please be aware physical contact with the antenna may cause 
annoying yet harmless shocks. 
This unit is for experimental alternative health remedies. 


You Will Note Your New Lakhovsky Machine Now May be Used for Patient Treatment. 


A clear protective plastic shroud goes around the bottom and allows covering the top flat spiral coil. 
This now will make it almost impossible to contact any high-voltage parts! It will be labeled, do not 
remove unless you are qualified in handling this type of equipment 


Dr. Lakhovsky was a Russian researcher who experimented with the effect of high-frequency 
electromagnetic radiation on various parts of living organisms. 


There have been many controversial claims about the health effects of this device. The theory is that 
all cells in a living body possess an intrinsic vibrating resonant frequency that can be energized by 
an external means, and that diseased cells appear to have a weaker and different frequency, that 
can be brought back into step with adjacent healthy cells. Some researchers have exposed cells 
to this full spectrum of electromagnetic vibratory energy to investigate anti-aging effects, and 


others have looked into the possibility of cellular regeneration to see if there was any potential in the 
fight against cancer. 


We can- not make any claims to the health effects of this device, as it has not been evaluated or 
approved by the FDA, so any effects must be through the experimentation of the operator or user 
and the claims made by individuals who received treatment. 


At this point it is recommended to obtain all the complete free downloadable pages of (LSK1) book 
on our website and familiarize yourself with the potentials, treatments and experiments possible with 
this system. Or purchase from AMAZON as the LAKHOVSKY Multiple Wave Oscillator Hand - book 


If you think (or know) you have an ailment, always consult a medical doctor before using unit 


Theory of operation 


Figure shows a block diagram of the radiating coil and Tesla driver. The antenna coil contains 
a series of concentrically wound coil rings mounted in a flat plane. These coils all possess an 
inherent resonant frequency as a function of their physical parameters. Harmonics are also 
produced and together with all the coils oscillating now produce a near continuous spectrum 
of radio frequency energy. 

A spark driven Tesla coil works wells for this application as It generates many fast steps of 
current that are rich in harmonic content that drive the antenna coil. 


Instructions 

Switch on the unit and note many of the antenna coil rings adjacently sparking and arcing 
between one another. Note the outer coil ring will produce weak purplish lightning type flashing 
into the open air. These are not dangerous and if accidentally contacted will produce an 
uncomfortable sensation to most people, but not extremely painful but can be extremely annoying. 
Some practitioners will demonstrate the output allowing the arc to continuously flash to their 
knuckles, proving it is not dangerous. However, we do not sanction doing this because what is not 
painful to one can be almost debilitating to the wrong person 


lt is recommended to obtain all the complete free downloadable pages of book on our website 
and familiarize yourself with the potentials, treatments and experiments possible with this 
system. We strongly suggest to purchase from AMAZON as the LAKHOVSKY MULTIPLE 
WAVE OSCILLATOR HAND BOOK contains a wealth of data on this remarkable machine. 


Downloadble Data For Further Information 


7] Mark Clement, Waves That Heal 47 PAGES 


Georges Lakhovsky, Radiations and Waves, Sources of Our Life 73 PAGES 
TRadio-Cellulo Oscillator of George Lakhovsky 5 PAGES 


View of system with our modified BTC30 Tesla coil without 
new protective clear plastic shroud 


This graphic is figure 14-18 from chapter 14 in the first book in this series. 


EXT1 Extension tube 


SLP1 3" Slip 


coupling Power lead is routed through the 
extension tube and makes 
connection with the output of the 
Tesla coil. Keep this lead short 
and direct. 


LAB1 


BRK1 Stabilizing plastic bracket attaches to 
plate and upper deck of Tesla coil using 
small brass screws. 


NEON/BU2 
S1 


If S1 has a metal handle 
To CO1 you may want to sleeve 
over a piece of plastic To Safety Discharge Probe 
tubing to avoid annoying 
burns when turning unit off 


A little technical theory 


L1 to Ln represents the inductance of all of the coils 

C1 to Cn represents the capacity of all of the coils 

R1 to Rn is the radiation resistance of each section 
Frequencys are the sum of the resonant sections ranging up 
to the gigahertz 


L is the sum of L1 to Ln 
C is the sum of C1 to Cn 

L R is the sum of R1 to Rn and is mainly 
the radiation resistance 


Vdrive The undamped current wave from the output of the 
Tesla driver induces voltages at many frequencies into 


Do C the multi coils of the antenna 
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Fig. 7-8. Antenna tuning u nit set for 20 meters. All air variables not in use 
are shorted and grounded. 


factor but I decided to go ahead and worry about it when and if I 
acquired a linear. 

To make the antenna as attractive as possible, 1 designed it 
strong enough to be self-supporting. This presented no great 
problem except for the center insulator, which proved to be the 
greatest challenge of the whole project. It must be strong enough to 
support the upper % of the antenna without guying. I finally settled 
on building the insulator from PVC pipe reinforced with plexiglas™ 
panels and nylon cord, the whole thing held together with silicone 
rubber bathroom caulk and epoxy. I calculated the insulator’s 
strength to be much greater than that of the aluminum tubing right 
above it. So, theoretically at least, the antenna should break at the 
tubing and not at the insulator. 

By calculating stress values for the whole antenna, I found that 
if I used 1” steel pipe for the bottom Ys section and 1-14”, 1”, and 4” 
aluminum tubing for the 3-piece upper % section, the antenna 
would be strong enough to be self-supporting. The weakest link 
would be the 1-34” aluminum tubing section. Moral support for this 
decision came from Capt. P. H. Lee’s excellent book, The Amateur 
Radio Vertical Antenna Handbook, where he used this size tubing 
to construct his Mark II antenna. He claimed that the antenna was 
flexible; it bent with a high wind and did not break. 

The final design of this antenna is shown in Fig. 7-7, and the 
tuning unit is shown in Fig. 7-8. 
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Introduction 


While I was growing up in Flint, Michigan, my dad, brother, and I would make 
and fix all kinds of things. My dad instilled his philosophy in me at a young age: 
“Why pay someone else to do something you can do yourself?” We enjoyed 
fixing everything from cars to bicycles, dishwashers, and TVs. We re-roofed 
houses and rewired radios. We built wooden tool chests, skateboards, 
snowboards, and hockey sticks. We were always working on a wide variety of 
projects using everything under the sun and all kinds of cold connections like 
nuts and bolts, screws, nails, glue, epoxy, fiberglass, solder, pop rivets—you 
name it; we used it. I grew up into a confident handyman and consummate 
tinkerer with an appreciation for three-dimensional construction. 

By the time I started college I was no stranger to creating sculptures, 
furniture, art, and all sorts of other things using traditional woodworking and 
cold connection methods. But then in my first metal sculpture class, I cut into a 
piece of 11 ga mild steel with an oxy-acetylene gas torch and I was hooked. 
Metalwork and fabrication amazed me and became my passion. The way this 
cold, hard, and seemingly uncooperative material was so easily cut, formed, and 
manipulated still astounds me. As I learned how to weld, heat, bend, and cut 
various metals, I could not believe how these incredibly durable materials 
became as easy to work with as clay. Exploring the unlimited potential of metal 
work became the compass for the rest of my life. 

I never stopped welding. After graduation, I moved to Chicago and set up my 
first shop on the south side, equipped with only a small 120 V Hobart MIG 
welder and grinder. Over the years, I moved my shop around a few times, 
expanded my gear, and worked in a wide range of fab shops, learning as much as 
I could along the way. 

By the time I started my first fabrication company, I had worked for some of 
the top designers in the furniture industry and for world-class architects, and I’d 
worked side by side with amazing metal artists, fabricators, and sculptors. Each 
of them influenced my perspective and expanded my knowledge of metal work, 
for which I am grateful. 


“Exploring the unlimited potential of metal work 
became the compass for the rest of my life.” 


Then a few years ago some motorcycle friends approached me and asked 
about learning to weld and chop frames for their race bikes. After a few basic 
lessons in welding, they were asking me to teach them how to make their own 
bikes lighter, how to weld and fabricate new parts, and how to build custom 
components. Before I knew it I was teaching community welding classes at my 
metal studio, Midwest Metalworks. 

After a lesson recently, one of my students said to me, “You can pretty much 
make anything, knowing how to weld.” He had an amazed expression of 
bewilderment at the vast potential of this new medium that he had just learned. 
He had realized the fantastic new world of possibilities that I had discovered 
almost two decades before. Now you can too. 

If you enjoy working with your hands, learning metalwork will give you a 
wealth of knowledge that will expand and challenge your ability to create. There 
are so many different techniques, styles, and methods to learn in welding, and in 
this book, I hope to introduce to you the enormous possibilities that come with 
each one. 

The key place to start is learning the basics of Metal Inert Gas (MIG) 
welding, which we’ll learn in the following pages. You’ |! learn the basic rules 
and principles of welding that can be applied to other processes such as Stick 
and Tungsten Inert Gas (TIG) welding. MIG is just the beginning. 

It takes time and practice to become a good welder, but I hope through this 
text you will soon instinctively recognize a good weld that is laid properly. Just 
like an excellent musician knows when they are in tune or have played a bad 
note, an experienced welder understands their craft. The more arc time you log 
and the more projects you fabricate, the more the world of metalwork will open 
up to you. 


—Stephen Blake Christena, Chicago 2013 
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Welding: Start Here 


I teach Metal Inert Gas (MIG) welding because it has become one of 
the most versatile methods of welding, it’s easy to learn, and it’s fun! 
It was originally developed for welding aluminum, but was quickly 
adapted to other metals such as mild and stainless steel. It has become 
extremely popular amongst all industries from hobbies to shipyard for 
its ease of use, versatility, and speed. 

MIG welding is the focus of this book, but before we dive into it, I wanted to 


give you an overview of electrode arc welding and some insight into the readily 
available welding processes out there. 
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Construction Procedure 


The construction is started by the assembly of the center 
insulator. Figure 7-9 shows how one piece is cut and inserted into 
the other piece. Use PVC pipe cement to bond the two pieces 
together. 

Figure 7-10 shows how an inexpensive jig can be constructed 
from a screwdriver and a piece of soft wood. This jig will hold the 
cemented PVC pipe in a vertical position to ease the task of 
cementing the plexiglas panels. The panels can be epoxied to the 
pipe first so that they will stay in place when applying the silicone 
rubber bathroom caulk. 

Before cementing the plexiglas panels, insert the steel pipe 
and aluminum tubing into the PVC pipe to the dimensions shown in 
Fig. 7-11, i.e., to within Y” from each other, centered at the center 
of the insulator. Mark the radial direction on the pipe, aluminum 
tubing, and insulator. Drill holes 90° apart in the pipe and tubing for 
the mounting bolts, drilling through the PVC pipe. When drilling in 
pipe, use a %-20 tap drill and enlarge the hole to Y” when the pipe 
is removed. The position of all holes is shown in Fig. 7-12. To 
avoid weakening the pipe, stagger the tap holes. This procedure 
will align all the holes and assist in the final assembly. 

When the bathroom caulk has cured, wind five bands around 
the panels as shown in Fig. 7-12. Use nylon or dacron line approxi- 
mately Ys” in diameter and space the bands evenly. Epoxy the line 
for extra strength and to prevent it from unwinding. Drill the two 
vent holes between the panels in the center of the insulator. Build a 
little roof over the vent by using caulk. This will prevent moisture 
from seeping into the insulator. 

The three sections of the aluminum tubing are assembled as 
shown in Fig. 7-13. The bushing is made by cutting 6” from the 
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Fig. 7-9. Joining the two 1-%” PVC sections. 
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How Welding Works 


There are several different methods of welding. Today, the most common 
welding process is electrode arc welding. There are three types, or systems, of 
arc welding in this family: stick, MIG, and TIG. All three types of arc welding 
use the same three components. The first and most obvious is electricity, which 
creates the arc. Each type also uses a filler material, and the third component is 
flux. The differences between stick, MIG, and TIG arise in how the three of 
these elements are used to create a bead (a bead being the weld that is created); 
each type of welding has a different method of execution. 

Before we talk about the differences in welders and the methods of execution, 
we should go over how arc welding works in general. The best way to explain 
this process is to clearly define the elements of welding and what they do. 


The Arc 


Static shock, lighting, and spark plugs firing in a vehicle’s engine are all 
examples of an electric arc. Not many people are aware of this, but an electric 
arc is actually a state of matter called plasma, which is similar to gas. The arc is 
created by an electrical current moving through the work piece from the welding 
machine’s ground clamp to the electrode. The electrode is an electrical 
conductor used to complete the circuit, which allows the welding machine to 
create an arc. The arc is created by a breakdown of a gas that discharges plasma. 
Certain gases such as argon, carbon dioxide, and helium have a higher 
conductivity and ionization that assists in creating and maintaining the arc, 
making them candidates for a shielding gas. 
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Make sure to wear proper safety gear. Skin left exposed to the arc light can get a pretty bad sun burn. | don't 
recommend it. 


In the stick and MIG welding processes, the electrode is also the filler metal. 
When the filler material comes into contact with the grounded piece of base 
metal, it completes a circuit that creates the electric arc. The arc forms at the 
very end of the filler material, which melts into the weld zone, creating the joint. 
In the TIG welding processes, the electrode is a rod of tungsten. 

The arc temperature can range, depending on the welding process used and 
the setting of the machine or power supply, from around 5,000°F to around 
18,000°F (2,760°C to 9982°C). Carbon steel, or mild steel, the most common 
form of steel you will be using, liquefies around 2,600°F (1,427°C). The arc’s 
high temperature heats the base metal to the point at which it becomes liquid. 
This is known as the “puddle” or “pool”. 


The Filler Metal 


Appropriately named, the “filler,” or “filet,” metal is just that. It is a rod or wire 
of metal that is fed into the puddle that forms at the point where the arc makes 


contact with the base metal. It adds more material to fill the weld zone, feeding 
the puddle and creating the bead. The filler metal is usually the same type of 
metal as the type being welded, but in certain cases, it can be other metals. In the 
stick and MIG welding processes, it also acts as the electrode. Stick and TIG 
welding require the operator to manually feed the filler metal into the weld zone. 


Flux and Shielding Gas 


The word flux comes from the Latin word fluxus, meaning to flow. That is 
exactly what flux does in welding. It helps stabilize the arc and keeps 
contaminants or oxides out of the weld zone. In stick welding, flux is a chemical 
coating over the filler rod that burns off, producing a shielding gas that prevents 
oxidation of the base and filler materials. Flux can be made from a wide 
variation of compounds depending on the application and material to be welded. 

Flux is a component of welding with many jobs to do. The number one job of 
the flux is to protect the base and filler materials from oxygen and other ambient 
gases. It creates a barrier called the shielding gas, protecting the arc and metal 
from outside ambient gases that cause oxidation. It creates a purified 
environment for the arc to exist in. The flux keeps the liquid metal clean from 
impurities, also called inclusions, which would otherwise contaminate the metal. 
And last but not least, it controls the arc, helping the arc come up to a higher 
temperature to create the puddle of liquid metal. 
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Be sure to ma the polarity from DC positive to DC negative when you're using flux-core wire in your MIG 
welder. 


Flux is most commonly used in stick welding, where it coats the filler metal. 
When the filler metal arcs to the base material, the flux is engaged. As it burns, it 
creates a carbon dioxide semi-inert gaseous shield that protects the arc. Once the 
weld is laid, the bead is covered in a byproduct of the flux called “slag.” Agents 
that come from oxides in the molten metal are absorbed and removed by the 
flux, creating slag. This hard shell is usually removed afterwards with a chipping 
hammer and a wire brush. 

Flux is also used in autofeed machines, similar to MIG welders, which take a 
spool called “flux core” wire. This wire has the same properties and behavior as 
a flux-covered stick welder electrode. These machines are not considered MIG 
welders because they do not have the hookup for a shielding gas. Most MIG 
welders can use flux core wire, but their polarity needs to be switched over from 
DC+ to DC-. Some flux core processes can use a shielding gas in tandem with 
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tne wire. 

Shielding gas is an inert gas that takes the place of a chemical flux. It does all 
the same duties as the flux. The first advantage of shield gas welding is that it 
has much better control over the arc. Just like blowing on the embers of a fire, 
the air pressure not only fuels the embers with gases, but also concentrates the 
direction of flow. Second, there is no slag byproduct. The shield gas process is 
cleaner. Third and most important, using a shielding gas makes it much easier to 
see the entire weld zone while welding. One drawback is that using shield gas 
outdoors has a tendency to not work very well. The pressure of the gas coming 
out of the nozzle can be easily blown away by the wind. Flux core and stick 
welding are the best options for outdoor welding. 

The most commonly used shield gases are argon and a mixture of argon and 
carbon dioxide. Pure argon has great conductivity and heat transfer properties 
that will assist in creating a cleaner environment for the arc. And argon’s 
ionization properties allow the arc to start and be maintained more effectively 
and efficiently. Pure argon is used in the MIG and TIG processes when welding 
on stainless steel and nonferrous metals (metals that do not contain iron) such as 
aluminum, titanium, or zinc. Hobbyist and beginning welders should focus on an 
argon/CO, gas mixture (75 percent argon, 25 percent CO»). This mixture is ideal 


for carbon steel and will be the focus of this book. 


The Ground 


The ground is a crucial part of the power supply. All electric arc welders use 
one. In essence, you are creating a circuit, and without the ground, the circuit 
cannot be created. The ground clamp has to be clamped to the work piece or a 
conductive metal table that the work piece rests on or comes into contact with. 
The electrical current feeds though the ground and through the work piece, 
finding the shortest distance to the electrode as possible. The contact point 
between the ground and the machine’s electrode is where the arc forms. If there 
is no ground, there is no arc. 


Grounding to a conductive metal table allows you to manipulate the work piece easier. If you are going to be 
working on something large that has to remain on the floor, make sure to ground directly to the work piece. 


Spatter 


MIG and stick welding, as well as welding with flux core, create “spatter,” small 
molten balls of metal that are ejected from the weld zone at the arc point. These 
small molten balls can fuse themselves to the work piece and to the gun’s tip and 
nozzle. Using nozzle spatter protection will help the tip and nozzle last longer 
and prevent double arcing. 
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There is a variety of spray spatter protection that can be sprayed onto the 
work piece. These products help to protect the work piece from needing to have 
dozens of little metal balls ground off of the surface. They’re especially ideal for 
projects with moving parts or precision work; you don’t want these little balls of 
metal inside a crank case or gear housing. 
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Stick welding is the best method to use when you're working outdoors or on thick plate metal. Use caution as 
the flux can create dangerous fumes and a byproduct known as “slag.” 


Why Learn MIG Welding? 


Shielded Metal Arc Welding (SMAW) is what is commonly referred to as 
“stick” or arc welding. When most people think of electric arc welding, they 
think of stick. This is a manual feed process in which the filler metal electrode is 
coated in a chemical flux. The arc forms after striking the electrode to the 
grounded base metal. As the filler material melts into the puddle, creating the 
bead, the flux burns off, producing a shielding gas to protect the arc. A 
byproduct of flux called slag solidifies over the freshly made weld. Stick 
welding can use a direct current (DC) or an alternating current (AC) power to 
create the arc. 


TIG welding is clean and smooth, but can be difficult to master. It's a good idea to learn MIG welding first and 
work your way up to TIG. 


Stick welding is popular in industrial applications for its versatility and ease 
of use. The use of a flux makes it ideal for outdoor heavy construction. The wide 
variety of filler electrode sizes and metals allows quick transition to different 
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Fig. 7-10. Jig for the construction of the center insulator. 


smaller of the two pieces at the junction, splitting it and forcing it 


over the shortened piece. 


The top hat is made by cutting a 3-foot length from aluminum 
clothesline, bending it in the center, and bolting it in place as 
shown in Fig. 7-14. After it is bolted in place, bend it until it is 
perpendicular to the tubing. After bending, cut it to the dimension 
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Fig. 7-11. Locations of the pipe and tubing within the center insulator. 


thicknesses of material. And the high range of heat makes stick welding perfect 
for thicker materials. 

Gas Tungsten Arc Welding (GTAW), or what is commonly referred to as 
Tungsten Inert Gas (TIG) Welding, is also a manual feed process: the operator is 
feeding the filler metal into the molten metal puddle. But in the TIG process, the 
filler metal is not the electrode. 

TIG is a shield gas welding system in which tungsten is the electrode that 
produces the arc. The torch holds the tungsten rod, allowing the shield gas to 
pass over its tip through a nozzle. The arc is initiated when the control to the 
power source is activated, normally via a foot pedal controller. Much like the 
accelerator in a car, the pedal control allows the welder a range of amperage that 
creates the arc, giving more control over the heat going into the material. ‘This 
control makes this method very popular for welding thinner materials and 
stainless steel. 


MIG welding is easy to learn and fun to do. As soon as you pull and hold down the trigger you are welding. 
You just need to learn to control what you are doing. 


TIG welding does not produce a spatter during welding, which makes it 
cleaner and more appealing to the automotive and motorcycle industries and to 
artists who would like their welds to be a part of the overall look of the piece. 
The operator has much more control over all the components than other systems. 

Like its cousin the stick welder, TIG is a manual feed process with the ability 
to transition very quickly between metals. Pretty much all the operator has to do 
to switch from steel to stainless steel is to grab the appropriate filler rod. 
(Making sure you have prepped the metal and area around the piece for cross 
contamination is also recommended.) 


All electrode arc welding systems need a ground to complete the circuit and create the arc. The ground needs 


to be clamped either directly to the workpiece or to a table made from conductive metal. 


Most TIG machines are equipped with DC and AC power supplies that can be 
changed by the push of a button. Making a quick switch from steel to aluminum 
is as easy as switching the output from DC to AC and grabbing the correct filler 
rod, which makes it popular for welding aluminum and other nonferrous metals. 

The disadvantages of TIG welding include the fact that it does take a lot of 
time and practice to master before one can produce a good weld. It is also a 
slower process that takes much longer to produce a weld. And a decent TIG 
system has a tendency to be much more expensive than its cousins stick and 
MIG. 

A well-trained TIG welder can make welds that are not only structurally ideal 
but nice to look at as well. The expressions “stack of dimes” or “nickels on the 
side” stem mostly from TIG welding; they refer to the look of the surface of a 
bead that resembles a stack of coins lying on its side. Using various control 
techniques, a skilled electrode arc welder can create patterns on the surface of 
the weld that resemble coins, ripples, waves, etc. This comes in handy when 
welds are exposed and on display, such as on motorcycle frames, sculptures, and 
furniture. 

Gas Metal Arc Welding (GMAW), or what is commonly referred to as Metal 
Inert Gas Welding (MIG) and sometimes also referred to as Mechanized Inert 
Gas, is an automated process in which all three components initiate at the same 
time once the trigger on the gun is pulled. 

The filler metal for a MIG welder is a wire that comes on a large spool. Just 
like in stick welding, the filler metal is also the electrode. The machine has a 
motor that feeds the wire through a hose to the gun. The power supply that 
creates the arc is fed through the same hose as the shield gas and wire. A direct 
current (DC) is most commonly used in MIG welding. A nozzle covers the gun 
tip where the wire comes out. Under the nozzle are a series of uniform holes that 
deliver the shielding gas evenly over the arc point. Once the trigger is engaged, 
all three elements activate simultaneously and feed continuously as long as the 
trigger is depressed. 

The rate at which the wire is fed through the gun and the amount of electricity 
used is determined by the settings of the machine. You set the voltage and the 
wire speed in relation to the thickness of the metal to be welded. The shield gas 
pressure is set using the regulators that are attached to the tanks of gas. The 
pressure setting for the shield gas is determined by the manufacturer of the 
machine, normally anywhere between 20 and 30 cubic feet per hour (commonly 
referred to as CFH). (Note: In countries using metric measurements, the 
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Flux-core can be used in most MIG welding machines. Flux-core is an 
automated wire feed process just like MIG, but it does not commonly use a 
shielding gas. Instead, a chemical flux that produces a CO, gas when burned is 


mixed in with the core of the metal wire. Very similar to stick, it also produces a 
slag coating. Always work in a well-ventilated area when working with flux to 
avoid breathing the flux fumes. 

MIG welding is one of the simpler methods of welding. It is easy to learn and 
has a wide variety of applications. It has also become the most common form of 
welding, not only in the arts and hobbies world, but in the professional metal 


working world in general. 


What you will need to begin is the MIG unit, a 
grinder, and a chop saw. All the techniques in this 
book will focus on these three tools. 


If you want to learn to weld, this is where you start. The automated process 
will allow you to learn all the basic principles and techniques of welding by 
eliminating some of the controls that are normally affiliated with manual feed 
methods like stick and TIG. 

Becoming a skilled MIG welder will allow you to create art and furniture or 
repair pretty much anything in steel. MIG welding and simple fabrication will be 
the focus of Learn to Weld. This book will provide you with all the basic 
information and tools you need to begin your own projects and build your 
interest in metal work and welding. 

My approach to this book is going to be a little unconventional. It seems that 
most DIY books give you a laundry list of materials and equipment to buy that 
may or may not pertain to the beginning stages of the learning process. My 
approach will be to give you the proper tools and materials list that you will need 
for each chapter as you need them. It is not necessary to go out and purchase a 
full metal fabrication shop of tools and equipment right out of the gate. 
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One thing that I have learned over the years, especially if you are going to be 
welding a lot or turning this into a profession, is to only buy out of necessity. 
You don’t want to go out and buy a $2600 plasma cutter when a grinder and a 
chop saw will work just fine for the needs of that job. Even though plasma 
cutters give you much more control and options for cutting, it’s an investment 
for down the road. Let’s start by teaching you how to weld and fabricate a few 
simple things. What you will need to begin is the MIG unit, a grinder, and a 
chop saw. All the projects and techniques in this book will focus on these three 
tools. 


Buying Tools and Equipment 
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class is “What kind of MIG should I buy?” Well, there really isn’t a straight 
answer to this question. As it goes with many tools, the longer a person welds, 
the more preferences they develop. Welders have a tendency to be very loyal to 
their brands. 

When it comes to welding machines, there are huge jumps in quality from 
brand to brand. This is the one piece of equipment that I do not compromise on. 
Like I said, “preferences”. Grinders burn out all the time. Some last a few years 
or even a decade or so. Others burn out in weeks. I actually buy cheap grinders 
for on-site jobs so if anything happens to it I’m not out by much. But the right 
welder will last a lifetime and is worth the extra few hundred bucks. 

The first few things to consider when buying a welder are how often you’re 
going to be welding and the kind of electricity you’ ll have access to in the area 
that you’re going to be welding in. 

Both of these questions are important to any welding machine for one reason: 
the duty cycle. The duty cycle for any electrode arc welder is a 10 minute period 
of time where the welder can be running straight “arc on” and then has to rest in 
the ON setting to complete the full 10 minute block of time. It can be turned off 
if you don’t intend to use the welder for a long period of time, but in its ON 
setting the internal fans will allow it to cool properly. For example, my welder 
has a 30 percent duty cycle when plugged into 230 V. That means this machine 
can run arc on for 3 minutes and then has to rest while still ON for 7 minutes to 
complete the full duty cycle. This ensures the machine does not overheat. When 
welding intermittently, the time at rest will factor into the duty cycle of the 
machine. It’s best to monitor the usage referred to as arc time. 

Other factors like ambient temperature can affect duty cycle. A pretty 
standard temperature duty cycle rating for most machines is between 68-82°F 
(20 to 28°C). If the overheated light comes on more than three or four times in 
the machine’s life, it can seriously damage the machine. Don’t stress about it too 
much, just make sure you are allowing the machine to rest. 

Just a heads up, if you find that you can weld for three minutes straight, you 
may want to think about welding as a profession. 

How does this answer our questions? If you plan on welding a lot, you will 
want a machine that has a higher duty cycle. Most machines with high duty 
cycles will normally plug into 230 V or higher. Do you have 230 V in the area 
where you will be welding? If yes and you are planning a major project after you 
learn how to weld, you may want to consider this type of machine. 

The newer machines today have a lot of new features that allow quick 
transition between 115 V and 230 V. If you have access to 230 V in the work 
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would start small. There are a lot of great 115 V and 120 V machines out there 
that you can do a lot with. 

The next question is how thick you'll be welding for most of your projects. 
The 230 V machines will allow you to weld thicker gauge materials, whereas 
115 V machines start to max out at around 3/16 (5 mm)- to 1/4 (6 mm)-inch-thick 
material. 

Look out for autofeed machines. Autofeed machines are not necessarily inert 
gas welders. The autofeed-only machines are for flux-core wire only and do not 
have a shield gas hookup. Most MIG machines can also use flux-core wire. 

It is not always important to buy the top of the line tool for something you 
won’t use that often. Always research the machines and tools you need before 
purchasing them. If you don’t already have a welder and are looking to buy used, 
make sure you understand how the unit was used. For example, a hobbyist 
welder or a “fix-it-yourselfer” is going to have a lot fewer duty hours on their 
machine than, say, an auto-body shop or fabrication shop. The age of the unit is 
not as big of a factor as the actual arc time the welding unit has on it. The ideal 
used MIG welder is being sold by someone who bought it five years ago to learn 
how to fix stuff and is now selling it because they lost interest and are more than 
likely just trying to clean out the garage. That welder only has a few hours of 
duty time on it tops, and it is going cheap. 

There is always a risk when buy anything used. So before buying a used 
machine, read the chapters that involve the machine. This will give you a better 
understanding of how everything is supposed to work. Look over the machine to 
make sure there isn’t any damage to the terminals or any of the components on 
the inside. Turn it on; if the machine’s fan turns on right away with out any 
struggle that is a good sign. Run some wire through it to make sure the gun liner 
is not kinked and that the wire is moving freely to the gun. Check the ground 
clamp to make sure that the cable is secured correctly. Check the ground clamp 
cable for holes or cuts in the insulation. If the person selling it will let you, put 
your welding helmet on, put a piece of mild steel in the ground clamp, and make 
sure it arcs. Always check the exterior shell for damage as well. 
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Before you buy a MIG, consider how you'll be using it. If you don't plan on using it very often, you can skip the 
top of the line models and choose a more affordable one. 


If you are buying a new welder, make sure it is a trusted brand such as Miller, 
Hobart, or Lincoln. It’s a good idea to talk to someone you know or can trust in 
regards to the quality of a welder you’re considering. There are a lot of welding 
manufacturers out there that don’t have all of the safety features you need. Some 
of the more inexpensive wire feed units on the market today don’t have proper 
shut offs such as electric. When the trigger is released, the filler electrode can 
still arc if the nozzle touches the grounded base metal. This is extremely 
dangerous if you are not wearing the proper protection or if your welding helmet 
is up. If you find a great deal on a new welder, make sure you trust the brand. 

Of course, there are the standard benefits to buying new, such as warranty. 
When buying new, it’s not a bad idea to build a rapport with the closest welding 
sunnlv store. Normallv. the neonle that work at these businesses have an in- 
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depth knowledge of welding, which is helpful if you are not sure which 
consumable products to purchase for your machine, such as contact tips and 
nozzles. 


Fig. 7-12. Construction of the center insulator. 


shown (1'4”) and spread the two wires until they are 90° apart. 
Install the top button and seal the whole area with bathroom caulk. 

If possible, obtain a piece of 1” Schedule 40 pipe which is 15 
feet long. If this cannot be obtained, use one 10-foot and one 5-foot 
section. Position the 5-foot section next to the insulator and join 
the two pieces together by using a 12-inch piece of 1-4” Schedule 
40 pipe and 34-20 bolts. Use aluminum sheet between the pipes for 
a tight fit. Drill and tap the holes at this junction by following the 
same procedure as outlined previously when drilling holes in the 
center insulator. Drill one 7/16" hole approximately 4-5 feet from 
the bottom end of the pipe. This is the exit hole for the coaxial 
cable. 

Cut a piece of RG-8 foam coaxial cable 15 feet long. Strip one 
end as shown in Fig. 7-11. Allow sufficient length of shield to 
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Getting Started 


Now that you've decided to learn MIG welding, the first things you’ Il 
need are a place to weld, the proper safety gear, and of course, the 
right equipment. Safety should always be your first consideration in 
choosing a location. As a welder, not only will you be working with 
extreme heat, but you’ll also be working with compressed gases, 
vapors, fumes, materials, and chemicals that are harmful to you and 
others. A studio absolutely must have proper ventilation, exits, and 
electrical access suitable for the machines you use. 


Your Studio 


Welding is a practice that involves high heat, lots of sparks and spatter flying 
around, and things that can cause fires. It’s not a hobby to start in the home. A 
garage, shed, or some kind of detached structure would be ideal. Masonry 
structures made out of concrete, brick, or cinderblock work the best as long as 
they have good ventilation. Sheds with concrete floors and corrugated metal 
walls are great places to set up a welding shop. 

A garage is also a decent place to set up a small welding area. Normally, 
garages are already fitted with concrete floors, so the rest of your fire prevention 
equipment can be pretty easy to install and not very expensive. Ventilation can 
be provided by simply opening the garage door and directing the air out with a 
box fan. You also have the ability to move your welder outside on nice days that 
aren't too windy. If you have an attached garage, you may want to consider 
using a work shed instead. But if you are set on using the garage, make sure the 
welding area is the furthest distance from the house as possible. 

Y ou don’t have to set up a full metal fabrication shop right out of the gate. A 
6-foot (1.8 m)-square corner should provide enough room to be comfortable and 
get started. If you are in a garage that has exposed wood surfaces or bare studs, 
they should be covered with a flame retardant material such as sheet rock or, 
even better, sheet metal screwed right to the studs. If the floors are not cement, 
they should also be covered with a mortar-style compound such as a flame- 
resistant epoxy mortar. Welding blankets and mattes should never be used as a 
permanent solution to protect floors from fire. These are for temporary 
protection for short projects; they aren't 100 percent resistant to flames. 
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Basements 


produces all sorts of harmful byproducts. Basements don’t normally have the 
ventilation required for a safe welding environment. Also, shielding gas is 
roughly twice as heavy as air. This means that in small, confined areas, it will 
displace the air that you breathe and you will suffocate. Just like drowning in 
water or any other fluid, you will lose consciousness and die. And we don’t want 
that. To make matters worse, whoever sees you on the ground will try to come 
save you, and they might be met by the same fate if the gas hasn't dissipated 
first. So don’t do that. 


Electrical 


The only drawback to a garage is that most household garages are not built with 
220 V-240 V power outlets for larger machines. For the beginner, this shouldn’t 
be a problem because you should be starting with a smaller 115 V to 120 V 
machine, which most garages should be able to accommodate. There are 
machines on the market today that convert from 120 V to 240 V simply by 
changing the plug, so you can always install 240 V later on. 

When making the switch from 110 V to 240 V, have a licensed electrician 
install and upgrade the lines. If not done properly, bad wiring can lead to a 
damaged machine or worse. Always make sure the breakers are a match for the 
machines. 

The location of the outlets is a good thing to consider when setting up a 
welding area. It’s a good idea to start off by putting the welder and the welding 
table in close proximity to the outlets to be used. Multiple outlets may be needed 
depending on the electrical demands of the machine. Welders draw a lot of juice, 
so having a dedicated outlet just for the welder is recommend to avoid tripping 
breakers. If everything is wired properly, this shouldn’t be an issue, but it never 
hurts. 


Ventilation and Lighting 


Ventilation is key to setting up your studio. Not only will you be welding, you 
will also be grinding, cutting, and heating materials. These processes all produce 
different kinds of sparks and vapors that can be harmful, so proper ventilation is 
vital. 

Ventilation and protection from fumes and vapor can be as easy as turning on 
an exhaust fan or opening a door—something that will allow fresh air to flow in 
and circulate the contaminated air out. This can also be achieved by air 
purification or welding exhaust systems on the market. These have a tendency to 


be pretty pricey, so they probably aren't the route to go in right away it you have 
another option, but they're something to consider down the road. A centralized 
exhaust extraction system can also be made with corrugated hoses hooked up to 
an exhaust fan. 

Another method of fume and vapor protection is using respirator masks. 
These masks come in all types of filtration from gases and fumes to light 
particulates. Some manufacturers have masks that can fit under welding helmets. 

Y ou will also want the welding area to be well lit. Chain-hung halogen or 
florescent lights directly above the welding area should be an abundant enough 
light source for welding. You will appreciate a well-lit welding area when 
setting up to begin welding and your lid goes down. The most common 
complaint I hear from my students is that they can’t see anything. Good lighting 
is going to help you set up and get comfortable before starting a weld. 
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After safety, the most important considerations when setting up your work space are your comfort and access 
to your equipment. Here are a couple of potential layouts. 


Studio Layout 


For a small welding area, the layout is pretty simple. Arrange everything in a 
way that it is easily accessed. Arms lengths are great for grabbing a grinder or a 
clamp while still seated at the welding table. A wall-mounted hand tool rack is a 
great way to organize, conserve space, and have everything close by. 

I have old steel filing cabinets for my handheld power tools such as grinders. 
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drawer file cabinet can hold everything you need from protective gear to 
grinding abrasives to extra extension cords. 

The second project in this book is building a welding table. The table I 
designed for you has 1 inch (25 mm) square tube rails to store clamps. You will 
want easy access to clamps as you will need them a lot. Last but not least, get 
yourself a comfortable stool. The best tip any welder can give to a beginner is to 
be comfortable. 

The amount of space will also be determined by what you plan on building 
after you learn to weld. The larger the project—furniture and motorcycle frames, 
for example—the larger the space you will need. But to get started, a small space 
will be fine. 

After you learn to weld, your enthusiasm will grow and so will your 
workspace. Yov’ll start to consider acquiring larger metal work machines, such 
as metal working lathes, benders, and drill presses. As you expand the work 
area, it is best to have more permanent areas for these machines due to their 
weight and size. These machines will also have accessories that will need to be 
stored. Finding or making new storage solutions will have to be determined 
while you decide to expand. You will find that this will happen over a slow 
period of time while you acquire more tools and interests. 

I have moved my shop several times and worked in many different 
fabrication shops, and all of them are all a little different. It really all comes 
down to personal preference, needs, and your level of organization. 
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Be aware of all safety symbols provided by the manufacturer of the equipment 
used, such as these that represent welding helmet, safety goggles, ear 
protection, dust mask, and harmful vapor. 


Safety and Protective Gear 


Welding involves high heat, lots of very hot airborne projectiles, and intense 
light with concentrated rays such as ultraviolet, which can be harmful to your 
skin and eyes. Just like a cook in a kitchen, sometimes you will burn yourself. 
The longer you do metal work, the higher your probability of getting burned. 

The most common way to burn yourself is to grab a fresh weld, not realizing 
how long you've let it cool (or haven’t). I’ve seen beginners do this many times. 
The best thing you can do to prevent burns is to be hyperaware of the 
temperature of the metal that you are welding. When in doubt, check the 
temperature before you touch it by holding your hand about 3 inches (7.6 cm) to 
5 inches (12.7 cm) from the weld and slowly lowering it. If you think it’s too 
hot, it probably is. 


First Aid 


Keep a first aid kit in close proximity to the welding area. A standard first aid kit 
does not normally have burn treatment products. You should include some 
additional burn relief treatments such as burn gel, sterile bandages, and aloe. Or 
you can also purchase a burn kit to supplement the first aid kit. Minor burns can 
be treated by running room temperature or cool water over the affected area for 
several minutes. This will decrease the temperature of the skin and prevent 
further damage. Burn gel, triple action ointment, or aloe with a sterile bandage 
should be applied. Most importantly, if you have any doubt as to the extent of 
the burn, consult a physician. 
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Despite what you might see on TV, sunglasses are not a replacement for a welding helmet. Always wear proper 
safety protection for your hands, face, and body. It only takes a fraction of a second for something to go 
wrong and for you to get seriously hurt. 


Sparks Are Flying 


Spatter can reach great distances. Sparks from grinders and chop saws have been 
known to fly up to 40 feet (12 m) and smolder for up to 30 minutes, causing 
fires. Make sure that there are no flammable materials such as wood, gasoline, 
paint thinner, etc., in the welding area. Keeping a few buckets of water near the 
welding area gives you a great method of extinguishing small blazes quickly. 
Buckets of water are also useful for quenching hot steel. 

Fire extinguishers are ideal for grease fires and other chemical-related fires 
and should be strategically placed around the shop. One should be centrally 
located, mounted to a post or wall between 4 and 5 feet (1.2 and 1.5 m) from the 
ground. Another should be kept within 6 feet (1.8 m) of the welding area and 
should also be mounted to a vertical surface. If the welding area is small, one 
extinguisher will do. Make sure the fire extinguishers are up to date and are 
checked annually. 

Arc welding, which uses high amounts of electricity, can produce electric 


shocks, severe electrical-related injuries, or worse. In MIG welding, the wire is 
the electrode. Most MIG welding machines initiate all the elements of welding 
simultaneously when the trigger is pulled and cancel them when it’s released. 
Following a few basic rules will prevent injuries while using a MIG welder: 


e Never get between the ground and the electrode when the arc is engaged. 
e Never be grounded and pull the trigger near any body part. 

e When clipping the filler wire, step away from the grounded piece. 

e Hold gun handle below the trigger to avoid pressing when cutting wire. 

e Always be aware of the gun in relationship to yourself and the ground. 

e Always wear proper welding protective gear. 

e Insulate yourself from the ground. 

e Don’t weld wet, meaning you or the material. 


If you don’t think you can do it yourself, have any power source and plugs for 
the machine(s) installed and inspected by a professional electrician to prevent 
electrical hazards. I’m more of a hands-on kind of guy, but even I have my 
limits. If you don’t know how to do something in the electrical arena, don’t. You 
can only hurt yourself. Use wire and breakers that are rated for the output of the 
machine. Always read all instructions, labels, and installation manuals before 
installing, operating, or servicing any welding or electrical equipment to prevent 
injury. 


TOP BUTTON FOR 3/4" TUBING 
ALUMINUM CLOTHESLINE i j 


-SILICONE RUBBER CAULK 
3/4”0.D. ALUMINUM TUBING 


Fig. 7-14. Top-hat assembly. 


produce the slack. During assembly, the pipe and aluminum tubing 
will come together across the 4” gap forcing the coax down. The 
slack is needed to prevent bending or damaging the center conduc- 
tor. Impregnate the center conductor and the shield with solder so 
that about 14" of soldered length will protrude from the silicone 
rubber caulk when applied. Apply silicone rubber caulk as shown in 
Fig. 7-11 to seal the cable from moisture. 

Thread the cable from the insulator end to the 7/16” exit hole 
by using a length of wire taped to the cable. Exercise caution in 
taping the cable since the hole does not allow too much clearance 
for the RG-8 cable. 

Figure 7-15 shows the position of the three components prior 
to assembly. Use electrical tape and aluminum sheet wrapped 
around the tubing and the pipe as necessary to ensure a tight fit for 
the center insulator. Cut holes in them for the bolts to pass through 
and smooth all edges so that the center insulator slides smoothly 
over the aluminum tubing and the steel pipe. : 

Slide the center insulator over the aluminum tubing. Verify 
the markings which were made during the drilling to avoid hole 
alignment problems. 

Attach the shield of the coaxial cable to the pipe first. To doit, 
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Here's the safety gear you'll need to get started: A. Muffs (hearing protection); B. MIG 
visor ; D. Steel toe boots; E. Welding helmet (lid or cover); F. Beanie (scalp protection); G. Work gloves; H. 
Safety glasses or goggles: |. Welding jacket 


Protective Gear 


The arc light produces extensive amounts of harmful rays that can burn skin. 
Every 10 to 20 seconds in direct arc light is roughly the equivalent of a half hour 
of direct afternoon summer sun. Protect the skin with long sleeves, long pants, 
and MIG gloves to prevent UV burns. 

MIG gloves can be bulky and cumbersome, but they provide protection from 
intense heat. The longer cuffs protect the forearm skin from arc rays that can 
burn the skin. 

The welding helmet, hood, lid, or cover, no matter what you call it, should 
always be worn at all times during welding. The arc light is very intense and can 
blind you. The lid creates a shield for the entire head and neck to protect you 
from the arc light. It also protects the face and neck from UV burns and spatter. 


When considering eye protection from arc light, one should be aware of the 
rating scale. The DIN is a shade rating of how dark the lens is or will become. 
Depending on the manufacturer or type of lid, the DIN can range from 0 to 13, 


sometimes higher depending on the application. Zero is the equivalent of clear 
safety classes or goggles, and 13 DIN is the darkest transparency to look through 
to prevent flashing the eyes with intense arc light. 


the lens darkens as soon as the arc light hits the photo cells. 


This is a classic single shade (DIN) welding lid. The new autodarkening helmets allow you to set up with the lid 


down 


When T started welding. there were nnlv single shade welding helmets. which 
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were e normally 13 DIN. You would have to get set up before flipping the lid 
down and starting to weld. The single shade helmets are perfectly good helmets, 
just not as versatile. The autodarkening helmets make setting up and staying on 
the weld zone before welding much easier. 

Most welding helmets these days are autodarkening and are equipped with 
photocells. The photo sensitive cells signal the shield to go from the inactive 
shade to the active shade that the helmet is set for. For example, if the inactive 
DIN number is 5 and the active is 12, then when the arc light is detected by the 
photo cell, it changes to a 12 DIN setting in a matter of fractions of a second. 

Most autodarkening helmets have a range of 5-13 DIN and have solar panels 
that feed the power source. The lower DIN shades are used for different 
applications such as plasma cutting, oxy gas cutting, and grinding. When setting 
the helmet, make sure to use the recommended DIN set by the manufacture. I 
normally have my helmet set at 12 DIN unless the voltage or amperage is 
dramatically different, higher or lower. I don’t recommend going lower than 12 
when welding unless the manufacture of the helmet says differently for lighter 
duty applications. 

I don’t care how many times you have seen another welder on TV weld 
without full-face helmet, no gloves, and no skin coverage, this is wrong. Get a 
good lid. Always make sure to use the proper shade shield for the job and make 
sure it is not damaged, cracked, or missing parts that will affect the performance 
or the fit. This book is not going to get into overhead welding, but additional 
protection may be needed for different welding positions. So, if you are a car 
person who intends to weld under a project car, you may want to consider 
additional scalp protection. 

Skull caps or beanies should be worn under the welding helmet to prevent 
your hair and scalp from burning. Most caps are made of flame resistant material 
that will deflect most sparks and spatter. No matter what, scalp protection should 
always be worn unless you enjoy your hair catching fire. 

When considering the torso, leather is normally the way to go. A good 
welding jacket or apron will last a long time. Modern fiber technology for 
welding has come a long way. There are many new protective gear options on 
the market that are more breathable than leather and provide more protection. 
Whatever you choose, make sure it is free of holes and protects the entire torso 
and arms. Welding is not a good way to work on your tan. 

When welding, never wear nonorganic material unless it is specifically made 
for welding. Nonorganic materials such as nylon and polyester catch fire very 
quickly. They also melt into the skin and cause extensive damage. For example, 
most mechanics gloves do not make good metalworking gloves. Normallv. the 


fire very rapidly if sparks or spatter hit them, just as with most tennis shoes. 


I was working at a small foundry/fabrication company several years ago. One 
of my workers decided to wear tennis shoes to work one day against company 
policy. Right before lunch he was finishing up a fabrication job. As he started to 
walk away, he stepped in a coin-sized piece of spatter that was still molten. The 
spatter quickly burnt through the thin sole of his shoe. He was lucky and quickly 
removed his shoe before it could give him a more severe burn. You should 
always wear leather shoes with a good sole. Steel-toe boots are highly 
recommended, especially if you are going to be using heavier materials. There 
are a lot of work boots on the market that also come with metal strips in the soles 
to prevent burns and punctures to the bottom of the feet. 

I shouldn’t have to mention at this point that your legs should be covered as 
well, but I will. Jeans and work pants, such as heavy duck cloth, are the norm. 
Once in a while, normally on the hotter days in the summer, people like to wear 
shorts. UV and spatter doesn’t care that you didn’t cover your legs or how hot it 
is outside. Also, do not cuff your pants. If a larger piece of spatter happens to fall 
into the cuff, then it’s a safe bet that your pants will catch on fire. 

Never wear loose or baggy clothing when grinding. The material from loose 
clothing can catch on to a grinding wheel, binding into the arbor. This can be a 
quick way to get cut badly. 

Metalwork such as welding, grinding, and 
cutting emits a good amount of harmful fumes and 


A gases. Fumes are solid particles that originate from 
metal fabrication methods from the consumables, 
base metals, and any coatings present on the base 
metal such as zinc. Some of the airborne 

alls, particulates can cause nausea, headaches, 
ee dizziness, and other health-related issues. If 
adequate ventilation cannot be maintained, a fume 


extraction machine or respirator mask may be 
used to reduce these harmful fumes. 


Always keep your cylinders chained to the welding cart or to a wall. You don't want a cruise missile going 
through your home. 


Once when I was growing up, my dad took me down to the valley in Flint, 
Michigan, where he worked and where all the automobile manufacturing plants 
were. Earlier that morning there was a small industrial accident. He pointed at a 
large hole in a concrete wall of one of the factories and then at a hole that went 
through a conversion van and then a train car about 50 feet away from the van. 


They happened to line up perfectly. “You know what did that, kid?” he asked. 
“A cylinder of compressed gas fell over and knocked off the valve.” He went on 
to explain how the cylinders become steel rockets if they still have pressure 
when a valve breaks off and they fall. The moral of this story: cylinders have so 
much pressure they will go through a concrete wall and only stop after they hit 
the other side of a train car. Or worse, they can explode. 

When storing cylinders of any kind, flammable or nonflammable gas, make 
sure they are on level ground and secured with a chain or heavy strap to a wall, 
table, or cart. When not in use, always keep the cylinder caps screwed on tight. 
Unless you're looking for a very interesting and dangerous way to add some 
ventilation, always make sure all cylinders are secured. 
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When a cylinder is not in use, the primary valve should be covered with its cap. 


It is also a good practice to separate the flammable gases from the 
nonflammable gases. Chain them up in two different locations. This will prevent 
any confusion when changing out gases. The cylinder valve threadings are 
different for flammable and nonflammable gases, so you don’t have to worry 
about using propane or acetylene as the gas for a MIG welder, but it is safer to 
err on the side of caution. It is also best to keep the flammable bottles further 
away from heat sources such as the welding area. 

If you happen to have a larger shop space, welding carts are great for 
increased mobility. When using any welding cart, make sure that the cart can 
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accommodate the load and has a secure way Of mounting the shield gas cylinaer. 
If working in a smaller space where the welder is going to be stationary most of 
the time, make sure that the shield gas cylinder is secured to a wall or heavy 
table. 


See 
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Keep flammable gas cylinders separate from nonflammable gas cylinders. 
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You should always read all instructions, labels, and installation manuals 
before installing, operating, or servicing welding or electrical equipment to 
prevent injury. 

So, I have covered the basics. If you have more concerns in regards to 


drill and tap a 14-20 hole in the pipe about %” from the end, as 
shown in Fig. 7-11. Screw a 14-20 bolt from the outside of the pipe. 
Secure the shield to the bolt inside the pipe with a nut. Tighten the 
nut. Cut the bolt flush with the outside of the pipe wall. 

Bend one edge of aluminum tubing and drill a 10-32 clearance 
hole in the bent section, as shown in Fig. 7-11. Attach the center 
conductor to the tubing by using 10-32 hardware. 

Slide the aluminum tubing until it butts against the pipe. If the 
slack in the shield is of correct length, the two pieces should butt 
without any problem. If they do not butt properly, more slack in the 
shield will be required. 

With the two sections butted, slide the whole antenna until it 
rests against a wall or other stationary object. Slide the center 
insulator over the pipe until the mounting holes are in alignment. 
Secure the insulator to the pipe by using 14-20 x Ye bolts. Gently 
slide the aluminum tubing out of the insulator until the mounting 
holes are in alignment. Secure the insulator to the tubing using 
14-20 x 2 bolts and nuts. 

Install the antenna in a 1-42” pipe, 5 feet long, which is driven 
into the ground to a depth of 4-% feet. Small stones are dropped 
into the pipe to limit the depth of insertion. Aluminum or hardware 
shims are used to hold the antenna in place. 

A ground radial system is needed for optimum performance, 
especially on the 80- and 40-meter bands. I have five radials, each 
33 feet long, and I plan to install eight more. As with every vertical 
antenna installation, a low ground resistance is necessary for good 
performance. Á high ground resistance (few or no radials) results 
in high power losses because the ground resistance is in series 
with the radiation resistance of the antenna. 

For this installation, I attached the ground radials to the 1/2” 
buried pipe. I grounded the antenna to the pipe by using a Y.” x Ys” 
aluminum grounding strap. 
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Fig. 7-15. Assembly of the elevated-feed antenna. 
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welding safety, please feel free to reference the American Welding Societies 
web page at www.aws.org. They have an extensive free library of safety sheets 
that can come in handy when in doubt. 


Equipment and Tools 


Basic welding and metalworking doesn’t require going out and buying lots of 
different equipment and tools. Even though there are a wide variety of tools for 
metalworking, there are only three simple things that you will need to get 
started: a MIG welder; a 4 1/2-inch (11.4 cm) angle grinder; and a metal-cutting 
chop saw. That’s it. Learn to use these three tools properly and you can build 
nearly anything. In time, as you grow your knowledge of metalworking, you can 
add to your arsenal of equipment as you explore different methods of building. 

Fabrication always follows the same steps: Design—Measure—Cut—Prep— 
Tack—Weld—Finish. The design and measuring can be considered part of the 
cutting step. You never cut anything without knowing the length. Since the 
finish is subjective and is chosen by the fabricator, the mantra that will echo 
through this book will be “Cut—Prep—Tack—Weld.” Cutting will be done for the 
most part by a chop saw, Prep with a grinder, and Tacking and Welding with a 
MIG welding unit. 


projects in this book. 


When setting up or changing the disk on a chop saw, follow the recommended safety steps from the 
manufacturer. Always remember to unplug the saw before changing the disk or clearing debris from the 
guards. 


The Chop Saw 


Fabricating in metal is as simple a concept as cutting and pasting. It’s just on a 
much heavier, more industrial level. For the cutting aspect of fabrication, we will 
be focusing on the chop saw. A metal-cutting chop saw is specifically designed 
for straight and angled cuts. Unlike the miter saw (its woodworking counterpart), 
the chop saw is limited in its ability. Miter saws have more options for cutting 
angles, but should never be used for metalworking. 

There are many other methods for metal cutting, sanding, grinding, bending, 
and shaping—methods using tools such as band saws, plasma cutters, press 
breaks, and shears—all of which have their place. You can spend a lot of time 
and money developing a full-scale metal fabrication shop. If you already have 
some of this equipment, that’s great, but I wouldn’t start there. 

Whatever machine you decide to use, make sure it is specifically designed for 
metal. Cutting and sanding metal produces high heat that can actually melt 
components in non-metalworking equipment. The speed of the blade, the power 


of the motor, and the components used to build a metalworking machine are 
designed for friction, high heat, and metal dust. Using wood-only machines on 
metal can cause damage to the device and cause serious injury to you. 

For our purposes, a consumable blade chop saw will work just fine. A 
consumable blade chop saw is just that: the blade is made from a composite 
material, normally aluminum oxide reinforced with fiberglass, which consumes 
itself as it cuts. Metal -cutting chop saws can also come with metal blades that 
cut cleaner and with more accuracy. They also tend to be twice as expensive as 
their consumable blade counter parts. Even though these machines are very nice 
to have in a metal shop, this is not the place I would recommend starting. 

When using a chop saw, understand that these saws will not cut as quickly as 
a standard miter saw cuts through wood. You will want to be aware of how 
much pressure to put on the metal as it cuts. Not enough pressure and it will 
produce more heat and take much longer to cut. Too much pressure and you can 
overwork the motor. This can lead to stoppage of the blade or damage to the 
motor. When in doubt, listen to the machine. If it sounds like it’s whining and 
working too hard, you are probably putting too much pressure on it. 

The chop saw is a great tool for cutting bars and tubes with straight or angled 
cuts. This is a good machine when fabricating furniture or anything that has to 
be framed out. 


Setting up the Chop Saw 

Right out of the box, the chop saw is relatively simple to set up. Most of the 
time, you’ ll only need to assemble the fence and attach the blade. Always leave 
the saw unplugged before you install a blade. Pull back the lower guard and 
secure it in the up position with a pair of clamps. Using the provided arbor 
wrench, hold down the arbor lock and unscrew the arbor nut. Slip the blade 
under the upper plate guard in order to position the blade on the arbor. Make 
sure that all of the flanges and spacers are assembled properly. 


lo CHANGING THE CHOP SAW BLADE 

yS 

After you've used a blade or two, there will be a lot of debris inside the upper 
plate guard. When you put a new blade in, stay at arm's length from the saw 
and let it run for a few seconds to knock out all of the metal and old blade 
remnants. You should be wearing eye protection and a mask or respirator. 
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It's easier to access the arbor nut when the front guard is clamped back. 


Hold down the arbor lock (located on the opposite side of the nut) and unscrew the nut with the wrench 
provided by the manufacturer. 
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Remove any metal debris or buildup from the inside of the guard before you replace the disk. 
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Before you replace the arbor nut, make sure the collar and flange assembly are lined up correctly with 
the arbor. 
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When tightening the nut, make sure the disk is flush to the back flange. If it is off, the disk can wobble 
when in motion. 
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Grinders have a wide variety of disks and attachments for cutting, grinding, polishing, and finishing. Never 
place a grinder face down on a surface. 


The Angle Grinder 


The angle grinder is one of the most common tools in metalworking and one of 
the most diverse. The angle grinder can be used not only for grinding, but also 
cutting, sanding, shaping, and polishing. These versatile little machines have a 
wide variety of different disks for all of these purposes. They also come in many 
different sizes. We are going to be using a 4 1/2-inch (11.4 cm) angle grinder for 
cleaning and preparing our metal before welding and also to grind down some of 
our welds. 


Tuning Unit Construction 

The schematic of the tuning unit is shown in Fig. 7-8. The unit 
is installed next to the antenna, but not grounded to it. It is 
grounded only to the shield of the coaxial cable. 

I constructed my tuning unit on a piece of plexiglas 
7-¥2"x16-2" and mounted it inside a watertight cabinet. Since I 
had enough air-variable capacitors in my junk box, I decided to be 
extravagant and use separate C2 and C3 air variables for the 
15-meter and 20-meter bands. 

One word of encouragement: The construction of this unit is 
not complicated. The cost to build it need not be high. I obtained all 
the parts and the cabinet for about six to seven dollars at two 
hamfests held in my local area. The real bargain find was an old 
Army surplus tuning unit which was priced at $5.00. This unit 
yielded two air variables, the coil, and the enclosure. To those of 
you reading this article who have not been to a hamfest, my advice 
is to go to one! It is lots of fun plus being a place for some real 
bargains. 

Once the tuning unit is built, connect it to the coax feeding the 
antenna and to the transceiver placed next to the unit. Follow the 
procedure below to obtain tap points for your coil. 


Tuning Procedure Using SWR Meter 

(1) Connect the swr meter in the line between the tranceiver 
and a dummy load. 

(2) Tune the transceiver as usual for maximum output on the 
80-meter band. Adjust the swr meter sensitivity for a full-scale 
forward power indication. 

(3) Do not change any of the transceiver or swr meter set- 
tings. Switch the swr meter to read reflected power. 

(4) Disconnect the dummy load and connect the tuning unit in 
its place. 

(5) Using the turns ratio in Fig. 7-8 as a guide, connect the 
appropriate wires to the coil using alligator clips or equivalent. 

(6) Position all tuning unit switches to 80 meters and adjust all 
air variable to minimum capacitance. 

(7) Watching the swr meter, place the transceiver in the 
transmit mode. The swr meter may show anything from an off- 
scale reading to an swr of 1:1. 

(8) Not changing any of the settings on the transceiver or the 
swr meter, note the swr reading. Place the transceiver in the 
standby mode. 
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Sparks will always fly in a clockwise direction 90 degrees from the point of contact in relation to the arbor 
(center of the grinder head). 


An angle grinder got its name for two reasons. The first is that this machine 
allows you to hit multiple angles in three-dimensional space, which allows for 
any number of angles for chamfers or bevels on a piece of base metal or to get 
into hard-to-reach areas. The second reason is that it is actually necessary to hold 
the grinder at an angle to prevent grinding on the arbor. If you are not at the 
proper angle to clear the arbor, you are just grinding metal-to-metal and possibly 
damaging the machine. 

The disk on a grinder is always moving in a clockwise direction, normally 
indicated by an arrow at the top of the head. This is good to keep in mind, 
considering the majority of the sparks will fly in a clockwise direction 90 
degrees from the point of contact in relation to the arbor. So, if you draw a line 
from the point of contact to the arbor and then draw a right angle to the right of 


the contact point, that will be where most of the sparks will go. A small amount 
of the sparks will follow the wheel. Knowing this will allow you to direct the 
sparks away from people or things that have the potential to catch fire. 
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Angle grinders got their name because their exposed wheel allows you to hit pretty much any angle. The 
grinder needs to be held at a minimum of 15 to 30 degrees to keep from grinding on the arbor or arbor nut. 


Keep a firm grip on the handle and body of the grinder. Keep your angles consistent. And as with all power 
tools, never take your eyes off of what you are doing. 


> Grinder Safety Tips 


e On the top (or back) of the grinder there is a flat landing right where the 
head and block meet. When you are done grinding, a/ways place the grinder 
upside down on this flat landing; this is what It is designed for. 


e Never put a grinder face down on its belly. If you place it face down while 
the machine is still on, it can speed away and hurt someone or cause damage 
or speed towards you and hurt you. This can also happen if you accidentally 
turn the device back on while it is face down. Setting it down on its belly can 
also crack the disk. What happens when you turn it back on? The disk blows 
up, throwing shrapnel chunks of grinding disk everywhere, hurting you and 
anyone else in the room, and causing damage to the machine and anything 
else in the path of the debris. 


e Always use the blade guards. Not using the guard Is also more than likely 
against the safety guidelines in the manufacturer's owner manual. Without 
guards, angle grinders will spray more sparks in more directions, so you make 
up your own mind. You have been warned. 


e While the grinder is not in use and properly at rest on its back, you can 
inspect the blade of a consumable disk for any damage or cracks that may 
lead to the shrapnel scenario mentioned above. This device is very easy to 
use but If you dont respect it, it can do a lot of damage. Remember to wear 
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It is never a good idea to point your fingers when using an angle grinder. I 
know that may sound obvious, but sometimes when people re-grip the grinder 
they aren’t thinking of where the blade is in relation to their hands and off comes 
a finger. Another good practice for keeping your fingers intact is to never move 
your hand past the block. The block is the bulky part of the body near the head. 
This acts as a stopper to prevent you from putting your hand on the moving disk. 
If you accidentally jam a finger under this part of the grinder, it will quickly sand 
through your glove and burn you or remove your index finger. 
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Be aware of your hands and the position of the disk at all times. Keeping your fingers intact is a good thing. 
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Here are some of the commonly used attachments for an angle grinder: A. Synthetic rust and paint removal 
disk ; B. Braided cup brush; C. Flap-disk (available in a wide range of grits); D. Aluminum oxide cutting disc; E. 
Fine wire brush; F. Grinding or stone disk 
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Don't apply too much pressure; it's best to let the grinder do the work. Keep the cut point in the bottom front 
quarter of the disk. 


Setting up the Grinder 


The setup process is very similar to the chop saw. It also has an arbor lock and 
wrench that you will use to release the arbor nut. Hold down the lock while 
using the flange wrench to remove the nut. Leaving the lower flange on the 
arbor, place the disk on the arbor with the correct side up. Replace and tighten 
down the nut. 

There are many different types of disk that can be used. The three types that 


we will be using most throughout this book are the grinding disk, cut-off wheel, 


nn tha £1 nr Ainle- Th anna nnn pa Ee ay ieee a tern nn FUÉ minlesn Fan Ai AA matala T'an 


di UIC Hap UISK, LHC dle ULLECLELL LY PES UL UISK5s LUL ULLLELELLU M1ELd1S. FUL 
carbon steel, an abrasive should be an aluminum oxide type disk. There is no 
need to break the bank on zirconia, zirconia alumina, or other composites if 
yov’ll just be grinding on mild steel. 

Metal sanding and grinding grit is the exact same as the woodworking scale 
of abrasives: the lower the number, the larger the granules. For example, a 
grinding disk, or stone as it is sometimes referred to, is normally a very low 
number grit, around 18. This is a very large grain that will remove a greater 
amount of material very rapidly. The finish with lower grit abrasives will be 
coarse. A 120-grit flap disk will remove material more slowly but have a much 
smoother finish. The higher the number, the smoother and shinier the metal 
becomes. You can bring metals up to a mirror shine by increasing the grit 
number and method of grinding and polishing. 

A good disk to use for metal prep is a 60-to 80-grit. This will clean off all the 
grease, rust, dust, dirt, oil, and mill scale from the steel to prepare it for welding. 
For the projects that we are doing in this book, most of the cutting for the 
tubes and bars will be done with a chop saw. Sheet metal will be cut with a 

grinder using a cutting disk. 

When cutting with a grinder, always securely clamp the material. During 
cutting, make sure the disk spins into the direction of the cut. Always use the 
bottom front quarter section of the disk; if the disk starts cutting more toward the 
top of the disk, it will want to kick. Let the blade do the work; it doesn’t require 
a lot of pressure to cut. 


(9) If the swr was high, adjust the taps on the coil and repeat 
steps 7 and 8. If the swr was low (swr meter deflection is Y-% 
scale, equivalent to an swr of about 3:1 to 5:1), leave the taps alone 
and adjust the air variable for an swr of 1.3:1 or lower. 

(10) Repeat steps 7 to 9 until the swr of 1.3:1 or lower is 
obtained. Record all settings for future reference. 

(11) Repeat this procedure for the other bands. 

The procedure is designed to obtain the best possible match 
by adjusting the turns on the coil first. Once this is accomplished, 
air variables are used to reduce the swr still further. Always adjust 
one component at a time and fight the temptation to tinker with 
knobs. It took me two days to learn this lesson. 


Connecting the Antenna to the Shack 


After installation and tuning, connect the antenna to the shack 
by using buried RG-8 coaxial cable. Install the lightning protection 
system as shown in Fig. 7-7. It consists of a coaxial lightning 
arrestor grounded toa 5'-6' ground rod, followed by the turns in the 
coax. Tape the arrestor well with electrical tape to prevent mois- 
ture damage. 


Performance 


The theoretical performance calculations were hammered out 
with N9CR during various coffee breaks. He has a newly installed 
three-element tribander atop a 60' tower. We chose to compare the 
relative merits of the elevated-feed vertical antenna to those of the 
beam 60 feet in the air. 

Theoretical data for this comparison came from The ARRL 
Antenna Book and P. H. Lee's book, The Amateur Radio Vertical 

Antenna Handbook. The summary is presented below. We chose 
the 20-meter band for this comparison. 

A three-element beam 1 A above ground has a vertical pattern 
consisting of two lobes. Only the lower lobe is good for DX. It has a 
horizontal beamwidth of about 60° (—3-dB points) and a vertical 
beam width of about 15° in the lower of the two lobes. Judging by 
the published patterns, we assumed that the power going into the 
antenna is divided equally between the two vertical lobes. 

The beamwidth of the elevated-feed vertical antenna on 20 
meters is approximately 20° in the vertical plane. Since it is 
non-directional, the horizontal beamwidth is 360°. 

For DX operation, the spherical area illuminated by the beam 
is 60° x 15°=900 “square degrees.” The spherical area illuminated 
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Have everything you need out and ready to go. 


The Welder 


Most MIG welders that a hobbyist or beginner welder would buy are all pretty 
much the same. The standard housing contains the drive motor for the wire 
feeder, the power source, and other components that help control the machine. 
The components that you will need the most understanding of are the day-to-day 
maintenance parts, such as the MIG gun, or weekly and monthly maintenance, 
such as how to load the wire spool. 

The gun, or torch as it is called, is the handle piece of the equipment where all 
three components for welding exit to create a weld. I sometimes call it the stick. 
Normally, the assembly for the gun is pretty straightforward. The gun consists of 
the gun handle, weld trigger, contact tip, nozzle, and the shielding gas diffuser 
ports. 
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This is the contact tip and nozzle for the gun. These are consumable products and will need to be changed 
periodically. 


All of the elements of welding initiate at the same time when the welding gun 
trigger is pressed and held down. The filler wire will feed through the tip, the arc 
will form at the tip of the filler wire (which is also the electrode), and the 
shielding gas will flow from the diffuser ports to create a pure environment for 
the arc to exist. The nozzle directs the shield gas over the tip and then over the 
arc. 


The distance the filler wire comes out from the contact tip is referred to as the "stick out.” The stick out should 
always be 3/8 inch (9 mm) while welding. 


Right out of the box this gun is simple to set up. Most guns will only have 
two pieces that you will need to attach, the tip and the nozzle. Screw the tip in to 
the threaded adapter opening at the face of the shielding gas ports. Make sure 
that the tip size is the same as the welding wire used. For example: if the wire is 
0.030 inches (0.762 mm) in diameter, make sure that the tip is clearly marked 
with a 0.030 inch (0.762 mm) stamp. You will also have to make sure the 
threading of the tip matches the gun (this will vary depending on the 
manufacture). After the tip is secure, connect the nozzle over the tip and onto the 


gun neck. Nozzles can be a screwed in or have a pressure fitting, also depending 
on the manufacturer. The tip should be even with the nozzle’s face. As you 
develop a better understanding of the MIG process, you may prefer to have the 
contact tip sticking out of the nozzle face about 1/8 inch (3 mm) or so. This is 
fine, but don’t go too much past that distance. 


This is the inside of a fully assembled MIG welder. A. Spool of filler wire; B. Positive and negative terminals; C. 
Tension adjustment knob; D. Tension arm; E. Drive wheel; F. Opening to gun liner. 


Now that the gun is assembled, it is time to connect the hose and ground. 
Connect the hose first by pushing the feed connector end of the hose into the 
receiving port on the housing. Make sure the fitting is all the way in. If the 
connector is not in the port securely, the machine will not have enough of a seal 
for the shield gas hose. After this has been secured, tighten the screw that fixes 
the connector into place. 

The ground normally will come already connected to the machine. If it is not, 
feed the ground through the ground port receiver and secure the ground cable to 
the ground terminal. This is also a good time to make sure the machine is set to 
the correct current. Solid wire carbon steel welding requires a DC+ connection. 
This is an adjustment that would need to be made to the positive (+) and 
negative (—) terminals, normally right above the wire feed drive assembly (unless 
the welder is a top feed machine in which case it would be below). Sometimes, if 


you purchase a used MIG welder, it may be set for flux-core welding (which is 
DC-). This can cause problems when welding with solid wire. Other steps may 
need to be taken to ensure the uses of the proper voltage such as switching the 
positive and negative terminals. Smaller machines will normally be single-phase 
120 V or 230 V; check with the manufacturer to make sure the unit is connected 


properly. 


prevent it from unraveling. 


You’re almost there! It’s time to feed the wire through the wire feed 
assembly, gun liner, and gun. Before doing so, inspect the wire feed roller to 
make sure the groove is correct for the wire size. The feed roller can have 


multiple grooves for different diameter wires. If the groove does not correspond 
to the wire, it can have the wrong effect; too big or too small and the roller will 
not have enough bite and will slip over the wire. 

There are two types of wire that are commonly used for mild-steel welding. 
ER70S-3 is an all-purpose type of filler wire that is great for everyday use, and 
ER70S-6 wire is higher in deoxidizers for welding on rusty or dirty steel. Most 
of the wire sold in home improvement stores is ER70S-6. 
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It helps to straighten the wire before you feed it. 


Release the tension knob and lift the tension arm up. Now listen, this is 
important. This is also something most handbooks don’t tell you. The spool of 
mild steel filler wire is essentially a spring. As soon as you cut the wire away 
from the spool it’s going to want to unravel. Before or after putting the spool 


into place, make sure to hold down the wire and hold the spool in place with one 
hand. The wire needs to be secure at all times. If it is not, it will spring out 
quickly and unwind. If this does happen, you will spend a lot of time winding it 
back onto the spool or cutting a lot of wire away (which is wasteful). 
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Feed the wire through the guide, over the drive wheel, and into the gun liner opening. Feed the wire a few 


inches into the gun liner. — 


Hand-cut the wire away from the spool with a pair of wire snips. Once you 
have cut the end away from the spool, grab the wire securely and feed the wire 
through the wire feed drive assembly. You may need to straighten the wire 
before feeding. 

Feed a few inches (5 to 8 cm) into the gun liner (hose) and lock down the 
tension arm; then turn on the machine. Set the wire feed to about 30 or 40 
percent, which is normally about a number 4 to 7 setting on the wire feed dial. 
Pull the gun trigger to allow the filler wire to feed all the way though the hose. 
Keep the gas off and the voltage turned all the way down. Make sure the gun’s 
contact tip is away from the ground to prevent unwanted arcing. 
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Fig. 7-16. Antenna layout. 


by the elevated-feed antenna is 20°x 36% = 7200 “square de- 
grees.” The power gain of the beam relative to that of the 
elevated-feed antenna can be calculated theoretically as: 
Gain (dB)=10 log P/P, 
10 log 7200/900 
9.03 dB over elevated feed 


Because only half of the power (3dB down) goes into the 
“useful lobe,” the actual gain that the beam realizes over the 
elevated-feed vertical antenna is 9.03 dB —3.0 dB=6.03 dB, or 1 
S-unit. 

On the air, the antenna performed beautifully for DX on 28 
MHz and 21 MHz where the radiation is at low vertical angles. On 
14 MHz, the antenna performed very well over the United States 
and Canada, and fairly well for DX. On 7 MHz and 3.5 MHz, the 
antenna lays down a strong ground wave; I had very good signal 
reports from stations 30 and 40 miles away. Many fine 80- and 
40-meter QSOs were also had with stations as far as 800 miles 

away. 
A TRIBANDER FOR THE ATTIC 


Figure 7-16 illustrates the layout for a small 21’-long attic. If 
you are fortunate enough to have a longer attic, by all means install 
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Lock down the tension arm with the tension adjustment knob. Make sure to hold down the wire at all times 
while putting the spool into place and tightening the screw. 
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To set the tension properly, put a 90 degree bend in the wire so it points outwards and mirrors the gun neck. 


Once you see the wire come through the tip, release the trigger. You may 
need to make an adjustment to the tension using the tension knob. Too much 
tension will overwork the motor, causing it to feed improperly; not enough 
tension will cause the wire to slip or not allow the wire to feed at all. 

It’s possible that the contact tip could obstruct the wire from feeding all the 
way, and it may be necessary to remove the contact tip from the gun in order to 
feed the wire. After removing, press the trigger until the wire is exposed; then 
feed the tip over the wire and secure the tip back into position. Turn the welder 
off while re-securing the contact tip. 
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Double check to make sure the ground clamp is not attached to your surface. 


To set a good tension for the wire feeder, first set the tension knob to zero. 
Set the wire speed for half the capacity of the machine’s wire speed output; for 
example, if the machine has a maximum 100-feet (30.5 m)-per-hour setting, set 
the wire speed for 50 feet (15.2 m) per hour. That should be a good average wire 
speed to properly set the welder. Feed 2 inches (5 cm) of wire out of the gun. 
Using your finger, put a 90-degree upward bend in the wire. At this time you do 
not need the gas or the voltage on. Turn the gas valve off and the voltage all the 
way down. 
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Press and hold down the gun trigger. Adjust the tension until the wire can form a 3 inch (7.6 cm) loop with no 
problem. 


Place the bend of the wire onto an ungrounded surface, holding the gun tip 1 
inch (2.5 cm) from the surface at a 30-degree angle (or at an angle where the gun 
handle is parallel to the surface being used). Again make sure the ground clamp 
is away from the gun and not clamped to the surface of the table or use a piece of 
wood for the surface test. We do not want an arc! Pull the trigger. If the wire 
does not feed, release the trigger and add tension with the tension knob. Repeat 
this process until the wire is feeding smoothly and not getting hung up. This may 
take a few times to get a good consistent tension. The wire should flow freely 
and also have the ahilitv ta create tioht lnnns ahaut 3 inches (7 6 cm) in diameter 
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with the wire. 


Pound-force per square inch (Lof/in) is also commonly referred to as pounds per square inch (psi) or 


kilogram-force per square centimeter (kgf/cm?) and is always the pressure of a compressed gas. Cubic feet per 
hour (CFH), or cubic meters per hour (CMH), is always the flow of the pressure going through the regulator. 


Next is connecting the shield gas cylinder to the machine. Before screwing in 
the regulators, open the cylinder knob for a second to knock out any dust or 
debris that my have collected inside the fitting. Use Teflon tape on the regulator 
threads to seal the fitting before screwing it into place. Don’t overtighten this 
fitting; you want a fit snug enough to create an effective seal while also allowing 
you to release the fitting when the tank is spent. Repeat this process for the 
fitting on the machine. It should be snug but not tightened down too much. Open 
the cylinder knob all the way and then turn back one half to one full turn. This 
will ensure the shielding gas is flowing through the regulator smoothly. To 
check the seal, use a cup of soapy water and a small paintbrush or a spray bottle 
to coat over the connections. If tiny gas bubbles form in the soapy water on the 
connection, repeat the process until the fittings are completely sealed. I prefer to 
orient the regulator gauge faces at an upward angle so I have clear vision of my 
pressure gauges. After everything is set up, wipe off the soapy water. The 
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Manual Setup 
| Refer to chart below to select Volta: 


Speed based on thickness of metal 
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Most MIG welders will come with a chart or have the dials with indicators to help you set the voltage and 


wire speed correctly. 
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Set the whole system to the thickness of the metal. 
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Set the wire speed and voltage dials to the proper position for the thickness of the metal you are going to 


segments C, D, and E horizontally in the same plane as A and B for 
aslight, but measurable, gain of approximately 1 dB on 40 meters. 
Test equipment required to optimize this antenna on your favorite 
frequencies on each band consists of a grid-dip oscillator and swr 
bridge. If you do not have a GDO, just follow directions, as both the 
first and second traps are high inductance/low capacitance units 
with resultant wide bandwidths. 

The antenna segments with traps are resonant as follows: 
Segment A is resonant on 10 meters, segment A+B+C on 20 
meters, and segment A+B+C+D+E on 40 meters. 

Trap L1/C1 is parallel resonant at 28.7 MHz, offering a high 
impedance and thus isolating the rest of the antenna at 10 meters 
and providing a loading inductance for shortening the 20- and 
40-meter segments. Trap L2/C2 is parallel resonant at 14.2 MHz 
and presents a high impedance, thus isolating the rest of the 
antenna at 20 meters and providing a loading inductance for short- 
ening the 40-meter segments, D and E. 


Construction Detail 


L1 is a 3-inch length of %” diameter broomstick using 5 feet of 
no. 16 double cotton-covered (DCC) copper wire space-wound 
with 19% turns as shown in Fig. 7-17. No. 16 DCC copper wire 
should be used if available, but ordinary bare bus wire may be used 
if you carefully wind and space the turns on L1 and L2 to ensure that 
there are no shorts. C1 is a 10%-inch length of no. 18 zip cord. 
Grid-dip L1/C1 and adjust to 28.7 MHz. L2 is a 6-inch length of 7%” 
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Fig. 7-17. Coil L1 details. 
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weld. 


For welding, the machine will always be set for the thickness of the metal to 
be welded. A MIG will have two knobs to set. One will need to be set for the 
voltage, which will determine the heat or intensity of the arc. The other is the 
rate at which the filler material will feed from the gun tip into the weld zone. 
Most machines will have a chart that you will need to follow to determine the 
proper voltage and wire feed settings for the specific thickness or gauge (ga) of 
metal. 

Besides the thickness of the metal, there are a few other things that will 
determine the settings of the machine. These components are normally constant, 
and you probably took notice of them while setting up the welder. This includes 
what the machine is plugged into, whether it is 120 V or 230 V, and the size of 
the filler wire, most likely 0.030 inches (0.762 mm). 

On your machine, you will find a chart that shows the proper wire speed and 
voltage combinations to use while welding. Most charts will have a line that will 
begin with the type of metal to be welded on and then the gas set up, wire size, 
and the proper combination below the gauge to be welded. 

For example, to set the machine to weld 16 ga steel using 230 V, in this chart, 
it indicates steel, the gas mixture, and type of wire and size. You follow the chart 
over to the 16 ga for 230 V, and the setting is 3.5/45. The 3.5 is the voltage 
setting and 45 is the wire speed setting. Now set the knobs accordingly. 


There are four items you should always have around your MIG: A. Spatter protection (tip dip); B. Stainless steel 
wire brush; C. MIG pliers; and D. Soapstone. 


The shield gas pressure is very important. As you will notice, the regulator 
closest to the gas cylinder reads in pound-force per square inch (Ibf/in”) or 


kilogram-force per square centimeter (kgf£/cm*”). This measurement is also 
commonly referred to as pounds per square inch (psi) and is the pressure of the 
cylinder indicating the amount of gas left. The outside regulator, normally the 
one to the left, indicates the output pressure that will go through the gun liner 
and out the nozzle. Just like the machine, this should be set in accordance to the 
material thickness, normally between 20 cubic feet per hour (CFH) (0.57 cubic 
meters per hour, or CMH) to 30 CFH (0.85 CMH). If you're welding on very 
thin gauge material, such as an auto body, you will want the pressure to be low, 
around 20 CFH (0.57 CMH). Car bodies are amazingly thin metal; if the output 
CFH (or CMH) is too high, you can still burn holes through the steel even if the 
machine is set properly. Inversely, if welding on thicker materials, more gas is 
required. The max thickness of a machine will normally require the flow to be 
30 CFH (0.85 CMH). Even though the scale of the flow regulator reads high, too 
much shield gas can also be problematic as it can push molten metal out of the 
weld zone. 

To understand this concept better, think of it this way: the thinner the 


material, the less time and distance you can draw out a bead. For thinner material 
such as auto body, a bead cannot even be made. It is more of a series of tack 
welds in order to spread out the heat to prevent warpage and burn though in the 
material. The thicker the material becomes, the more time or length of the bead 
that can be created. 


> Always Within Reach 
Whenever you are operating a MIG welder, keep these items close by, as you 
will need them for every welding task. 


MIG PLIERS OR MIG SNIPS: These can be used for a lot of different reasons, 
but the primary purpose for them Is to cut the filler wire so that the electrode 
stick-out is at the ideal 3/8 inch (10 mm) length. MIG snips are normally 3/8 
inch (10 mm) thick, so when the wire is cut, the stick-out is perfect. 


SPATTER PROTECTION: What | like to call tip dip or nozzle dip, this is a 
petroleum gel that protects the contact tip and nozzle by preventing spatter 
from fusing to them. Too much spatter buildup on the inside of the nozzle and 
on the tip can create a conductive metal bridge that will allow the nozzle to 
double arc, which is when there are two arcs, one at the tip of the electrode 
and the other at the edge of the nozzle, normally fusing the nozzle to the base 
metal. It also obstructs the shield gas from flowing freely through the nozzle 
and then over the arc. 


STAINLESS STEEL WIRE BRUSH: | can't stress the importance of always 
welding on raw, clean metal. In between a series of tacks or between welds, 
the burn off should always be removed with a stainless steel brush. This is 
proper maintenance for welding. Brushes should always be stainless steel. 
NEVER use one brush for all metals. Always have a separate stainless steel 
brush for each metal type. It is best to label them according to the metal they 
are used on such as carbon, stainless, and aluminum. Cross contamination 
from metal to metal can cause big problems when welding. 


SOAPSTONE: This is great for marking the surface of steel because It is non- 
inclusionary, meaning it won't get into the weld and cause any problem to its 
integrity. 


Other Cutting Tools 


There are all kinds of ways to cut metal. In this book, we are really only going 
cut with chop saws and angle grinders, but I thought I would let you know of a 
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For the most part, the average beginner or hobbyist isn’t going to go out a buy 
a hydraulic sheer or industrial metal-cutting band saw. These kinds of metal- 
cutting machines are used when milling and fabricating on a much more 
industrial level such as manufacturing. Computer Controlled (or CnC) cutting 
machines—such as water jet, plasma, or laser—create beautiful cuts in all sorts 
of shapes and designs. Some CnC machines, such as CnC mills, allow the 
operator to create things in three dimensions. CnC mills have the ability to take a 
three-dimensional digital file and mill away the material, such as an aluminum 
billet, to create things like engines and custom parts for motorcycles, cars, and 
aircraft. 

Machines of this size and expense really aren’t available to the individual. So 
how would one go about getting a straight cut on a piece of sheet metal or 
cutting shapes? 


Oxygen-Acetylene Torch 

This is a method that has been around since the beginning of the twentieth 
century and is still used today for cutting thicker materials. Oxy-acetylene 
torches use oxygen as a fuel to increase the heat created from the combustion of 
the compressed gas acetylene, creating a stream that exceeds 6000°F (3316°C). 
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When cutting with an oxyfuel torch, it is necessary to wear proper safety gear. Eye protection should have a 3 
to 6 shade DIN. 
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Here is an oxy-acetylene torch setup chained to hand truck. All cylinders need to be chained to something for 
safety. If a hand truck is not available, chain the cylinders to the wall or stationary table. 
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have leaks and will need to reseal the connections. 


Having the ability to not only cut steel but to weld, heat, solder, and braze, 
makes the oxy-acetylene setup very versatile. Although it is limited in its ability 
for welding, it makes a great cutting tool. Oxygen can be combined with other 
gases such as propane and MAPP gas for the same purpose. The oxy-acetylene 
flame burns between 5600°F and 6300°F (3093°C to 3482°C), which is the 
highest temperature of any of the oxyfuels; this allows it to cut through most 
metals. 

Since the oxyfuel torch doesn’t require any electricity, it’s great for onsite 


work. It has a high cutting capacity that makes it commonplace on work sites 
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The oxy-acetylene setup requires a cylinder of compressed oxygen and 
acetylene. Both tanks require regulators for a pressure reading in Ibf/in”, or psi 
(pounds per square inch), or kgf/cm? (kilogram force per square centimeter) and 
a flow regulator. For safety purposes and to avoid confusion, the regulators for 
acetylene and oxygen have opposite threading for attachment. When you are 
attaching regulators to cylinders, never use oil, grease, or lubricant of any kind. 
The mixture of oil and oxygen only takes one spark to ignite a fire in the 
regulator, which can lead to an explosion. This can cause you to have a very bad 
day. 

The oxygen tank is pretty straightforward and setting up the regulators is very 
similar to setting up the Argon-CO* tank on a MIG welder. Acetylene, however, 
is a little more complicated. Acetylene is the combustible gas that creates the 
flame. It is also a very unstable gas. Acetylene alone cannot be compressed 
above 15 lbf/in? (1.05 kgf/cm?”). To have the ability for acetylene to be 
pressurized further, it has to be combined with a porous fiber and acetone. As it 
is pressurized in the tank, the fibers and acetone absorb the acetylene. 

This is important safety information to know. Never use an oxy-acetylene 
torch when the acetylene tank is not upright. Lying on its side can cause the 
acetone to run through the regulators and into the hoses, thus causing damage. It 
can also lead to sudden combustion. You should also wait 25 minutes or more 
from the time the tank has been lying down to use an acetylene tank, allowing 
the acetone and other material to settle back to the bottom. 


Never use an oxy-acetylene torch when the 
acetylene tank is not upright. 
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A standard torch cutting set up includes the cutting head and tip. The striker is used to ignite the acetylene 
gas. 
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Fig. 7-18. Coil L2 details, 


diameter broomstick using 12 feet of no. 16 DCC copper wire, 
slightly closer than space-wound with 46 turns, as shown in Fig. 
7-18. C2 is a 17%-inch length of no. 18 zip cord with one end 
trimmed 6%” short and attached to L2 as shown in Fig. 7-18. 
Lengths of each antenna segment illustrated in Fig. 7-16 are: 
Segment Length 

96" 

24" 

ga 

46" 

20” 
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Tuning 

As the lengths ofall loaded segments interact with each other, 
this multi-band antenna should be tuned exactly as follows or you 
will surely come to grief! Using your GDO, tune traps L1/C1 and 
L2/C2 individually, unconnected to anything, while they are bal- 
anced on a glass mayonnaise jar (empty) at least 8” above your 


Ignite the acetylene gas first by opening the valve a little and using the striker. Once ignited, slowly add 
oxygen until you have the proper flame for cutting. 


The acetylene tank valve should never be open more than one rotation or less 
than a quarter. This will allow the valve to be shut quickly in case of an 
emergency while also permitting enough flow for the proper flame. Acetylene is 
extremely unstable under pressure and the regulator should never be set over 15 
lbf/in* (1.05 kgf/cm*) to prevent explosions. The acetylene tanks should never be 
spent at more than a seventh of the bottle per day. This will prevent the acetone 
from leaching into the lines, which can cause damage to the hoses and even the 
torch. 

The hoses that connect to the regulators are flexible and designed to 
withstand high pressures. The hoses carry the gases to the valves in the torch 
body. The green hose is for oxygen, and the red hose is for the acetylene. You 
can remember this as red for flammable. 

In a cutting torch setup, the torch head will have three pipes: one pipe for the 
acetylene flow, one for the continual flow of oxygen, and one for the oxygen 
blast. The correct ratio of oxygen and acetylene creates the correct flame. The 
flame heats the metal until it begins to melt. The oxygen cut lever releases a 
higher flow of oxygen that fuels the heat further and blasts the molten metal 
through the cut. 

The tip attaches to the torch head. The two gases stay separated until they 
reach the mixing chamber. The holes in the tip allow both of the gases to flow 
through to create the flame, allowing the metal to be preheated before the high- 
pressure oxygen. There are normally between 2 and 6 holes on the tip, 
depending on the duty it needs to perform. The tip is fitted with a center hole 
through which a jet of high-pressure oxygen passes. A striker is use to create a 
spark that ignites the gas. 

The valves are used to fine-tune the amount of flow between the two gases 
and to generate the correct flame for cutting. The middle valve is the release and 
also the fine-tuning oxygen control. The spring valve connected to the lever 
release is the power switch for after the metal has become hot enough to cut, 
normally a cherry red color. 

In a well-ventilated area, start the acetylene flame by cracking the valve at the 
base of the torch body indicated by the red hose. Hold the torch away from you 
and then light it by sparking the striker to ignite the acetylene. The acetylene has 
a very distinct odor and should never be inhaled directly. Slowly release the 
oxygen until the flame concentrates into a cone. Continue to add oxygen until 
smaller cones appear in front of the smaller preheat holes. This is the correct 
flame. The material and its thickness should determine the intensity of the flame. 
The highest temperature an oxy-acetylene torch can go is roughly 6000°F 
(3316°C). For thicker materials this will be the heat to use and will take more 


time to heat up and cut. For thinner materials, you will want to dial the heat of 
the torch down to create a finer cut. 

To cut with an oxy-acetylene torch, position the flame to begin heating the 
steel by holding the torch perpendicular to the surface and edge of the steel. 
Hold the inner cones of flame about 1/16 inch (2 mm) to 1/8 inch (3 mm) above 
the plate. The proper distance away from the plate will prevent metal from 
sticking to the tip. Once the metal is a cherry red color, it is hot enough to start 
cutting. Slowly depress the oxygen lever until it is fully open. Move the torch 
though the cut path, maintaining the same distance and angle. For thinner 
materials, it is necessary to angle into the cut roughly 75 degrees. For thicker 
materials, decreasing this angle and slowing the movement through the cut path 
will be necessary. 
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Wait for the steel to become a cherry color before starting the cut. 
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commonly referred to as slag. This is the molten metal that was blown though 
the cut and then fused and solidified underneath the material. 
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a separate air compressor. Wear proper eye protection with a shade between 3 to 6. 


The Plasma Cutter 

The plasma cutter is a much more elegant machine than the oxy-acetylene torch. 
The concentration of the plasma arc delivers a finer cut with less dross than an 
oxyfuel cutting method. Like the MIG welder, the plasma-cutting machine is an 
arc process. Plasma is a state of matter created by the ionization of gas that 
produces an intensely hot airborne electrical current. One of the most common 
examples of plasma is lightning. 
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The plasma cutter has a lighter, more workable torch that allows for greater control, giving the operator a 
more fluid motion that allows for tighter curves and more intricate designs. 


In the plasma-cutting machine, this arc is produced by compressed air passing 
through a chamber that houses an electrode. The gas in the chamber is 
constricted as it ionizes, building up pressure before blowing through the tip 


where it is met by the grounded piece of material to form an arc. This arc is a 
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high temperature of the plasma makes it possible to cut any conductive metals, 
whereas oxyfuel cutting systems are restricted to certain carbon metals such as 
mild still. 

The intensity of the heat and power of the arc gives the cutter many 
advantages, such as the ability to move much faster through the cut. The 
combination of a shorter cutting time and higher temperature cuts down on the 
probability of thermal distortion or warpage. 

One of the drawbacks of the plasma is that the flow in which the arc cuts will 
create a curve on one side of the cut called a kerf. The kerf will become more 
prominent on thicker materials and metals such as aluminum. Knowing which 
side the kerf will be on will help you come up with a plan to produce a cleaner 
edge and minimize grinding time. Practicing the speed in which to cut with 
plasma will minimize the kerf by producing a cleaner cut with less dross. 
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Sparks will be flying when you use a plasma cutter, and you will need proper ventilation. 


Unfortunately, plasma cutters are initially much more expensive than oxyfuel 
cutting systems. Most plasma cutting machines also require air compressors to 
produce the necessary air pressure to create the plasma arc. If you plan on doing 
most of your cutting in your shop, then it might be worth the investment. 

When cutting with plasma, be sure to take the necessary safety precautions. 
Wear the required safety gear: number 3 shade eye protection or higher, leather 
gloves, long-sleeve shirt, leather shoes or boots, and jeans. Cutting with plasma 
is just like MIG welding, so follow all of the same safety rules and never wear 
synthetic fibers while welding or using a plasma cutter. 


The torch of the plasma cutter is smaller and lightweight. The trigger is fitted with a safety switch to prevent 
accidental fire. Just like the oxyfuel torch, the plasma torch has similar consumable components. The tips and 
electrode will be the most frequently replaced components of the torch, but over time the other components 
will have to be replaced as well. 
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From left to right: retaining cap, deflector, drag shield, swirl ring, electrode, and tip. In this model, the drag 
shield and deflector are interchangeable. The drag shield encloses the tip, allowing contact to be made with 
the grounded base metal. When making freehand cuts, it is changed out with the deflector, exposing the tip 
for added vision. 
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Cutting with a plasma cutter is very similar to welding with a MIG. The 
ground has to be clamped directly to the work piece or on a conductive metal 
surface that the piece is resting on. Set the machine to the proper output for the 
thickness of the material —most plasma-cutting machines will have a thickness 
scale surrounding the control knob that sets the machine. Check to make sure the 
air hose from the air compressor is attached correctly and that the proper amount 
of air pressure is set. Most machines will have a pressure gauge that will tell you 
what pressure to use, and some even allow you to make that adjustment on the 
machine. Newer machines will regulate and adjust the pressure going through 
the machine automatically as long as there is enough pressure coming from the 
line. 

Once the machine and work piece are set up and secured into place, you are 
readv to cut. Just like when vou’re welding. vou should be comfortable. Put vour 


body in a position where you are not tense but relaxed. Brace and support your 
torch hand with your opposite hand. 

When cutting, the tip should always be a consistent distance away from the 
work piece. The closer youare, the finer the cut will be. Aim for a 1/16-inch (2 
mm) distance; more than that and the cut will become too wide. If you are using 
a drag shield (as seen in the image at the right), then the shield should make 
contact with the base metal. 

Pull the trigger when the tip is just off the material to start the plasma arc. 
This will start the initial ungrounded plasma arc that will help you to engage the 
metal. Once the arc engages, draw the torch toward the metal. When the arc 
grounds as it hits the metal, it will intensify and cut into the material. You’ ll 
need to practice to develop the right pace for a smooth cut. 

After cutting with a plasma cutter, the other side of the cut will have a small 
amount of dross fused to edge. Simply remove the dross with anything that has a 
solid edge to it, such as a tack hammer or a piece of scrap. Hit the dross in a 
sharp downward motion to knock it off. 


wood workbench or desk. This is to avoid obtaining misleading 
GDO readings due to stray capacitance. Start with both C1 and C2 
an inch longer than specified and trim off Ys” between GDO read- 
ings until the GDO null (max dip) is exactly at the desired fre- 
quency. Also, use your station receiver to check your GDO fre- 
quency reading, as all GDO readouts are only approximate and may 
be as much as 1 or 2 MHz off actual frequency when coupled to the 
trap under test. 

After the traps are tuned with the GDO, leave them alone. 
Install the entire antenna system as illustrated in Fig. 7-16. Using 
very low power from the station transmitter, with the swr bridge in 
the coax line, check swr at 28.5 MHz, 28.7 MHz, and 29.0 MHz. 
Swr should be less than 2:1 if the antenna is installed correctly. 
There must be no electrical power/lighting wiring parallel to or 
close to any of the antenna segments if you wish top performance. 
An overhead attic light is OK if installed close to the balun at the 
center of the antenna and the light's wiring is run down the inside of 
the roof, 90 degrees to the plane of the antenna, as shown in Fig. 
7-16. 

If you wish to change the center frequency on 10 meters, add 
or subtract approximately 3%” per 100 kHz. After 10 meters is 
satisfactory, check the 20-meter swr at 14.0 and 14.3 MHz, and, if 
necessary, shorten or lengthen segment C for minimum swr at the 
desired frequency. After 20 meters, adjust the width of segment E 
for minimum swr on your favorite 40-meter frequency. A few 
inches either way will make a considerable difference as segment E 
is, in effect, a capacity hat for the 40-meter dipole. 


Harmonics 

Being a multi-band antenna, this system is an extremely 
efficient harmonic radiator. If there is any question in your mind 
about your transmitter's harmonic output, you would do well to 
include a coax antenna tuner between the transmitter and coax for 
your own sake, your fellow amateurs, your neighbors, and the 
FCC. 


15-Meter Option 

Although 1 do not operate 15 meters, the second method 
described here was satisfactorily developed for a young friend who 
does operate on that band. There are two obvious ways to include 
15-meter coverage in this antenna system, if desired. The first 
method uses a separate 10-meter trap with Y turns of L1 and 
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Note how | am cutting with a guide for a straight cut and am using a drag shield (the detachable tip on the 
plasma gun) in order to make contact with the base metal and my guide. 


Plasma cutting is an extremely accurate method of cutting metal and provides a very clean cut. Make sure the 
area around and below the cut is clear of anything that may be affected by high heat. 
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Start the arc off of the piece and move mi the cut. 


Keep the torch perpendicular to the cut. 


the cleanest cut with the least amount of dross. 
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The torch will pick up on anita or minor movements in your hands. Just like when you're welding, brace 


and support the torch with both hands and be relaxed. It's not a good idea to have too much coffee before 
freehand cutting with a plasma torch. 
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When cutting without a drag shield, try to keep the tip 1/16 inch (2 mm) from the metal. Contact without a 
drag shield will cause double arcing. 
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When cutting straight edges with a guide, make sure to measure out from where the drag shield makes 
contact to the guide to the center of the torch tip for a more accurate cut. 
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Keeping the center seam z a torch in line with the guide line will help you heen a Straighter cut. 
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On long cuts, cut from both ends and meet in the middle to prevent the metal drop from bending. You can 
also clamp a support underneath the piece after starting the cut. 


double the length of zip cord C1. The 15-meter trap, placed about 
14” out from the new L1, is tuned by additional capacity across the 
old L1 (now the 15-meter trap). Both segments B and C are 
shortened accordingly. The second method, and surely the 
simplest, is another dipole from the balun in parallel with the 
original antenna system. It should be slanted so that the outside 
ends are dropped 2’ below segment B, and, most importantly, not 
less than 12” away from segments C and D to avoid disastrous 
interaction/detuning of the original system. Ordinary plastic 
clothesline can be used to support the dropped 15-meter dipole at 
point X. See Fig. 7-19 for details. 


TRIBAND DUAL DELTA 
The formula for the length of the driven element of a delta loop 
is 1005/f,,,,. Since I was bound to need some extra wire at the 
ends, I cut the antenna to 71 feet overall in length for a 20-meter 
loop. I mounted the antenna to the rafters inside the attic, using 
screw hooks and ceramic insulators to hold the wire at three 


corners. 

I used #14 solid, Formvar-insulated wire simply because it 
was cheap and available; you could use smaller wire if cost consid- 
erations were important, however. Try to select a section of the 
attic that doesn't have a lot of metal ductwork or plumbing lines that 
could detract from the performance of the delta loop. Also, make 
sure that the wire isn’t touching any wood or metal inside the attic. 

I initially fed the antenna with a random length of 50-ohm 
coaxial cable and a 1:1 balun. However I found out that the swr was 
substantially higher than 1 wished. I measured the antenna with a 
noise bridge and found out that an impedance-matching device 
would be necessary to use the antenna on 20 meters. Rather than 
changing the length of the antenna, using a length of 72-ohm coaxial 


PLASTIC ai 
| CLOTHES LINE 


SUPPORT 


CLOTHES LINE 
SUPPORT 


Fig. 7-19. 15-meter dipole option. Start with each segment "F" at 118". 
Trim one inch at a time for minimum swr at your favorite 15m operating 
frequency. Do not allow drooped ends of "F" closer than 12” to either 
L2/C2 or segment D, to avoid detuning other bands. 
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This is dross on the other side of a plasma cut. Use a piece of scrap or a chipping hammer to remove the dross. 


Selecting, Buying, and Prepping Your 
Metals 


Mild steel is a good place to start when learning any welding process. 
Mild steel is one of the most common types of metals used in 
fabricating. It is used in everything from machine parts, automotives, 
bicycles, and motorcycles to file cabinets, mailboxes, furniture, and 
home decoration. Mild steel also falls in the category of carbon steel 
along with other metals such as stainless steel, tool steel, and forged 
steel. Known as “ferrous” metals, they all contain iron and/or a 
combination of carbon or other elements to give them their unique 
characteristics. In general, most carbon steels will be magnetic. In the 
case of stainless steel, chromium, and nickel, other alloys can be 
added to create different grades. The grade or combination of alloy 
elements used to create that specific grade determines the properties 
of that grade. Steel can be manipulated to create a wide range of 
alloys by adding different elements such as chromium and nickel. 


Mild steel has a low carbon content, which makes it softer and easier to work 
with. In contrast, adding more carbon and heat-treating the material will make 
the metal harder, but at the same time more brittle. Steel with more carbon is 
subjected to a high-heat tempering process that decreases its ductility, depleting 
its ability to bend under stress. These high carbon metals are known as tool steel 
or hardened steel and are used for nuts and bolts or creating tools for cutting, 
drilling, and machine parts. Carbon steel can be hardened further by adding other 
elements (such as manganese) to create gears, sprockets, and even stronger tools. 
These types of carbon steel are notorious for being difficult to weld and cut. 
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Plate metal refers to sheets that are 3/16 inch (5 mm) or thicker. Sheets that are 3/16 inch (5 mm) or thinner 
are called sheet metal. 


Hot Roll vs. Cold Roll 


There are typically two different kinds of mild steel that people will refer to 
when speaking or ordering steel: hot roll and cold roll. When a mill forms mild 
steel from stock into any number of shapes such as sheet, bar, or tube, it is 
pressed through a set of rollers that forms it into its desired shape through a 
process called rolling. The classification of rolling comes from the temperature 
of the metal as it passes thought the rollers. 

When steel is heated to a certain temperature, it begins to crystallize. This 
temperature is called the recrystallization temperature. When metal is heated to 
this point to be formed, the process is referred to as hot rolling. When hot rolled 
metals are produced, this recrystallization forms a scale on the surface of the 
metal as it cools. This surface is a murky blue-gray colored flaky oxide that is 
called “mill scale.” 

When metal is formed below the recrystallization temperature, the method is 
referred to as “cold rolling” and produces cold roll steel. This material will not 
have a mill scale as prominent as hot roll but rather a much more polished and 
shiny appearance. Cold roll steel will also have an increase of strength and 
hardness over its hot roll counterpart. It costs more to produce, so the price for 
cold roll is normally higher than hot roll. 

Hot roll materials have softer and more ductile characteristics than cold roll 
steel, but have relatively the same characteristics when welding. These two types 
of steel can be welded together with a common MIG welding setup, and both 
should be prepped in the same way. 
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Here you see a piece of cold roll steel between two pieces of hot roll steel. Notice the difference in color. Hot 
roll has a murky blue/gray patina called “mill scale.” 
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Engine parts, screws, and drill bits are all hardened steel. 
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Metal is made in all different shapes and sizes to suit almost any job you can think of. You can find it in plate, 
bar, angles, and tubes that come in square, round, or rectangle. 


Filler Material 


Since welding is a process of liquefying the two pieces of base metal, the filler 
metal should have the same characteristics, such as the melting point. When 
welding mild steel, a mild steel welding wire or rod should be used. Dissimilar 
metals normally cannot be welded together. Nonferrous materials such as 
aluminum cannot be welded to a ferrous material like stainless steel. Aluminum 
and iron have different properties that will not allow them to be welded together, 
mostly due to their melting points. Steel has almost twice the melting point of 
aluminum. Some more advanced welding techniques require you to use different 
filler and base metals combinations, but for now, we?ll stick with the basics and 
mild steel. 


Decorative Options 


Metal comes in all different shapes and sizes, from bar to tube and round to 
rectangle. Bars, sheets, and tubes are most common for straight fabrication, but 
what if you are looking for something a little more decorative? Mills and 
foundries also create a wide variety of ornamental metals that can be used in 
projects. Cap rails are a good example of a decorative bar that is used for the 
tops of hand railings. Other decorative elements such as rosettes can be 
purchased to give a fence or piece of art a more attractive look. 

Sheet metal also comes in a wide verity of styles and patterns. Diamond plate, 
expanded, and perforated sheet metal are popular for not only their decorative 
Characteristics but their functionality as well. Diamond plate works as a tread for 
its strength and its durability. Expanded metal sheet and perforated sheet metal 
are great for threads, drainage, fencing, and industrial applications such as 
shelving and catwalks. 


Diamond plate steel and expanded steel are just two examples of the many different styles of metals you can 
get. Diamond plate and perforated steel are great for steps. Expanded steel can be used for anything from 
steps to enclosures and decorations. 
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Fig. 7-20. Top view of the dual delta loop. 


cable to match the impedance, or using a gamma match, I chose to 
substitute a 4: 1 balun for the 1: 1 balun already on the antenna. I was 
rewarded with an swr of 1.3 to 1 across almost all of the 20-meter 
band. The broad-band characteristics of the antenna were helpful 
with respect to swr, although overall efficiency suffered due to the 
relatively low Q. As a bonus, the antenna worked very well on the 
entire 10-meter band also, with an swr of 1.8 to 1 on the entire 
band. 

For a total investment of $25, I had a 20- and 10-meter antenna 
that had a theoretical gain of 2 dB over a dipole and, best of all, it 
was completely invisible to the neighbors. 

Not happy with missing out on the action on 15 meters, 
however, 1 added a second delta loop inside the first loop. The 
second loop was cut to 46 feet and also was laid out in the form of an 
equilateral triangle. The 15-meter loop was soldered to the 4:1 
balun at the same point that the 20- and 10-meter loop was sol- 
dered. 

Needless to say, adding the 15-meter loop increased the swr 
of the 20- and 10-meter loop to over 2.5 to 1 on both bands. Since I 
wasn't ready to give up yet, I took the 15-meter loop and rotated it 
180 degrees so that the balun was now at the apex of two delta loops 
(see Fig. 7-20). This variation was a winner, with the swr on 20 and 
10 returning to its original values and the 15-meter loop giving a 
2.1 to 1 swr across the entire band. 
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Buying Metal 


No matter what the project may be, it is normally easy to find what you are 
looking for if you know where to look. Typical home improvement or hardware 
stores are not the best places to go to purchase metal. They tend to have very 
small selections, which they sell at a high markup. The best thing to do is to go 
online and search for metal distributors in your area. Be aware that the majority 
of them are going to be large mills or metal distribution companies that only deal 
in large quantities and sell to businesses such as construction. A small privately 
owned metal distributor that deals with local business or small manufacturers is 
what you are looking for. This size distributor will normally sell single pieces 
such as a 4 x 8 foot (1.2 x 2.4 m) full sheet, 14 ga hot roll steel, or a 24-foot (7.3 
m)-long stick of 2-inch (5 cm)-square tube with a 0.065-inch (1.7 mm)-thick 
wall. Don’t worry, I will explain. 

When buying metal, it is best to research several places to find the best price. 
I know this sounds elementary, but pricing differences can actually be much 
more drastic than you think, so shopping around could save you a lot of cash. 
Metal is mostly sold by the weight. The more you get, the less expensive it is. 
Some places may sell you an 8-foot (2.4 m) drop (a piece that is cut away from 
the measured purchased material) for a certain price where another place will 
sell you the whole stick (a complete length of milled metal) for less than the 
price of the other guy’s drop. 

When I first moved to Chicago, I found one place with good prices and 
service. I have yet to find another distributor that will beat them. But it is always 
a good idea to find two or three places just so you know you are getting the best 
price. Normally, once you establish a good rapport with a distributor, they will 
give you a better deal. 


Metal Thicknesses 


Gauge (ga) Steel Thickness in Inches Steel Thickness in 
Millimeters 


| 0.2391 | 6.073 
| 0.2242 | 5.694 
| 0.2092 | 5.314 
P98 AB 
| 0.1793 | 4.554 
| 0.1644 | 4.176 
| 0.1495 | 3.797 
0 | 0.1345 | 3.416 
11 A 
| 0.1046 | 2.657 
| 0.0897 | 2.278 
| 0.0747 | 1.897 
| 0.0673 | 1.709 
| 0.0598 | 1.519 
| 0.0538 | 1.367 
P0478 fd 
| 0.0418 | 1.062 
| 0.0359 | 0.912 
A 886 
P0299 5D 
TI BS 
| 0.0239 | 0.607 


How to Order 


In welding, the thickness of the metal is very important. It’s what you use to 
determine the settings for your welding machine. Metal thicknesses are typically 
measured in gauges (abbreviated as ga). For most materials, as the gauge number 
increases, the material thickness decreases. 


The gauge of the material corresponds to the thickness of the material in 
inches nr centimeters The maacirement af the thickness in canoes will varv 
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depending on the material. In this chart, you will see that a 16 ga piece of mild 
steel is 0.0538 inches (1.4 mm) thick, but a piece of 16 ga aluminum could range 
from 0.070 inches (1.8 mm) to 0.0508 inches (1.4 mm) thick, depending on the 
manufacturer. These numbers also can vary depending on what form of the 
material you order, such as sheet as opposed to tube. 

The gauge is a general measuring tool that has a fairly loose range. The 
decimal equivalents of the gauge of the metal you are purchasing are more exact. 
Since the gauge for measurement can vary so much, when you’re working on 
something with a tight tolerance, I recommend you order by decimal, not gauge. 

Unlike the filler metal, the welding wire for the MIG welding machine will 
always be measured in decimals for accuracy, as will the corresponding gun tips 
and drive wheel. 

So what do you need to get started? There are a few projects in this book that 
will have a list of materials that you will need to get in order to complete those 
pieces. But for now, I want to teach you how to weld. After all, that’s what this 
book is all about. 

Most local metal dealers will allow you to go onto the warehouse floor and 
take a look at what they have. Even better are the guys that will let you look 
through their racks of drops. These are pieces that are cut from stock material 
and left behind by other companies doing larger jobs. If it’s a large enough 
distributor, they will have a huge rack of drops with all sorts of cuts to choose 
from; this is what you will want for practicing. Find a sheet of !/s-inch (3 mm)- 
thick steel, cold or hot roll, 10-inch (25.4 cm)-square or larger. This piece of 
steel is what you will need for the first exercise. Next, you will need to get three 
or more feet of cold or hot roll 1/2-inch (13 mm)-square steel bar. 

If you are having trouble finding a metal distributor, try a junk or scrap steel 
yard. Right now we are just looking for small pieces of mild steel to get you 
started. Don’t break the bank for his material. A good chunk of an old car 
chassis will work fine for the first exercise. 
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It may be necessary to use a grinder to even out some cuts that may be a little off before you can prep the 
steel for welding. 


Preparing Your Metal 


The preparation of the metal is crucial to the welding process. When welding on 
any metal, it must be raw and free of any grease, oil, dirt, rust, paint, oxides, and 
other inclusionary elements that can contaminate the weld. Surfaces that are not 
cleaned properly can affect the weld quality. A clean weld will last much longer 
and will be free of included elements that may cause porosity and create a poor 
weld. 

All of these contaminates can include themselves in the puddle and create all 
kinds of problems. Some particles heat to the point of off-gassing to create 
bubbles in the metal as it solidifies. This type of porosity is sometimes called 
“moon craters”. Other causes of porosity will be addressed in the next chapter. 

It is common for dealers to coat carbon steel in oil to protect it from rusting in 
the warehouse. This oil attracts dust and dirt and over time becomes extremely 
grimy. It is not necessary to remove all of this grime at first; removing it from 
just the areas to be welded is fine. After completing the fabricated piece, you 
will want to remove the rest of the dirty oil with denatured alcohol or acetone. 
This will allow a clean and prepped surface for painting or whatever else you 
may decide. A wire wheel or brush can also be use for further cleaning. Wire 
brushes come in a wide range of bristles. Just like the grit of sandpaper or flap 
disk, some will add a texture to the metal’s finish. If the metal surface already 
has the look or texture you want, make sure to use a softer stainless steel brush. 


Prepping multiple pieces at once will save you time. 


Most of the cleaning and metal preparation for the weld zone is normally 
done with a small angle grinder. There are all kinds of grinding disks that can be 
used to prep the metal depending on the desired task. For some joints, it is 
necessary to remove a considerable amount of metal from the edges. This will 
require a grinding disk with a low grit such as a stone, whereas a 60-grit flap 
disk will work fine for cleaning the surface of cold roll steel. The amount of 
what needs to be removed or how dirty the metal is will normally dictate what 
will be used to prep that particular surface. 
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Failure to remove inclusions from the weld zone will cause poor weld quality. Dust particles can off-gas at 
high temperatures, creating gas pockets that lead to fracturing and poor welds. The effects of inclusions will 
appear as pores, pitting, and voids on the weld surface known as porosity. 
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Here is a crosscut of a weld that has deep porosity. This weld is not structurally sound. 
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You always want to weld on clean raw steel. Prep the weld zone with a flap disk and chamfer if necessary. 


There are other methods of cleaning and preparing metal for welding. Media 
blasting is a great way to remove debris from larger surfaces. Media blasting 
cabinets can be costly, so it’s not the best place to start. A simple 4 1/2-inch (11.4 
cm) angle grinder will work for what we will be covering in this book. But if 
you plan on stripping a motorcycle frame or removing a lot of paint and rust 
from something that size, a media blaster is the way to go. 

Manufacturers and large fabrication companies will also use a wide variety of 
chemicals to remove mill scale and other inclusions from large surfaces. 
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Uhnemical removal cleansing methods are extremely corrosive ana can be 
dangerous. They are not recommended for the home hobbyist. If you do plan on 
using muriatic acid to remove the mill scale from hot roll steel, make sure to take 
the necessary safety precautions and have a lot of baking soda accessible to 
neutralize the acid if something does go wrong. 


While I would like to say that I worked some exotic DX while 
running barefoot with 3 watts on sideband, I can't say that the 
performance of my dual delta loop is equal to that of a beam, but it 
will provide a bit better performance than a longwire or a dipole, 
and with an acceptable swr on 20, 15, and 10 meters. 

The antenna appears to be omnidirectional, although 
ductwork inside the attic might affect the radiation pattern some- 
what. Needless to say, mounting the dual delta loop outside and 
much higher than the 10-foot height of mine will provide some 
increase in performance. 

The low price ($30) and unobtrusive nature of the dual delta 
loop make it attractive to hams who are faced with restrictive 
covenants regarding towers and antennas. Try the dual delta loop; 
you can’t beat it for performance, price, and simplicity. It really 
beats a dipole! 


A TRAPPED DIPOLE 


Often the need arises for a permanent low cost antenna. A 
dipole or inverted vee is a good choice. They are easy to install and 
cheap to build. One of the disadvantages of such antennas is that 
they are only usable on a single band, unless they are fed with an 
open feedline and an antenna tuner. 

Most traps used in amateur radio multiband antennas are 
made of a lumped inductance and capacitance in parallel. I tried to 
overcome this. 

By placing a trap 32 feet 6 inches from the feedpoint, a current 
maximum will occur at 7200 kHz. With the correct wire length on 
the outside end of the trap, the antenna can also show current 
maximum at the feedpoint for 3900 kHz. In both cases, the dipole 
functions as a half-wave dipole. 

Why not add another antenna under the existing 80 and 40 
meter wire, fed at the same feedpoint, with another trap tuned for 
21300 kHz? An outside wire of the correct length will give current 
maximum on 80, 40, 20 and 15 meters, all functioning as a halfwave 
dipole. 

The dimensions given here are resonant at 3.9 MHz, 7.2 
MHz, 14.3 MHz and 21.3 MHz. For 40 meters it’s 160 turns, for 15 
meters, 55 turns. Number 12 magnet wire is wound on a Y inch 
rod, close wound. The coil is removed from the Y inch rod and 
placed inside the Y inch PVC pipe. See Figs. 7-21 and 7-22 and 
Table 7-1. 

The PVC pipe is cut to 18 inches for 40 meters, 10 inches for 
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A bench grinder with a wire wheel is a nice tool for prepping small metal pieces. It allows you to hold the 
piece by hand, as in the photo, or with a set of clamps in order to do proper metal preparation. 


Let’s Prep 


When prepping the metal with a grinder, secure the piece into place with a clamp 
or in a vice with the area to be prepped accessible. At a proper angle with the 
grinder and using medium pressure, move in a back-and-forth or up-and-down 
pattern until the entire area that is to be welded is clean and has a raw-metal 
appearance. 
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Start a chamfer by setting up the angles and pull 3 or 4 times towards you. This will create a flat surface with 
the grooves going in the same direction as the disk. Pushing too hard right away will cut into the piece and 
make a divot. 
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The correct angles for chamfering are 15° to clear the arbor and 45° or greater for the chamfer. 


When creating a butt joint for thicker materials, it is necessary to create a 
chamfer. A chamfer is a bevel ground away from both pieces of base metals at a 
45-degree angle to create a channel when the two pieces are put together. This 
does three very important things: it creates depth for penetration; it creates more 
surface area for the puddle to liquefy; and it forms a reservoir to receive the filler 
metal. The most common way to prep the metal with a chamfer is with a stone 
grinding disk. The stone has a low grit, meaning it will take off a lot of material 
very quickly as opposed to higher grits that will take material off more slowly 
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Just like when cleaning the material, make sure the piece is secured with a 
vice or clamp. To start a chamfer with a stone in an angle grinder, it is a good 
idea to make the first few motions a motion toward you with medium pressure. 
This will put a flat surface on the edge of the metal with the grain going in the 
direction of the spinning disk, which will make it easier to go back and forth 
without getting hung up. Grinding too hard right away can cause a cutting 
action, which will make a divot that you will then have to grind out. 

When grinding, remember to be at an appropriate angle to clear the arbor and 
at the same time be at a 45-degree grinding angle for the chamfers. It is not 
necessary to grind all the way down to a razor edge, and it is recommended to 
leave a flat surface for the butting joint. The flat-butted portion of the material 
will be determined by the thickness of the material. For example, if the material 
is 1/4 inch (6 mm) thick, I will chamfer and leave 1/32 inch (0.7 mm) on the 
vertical face. Knowing what you plan to use the joint for will help you determine 
how the material is to be prepped. In addition to chamfering, leaving a small gap 
between the base metal is another good method that provides even deeper 
penetration. 


> CHANGING THE GRINDER DISK 
> CHANGING THE G S 
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Using the arbor wrench, loosen and remove the arbor nut. Notice the grinder is unplugged. 


Switch out the disk, replace the arbor nut, and tighten by holding down the arbor lock and using the 
arbor wrench. 


When replacing disks, it’s always a good practice to unplug the grinder first. 
Hold down the lock located on the top of the grinder (opposite side from the disk 
on the grinder head). Using the arbor wrench, loosen the arbor nut and remove. 
Switch out the disk, replace the arbor nut, and tighten by holding down the arbor 
lock and using the arbor wrench. 

On thinner metal, it is not required to chamfer the base metals. In fact, the 
thinner the material, the less chamfer or gap it needs. If the metal is extremely 
thin, such as 22 ga or lower, the MIG should penetrate into the metal enough to 
create the necessary weld if set properly. You will find that these thin gauges are 
the most difficult to weld. Most of the time, you will not even be creating a bead, 
such as in auto body repair, more of a series of stitch welds or tacks. The thinner 
the material, the less of a gap you need and the less heat the metal can take 


without warping or creating holes. 

When working with a MIG welder, keep a stainless steel wire hand brush 
around to clean off the materials between a series of tacks or if going back to a 
bead that you have already created. A carbon-burn byproduct will usually be 
around a weld or tack that has just been created. Remove the byproduct with the 
brush to avoid reintroducing this material back into the puddle and weld zone. 


How It Works 


There are a lot of aspects of welding that I love. From the basics of 
joining two pieces of materials together to create one, working with 
intense heat, or simply just playing with fire, the truth is I love 
welding and metalworking because it gives me the ability to 
manipulate this seemingly unyielding material. Even deeper still is the 
idea that I have the ability to control the elements that are only formed 
in the final moments of a dying star to create anything in my 
imagination. It’s also pretty handy when it comes to fixing things such 
as cars, motorcycles, or furniture. 


Technique 


From the very first moment I welded, I had this overwhelming feeling of having 
the power of the sun in my hand. I had never before felt this sort of power of 
creation in any other medium that I had felt with metal work: the immense heat, 
the liquefaction of the steel, the solidification of the bead on the surface, to this 
day it all still fascinates me. It is a truly amazing process. 

I hope you feel the same way. I’m excited to be the one to share this with you. 
Now let's get started. 
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The Puddle 


Fig. 7-21. Trapped dipole. 


15 meters. The PVC is then placed inside the % inch ID, 1 inch OD 
aluminum tube. The aluminum is cut to 16-3% inches for 40 meters, 
8-42 inches for 15 meters. 

Drill a hole in the center (ends) of eight Y inch PVC caps, and 
mount stainless steel eye bolts on them. (Cut off the eye bolts as 
short as possible, so they will not go into the PVC tube.) Now drill 
a hole to fit the #12 magnet wire below the eye bolt in each end cap. 
See Fig. 7-23. 

Cement one end cap onto the PVC tube after bringing the end 
of the coil wire through the small hole. Secure a tin solder lug on 
one end of the aluminum tube, as shown in Fig. 7-24, with a pop 
rivet or small screw. Do not use aluminum or copper for the solder 
lug. Slide the aluminum tube over the PVC with the solder lug end 
first, and solder a jumper from the lug to the coil wire as close to the 
PVC cap as possible. 

You are now ready to tune the traps. The traps were adjusted 
to frequency through the use of a grid-dip meter (checking on a 
receiver for accuracy). The coil can be changed quite easily if an 
extra turn or two is put on for adjusting purposes. The coil can also 
be wound with spacing and compressed or extended to get the traps 
exactly on frequency. Tune to 7.2 on 40 meters. Tune to21.30n15 
meters. 
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Fig. 7-22. Don't forget to leave 2” one each end of each coil. l 


307 


Most people aren't aware of this, but the primary job of a welder is to control 
fluid. It happens to be a 3000°F (1649°C) or more fluid, but a fluid nonetheless. 
When the arc liquefies the base metals it creates a molten pool of liquid metal 
called the puddle. No mater what technique is used or motion created with the 
gun, the puddle is the primary focus of controlling how a bead is created. 

As a beginning welder progresses, they will find that there are a lot of 
different techniques to control the puddle to create different effects in the surface 
of a bead. For the most part, a welder’s responsibility is to make sure the weld 
penetrates into the metal enough to create a proper weld. Before this can happen, 
a beginner needs to build a feel for movements that make even and steady 
motions that will produce a proper bead. 


Push or Pull 

There are two methods to the madness in welding when it comes to controlling 
the puddle: pushing and pulling. These terms are decided by the direction of 
movement in which the weld is created. The “push” method is the movement of 
traveling into the weld zone so that the weld is created behind the gun nozzle. 
The “pulling” method (or what I like to call the “draw”) is a dragging movement 
though the weld zone so that the weld is being created in front of the gun nozzle 
and contact tip. 

Both of these methods have their good points and both should be learned as 
there are always going to be situations in which one will be better suited than the 
other. But as a beginner, the best one to start with is the pull method as it will 
penetrate slightly deeper into the steel than the push method and will also create 
a narrower bead. 

Straight pull welds originated from welding butt joins. Pulling a surface weld 
helps beginners to practice butt joints and is also the best place to start building a 
speed of motion to produce a weld. What this does is help you get a better 
understanding of your hands’ movement in relation to the material’s thickness 
and the settings of the machine. It also makes you more aware of what you are 
trying to accomplish after completing a bead. 

Developing a good pace or rhythm of the hand movements for the pull will 
translate to many other techniques that will help you develop as a MIG welder. 
As you develop your welding skills, you’ ll find that there are a lot of variations 
in technique—the way you hold the gun, or the way you position your body in 
relation to the weld or angle of view—that affect the way you create a weld. For 
now, focus on the basics and you will discover these things and acclimate to 
your own style. 


Stance and Comfort 


Seventy-five percent of welding is being comfortable, or as comfortable as you 
possibly can be in any given situation. Whether it’s a welder on an oil rig, 
someone building a sky scraper, or a hobbyist just fixing a small part of a car, 
that person will always try to orient him or herself in the most comfortable 
position possible. 

For example, a buddy of mine likes to sit low with his armpits at table level 
while he TIG welds on racecar parts. I, on the other hand, like to weld sitting on 
my favorite shop stool. I built my table to the perfect height for me and I’m nice 
and relaxed—to each their own. 

Being comfortable is a critical part of welding. The position of the body, 
bracing your gun hand, and avoiding hovering with the gun are all crucial points 
to prevent tension and decrease fatigue. It will also allow your hands to be 
steadier when welding. 


>> COMFORT TIPS 

—= 

Ta 

If you have to stand at the welding table, pay attention to your stance while 
welding. A good stance for our first exercise is to take a step back with the 
dominant foot roughly shoulder width. To stay balanced and relaxed, bend 
with your knees and waist so that your chest Is lined up with the ball of the 


front foot. 


With your dominant foot, take a step ba 
step back with your right foot.) 


A A eae 


ck a little more than shoulder width. (If you are right handed, 


Brace and support the gun at the proper angles. 


Vision 

The number one complaint from all of my student or beginner welders that I hear 
all the time is “I can’t see anything.” I’m going to tell you right now that it will 
be hard at first. First of all, as a beginner you don’t know what you are looking 
for. Secondly, you haven’t trained your mind to really focus on what you need. 
Additionally, your vision has not become acclimated to adjust to what you need 
to see right away—yet. 

But the more you weld, the more you will know what you are looking for and 
your mind and eyes will adjust to it faster. You need to see all of the elements 
that create the weld: the arc, puddle, and the weld zone (or line) to follow. All of 
these components are key in creating a good weld. 

Every welder I have ever met has his or her own methods of seeing. Some 
even say they go entirely off of feel. Personally, I get real close and look way 
over my nozzle so I can see everything. To help me see my weld zone (my line), 
I move my head just a little to the side. Be careful not to go too far to the side. 
The natural mistake while drawing out the bead if your vision is too far off to the 
side is to go off the weld zone diagonally to the opposite side. 

When you catch yourself leaving the weld zone, stop welding immediately. 
When you weld outside of the weld zone, all you’re doing is creating more work 
for yourself because you’re going to have to grind off that extra metal later if 
you want to make it look pretty. Stopping and starting is not that big of a deal. 
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Hand Position 


The way that the gun is held and supported will become personalized over time 
to you and the style that you develop, and it’s one of the more important things 
to keep relaxed and steady. Never hold the gun with one hand or hover with both 
hands while welding, as the tension you’|! create in your hands translates into 
shaky welding. Instead, always support the trigger hand with the opposite hand 
for stability when welding. 

The dominant hand will normally be the trigger hand. The opposite hand is 
going to be the brace and support hand. It will also be the hand that will drag, so 
it plays a lot of important rolls when drawing out a bead. Don’t support the 
weight of your body on your hands; just rest them on the table so that they can 
slide easily. You’ll be making a motion similar to wiping sand off the table. 
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For best results, grab the gun handle with the dominant hand so that the index finger can depress the trigger. 
With the opposite hand, grab the neck of the gun in front of the gun body, leaving the hand open and only 


gripping the neck with the thumb. 


on your hands. 


Angle of the Gun 


When lining up the gun, the nozzle should be straight on to the weld zone and 
perpendicular. This means that the nozzle of the gun should be pointing in the 
same direction as the weld zone with an even 90 degrees on both sides. 

These two angles are very important for the proper distribution of the shield 


gas. If the gun is not straight and perpendicular to the weld, several things will 
øn wrong: the shield gas will nat nratect the niddle nronerlv: and the flaw nf the 


O” vv ES ep Su LIL AMAN e ML A om vv ass LLENAS & ee ee ~~ bh LIL l r= <r O é b] wilt We LIL LNI vY ` E LIL 


gas over the puddle and weld will create opportunities for inclusions, uneven 
heat, and poor control. This becomes more of an issue when welding on thicker 
materials. 


ra did 


A tee 
AT 2 


> E o P ¿75 o 
eN ANDAR E a pr oe LAA Vo eee Ay ene oe z "as > ` rer 5 oo NL s re Sf eee i 2 e. o a Le A + 
PARY y TEk bed A Y p k ~ or o 7 7 o >» ' s > + Fn - ~ > i . a PAn 
4 , F a y 6 ¿CITAR ap de PS, > Po - =. TE A se < le agent > i AN i LOs Le “ale? 
F eres Mahe O hie er Cua. A ree y ES ee ate KH os Str $e > A $ ia > N eS tres” Oot ee 
er Es ” | = ~ p A -IAU n PE a Naat Se pee hd da PO E a AS a ee zs s . y Me T pa N 7 y ~ ` wA 

Jet ~ A a s p . » 0 E ` al .. e an P 

Tia E ark > 7% a 


ANA « w da > WA AAA a er Y . 
>» SAR A OA A A A SFER” pa 


6 " i > VAS - Tos i ió 
e ~ eer inne eS g a A e A 


Being perpendicular with your drag angle pointing straight into the weld will allow the shield gas to hit the 
puddle evenly on both sides. Note: To avoid putting too much heat into the table you are welding on, it's a 
good idea to put risers under the sheet metal, such as two small pieces of square bar. (This is not shown in the 
image above.) 


The third angle to pay close attention to is the travel or drag angle. When first 
starting out, this angle is a little bit looser, and you can play with it a little. The 
manufacturers of most MIG machines have put a bend in the gun neck with a 
decent travel angle (normally 45°), as long as the top of the gun handle is 
parallel with the surface that is to be welded. You will find that increasing the 
drag angle to 75 or even 80 degrees will give you better penetration for certain 
applications. But for now, let's use the neck angle for our drag angle in order to 
develop vision and control. 


PVC cement 

81/2" PVC caps 

| 56” of 1/2” PVC pipe 
1 balun, 1:1 


4 ceramic insulators Table 7-1, Parts List for Trapped Dipole. 


135’ of antenna wire 

50" of 1” aluminum tubing la 
discarded lawn chair will do) 

80’ of #12 magnet wire 


After the tuning is completed, the end cap can be cemented 
on. The two wires sticking out of the end caps are to be soldered to 
the antenna wires. 

My antenna is supported in the center about 32 feet high and 
10 feet at the ends. I show an swr of 1.2 to 1 0n3.9, 1.3 to 1 on 7.2, 
1.3 to 1 on 14.3 and 1.2 to 1 on 21.3. The CW bands can be worked 
with the swr less than 2 to 1 on all CW bands. 

The overall length is 106 feet, and it can be installed as an 
inverted vee in a lot less than 90 feet. 


SUPER LOOP ANTENNA 


To the urban amateur or apartment dweller, operation on the 
80 and 40 meter bands often is out of the question. The main 
problem is where to put the antenna. Various schemes, some of 
them ingenious, have been tried with varying degrees of success. 
Each has had its drawbacks. In preparing a book on amateur 
antennas, I felt that there was a need for a simple indoor antenna 
that the average Novice could build economically, that would 
produce the results needed to encourage the neophyte further into 
the hobby. The worst problem exists on 80 meters, and it was 
there that this experiment centered. 

After trying numerous configurations, it was decided that a 
closed loop offered the best hope. Loop antennas are often treated 
as a specialized class. Little has been written on them, in compari- 


SMALL HOLE FOR NO 12 MAG WIRE 
SOLDER LUG CAN BE CUT (MADE) 
FROM ATIN CAN ALUMINUM AND 
COPPER WILL WORK AGAINST EACH 
OTHER 


Fig. 7-23. The coil will expand to make a nice fit inside the PVC tube. The 


aluminum fits snugly over the PVC, and the cap rims help hold the 
aluminum tube in place. It all makes a very nice looking assembly. 
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The back of the gun handle should be parallel to produce the correct drag angle. Do not drop the gun hand 
below the parallel point. This would direct the shield gas to push the bulk of the puddle up on to the back of 
the bead that was just created, instead of down and assisting with penetration. 


A lot of people first starting out will set up and support themselves with their 
elbow. Now, I don’t have a problem with this at first, but don’t get used to doing 
this. It sets you up to be a short distance welder because you can only weld so far 
before you have to set up again and move your elbow. I would recommend 
setting used to dragging the heel of the support hand on the surface of the piece 
or table. This will help to avoid unnecessary stopping and starting. 


Heat vs. Thickness 


One of the jobs of a welder is to know how to control the amount of heat going 
into the material in relation to the material’s thickness. This is done in several 
ways. The machine voltage and wire speed combination is normally set to the 
thickness of the metal. Additionally, the speed of the puddle moving through the 
weld zone, the technique used, the length of time in a given area, and shield gas 
settings are all components of control to help monitor the puddle and the heat 
moving through the weld. 
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When metal is heated, it wants to expand away from the heat. As it cools, it wants to come back. Depending 
on where you are in the weld and how much heat is put into one given area can cause variation of heat that 
produces warpage, as seen in the 14 ga steel above. 


The area that is heated is known as the heat-affected zone (or HAZ). There is 
actually a mathematical formula that involves the factors of welding such as 
voltage, current, heat intensity, etc., but it’s not mandatory to welding that you 
know this formula. What you do need to know is that metal moves when it is 
heated. Most of the time it will begin by moving away from the heat; then as it 
cools it wants to come back. The amount of heat going into the steel, and the 
time it takes to cool, will normally determine the plus and minus of the metal’s 
movement or what is referred to as warpage. 


Steel normally starts off cold. As you begin to weld, the heat radiates through 
the material from the point where the weld began. As the heat moves though the 
weld zone it creates variation in heat. The starting point is also now starting to 
cool, causing another variation of temperature. The longer the weld, the more 
heat is produced, and the more variation in the metal, the more potential for 
warping. 

As you can see, the sheet of 14 ga steel on page 93 is completely warped from 
the massive amount of heat that went into the material. This once flat piece of 
sheet metal has been completely deformed by random amounts of heat going 
into the surface in various places. 

The thinner the material, the less mass it has; this decreases the material’ s 
ability to carry the heat away from the HAZ, and it becomes more susceptible to 
warpage. Thinner materials will warp much faster than thicker materials. The 
thinner you go, the more likely the heat will burn through as well. This is a 
particular concern in auto body repair, as these thin-gauge sheet metals can 
really only be tacked together. 

In contrast, thicker materials have much more mass to help spread the heat 
out to decrease the HAZ. This means a longer bead can be maintained. Look at it 
this way: you don’t want to weld much more than a 2-inch (5 cm)-long bead on 
sheet steel 14 ga or the danger of warping and drop through increases. As the 
material gets thinner, the length in which a bead can be created decreases as 
well. Inversely, as the material becomes thicker, the longer the length of a bead 
and the more heat the material can maintain. 
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There are a wide variety of clamps, magnets, and vices that help to prevent movement during tacking and 
welding. 3-axis clamps (A) are great for making tables. C-clamps (B), vise grips (C), F-clamps (D), and locking 
sheet metal clamps (E) are great for creating jigs or securing the piece to a table. Square magnets (F) are great 
for keeping the angle in quick tacking situations. 


Clamps and Tacking 


To prevent warpage while fabricating a piece, a good welder will have a lot of 
different clamps handy. Clamping a metal work piece down is one of the most 
common methods to help prevent movement while welding the piece together. 
Clamps also create stability for the welder if they accidentally bump it out of 
placement. 

There are many styles of clamps, and they all have their purpose. C-clamps, 
vise grips, adjustable clamps, and even magnets can help you hold the pieces in 
place while you tack them together. The more you can minimize movement the 
better. 

After the pieces are clamped together, it’s never a good idea to just start 
welding straight away. Even when the metal is clamped, it will still move 
whether you like it or not. To prevent movement even further, the next step is to 
tack the pieces of base metal together. 


nes 


If you want to completely weld the surface of a table all the way around, you must first tac 
down. For example, a sheet of 14 ga material can only be welded for a couple of inches before it starts to 
warp. To prevent this, spread out the heat. Start by tacking in the middles first, and then the corners, then 
splitting the distance in half until the tacks are a couple of inches apart. Then weld tack to tack to spread out 
the heat as vou ao. You have a lot to weld. so don't keep too much heat in the same area. 
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Tacking is a series of short welds that will help hold the individual 
components in place while you weld the piece. Tacking allows you to put the 
entire piece, or portion of the piece, together, and it acts as a clamping tool. This 
provides the opportunity to remeasure before welding the piece together 
permanently. Tacking also serves as a buffer for any mistakes you may have 
made in measurement. If you see after doing a few tacks that you are off by an 
unacceptable amount, it’s not a problem to chop through a few tacks with a 
grinder. But if you had a full weld on there, not only would you have the 
warping to deal with, but the measurement would be off as well, and you would 
have to cut though an entire weld and start over. 

The most common way to prevent warpage, besides knowing the limitations 
of the steel, is to spread out the heat. This means welding in multiple areas for 
shorter periods of time. For example, let’s say I wanted to seal up this 14 ga 
sheet metal to the top of this welding table. 

You wouldn’t just pick a corner and start welding. First you would clamp and 
tack the sheet metal down to the frame. The first series of tacks would go in a 
cross pattern to balance any movement from the heat. Start in the middle of a 
side, then straight across to the middle of the other side. Then repeat the same 
steps for the adjacent sides. 


This is good tack pattern for this 14 ga top. Tack the first four corners and then check your measurements 
again. 


After making sure the sheet metal is in the correct position, tack the corners; 
then continue a series of tacks by splitting the difference of the distance between 
the tacks by half repeatedly until the tacks all the way around the table are 
roughly 2 inches (5 cm) apart. 

Weld the sheet metal to the frame by welding from tack to tack, spreading out 
the welds to prevent warping. Shown in the diagram above is a cross pattern 
from corner to corner and then side to side. The next welds would be in between 
the first series of welds in a similar pattern. 


Now weld tack to tack. After welding 2 inches (5 cm), move a minimum of 8 inches (20 cm) away before you 
start your next weld. You have a lot of area, so the more you can spread out your welds, the less likely it is the 
material will warp. 


Welding is just like changing the tire on a car: you never tighten the lugs by 
going in a circle but by going in a cross or star pattern to spread the compression 
out evenly. The same concept applies to welding. Start welding tack to tack at 
one corner and then go to the opposite comer, then the middle, spreading out the 
heat. 

There are a lot of schools of thought when it comes to spreading the heat. 
Another method of spreading out heat, for example, on a sheet of 14 ga steel is 
to weld for 2 inches (5 cm) from tack to tack and then move 4 to 7 inches (10.2 
to 17.8 cm) down the same edge and make another 2 inch (5 cm) weld. Seven to 
eight inches (17.8 to 20.3 cm) should provide enough distance to move past the 
HAZ. 

The way I look at it, if you’re welding on a big enough piece, then why not 
move further away. I like to err on the side of caution and do a star pattern to 
really spread out the heat. That way, by the time I get back to the original weld, 
it has cooled enough to continue the weld. This may be overkill, but like I said, I 


err on the side of caution, especially when making a table. 

Tacking is one of the most important steps in fabrication. Always tack a 
structure or piece together before welding any part. This will ensure the piece 
stays as true as possible. 


> Basic Rules and Principles for Tacking and Welding 


TACKING 


e Always tack the piece together first before welding, as tacking acts as a 
clamping mechanism and secures the metal in place, preventing it from 
moving while you weld. 


e Always secure the pieces to be connected in place with clamps. 


e Jacking does not require arc movement, so an increased angle will help 
penetration. 


WELDING 


e The angle of the nozzle must be straight on and perpendicular to allow the 
Shield gas to hit both sides of the puddle evenly. 


e The drag angle should never be less than a 45-degree angle. 
e Brace and support the gun hand with the opposite hand. 
e Always be as comfortable as possible. 


MATERIAL 


e Steel only has limited ability to radiate the heat away from the puddle 
before it becomes too great and “burns though.” 


e The thicker the material, the further the distance a bead can be created. The 
thinner the material, the shorter the distance. 


e For very thin metal such as sheet metal for auto body, you can't draw a bead 
—Just use short tacks. 


e Control the amount of heat you are putting into the steel by limiting the 
distance of your bead; then move away from the that point of heat when 
tacking or welding. 
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Fig. 7-24. Securing the solder lug. 


son to the volumes written on other configurations, so little is 
known of them by the average amateur. Except that they can be a 
bit tricky to tune, there is no rational reason—it’s just a class of 
antennas that has never been fully explored. See Figs, 7-25 and 
7-26. 

One thing that is known, however, is that a loop can be a very 
efficient radiator ¿f it is properly matched to the transmitter. There 
is where the big hole is; few loops are matched to their associated 
equipment, and the consequent poor results quickly discourage the 
user. 

In spite of its apparently large size, the loop described here is 
in the class known as small loops. A small loop is one in which the 
total length of the wire used is small compared to a wavelength. 
Current in a small loop is all in one direction, and is fairly uniform in 
magnitude. This loop uses a full 130 feet of wire—just Y 
wavelength. It is consequently about as big as you can get and still 
have a small loop. 
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Fig. 7-25. 130’ wound in 3 turns 2” apart. L—7 uH, 24 turns, 34” diameter, 
1-¥a" long. C—365 pF. 
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Exercise 1: The Draw 


DIFFICULTY: BEGINNER 


MATERIALS AND EQUIPMENT: 
e MIG welder 
e 5” x 10” (12.7 x 25.4 cm) piece of 16 ga (minimum) sheet metal 
e Welding Helmet 
e Welding gloves 
e Long-sleeve shirt 
e Leather welding jacket or apron 
e MIG pliers 
e Stainless steel wire brush 
e Soapstone 


(Manual UPA 
Refer to chart below to select Voltage and Wire 
Speed based on thickness of metal being welded. 


1. Number on right 

of slash is Wire 
Speed Knob Setting. 
(Example: 4.5 / 65) ||. 
2. Number SE E 


10160 [[z7120 3/30 sano SEM 4/50 45/65 a 6/90 101100) | 


Em o d 4/40 EA. 1078 |} 
— 36/90 35/30 4/35 4.545 5/50 7/80 ; E 


= 355/25 SOET 4.5/35 5/40 TORI ä 
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Refer to the e chart on your welder and set the unit for 18 ga. 


For the first exercise, we will be creating a series of 2 inch (5 cm) straight draws 
called pull welds. These will be surfaces welds, meaning we are not going to be 
actually welding anything together right now. This exercise is designed to 
develop hand motion, vision of the weld zone, and understanding of how to pull 
weld. This will help to build the feel of the speed needed to move through the 
weld zone to create a proper weld without melting though the steel, a problem 
known as “burn though.” 

Find a piece of scrap sheet steel about 5 x10 inches (12.7 x 25.4 cm) hot or 
cold roll. The surface dimension doesn’t matter too much as long as there is 
enough room to practice. The thickness of the piece should be at minimum 16 
ga. This is a good thickness for this exercise to show and help give a better 
understanding of penetration. 

Locate and set the voltage and wire speed combination for 18 ga based on the 
reference chart that’s normally found on the door of your MIG unit. Set the 
machine for a lower voltage and wire speed than the metal for these welds to 
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Tack at the top of the line and then the bottom. For this exercise, the tack will be a two count. 


Because this is practice, it is not completely necessary to remove mill scale 
from the surface of the steel. Cleaning the metal with a stainless steel brush 
should provide enough removal of surface debris. If the piece has paint, rust, or 
excessive amounts of grime, then it should be prepped with some type of disk 
such as a 60-grit flap disk on 4 1/2-inch (11.4 cm) angle grinder. (In the future, 
prep all welds with a grinder.) 

With the soapstone, mark six to ten 2 inch (5 cm) straight lines next to each 


other about 1 inch apart; these lines will represent the weld zone that the bead 
will be created on. Use some scrap steel bar to elevate the piece of sheet metal to 
protect the table surface. Make sure that the ground is clamped to the table or 
directly to the work piece. 
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Concentrate on maintaining a 3/8-inch (10 mm) wire length (called the stick out) during tacking and welding. 


If you are right handed, start with the far right line and move left. If left 
handed, start at the far left line and move right. This will allow you to move 
away from the heat as you practice. 


What we are going to do is tack at the top of the line and then at the bottom. 
For this exercise, a tack is going to be about a two count. Not seconds, just say 
“one, two” in your head. This should give us a tack that is proportional to the 
thickness of the material and the size bead that we want to create. Then we are 
going to connect the two tacks with a bead. 


> The Unbreakable Rules 


e Keep the drag angle pointing into the weld zone. 


e Keep the gun perpendicular so the shield gas hits the puddle evenly. 


e Brace and support the gun. 


Try to be as even and consistent as possible when moving through the weld. The purpose of this exercise is to 
learn the correct speed of the draw through the weld zone in order to produce the correct bead. Move too fast 
and the edges pull in, producing smaller walls. Too slow and the heat radiates and will end up burning 
through. 


Before tacking or welding, make sure that the stick out is at its proper 3/8-inch 
(10 mm) length. If it is too long, snip it with the MIG pliers; if it is too short, let 
some line out with the trigger (away from the ground). While conducting the 


draw, if you start to pull away and the stick out becomes longer than 1/2 inch (13 
mm), the arc will not reach its proper heat. The shield gas also can no longer 
create the proper environment for the arc and keep out inclusions or oxygen, 
resulting in a poor weld. This is what I like to refer to as going fishing, and it 
will result in popping, crackling, and skipping sounds. The sound of the arc 
should be a consistent buzz like bacon frying. 

When positioning the gun into place, touch the wire down to the metal before 
pulling the trigger, but do not keep pressure on the wire. The wire is the 
electrode and the filler material that feeds into the weld, so if pressure remains 
on the wire as soon as the trigger is pressed, the contact tip will plunge into the 
arc and burn back the wire. At higher voltages, this will sometimes cause the 
wire to weld to the inside of the contact tip. If this happens, you will need to 
unscrew and cut away the contact tip with your MIG pliers so that a new contact 
tip can be used. You will not feel the wire feeding into the puddle. Yov’ll need 
to learn to maintain that 3/s-inch (10 mm) distance by sight and feel. 

When tacking or welding, squeeze and hold the trigger. When finished, 
release the trigger before pulling away. This will prevent additional wire from 
being fed. 

Once you have the two tacks down, move to pulling a weld. Put the wire on 
the top tack between the top and the base of the tack right above the line. We are 
now going to do a pull weld. 

What we want to accomplish here is a nice even and straight bead with 
parallel edges. Go too fast and the edges of the bead will suck in and not provide 
the necessary heat and filler metal to complete a good weld. Too slow and the 
heat will spread to the point where the base metal cannot support the heat and 
filler metal. If you move too slowly for too long, the metal will eventually end 
up dropping through and create a hole in the metal, what is referred to as burn 
through. 

If you flip the piece over and look on the other side of the weld, you should 
be able to see where the weld has penetrated. If it looks as though you have 
welded it from this side, that means you were going too slow and the bead 
burned though too much. For this exercise, you should only see heat 
discoloration with an innermost line that mirrors the weld you just created. 
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You want to end up with a bead with parallel edges. If you look at the other side, you can see if you have 
burned though too much. This will be an indicator that you will need to speed up your pace. 

Repeating this exercise several times will help develop a consistent straight 
draw. You should stop and critique the welds after each draw. Focus on the rules 
and principles each time while tacking and welding. When you create a few 
straight and even beads with parallel edges with little to no burn though, you 
have learned the straight pull weld. By practicing this on different thicknesses of 
steel for different sized beads, you will find that the speed of the movement will 
have to be adjusted slightly. 

Welding traditionally involves setting the machine to the proper combination 
of wire speed and voltage, as well as drawing through the weld zone to create a 
bead. This method can be used on thick or thin metals. As you develop your 
skills as a welder, yovu’ll begin to understand when and how to adjust the settings 
in accordance with your technique. 


II 
Using Your MIG 
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Fig. 7-26. The loop is wound three times around the room near the ceiling. 
It's nice if it just fills the room, but it doesn't have to. Also there's no reason 
why it cannot be mounted on the roof. 


Small loops behave as large inductors. They can be tuned to 
any frequency at which they're still small loops with the appro- 
priate capacitor. Their radiation is polarized perpendicular to the 
plane of the loop, and nearly omnidirectional in the plane of the 
loop, with virtually no radiation in the directions perpendicular to 
the plane of the loop. This may seem a contradiction to the next 
statement because of the polarization. A small loop is considered in 
engineering circles to be a magnetic dipole. That is, it does with 
the magnetic component of the wave what a dipole does to the 
electric component. Being primarily magnetic in its behavior, it is 
relatively insensitive, when receiving to lightning and man-made 
static. 

The Super Loop, then, is the largest possible small loop, 
positioned horizontally, and matched to the transmitter with a 
simple L network. It is made with common doorbell wire, since it is 
used indoors. Doorbell wire comes in standard lengths of 65 feet, 
so two rolls make a nice half-wave antenna. It was wound around 
the wall of the room near the ceiling, the runs spaced about two 
inches apart. Where the ends came together, the L network was 
mounted, and 50 ohm coax fed down to the equipment. 

The L network consisted of a 365 uF “broadcast” variety 
variable capacitor, one of the few parts still easily obtained, anda 7 
microhenry inductor. The inductor was made by winding 24 turns 
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The Basics 


Whether you're welding a lamp, a car, or a skyscraper, all projects 
require you know some basic joints and techniques. The more 
advanced the project, the more advanced the techniques you’ |] use, 
but we’ll stick with the basics for now. 


Basic Joints 


Depending on who you talk to, what textbook you read or website you visit, 
there can be any number of different joints, from one to over four dozen. In one 
of the fabrication shops I worked, there was a chart of 48 different weld joints 
with all sorts of names. These all have their purpose for very specific tasks. 
Don’t feel as though you have to go out and memorize all the names for all these 
welding joints though. Most of these joints refer to how the weld is chamfered 
and prepped. 

There are really only five basic welding joints that you should concentrate on 
right now: the butt joint; the corner (or fillet) joint; the tee joint; the lap joint; 
and the edge joint. These five joints are actually derived from only two joints 
when it comes down to how they are welded together: the comer (or fillet) joint 
and the butt joint. 

The corner joint, the tee joint, and the lap joint are all welded with relatively 
the same technique and are all examples of the fillet weld. They are made by 
going into a corner at roughly a 45-degree angle to create the weld in a 90- 
degree corner. 


Corner Joint 


The corner joint is used in many different applications. It’s the most common 
joint used when making furniture, working on a car, or building a flight of stairs. 
There are several schools of thought when it comes to corner joints and its 
variations. A corner joint is defined as two pieces of material that are welded to 
create a corner. Outer, inner, closed, and open are all examples of different 
names of corner joints. 
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The only joint that is different from these three is the butt joint. The butt joint 
is just that: two pieces of base metal butting up to one another to create an even 
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surface. Practicing the method of how to weld a butt joint is the best place to 
start learning how to weld. 
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Tee Joint 


Lap Joint 


Butt Joint 


Edge Joint 


As we move through the book, we will learn more about these joints and the 
proper way to execute a weld for each of them. For now, the focus will be on 
butt joints and developing the movement through a weld. 


Technique 


MIG welding was developed in the 1940’s as an alternative process for welding 
aluminum. It was quickly adapted to the steel industry and is now the most 
widely used electrode arc process today. 

In the early years of arc welding, the traditional way to conduct a weld was a 
straight pull or push method of controlling a weld in progress. The machine’s 
voltage and wire speed combination in relation to the speed of the arc moving 
through the weld zone were the only controls for penetration and performing a 
weld. 

Now that you have a straight pull weld down, it is time to teach you the next 
level of control. Remember what I said: “The number one job as a welder is to 
control fluid.” 

Gas welding—such as oxy-fuel and gas tungsten arc welding (or TIG)—are 
manually fed electrode arc processes where the operator has to heat the base 
metal with a torch in one hand and with the opposite hand has to feed the filler 
metal into the puddle. This style of welding allows for more control! but limits 
the speed in which a weld can be created. Traditionally, having more control 
over the puddle meant having more control over the outcome and look of the 
weld after it was completed. 

In modern welding, terms such as “dimes on the side” or “stacking nickels” 
have become synonymous with TIG welding. These terms refer to the welder’s 
ability to control the outcome of a weld to make it look like a row of coins lying 
on their sides. This became the signature of a welder who has honed their craft. 
This style has become the look for welds on everything from bicycles to custom 
car frames to furniture. It is now the benchmark for recognizing a quality weld 
and welder. 

The looks of these welds have become so popular that robot welders have 
been programmed to duplicate the weld to produce the same outcome. Even 
though at the atomic level the weld may not be any better of a weld than a 
straight weld, it is more difficult to execute. Some techniques of welding do 
increase penetration, but these techniques are not something that a beginner 
welder needs to worry about. 

This outcome for a TIG weld can be mimicked with MIG. The term “MIG 
like TIG” was developed when MIG welders began to experiment with the 
control of the puddle. This control not only produced the TIG effect in the final 


weld, but also allowed more options for conducting welds in progress. This 
cnarked new ctwles and technianes and imnraved methnde far manv acnerte nf 
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welding, such as a greater ability to control the heat going into the base material. 

There are several of these techniques that will produce a wide range of 
patterns in a weld. The one that you are about to learn is a basic hand (or I 
should say arc) motion technique that offers the next level of controlling a weld. 
This is not the technique that will produce the MIG like TIG effect, but it will 
give you a better understanding of how to control the puddle and work your way 
up to that effect. This technique is the root of most other techniques. 
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of #18 wire on a scrap of Ye inch PVC pipe, also easy to obtain (% 
inch pipe has an outside diameter of % inch). When close wound 
with #18 wire, the length of the winding is 1-% inches. If other 
wire size is used; it should be space wound to fill the specified 
length. 

The initial tune-up or Super Loop can be a stinker, and a 
reflected power meter is recommended. Set the antenna tuning 
capacitor to about % of its full capacity. With your transmitter set 
for reduced drive, tune it up as you would a conventional installa- 
tion. Then set the reduced power meter for swr and tune the 
antenna capacity for a dip in swr. Finally, repeak the plate tuning 
capacitor of the transmitter. Because of the relatively small im- 
pedance transformation, the output tuning capacitor (sometimes 
called the load capacitor) of the transmitter can interact considera- 
bly with the antenna tuning capacitor. It is here that things can get 
sticky. The trick is to find that point where the two seem to 
produce minimum swr. Once that point is found, the loop can be 
relatively easy to use. 

The first experiments with the loop brought almost fantastic 
results until it was discovered that the loop was proximity-coupling 
into my outside wire. When the outside wire was taken down, 
results seemed more rational. Good signal reports were obtained 
with satisfactory QSOs as far as 1000 miles or more. The worst 
results came from just over the horizon, which is to be expected, 
since the loop is a low radiation angle device because of its horizon- 
tal position. 

Swr averaged around 1.4 throughout the band, thanks to the L 
network. I have good reason to suspect that the dimensions of the 
loop have some tolerance, since it has the variable capacitor across 
it. There being no “ends” in the wire, the so-called end effect does 
not apply, and the loop dimensions are governed by the wavelength 
in space. As long as there is a fairly small side-to-end ratio, the 
form factor isn't too important. Simply adjust it so that the half 
wavelength of wire makes three full turns. 

I have good reason to suspect that the behavior of the loop will 
vary somewhat from one location to another, since there is no way 
of predicting what length of conductor will be within its field to 
affect it. Nonetheless, based on the reports I’ve had, I think I might 
be on to something. The only truly valid test is its use in many 
different locations, and while I have several amateurs working on 
loops, it will be quite a while before the results can be fully 
evaluated. 
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Exercise 1: Butt Joints 


DIFFICULTY: BEGINNER 


MATERIALS AND EQUIPMENT: 
e MIG welder 
e Two 6 to 10" (15.2 x 25.4 cm)-long sections of 1/4" (6 mm)-thick plate 


e Welding Helmet 

e Welding gloves 

e Long-sleeve shirt 

e Leather welding jacket or apron 

e MIG pliers 

e Stainless steel wire brush 

e Soapstone 

¢ 4 1/2" (11.4 cm) angle grinder outfitted with an aluminum oxide grinding 
disk (stone) 


The technique that we will start with is a pattern that moves the arc back and 
forth between the edges of a “V” chamfered butt joint. This will be the first 
exercise where yov’ll actually be welding two pieces of steel together. Since 
techniques like this keep the heat in one place longer, they will normally only 
apply to thicker materials. 

For this exercise, you will need to grind a 45-degree chamfer in two 6-to 7- 
inch (15.2 to 17.8 cm)-long pieces of 1/4-inch (6 mm)-thick plate steel. 
Remember the order of every project in metal fabrication: cut-prep-tack-weld. 

Remove the mill scale away from the weld zone after chamfering the edges. 
This will ensure that if the weld rolls over the chamfered edge, it will not pull 
any inclusions back into the weld that may cause porosity. 


When chamfering, lock in the angles to get a nice flat surface. 


TER el al i , A 


When you are done chamfering, prep the weld zone by grinding and cleaning the steel close to the weld. 


A and C are the outer lines that will complete the plain. The middle line, B, is where the metal butts together. 


One of the advantages of learning a technique on v-chamfered butt joints on 
material this thick is that there are three distinct lines that define the weld zone: 
the two edges of the reservoir, “A-edge” and “C-edge,” but also the actual line of 
the butt joint, “B.” These lines will help in the same way three-lined paper 
helped people to learn cursive writing. In essence, this is the same thing, only 
writing with the molten puddle of steel. 


Tack at the top first, then the bottom, and finally the middle. 
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Don't worry about a two count when you're tacking this time; instead, just worry about filling the chamfer up 
to the A and C edges. You may need to clamp down on the piece to prevent movement (not shown). 


Tack the pieces together with three tacks—one at the top, one at the bottom, 
and one in the middle—to create two weld zones. Tacking for this exercise is not 
going to be a two count; instead, watch the puddle fill the reservoir to its edges 
(A and C) and then stop. For tacking, always set the machine for the thickness of 
the material being tacked, in this case 1/4 inch (6 mm). For this exercise, it will 
be necessary to increase the CFH (CMH) for the shield gas. The last exercise 
was a thinner piece of metal that required less shield gas. Now that it’s a 1/4-inch 
(6 mm)-long weld, it should be set higher; 30 CFH (0.85 CMH) or the 
recommended flow from the machine’s manufacturer should do the job. 
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Clean the metal after each weld and series of tacks. 
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the steel from moving when heated. It is a good idea to elevate the base metals 
with two pieces of the same size bar to avoid putting heat into the table surface. 


From now on, after completing a series of tacks and before each weld, clean 
the weld zone with a stainless steel wire brush. Notice the carbon burn around 
the tacks that were created? This is all of the ambient particles and debris 
floating around in the air that the shield gas pushed out of the weld zone but 
stayed close enough to the puddle to burn. Welding over this would reintroduce 
these potential inclusions back into the weld zone and create a poor weld. Get 
into the habit of scrubbing your metal now. 

Now that we have everything tacked together, the next step is to weld. For 
these welds, we will be introducing our motion technique. When setting up for 
this weld, it will be necessary to turn down the voltage and wire speed on the 
MIG. The adjustments for the wire speed and voltage are going to be determined 
by the technique used and the machine. 

The shield gas output should be set for the thickness of the material just like 
the rest of the machine. For 14 ga and thicker, the flow should be 30 CFH (0.85 
CMH). This will provide a large enough environment for the larger puddle to be 
protected from oxygen inclusions. 

The back and forth motion you’!l be using will allow the heat to stay in an 
area for a longer period of time so less heat and filler from the machine are 
needed. As you develop as a welder, you will find that you can adjust the 
machine for a number of different approaches. If you find that you like to move 
a little faster with motion and travel, more heat and filler will be required. 
Slower movements will require less. Understand that there is a range: turning 
down the machine too far would result in a small puddle, less penetration, and a 
poor weld. Setting the machine too high will require a faster motion and more 


heat. Finding the appropriate balance of neat and filler tor the technique used 
may take some time and practice. 

Another aspect of heat to consider is how hot the material becomes as you 
weld. When welding on plate metal, you have the ability to go greater distances 
but the heat is also radiating through the metal. The weld zone that is now to be 
welded is at a greater temperature, which makes the metal liquefy faster and 
causes the weld to become too hot. In this case, you would need to decrease the 
heat. This is getting a little ahead of the game though; for right now, it’s best just 
to understand that you can make adjustments to the heat and flow of the material 
depending on the technique you use. 

For this exercise, set the MIG for 1/8-inch (3 mm)-thick steel. This will 
provide enough heat and filler metal to move slowly through the weld zone as 
we execute our technique. This will also depend on the machine itself; some 
machines have a tendency to run a little hot and some a little cold. Remember 
the sizzling bacon sound. 

When setting up for this, put the wire on the “B” line at the very bottom of 
the top tack. All three metals pieces, the two pieces of base metal and the tack, 
should be used to develop the puddle to begin the weld. This may take a second; 
build the puddle until it reaches the A and C edge. 

Once the puddle has reached the edges (A and C), start to move the arc to 
edge C, then back to edge A, in quarter circle motions while drawing the puddle 
back. Basically, you’re lining the bottom quarter of the puddle, back and forth, 
while pulling the puddle with you. Each time, you bring the arc to just break the 
A and C edges with the puddle before going the other direction. 

This motion is not that drastic; it is actually a small motion that only requires 
the movement of the fingers or a small movement of the wrists. It helps to get 
into a rhythm executing this “shark tooth” technique. For every movement to 
one side, the draw is 1/16 to 1/8 inch (2 to 3 mm). The manner in which the weld 
is conducted will determine the speed of the draw and the movement. Speed and 
movement will always be in relation to one another. Increasing the speed of the 
draw will require increasing the speed of the arc movement. 

All of the settings and motions will be determined by the size of the puddle. 
The puddle should remain the same size through the entire weld, just breaking 
the edge as you execute the technique. 

When the first weld zone is completed, take a look and evaluate the weld. Did 
you break the edges? Are you favoring one side? Were you too fast or too slow? 
The end result should be a weld with even edges and an even crown. 

Practice this technique until the bead is consistent, even, the edges are 
parallel, and the pattern of the bead is uniform. Welding is just like learning a 
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A FORTIFIED TWO-METER WHIP 


Are you in need of a good 2 meter mobile antenna? How about 
an antenna for your base station? Or, do you just plain have the 
feeling that your station has become too commercialized and that a 
portion of your setup should be home-brewed? Then, why not try 
this antenna project? In actual checks it was found to compare 
favorably with the commercially-made antennas tested. Whether 
you decide to use the antenna for mobile or base station operation, 
you'll be pleasantly surprised with its performance. The antenna is 
easy to construct and tune, and best of all, it’s inexpensive. 


Design 


One unique feature of this antenna is the construction of the 
whip. It consists of a 4"-diameter fiberglass rod with a shield of 
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Fig. 7-27. A rigid 2 meter antenna for base or mobi le operation. 
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MUSICdl INMSTTUMENt. Practice Makes Perrect. 
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Just break the edge to complete a motion and then go the other way. 


From this split view of the weld in progress, you can see there is a third dimension of movement: a slight half 
dip into the reservoir. Dipping too far can shorten the stick out and cause burn back. 
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Lining the bottom section of the puddle does not allow the arc to go all the way down to the bottom of the 
reservoir. Adding in a little dip into the lower section of the puddle helps to maintain heat and penetration. 


> Remembering the Tip Dip 
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If the contact tip and nozzle look dry or powdery, it may be time to dip it in 
the spatter protection while the nozzle is warm. Don't dip the nozzle when it 
is cold; it could clog the nozzle and block the shielding gas. 


Exercise 2: Corner (or Fillet) Welds 


DIFFICULTY: BEGINNER 


MATERIALS AND EQUIPMENT: 
e MIG welder 
e Two 6 to 10" (15.2-25.4 cm)-long sections of 1/4" (6 mm)-thick plate 


e Welding Helmet 

e Welding gloves 

e Long-sleeve shirt 

e Leather welding jacket or apron 

e MIG pliers 

e Stainless steel wire brush 

e Soapstone 

¢ 4 1/2" (11.4 cm) angle grinder outfitted with an aluminum oxide grinding 


disk or a 60-to 80-grit flap disk 
e 2 right angle magnets 


By now you should have a pretty good understanding of what makes a good 
weld. There are other factors that make a good weld but for now our focus is 
create them. The butt joint motion technique offers a level of control that puts 
the welder in a better position to create a weld and not have to rely so much on 
the machine. It forces the welder to concentrate on the elements creating the 
bead. The outcome is a cleaner and more aesthetically pleasing butt joint. 

That was only one of the five basic joints. Like I said in the beginning of this 
chapter, there are only two joint techniques to start with that comprise the rest of 
the joints and will point you in a direction to other techniques and beads. 

The advantages of learning the butt joint first are getting the timing and pace 
down, then developing a rhythm and pace for the techniques to create a bead. 
The next step is learning how to fight gravity. Yes, gravity. 
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CORRECT: 


2-AXIS (LEG) 


2-AXIS (LEG) 


This is the shape of crown for a fillet weld. The "A" and "C" edges of a butt joint are very useful in assisting 
with vision as the weld is created. When you produce a fillet weld in a corner, there are no lines to follow 
except for the very corner where the two base metals meet. 


ail 6 mm) |" D FILLET WELD 


This is a cross section of a corner fillet weld. 


Unlike the butt joint, there are two distinct issues that make the fillet weld 
harder than the butt joint. One is gravity. You now have a vertical axis to 
contend with. Fluid wants to naturally flow with gravity, so if the proper speed 
and angle of the pull weld through the weld zone is off, the puddle will want to 
sag and toe out. When a puddle toes out, the fluid metal flows with gravity and 
sags, creating a toe-like shape on the base metal. 
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Use a grinder with a flap disk to prep the tee joint weld zone. 


Executing a traditional pull weld into a corner creates a few challenges. For 
the correct size weld, the bead “legs” should be as long as the material is thick; if 
the material in this diagram is 1/4-inch (6 mm) thick, then each of the legs on the 
Y and Z axes should be 1/4 inch (6 mm). To avoid the puddle from toeing out, 
the speed of the weld needs to increase. 

If the speed is increased, then the bead gets smaller. A smaller puddle means 
less penetration. To counter this, the wire speed and voltage combination have to 
be adjusted. This will increase the heat and filler metal for better penetration and 
allow for the puddle to move through the weld zone faster and produce the 
necessary weld. 
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When tacking and welding, you always want to hit the puddle evenly. That means going into a 90 degree 
corner with the nozzle at a 45 degree angle. 


The other way to produce a proper fillet weld is another motion technique that 
will allow for better control of the puddle. Just like the butt joint motion 
technique, the fillet has its own patterns and outcomes. Also just like the butt 
joint, the primary rolls don’t change. Be comfortable, brace the gun neck with 
your opposite hand, point the nozzle straight into the weld zone, and have an 
even angle on both sides of the stick—in this case a 45-degree angle. The stance, 
posture, and support should all transfer to the set up and execution of a fillet 
weld. 


Set up first and get comfortable with the angle you will be welding at. 


Fig. 7-28. The coil protective cover has been removed in this picture to 
show details of the base coil. 
copper braid. This design was selected because it provided rigidity 
to minimize deflection during high winds or mobile operation. 
Research has shown that deflection of the flimsy-type whip caused 
degradation of the vertically polarized signal. In some instances, 
the efficiency of a %-wave antenna actually becomes less effective 
than a Y4-wave antenna. 

The fiberglass rod is from the pennant-topped-type whip that 
is made for mounting on bicycles. Many retail stores have given 


For tee joints, move from one corner to the next cross/opposite corner, as shown in this diagram. 


PULL DIRECTION | 


With this looping technique, always move in an up and over direction. Think of a wheel rolling. 
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from the heat going into the steel. 


After the pieces have been prepped and secured in place, tack them together 
in a way that moves furthest away for the last tack. Set the MIG for 1/4-inch (6 
mm)-thick material. Hold the gun at a 45-degree angle, go into the corner, and 
touch the wire down to tack the pieces together. 

Now that the piece is tacked together, clean the tacks with the stainless steel 
wire brush in order to prep for welding. To assist in fighting gravity, the 
movement of the technique, or shape, is an inverted cursive lower case “L” or 
“E” pattern, as shown in the diagram on the left. Leave the machine set for 1/4- 
inch (6 mm)-thick stock. Set up with the gun at a 45-degree angle. This 


movement will begin by starting the puddle at the base of the forward tack. As 
the puddle develops to the correct size, move the arc up and down in this pattern 
while pulling through the weld zone. 

These elongated circular movements will create a sort of vortex or cyclonic 
action that will help push the puddle back up onto the vertical piece of material, 
not allowing the puddle time to toe out. The speed and length of this technique 
will be determined by the material thickness. 
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Split the angle of the corner in half so that the nozzle is 45° on both sides. Make sure the shield gas is hitting 
the puddle evenly. 


As the material becomes thinner, the shape of the pattern shortens and 
becomes more of an inverted cursive lowercase “L.” As the metal increases in 


thickness, the more the shape elongates and becomes more of a cursive lower 
case “E.” This pattern can also be inverted for different effects on the surface of 
the puddle. 

When going in to a corner from the right, I recommend using a 
counterclockwise motion as shown in the diagram on the right. This way, the 
movement of the arc is on the downward direction, then up again to pick up its 
own tail. Going in from the left would be opposite direction, clockwise. This 
means that on either side the motion is always up and over towards the direction 
of the weld. 

Just like any other technique, this will only apply to thicker materials. The 
thinner the material becomes, the smaller the puddle and the better chance of 
burn though. Practice this technique until the edges are consistent, even, and the 
legs are equal to the thickness of the material. 
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The arc motions rolls like a wheel, up and over. 


Clean the weld zone with the stainless steel wire brush and then continue the weld. 
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Here all the basic joints are tacked together, prepped, and ready to weld. 


The Rest of the Joints 


After practicing the techniques for butt joints and tee joints, the rest start to fall 
into place with relatively few problems. The hard part is out of the way. Let's 
touch base on how the rest of the five basic joints weld together. 


Corner Joints 


Corner joints can use the same technique that is used for butt joints. The 
technique used is determined by the way the corner joint is positioned. If it’s an 
open outer corner joint with each leg 45 degrees from the floor, then it is better 
to use more of the back-and-forth shark tooth pattern, like a butt joint. 

As with butt joints, the movement of the draw will always be in relation to the 
motion back and forth, dipping just under the A and C edges a little as you go. 
Because of the way the heat is distributed in a corner joint, the edges will break 
sooner that a butt joint. Remember that full voltage and wire speed combination 
may not be needed when doing a technique for this style of a corner joint. 


Corner joints like this will use the same shark tooth technique as a butt joint. 
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Start tacking by putting the wire down at the bottom of the joint. 


puddle evenly. 


le 


d pre, 


= 


on and perpendicular so the shield gas hits the 


away these whips as promotional items. They also are readily 
available from department stores and bicycle shops for approxi- 
mately $1.25. 

The impedance matching coil is 3 turns of No.14 tinned copper 
wire wound on a wood thread spool from your XYL's sewing 
basket. It is tapped 1-% turns from the ground end. A small ceramic 
trimmer capacitor across the coil provides a precise match in 
conjunction with the base coil tap. The impedance matching circuit 
is protected from the weather by enclosing it in an empty plastic 
container. Fish food had come in the container we used. 


Construction and Assembly 

Since no tricky construction or special tools are needed, no 
problems should be encountered. The fiberglass rod is prepared by 
drilling the 1/16”-diameter hole from the bottom as indicated in the 
diagram. Another 1/16”-diameter hole is drilled on the side of the 
rod at point A. This should be drilled at a slight angle towards the 
bottom to make the routing of the coil tap wire easier. The depth of 
this hole is only to the extent of meeting with the hole previously 
drilled from the bottom. When drilling these holes in the fiberglass 
rod, it is important to use a sharp drill and not allow the drill to heat 
up. It is best to cut the whip to proper length after the coil form is 
secured in place. 

Prepare the coil form and other parts as indicated. Check that 
the hole in the spool is of the proper diameter to permit the spool to 
slide on the rod. The notches filed into the coil form prevent the 
coil from slipping. The hole for the coil tap is displaced Ys of a turn 
from the alignment of the bottom notch. 

After the coil form is prepared, feed the 20-AWG tap wire 
through the tap-wire hole and out the bottom of the spool. Slide the 
form over the fiberglass rod and carefully route the tap wire 
through the drilled hole at point A and downward through the rod, 
out the bottom. Allow sufficient length for the tap wire to be 
soldered later in the PL-259 connector. Apply epoxy glue to the 
appropriate rod area, slide the coil form into its proper position on 
the rod, and take up any slack in the top wire. The final position of 
the coil form should be such that the tap-wire holes in the spool and 
the rod line up with each other and the rod extends sufficiently 
below the bottom of the spool to accept the UG-176 adapter. To 
hold the tap wire securely in position, apply a small amount of 
epoxy to the tap-wire opening in the spool and at the bottom of the 
whip. 
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Try to remain braced and supported. If the weld is higher up, find something that height to rest your support 
hand on that will slide on the table. 
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You should have a drag angle of no less than 45 degrees. 


CORNER JOINT 
(FILLET WELD) 


For outer corner joints, it is only necessary to break the edges. This will happen faster than butt joints. 


This is a great general purpose technique that can be used on all sorts of projects. The more you practice, the 
better you'll get. 


Lap Joints 


You can now begin to see where I’m coming from in regards to the welding 
techniques for the basic five joints. They’re all similar in the way they are set up 
and executed, with very subtle differences in the way they are welded. Gravity, 
the HAZ, and the angle are all factors that determine the way in which to 
conduct a weld. 

The lap joint, for example, is essentially a tee or corner joint. The most 
noticeable difference is that one of the surfaces will spread the heat out through 
the rest of the material, where the other surface has an edge to break. 


The technique is the same as the fillet weld on page 116. Go into the corner at 
a 45-degree angle, create a puddle, and then draw back with the same pattern, 
breaking the top edge of the piece. 


Edge joints radiate the heat straight down. You may not need to use a puddle control technique on them. In 
some cases, It is even necessary to dial down the voltage and wire speed. 


The Edge Joint 


Most of the time an edge joint will be made with a straight draw. The way the 
two pieces are put together doesn’t allow for the heat to be spread out the way it 
would for a butt joint or a tee joint. For an edge joint, the heat is more 
immediate. Since the heat is concentrated directly down, the puddle is essentially 


following the heat, which makes it more intense. The amount of time for the 
puddle to develop and to create a bead is almost split in half. On thinner metal, 
dialing down the machine setting is always helpful to create a bead on an edge 
joint. 

I have to say that the edge joint is my least-used joint. I’ve only needed it a 
few times for fabrication projects that usually have something to do with angle 
iron and building steel staircases. 
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Here are all the basic weld joins. Practice arc movement and puddle control on thicker material. On thin metal, 
a more traditional straight draw will work best. 


So there it is. All the basic weld joints welded together. Practice all of these 
techniques. Understand that the thinner the material gets. the less distance vou 
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can travel with the puddle and the less technique you can use. Techniques, such 
as the ones taught in this book, will only apply to thicker materials. I will use a 
similar technique down to about 14 ga; when the metal gets thinner than that it’s 
time to start doing a straight draw. Once you are comfortable and feel that you 
are laying down consistent beads on both thick and thin metals, it’s almost time 
to start making things. 


Exercise 3: Jigs 
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DIFFICULTY: BEGINNER 


MATERIALS AND EQUIPMENT: 
e MIG welder 
¢ Two 2 to 3" (5-7.6 cm)-long pieces of scrap 1 1/2"(3.8 cm)-square tube 
¢ 10" (25.4 cm)-square section of 14 ga (or thicker) sheet metal 
e Welding helmet 
e Welding gloves 
e Long-sleeve shirt 
e Leather welding jacket or apron 
e MIG pliers 
e Stainless steel wire brush 
e Soapstone 
e Carpenter or framing square 
¢ 4 1/2" (11.4 cm) angle grinder outfitted with an aluminum oxide grinding 
disk or a 60-to 80-grit flap disk 


In addition to knowing basic welding techniques and joints, it’s also useful to 
know how to make a jig. A jig is a custom-made tool that is used to limit the 
motion of another tool or the motion of the piece clamped to it. This allows the 
project to be worked on with more accuracy. 

For this jig, you*11 need a few pieces of square tube. These can be drops you 
have lying around or ones you cut. These should be about 2 to 3 inches (5 to 7.6 
cm) in length; they need to be long enough so that a locking C-clamp can clear 
one of the sides to be secured. You will also need a piece of sheet metal to weld 
the two pieces of square tube on. The best thing about this jig is that it will line 
up not only one edge but up to three axes for projects like The Cube in the next 
chapter. 


You can use almost any scrap laying around the shop to make a jig. 
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To make a right angle jig, use two pieces of square tube and a carpenter square. 


Two holes must be drilled in the cover of the coil protector. A 
Ye” hole in the center will permit it to be slipped over the bottom of 
the whip. With the cover in position on the whip, use the notch of 
the coil form for determining the position of the second hole. This 
is a Ys” hole and should be drilled in the correct position to allow the 
ground end of the coil wire to pass through the cover and be 
soldered to the PL-259 connector. After both holes are drilled in 
the cover, epoxy the cover (threads towards the coil form) to the 
bottom of the wood spool. Position the feedthrough hole in the 
cover so that the tap occurs at 1-% of a turn when the coil is added. 

With epoxy applied to the bottom of the fiberglass rod, slide 
the UG-176 reducer onto the rod and up against the container 
cover. Check that none of the other parts has slipped from its 
proper position. At this point of construction, it is best to allow the 
epoxy to harden before proceeding. 

After the epoxy hardens, the UG-176 reducer can be screwed 
into the PL-259 and the tap wire soldered in the center pin. 
Measure 42% inches from the top of the coil form and cut the whip 
to length. 

The next step is to slide the copper braid shield over the 
fiberglass rod. Tinned braid is recommended. However, if this is 
not readily available, the shield from RG-8/U coax cable will work 
fine. If the braided shield is too snug to readily slip over the rod, the 
diameter of the shield can be enlarged by squashing the braid 
together a little bit at a time. If the diameter of the shield has to be 
enlarged to any extent, be sure to allow for the shrinkage in length 
that will occur. The braided shield is slipped over the full length of 
the rod down to the coil form. The shield can be snugged to the rod 
by running your hand tightly along the braid. 

One end of the coil is secured by routing a 24” piece of 
14-AWG wire through the hole in the cover and soldering it to the 
side of the PL-259 connector. With the one end secured, the 3-turn 
coil can then be easily wound on the form and soldered to the whip 
shield. Solder the tap wire 1-¥ turns from the coil bottom (ground) 
and the trimmer capacitor across the entire coil. Cut off the braid 
shield so that it extends 38” above the top of the rod; twist and 
solder. To protect the whip from the weather, shrink tubing, 
plastic electrical tape, or a protective spray can be used. 


Mounting 
For base station operation, I used a simple L-shaped 
aluminum bracket with an SO-239 connector RG-58 coax, and four 
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clamped to. 


Cut two lengths of square tube to 2 or 3 inches (5 to 7.6 cm) in length. Line 
up the pieces of square tube so that the corners face each other. Using a square, 
line up the two outermost sides of the two pieces of tube. 

Tack the tubes to the sheet metal with a fillet tack (see page 116). Make sure 
not to tack on the outermost edge, as this will be the edge that you*11 clamp the 
sides of your work pieces when you use the jig. Tack the first tube into place and 
then check that the second tube is still square with the other. After both pieces 
are tacked into place, check again for square. If they are not square, cut the tacks 
off of one piece and re-tack until they are square. With the jig squared and 
tacked in place. it is readv for use. 


Other Welding Situations and Positions 


Before we get to building things, I want to show you a few variations of how to 
conduct a weld. Sooner or later there will be a situation where you don’t have 
the luxury of welding on a flat surface. There will always be a need to be able to 
weld from different angles and directions. 

It’s great to work on a small piece on a nice flat work surface. Small pieces 
allow more freedom of movement. If you're not comfortable welding in a certain 
direction, or the piece is too far away, or if the piece needs to be welded in a 
different location, simply pick up the piece and situate it in a way that allows 
you to be comfortable and have the best angle. 

But what happens when you're working on something larger than the table, 
like another table or maybe a vehicle? When the piece becomes too heavy or too 
large to make adjustments, you have to be the one to adjust. Putting yourself into 
situations where you have to do vertical welding or adjust the position you 
normally weld from will help you develop your skills as a welder. 


Vertical Welding 


There are two methods of vertical welding, uphill and downhill. It is much more 
difficult to execute an uphill bead than a downhill bead: either you have gravity 
with you or against you. However, despite being harder to execute, uphill welds 
are stronger because they give you deeper penetration. 

An uphill weld is the movement of the puddle up a weld zone with a push 
motion. The advantage to uphill welding is that the puddle penetrates deeper into 
the metal from the force of gravity pushing down on it. Since gravity is against 
the puddle, it wants to eject itself from the weld in progress, meaning the fluid 
that makes up the puddle wants to fall out of the weld. This makes it very 
difficult to control. This style of welding is normally used in industrial situations 
such as building ships, bridges, and other structures that require additional 
penetration. 

I'll confess I don’t do much uphill welding because most of what I do does 
not require an uphill weld, nor do I work with material thicknesses that would 
require more penetration. There are also a few tricks that I have learned over the 
years to give me better penetration using a downhill weld. 

Setting up for a vertical downhill weld is basically the same as you would for 
any weld: the nozzle still has to be straight on and perpendicular, you should still 
be as comfortable as nossible. and vou should still sunnort and brace the gun 
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with your opposite hand. What does change is the drag angle. I exaggerate the 
angle by positioning it under the puddle so that the shield gas actually helps 
decrease the speed of the fall. Then, with a back and forth motion technique, I 
slowly draw the bead out. I call this pattern the falling leaf. This pattern helps 
you control the puddle’s fall and keep it in place longer. 
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When vertical welding, always try to find a way to support your hands; if you only have the ability to use your 
pinky, use your pinky. Magnets come in handy as supports when vertical welding. 


PUDDLE aA | WIRE CONTACT) 
í ARC POINT 


Like the shark tooth motion for a butt joint, build the puddle and move the arc in a falling leaf pattern. For 
every motion in one direction, let the puddle drop 1/16 to 1/8 inch (2 to 3 mm). 
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As you can see in this cross body weld, the direction of the nozzle is still straight into the weld and | am 
perpendicular on both sides. In order to do a cross body weld, | don't break the rules, but | do have to position 
my trigger hand towards me a little in order to keep those angles and adjust my drag angle. 
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As shown in this image of welding a corner joint cross body, the nozzle is still straight on with an even angle 
on both sides. Again, weld straight on and perpendicular with a good drag angle. 


Cross Body Welding 


Another great method of welding that helps a lot is cross body welding. You will 
see a lot of cross body welds in production welding. Set up so that the line of the 
shoulders is parallel with the line to be welded. A lot of welders prefer this 
method because it allows for better vision of the weld in progress. Instead of 
pulling toward the body, this is a movement across the front of the body. 

The unbreakable rules do not change. The drag angle of the nozzle still has to 
point into the weld, you still need even angles on both sides of the puddle, and 


you still need a consistant 3/8 inch (9 mm) stick out. 

Now that you know a few variations of welding positions and styles, you can 
develop your own way you would like to set up and weld. As long as you don’t 
break the basic rules, with a little practice you should be able to execute a 
consistent bead every time. 


Projects 


By now you've mastered the basics and can draw a bead, tack, and 
weld a variety of joints and even a jig. Now we’re going to put 
everything together with a couple of projects that will hone your skills 
even more. 


Don’t forget to follow the safety procedures we discussed in Chapter 2. 
Welding is only fun if it doesn’t include a trip to the emergency room. 


19%" ground radials. This arrangement is secured with U-bolts to 
the mast above a triband beam. For mobile operation, the bracket 
design is dependent on the type of car and individual desires. For 
my mobile operation, 1 mounted a simple bracket and connector 
arrangement directly to the luggage rack. 

Tuning 

The easiest method to tune the antenna is witha field-strength 
meter at a distance of approximately 2 to 3 feet. With the antenna 
connected and the transmitter keyed on an unused simplex chan- 
nel, adjust the trimmer capacitor with a non-metallic screwdriver 
for a peak field-strength indication. The vswr will be minimum at 
this point. Numerous antennas have been built, and, on all occa- 
sions, vswrs of less than 1.2 to 1 were obtained. The antenna, of 
course, should be situated away from all objects and as high off the 
ground as practical during tuning procedures. 

With a 5/16”-diameter hole drilled in the bottom of the plastic 
container to accommodate the whip, slide the container over the 
whip and screw it into its cover. If the container affects the tuning 
of the antenna, drill a hole in its side and retune the antenna with 
the container in position. With RTV, seal the top opening of the 
container, but not the bottom. The hole in the cover will help 
prevent any moisture from accumulating. 

Do you want to generate conversation? Just mention on your 
local repeater the fact that you're using a home-brew antenna. 


THE POTTED J 


Some antenna is better than no antenna at all. In many cir- 
cumstances where adverse weather conditions are encountered, a 
primary consideration should be to have an antenna that will func- 
tion dependably even though it might not provide the last dB of 
gain. This antenna is designed primarily for 2 meter repeater 
usage. The antenna has only a modest amount of gain over a simple 
ground-plane antenna. But, it has far better structural integrity. 
The materials used to construct the antenna might vary a bit 
depending on what is available locally, but the design permits 
construction by anyone using only simple hand tools. 

The antenna form is a commonly used variation of the old- 
fashioned J antenna shown in Fig. 7-29. The variation, as shown in 
B, simply uses a closed metal cylinder for the lower Y A section 
instead of the open-style construction of the original J antenna. 
This type of construction has a number of advantages, such as easy 
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Project 1: The Cube 
A 
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SKILL LEVEL: BEGINNER 


MATERIALS AND EQUPMENT: 

e MIG welder 

e Two 2 to 3" (5-7.6 cm)-long pieces of scrap 1 1/2" (3.8 cm)-square tube 

e 10" (25.4 cm)-square piece of 14 ga sheet metal 

e Welding helmet 

e Welding gloves 

e Long-sleeve shirt 

e Leather welding jacket or apron 

e MIG pliers 

e Stainless steel wire brush 

e Soapstone 

¢ 4 1/2" (11.4 cm) angle grinder outfitted with an aluminum oxide grinding 
disk or a 60-to 80-grit flap disk 

e Cutting disks 

e Corner jig 

e 2 locking C-clamps 


Creating a cube has a very important place in my life. It was the very first 
project that my professor assigned to me as a new metal arts student. I could 
only use a grinder, an oxy-gas torch, and of course a MIG. When finished, it had 
to be a perfect 6-inch (15.2 cm) cube. It taught me time, patience, and the 
importance of accurate measuring. Even more importantly, it taught me the 
reason why tacking a piece together first before welding is so crucial. That cube 
tought me so much that I incorporated that same assignment into what I teach 
today to my new welding students. That is why it will now be your first project. 


The cube that you will be fabricating will be made of 20 ga mild steel. Every 
weld on this cube will be outer open corner joint. How you weld them is up to 
you. The project will be an exercise in welding thin metal, spreading out the 
heat, and precision. It seems simple enough, right? By following the process of 
Cut-Prep-Tack-Weld, it will be. 


Cut 


Start where all projects start in fabrication, by coming up with a list of the parts 


that you need to make the piece to be fabricated, in this case a 6-inch (15.2 cm)- 
sanare cube You will need to measure and ent six 6-inch (15 2 cmi-sanare 


pa Md qe ULULI 9 LE MSI WwAL vv LD. LL WY GE v u LLU vA ML WwW wilt We a i bh weit a wT law EE a = aay ee 


sections from a sheet of 20 ga mild steel (hot or cold roll). If you overlook 
anything, it will probably be the importance of size and shape of each side. 
Having squares that are exactly the same size will help you avoid a world of 
trouble. 

After cutting out the squares, even them up by clamping them together so that 
two of the squared edges are flush. 
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Your squares will not make a good cube if they are not all the same size, even, and square. Clamp them 
together so they are even on two edges. 


Grind down the two uneven sides until they are even. 


Check the length of the sides as you go to make sure they stay square. 


Use a grinding stone on an angle grinder to even out the other two edges. You 
can also use a bench grinder, just be careful not to round off the edges and leave 
some edges shorter than the others. 

After grinding each of the two sides, make sure the pieces are still the correct 
length and are still square. 
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hold the sides in place. 


Prep 


Now that all six sides are perfect 6-inch (15.2 cm) squares, the next step is to 
clean and prep the metal. With an angle grinder and flap disk, make sure that all 
the surfaces around the weld zone are raw steel. 


mounting on any type of mast, relatively inconspicuous appear- 
ance, and an all-metal, de grounded structure. Since the antenna's 
central element and the metal cylinder are electrically shorted at 
the base of the antenna, that point will be a low impedance point. At 
the other end of the % A cylinder, there will be a high impedance 
point where consideration has to be given to proper insulation 
between the metal elements of the antenna. 

The mechanical dimensions of the antenna are given in Fig. 
7-30. Depending on the materials available locally, the diameters 
of the cylinder and the radiating element can vary a bit from those 
shown. But the lengths should be closely maintained and dimen- 
sioned using the formulas shown in Fig. 7-29 for the particular 
segment of the 2 meter band of interest. The mechanical construc- 
tion can vary a bit from that shown as long as the dimensions are 
maintained, the central element is securely grounded to the bottom 
of the % A cylinder, and the coaxial feedline is connected properly. 

In the method of construction shown, the end of the central 
element is flattened out at the bottom and bent and bolted to the 
bottom side of the % A cylinder. Additionally, a small piece of the 
same material as the central element is flattened out and used as a 
brace to the other bottom side of the cylinder. The coaxial cable 
shield is connected via a ground lug to the inside of the cylinder and 
the inner conductor is either soldered or connected to the central 
element at the point indicated via a ground lug. The connection to 
the central element can be made before that element is inserted in 
the cylinder. The connection of the cable shield must be made after 
insertion. This requires a bit of dexterity working in the narrow 
cylinder, but with good lighting and patience it can be done. One 
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Fig. 7-29. Basic J antenna (A) and variation where lower Ya A section is in 
the form of a cylinder (B). 
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Tack 


It’s time to tack our pieces together. For this we will need to clamp our pieces 
together at a perfect 90-degree angle. We could use magnets similar to the 
method used in Chapter 5 for a corner joint. Instead, use the jig you constructed 
in Chapter 5. The jig will line up not only one edge, but three of the axes needed 
to make the cube. 

Use two locking C-clamps to secure two sides of the cube onto the jig, one on 
each side. 
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Put one tack in the middle of the two squares. 
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Once one edge is completed, add another side the same way. Clamp and tack in place. 


| 
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Once the cube is tacked, check to be sure everything is square. Small errors can be fixed with a hammer, but if 
it's off by a large margin you'll need to cut the tacks and start over. 


After the edges of the two sides are lined up and everything is square, tack the 
two sides together with one tack right in the center. 

Repeat the same steps as you rotate the box and add the rest of the sides. 

If all has gone well, you should be able to fit the last two sides on the top and 
bottom. Tack each of them into place with four tacks, one for each edge right in 
the center. Once you have one tack in the middle of each edge of the cube, 
square it up. 


and in the correct alignment, tack the corners. 


If the cube is not square, it may not be necessary to cut the tacks and redo the 
entire piece. If it appears to be out of alignment, use a hammer to tap it back into 
square. This method of tacking will still allow for a little movement; the tacks 
will bend enough for it to be realigned with a hammer. When the cube is aligned 
properly, secure it for welding with more tacks at all of the corners. 
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The cube should look like this when it is tacked together. 


Weld 


We have cut, prepped, and tacked, and now it’s time to weld. While you don’t 
necessarily have to use a specific technique when welding on steel this thin, on 
thinner materials it is best to do a push weld with an increased travel angle (drag 
angle but pushing), about 10 to 15 degrees with the nozzle. All of the other rules 
are the same. The nozzle will still need to be straight on and perpendicular, and 
you always want to maintain even angles on both sides of the nozzle. 
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You will only be able to weld about a 1/2- to 3/4-inch (13 to 19 mm) at a time with a straight pull or push on 
steel this thin. 
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Mark sections on the cube in soapstone to plan your welds. 


Because the metal is so thin, it will burn though and warp much faster than 
you may expect. You may have to adjust the setting on the MIG for a little less 
heat and filler. This means that while you're welding, you will need to do short 
welds in less time to really spread out the heat. 

Use a soapstone to mark 1/2- to 3/4-inch (13 to 19 mm) sections. These marks 
represent the length of each of your weld zones. Start with one corner section 
and weld a 1/2-inch (13 mm) length; then move diagonally across to the opposite 
side for the next weld. Repeat this so that the heat is spread through the entire 
piece. After one series of welds, it may be necessary to let the cube sit for a 


minute to cool down and prevent warping. 
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This is an example of key holing. 


While welding the cube together, you may notice a slight burnthough start to 
form ahead of the weld. This is referred to as “key holing” and is a good 
indication that you should stop welding. This overheating can also lead to the 
piece warping or further burnthough. If it happens, quickly speed up the motion 
or dial down the heat and filler. It is perfectly fine if it happens right at the end 
of a section. 

When the entire cube has been completely welded up, you're done. The only 
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sidewalk or schoolyard away from people or anything breakable. Throw the cube 
10 feet (3 meters) in the air, stand back, and let it come down on the pavement. 
Pick it up and inspect the welds. If you don't see any cracks or fractures, good 
job! You have successfully fabricated a cube. If there are cracks, then do it 
again; at least it will be fun. 


this image, I'm using my jar of spatter dip to perch my hands on during welding. 
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Fig. 7-30. (A) A cross-sectional view of the antenna giving dimensions 
centered in the 2 meter band. (B) APVC pipe reducer used to insulate and 
center the vertical radiator at the top of the % A cylinder. 


handy way to help things along is to temporarily glue the nut for the 
bolt holding the ground lug on a thin piece of wood. Once the nut is 
started on the bolt, the wood piece can be broken away. 

Before the final assembly step, check the electrical perfor- 
mance of the antenna for swr. It should check out with a very low 
swr if proper dimensions have been maintained. If one wants to 
optimize the swr, the feedpoint on the central element can be 
varied slightly up or down. Usually this can be done without having 
to change the connection point for the ground shield of the coaxial 
feedline. This does mean going through the procedure of having to 
take out and reinsert the central element, but it is not at all that 
tedious after one does it once or twice. During this test, the central 
element can be held centered in the upper end of the cylinder by a 
PVC reducer fitting as shown in Fig. 7-3. These reducer fittings 
can be found wherever PVC piping fittings are available and one can 
be found which will fit exactly over a pipe having a 1%” outside 
diameter. 

The final and most important step in assembly is to fill the 
cylinder in completely with an insulating compound. This will give 
the antenna its final mechanical rigidity and, more importantly, 
completely exclude moisture leakage or condensation in the cylin- 
der. Many potting or sealing compounds can be used as long as they 
contain no form of metal filler. The plastic resin body fillers sold in 
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Project 2: The Welding Table 
p- 
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a 
SKILL LEVEL: Intermediate 


MATERIALS AND EQUPMENT: 
e MIG Welder 
e Two 24’ (7.3 m)-long sticks of 1/8" (3 mm)-thick wall, hot roll 2" (5 cm)- 
Square tube 
e 24’ (7.3 m)-long stick of 14 ga, hot roll 1" (2.5 cm)-square tube 
e 4’ (1.2 m)-square, 1/4" (6 mm)-thick cold or hot roll plate. (Note: This is for 
a very large welding table. Make adjustments to the measurements as needed 
to fit your space.) 
e Welding helmet 
e Welding gloves 
e Long-sleeve shirt 
e Leather welding jacket or apron 
e MIG pliers 
e Stainless steel wire brush 
e Soapstone 
¢ 4 1/2" (11.4 cm) angle grinder outfitted with an aluminum oxide grinding 
disk or a 60-to 80-grit flap disk 
e Chop saw 
e 3-Axis clamp, right-angle magnets, or jig 
e Saw horses 
As a welder, you will do a lot of projects, small and large, that require having a 
good welding surface. Aside from the welding machine itself, you will find that 
the welding table is one of the most important pieces of equipment in the shop. 
There are many different manufactures of welding tables that provide a wide 
variety of different options for accessories, sizes, and clamping systems. But 
Starting off in welding by fabricating your own welding table is a great project. 
Creating a table that is true, square, level, and plum will give you a greater 
understanding of what to expect when building future projects such as furniture. 
It will also provide you with a great new tool to help build those future projects. 


There are a lot of factors to consider when creating a good welding table. In 
the future as your abilities and needs grow, you will discover other things that 
you may want to incorporate into building the next welding table. For now, we 
are going to be focusing on something practical and simple. 


Considerations When Making a Good 
Welding Table 


First and foremost is conductivity. The table has to be made of a material that 
allows the current to flow through the entire table. If working on something 
small, such as a jewelry box, you can’t necessarily clamp the ground directly to 
the piece without it becoming awkward. You can, however, clamp the ground to 
a metal table that will allow the current to flow through the table and then 
through the work piece as you weld. 

Normally, you want to make your welding table out of the same material you 
plan to do the most welding with. When welding high volumes of stainless steel 
or aluminum, it is good to have a stainless steel table to prevent contaminating 
the weld zone. Both of these materials are much more expensive and harder to 
work with, and you’re not there yet. Most common welding tables are made 
from hot or cold roll carbon steel. A mild steel welding table will last a long time 
and provide a multitude of functions. 

Second is size. This will depend on the amount of space you have to work 
with. If working in a small garage, you obviously don’t want to build a table out 
of a full 4 x 8 foot (1.2 x 2.4 m) sheet of steel. Choose a size that will be enough 
to work on and at the same time not overpower the workspace. 

This is also a great opportunity to customize the table for your needs and 
comfort. If you are six and a half feet (2 m) tall, consider making the legs higher 
so you are comfortable standing and sitting at the table. Predetermine your own 
height dimension by picking out a stool that is comfortable. Remember rule 
number one: be comfortable when you are welding. Pick a table height that will 
allow you to be comfortable both when you're sitting on your stool and when 
you're standing. Measure the height to your preference when you are seated and 
then find a surface that same height to see if you will also be comfortable 
standing. 

The third thing to consider is mobility. Metalworking is a heavy lifting 
hobby. You are going to do enough of it without having to move a 300 pound 
(136 kg) steel table around. Heavy-duty locking swivel casters are great not only 
for the mobility of your table, but they also turn the table into a cart. This means 
that as a work piece grows heavier as you work on it, you won't have to carry it 
around the shop to access other equipment. 

The locking casters work great when you have to lean on the table to get more 
leverage. You don’t want it rolling away from you mid-weld. When you are 


done for the day and want to save space for the car or motorcycle, simply roll the 
table to the side and out of the way. Casters are also something that needs to be 
considered when determining the height of the legs. Most casters that I use are 
roughly 4 inches (10.2 cm) tall, so remember that when designing your welding 
table. 

Next is functionality. It is always good to be able to clamp your materials 
down to keep them still while you weld. Having clamps accessible and close by 
is always a good thing. Rails made of 1-inch (2.5 cm)-square tube on the side of 
the table will be useful for hanging and storing clamps. This will make the work 
go more smoothly as you won't have to search the work area for clamps. This 
will also make a great location for your ground to be clamped; some ground 
clamps don’t open a full 2 inches (5 cm), so having a smaller, out-of-the-way 
piece of steel to clamp the ground to is preferred. 

Another thing to consider when determining size and clamping is the sheet of 
steel that will make the top of the table. Having a good 2-to 4-inch (5 to 10.2 
cm) lip from the outer edge to the table’s top frame will help you clamp future 


projects in place. As you can imagine, this will greatly affect the size of the 
frame and the top surface. 


One of the most important pieces of equipment in a shop is the welding table. 
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Do you want the table to have a cutting surface? Do you need cutouts on the 
surface to give you more clamping area? If you want your table to double as a 
cutting surface, you will want to construct a portion of the top with a mesh or 
vertical bar stock to one side of the table so the spatter can fall though (see Tools 
and Equipment in Chapter 2 for methods on cutting metal). If you want more 
clamping area, you should have slats cut into the surface plate before welding it 
on. These are all things that you can consider. For now, we will have a 4-inch 
(10.2 cm) lip to help with clamping. 

Even though I provide dimensions for this project, you should concentrate on 
the construction and welding. Adjust the measurements to the dimensions that fit 
the needs of you and your workspace. Right away you are going to notice the 
surface area and height are a lot more than what you might need, so make any 
adjustments you need. For example, instead of a 4-foot (1.2 m)-square, 1/4-inch 
(6 mm)-thick plate, try cutting something in between 2 or 3 feet (0.6 or 0.9 m); 
this may be plenty of surface area for your workspace and the projects you will 
be working on. 

For this project, you need a nice beefy 2-inch (5 cm) square tube with an 11 
ga wall. This will ensure that the structure is stable for a wide variety of projects 
and will be able to support their weight. This table is not going to be painted or a 
work of art, so to save money we are going to make the entire base from hot roll 
steel. 

The top should be made of a piece of steel that is flat and true and will remain 
that way for the life of the table; the thicker it is, the better it will hold up against 
heat and warping. Don’t go overboard though; you don’t need a 2-inch (5 cm)- 
thick piece of cold roll. The top will be made from a 1/4-inch (6 mm)-thick sheet 
of 4-foot (1.2 m)-square cold or hot roll steel; this is half the size of a full sheet. 
If you are making a smaller 2-foot (0.6 m)-square table, you can use a thinner 
sheet of steel; I wouldn't recommend going under 14 ga. If you do use a thinner 
sheet, you will want to reinforce the frame underneath the sheet with some 
additional square tubes or angle steel. 
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The mantra of any good craftsman is “measure twice, cut once.” | normally throw one more in for good 
measure. (Pun intended.) 


Cut 


At this point, you should have all of the materials and dimensions you need to 
fabricate the table. Count out all the pieces based on how many you need for 
each dimension and how they are supposed to be cut. “Measure twice, cut once” 
is pretty much the mantra for everyone in the construction or fabrication 
industry, welding included. We are going to be making miters for the top frame, 
legs, and base. This will require six identical-length cuts for the top frame and 
hase rails that will all be mitered inward on each end. The legs will onlv he 
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mitered on one end to fit to the bottom rails. 


|2" (5 CM) 


[2" (5 CM) 


11" (2.5 cm) 


Follow your cut list to make sure you have all the right pieces in the right amounts at the right lengths. 


The design and the cuts of the legs and base rails should also be determined 
by the casters you use. If you are going to be using a threaded stem caster, you 
will not need to miter the bottoms of the 2-inch (5 cm)-square legs or the tube 
that connects the legs. Leaving the bottom of the legs open will allow plates that 
you have drilled and tapped to be welded into place. I will explain that process 
later in this chapter. 

The design I will be fabricating will use four-holed plate casters; this involves 
removing the coating and welding them on to the bottom of the table. In this 
case, I will be cutting and connecting the legs with a mitered support rail. What 
type of caster to use is up to you. 
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When cutting miters in steel, it's always a good practice to put the entire cut line on the metal before cutting. 


Start by cutting all the longest parts that have the same measurements and 
angles; for example, the top frame and the two runner base pieces are all the 
same and they are the longest. These pieces need to be identical. There will be 
six total, all mitered on each end, and all outer dimensions will be 42 inches 
([106.7 cm] or the measurement that you have determined). 

Using a combination or framing square, mark the miter cuts needed on each 
end of all six pieces. Adjust the chop saw guide for a 45-degree cut. Cut all 
miters inward. Remember that the lower frame does not need miters if you will 
be using stem casters, so adjust the measurements accordingly. 
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Try to be as accurate as possible. Cut the first one and make sure it's the correct length and angle. Then match 
the rest of them to it to make sure they are all the same. 


Try to be as accurate as possible when making these cuts. It is best to be a 
little on the long side and make a rough cut. Just like any cutting method, the 
thickness of the blade is a factor. Make sure the blade is on the correct side of 
the cut line. Go slow and take your time. Put enough pressure on the saw so that 
it is cutting, but don’t try to bang through it. It is normal to have to even the 
material out to get each piece the proper measurement. Using an angle grinder 
with a stone grinding disk is sometimes necessary to get all the lengths and 
angles to match. 
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automotive stores, with or without fiberglass reinforcement, are 
readily available. However, to make the filler flow readily in the 
cylinder, the filler should be heated so that it is fairly liquid. Don’t 
use an open flame to make the filler liquid, but rather insert the 
container (a tin can will do) containing the filler into a bath of very 
hot water. Temporarily plug the top end of the PVC fitting where 
the central element protrudes and, with the cylinder initially held 
at an angle, pour in the filler from the coaxial cable end. 

The use of a coaxial connector on the antenna was deliberately 
avoided. Simple coaxial connectors, when used in a harsh outdoor 
environment, will almost always eventually become the source of a 
problem. This is the same reason why screw-in elements, etc., are 
avoided. Of course, this all means that the antenna becomes a 
throw-away unit in case something should really damage it. But the 
cost of materials involved to build another antenna is relatively 
low. As long as it does last, one can use the antenna with the 
confidence that none of the electrical or mechanical connections 
inside the antenna are likely to become corroded. 

The % A cylinder need not be insulated from a metal mast as 
long as it is fastened to the mast at the bottom of the cylinder with 
the usual metal U-type mast clamps. 

One can add parasitic or phased elements around the basic 
antenna if it is desired to obtain some directivity. Parasitic ele- 
ments, of course, require no cable connection to the main element, 
but then one has to go through a careful process of seeing that the 
feedpoint of the main element is altered to compensate for the 
presence of the parasitic element. In spite of the increased cable 
cost, etc., if one really wants to keep the weather-ruggedness for a 
directive antenna installation paramount, it would be better to have 
two spaced antennas of the type described with separate feedlines. 
Then, the necessary phasing, matching, and switching can be done 
from the protected environment inside the shack. 


BREW UP A BEAM FOR TWO 
Here is a 2 meter beam you have been looking for. It has the 
gain, directivity, and simplicity that put it ina class by itself. No cut 
and try, no tuning, it has a 300-ohm feedpoint, or you can use 
50-ohm cable with the balun at feedpoint with the same low swr. 
The pattern is such that there is one lobe in front with no other side 
lobes. 
It is rugged enough to stand 3 inches of ice with no ill effects 
during last winter’s ice storm. There are many of these in use in 
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Lay out all the pieces and take inventory. If you have all the parts you need, it's time to true them up and prep. 


To help mark and keep consistent outer lengths, line up all of the material 
side by side and then measure the length you need. Use a carpenter square to 
mark a line on all of the pieces that are going to be cut the same; this line will be 


where you mark off your 45-degree cuts. 
After all of the cuts have been made, check them for accuracy. If some are a 


little long or have some burs, grind them to match. 
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After everything is the same length, use a flap disk to prep all the pieces where they are to be welded. 
Chamfer the miters on the butt joints. 


Prep 


Prepare all of the surfaces for welding by cleaning them with denatured alcohol 
or acetone. With a 60-grit flap disk, remove all mill scale from the weld zones 
and chamfer the edges if needed. 

On material this thin, I only chamfer butt joints slightly —45 degrees—for 
half the thickness. Then I will clean the weld zone a minimum of 1/4 inch (6 mm) 
from the chamfered edge. It’s not necessary to chamfer the legs that connect 


with the top frame. The interior welds for the legs will be fillet welds. The 
rounded edges of the square tubes will provide a sufficient chamfer for the 
exterior welds. 
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Get your casters ready. Here are a single-screw stem caster and a four-hole plate caster. 


Mobility 


The specific casters you have selected will determine the way they’ll be attached 
to the table. A four-hole plate caster can be welded directly to a plate that is 
welded to the bottom of the legs or directly to the frame of the table if the frame 


is wide ennoh There are alca cinole ccrew ctem casters that will require a hale 
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to be drilled into a piece of plate metal to be welded to the bottom of the legs. 

The point where the casters meet the legs will take a lot of abuse and a lot of 
torque. You don’t want to weld a caster to thinner gauge metal, as the metal can 
buckle under the stress of pushing the table around with something heavy on it. 
If the materials the table is made from are not thick enough to handle the abuse, 
weld plates on the bottom first. The thicker metal for the bottom will reinforce 
the casters. For this project, we should be using 14 ga wall or thicker so we 
should be okay. 

It is common for most casters to be covered in some kind of plating such as 
zinc. When welding casters to the bottom of the table or to a plate, make sure to 
prep the plate on the caster thoroughly with a grinder. When grinding and 
welding these types of plate, always wear a respirator to prevent breathing 
harmful chemical fumes. 

A lot of things can happen to casters. They can lose their ball bearings, bend, 
or the lever locks can fail. If you have a drill press, you can also consider the 
single screw stem casters. You can create threaded holes on the bottoms of the 
legs to screw in this style of caster. It makes it much easier to replace the caster 
if it breaks or fails. 

Drilling and tapping is the method used to create a threaded hole in a plate of 
steel to receive a threaded screw, or in this case a stem caster. Another method is 
drilling an oversized hole and welding nuts on the inside of the plate before you 
weld the plates to the bottom of the legs. This will allow for the caster to be 
replaced faster when necessary. 


> WARNING 
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Most casters have zinc plating that must be removed to expose the raw steel 
beneath. Wear a respirator when grinding and welding on anything zinc 
plated. 


axis corner clamp; C. Precision square; D. Multi-purpose precision square; and E. Rafter square 


Four Ways to Create Good Corners 


There are several ways to get true 90-degree corners. The first method is a 
corner clamp. For the most accurate corners, a three-axis corner clamp is the 
best. These can be expensive, so most hobbyists won’t invest in this piece of 
equipment. However, if you plan on becoming a furniture maker or doing a lot 
of framing projects, this clamp is well worth the price. The three-axis corner 


clamp allows you to tack and weld two pieces of the frame and a leg together all 
at once, which saves a lot of setup time. These clamps are known for their 
accuracy, so you will also know that your corners are square. It’s not a bad idea 
to check its accuracy with another square once in a while, however, to make sure 
it doesn’t need to be tuned. 
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This is a three-axis corner clamp. 


A single corner clamp is just like the three axis corner clamp, just without the 
third axis. It only allows for two pieces to be tacked at a time to create a corner. 


These are great for creating frames. After a frame is completed, use them to 
corner the leøs When using this method. it is alwavs gond to have a sanare 
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handy to check the third angle since the clamp is only able to secure the two 
axes. 


ta 


Magnets are also really handy as a good hand support when doing vertical welds. 


The second way to create corners is with magnetic squares. Magnets are a 
great and inexpensive ways to help keep angles of all degree corners as the 
pieces are being tacked together. They come in a wide variety angles, sizes, 
shapes, and power. Use four of the square magnets to frame out the entire frame 
or just one or two comers at a time. 

Magnets by themselves will not be able to prevent movement from the heat- 
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attected zone. Use the magnets to square up the piece, but clamp it down when 
tacking and welding. 
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Squares of all kinds can help you make a jig. 


The third method is the same method we used to make our cube. Make a 
corner jig out of scrap wood or metal lying around the shop. Cut a few pieces of 
scrap that can be screwed or welded onto a flat surface. Using a square, line up 
the angle and clamp the pieces down and secure them in place. This will allow 
you to clamp the steel down at a 90-degree angle. Leave the corner open as an 
access point for tacking. 

I recommend using steel if you have it available. It’s much more ridged than a 


Fig. 7-33. The 4-element model. 


erect than an 80 meter dipole. 1 also give data on impedance 
characteristics at and near resonance to aid in selecting a suitable 
feedline. Many collinears are fed between the ends of the ele- 
ments, where a very high impedance exists. In the antennas de- 
scribed below, feed occurs in the center of an element at a rela- 
tively low impedance, high current point. This permits a good 
match to 300- or 600-ohm balanced lines. If one prefers, a 4:1, 6:1 
or 9:1 ratio balun may be inserted so that the antennas may be fed 
directly with coax. My collinears are fed with balanced line, and a 
balun is introduced just outside the shack. 

I was not able to find information on the impedances met when 
feeding collinears at current points, so 1 performed measurements 
on 3- and 5-element collinears suspended % to 1 wavelength above 
ground. The impedances were measured on my Boonton 250-A 
“RX” meter. The impedance at resonance of the 3-element cen- 
terfed antenna was found to be 372 ohms resistive; the 5-element 
antenna showed an impedance at resonance of 600 ohms. Each of 
these antennas operates across an entire ham band with vswr of 


wood jig and obviously won't catch fire, but in a pinch wood can work. The 
same technique can be achieved by just tacking some stock steel to a piece of 
flat heavy gauge steel. 


The fourth and least expensive method of creating a corner is using the 
flattest spot on the floor and a square. This will require tacking quickly and 
being as careful as possible. This is not the most accurate way of creating a 
square corner, but in a pinch and if the tolerances for the project are pretty loose, 
it comes in handy. If you don’t have a flat spot on the floor, the nice piece of flat 
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temporary table on which to make the table’s frame. 


Fat 

is ' r 2$ 

A 
EAS 
|: | 


is YO 


make sure you have everything you need close by. 


Tack 


Now that you have chosen the method of creating a corner, let’s get to tacking 
the table together. One of the easiest ways to make any normal table is to start 
with the top and work down, working with the table inverted. We’ll start by 
creating the frame for our top. 
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axis clamp for the demo. 

Tack the top part of the frame together one corner at a time to make a square 
frame. For each joint, use four tacks, two on the outer corner of the joint and two 
for the inner. Always try to go to the opposite side from the last tack, spreading 
out the heat to reduce movement; the tack should have good penetration, enough 
to hold the structure together if it is moved. 


A, 
TACK 4 (IF ACCESSIBLE) 


Start by tacking one corner and then move to the corner diagonally across from the one you just did. For 
example: Start with the outer top tack and then move to the inner lower corner tack. 
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Tack the top frame together first and then add the legs to the frame. 


Repeat this process with all the corners. Tack the entire frame together. 

Repeat these same steps to create the two legs and a base rail, matching up 
the miters to create the corners. This will make up the two “U” shaped legs. 

Using one of the corner methods described earlier (page 145 or 146), secure 
one of the U-legs into place. Square up the leg and tack it into place with four 
tacks, one at each corner, using a cross pattern. When finished with the first U- 
leg, tack on the second. DO NOT weld any parts completely together at this 
time. These U-legs should mirror each other. 
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Next, add the leg cross supports and center joining support. 


After all the legs are tacked into place, tack in the lower support cross braces, 
again using the same cross-pattern corner-tacking method. Use magnets or 
clamps to hold it into place as you tack. 

Tack in the 1-inch (2.5 cm)-square rails that will be the clamp holders. Here’s 
a little quick trick: If you don’t have magnets, use two pieces of 2x4 lumber or a 
drop from the 2-inch (5 cm)-square tube to evenly space out the supports by 
cutting two even lengths to prop the tube up. Tack them into place. Use the same 
corner-to-corner tacking technique as you used on the legs. 
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After it is all tacked together, the next step is to weld. Use a stainless steel wire brush to remove the burn 
from the weld zone left over from tacking. 


Weld the Frame 


Now that the structure is all tacked into place, this is a good time to make sure 
all the measurements are accurate and the corners are square. If every thing 
meets up with your tolerances, it’s time to weld. 

Weld all the joints on the table so that the heat is spread evenly throughout 
the piece. A good pattern is to weld each joint and the opposite side, then move 
to another connection. For example: Start at one leg, weld the two joints facing 
each other. and then do the same to the leg diagonal from that leg and repeat. If 


the tacks were done correctly, they should have enough strength to maintain the 
position they are in without breaking. 

Repeat this process with the supports and cross beam. Remember to spread 
the heat out and minimize the HAZ of each area. 


remember to be comfortable. Brace and support the gun the best you can. 


Now that the frame of the table is complete, it is time to prep and weld in the 
casters. The method you use will depend on the type of caster you chose. I prefer 


stem casters; if the table is going to be stationary for a long period of time, the 
casters can act ac leveler feet Thev can alen he renlaced mich more eacilv in 
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case one fails. Four-hole plate casters can be welded into place, which is a plus, 
and should be used if you do not have a drill press (which is required for stem 
casters), but they are harder to replace than the stem style. Regardless of the 
style chosen, all the casters should swivel and have a lock. 

If you’re using swivel casters, you will need to make the footers that will seal 
the legs. Using the piece of 2-x 24-inch (5 x 61 cm), 3/16- or 1/4-inch (5 or 6 
mm)-thick stock (length doesn’t matter; this will be chopped into 2-inch [5 cm]- 
Square pieces after the holes are drilled), mark off 2 inch (5 cm) sections, leaving 
a 1/8-inch (3 mm) gap between each of the 2-inch (5 cm) sections (or whatever 
thickness is appropriate for the cutting method used to allow for the kerf of the 
blade). For example, 1/8 inch (3 mm) is the width of a chop saw blade, while the 
width of a band saw blade is closer to a 1/16 inch (2 mm). 


Using a center punch, mark the centers of each of the 2-inch (5 cm)-square 
pieces for drilling. Choose a drill bit according to how the caster will be 
mounted. If the hole is to be drilled and tapped, a smaller bit will need to be used 
to allow for threading. If a nut is to be welded to the inside surface, a larger bit 
will be needed to clear the stem’s threading. 

Set up the drill press using the appropriate size drill bit for the stems of the 
casters. Align and clamp the fence 1 inch (2.5 cm) from the point of the drill bit 
(the distance to the center). Drill all four holes using drilling and tapping fluid to 
reduce heat from friction; then cut each of the 2-inch (5 cm)-square sections 
away using the lines that you measured. 

Unless you're using the tapping method (in which case you can skip this 
step), it is time to weld on the nuts after all the holes have been drilled and caps 
have been cut. If the nuts are zinc coated, remove this coating with a flap disk on 
a grinder. Remember to always wear a respirator when welding anything with a 
zinc coating. Using spatter protection, spray, or motor oil, lubricate the stem and 
mount the caster in the hole, securing it into place with the nut. Weld the nuts 
into place using three heavy tacks; this is all that will be needed to secure them 
into place. 

Unscrew the casters. Prep all of the surfaces by removing all mill scale from 
the weld zones and chamfering the end caps. These are now ready to be welded 
on. 

During the fabrication of this piece so far, there may have been a small 
amount of movement that made the legs uneven. Here”s a little trick to fix that. 
More than likely the most flat and true surface in the shop is the piece of steel 
that you purchased for the top. Make sure all of the surfaces have been leveled. 
Flip over the frame of the table so it is upright and standing on that sheet of 
steel; then put a cap under each leg. If there is any gap, it can be eliminated by 
welding over it to fill it in. Check the level of the top frame. Tack the caps onto 
the legs by two corners across from each other on each leg. Go back and tack the 
rest of the corners. 

Weld the caps into place. Start with the two opposite side joints on one leg 


Table 7-2. Dimensions as Measured for 15 and 20 Meter 
Collinears. A = Halves of Center Element; B = Outer Elements; C = Matching Stubs. 


Dimensions ¥e-wavelength in feediine 
coax V = 0.66 twinilead V = 0.82 


A B Cc 


| 21.2 MHz 1114" 227” Y6" 15° 4” 19 0” 
| 14.15 MHz 166%" 331" 14 3" 222114" 286" 


of outer elements as “B”, and the matching sections as “C”, for the 
case of the 3- or 5-element centerfed collinear. 

All half-wave elements should be of equal length in a given 
antenna. One can erect the centerfed element and adjust it to exact 
resonance, if desired, then add the stubs and outer elements. 
Velocity factor V was found to be 0.95 for the 3-element collinear. 
The 5-element collinear resonated slightly higher than the calcu- 
lated frequency; evidently a V of 0.95 overcorrects for end effects. 
I found V here to equal 0.975 and I give the actual determined 
dimensions for each antenna in Table 7-2. 

I used home-brew nylon insulators which are 2 to 3 inches long 
and cut out of scrap. They are light and tough. One could also use 
Plexiglas™ or some other material or commercially-made ceramic 
insulators. 

The phasing sections could be of open-wire line (remember, 
then, V would be about 0.95), but I chose 300-ohm twinlead 
because the stubs tend to blow around in high winds and ladder line 
might twist up and short. (Also, 1 had a few scrap pieces of 
300-ohm twinlead in the shack.) 

The antenna elements themselves I made of odds and ends of 
#16 and #14 hard-drawn copper wire, but almost anything will do 
here. 

Care should be taken to fasten the phasing stubs to the in- 
sulators so that they do not fatigue and break off. Solder the stubs 
closed at the ends. 1 suspended the collinears high in some maple 
trees using clothesline pulleys and 14-inch nylon line. One has been 
up for two winters and has survived numerous ice storms and high 
winds. You might wish to silicone or wax the twinlead to minimize 
swr changes during rainstorms. I’m not fussy about these antennas, 
except that I make sure that I never erect an antenna near, over, or 
under a power line. 

In Table 7-2, I have given actual dimensions for center fre- 
quencies of 14.15 MHz for the 3-element and 21.2 MHz for the 
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to completely weld the caps into place. 

If you are using the tapping technique to mount stem casters, flip over the 
frame. Using your feet to secure the table, begin tapping the hole using plenty of 
drilling and tapping fluid. Start slowly; once the threads start to form, it will 
catch. Make sure you stay level and upright. Screw the tap all the way down and 
then back it out smoothly. It’s a good idea to put the tap back through the freshly 
made threads to remove any steel burrs or debris. 

If using the four-hole plate casters, make sure to prep the plates to be welded 
by removing the zinc coating with a grinder and a 60-to 80-grit flap disk; then 
cut out four steel plates the same size as the plates mounted to the casters. Flip 
over the frame of the table so it is upright and standing on the sheet of steel and 
center the plate caps under each leg. 

If there are any gaps, they can now be eliminated by welding over them. 
Check the level of the top frame. Tack weld the caps onto the legs by two 
corners across from each other on each leg; then tack the rest of the corners. 

When you’ve completed the tacks, weld the plates into place. Start with the 
two opposite side joints on one leg and move to the next; then go back to the 
first leg and weld the other two joints to completely weld the plates into place. 


Weld the Top 


Now we move on to the top of the table. Over a long period of time the plate of 
steel that is used for the top may become warped and distorted. When going to 
weld the top onto the frame it is not necessary to weld the top on completely in 
the square. A few 3-inch (7.6 cm)-long stitch welds will be fine to secure it into 
place and allow you to replace it later on if needed. 

Begin by prepping all of the surfaces that are to be welded with a flap disk on 
a grinder. 

Mark all the sides on the plate to center the frame. For example, if you 
decided to have a 3-inch (7.6 cm) lip, mark off the distance from the edge of the 
frame to the edge of the plate. 

Secure the frame with clamps and tack into place. Before welding, remeasure 
for accuracy. Weld two 3-inch (7.6 cm)-long welds on the inside a few inches (5 
to 8 cm) from the corner joints connecting the frame to the plate. Warpage won’t 
be as much of a factor for these welds, but it is always good practice to spread 
out the heat as much as possible. Start one weld and move straight across to the 
opposite side. Repeat until all six 3-inch (7.6 cm)-long welds are complete. 

Congratulations! You have completed your welding table project, your first 
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used that method), flip it over, and be done (unless you want to grind down the 
visible welds to make it look more appealing). Now you can be more 
comfortable when welding while saving space and time. 


It is not necessary to weld all the way around the top of the frame you just made. Four to six 2” to 3" (5 to 7.6 
cm) fillet welds will work fine. 


Project 3: The Runner 
A 
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SKILL LEVEL: Intermediate 


MATERIALS AND EQUPMENT: 

e MIG Welder 

e 24’ (7.3 m) of 11 to 16 ga cold roll 1" (2.5 cm)-square tube 

e Welding helmet 

e Welding gloves 

e Long-sleeve shirt 

e Leather welding jacket or apron 

e MIG pliers 

e Stainless steel wire brush 

e Soapstone 

¢ 4 1/2" (11.4 cm) angle grinder outfitted with an aluminum oxide grinding 
disk or a 60-to 80-grit flap disk 

e Clamps 

e Chop saw 

e 3-Axis clamp or right-angle magnets or jig 

e 3/8 x 10 x 58" (1 x 25 x 147 cm) piece of oak, or other wood of your choice 


Cut, Prep, Tack, Weld 


Sofa table, couch table, long table, or runner; no matter what you call it, this is a 
great table to fabricate. It’s a stand-alone table that doesn’t require a matching 
counterpart. It also doesn’t have a set purpose like a coffee table or end tables. A 
runner can go anywhere in the house, from the back of the couch to the hallway 
to the kitchen. It’s a nice and versatile table to have, plus it’s fun to fabricate. 
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After making your own welding table, this should be a piece of cake, right? 
Well, I’m going to throw in a new little twist that is going to take a little more 
concentration when cutting and measuring. All the principles of what you have 
learned so far will apply to this table. At this point, I should not have to tell you 
to cut-prep-tack-weld, but I’m going to. 
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are going to do a few things to make sure the corners, edges, and lines remain 
clean. This will be a practice in patience and accuracy to make the final piece 
have a nice overall look. 

For this project, we will be using cold roll 1-inch (2.5 cm)-square tube with a 
1/8-inch (3 mm)-thick wall. The top four corners of the frame will be welded to 
the legs with a double miter, unlike the welding table where the four corners of 
the top frame were single miter with the legs welded on flush. 

I prefer the double miter method when making furniture. It gives the piece a 
cleaner and more aesthetically pleasing look with all visible corner welds ending 
at the same point. And after the welds are ground down, it also looks as though 
the framework was made from one piece of metal, as the seams are not as 
obvious. 

Since this project will require more accuracy, I recommend something a little 
sharper to mark with. Silver or black oil pencils, fine point markers, or to be 
extra accurate, a good scribe is the best. A scribe is a hard metal point used to 
scratch measurements in the surface of other metals, normally made of hardened 
tool steel, titanium, or other metal. 


Cut 


As you can see from the measured drawing, cutting for this project is going to be 
a challenge. Each length of the top frame of the table is going to be double 
inward-miter cut at both ends. All of the legs of the table will have a double 
miter at just one end. 

This means that for the top frame, the longest part is going to be the edge that 
holds the miter cut. Cut the lengths of all the pieces to the full size with no miter 
first. 


5' (152 cm) 


4'10" (147 cm) 


This is the measured drawing. 


The cut list: A. Two top frame sides; B. Two top frame ends; C. Four legs; D. One low cross support; E. Two 
lower end cross bars 
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Always mark a double miter first. 
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It’s away a good idea to give yourself a little extra room (such as an extra 1/16 
inch [1.5 mm]) when cutting. This way, if you need to correct the length, you 
can grind it down. 

Cut the single miters first, clearly marking all the cuts. This way you don’t 
accidentally cut the wrong edge. 
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5-element antenna. I use these collinears for working into Europe 
with my Triton IV. The 15 meter collinear would make a dandy 
antenna for Novice DXing. If one has the space for an 80 meter 
dipole, then 2 or 3 hours invested in construction and erection of a 
multi-element collinear will probably result in surprise and plea- 
sure that such a simple antenna brings such good results for only a 
few dollars. 


THE MONSTER QUAD 


For years I had used a four-element monobander, and after the 
loss of two towers, I decided to try the quad antenna. My first try 
was with two-elements on an eight-foot boom, but it did not 
compare with my four-element beam. Next, I used a four-element 
quad on a 20-foot boom. However, my beam still worked better. I 
was plagued with a low front-to-back ratio, high swr, and interac- 
tion between bands: So out came the books for many hours of 
research. The results were a quad with high forward gain, high 
front-to-back ratio, no interaction, and low swr with a wide 
bandwidth. (The following specifications as to gain are approxi- 
mate but can be considered accurate by amateur standards.) 


Four-Element Triband Quad Specifications 


Boom length—30 feet; element spacing—10 feet, all equal; 
gain—13 dB; front-to-back ratio—30 dB; wire size—#14 
enameled copper; five-percent difference factor between ele- 
ments; design frequency— 14.250, 21.300, and 28.600 MHz. 

Directors 1 and 2 are the same size. I used the formula 
975/f yy, The frequency and wire lengths are 14.250 MHz— 
68'4”, 21.300 MHz—45'8", and 28.600 MHz—34'1”. 

For the driven elements, I used 1005/f.... The frequency and 
wire lengths are 14.250 MHz—70'5”, 21.300 MHz—07%”, and 
28.600 MHz—-35'1”. 

For the reflectors, I used 10304, ,,, to obtain wire lengths of 
14.250 MHz—72"'3", 21.300 MHz—48’4”, and 28.600 MHz— 
36'0”. 


Spreaders 


I used one-piece fiberglass spreaders 13-feet long and 
screwed eyes through the arms to run the wire (see Fig.7-35). This 
lets the arms move in the wind and not break the wire, and also lets 
the wire draw and sag with temperature changes and not bow the 
arms. A note of interest: Bamboo can be used but should be 


325 


A 1 


ad 
= 


The very points of the final cuts of the double miters should be on the same edge. 


Since the chop saw only cuts 45 degrees in one direction, you will need to 
pay close attention to which way you turn or flip the material to be cut. This is 
why it’s also good to mark everything clearly before you cut. 

Now that you have the first miter cut in all of the pieces, it’s on to the second 
miter. In order to give yourself a better guide, mark a cut line. Use a square to 
draw a line down the side of the first miter using the outermost edge of the 
material wall as a guide. 
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Lay out the cut and prepped pieces to be tacked. 
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A 3-axis clamp is very useful when using a double miter. 


Prep 


Once you’ve finished all the cuts and checked that the lengths and angles are 
correct, it’s time to prep. Prep all of the weld zones with a 60-to 80-grit flap 

disk. The wall of the tube is 1/8-inch (3 mm) thick, so a 3/32-inch (2 mm) chamfer 
for our butt joints should be perfect. 


Tack 


Once you're prepped and ready to tack, you should set up the MIG for 1/8-inch 
(3 mm) thick material. By now, you should have also selected your preferred 


method of joining corners (see Chapter 5). 
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Mark where the cross supports will be tacked into place. 


You’ll need to tack all three pieces together: two lengths of the top frame and 
one leg. I will be using my trusty 3-axis clamp once again; this allows the three 
pieces to fit together snug like a puzzle and makes it easier to work on them. If 
you don’t have a 3-axis clamp, make a jig instead as shown in Chapter 5. 

Once you have secured the three parts, the tack pattern for this setup will be 
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essentially it is the two points where all three pieces meet. Finally, tack the three 
points where only two pieces intersect. 


Use magnets or clamps to hold the cross pais in nse while you tack them. 


Tack the frame and legs together and then measure out the height of the two 
cross supports and mark where your welds will go. 

Clamp or secure the cross supports in place with magnets, corner clamps, or 
cut lengths of scrap. Do not tack the cross supports in place with four tacks. This 
is the part where we become more meticulous about where we are going to weld 
and how it’s going to look. We are only going to use two tacks to secure this into 


place: one tack per vertical butt joint right in the middle. 
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Mark and tack the center OA to the leg suppers 
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Measure and tack the middle support piece in the center between the two 
cross supports. This will also only use four tacks. The four vertical inner corner 
joints will not be welded, so do not tack on the inside. 

By only welding the vertical butt joints and not the corner fillet welds, you’ll 
achieve a cleaner look. The reason to only use two tacks for the supports pieces 
is to leave you the ability to weld over them. Leaving the corners alone will 
leave a perfect 90-degree corner. After grinding down the welds on the butted 
ioints. it will have a cleaner look. 


] 


Tack the entire piece together before welding. 
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Weld the piece together, spreading out the heat as you go. 


Weld 


Now that it’s all tacked together, give your project a once-over. Check all of the 
measurements to make sure everything falls into the guidelines of your personal 
tolerances. If everything looks good to you, start to weld it up, making sure to go 
in a pattern that spreads out the heat throughout the piece. Start with the vertical 
butt joints. No, you don’t have to do a vertical weld if you don’t want to, just lay 
the frame down so the weld is horizontal. Then move on to the corner or fillet 
welds. 


wrapped with two-inch wide duct tape and then sprayed with 
krylon* or varnish. 

Placement of the screw eyes is done by taking the wire length 
in feet for each band, dividing the result by four, and inserting that 
number into the formula A=C/ V2, where A is the distance along 
the spreader from the center of the boom to the drill point and C is 
the length of the element divided by four. 

Example: Find drill point for 20-meter driven-element wire: 


14.250 MHz=70'5" 

70.5 divided by 4=17.625=C 

Using C= Va. A=17. 625 V2, =17.625/1.414, 
=12.46' or 12'5” from center. 


Below are the drill points for each element: 
Directors 1 and 2: 
14.250—12'1” 
21.300—8'1" 
28.600— 6'0” 


WRAP ae WiTH 
DUCT TAPE 


INSTALL EYELETS 
THROUGH SPREADERS 
WRAP WITH DUCT 
TAPE BEFORE 
DRILLING 


—— BOOM 30, 1/4* THICK # 40, 606/T6: 
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Put yourself in the most comfortable position you can while welding large pieces. 
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Keep spreading out the welds as you go to keep the square tube from warping out of square. 


Tack and weld in the mounting brackets that will receive the wood top. 


Now that it’s all welded up, it’s time to fit the top. You have a lot of options 
for the top as anything from glass to butcher block to any of a wide variety of 
woods will look great. What I have chosen this time around is a nice piece of 
birch that I will dry-fit before sanding, prepping, staining, and then clear- 
coating. 

There are a lot of ways to mount wood in or on a table frame. The system I’m 
going to use for this table is six 3/8-inch-inch (10 mm)-long wood screws driven 
through six tabs made from 18 ga steel welded to the inside of the frame. 

Make spacers the same thickness as the material for the top that you have 
chosen. Pre-drill and then cut six 2-inch (5 cm)-square pieces of 18 ga for the 
tabs. Grind down the welds on the top of the table so they are flush to the tube, 
creating a flat surface. Now flip the table over onto your welding table. Using 
your spacer, weld four of the tabs into the corners and two into the center using 
fillet welds. 

Now that the tabs are in place, fit the wood top in the frame to see if 
adjustments need to be made; then stain or finish it the way you would like. I’m 
going to grind down the rest of the welds and clear-coat the frame with a clear 
metal paint such as Rust-Oleum or Krylon. Then I’ Il give the birch a single coat 
of cherry stain and finish off with two or three coats of polyurethane. 

Whatever you choose to finish with, I hope you learned a lot from this 
project. But most of all, I hope you have enjoyed making it. 


| | 


few coats of stain on the wood and this table is done. 
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Driven element: 
14.250—12'5" 
21.300—8'3" 
28.600—6'2” 


Reflectors: 
14.250—12'8" 
21.300—8'6" 
28.600—6'5” 

These figures are to be used if you measure from the center of 
the boom out. To measure from butt of the arms, add 13%” to each 
figure. This way the arms may be drilled before attachment to the 
boom spreaders. Each hole should be wrapped with duct tape after 
drilling, then a small nail can be used to punch a hole in the tape. 
Each spreader should be sprayed with krylon® or other type of 
coating to increase its life and prevent the eyelets from rusting. I 
also wrapped the butt ends with duct tape for added strength. 


Feeding the Quad 

I decided to use %-wave stubs after burning up a one-kw ring 
transformer. It's no fun waiting two weeks for a new transformer 
before you can operate! I used 72-ohm coax, but kW-rated twinlead 
can also be used. 

Below are the lists of lengths for both coax and twinlead using 
the formula L= 246(VF)/f,,, where VF is the velocity factor of 
the transmission line used. 

Stubs: RG-11A/U coax, Z=72 ohms, VF=0.66. Length to 
match driven elements: 14.250—11'4”, 21.300—7’6”, and 
28.600—5'6". For 1-kW twinlead, Z=72 ohms and VF=0.71, 
14.250—12'3", 21.300—8'2"”, and 28.600—6'1”. 

The stubs should be cut as close to the lengths shown as 
possible, a PL-259 and barrel connectors installed on one end, 
attached to 52-ohm coax to the shack. I tuned each 52-ohm feedline 
to the shack using my noise bridge and R-4C so I would have little 
swr on my feedlines. 

One problem many hams have is how to string the spreaders. I 
drove a 2”-diameter, 4'-long pipe into the ground and attached the 
arm supports to this pipe. I then drove 2 wooden 3’ stakes into the 
ground for each arm to keep them straight. By using this type of jig, 
each element can be wired, removed, and then placed on the boom. 
I covered all nuts with General Electric clear silicone rubber, and 
then I sprayed them with krylon®. 
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Glossary 
Alloy—tThis is a substance composed of two or more metals or a metal and other 
nonmetal material. 


Arbor—This is the threaded shaft of a grinder or axis that holds, turns, or 
Supports a rotating cutting or grinding wheel. 


Arbor Nut— This is the threaded top piece that screws onto the arbor in order 
to secure a disk to the arbor. (Also see flange). 


Arc Welding—These are the welding processes that use an electric arc to 
produce heat and melt and fuse the base metals. This term is often used to refer 
specifically to shielded metal arc welding. 


Backfire and Flashback—This is the combustion taking place inside the 
oxyacetylene torch that creates a loud pop or explosion. 


Base Metal—This is the work piece metal that is to be joined or cut. 


Bead—This is the welded seam created by the puddle between work pieces that 
have been joined with welding. 


Bevel—This means to remove edge materials so that the adjacent surfaces no 
longer form a right angle. 


Burn Back—This is when the wire electrode filler metal becomes too short 
and/or overcharged and melts the wire into the contact tip of aGMAW or MIG 
welding gun. 


Burn Though—This can happen during a weld; overheating metal to a critical 
point causes the material to no longer hold be able to its own weight, causing 
holes or an excess of material on the opposite side. 


Butt Jomt—This is a joint between two work pieces in the same plane. 


Chamfer—This is the removal of a material’s edge, usually at a 45° angle, to 


Fig. 7-36. Four-band mobile antenna construction details. 


Conclusion 


After the antenna was installed, measurements were made. 
The swr was 1.6:1 at its highest point on any band, with very flat 
response across each band. I can operate either the CW or phone 
portions with the swr never going above 1.6:1. 1 have been using 
the antenna for about two years and have yet not to make it through 
the pileups. The work involved is well worth the time, considering 
the results obtained. 


FOUR-BAND MOBILE ANTENNA 

Do you ever find yourself cruising down the highway working 
forty meters and wishing you could switch to twenty, fifteen, or ten 
without having to stop to change resonators? You can! I ex- 
perimented with this contraption in 1960 and have been using it 
ever since. There is even a commercial version that came out a 
couple of years ago. 

Any set of three resonators may be used but I prefer the 
40-20-10 combination since you also get a 15-meter fallout from it. 
When I first started using it with an old Galaxy V, I installed a 
remotely-operated super-tuner gizmo in the trunk, but later found 
that with patient stinger adjustments on the three resonators, the 
tuner was not really needed. I am presently using an Atlas 210 for 
mobile, and the broadbanded rigs are supersensitive to swr over 
1.5:1. Ihave worked many foreign countries with this rig with good 
signal reports. See Fig. 7-36. 
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the adjacent principal faces. 


Consumable Electrode—This is an electrode that also serves as the filler 
material. 


Corner Joint—This is a joint between work pieces that meet at a right angle. 


Cutting Tip— This converts an oxyfuel welding torch into an oxyfuel cutting 
torch. 


Dimes on the Side—This refers to the formation of a pattern in the bead to give 
the appearance of a stack of coins that has fallen onto its side. It is most 
commonly associated with TIG welding. It is an indication of the control of a 
molten metal puddle to create ripples that gives the appearance of a stack of 
dimes, a stack of nickels, or row of coins. 


Direct Current, Electrode Negative (DC+)—This refers to direct current 
welding where the electrode is negative and the work piece is positive. 


Direct Current, Electrode Positive (DC—)—This refers to direct current 
welding where the electrode is positive and the work piece is negative. 


Double Arcing—This is an unintentional secondary arc separate from the main 
electrode arc. 


Draw— This is the pace of the arc moving through the weld zone. 
Drop— This is a piece of material cut away from a whole, leftover metal, scrap. 


Dross—This is solidified metal byproduct that was once molten material forced 
through the kerf and then fused to the back edge by an oxyfuel or plasma cutting 
system. 


Duty Cycle—This is the amount of continuous time in a 10-minute period that 
an arc welder can run before it needs to cool down. It is expressed as a 
percentage at given amperage output. 


Edge Joint—This is a joint between parallel work pieces. 


Electrode—This is the conductive element that makes the connection with the 


work piece to create an electrical arc. 


Filler, Filler Metal or Fillet—This is supplied metal supplied in the form of a 
welding rod, sometimes flux coated, melted by an arc or flame into a joint 
between components to be joined. 


Flange—This is a base piece fitted over the arbor for securing disk to the arbor. 
It is normally unthreaded. 


Flashing—This is a short duration of time in which the eyes are exposed to the 
arc light. 


Flux—tThis is a chemical compound that produces cleaning action and reduces 
the formation of oxides when heated. 


Flux Core, Flux Core Wire—This is a consumable electrode wire that contains 
a chemical compound that produces a cleansing ionizing environment for an 
electrical arc to exist to reduce oxides. 


Gas Metal Arc Welding (GMAW) a.k.a. Metal Inert Gas Welding (MIG)— 
This is a Semiautomatic arc welding process using a wire electrode, which also is 
the filler material. An inert gas flows over the weld area to shield the molten 
metal from oxygen. 


Gas Tungsten Arc Welding (GTAW) a.k.a. Tungsten Inert Gas Welding 
(TIG)—This is an arc welding process using a tungsten electrode, hand-held 
filler material, and an inert shielding gas. 


Going Fishing—This is the natural tendency for a beginner welder to pull away 
from the weld during the weld in progress. Produces a poor weld. 


Inclusions—These are elements and particles that can be introduced into the 
weld or puddle that create issues with the final weld. 


Inert Gas— These are noble gases: the unreactive gaseous elements helium, 
argon, and carbon dioxide. 


Kerf—This is the width and shape of a cut made by an instrument or tool. 


Lap Joint—This is a joint between overlapping work pieces. 


Media Blasting—This is to forcibly clean a surface with pressure using 
abrasives and forced air, also known as Sand or Abrasive blasting. 


Off Gas—This is to create an exhaust by heating an element to expel gases. 


Oxyacetylene Cutting—This is a cutting process using acetylene as the fuel and 
oxygen as the accelerant to increase flame temperatures to achieve cutting in to 
metals. 


Oxyfuel Cutting—This is a cutting process using oxygen as an accelerant to 
increase the flame of a combustible compressed gas. 


Plasma Cutting—This is an arc cutting process using a constricted arc flow 
produced through a small nozzle or orifice, from the electrode to the work piece, 
by compressed air or inert gas. 


Plate—These are flat sheets of metal thicker than 3/16 inch (5 mm). 


Puddle—This is the liquefaction of the base metal to form a molten metal pool 
at the point of heat. Molten pool filler metal is added to create a weld bead. 


Sheet Metal—This is flat metal 3/16 inch (5 mm) or less in thickness. 


Slag—tThis refers to oxidized impurities formed as a coating over the weld bead; 
it is waste material found along the bottom edge of an oxyfuel cut. 


Spatter—These are small balls or droplets of molten metal ejected from the 
puddle during the production of a weld. It often fuses to metal. 


Stick—This is a rod of filler metal covered in flux used in the arc welding 
process; the term is also used to describe a complete length of milled bar or tube 
metal. 


Stick Out—This is the distance the filler metal electrode protrudes from the 
contact tip in GMAW or MIG. 


Stick Welding—This refers to shielded metal arc welding. 


Straight Draw—This is the motion of pulling the weld towards the person 
conducting the weld. 


Tee Joint—This is a joint between work pieces meeting at right angle and 
forming a T shape. 


Wire Feed— This is the manual or semiautomated rate in which the filler metal 
is pushed into a weld in progress. 


Toe Out—This refers to what happens when proper speed or technique is not 
executed and gravity pushes down on the puddle to form a toe shape when it 
solidifies into a bead. 


Travel Angle—This is the proper angle and orientation of the torch tip or gun 
nozzle moving through a cut or weld. It is also known as the Drag Angle. 


Resources 


For basic information on welding and welding equipment 


Miller Electric 
www.millerwelds.com 


Strong Hand Tools and Build Pro 
www.stronghandtools.com 


Welding Tips and Tricks 
www.weldingtipsandtricks.com 


Hobart Brothers Company 
www.hobartwelders.com 


For continuing education and welding as a career 
AWS - American Welding Society 
WWW.aWS.Org 


CDA Technical Institute for Commercial Dive Welding 
www.commercialdivingacademy.com 


The Fab School 
www.thefabschool.com 


> Notice to Readers Read, understand, and follow safety 
precautions and rules when welding. In addition to general 
safety rules, also reference the material safety data sheets 


(MSDS) as provided by manufacturers, as well as the American 
National Standard (ANSI Z49.1) guidelines available here: 
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Stephen Blake Christena is the owner of Midwest Metal Works in Chicago, IL. 
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acetylene gas, 58, 59, 60, 61 
alloys, 70 
aluminum, 16, 21, 73 
American Welding Society, 37 
angle grinders. See also equipment. 
anti-vibration gloves, 44 
blade guards, 44 
blocks, 45 
chamfer preparation with, 81-82, 83 
cut-off wheels, 46 
disk replacement, 83 
disk types, 42, 45, 46, 79 
flap disks, 46 
grinding disks, 46, 81 
grit scale, 46 
metal preparation with, 46, 79, 81 
name origin, 42 
pressure, 46, 82 
purchasing, 24 
safety, 42, 44, 45, 46 
setting up, 46 
sparks, 42 
angle welds, 125 
anti-vibration gloves, 44 
aprons, 35 
arc time, 24 
arc welding 
double arcing, 17, 57, 68 
duty cycles, 24 
electricity and, 12, 16 
electrodes, 12, 14 
filler metal, 12, 14, 15 


flux, 12, 15 
ground clamps, 16 
plasma, 12 
shield gas, 15, 16 
temperature, 14 
argon, 16 
autodarkening helmets, 34 
autofeed machines, 15, 24 


beads 
definition of, 12 
filler metal and, 15 
metal thickness and, 56, 83, 94 
puddle and, 86 
TIG welding patterns, 22 
bench grinders, 80 
burns, 30 
butt joints 
base metal elevation, 112 
carbon burn, 112 
chamfer for, 81 
cleaning, 112 
introduction to, 108 
“pull” method and, 86 
puddle control, 113-114, 115 
“shark tooth” technique, 114 
tacking, 111 
weld zone, 111, 112 


cap rails, 74 

carbon burn, 83, 112 

carbon dioxide, 12, 15, 16 

carbon steel. See mild steel. 

chamfers, 81-82, 83 

chop saws. See also equipment. 
blade replacements, 40-41 


The strap that holds the resonators must be of sufficient 
strength to prevent the angles of the forward and aft resonators 
from changing, Changing this angle affects the resonant frequency. 
The strap I happened to start out with was about one inch wide and 
3% inches long. A hole large enough to accommodate the threaded 
extension on the mast is drilled in the center. (I happened to have 
had all Hustler equipment so that is what I have used since.) The 
other holes on each end are large enough to hold non-corrosive 
bolts that will screw into the bottoms of the other resonators. The 
strap is bent as shown with each end dropped at forty-five degrees. 
The assembly is attached to the mast and held in place by the center 
resonator, and the time-consuming tuning is started. 

Begin with the lowest frequency resonator, adjusting to the 
lowest swr, then proceed to the next higher and then the last. The 
resonators interact, and this procedure must be repeated several 
times until the swr no longer can be improved. I have 1.1 at 7.260 
and 1.35 at 7.225 and 7.295. On twenty meters, the swr is less than 
1.35 across the band and even better on ten. The swr does peak up 
to 1.5 on fifteen meters. I use the ten-meter resonator to hold the 
strap to the mast with the twenty-meter resonator in front and the 
forty-meter aft. This streamlines the assembly in the direction of 
travel and reduces wind resistance. Also, with the larger resonator 
aft, it tends to stabilize the assembly at normal highway speeds. 

I have found that the majority of the noise associated with 
mobile reception can be eliminated by using the copper braid out of 
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Fig. 7-37. Beam construction. 


consumable blades, 40, 142 
cutting angles, 39 
pressure, 40, 142 
setting up, 40 
clamps. See also equipment. 
grinder cutting and, 46 
single corner clamp, 145 
storage, 29 
three-axis corner clamps, 144, 145, 157 
variety of, 95 
clothing, 35, 63 
CnC (Computer Controlled) cutting machines, 58 
cold roll steel, 72, 79, 138 
comfort, 88 
consumable blade chop saws, 40 
corner jigs, 124-125, 146 
corner joints, 106, 120 
cross body welding, 127 
Cube project 
cutting, 130-131 
grinding, 131 
heat management, 135, 136 
introduction to, 130 
“key holing,” 136 
marking, 135 
measuring, 130 
preparation, 132 
stress test, 136 
tacking, 132-134 
warp prevention, 135 
welding, 134-136 
cut-off wheels, 46 
cutting 
chop saws, 39-40 
(Computer Controlled) machines, 58 
Cube project, 130-131 


oxy-acetylene torches, 58—61 
plasma cutters, 62-69 

Runner Table project, 153-155 
temperatures and, 40 

Welding Table project, 140-142 


decorations. See ornamental metals. 
diamond plate sheet metal, 74 

DIN ratings, 34 

double arcing, 17, 57, 68 

downhill welding, 126 

drag angle. See travel angle. 

drag shields, 64, 68 

dross. See slag. 

duty cycles, 24 

duty hours, 25 


edge joints, 106, 122 
electricity 

access to, 24, 28 

arc welding and, 12, 18 

duty cycle and, 24 

ground, 16 

MIG welding, 22, 32 

outlets, 28 

shocks, 32 

studio and, 28 

TIG welding, 21 

wiring, 28, 32 
electrodes 

definition of, 12 

filler metal as, 14 

MIG welding, 14, 22 

stick welding, 14, 19 

TIG welding, 14 
equipment. See also angle grinders; chop saws; clamps; oxy-acetylene torches; 


plasma cutters. 
autofeed machines, 15, 24 
bench grinders, 80 
Computer Controlled (CnC) cutting machines, 58 
duty cycles, 24 
duty hours, 25 
electrical wiring and, 28, 32 
exhaust systems, 28 
filing cabinets, 29 
gas cylinders, 36-37, 54, 59 
gloves, 32, 44 
helmets, 32, 34, 89 
magnetic squares, 145 
media blasters, 80 
MIG snips, 57 
necessity considerations, 23 
organization, 29 
purchasing considerations, 23, 24 
researching, 25 
respirator masks, 28, 144 
safety symbols, 30 
soapstone, 57, 100, 135 
Space requirements, 29 
stools, 88 
storage, 29 
tip dip, 57, 115 
trusted brands, 25 
usage considerations, 24 
used machines, 25 
welding carts, 37 
welding supply stores, 25 
wire brushes, 57, 79, 83, 100, 112, 118 
exhaust systems, 28 
expanded sheet metal, 74 
eye protection, 34 


fatigue, 88 

ferrous metals, 70 

filing cabinets, 29 

filler metal 
arc and, 14 
bead and, 15 
definition of, 15 
electrode as, 14 
feeding, 15, 48 
ground clamps and, 51, 52 
melting point, 73 
metal types and, 73 
MIG welding, 14, 15, 22 
stick welding, 14, 15 
TIG welding, 20 

fillet joints 
cleaning, 118 
definition of, 106 
gravity and, 116, 118 
introduction to, 106 
pattern, 119 
puddle control, 118 
tacking, 118 
uses of, 106 

finger safety, 45 

fire extinguishers, 31 

fires, 31 

first aid kits, 30 

flap disks, 46 

flux 
autofeed machines, 15, 24 
definition of, 15, 22 
impurities and, 15 
outdoor welding and, 16 
shield gas and, 15-16, 18 
MIG welding and, 22 


polarity and, 49 

slag and, 18 

spatter and, 17-18 

stick welding and, 15 

ventilation and, 22 
fumes, 22, 28, 35, 144 


gases. See also shield gases. 
acetylene, 58, 59, 60, 61 
carbon dioxide, 16 
cylinders, 36-37, 54, 59 
lonization, 12, 16, 62 
mixture ratios, 16 
oxy-acetylene torches, 58—61 
plasma, 62 
regulators, 56 
respirator masks for, 28 
gauges, 76, 77 
gloves, 32, 44 
GMAW (Gas Metal Arc Welding). 
See MIG welding. 
grinders. See angle grinders. 
ground clamps 
arc welding and, 12, 16, 21 
connecting to welder, 49 
filler wire and, 51, 52 
plasma cutters, 64 
safety, 32, 53 
used machines, 25 
Welding Table project and, 138, 139 
GTAW (Gas Tungsten Arc Welding) 
See TIG welding. 
guns 
angle of, 91-92, 98, 118 
assembly of, 48 
description of, 47 


holding, 90, 98, 100, 101, 126 
setting up, 48 
trigger, 48 


HAZ (heat-affected zone), 93, 94 
helmets, 32, 34, 89 
hot roll steel, 72 


inclusions. See also slag. 
chamfer and, 110 
chemical removal of, 80 
flux and, 15 
gun angle and, 91 
soapstone and, 57 
shield gas flow and, 113 
stick length and, 101 
weld quality and, 78, 79 
weld zone cleaning and, 112 


jigs, 124-125, 146 

joints 
butt joints, 108, 110-115 
edge joints, 106, 122 
fillet joints, 106, 116-119 
lap joints, 106, 122 
corner joints, 106, 120 


kerf, 62-63 
“key holing,” 136 


lap joints, 106, 122 
lighting, 28 


magnetic squares, 145 
measurements 
Cube project, 130 


metal thickness, 76, 77 
Runner Table project, 152, 153, 157-158, 159 
tacking and, 96 
Welding Table project, 137, 138, 140, 141, 149, 151 
media blasting, 80 
metals. See also mild steel. 
alloys, 70 
aluminum, 16, 21, 73, 138 
distributors, 75, 77 
ferrous, 70 
gauges, 76, 77 
iron, 70, 73 
mill scale, 46, 72, 80, 100 
oil coatings, 78 
ordering, 77 
Ornamental, 74 
pricing, 75 
purchasing, 75, 77 
titanium, 16, 153 
zinc, 16, 35, 144, 150 
Midwest Metalworks, 9 
MIG gloves, 32 
MIG snips, 57 
MIG welding 
autofeed machines compared to, 15 
carbon byproducts, 83 
components of, 47 
ease of use, 23 
electricity and, 22, 32 
electrode, 14, 22 
filler metal and, 14, 15 
flux and, 22 
gas cylinder connection to, 54 
ground connection to, 49 
gun, 47-48 
hose connection to, 49 


metal thickness settings, 55, 56 
nozzle, 22, 48 
polarity, 15, 49 
safety, 32 
setting up, 48 
shield gas, 15, 22, 56, 101 
spatter, 17-18 
ventilation and, 22 
voltage settings, 55, 99, 113 
wire brushes for, 83 
wire feed, 15, 22, 50-53, 55, 77, 99, 113 
wire length, 101 
wire tension, 52 
mild steel. See also metals. 
angle grinder disks for, 46 
carbon content, 70 
cold roll, 72, 79, 138 
Cube project, 130 
distributors, 77 
filler metal, 22, 50, 73 
hot roll, 72 
melting temperature, 14 
uses of, 70 
versatility of, 12 
Welding Table project, 138 
mill scale, 46, 72, 80, 100 
“moon craters,” 78 
muriatic acid, 80 


nozzles 
accidental arcing with, 25 
angle of, 91, 98, 126, 127, 134 
connecting, 48 
line of sight and, 89 
MIG welding, 22, 48 
Shield gas and, 22, 48 


spatter protection, 17, 57 
TIG welding, 19 
tip dip, 57, 115 


ornamental metals, 74 


outdoor welding 

flux core and, 16 

shield gas and, 16 

stick welding and, 16, 19 
overhead welding, 34 
overheating. See temperatures. 
oxy-acetylene torches. See also equipment. 
acetone, 59, 60 
hoses, 60 

igniting, 61 
pressure settings, 60 
regulators, 59 
safety, 59-60 

slag, 61 

valve, 60, 61 


patterns 


bead patterns, 22 

fillet joints, 119 

“nickels on the side,” 22, 109 
“shark tooth,” 114, 120 
“stack of dimes,” 22, 109 
TIG welding, 22, 109 


pedal controllers, 19 

perforated sheet metal, 74 

plasma, 12 

plasma cutters. See also equipment. 


cutting with, 64, 65-69 
DIN shades and, 34 
drag shields, 64, 68 
kerf, 62-63 


precision with, 23, 62 
prices of, 63 
slag, 64, 69 
porosity 
chamfers and 110 
“moon craters,” 78 
preventing, 78, 79 
preparation 
acetone cleaning, 78—79 
alcohol cleaning, 78—79 
angle grinders and, 79, 81 
bench grinders, 80 
benefits of, 78 
chamfers and, 81-82, 83 
chemical cleaning, 80 
Cube project, 132 
media blasting, 80 
muriatic acid, 80 
Runner Table project, 156 
small pieces, 80 
Welding Table project, 143 
wire brushes and, 79 
projects 
Cube, 130-136 
Runner Table, 152-161 
Welding Table, 137-151 
puddle 
butt joints, 113-114, 115 
controlling, 86, 109, 113-114, 115 
fillet joints, 118 
gravity and, 126 
heat management and, 93 
machine adjustments and, 113 
nozzle angle and, 98 
pulling, 86 
pushing, 86 


RG-8 coax as grounding the car hood and trunk lid to the frame of 
the car. In addition, the exhaust should be grounded in at least two 
places, one in front of the muffler and one aft. Be sure to scrape the 
rust off to bare metal when attaching the grounding straps. The 
braid can be cut to the desired length, the ends shaped to hold a 
bolt, and then heavily soldered to make a good connection. 


INEXPENSIVE BEAM 


Looking for something fast, easy, inexpensive, and effective 
on 10 meters? Well, this could be right down your alley. 

A good majority of amateurs in the ham world started out as 
CBers. What these ex-CBers don't realize is that they probably 
have the materials for a good two-element 10 meter beam around 
the house just sitting there and collecting dust. How about that old 
CB ground plane you used to use? If this is one of your household 
treasures, half the battle is won. Here's what I did. 

I took my half-wave ground plane, (the particular one I used 
was a Super Mag), and disassembled the four radials and hardware 
that fastened the radials to the base. I then went to the local lumber 
store and got a five-foot piece of 2x2. Jerry Swank W8HXR was 
the supplier of the technical information, such as length of the 
driven and director elements, the spacing, etc. 

What I was going to attempt to build was a 10-meter beam 
incorporating 2 elements. In this beam, one element is fed directly 
from the feedline and is a half wavelength of the operating fre- 
quency (Fig. 7-3). This is called the driven element. The other 
element receives power by either induction or radiation from the 
driven element and is known as the director element. 

The elements were fastened to the wooden boom by using the 
hardware from my ground plane. Since the four radials were ap- 
proximately 84’ long each, I had to cut two of them to a length of 
7'7" for a combined length of 15'2” for the director. The other two 
radials were cut to 8'2” each, for a combined length of 16'4” for the 
driven element. 

If you cut one or both of the elements too short, don't fret, 
because all is not lost. The length of the driven element will vary a 
little according to the design frequency. 1 cut my driven element 
too short and coiled a piece of bare wire on both sides of the driven 
element. I then let the wire drape down until I got a good swr 
reading (Fig. 7-38). Coaxial cable was then connected between the 
two radials of the driven element, being sure the shield was 
insulated from the center conductor. Spacing between driven ele- 
ment and director was around 4'3”. 
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shield gases and, 91 
thin materials and, 89 
“toeing,” 116, 117 
uphill welding, 126 
weld speed and, 117 


recrystallization temperatures, 72 
respirator masks, 28, 144 
rhythm, 86 
Runner Table project 

cutting, 153-155 

introduction, 152-153 

marking, 153, 154 

materials, 153 

measurements, 152, 153, 157—158, 159 

miter cuts, 153, 154 

painting, 161 

preparation, 156 

surface, 161 

tacking, 156-158 

welding, 159-161 

wood mounting, 161 


safety 
angle grinders, 42, 44, 45, 46 
burns, 30 
chop saw blade replacement, 40 
clothing, 35, 63 
electric shocks, 32 
eye protection, 34 
fingers, 45 
fire extinguishers, 31 
first aid kits, 30 
flame-retardant materials, 26 
fumes, 35 
gas cylinders, 36-37 


ground clamps, 32, 53 
helmets, 32, 34, 89 
metal temperatures, 30 
MIG gloves, 32 
MIG welding, 32 
muriatic acid, 80 
overhead welding, 34 
oxy-acetylene torch, 59-60 
plasma cutters, 63 
respirator masks, 28, 144 
scalp protection, 34-35 
shield gases, 28 
shoes, 35 
spark fires, 31 
spatter prevention, 57 
spatter protection, 18 
studio considerations, 26 
symbols, 30 
tip dip, 57, 115 
trusted brands and, 25 
UV burns, 32, 35 
ventilation, 22, 26, 28, 35 
water buckets, 31 
welding blankets, 26 
saws. See chop saws. 
scalp protection, 34-35 
“shark tooth” technique, 114, 120 
shield gases. See also gases. 
advantages of, 16 
argon, 16 
carbon burn and, 112 
conductivity and, 12 
chart for, 55 
connecting, 54 
flux and, 15-16 
flux-core and, 22 


gun angle and, 91-92, 98 
ionization and, 12 
line of sight and, 16 
MIG welding and, 15, 22, 101 
mixtures, 16, 55 
nozzle and, 22, 48 
outdoor usage, 16 
pressure settings, 22, 56, 93, 111, 112, 113 
puddle and, 91 
regulators, 56 
safety, 28 
slag prevention with, 16 
Spatter and, 57 
stick length and, 101 
TIG welding and, 19 
tip dip and, 57, 115 
vertical welding and, 126 
shocks, 32 
shoes, 35 
sight. See vision. 
single corner clamps, 145 
slag. See also inclusions. 
removing, 15, 69 
Shield gas and, 16 
stick welding and, 15, 18 
SMAW (Shielded Metal Arc Welding). See stick welding. 
soapstone, 57, 100, 135 
Spatter 
definition of, 17 
prevention of, 17-18, 57, 115 
safety, 32, 34-35 
stick welding and, 17-18 
table surface and, 139 
TIG welding and, 20 
tip dip and, 57, 115 
stainless steel 


alloys, 70 
argon and, 16 
brushes, 57, 79, 83, 100, 112, 118 
table and, 138 
TIG welding and, 19, 20 
stance, 88 
stick welding 
electricity, 18 
electrodes, 14, 19 
filler metal, 14, 15 
flux, 15 
outdoor welding and, 16, 19 
slag and, 15, 18 
spatter and, 17-18 
studio 
basement as, 28 
electricity, 28 
equipment storage, 29 
exhaust systems, 28, 35 
first aid kits, 30 
flame-retardant materials in, 26 
garage as, 26 
layout, 29 
lighting, 28 
organization, 29 
safety considerations, 26 
shed as, 26 
space requirements, 26, 29 
spark fires, 31 
ventilation, 22, 26, 28, 35 


tacking 
butt joints, 111 
Cube project, 132-134 
definition of, 96 
fillet joints, 118 


heat control and, 98 

measurements and, 96 

mistake correction and, 96 

Runner Table project, 156-158 

warp prevention and, 96 

Welding Table project, 147-148 
techniques 

butt joint weld, 110-115 

comfort, 88 

corner joints, 120-121 

cross body welding, 127 

draw, 99-103 

edge joints, 122 

fillet weld, 116-119 

gun angle, 91-92, 98 

hand position, 90 

heat control, 93-94, 98 

jigs, 124-125 

lap joints, 122 

pattern techniques, 109 

puddle control, 86 

rhythm, 86 

“shark tooth” technique, 114, 120 

sound cues, 101, 103 

stance, 88 

tacking, 96-97, 98 

temperature control, 93, 98 
temperatures. See also warping. 

arc welding, 14 

burns and, 30 

cutting and, 40 

duty cycle and, 24 

heat control, 93-94, 98, 135, 136 

“key holing,” 136 

melting temperatures, 14, 73 

metal rolling, 72 


oxy-acetylene torches, 58, 59 
plasma cutters, 62 
recrystallization, 72 
safety and, 30 
warping and, 94, 95, 96, 97, 135 
textures, 79 
three-axis corner clamps, 144, 145, 157 
TIG welding 
bead patterns, 22 
costs of, 21 
electricity, 21 
electrode, 14 
filler metal, 20 
joint welding with, 109 
nozzle, 19 
pedal controller, 19 
shield gases, 19 
spatter, 20 
weld patterns, 109 
tip dip, 57, 115 
titanium, 16, 153 
travel angle, 91, 126, 134 


uphill welding, 126 
UV burns, 32, 35 


ventilation, 22, 26, 28, 35 
vertical welding, 126 
vision, 16, 89 


warping. See also temperatures. 
causes of, 93, 94, 136 
clamps and, 95 
plasma cutters and, 62 
prevention of, 95, 96, 97, 135, 139, 160 
tacking and, 56, 96, 97 


thin metals and, 83, 94, 135 
websites 
American Welding Society, 37 
metal distributors, 75 
welding blankets, 26 
welding carts, 37 
Welding Table project 
casters, 138, 140, 143-144, 149-150, 151 
conductivity, 138, 139 
considerations, 138-139 
corners, 144-146 
cutting, 140-142 
frame welding, 149-151 
ground clamping to, 138, 139 
height considerations, 138 
introduction to, 137 
legs, 140 
marking, 142 
materials, 138, 139 
measurements, 137, 138, 139, 140, 141, 149, 151 
miter cuts, 140, 141 
mobility, 138, 143-144 
painting, 151 
preparation, 143 
size considerations, 138 
surface area, 138-139 
surface welding, 151 
tacking, 147-148 
wire brushes, 57, 79, 83, 100, 112, 118 
wire feed, 50-53, 55 
wire tension, 52 


zinc, 16, 35 
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COILED WIRE l f 
(DO NOT INSULATE FROM ELEMENT) Y Fig. 7-38. Wire coiled on end of 
q1 element. 


The gain of this antenna was figured to be somewhere around 
5 dB, but don't let this small figure scare you. Using the Kenwood 
TS-5205, this 80-cent cheapie (the cost of the 2x2) was found to 
make a difference in receiving of 2 to 4 S-units higher than my 
4-BTV vertical, and 2 S-units when transmitting. (Polarization of 
the other station will, of course, play an important role.) 

So, as you can see, for a very small amount of space you can 
have a pretty effective DX antenna for a fraction of the cost of a 
commercially-made beam. However, if you really feel ambitious 
and have the extra aluminum around the house or can obtain it for a 
reasonable price, another element can be added for an additional 3 
dB of gain. A balun is not essential, but it could prove to be quite 
helpful in preventing your coax from radiating. 

If you're thinking that it takes an expert craftsman and years of 
experience to build your own beam, you're wrong. When built this 
antenna (about two years ago), I was 15 years old and had just a 
Novice class license; I know that if I can build my own antenna, 
anybody can! 


MULTIBAND GROUND PLANE 


The idea of feeding a vertical antenna—more specifically, a 
ground-plane antenna—with balanced transmission line is not new. 
Balanced, open-wire line lends itself well to multiband antenna 
applications because of its low loss in comparison with prefabri- 
cated coaxial lines. The transmission line used with the antenna 
described here is designed to have the least possible attenuation 
within reasonable limits. 

How can balanced line possibly work well with an unbalanced 
antenna? Won't there be radiation from the line, and won't this 


331 


Dedicated to my parents, John and Susan Christena: I am a true cultivation of all 
that you have taught me, guided me, and blessed me with. You are my heroes. 


= Notice to Readers 


United States Patent [19 
Rogers, Sr. 


[11] 4,292,804 
[45] Oct. 6, 1981 


[54] METHOD AND APPARATUS FOR 
OPERATING AN ENGINE ON 
COMPRESSED GAS 


[76] Inventor: Leroy K. Rogers, Sr., #5 Capistrano 


Ct., Ft. Myers, Fla. 33908 
[21] Appl. No.: 158,303 


[22] Filed: Jun. 10, 1980 

[51] Int. OL... sail OE E F15B 11/06 
EA O AAA E 60/407; 91/187; 
91/275 
[58] Field of Search .................... 60/407, 412; 91/187, 
91/275, 364 

[56] References Cited 

U.S. PATENT DOCUMENTS 

3,881,399 5/1975 Sagi et al. .........cccssesseccees 91/187 X 
3,885,387 5/1975 Simington ....s.esesesssessarerseee 60/407 X 
4,018,050 4/1977 Murphy cccccccrnccinonccnnnacananas 60/412 X 


Primary Examiner—Allen M. Ostrager 
Attorney, Agent, or Firm—Burns, Doane, Swecker & 
Mathis 


HS 


23 


[57] ABSTRACT 


The present invention relates to a method and apparatus 
for operating an engine having a cylinder and a piston 
reciprocable therein on compressed gas. The apparatus 
comprises a source of compressed gas connected to a 
distributor which distributes the compressed gas to the 
cylinder. A valve is provided to selectively admit com- 
pressed gas to the cylinder when the piston is in an 
approximately top dead center position. In one embodi- 
ment of the present invention the timing of the opening 
of the valve is advanced such that the compressed gas is 
admitted to the cylinder progressively further before 
the top dead center position of the piston as the speed of 
the engine increases. In a further embodiment of the 
present invention a valve actuator is provided which 
increases the length of time over which the valve re- 
mains open to admit compressed gas to the cylinder as 
the speed of the engine increases. A still further embodi- 
ment of the present invention relates to an apparatus for 
adapting a conventional internal combustion engine for 
operation on compressed gas. 


22 Claims, 8 Drawing Figures 
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METHOD AND APPARATUS FOR OPERATING 
AN ENGINE ON COMPRESSED GAS 


BACKGROUND AND SUMMARY OF THE 
PRESENT INVENTION 


The present invention relates to a method and appara- 
tus for operating an engine using a compressed gas as 
the motive fluid. More particularly, the present inven- 
tion relates to a apparatus for adapting a pre-existing 
internal combustion engine for operation on a com- 
pressed gas. 

Air pollution is one of the most serious problems 
facing the world today. One of the major contributors 
to air pollution is ordinary internal combustion engine 
which are used in most motor vehicles today. Various 
devices, including many items mandated by legislation, 
have been proposed in an attempt to limit the pollutants 
which an internal combustion engine exhausts to the air. 
However, most of these devices have met with limited 
success and are often both prohibitively expensive and 
complex. A clean alternative to the internal combustion 
engine is needed to power vehicles and other machin- 
ery. 

A compressed gas, preferably air, would provide an 
ideal motive fluid for a engine since it would eliminate 
the usual pollutants exhausted from an internal combus- 
tion engine. An apparatus for converting an internal 
combustion engine for operation on compressed air is 
disclosed in U.S. Pat. No. 3,885,387 issued May 27, 1975 
to Simington. The Simington patent discloses an appa- 
ratus including a source of compressed air and a rotat- 
ing valve actuator which opens and closes a plurality of 
mechanical poppet valves. The valves deliver com- 
pressed air in timed sequence to the cylinders of an 
engine through adapters located in the spark plug holes. 
However, the output speed of an engine of this type is 
limited by the speed of the mechanical valves and the 
fact that the length of time over which each of the 
valves remains open cannot be varied as the speed of the 
engine increases. 

Another apparatus for converting an internal com- 
bustion engine for operation on steam or compressed air 
is disclosed in U.S. Pat. No. 4,102,130 issued July 25, 
1978 to Stricklin. The Stricklin patent discloses a device 
which changes the valve timing of a conventional four 
stroke engine such that the intake and exhaust valves 
open once for every revolution of the engine instead of 
once every other revolution of the engine. A reversing 
valve is provided which delivers live steam or com- 
pressed air to the intake valves and is subsequently 
reversed to allow the exhaust valves to deliver the ex- 
panded steam or air to the atmosphere. A reversing 
valve of this type however does not provide a reliable 
apparatus for varying the amount of motive fluid in- 
jected into the cylinders when it is desired to increase 
the speed of the engine. Further, a device of the type 
disclosed in the Stricklin patent requires the use of mul- 
tiple reversing valves if the cylinders in a multi-cylinder 
engine were to be fired sequentially. 

Therefore, it is an object of the present invention to 
provide a reliable method and apparatus for operating 
an engine or converting an engine for operation with a 
compressed gas. 

A further object of the present invention is to provide 
a method and apparatus which is effective to deliver a 
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constantly increasing amount of compressed gas tc an 
engine as the speed of the engine increases. 

A still further object of the present invention is to 
provide a method and apparatus which will operate an 
engine using compressed gas at a speed sufficient to 
drive a conventional automobile at highway speeds. 

It is still a further object of the present invention to 
provide a method and apparatus which is readily adapt- 
able to a standard internal combustion engine to convert 
the internal combustion engine for operation with a 
compressed gas. 

Another object of the invention is to provide a 
method and apparatus which utilizes cool expanded gas, 
exhausted from a compressed gas engine, to operate an 
air conditioning unit and/or an oil cooler. 

These and other objects are realized by a method and 
apparatus according to the present invention for operat- 
ing an engine having at least one cylinder and a recip- 
ricating piston therein using compressed gas as a motive 
fluid. The apparatus includes a source of compressed 
gas and a distributor connected with the source of the 
compressed gas for distributing the compressed gas to 
the at least one cylinder. A valve is provided for admit- 
ting the compressed gas to the cylinder when the piston 
is in approximately a top dead center position within the 
cylinder. An exhaust is provided for exhausting the 
expanded gas from the cylinder as the piston returns to 
approximately the top dead center position. 

In a preferred embodiment of the present invention a 
device is provided for varying the duration of each 
engine cycle over which the valve remains open to 
admit compressed gas to the cylinder dependent upon 
the speed of the engine. In a further preferred embodi- 
ment of the present invention, an apparatus for advanc- 
ing the timing of the opening of the valve is arranged to 
admit the compressed gas to the cylinder progressively 
further before the top dead center position of the piston 
as the speed of the engine increases. 

Further features of the present invention include a 
valve for controlling the amount of compressed gas 
admitted to the distributor. Also, a portion of the gas 
which has been expanded in the cylinder and exhausted 
through the exhaust valve is delivered to a compressor 
to be recompressed and returned to the source of com- 
pressed gas. A gear train is selectively engagable to 
drive the compressor at different operating speed de- 
pending upon the pressure maintained at the source of 
compressed air and/or the speed of the engine. Still 
further, a second portion of the exhaust gas is used to 
cool a lubricating fluid for the engine or to operate an 
air conditioning unit. 

In a preferred embodiment of the present invention, 
the valve for admitting compressed gas to the cylinder 
is electrically actuated. The device for varying the du- 
ration of each engine cycle over which the intake valve 
remains open as the speed of the engine increase com- 
prises a rotating element whose effective length in- 
creases as the speed of the engine increases such that a 
first contact on the rotating element is electrically con- 
nected to a second contact for a longer period of each 
engine cycle. The second contact actuates the valve 
whereby the valve remains in an open position for a 
longer period of each engine cycle as the speed of the 
engine increases. 

Still further features of the present invention include 
an adaptor plate for supporting the distributor above an 
intake manifold of a conventional internal combustion 
engine after a carburetor has been removed to allow air 
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to enter the cylinders of the engine through the intake 
manifold and conventional intake valves. Another adap- 
tor plate is arranged over an exhaust passageway of the 
internal combustion engine to reduce the cross-sectional 
area of the exhaust passageway. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Preferred embodiments of a method and apparatus 
for operating an engine according to the present inven- 
tion will be described with reference to the accompany- 
ing drawings wherein like members bear like reference 
numerals and wherein: 

FIG. i is a schematic representation of an apparatus 
according to the present invention arranged on an en- 
gine; 

FIG. 2 is a side view of one embodiment of a valve 
actuator according to the present invention; 

FIG. 3 is a cross-sectional view taken along the line 
3—3 in FIG. 2; 

FIG. 4 is a cross-sectional view of a second embodi- 
ment of a valve actuator according to the present inven- 
tion; 

FIG. 5 is a view taken along the line 5—5 in FIG. 4; 

FIG. 6 is a cross-sectional view of a third embodi- 
ment of a valve actuator according to the present inven- 
tion; 

FIG. 7 is a view taken along the line 7—7 in FIG. 6; 

FIG. 8 is a cross-sectional view of a gearing unit to 
drive a compressor according to the present invention. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENTS 


With reference to FIG. 1, an engine block 21 (shown 
in phantom) having two banks of cylinders with each 
bank including cylinders 20 having pistons 22 recipro- 
cable therein (only one of which is shown in phantom) 
in a conventional manner. While the illustrated engine is 
a V-8 engine, it will be apparent that the present inven- 
tion is applicable to an engine having any number of 
pistons and cylinders with the V-8 engine being utilized 
for illustration purposes only. A compressed gas tank 23 
is provided to store a compressed gas at high pressure. 
It may also be desirable to include a small electric or gas 
compressor to provide compressed gas to supplement 
the compressed gas held in the tank 23. In a preferred 
embodiment, the compressed gas is air which can be 
obtained from any suitable source. 

A line 25 transports the gas withdrawn from the tank 
23 when a conventional shut off valve 27 is open. In 
addition, a solenoid valve 29 preferably operated by a 
suitable key operated switch (not shown) for the engine 
is also arranged in the line 25. In normal operation, the 
valve 27 is maintained open at all times with the sole- 
noid valve 29 operating as a selective shut off valve to 
start and stop the engine 21 of the present invention. 

A suitable regulating valve 31 is arranged down- 
stream from the solenoid valve 29 and is connected by 
a linkage 33 to a throttle linkage 35 which is operator 
actuated by any suitable apparatus such as a foot pedai 
(not shown). The line 25 enters an end of a distributor 
33 and is connected to an end of a pipe 35 which is 
closed at the other end. A plurality of holes, which are 
equal to the number of cylinders in the engine 21, are 
provided on either side of the pipe 35 along the length 
of the pipe 35. 

When the present invention is used to adapt a conven- 
tional internal combustion engine for operation on com- 
pressed gas, an adaptor plate 36 is provided to support 
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the distributor 33 in spaced relation from the usual in- 
take opening in the intake manifold of the engine after a 
conventional carburetor has been removed. In this way, 
air is permitted to enter the internal combustion engine 
through the usual passageways and to be admitted to 
the cylinders through suitable intake valves (not 
shown). The adaptor plate 36 is secured to the engine 
block 21 and the distributor 33 by any suitable appara- 
tus, e.g., bolts. | 

Each of the holes in the pipe 35 is connected in fluid- 
tight manner to a single line 37. Each line 37 carries the 
compressed gas to a single cylinder 20. In a preferred 
embodiment, each of the lines 37 is ¿ inch high pressure 
plastic tubing attached through suitable connectors to 
the distributor 33 and the pipe 35. Each of the lines 37 
is connected to a valve 39 which is secured in an open- 
ing provided near the top of each of the cylinders 20. In 
the case of a conversion of a standard internal combus- 
tion engine, the valves 39 can be conveniently screwed 
into a tapped hole in the cylinder 20 typically provided 
for a spark plug of the internal combustion engine. In a 
preferred embodiment, the valves 39 are solenoid actu- 
ated valves in order to provide a fast and reliable open- 
ing and closing of the valves 39. 

Each of the valves 39 is energized by a valve actuator 
41 through one of a plurality of wires 43. The valve 
actuator 41 is driven by a shaft of the engine similar to 
the drive for a conventional distributor of an internal 
combustion engine. That is, a shaft 55 of the valve actu- 
ator 41 is driven in synchronism with the engine 21 at 
one half the speed of the engine 21. 

A first embodiment of the valve actuator 41 (FIGS. 2 
and 3) receives electrical power through a wire 45 
which is energized in a suitable manner by a battery, 
and a coil if necessary (not shown) as is conventional in 
an internal combustion engine. The wire 45 is attached 
to a central post 47 by a nut 49. The post 47 is connected 
to a conducting plate 51 arranged within a housing 33 
for the valve actuator 41. Within the housing 53, the 
shaft 55 has an insulating element 57 secured to an end 
of the shaft 55 for co-rotation therewith when the shaft 
55 is driven by the engine 21. A first end of a flexible 
contact 59 is continuously biased against the conducting 
plate 51 to receive electricity from the battery or an- 
other suitable source. A second end of the contact 59 is 
connected to a conducting sleeve 60 which is in con- 
stant contact with a spring biased contact 61 which is 
arranged within the sleeve 60. The contact 61 is biased 
by a spring 63 which urges the contact 61 towards a side 
wall of the housing 53. 

With reference to FIG. 3, a plurality of contacts 65 
are spaced from one another and are arranged around 
the periphery of the housing 53 at the same level as the 
spring biased contact 61. Each contact 65 is electrically 
connected to a post 67 which extends outside of the 
housing 53. The number of contacts 65 is equal to the 
number of cylinders in the engine 21. One of the wires 
43, which actuate the valves 39, is secured to each of the 
posts 67. 

In operation, as the shaft 55 rotates in synchronism 
with the engine 21, the insulating element 57 rotates and 
electricity is ultimately delivered to successive ones of 
the contacts 65 and wires 43 through the spring biased 
contact 61 and the flexible contact 59. In this way, each 
of the electrical valves 39 is actuated and opened in the 
proper timed sequence to admit compressed gas to each 
of the cylinders 20 to drive the pistons 22 therein on a 
downward stroke. 
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The embodiment illustrated in FIGS. 2 and 3 ts effec- 
tive to actuate each of the valves 39 to remain open for 
a long enough period of time to admit sufficient com- 
pressed gas to each of the cylinders 20 of the engine 21 
to drive the engine 21. The length of each of the 
contacts 65 around the periphery of the housing 53 is 
sufficient to permit the speed of the engine to be in- 
creased when desired by the operator by moving the 
throttle linkage 35 which actuates the linkage 33 to 
further open the regulating valve 31 to admit more 
compressed gas from the tank 23 to the distributor 33. 
However, it has been found that the amount of air ad- 
mitted by the valves 39 when using the first embodi- 
ment of the valve actuator 41 (FIGS. 2 and 3) is substan- 
tially more than required to operate the engine 21 at an 
idling speed. Therefore, it may be desirable to provide a 
valve actuator 41 which is capable of varying the dura- 
tion of each engine cycle over which the solenoid 
valves 39 are actuated, i.e., remain open to admit com- 
pressed gas, as the speed of the engine 21 is varied. 

A second embodiment of a valve actuator 41 which is 
capable of varying the duration of each engine cycle 
over which each of the valves 39 remains open to admit 
compressed gas to the cylinders 20 dependent upon the 
speed of the engine 21 will be described with reference 
to FIGS. 4 and 5 wherein members corresponding to 
those of FIGS. 2 and 3 bear like reference numerals. 
The wire 45 from the electrical source is secured to the 


post 47 by the nut 49. The post 47 has a annular contact , 


ring 69 electrically connected to an end of the post 47 
and arranged within the housing 53. The shaft 55 rotates 
at one half the speed of the engine as in the embodiment 
of FIGS. 2 and 3. 

At an upper end of the shaft 55, a splined section 71 
slidably receives an insulating member 73. The splined 
section 71 of the shaft 55 positively holds the insulating 
member 73 for co-rotation therewith but permits the 
insulating member 73 to slide axially along the length of 
the splined section 71. Near the shaft 55, a conductive 
sleeve 72 is arranged in a bore 81 in an upper surface of 
the insulating element 73 generally parallel to the 
splined section 71. A contact 75, biased towards the 
annular contact ring 69 by a spring 77, is arranged 
within the conductive sleeve 72 in contact therewith. 
The conductive sleeve 72 also contacts a conductor 79 
at a base of the bore 81. 

The conductor 79 extends to the upper surface of the 
insulating element 73 near an outer periphery of the 
insulating element 73 where the conductor 79 is electri- 
cally connected to a flexible contact 83. The flexible 
contact 83 selectively engages a plurality of radial 
contacts 85 arranged on an upper inside surface of the 
housing 53. A weak spring 87 arranged around the 
splined section 71 engages a stop member 89 secured on 
the shaft 55 and the insulating element 73 to slightly bias 
the insulating element 73 towards the upper inside sur- 
face of the housing 53 to ensure contact between the 
flexible contact 83 and the upper inside surface of the 
housing 53. As best seen in FIG. 5, the radial contacts 
85 on the upper inside surface of the housing 53 are 
arranged generally in the form of radial spokes extend- 
ing from the center of the housing 53 with the number 
of contacts being equal to the number of cylinders 20 in 
the engine 21. The number of degrees covered by each 
of the radial contacts 85 gradually increases as the dis- 
tance from the center of the upper inside surface of the 
housing 53 increases. 
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In operation of the device of FIGS. 4 and 5, as the 
shaft 55 rotates, electricity flows along a path through 
the wire 45 down through post 47 to the annular contact 
member 69 which is in constant contact with the spring 
biased contact 75. The electrical current passes through 
the conductive sleeve 72 to the conductor 79 and then 
to`the flexible contact 83. As the flexible contact 83 
rotates along with the insulating member 73 and the 
shaft 55, the tip of the flexible contact 83 successively 
engages each of the radial contacts 85 on the upper 
inside of the housing 53. As the speed of the shaft 55 
increases, the insulating member 73 and the flexible 
contact $3 attached thereto move upwardly along the 
splined section 71 of the shaft 55 due to the radial com- 
ponent of the splines in the direction of rotation under 
the influence of centrifugal force. As the insulating 
member 73 moves upwardly, the flexible contact 83 is 
bent such that the tip of the contact 83 extends further 
radially outwardly from the center of the housing 53 (as 
seen in phantom lines in FIG. 4). In other words, the 
effective length of the flexible contact 83 increases as 
the speed of the engine 21 increases. 

As the flexible contact 83 is bent and the tip of the 
contact 83 moves outwardly, the tip remains in contact 
with each of the radial contacts 85 for a longer period of 
each engine cycle due to the increased angular width of 
the radial contacts with increasing distance from the 
center of the housing 53. In this way, the length of time 
over which each of the valves 39 remains open is in- 
creased as the speed of the engine is increased. Thus, a 
larger quantity of compressed gas or air is injected into 
the cylinders as the speed increases. Conversely, as the 
speed decreases and the insulating member 73 moves 
downwardly along the splined section 71, a minimum 
quantity of air is injected into the cylinder due to the 
shorter length of the individual radial contact 85 which 
is in contact with the flexible contact 83. In this way, 
the amount of compressed gas that is used during idling 
of the engine 21 is at a minimum whereas the amount of 
compressed gas which is required to increase the speed 
of the engine 21 to a level suitable to drive a vehicle on 
a highway is readily available. 

With reference to FIGS. 6 and 7, a third embodiment 
of a valve actuator 41 according to the present inven- 
tion includes an arcuate insulating element 91 having a 
first end pivotally secured by any suitable device such 
as screw 92 to the shaft 55 for co-rotation with the shaft 
55. The screw 92 is screwed into a tapped hole in the 
insulating element 91 such that a tab 94 at an end of the 
screw 92 engages a groove 96 provided in the shaft 55. 
In this way, the insulating element 91 positively rotates 
with the shaft 55. However, as the shaft 55 rotates 
faster, a second end 98 of the insulating element 91 is 
permitted to pivot outwardly under the influence of 
centrifugal force because of the groove 96 provided in 
the shaft 55. A spring 93 connected between the second 
end 98 of the element 91 and the shaft 55 urges the 
second end of the element 91 towards the center of the 
housing 53. 

A contact 99 similar to the contact 59 (FIG. 2) is 
arranged such that one end of the contact 99 is in con- 
stant contact with the conducting plate 51 located cen- 
trally within the housing 53. The other end of the 
contact 99 engages a conductive sleeve 101 arranged in 
bore 102. A contact element 95 is arranged in the con- 
ductive sleeve 101 in constant contact with the sleeve 
101. The bore 102 is arranged generally parallel to the 
shaft 55 near the second end of the arcuate insulating 
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element 91. The contact 95 is biased by a spring 97 
towards the upper inside surface of the housing 53 for 
selective contact with each of the plurality of radial 
contacts 85 which increase in arc length towards the 
outer peripheral surface of the housing 53 (FIG. 6). ' 

In operation of the device of FIGS. 6 and 7, as the 
shaft 55 rotates the arcuate insulating element 91 rotates 
with the shaft 55 and the second end 98 of the insulating 
element 91 tends to pivot about the shaft 55 due to 
centrifugal force. Thus, as the effective length of the 
contact 95 increases, i.e., as the arcuate insulating ele- 
ment 91 pivots further outwardly, the number of de- 
grees of rotation over which the contact 95 is in contact 
with each of the radial contacts 85 on the upper inside 
surface of the housing 53 increases thereby permitting 
each of the valves 39 to remain open for a longer period 
of each engine cycle to admit more compressed gas to 
the respective cylinder 20 to further increase the speed 
of the engine 21. 

With reference to FIG. 1, a mechanical advance link- 
age 104 which is connected to the throttle linkage 35, 
advances the initiation of the opening of each valve 39 
such that compressed gas is injected into the respective 
cylinder further before the piston 22 in the respective 
cylinder 20 reaches a top dead center position as. the 
speed of the engine is increased by moving the throttle 
linkage 35. The advance linkage 104 is similar to a con- 
ventional standard mechanical advance employed on an 


internal combustion engine. In other words, the linkage , 


104 varies the relationship between the angular posi- 
tions of a point on the shaft 55 and a point on the hous- 
ing 53 containing the contacts. Alternatively, a conven- 
tional vacuum advance could also be employed. By 
advancing the timing of the opening of the valves 39, 
the speed of the engine can more easily be increased. © 

The operation of the engine cycle according to the 
present invention will now be described. The com- 
pressed gas injected into each cylinder of the engine 21 
drives the respective piston 22 downward to drive a 
conventional crankshaft (not shown). The movement of 
the piston downwardly causes the compressed gas to 


expand rapidly and cool. As the piston 22 begins to 


move upwardly in the cylinder 20 a suitable exhaust 
valve (not shown) arranged to close an exhaust passage- 
way is opened by any suitable apparatus. The expanded 
gas is then expelled through the exhaust passageway. As 
the piston 22 again begins to move downwardly a suit- 
able intake valve opens to admit ambient air to the 
cylinder. The intake valve closes and the ambient air is 
compressed on the subsequent upward movement of the 
piston until the piston reaches approximately the top 


— 
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45 


dead center position at which time the compressed gas | 


is again injected into the cylinder 20 to drive the piston 
22 downward and the cycle begins anew. Es 

In the case of adapting a conventional internal com- 
bustion engine for operation on compressed gas, a plu- 
rality of plates 103 are preferably arranged over an end 


of the exhaust passageways in order to reduce the outlet ` 


size Of the exhaust passageways of the conventional 
internal combustion engine. In the illustrated embodi- 


55 


60 


ment, a single plate having an opening in the center is : 


bolted to the outside exhaust passageway on each bank 
of the V-8 engine while another single plate having two 
openings therein is arranged with one opening over 
each of the interior exhaust passageways on each bank 
of the V-8 engine. A line 105 is suitably attached to each 
of the adaptor places to carry the exhaust to an appro- 


8 


priate location. In-a preferred embodiment, the exhaust 
lines 105 are 13” plastic tubing. 

In a preferred embodiment, the alas lines 105 of 
one bank of the V-8 engine are collected in a line 107 
and fed to'an inlet of acompressor 109. The pressure of 
the exhaust gas emmanating from the engine 21 accord- 
ing to the present invention is approximately 25 p.s.i. In 
this way, the compressor 109 does not have to pull the 
exhaust into the compressor since the gas exhausted 
from the engine 21 is at a positive pressure. The positive 
pressure of the incoming fluid increases the efficiency 
and reduces wear on the compressor 109. The exhaust 
gas is compressed in the compressor 109 and returned 
through a line 111 and a check valve 113 to the com- 
pressed gas storage tank 23. The check valve 113 pre- 
vents the flow of compressed gas stored in the tank 23 
back towards the compressor 109. 

A suitable pressure sensor 115 is arranged at an upper 
end of the tank 23 and sends a signal along a line 117 
when the pressure exceeds a predetermined level and 


when the pressure drops below a predetermined level. 


The line 117 controls an electrically actuated clutch 119 
disposed at a front end of the compressor 109. The 
clutch 119 is operative to engage and disengage the 
compressor 109 from a drive pulley 121. Also, the signal 
carried by the line 117 actuates a suitable valve 123 
arranged on a compressor housing 125 to exhaust the air 
entering the compressor housing 125 from the line 107 
when the clutch 119 has disengaged the compressor 109 
from the drive pully 121. 

In a preferred embodiment, when the pressure is the 
tank 23 reaches approximately 600 p.s.i., the clutch 119 
is disengaged and the compressor 109 is deactivated and 
the valve 123 is: opened to exhaust the expanded gas 


delivered to the compressor 109 from the line 107 to the 


atmosphere. When the pressure within the tank 23 
drops below approximately 500 p.s.i., the sensor 115 
sends a signal to engage the clutch 119 and close the 
valve 123, thereby. operating the compressor 109 for 
supplying the tank 23 with compressed gas. 

The pulley 121 which drives the compressor 109 
through the clutch 119 is driven by a belt 127 which is 
driven by a pulley 129 which operates through a gear 
box 131. With reference to FIGS. 1 and 8, a second 
pulley 133 on the gear box is driven by a belt 135 from 
a pulley 137 arranged on a drive shaft 139 of the engine 
21. The pulley 137 drives a splined shaft 140 which has 
a first gear 141 and a second larger gear 143 arranged 
thereon for rotation with the splined shaft 140. The 
splined shaft 140 permits axial movement of the gears 


- 141 and 143 along the shaft 140. 


In normal operation (as seen in FIG. 8), the first gear 
141 engages a third gear 145 arranged on a shaft 147 
which drives the pulley 129. The shafts 140 and 147 are 
arranged in suitable bearings 149 arranged at each end 
thereof. When the speed of the engine 21 drops below a 
predetermined level, a suitable sensor 151 responsive to 
the speed. of the drive shaft 139 of the engine 21 gener- 
ates a signal which is transmitted through a line 153 to 
a solenoid actuator £55 arranged within the gear box 
131. The solenoid actuator 155 moves the first and sec- 


ond gears 141, 143 axially along the splined shaft 140 to 


. the right as seen in. FIG. 8: such that the second, larger 


gear 143 engages a fourth smaller gear 157 which is 
arranged on the shaft 147. The ratio of the second gear 
143 to the fourth gear 157 is aaa eae 3 
to 1. 
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In this way, when the speed of the engine 21 drops 
below the predetermined level as sensed by the sensor 
151 (which predetermined level is insufficient to drive 
the compressor 109 at a speed sufficient to generate the 
500-600 pounds of pressure which is preferably in the 
tank 23), the solenoid actuator 155 is energized to slide 
the gears 143, 141 axially along the splined shaft 140 so 
that the second, larger gear 143 engages the fourth, 
smaller gear 157 to drive the pulley 129 and hence the 
compressor 109 at a higher rate of speed to generate the 
desired pressure. When the speed of the engine in- 
creases above the predetermined level, in a preferred 
embodiment approximately 1500 rpm, the solenoid ac- 
tuator 155 is deactivated by the sensor 151 thereby 
moving the gears 143 and 141 to the left as seen in FIG. 
8 such that the first gear 141 re-engages with the third 


gear 145 to effectuate a 1 to 1 ratio between the output | 


shaft 139 of the engine 21 and the pulley 129. 

The other bank of the V-8 engine has its exhaust ports 
arranged with adapter plates 103 similar to those on the 
first bank. However, the exhaust from this bank of the 
engine 21 is not collected and circulated through the 
compressor 109. In a preferred embodiment, a portion 
of the exhaust is collected in a line 159 and fed to an 
enlarged chamber 161. A second fluid is fed through a 
line 163 into the chamber 161 to be cooled by the cool 
exhaust emmanating from the engine 21 in the line 159. 
The second fluid in the line 163 may be either transmis- 
sion fluid contained in a transmission associated with 
the engine 21 or a portion of the oil used to lubricate the 
engine 21. A second portion of the exhaust from the 
second bank of the V-8 engine is removed from the line 
159 in a line 165 and used as a working fluid in an air 
conditioning system or for any other suitable use. 

It should be noted that the particular arrangement 
utilized for collecting and distributing the gas exhausted 
from the engine 21 would be determined by the use for 
which the engine is employed. In other words, it may be 
advantageous to rearrange the exhaust tubing such that 
a larger or smaller percentage of the exhaust is routed 
through the compressor 109. It should also be noted 
that since the exhaust lines 105 are plastic tubing, a 
rearrangement of the lines for a different purpose is 
both simple and inexpensive. 

In operation of the engine of the present invention, 
the engine 21 is started by energizing the solenoid valve 
29 and any suitable starting device (not shown), e.g., a 
conventional electric starter as used on an internal com- 
bustion engine. Compressed gas from the full tank 23 
flows through the line 25 and a variable amount of the 
compressed gas is admitted to the distributor 33 by 
controlling the regulator valve 31 through the linkage 
33 and the operator actuated throttle linkage 35. The 
compressed gas is distributed to each of the lines 37 
which lead to the individual cylinders 20. The com- 
pressed gas is admitted to each of the cylinders 20 in 
timed relationship to the position of the pistons within 
the cylinders by opening the valves 39 with the valve 
actuator 41. 

When it is desired to increase the speed of the engine, 
the operator moves the throttle linkage 35 which simul- 
taneously admits a larger quantity of compressed gas to 
the distributor 33 from the tank 23 by further opening 
the regulator valve 31. The timing of the valve actuator 
41 is also advanced through the linkage 104. Still fur- 
ther, as the speed of the engine 21 increases, the effec- 
tive length of the rotating contact 83 (FIG. 4) or 95 
(FIG. 6) increases thereby electrically contacting a 
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wider portion of one of the stationary radial contacts 85 
to cause each of the valves 39 to remain open for a 
longer period of each engine cycle to admit a larger 
quantity of compressed gas to each of the cylinders 20. 

As can be seen, the combination of the regulating 
valve 31, the mechanical advance 104, and the valve 
actuator 41, combine to produce a compressed gas en- 
gine which is quickly and efficiently adaptable to vari- 
ous operating speeds. However, all three of the controls 
need not be employed simultaneously. For example, the 
mechanical advance 104 could be utilized without the 
benefit of one of the varying valve actuators 41 but the 
high speed operation of the engine may not be as effi- 
cient. By increasing the duration of each engine cycle 
over which each of the valves 39 remains open to admit 
compressed gas to each of the cylinders 20 as the speed 
increases, conservation of compressed gas during low 
speed operation and efficient high speed operation are 
both possible. 

After the compressed gas admitted to the cylinder 20 
has forced the piston 22 downwardly within the cylin- 
der to drive the shaft 139 of the engine, the piston 22 
moves upwardly within the cylinder 20 and forces the 
expanded gas out through a suitable exhaust valve (not 
shown) through the adapter plate 103 Gf employed) and 
into the exhaust line 105. The cool exhaust can then be 
collected in any suitable arrangement to be compressed 
and returned to the tank 23 or used for any desired 
purpose including use as a working fluid in an air condi- 
tioning system or as a coolant for oil. 

When using the apparatus and method of the present 
invention to adapt a ordinary internal combustion en- 
gine for operation with compressed gas it can be seen 
that considerable savings in weight are achieved. For 
example, the ordinary cooling system including a radia- 
tor, fan, hoses, etc. can be eliminated since the com- 
pressed gas is cooled as it expands in the cylinder. In 
addition, there are no explosions within the cylinder to 
generate heat. Further reductions in weight are ob- 
tained by employing plastic tubing for the lines which 
carry the compressed gas between the distributor and 
the cylinders and for the exhaust lines. Once again, 
heavy tubing is not required since there is little or no 
heat generated by the engine of the present invention. 
In addition, the noise generated by an engine according 
to the present invention is considerably less than that 
generated by an ordinary internal combustion engine 
since there are no explosions taking place within the 
cylinders. 

The principles of preferred embodiments of the pres- 
ent invention have been described in the foregoing spec- 
ification. However, the invention which is intended to 
be protected is not to be construed as limited to the 
particular embodiments disclosed. The embodiments 
are to be regarded as illustrative rather than restrictive. 
Variations and changes may be made by others without 
departing from the spirit of the invention. Accordingly, 
it is expressly intended that all such variations and 
changes which fall within the spirit and the scope of the 
present invention as defined in the appended claims be 
embraced thereby. 

What is claimed is: 

1. An apparatus for operating an engine having at 
least one cylinder and a reciprocating piston therein 
comprising: 

a source of compressed gas; 


cause horrible TVI and other problems? Well, since hams have 
been using unbalanced line (coaxial cable) to feed balanced anten- 
nas (dipoles and beams) for a long time and it has been shown that 
this is a perfectly satisfactory practice, one might be inclined to ask 
whether the situation should be any different the other way around. 
In the case of the antenna at W1GV/4, balanced line is being used 
with success to feed a ground-plane antenna. 

Let's take a look at some of the theoretical considerations of 
balanced transmission lines and antennas before 1 describe a mul- 
tiband ground-plane antenna without coils or traps that has proved 
very effective. 


Parallel-Wire Line 

In the old days of radio, the type of transmission line most 
often used was of the open-wire variety. The reason this kind of 
line works is that at every point along the line the currents in the 
two wires are always equal in magnitude and opposite in direction. 
Since the two wires are very close together with respect to the 
wavelength, they may be considered to occupy the same space. 
The field produced by one wire therefore cancels that produced by 
the other wire, and no radiation takes place. 

For the currents in the two wires to be exactly equal and 
opposite, the antenna must have certain characteristics. If one side 
of the antenna presents a different impedance than the other, the 
currents in the two feedline wires will not be exactly equal or 
exactly out of phase. This may occur because one side of the 
antenna is longer than the other, or because one side of the antenna 
presents a different capacitance with respect to ground. See Fig. 
7-39. 


Fig. 7-39. Causes of feedline radiation. AtA, antenna not fed at center; at B, 
one side of antenna closer to ground or obstructions; at C, feedline 
brought away from antenna is a non-symmetrical position. These factors 
can cause radiation from coaxial as well as parallel-wire lines. A perfectly 
balanced system is, fortunately, not usually necessary for satisfactory 
antenna performance. 
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distributor means connected with the source of com- 
pressed gas for distributing the compressed gas to 
the at least one cylinder; 
valve means for admitting the compressed gas to the 
at least one cylinder when the piston is in approxi- 
mately a top dead center position within the cylin- 
der; 

altering means for increasing the duration of each 

engine cycle over which the valve means admits 
compressed gas to the at least one cylinder as the 
speed of the engine increases; and 

exhaust means for exhausting gas as the piston boe 

quently approaches approximately the top dead 
center position. 

2. The apparatus of claim 1 further comprising con- 
trol means for controlling the amount of compressed 
gas admitted to the distributor means. | 

3. The apparatus of claim 1 wherein the valve means 
is a solenoid valve secured in an opening in the cylinder 
above the level of the piston at the top dead center 
position. 

4. The apparatus of claims 1 or 2 further comprising 
means for advancing the timing of the valve means as 
the speed of the engine increases such that compressed 
gas is admitted progressively further before the top 
dead center position as the speed of the engine in- 
creases. 

5. The apparatus of claim 4 wherein the means for 
advancing the timing comprises a mechanical linkage 
connected to an operator actuated accelerator linkage. 

6. The apparatus of claim 1 wherein a portion of the 
gas exhausted through the exhaust means is compressed 
in a compressor driven by an output shaft of the engine 
and is returned io the source of compressed gas. 

7. The apparatus of claim 1 wherein a portion of the 
gas exhausted through the exhaust means is used to cool 
transmission fluid for a transmission associated with the 
engine. 

8. The apparatus of claim 1 wherein a portion of the 
gas exhausted through the exhaust means is used as a 
working fluid in an air conditioning system. 

9. The apparatus of claim 6 further comprising first 
gearing means interposed between the output shaft of 
the engine and the compressor for increasing the speed 
at which the compressor is driven. 

10. The apparatus of claim 6 further comprising 
clutch means attached to the compressor both for disen- 
gaging the compressor from the output shaft of the 
engine when a first predetermined pressure at the 
source of compressed gas is exceeded and for engaging 
the compressor with the output shaft of the engine 
when the pressure at the source of compressed gas 
drops below a second predetermined pressure. 

11. The apparatus of claim 9 further comprising 
means for both disengaging the first gearing means 
when a predetermined speed of the engine is exceeded 
and engaging a second gearing means for driving the 
compressor at a speed slower than the first gearing 
means when the predetermined speed of the engine is 
exceeded. 

12. The apparatus of claim 1 wherein the valve means 
is electrically actuated and wherein the altering means 
comprises: | 

a rotating member timed with the at least one cylin- 

der and arranged within a housing; 

first and second contacts arranged on a first end of 

the rotating member and on an inside surface of the 
housing, respectively; 
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means for increasing the distance of the first contact 
from the rotational axis of the rotating member as 
the speed of the engine increases such that the first 
contact moves radially outwardly within the hous- 
ing; and 

said second contact presenting a longer arc length to 

the first contact as the distance of the first contact 
from the rotational axis of the rotating member 
increases. 

13. The apparatus of claim 12 wherein the rotating 
member comprises an arcuate arm and wherein the 
means for increasing the distance of the first contact 
comprises pivotally mounting a second end of the arcu- 
ate arm about the axis of rotation of the rotating mem- 
ber and spring means for biasing the first end of the 
arcuate arm towards a radially inward position whereby 
the first end of the arcuate arm pivots radially out- 
wardly as the speed of the engine increases. 

14. The apparatus of claim 12 wherein the rotating 
member is axially slidably received on a rotating shaft 
for co-rotation therewith, said shaft having splines with 
a radial component in the direction of rotation, and 
wherein the first contact comprises a flexible contact 
located on an upper surface of the rotating member, said 
flexible contact being biased against the inside surface of 
the housing which carries the second contacts whereby 
as the speed of the engine increases the rotating member 
is urged axially along the splined shaft towards the 
inside surface of the housing such that the flexible 
contact is forced radially outwardly along the inside 
surface. | 

15. The apparatus of claim 12 wherein the second 
contact comprises of radially extending conductor ar- 
ranged on an upper inside surface of the housing, said 
conductor increasing in arc length as the conductor 
extends radially outwardly from a central portion of the 
housing. 

16. An apparatus for adapting an internal combustion 
engine for operation with compressed gas, the internal 
combustion engine having at least one cylinder, a piston 
reciprocable within the at least one cylinder, intake and 
exhaust means disposed in the at least one cylinder, and 
a tapped hole in the at least one cylinder adapted to 
receive a spark plug, the apparatus comprising: 

a source of compressed gas; 

distributor means connected with the source of com- 

pressed gas for distributing the compressed gas to 
the at least one cylinder; 

valve means arranged in the tapped hole for admit- 

ting the compressed gas to the at least one cylinder 
when the piston is in approximately a top dead 
center position within the cylinder; and 

altering means for increasing the duration of each 

engine cycle over which the valve means remains 
open to admit the compressed gas as the speed of 
the engine increases. 

17. An apparatus as in claim 16 further comprising 
first adapter plate means for supporting the distributor 
means above an intake manifold of the engine, which 
adaptor plate means allows ambient air to enter through 
the intake manifold. | 

18. The apparatus of claim 16 further comprising 
second adapter plate means for reducing the exit area of 
the exhaust means. 

19. A method of operating an engine on compressed 
gas, said engine having at least one cylinder and a piston 
reciprocable therein comprising the steps of: 
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13 
delivering compressed gas from a source to a distribu- 
tor; 
distributing the compressed gas to the at least one 
cylinder; 
admitting compressed gas to the at least one cylinder 
through an intake valve when the piston is at ap- 
proximately a top dad center position; 
increasing the duration of each engine cycle over 
which compressed gas is admitted to the at least 
one cylinder as the engine speed increases; and 
exhausting the remaining gas when the piston subse- 
quently reaches approximately the top dead center 
position. 
20. The method of claim 19 further comprising the 
step of controlling the amount of compressed gas which 
is delivered to the distributor. 


14 
21. The method of claim 19 further comprising the 


step of advancing the timing of the opening of the intake 
valve as the speed of the engine increases. 


22. An apparatus for operating an engine having at 


5 least one cylinder and a piston reciprocable therein on 
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compressed gas comprising: 


a source of compressed gas; 

distributor means connected with the source of com- 
pressed gas for distributing the compressed gas to 
the at least one cylinder; 

electrically actuated valve means secured in an open- 
ing in the at least one cylinder for selectively ad- 
mitting compressed gas to the at least one cylinder 
when the piston is in approximately a top dead 
center position; and 

means for advancing the timing of the valve means as 
the speed of the engine increases whereby com- 
pressed gas is admitted progressively further be- 
fore the top dead center position as the speed of the 


engine increases. 
% * * * * 
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(57) ABSTRACT 


A method of converting atmospheric electrical discharge to a 
useable form of energy by arresting, storage and retransmis- 
sion of lightning induced electrical discharge is disclosed. 
The invention discloses methods of deploying this technol- 
ogy even in isolated locations where no electricity infrastruc- 
ture exists. Additionally, the potential for achieving 1n excess 
of 1 GWe of electrical power supply at costs orders of mag- 
nitude lower than fossil fuel or solar is also disclosed. Isolated 
collection units are disclosed. A method of deployment of 
these devices on individual cars and recharge stations 1s dis- 
closed which in effect unplugs these automotive and recharge 
stations from the grid. This capability significantly decreases 
their dependence on the electricity grid infrastructure, 
enabling a much more enhanced rollout capability for the 
industry. The concept of Energy Dams is disclosed. These are 
facilities with substantial electrical energy storage capacities 
with the capability of receiving energy feeds from various 
generation sources. 
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There is a third reason for radiation from a parallel-wire line: 
antenna currents. If one side of the antenna is closer to the line than 
the other side, the electromagnetic fields from the two halves of 
the antenna will not cancel each other in the vicinity of the line. 
This will induce a current in the line equal in magnitude in both 
wires but in the same direction (Fig. 7-39C). Consequently, the 
line radiates because this current produces its own electromag- 
netic field. These antenna currents cause the net current flow in 
the two wires not to be equal and opposite, and this can result in 
trouble with an all-too-familiar gremlin for hams: rf in the shack! 

Usually, a small amount of radiation from a transmission line 
is not a great handicap. This is fortunate because it is almost 
unavoidable. We certainly would want to minimize line radiation if 
we were using a highly directional antenna where front-to-back 
ratio is important. But with a simple antenna such as a dipole or 
ground plane, we need not worry about some deviation from 
theoretical perfection. 


Coaxial Line 

Many hams got it into their heads that coaxial line is shielded 
and therefore cannot radiate. This is not the case! Coaxial lines are 
just as susceptible to radiation-causing factors as parallel-wire 
lines. Antenna currents, induced in the outer conductor of coax, 
will produce electromagnetic fields and rf in the shack. These 
currents can be caused by any of the three situations shown in Fig. 
7-39. 

Coaxial line has the advantage of being easy to install. It canbe 
run close to or directly over metal objects such as gutters and 
pipes, and its attenuation characteristics and impedance will not be 
affected. This is not true with parallel-wire line. Metal objects very 
close to the latter type of line will cause “impedance bumps” and 
possible imbalance. 

The main disadvantage of coaxial line is that it has relatively 
high attenuation. The swr becomes important at high frequencies 
or with long runs of line. Generally, the antenna must, 
impedance-wise, be fairly well matched to the line if coax is to be 
used with maximum success. Any time the swr is 2:1 or better, the 
line will function at essentially full efficiency. But an swr of, say, 
20:1, will almost always cause significant signal loss. Further- 
more, such a severe mismatch can cause conductor or dielectric 
breakdown because of extreme currents and voltages at nodes 
along the line. 
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A heavy-duty, balanced transmission line such as is used at 
W1GV/4 can be operated at amateur power levels with utter 
disregard for the swr. Thus, all the matching can be done conve- 
niently at the operating position by means of a transmatch. 


The Ground Plane 

A full-size ground-plane antenna consists of a quarter-wave 
vertical radiator and several quarter-wave radials (usually three or 
four), and the base is at least a quarter wavelength above the 
ground. Such an antenna exhibits excellent low-angle radiation 
characteristics and consequently is good for DX work. It is less 
effective for local communication where the angle of radiation must 
usually be nearly 90 degrees with respect to the horizon. However, 
the low-angle reputation of vertical antennas has been somewhat 
overemphasized. Even at a radiation angle of 45 degrees the field 
strength is nearly as great as it is parallel to the horizon—see Fig. 
7-4. 

The ground plane is an uncomplicated and versatile antenna. 

As the base is lowered to heights of less than Y. wavelength 
above ground, losses begin to occur because the ground currents, 
which should be confined to the radial system, will begin to flow in 
the lossy earth. Three radials comprise a nearly perfect ground if 
the base is sufficiently elevated. At a height of Ys wavelength, some 
of the ground currents will flow in the earth unless radials are 
added. The closer the base gets to the ground, the more radials are 
necessary. 

Suppose we tune a full-size, 20-meter ground plane by means 
of loading coils so that its resonant frequency becomes 7 MHz. If 
the antenna was Y wavelength above the ground on 20 meters, it 
will be Ya wavelength above the ground on 40 meters. The radial 
system will not be as good at the lower frequency because of the 
lower height. Also, the radials are not %-wavelength long on 40. 
Although they are an electrical quarter wave in length, their physi- 
cal length is just Ys wavelength. This fact, too, will cause more of 
the ground currents to flow in the soil. But suppose it is impractical 
to make the radials any longer; how are we to improve the effi- 
ciency without raising the antenna? 

The answer is, of course, to add radials. More radials will be 
required if their physical length is Ya wavelength than would be 
necessary at the same height with %4-wavelength radials. I did not 
try to mathematically figure out how many radials I would need. I 
just decided, arbitrarily, that eight would be a good number. But 
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1 
METHOD OF ATMOSPHERIC DISCHARGE 
ENERGY CONVERSION, STORAGE AND 
DISTRIBUTION 


TECHNICAL FIELD 


This invention relates to the field of electrical energy gen- 
eration and storage in general and the conversion of atmo- 
spheric electrical discharge to a useable form of energy by 
arresting, storage and retransmission of lightning induced 
electrical discharge in particular. 


BACKGROUND OF INVENTION 


Lightning has always been a destructive force of nature. 
Causing death by electrocution and starting fires both in resi- 
dential areas and in forests. In either case the loss of life and 
property is substantial. Lightning strikes have affected com- 
munication systems, and by uncontrolled arcing, electricity 
grids leading to loss of power with substantial economic loss 

Lightning is the number one cause of forest and farm fires 
just in the United States and causes over 80 percent of all 
livestock losses due to accidents. Property losses run into 
billions of dollars annually and thousands of deaths and 
injury are reported yearly. Business losses from power and 
communications failure run into billions of dollars annually. 
Up to now, lightning strike damage has generally been con- 
trolled primarily by grounding. 

A lightning discharge can have voltage of 10 MV to 100 
MV and current of 1 kA to 300 kA. It packs so much voltage 
that it can leap a mile through the air and strike another object. 
Lightning can strike a building directly or leaping to it after 
striking a tree or other nearby object or by following a power 
line. It can strike any object that provides an easier path to the 
ground for it than the air. Because of the large network of 
lines, lightning can strike a utility pole at one point and be 
transmitted to any location in the network. Because of this, 
utility companies use multiple grounding and other protective 
devices per mile to ameliorate the lightning effects. 

There has been a lot of activity in the alleviation of light- 
ning damage but none in utilizing its energy potential. 

USS. Pat. No. 7,495,168 discloses a dipole lightning con- 
ductor which can gather electrical charges from the atmo- 
sphere during a thunderstorm, opposite to the polarity of the 
adjacent cloud on one side and induce a different polarity on 
the other end contacting the ground. When a sufficient poten- 
tial difference is reached between the dipole and the earth, a 
dielectric breakdown occurs sending a large amount of earth 
charge to the thundercloud, inducing a thunderbolt. 

In U.S. Pat. No. 6,012,330, Palmer discloses a method of 
inducing lightning strikes by shooting a stream of ionized 
water into a thundercloud and triggering electrical conduc- 
tion through the ionized water column to the ground. In this 
invention, while ionized water is used, advantage is taken also 
of capillary wetting of conducting mesh cable at the tip of 
which is tethered a balloon of conductor coated Mylar. It is 
easier to float a balloon than to pump a column of water to any 
significant height. 

In U.S. Pat. No. 6,320,119 Gumley discloses a capacitively 
coupled composite air terminal with sharp and rounded end 
components for voltage manipulation to minimize electric 
field ahead of streamers to minimize corona discharge. 

Kato, in U.S. Pat. No. 5,280,335, discloses a compound 
lightning low voltage arrester with high energy tolerance for 
power and telephone lines comprising a spark gap is con- 
nected to a serial combination of Zinc Oxide arrestor and a 
non-inductive resistor. By cooperative execution between the 
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spark gap and the Zinc Oxide arrester, the Zinc Oxide is 
chosen to be ofa rating such that thermal breakdown does not 
occur before the spark gap ignition voltage is reached. The 
arrangement ensures reliable and predictable discharge and 
arrester survival even under multiple lightning strikes ofclose 
proximity. 

Subbarao in U.S. Pat. No. 4,338,648, discloses a discharge 
counter and arrester current meter to determine arrester 
steady state current and the number of discharge events occur- 
ring during a thunder storm lightning arrester event. 

Greenwald and Moses in U.S. Pat. No. 5,610,813 disclose 
a thunderstorm cell detection and mapping system for acquir- 
ing localized lightning strike information and identifying and 
locating active thunderstorm cells. 

In U.S. Pat. No. 4,272,720, a method of differentiating 
between cloud-cloud and cloud-ground discharges is dis- 
closed. Indicating discharge events with no accompanying 
lightning ground strike. This indicates that even in the 
absence of streamers, there is significant electrical discharge 
that can be converted and stored. 

Weir and Nelson disclose in U.S. Pat. No. 7,033,406, a high 
energy density ceramic capacitor with energy capacity of 52 
kW-h in 2005 cu-in, the equivalent of 1600 kKW-h/m”. Hansen 
in U.S. Pat. No. 6,078,494 discloses multilayer ceramic 
capacitors comprising doped barium-calcium-zirconium-ti- 
tanate dielectric, the materials basis for U.S. Pat. No. 7,033, 
406. It is claimed to be characterized by high dielectric con- 
stant, high stability of capacitance value, long service life, 
low loss factor, high insulation resistance capacitance, low 
voltage dependence, and wide temperature range stability. 
Electrodes of base metal alloys from the group of Ni, Fe, Co 
or their alloys are claimed to be perhaps just as effective as 
noble metals containing gold, silver, platinum and palladium 
and may also contain Cr, Ti, Zr, V, Al, Zn, Cu, Sn, Pb, Mn, Mo 
and W. 

Although the energy density capacity is not disclosed, it 
may be in the same range as U.S. Pat. No. 7,033,406 showing 
a path for storing the energy that can be extracted from light- 
ning discharge. 

U.S. Pat. No. 5,361,187, claims dielectric constant (k) of 
up to 19000 using similar group of dielectrics and processes. 
In U.S. Pat. No. 5,604,167 dielectric constant values of 
between 11,000 and 14,000 are disclosed by the same inven- 
tor with equivalent materials and processes. 

Since these capacitors use standard powder processing 
technique, it can reasonably be expected that equivalent char- 
acteristics may be observed with naturally occurring doped 
silicates such as phyllosilicates for example, montmorillo- 
nite: (Na,Ca), 33(Al,Mg).(S1,0,,.)(OH),.nH,0O, or cyclosili- 
cates such as Benitotte—BaTi(Si,0,) as base materials 
appropriately calcined and doped. 

In U.S. Pat. No. 6,078,494 multilayer ceramic capacitors 
comprising doped  barium-calcium-zirconmum-titanate 
dielectric is disclosed. It is claimed to be characterized by 
high dielectric constant, high stability of capacitance value, 
long service life, low loss factor, high insulation resistance 
and low voltage dependence, and wide temperature range 
stability. Electrodes of base metal alloys from the group of Ni, 
Fe, Co or their alloys are claimed to be perhaps just as effec- 
tive as noble metals containing gold, silver, platinum and 
palladium and may also contain Cr, Ti, Zr, V, Al, Zn, Cu, Sn, 
Pb, Mn, Mo and W. In U.S. Pat. No. 5,361,187, the inventors 
claim dielectric constants of up to 19000 using similar group 
of dielectrics and processes. In U.S. Pat. No. 5,604,167 
dielectric constant values of between 11,000 and 14,000 is 
disclosed by the same inventors with equivalent materials and 
processes. Since these capacitors use standard powder pro- 
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cessing technique, 1t can reasonably be expected that equiva- 
lent characteristics may be observed with naturally occurring 
doped silicates such as phyllosilicates for example, various 
grades of montmorillonite: (Na,Ca), 33;(Al,Mg),(S1i,0,,) 
(OH),.nH,O, or cyclosilicates such as Benitoite—Bali 
(S1,0,) as base materials appropriately calcined and doped. 

Although the technology to arrest lightning strikes has 
been around for at least a hundred years, this invention to 
harness and store that power has only become viable due to 
recent advances in super-capacitor technology which has 
made possible the fabrication of ultrahigh capacitance 
capacitors with very long lifetimes, high power, high energy 
densities and very fast charge and discharge rates. 

Just as flood water, another destructive force of nature in 
times past was controlled by building dams, and from the 
dams eventually came hydroelectric power; and wind includ- 
ing thunderstorms has now been harnessed to generate elec- 
tricity, this invention describes the technology to harness the 
power of atmospheric discharges including lightening storms 
to generate useable electrical energy. 

This disclosure also introduces the concept of an Energy 
Dam. Facilities of substantial energy storage capacity capable 
ofreceiving energy feeds from various energy sources such as 
Solar, Wind, Thermal Power plants and Lightning. For 
example, during a thunderstorm, electricity generated by 
wind and lightning is collected and stored. 

Lightning strikes every part of the globe but not uniformly. 
The regions with the highest historical concentration of light- 
ning strikes are shown in FIG. 1c. These include Florida and 
the Gulf Coast in the Americas, the Equatorial Highlands of 
DRC, Rwanda and Burundi in Central Africa and the Mon- 
soon Belt in Asia. 

Except for the Americas, typically, these regions have very 
little electricity infrastructure. With the capability disclosed 
here, substantial reserves of electricity can be generated, 
stored and possibly traded. 

In regions of epileptic electricity supply, disruptions in 
power do not necessarily translate into disruption in service. 
Since when power is generated, it is fed into these energy 
dams or local storage units for eventual use. Just as in water 
supply, the customer is not necessarily conscious of when the 
local water company is pumping water into storage tanks or 
local dams, in energy dams, the customer need not be con- 
scious of whether or when electricity is being generated by 
the utility company because the power to his home 1s drawn 
not necessarily live from the grid but from the local energy 
storage units or energy dams. 


BRIEF SUMMARY OF THE INVENTION 


A method of harnessing atmospheric discharge and storing 
said energy in a useful form for subsequent use is presented. 

Since the voltage of a lighting bolt can be as high as 100 
MV, a methodology for safely channeling this discharge for 
storage is disclosed. 

It is the also the object of this invention to present a storage 
medium in which an energy capacity of 1 MW-h ina volume 
of under 1 m° can be achieved. 

It is also a further objective of this invention to show how 
lightening strikes on tall buildings can be harnessed to pro- 
vide energy for the building either directly or fed into the grid. 

It is also an objective of this invention to present a meth- 
odology for harnessing lightening, heretofore a source of 
power disruptions for electricity grids and converting it into a 
useable form of energy and feeding it back into the grid. 
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Since each electricity grid has a lightning suppression unit, 
a methodology for harnessing the impulse from these units 
from lightening strikes and feeding it back into the grid is 
disclosed. 

a method of deploying a network of said storage units along 
a utility grid is also disclosed. 

Itis also the objective ofthis invention to disclose a method 
of modifying the storage units for single building deploy- 
ment. 

A method of deploying said storage units as vehicular 
charging centers even in locations not readily served by a 
utility grid is also disclosed. 

A method of manipulating the direction and movement of 
the lightening bolt in open air locations and redirecting them 
to predetermined collection points is disclosed. 

Lightning storms are some of the major causes of wild fires 
in the world. A method of redirecting the electrical discharges 
in any given space via a network of polarized and non-polar- 
ized collectors is presented. The discharges can be stored, fed 
into the grid or grounded. 

A method for non-spontaneous discharge generation and 
storage 1s disclosed. And a method for adapting the method- 
ology for electric automotive deployment is also disclosed. 


BRIEF DESCRIPTION OF DRAWINGS 


For understanding of the present invention reference is 
made of the accompanying drawings in the following 
DETAILED DESCRIPTION OF THE INVENTION. In the 
drawings: 

FIG. 1a. Picture of lightning strike over a city. 

FIG. 18. Picture of lightning strike over open plain. 

FIG. 1c: Global Distribution of Lightning Strikes: April 
1995-February, 2003. (Source: NASA). 

FIG. 2 shows a schematic of discharge collection and stor- 
age system. 

FIG. 3 shows a schematic of collection unit showing metal- 
lic composition variation. 

FIG. 4 Shows a Schematic of composite collector showing 
polarized ends. 

FIG. 5 Schematic of collector network configuration with 
negatively polarized ends to manipulate and redirect light- 
ning electrical discharge away from the earth for eventual 
collection at a predetermined location. 

FIG. 6 Plan view of polarized collection network as shown 
in FIG. 5 acting to concentrate and modulate the electrical 
discharge and redirect such for collection at predetermined 
location. 

FIG. 7a. Schematic showing a representation of a network 
of varistors arranged in rows and columns with the net effect 
ofapplying resistive arrestors in parallel and in series to effect 
voltage mitigation of atmospheric discharges prior to collec- 
tion and storage. 

FIG. 76: Schematic of varistor of power mitigation unit 
showing cascade of ZnO arrestor in series with non-inductive 
resistor in parallel with spark gap. 

FIG. 7c: Multilayer varistor with ZnO, ZnS and WO,/WS1, 

FIG. 8a. Schematic showing cross section of a collection 
unit. 

FIG. 85. Schematic showing cross-section of multilayer 
ceramic capacitor of 8a. 

FIG. 9 Schematic of collection unit network mesh in for- 
ested area with air frames deployed on each tree as collection 
of trees linked in a mesh network. 

FIG. 10 Plan-view schematic of collection unit network 
mesh of FIG. 9 
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FIG. 11 Schematic showing collection unit deployment on 
electricity transmission poles linked in a network and fed into 
the electricity grid. 

FIG. 12 Schematic showing collection unit deployment on 
light poles or wireless towers. 

FIG. 13 Schematic showing network of linked collection 
units and storage units on transmission lines, light poles or 
wireless towers fed into the grid. 

FIG. 14. Schematic of a system for non-spontaneous atmo- 
spheric discharge generation and storage. 

FIG. 15 Schematic of atmospheric discharge collection and 
storage unit deployable on automotive units. 

FIG. 16 Schematic of balloon-assisted discharge collection 
and storage unit. 


DETAILED DESCRIPTION OF THE INVENTION 


This invention describes a method of harnessing the elec- 
trical energy in atmospheric discharges, including, but not 
limited to lightning, storing said electrical energy and trans- 
mitting said energy for use. To this end, as an illustration, the 
preferred embodiments are represented in the drawings 
shown in FIGS. 2 to 15. 

Since lightning discharge voltages range from 10 MV to 
100 MV with current of 10 kA to 100 kA, the technology 
challenge will be in mitigating the ultrahigh power which 
range from 100 GW to in excess of 10,000 GW. Although 
individual strikes last less than 100 usec, thunderstorms usu- 
ally last longer than 30 min. in any cloud formation and 
location. Indicating that the energy that can be mined from 
any location in a thunderstorm can run in excess of 50 GW-H. 
Enough energy for 500,000 homes consuming 1000 kW-h per 
month. At $100 per 1000 kWh, the revenue equivalent is $5 
million per thunderstorm per location. 

In solar energy generation, the cost of a 1 MWe rating PV 
panel is about $1 million. To achieve 1 GWe, the cost impli- 
cations will be about $1 billion. In fossil fuel plants, the 
construction cost is approximately $1.3 million per MWe, 
putting the cost for a 1 GWe at -$1.3 billion excluding fuel, 
carbon footprint, and other operating cost. Though thunder- 
storms are not continuous, with storage capability, the cost 
basis for an atmospheric discharge energy source will be 
several orders of magnitude lower than fossil fuel or solar of 
any architecture. 

One embodiment of this invention is depicted in FIG. 2. 
Lightning is collected at the air terminals 10, 20 and trans- 
mitted through the conductor 30 to an arrestor 40 and on to the 
capacitor 50 where the electricity is stored. From which it can 
be extracted 60 at point of use or transmitted into the grid. 

The degree of atmospheric discharge charge collection can 
be influenced by the metallurgical composition of the collec- 
tors. FIG. 3 illustrates the fabrication of the collector with 
different metals of varying conductivities and atmospheric 
and electrical stability. In this embodiment, metallurgical 
compositions for the various segments comprise Ti, Cu, Al. 
Other metals or their alloys can be used depending on the 
required properties and the locations of deployment. 

In yet another embodiment of the invention as shown in 
FIG. 4, a composite collector with opposite polarity air ter- 
minals 100, 110 is used. The air terminals are isolated from 
each other by an insulator 120. The negative polarity terminal 
serves to deflect and manipulate the charge to the positive 
terminal from which it is conducted to the storage unit 130. 

Another embodiment of the invention is illustrated in 
FIGS. 5 and 6. In this representation, negative polarity col- 
lectors, 160 deflect the atmospheric discharge so that they do 
not reach the ground but are deflected for collection at a 
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predetermined terminal 180 of positive polarity and thereafter 
storage 200. A plan view representation of this embodiment is 
shown in FIG. 6. 

It is essential to mitigate the power of the lightning before 
storage. In one embodiment of this invention, a collection of 
varistors of various power capacities, linked in series 270,280 
and 290 are connected in parallel in lines 1 to n, to achieve a 
desired capability as shown in FIG. 7a. The resultant power is 
stored in the capacitor 300. An insulator or fuse 305 is placed 
at the end of the varistor chain to protect the capacitor 300 
against over-current. In the event of overstressing, the dielec- 
tric or varistor is deformed and the excess current is grounded. 

Each component of the power mitigation unit 1s any of the 
following configurations as shown in FIG. 76: A ZnO varistor 
312 connected in series with a non-inductive resistor 313 and 
in parallel with a spark gap 311. The resultant current is 
further modulated through another ZnO unit 314 and resistor 
315. A cascade of this configuration could be adopted to 
achieve the desired properties. 

Zinc Oxide has a relatively large band gap of ~3.3 eV at 
room temperature. The consequence of this large band gap 
includes, higher breakdown voltages, ability to sustain large 
electric field and high power and temperature operation. 
Because of this, ZnO is the primary component in varistors 
and in voltage suppression devices. Zinc Sulfide has a band 
gap of 3.5 eV for the cubic form and as high as 3.91 eV for the 
hexagonal form at 300K. While ZnO band gap can be tuned 
from between 3-4 eV by alloying with magnesium oxide or 
cadmium oxide, the co-processing of ZnO with ZnS of the 
hexagonal wurtzite form should provide electrical field and 
other operational advantages over ZnO alone. 

Multilayers of ZnO and ZnS or as sandwich layers with 
each other with ZnO achieving 50-99.9 mol. % of each layer 
can be adopted to improve on the suppression properties of 
the single layer ZnO varistor as is shown in FIG. 7c. Said 
varistor comprising a ceramic base body 318 of multiple 
layers, terminal electrodes 316, 317 and internal electrodes 
319. 

Alloying of ZnO with metal oxides and nitrides of transi- 
tion elements including W, Zr, Mo, Mg, Cr, and Ti may 
improve its band gap characteristics and improve its voltage 
response non-linearity. Tungsten, in the form of tungsten 
silicide has very unique crystallization characteristics, par- 
ticularly in the presence of dopants such as phosphorus or 
arsenic. Upon post deposition anneal, the Si in the non-sto- 
ichiometric tungsten silicide (WSix) segregates to the grain 
boundaries and the film interfaces. The dopant atoms diffuse 
preferentially along the grain boundaries. When oxidized, itis 
the segregated silicon that is oxidized selectively. If the W is 
exposed to the oxidizing ambient of O,/Ar or O,/N, at tem- 
peratures in excess of 700° C., tungsten oxide WOx (x=3, or 
1.5) is formed. It has no corresponding crystallographic ori- 
entation to the underlying tungsten silicide or metal, being in 
the form of an amorphous powder. The fabrication of multi- 
layer varistors with ZnO and WS1,/WO,, SiO, should provide 
the flexibility of modulation of the effective grain sizes of the 
host material to within 0.5-10u as the case may be. This 
precise grain size control provides corresponding modulation 
of the electrical properties including overvoltage suppres- 
sion. 

A schematic of the storage unit 320 is shown in FIG. 8a. A 
collection of capacitors 330 are connected in parallel to 
achieve a desired capacitance. A schematic of the cross-sec- 
tion of each capacitor unit is shown in FIG. 8b. The unit 331 
with dielectric layers 332 is a multilayer capacitor comprising 
alternately stacked internal electrodes 335, 336 connected to 
external electrodes 333, 334. The dielectric layers may be of 
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uniform composition, or layers of different compositions 
optimized for flexibility in the modulation of desired electri- 
cal, physical and reliability properties. 

Capacitance in excess of 1 kF/m° with energy storage 
capacity of 1.5 MW-h is reported as being possible by existing 
art. With compositional and manufacturing improvements 
disclosed here these benchmarks are expected to be surpassed 
making possible energy storage capacities of up to 1 GW-h. 
Sufficient energy for 1000 households consuming 1000 kW-h 
of electricity per month for one month. 

Lightning storms are a major cause of wildfire. To address 
this, in yet another embodiment of this invention as repre- 
sented in FIG. 9, air terminals 360 are set up on a selection of 
trees and connected by a conductor 370 in a mesh array as 
shown in FIG. 10. The impinging charge is transmitted 
through a conductor 380, through a suppressor unit 390 and 
on to the storage unit 400. 

Utility transmission lines usually have lightning collectors 
along the length of the network. In this invention as demon- 
strated in FIG. 11 air terminals 440 deployed transmission 
poles 450 are linked by a polarized conductor 460. At prede- 
termined locations the impinging charge is conducted 
through a suppression unit 490 and thereafter into the storage 
unit 500. The stored energy is periodically released into the 
grid. 

In yet another embodiment of the invention, air terminals 
510 are deployed on light poles 520. The collected charged 
are modified and stored in a storage unit 540. 

In another embodiment, the air terminal/collection units 
are deployed on radio transmission towers. The charge could 
be stored individually at each tower location or linked in a 
network as shown in FIG. 13. In either case, the stored energy 
be used at each individual location or fed into the grid 570. 

In the absence of a thundercloud, lightening flash can be 
generated by the modification of the natural bias between the 
cloud and ground. This is demonstrated in FIG. 14, where a 
positively biased conductor 580 of height greater than nearest 
ground elevation or nearest structure. The increased elevation 
and bias facilitates cloud to ground discharge even when there 
is no active lightning storm. The incoming charge is isolated 
by an insulator 600 and stored in the storage unit 610. 

In yet another embodiment of this invention, a balloon of 
conductive material is tethered to a terminal via a mesh line of 
conducting material. The balloon captures cloud to cloud 
discharges which are transmitted down to storage. In yet 
another embodiment this tether line may be wetted by a 
conductive solution such as but not limited to salt solution to 
facilitate the discharge conduction. 

Another embodiment of this invention is shown in FIG. 15. 
In an isolated collection system as shown here, the air termi- 
nal 620 which may be biased or unbiased is connected to a 
collection/storage unit 650, 660 respectively by conductor 
640 and isolated by a dielectric or insulator 670. Should the 
discharge exceed the capacity of the isolation, the isolation is 
bridged and the charge grounded. This isolated collection 
system is particularly useful where there is no utility grid, 
particularly in very remote and isolated locations. 

This isolated collection capability enables deployment on 
individual houses and isolated farms. In electric automotive 
recharge stations, this capability enables the location of these 
facilities in any location even those not served by regular 
electricity utilities lines. 

In isolated rural areas, the deployment of these isolated 
collection units enables the provision of electricity where 
electricity grid infrastructure is not available or practical. The 
storage units can be deployed in banks as the estimated antici- 
pated usage dictates. 
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In another embodiment of this invention, the isolated col- 
lection unit is modified to be portable for deployment on 
automobiles. The charge in the storage unit is linked with the 
automobile’s electrical power or storage unit. Alternatively, it 
can replace the power storage unit of the automobile for pure 
EV or hybrid cars. Additionally, it can unplug these cars from 
the grid. With the ambitious industry plans for electric or 
hybrid cars the infrastructure for charging these cars either 1n 
garages or charging stations is somewhat limited. The capa- 
bility to both ‘charge as you go’ and unplug from the grid 
would expand the infrastructure significantly. 

In yet another embodiment of this invention, the isolated 
collection unit is deployed on trains. This could be in com- 
muter trains that directly fed from the grid, or long-haul trains 
to augment or replace the fossil fuel used. 

It is understood that the presentation of these steps in this 
disclosure is not exhaustive. Only the preferred embodiments 
of the invention and but a few of the examples of its versatility 
are shown and described in the present disclosure. It should be 
readily apparent to those of ordinary skill in the art that the 
invention is capable of use in various other combinations, 
environments and applications and is capable of changes or 
modifications within the scope of the inventive concept as 
expressed herein. These changes and modifications may be 
made without departing from the spirit and scope of the 
invention as set forth in the appended claims. 

The invention claimed 1s: 

1. A method of converting an atmospheric electrical dis- 
charge into a 

useable form of electrical energy comprising 

deflecting the discharge to an air terminal via one or 
more separate air terminals of a polarity, the air ter- 
minal having an opposite polarity to the polarity of the 
separate air terminals; 
arresting the discharge via the air terminal to a power 
mitigating (step down) unit via a conducting unit 
connected to the air terminal; wherein said power 
mitigating unit is not a transformer, 
reducing voltage of the discharge via the power mitigat- 
ing unit modulated according to a capacity of the 
power mitigating unit, wherein the discharge is 
grounded if in excess of the capacity, and wherein the 
power mitigating unit reduces the voltage of the dis- 
charge from approximately higher than 100 MV 
(mega volt) and 100 kA (kilo amperes) to below 20 kV 
(kilo volt), 10 kA; and 
storing the discharge with the reduced voltage in an 
energy storage unit connected to the power mitigating 
unit, the storage unit comprising modules of high 
energy density capacitors and the storage unit dis- 
charging the electrical energy into a power grid or to 
an appliance. 

2. The method of claim 1 wherein the discharge is caused 
by incident lightning and wherein the arrestor and mitigating 
unit comprise an array of self-healing varistors in series and 
parallel chosen to ensure total conversion of the discharge to 
a voltage/current level suitable for storage 1n said capacitors. 

3. The method of claim 1, where the power mitigation unit 
a configuration selected from a group consisting of: 

(a) single ZnO varistor, 

(b) Zinc Oxide arrester connected in series with a non- 

inductive resistor, 

(c) Zinc Oxide arrester in series with a non-inductive resis- 

tor and in parallel with a spark gap, and 

(d) a cascade of configurations as described in (c). 

4. The method of claim 1 wherein the storage unit com- 
prises modular array of high energy density multilayered 
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doped ceramic capacitors with storage capacity of 10 kW-h 
(kilowatt hour) to 1 GW-h (gigawatt hour) and volume 0.1 to 
1 m° and up to 1000 units. 

5. The method of claim 1 in which the air terminal and the 
storage unit are configured in a mobile unit and deployed on 
mobile platform having a battery, wherein the mobile unit 
provides the electrical energy to power the battery without a 
need for recharging the battery at fixed charging locations. 

6. The method of claim 1 wherein the storage unit is located 
in a charging station, and wherein the storage unit includes 
modular capacitors for charging an electric vehicle from the 
charging station. 

7. The method of claim 1 wherein the air terminals are 
deployed on buildings, wherein a portion of the electrical 
energy stored is used by the buildings and wherein a portion 
of electrical energy is stored in a central energy storage facil- 
ity connected to a plurality of storage units. 

8. The method of claim 1 wherein the said storage units are 
located underground. 

9. The method of claim 1 wherein the storage unit is 
receives energy feeds from more than one electricity genera- 
tion sources, each source being selected from a group con- 
sisting of Thermal energy source, Hydro energy source, Solar 
energy source, Wind energy source and Lightning energy 
source. 

10. The method of claim 4 wherein the ceramic capacitors 
are fabricated to provide modulation of effective grain sizes 
within a specified range. 

11. The method of claim 4 wherein the multilayer ceramic 
capacitors comprises dielectric layers of varying composi- 
tions individually or as sandwich layers with each other con- 
taining Barium-Titanate silicates as host material doped with 
Zr, WS12/W03 to modulate grain growth to between 0.1 to 10 
um, said modulation providing corresponding control of elec- 
trical and reliability properties. 

12. The method of claim 2 wherein the varistors comprise 
multilayers of ZnO and ZnS individually layered or as sand- 
wich layers with each other with ZnO achieving 50-99.9% of 
each layer, said layers being alloyed metal oxides of transition 
elements to improve voltage response non-linearity. 

13. A method to protect a position from impact of an 
electrical 

discharge caused by lightning, the method comprises redi- 

recting the electrical discharge from the position via an 
array of air terminals to an air terminal of a collection 
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unit, said collection unit comprising a power mitigating 

unit and a storage unit and wherein the power mitigating 

unitis nota transformer, the air terminal ofthe collection 

unit biased with a first 

polarity, each of the array of air terminals biased with a 
second polarity with a magnitude, the second polarity 
opposite to the first polarity, wherein the redirection is 
controlled by the magnitude and the second polarity; 
and 

storing the electrical discharge in the collection unit 

located significantly removed from the impact position. 

14. The method of claim 13 wherein the discharge redirec- 
tion is via a biased conductor to the collection unit. 

15. The method of claim 13 wherein the position is located 
in an area of a forest, wherein the array of air terminals are 
deployed on trees in the forest, wherein tips of the array of air 
terminals are positioned in close proximity to treetops of the 
trees, and wherein the discharge is fed into an electricity grid 
as electrical energy from the collection unit. 

16. The method of claim 1 wherein the storage unit is 
connected to electrical power lines of the power grid and 
wherein the electrical energy is fed back into the power grid 
via the electrical power lines. 

17. The method of claim 1 wherein the storage unit is 
located at a telecom tower, a light poles or other free standing 
structure with a need for operational energy and wherein the 
electrical energy from the storage unit is used for the opera- 
tional energy. 

18. A method of generation of atmospheric discharge, the 
method comprising: 

modulating bias of a dipole air terminal conductor to cap- 

ture charges from clouds to ground without occurrence 
of natural lightning, the conductor including a balloon, a 
terminal and a tether line connecting the balloon and the 
terminal, wherein the bias has a magnitude and a polarity 
controlled by the modulation relative to the ground; and 
wherein the tether line is a conductive cable soaked by an 
ionic liquid including salt solution to facilitate conduc- 
tion of the charge, and 

storing the charge in a collection unit comprising a power 

mitigation unit and a storage unit wherein said power 
mitigation unit 1s not a transformer, feeding said charge 
into an electricity grid or appliance. 
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All About 
LIGHTNIN 


Martin A. Uman 


Department of Electrical Engineering 
University of Florida, Gainesville 


A lightning flash to a 23-foot-tall European ash tree near Lugano, 
Switzerland. The tree suffered no external damage. Photograph was taken 
from a distance of about 200 feet by Richard E. Orville, State University of 
New York at Albany, using Kodachrome II 35 mm daylight film, a lens setting 
of f/5.6, and the shutter on time exposure. (Reproduced in color on front 
cover.) Additional details are found in Orville, R. E., Photograph of a Close 
Lightning Flash, Science, 162, 666-667, 1968. Lightning photography is 


discussed in Chapter 10; lightning damage to trees in Chapter 5. Dover Publications, Inc., New York 


Fig. 7-40. Vertical-plane radiation 
pattern for a quarter-wave ground- 
plane antenna. Although it is gener- 
ally thought that such an antenna 
radiates only at very low angles, we 
can see that it radiates quite a lot of 
energy at high angles. Only near the 
zenith is the radiation level very low. 


maybe I’m getting ahead of myself. The loading system I used did 
not require any coil winding; this would have restricted me to 40 
meters, anyhow. I wanted a 40-through-10 system without any 
traps or coils or stubs or multiple radiators. The mission was 
accomplished simply be feeding a 20-meter ground plane with 
open-wire line. 


The Feed System 


The actual installation is roughly illustrated in Fig. 7-41. The 
antenna acts as a full-size, quarter-wave ground plane on 20 me- 


Fig. 7-41. The system at W1GV/4. Only three radials are shown, but there 
are actually eight. A feeder-wire spacing of 5 inches is maintained. (The 
viewing angle may give the impression that they are unevenly spaced.) 
Illustrated by number: 1—16-foot vertical radiator; 2—hose clamps attach- 
ing feeder to vertical radiator; 3—radial wire, 16 feet long, no. 8 solid 
aluminum ground wire; 4—strain insulator; 5—mast, 5 feet long; 6—TV 
base plate; 7—TV standoff insulator; 8—feeder wire, #8 solid aluminum 
ground wire. 
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Time-Resolved Spectrum of a l5-Foot Spark in Air 
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Microwaves 


Microwaves are the highest-frequency electromagnetic waves that can be produced by currents in macroscopic circuits and devices. 
Microwave frequencies range from about 10%Hz to nearly 10%Hz. Their high frequencies correspond to short wavelengths compared 
with other radio waves—hence the name “microwave.” Microwaves also occur naturally as the cosmic background radiation left over 
from the origin of the universe. Along with other ranges of electromagnetic waves, they are part of the radiation that any object above 
absolute zero emits and absorbs because of thermal agitation, that is, from the thermal motion of its atoms and molecules. 


Most satellite-transmitted information is carried on microwaves. Radar is a common application of microwaves. By detecting and 
timing microwave echoes, radar systems can determine the distance to objects as diverse as clouds, aircraft, or even the surface of 
Venus. 


Microwaves of 2.45 GHz are commonly used in microwave ovens. The electrons in a water molecule tend to remain closer to the 
oxygen nucleus than the hydrogen nuclei (Figure). This creates two separated centers of equal and opposite charges, giving the 
molecule a dipole moment (see Electric Field). The oscillating electric field of the microwaves inside the oven exerts a torque that tends 
to align each molecule first in one direction and then in the other, with the motion of each molecule coupled to others around it. This 
pumps energy into the continual thermal motion of the water to heat the food. The plate under the food contains no water, and remains 
relatively unheated. 
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Figure 3. The oscillating electric field in a microwave oven exerts a torque on water molecules because of their dipole moment, and the torque 
reverses direction 4.90 x 10° times per second. Interactions between the molecules distributes the energy being pumped into them. The 6* 
and 6 denote the charge distribution on the molecules. 


Infrared Radiation 


The boundary between the microwave and infrared regions of the electromagnetic spectrum is not well defined (see Figure). Infrared 
radiation is generally produced by thermal motion, and the vibration and rotation of atoms and molecules. Electronic transitions in 
atoms and molecules can also produce infrared radiation. About half of the solar energy arriving at Earth is in the infrared region, with 
most of the rest in the visible part of the spectrum. About 23% of the solar energy is absorbed in the atmosphere, about 48% is 
absorbed at Earth’s surface, and about 29% is reflected back into space. 


The range of infrared frequencies extends up to the lower limit of visible light, just below red. In fact, infrared means “below red.” Water 
molecules rotate and vibrate particularly well at infrared frequencies. Reconnaissance satellites can detect buildings, vehicles, and even 
individual humans by their infrared emissions, whose power radiation is proportional to the fourth power of the absolute temperature. 
More mundanely, we use infrared lamps, including those called quartz heaters, to preferentially warm us because we absorb infrared 


better than our surroundings. 


The familiar handheld “remotes” for changing channels and settings on television sets often transmit their signal by modulating an 
infrared beam. If you try to use a TV remote without the infrared emitter being in direct line of sight with the infrared detector, you may 
find the television not responding. Some remotes use Bluetooth instead and reduce this annoyance. 


Fig. 7-42. Inductive loading of a 
20-meter ground plane for use on 
40 meters. Because of the lower 
electrical heightand radial length, 
ground currents are no longer 


rota confined to the radial system. To 


is restore a good image plane, we 
must either raise the antenna or 
add radials. 


ters.On 15and 10 meters there is some gainat lowradiation angles 
and correspondingly less radiation at higher angles. This works out 
very nicely since only low-angle radiation will be returned to Earth 
by the ionosphere on these bands; the skip distance is usually so 
long that high-angle radiation will pass through into space. 

On 40 meters, the antenna is the equivalent of that shown in 
Fig. 7-42, except that there are eight radials rather than three. The 
radiation resistance at the feedpoint is very low on 40, so it is 
important that the connections between the feedline and the an- 
tenna be excellent. The feedline is constructed of #8 soft-drawn 
aluminum TV ground wire, which can be found in most hardware 
stores. The spacing used at W1GV/4 is five inches, but any spacing 
between three and six inches is satisfactory. Since the dielectric is 
air and the wire is very heavy, this line has just about the least 
attenuation possible. All connections are aluminum-to-aluminum, 
avoiding any corrosion problems that might result from contact 
between dissimilar metals. (Perhaps immersing the entire system 
in liquid helium would reduce the attenuation still further!) 

The antenna itself is unbalanced; the current is different in the 
radial system than in the vertical radiator. This is true on all bands, 
Furthermore, the antenna is non-symmetrical with respect to the 
transmission line, and some feeder radiation is thus inevitable. It 
should be noted, though, that coaxial line also will suffer from the 
non-symmetry of the ground plane. 

This non-immunity of coax to radiation-causing effects has 
already been discussed. How much difference, if any, is there in 
practice? This was determined by means of a field-strength meter. 


Radio Waves 


The term radio waves refers to electromagnetic radiation with wavelengths greater than about 0.1 m. Radio waves are commonly used 
for audio communications (i.e., for radios), but the term is used for electromagnetic waves in this range regardless of their application. 
Radio waves typically result from an alternating current in the wires of a broadcast antenna. They cover a very broad wavelength range 
and are divided into many subranges, including microwaves, electromagnetic waves used for AM and FM radio, cellular telephones, 
and TV signals. 


There is no lowest frequency of radio waves, but ELF waves, or “extremely low frequency” are among the lowest frequencies commonly 
encountered, from 3 Hz to 3 kHz. The accelerating charge in the ac currents of electrical power lines produce electromagnetic waves in 
this range. ELF waves are able to penetrate sea water, which strongly absorbs electromagnetic waves of higher frequency, and 
therefore are useful for submarine communications. 


In order to use an electromagnetic wave to transmit information, the amplitude, frequency, or phase of the wave is modulated, or varied 
in a controlled way that encodes the intended information into the wave. In AM radio transmission, the amplitude of the wave is 
modulated to mimic the vibrations of the sound being conveyed. Fourier's theorem implies that the modulated AM wave amounts to a 
superposition of waves covering some narrow frequency range. Each AM station is assigned a specific carrier frequency that, by 
international agreement, is allowed to vary by +5 kHz. In FM radio transmission, the frequency of the wave is modulated to carry this 
information, as illustrated in Figure, and the frequency of each station is allowed to use 100 kHz on each side of its carrier frequency. 
The electromagnetic wave produces a current in a receiving antenna, and the radio or television processes the signal to produce the 
sound and any image. The higher the frequency of the radio wave used to carry the data, the greater the detailed variation of the wave 
that can be carried by modulating it over each time unit, and the more data that can be transmitted per unit of time. The assigned 
frequencies for AM broadcasting are 540 to 1600 kHz, and for FM are 88 MHz to108 MHz. 


Ultraviolet Radiation 


Ultraviolet means “above violet.” The electromagnetic frequencies of ultraviolet radiation (UV) extend upward from violet, the highest- 
frequency visible light. The highest-frequency ultraviolet overlaps with the lowest-frequency X-rays. The wavelengths of ultraviolet 
extend from 400 nm down to about 10 nm at its highest frequencies. Ultraviolet is produced by atomic and molecular motions and 
electronic transitions. 


UV radiation from the Sun is broadly subdivided into three wavelength ranges: UV-A (320—400 nm) is the lowest frequency, then UV-B 
(290-320 nm) and UV-C (220-290 nm). Most UV-B and all UV-C are absorbed by ozone (O3) molecules in the upper atmosphere. 
Consequently, 99% of the solar UV radiation reaching Earth’s surface is UV-A. 


Sunburn is caused by large exposures to UV-B and UV-C, and repeated exposure can increase the likelihood of skin cancer. The 
tanning response is a defense mechanism in which the body produces pigments in inert skin layers to reduce exposure of the living 
cells below. 


As examined in a later chapter, the shorter the wavelength of light, the greater the energy change of an atom or molecule that absorbs 
the light in an electronic transition. This makes short-wavelength ultraviolet light damaging to living cells. It also explains why ultraviolet 
radiation is better able than visible light to cause some materials to glow, or fluoresce. 


Besides the adverse effects of ultraviolet radiation, there are also benefits of exposure in nature and uses in technology. Vitamin D 
production in the skin results from exposure to UV-B radiation, generally from sunlight. Several studies suggest vitamin D deficiency is 
associated with the development of a range of cancers (prostate, breast, colon), as well as osteoporosis. Low-intensity ultraviolet has 
applications such as providing the energy to cause certain dyes to fluoresce and emit visible light, for example, in printed money to 
display hidden watermarks as counterfeit protection. 


X-Rays 


X-rays have wavelengths from about 10m to 10m. They have shorter wavelengths, and higher frequencies, than ultraviolet, so 
that the energy they transfer at an atomic level is greater. As a result, X-rays have adverse effects on living cells similar to those of 
ultraviolet radiation, but they are more penetrating. Cancer and genetic defects can be induced by X-rays. Because of their effect on 
rapidly dividing cells, X-rays can also be used to treat and even cure cancer. 


The widest use of X-rays is for imaging objects that are opaque to visible light, such as the human body or aircraft parts. In humans, the 
risk of cell damage is weighed carefully against the benefit of the diagnostic information obtained. 


Gamma Rays 


Soon after nuclear radioactivity was first detected in 1896, it was found that at least three distinct types of radiation were being emitted, 
and these were designated as alpha, beta, and gamma rays. The most penetrating nuclear radiation, the gamma ray (y ray), was later 
found to be an extremely high-frequency electromagnetic wave. 


The lower end of the 7y- ray frequency range overlaps the upper end of the X-ray range. Gamma rays have characteristics identical to 
X-rays of the same frequency—they differ only in source. The name “gamma rays’ is generally used for electromagnetic radiation 
emitted by a nucleus, while X-rays are generally produced by bombarding a target with energetic electrons in an X-ray tube. At higher 
frequencies, ~y rays are more penetrating and more damaging to living tissue. They have many of the same uses as X-rays, including 
cancer therapy. Gamma radiation from radioactive materials is used in nuclear medicine. 


Displacement current 


Gauss's law 


Gauss's law for magnetism 


Faraday's law 


Ampere-Maxwell law 


Wave equation for plane EM wave 


Speed of EM waves 


Ratio of E field to B field in electromagnetic wave 


Energy flux (Poynting) vector 


Average intensity of an electromagnetic wave 


Radiation pressure 


la = eo 
ES 
fB- di = 

E — _ Èm 


F B-d = pol + como tt 


PE, _— PE, 
Oy? o Eglo Or 


E 
E0Mo 
E 
C— B 
S—--+ExB 
Ho 


Ta S — ceo E; — cB? — Eg Bo 
iú 2 21 210 


o Uke Perfect absorber 
LA al ls Perfect reflector 


Region 


Radio wave 


Microwave 


Infrared 


isible 


Ultra Violet 
ray 
Gamma ra 


Sub-region 


Far infrared 
Long-wave infrared 
Mid-wave infrared 
Shortwave infrared 
Near infrared 

Red 

Orange 

Yellow 

Green 

Blue 

Violet 


Frequency (Hz) 
< 10? 


10°- 0.003*10** 
0.003*10**-0,2*10** 
0.20*10**-0.37*101* 
0.37*101*-101* 
101*-2,14*101* 
2.14*10**.4*101* 
3.8*10**-4.8*10** 
4.8*101*-5*101* 
5*101*-5,2*101* 
5.2*101*-6,1*101** 
6.1*10**-6.59*101** 
6.59*101*-8*101* 
8*101*-2,4*1016 
2.4*1010-5*101” 

> 5*10*” 


Wavelength 


> 0.3m 


0.3m - 1mm 
Imm - 20um 
20um - Sum 
5um - 3um 
3um - 1.1um 
1.1um -0.78um 
789nm-625nm 
625nm-600nm 
600nm-577nm 
577nm-491nm 
491nm-455nm 
455nm-390nm 
390nm-8.82nm 
8.82nm-6pm 
<6pm 


Energy (eV) 
< 7*107 


7*10°7-0.0012 
0.0012-0.08 
0.08-0.15 
0.15-0.41 
0.41-0.88 
0.88-1.6 
1.6-1.9 
1.9-2.1 
2.1-2.2 
2.2-2.4 
2.4-2.8 
2.8-3.1 
3.1-20 
20-3*10* 
> 3*10* 


Are radio waves completely different physical objects than gamma-rays? They are produced in 
different processes and are detected in different ways, but they are not fundamentally different. 
Radio waves, gamma-rays, visible light, and all the other parts of the electromagnetic spectrum 
are electromagnetic radiation. 


Electromagnetic radiation can be described in terms of a stream of mass-less particles, called 
photons, each traveling in a wave-like pattern at the speed of light. Each photon contains a certain 
amount of energy. The different types of radiation are defined by the the amount of energy found 
in the photons. Radio waves have photons with low energies, microwave photons have a little 
more energy than radio waves, infrared photons have still more, then visible, ultraviolet, X-rays, 
and, the most energetic of all, gamma-rays. 


Measuring electromagnetic radiation 


Electromagnetic radiation can be expressed in terms of energy, wavelength, or frequency. 
Frequency is measured in cycles per second, or Hertz. Wavelength is measured in meters. 
Energy is measured in electron volts. Each of these three quantities for describing EM radiation 
are related to each other in a precise mathematical way. But why have three ways of describing 
things, each with a different set of physical units? 
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Comparison of wavelength, frequency and energy for the electromagnetic spectrum. 
(Credit: NASA's Imagine the Universe) 
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The short answer is that scientists don't like to use numbers any bigger or smaller than they have 
to. It is much easier to say or write "two kilometers" than "two thousand meters." Generally, 
scientists use whatever units are easiest for the type of EM radiation they work with. 


Astronomers who study radio waves tend to use wavelengths or frequencies. Most of the radio 
part of the EM spectrum falls in the range from about 1 cm to 1 km, which is 30 gigahertz (GHz) to 
300 kilohertz (KHz) in frequencies. The radio is a very broad part of the EM spectrum. 


Infrared and optical astronomers generally use wavelength. Infrared astronomers use microns 
(millionths of a meter) for wavelengths, so their part of the EM spectrum falls in the range of 1 to 
100 microns. Optical astronomers use both angstroms (0.00000001 cm, or 10-8 cm) and 
nanometers (0.0000001 cm, or 107” cm). Using nanometers, violet, blue, green, yellow, orange, 
and red light have wavelengths between 400 and 700 nanometers. (This range is just a tiny part 


of the entire EM spectrum, so the light our eyes can see is just a little fraction of all the EM 
radiation around us.) 
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Why Did Benjamin Franklin Fly the Kite? 


Shuffle across a nylon rug on a dry winter day and your body 
acquires an excess electrical charge. That charge may be 
violently released by a spark jumping from your finger tip to 
a light switch or doorknob. Lightning is nothing more than a 
very long spark which discharges regions of excess electrical 
charge developed in thunderclouds. Frictional charging, that 
is charging by rubbing together certain dissimilar materials 
such as a shoe sole and the rug, has probably always been 
familiar to man. In 1746 Benjamin Franklin began his 
experiments in electricity. His experiments were made 
possible by (1) the frictional charging mechanism and (2) the 
fortuitous invention earlier that year of the Leyden jar — a 
primitive capacitor to store electrical charge. 

Prior to Franklin’s interest with electricity, a number of 
scientists had suggested that lightning might be an electrical 
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phenomenon. Their concern, however, had gone no further 
than suggestion. In November 1749 Franklin wrote the 
following about the sparks (in his terminology, electrical 
fluid) he had studied. 


Electrical fluid agrees with lightning in these particulars. 1. Giving 
light. 2. Colour of the light. 3. Crooked direction. 4. Swift 
motion. 5. Being conducted by metals. 6. Crack or noise in 
exploding. 7. Subsisting in water or ice. 8. Rending bodies as it 
passes through. 9. Destroying animals. 10. Melting metals. 11. 
Firing inflammable substances. 12. Sulphureous smell. The 
electrical fluid is attracted by points. We do not know whether 
this property is in lightning. But since they agree in all particulars 
wherein we can already compare them, is it not possible they 
agree likewise in this? Let the experiment be made. (Ref. 1.1) 


Franklin was the first to design an experiment to prove 
that lightning was electrical. In July 1750 he wrote: 


To determine the question whether the clouds that contain 
lightning are electrified or not, I would propose an experiment to 
be tried where it may be done conveniently. On the top of some 
high tower or steeple place a kind of sentry box . . . big enough to 
contain a man and an electrical stand [an insulator]. From the 
middle of the stand let an iron rod rise and pass bending out of 
the door, and then upright twenty or thirty feet, pointed very 
sharp at the end. If the electrical stand be kept clean and dry, a 
man standing on it when such clouds are passing low might be 
electrified and afford sparks, the rod drawing fire to him from the 
cloud. If any danger to the man should be apprehended (though I 
think there would be none), let him stand on the floor of his box 
and now and then bring near to the rod the loop of a wire that 
has one end fastened to the leads, he holding it by a wax handle; 
so the sparks, if the rod is electrified, will strike from the rod to 
the wire and not affect him. (Ref. 1.2) 


His experiment and the results he expected to achieve are 
illustrated in Fig. 1.1. The aim was to show that the clouds 
were electrically charged, for if this were the case, it followed 
that lightning was also electrical. Franklin did not appreciate 
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the danger involved in his experiment. If the iron rod were 
directly struck by lightning, the experimenter would almost 
certainly be killed. Such was eventually to be the case as we 
shall see. 

In France in May 1752 Thomas-Francois D”Alibard 
successfully performed Franklin’s suggested experiment. 
Sparks were observed to jump from the iron rod during a 
thunderstorm. It was proved that thunderclouds contain 
electrical charge. Soon after, the experiment was successfully 
repeated in France again, in England, and in Belgium. In July 
1753 G. W. Richmann, a Swedish physicist working in 
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Fig. 1.1. Franklin’s original experiment to show that thunderclouds are 
electrified. (a) Man on electrical stand holds iron rod with one hand and 
obtains an electrical discharge between the other hand and ground. (b) 
Man on ground draws sparks between iron rod and a grounded wire 
held by an insulating wax handle. 
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Russia, put up an experimental rod and was killed by a direct 
lightning strike. 

Before Franklin himself got around to performing the 
experiment, he thought of a better way of proving his theory 
— an electrical kite. It was to take the place of the iron rod, 
since it could reach a greater elevation than the rod and could 
be flown anywhere. During a thunderstorm in 1752 Franklin 
flew the most famous kite in history. Sparks jumped from a 
key tied to the bottom of the kite string to the knuckles of 
his hand (Fig. 1.2). He had verified his theory, and had 
probably done so before he knew that D’Alibard had already 
obtained the same proof. 

There is some controversy as to whether Franklin flew his 
kite in June 1752 or later that summer and whether at the 
time of his experiment he knew of the earlier French results 
(Refs. 1.3, 1.4). Curiously, it wasn't until 1788 that Franklin 
himself first wrote that he had performed the kite experi- 
ment; and then only a brief sentence was devoted to the 
subject (Ref. 1.5). Nevertheless, in October 1753 Franklin 
described the kite experiment in detail and stated that it had 
succeeded in Philadelphia — but not that he himself had 
performed it (Ref. 1.6). The classic account of Franklin’s kite 
flight was written by Joseph Priestly in his History and 
Present State of Electricity published 15 years after the flight 
(Ref. 1.7). Evidence is available to show that Franklin had 
read Priestly’s manuscript before publication and had ap- 
proved of it (Ref. 1.3). 

Kite flying in thunderstorm weather can be dangerous. A 
number of people have been killed imitating Benjamin 
Franklin. In the nineteenth and early twentieth century 
meteorological observations were made by sending instru- 
ments aloft on large box kites. In 1898, 17 U.S. Weather 
Bureau stations were equipped for daily kite ascensions. The 
kites used weighed 8 lb, carried 2 lb of instruments, and 
dragged as much as 20 or 30 lb of piano wire beneath them. 
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Fig. 1.2. Franklin’s electrical kite experiment: Sparks jump from the 
electrified key at the end of the electrified kite string to Franklin’s 
hand. 


Originally the system was a coax-fed 20-meter monoband antenna. 
Tests were conducted at various locations in the vicinity of the 
feedline on 20 meters both before and after the changeover to 
balanced line. There is a little bit more radiation from the open 
wire, but the difference is hardly noticeable. Radiation levels in the 
shack are the same with both types of line (at the same power level, 
of course). 

On 40 meters, the antenna is “tuned” by the feed system 
rather than by coils as in Fig. 7-42. (The Ys-wavelength section of 
line closest to the antenna has replaced the inductors.) On 15 
meters, the feedline also “tunes” the antenna. On 10 meters, the 
feedline has no actual tuning effect; the antenna is theoretically 
voltage-fed on this band. 

We can be pretty sure that the swr is very high on all bands. 
But the line has such low attenuation that the swr is of no practical 
concern. We haven't even paid any attention to the characteristic 
impedance (Z,) of the line! It is probably about 500 ohms. Assuming 
the feedpoint impedance is 40 ohms resistive on 20 meters, the swr 
is about 12:1 on this band. It is no doubt quite high on 15 and 40 
meters also, because of the reactance at the feedpoint on these 
bands. On 10 meters, the feedpoint presents a pure resistance, but 
its value is difficult to predict. There is a possibility that the line is 
nearly flat on 10. But it doesn’t really matter. 


Construction Details 

In order to minimize losses, every effort was made to ensure 
that there are no electrically “weak” points in this antenna system. 
The feedline spacing is five inches; long TV stand-off insulators are 
used to support each wire individually at 10-foot intervals. The 
wire is wrapped with electrical tape until it fits tightly in the large 
opening in the plastic part of the stand-off insulator. No splices 
should be made in the line; soft-drawn no. 8 aluminum wire is 
usually available in lengths that are any multiples of 50 feet. 

The wires should be positioned so that they do not come 
within five or six inches of metal objects. If the wires must be run 
parallel and close to a metal pipe or downspout, both wires should 
be kept at the same distance from the object. If the feedline must 
cross over such an obstruction, it should cross at a right angle. 
These precautions minimize chances of imbalance. 

The connections at the antenna are made in such a way that the 
primary electrical contact is aluminum-to-aluminum. One feeder 
wire is clamped directly onto the vertical radiator at the base, using 
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When a kite was struck by lightning the piano wire vaporized 
in a bright flash. After the flash, the remains of the piano 
wire were briefly evident as rusty smoke. 

Details of two cases of lightning strikes to meteorological 
kites are described in Ref. 1.8. In one case a man assisting in 
the flight was killed. Both times, roughly a mile of wire had 
run out when the strike occurred. 
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How Does a Lightning Rod Work? 


It is a common misconception that lightning rods discharge 
clouds and thus prevent lightning. Actually lightning rods 
only serve to route the lightning harmlessly to ground. In 
doing so they divert the lightning when it is 10 to 100 yards 
away. 

In 1749 Benjamin Franklin wrote a letter which was 
published in Gentlemen’s Magazine, May 1750. It read, in 
part, 


There is something however in the experiments of points, sending 
off or drawing on the electrical fire, which has not been fully 
explained, and which I intend to supply in my next... from 
what I have observed on experiments, I am of opinion that 
houses, ships, and even towers and churches may be eventually 
secured from the strokes of lightning by their means; for if 
instead of the round balls of wood or metal which are commonly 


placed on the tops of weathercocks, vanes, or spindles of 
churches, spires, or masts, there should be a rod of iron eight or 
ten feet in length, sharpened gradually to a point like a needle, 
and gilt to prevent rusting, or divided into a number of points, 
which would be better, the electrical fire would, I think, be 
drawn out of a cloud silently, before it could come near enough 
to strike. 


This is Franklin’s earliest recorded suggestion of the 
lightning rod. In the “experiments of points” he placed 
electrical charge on isolated conductors and then showed that 
the charge could be drained away (discharged) slowly and 
silently if a pointed and grounded (attached to ground) 
conductor were introduced into the vicinity. When the 
pointed conductor was brought too close to the charged 
conductor, the discharge occurred violently via an electric 
spark. 

In the discussion in which he proposed the original 
experiment to determine if lightning were electrical (July 
1750 — see Chapter 1), Franklin repeated his suggestion for 
protective lightning rods, adding that they should be 
grounded (i.e., that a wire should connect the lightning rod 
to the ground or, in the case of a ship, to the water). 

Lightning rods were apparently first used for protective 
purposes in 1752 in France and later the same year in the 
United States (Refs. 2.1, 2.2). 

Franklin originally thought — erroneously — that the 
lightning rod silently discharged the electric charge in a 
thundercloud and thereby prevented lightning. However, in 
1755 he stated: 


I have mentioned in several of my letters, and except once, 
always in the alternative, viz., that pointed rods erected on 
buildings, and communicating with the moist earth, would either 
prevent a stroke, or, if not prevented, would conduct it, so that 
the building should suffer no damage. (Ref. 2.3) 
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It is in the latter manner that lightning rods actually work. 
The charge flowing between a lightning rod and a thunder- 
cloud is much too small to discharge the thundercloud (Ref. 
2.4). The rod diverts to itself a stroke on its way to earth but 
can do so only in the final part of the stroke’s earthward 
trajectory. Diversion is achieved by the initiation of an 
electrical discharge (Fig. 2.1), a sort of traveling spark, which 
propagates from the rod, intercepts the downward-moving 
lightning, and provides a conducting path to the rod. Before 
the traveling spark is initiated, the downward-moving light- 
ning is essentially uninfluenced by objects on the ground 
beneath it. The traveling spark is generally 10 to 100 yards 
long when it meets the lightning. 

Any high object may initiate an upward-moving spark 
which attempts to reach the downward-moving lightning. It is 
therefore important that the lightning rod be the tallest 
object near the structure it protects, so that its traveling 
spark catches the lightning rather than a spark initiated by 
the chimney or a nearby tree. 


Lightning 
Rods 


Fig. 2.1. Final stages of a strike to a lightning rod. The time interval 
between B and A and between C and B is about 1/5000 second. The 
lightning channel becomes very bright (view C) immediately after the 
upward-traveling spark connects with the downward-moving lightning. 
Drawings are not to scale. 


10 


Franklin refused to patent the lightning rod or otherwise 
to profit by its invention. 

No lightning rod, however tall, can offer absolute pro- 
tection; lightning has struck the Empire State Building 50 ft 
below the top (see Chapter 6). Nevertheless, lightning rod 
systems are effective if used properly, and many codes have 
been written to describe their use (Ref. 2.5). A single vertical 
rod will almost always protect objects within an imaginary 
cone (the “cone of protection””) formed by all lines con- 
necting the top of the rod at height H with a circle on the 
ground, beneath the rod, of radius between H and 2H. In Fig. 
2.2a, the house has a single lightning rod with a cone of 
protection assumed to have a base radius H in accord with 
the British lightning code. To protect a large house it is more 
practical to use multiple lightning rods: in Fig. 2.2b, three 
cones of protection overlap to provide a large volume of 
protection without excessive height. The house in Fig. 2.1 is 
protected according to the U.S. lightning code which 
specifies a base radius of 2H for the cone of protection. The 
smaller the base radius, the greater the probability that no 
lightning strokes will violate the cone. Thus, a structure 
containing explosives or highly flammable materials is often 
protected by a cone with a base radius as small as H/2. 

A lightning rod system has three main parts: the rods on 
the roof, the wires which connect the rods together and those 
which run down the sides of the house or building to the 
grounding arrangement, and the grounding arrangement. 
Although the rods are the most visible, each of the three 
parts is equally important since the system may fail if any 
part is inadequate. Any metal rod or pipe may be an effective 
lightning rod, but to ensure a long lifetime for the rod, 
corrosion-resistant metal such as copper, aluminum, or 
galvanized iron should be used. There is no evidence that a 
pointed rod is better than one with a ball on the top. A wide 


variety of lightning rod shapes can be seen on urban and rural 
Structures. 
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Fig. 2.2. (a) A house protected by a single lightning rod having an 
assumed 45°-angle cone of protection — that is, the height of the rod is 
H and the base area assumed to be safe from a lightning strike has a 
radius H. (b) The same house protected by a lightning rod system 
consisting of three smaller rods, each assumed to provide a 45°-angle 

cone of protection. y 
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The primary function of the wires which link the lightning 
rods and those connecting the rods to the grounding 
arrangement is to carry the lightning current from the rods to 
the ground. The wires on the roof have the secondary 
function of intercepting lightning discharges which may have 
missed the rods. In fact, grids of wires alone have been used 
on roofs in place of lightning rods. The lightning codes 
recommend aluminum or copper wires. The U.S. lightning 
code suggests approximately 1/4 in. diameter copper wire or 


3/8 in. diameter aluminum wire, whiie the British code . 


recommends 3/8 in. diameter for both. In addition to round 
solid wire conductors, tubular, strip, or stranded aluminum 
or copper conductors of an appropriate cross-section may be 
used. The wire sizes specified in the codes appear to be 
chosen partly for their mechanical durability as well as for 
their ability to carry the lightning current. Wire several times 
thinner than that recommended will carry all but the most 
extreme lightning currents without damage (Refs. 2.7, 2.8). 
An example of a lightning protection system using small 
diameter wire is given later in this chapter. 

Wires carrying the lightning current must be well grounded, 
otherwise the lightning may jump from the wires into the 
protected structure in search of a better ground. Grounding is 
best accomplished by connecting the wires to long rods which 
are driven into the ground or by connecting the wires to large 
buried metallic conductors. The rods or buried conductors 
should in turn be connected to all nearby gas pipes, water 
pipes, or other buried metallic pipes or cables. 

It is sometimes imperative to keep the lightning current 
and possible attendant sparks from contacting any part of a 
protected structure — a typical case being a liquid-fuel 
storage vat in which flammable vapors are present. Here, the 
roof rods and wire conductors are often replaced by a system 
of wires suspended between tall towers arranged around the 
structure. A similar scheme is used to protect high voltage 
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Fig. 2.3. Use of overhead ground wires to protect high voltage trans- 
mission lines from lightning. Each of the high voltage wires is supported 
by the bottom of an insulator. Ground wires are attached to the metal 
transmission line towers which are well grounded. Drawings are not to 
scale. (a) A typical 132,000 volt line. (b) A typical 220,000 volt line. 
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transmission lines from lightning strikes. A grounded wire (or 
wires) is strung above the high voltage lines to intercept 
strokes that would otherwise hit the power lines (Fig. 2.3). 

The same principle has been adopted successfully in 
Poland for the protection of small farmhouses (Ref. 2.8). 
These buildings are usually made of wood and frequently 
have thatched roofs, thus making them very susceptible to 
lightning-caused fires. Since their inhabitants can rarely 
afford the expense (several hundred dollars) of a protective 
system satisfying the formal codes, Stanislas Szpor suggested 
a simpler, inexpensive system which the residents can install 
themselves. Basically, it consists of a 1/8 in. diameter 
galvanized iron wire suspended above the roof ridge from two 
small wooden towers installed at the ends of the roof ridge. 
From each tower the wire slopes downward and is buried in 
the ground. Over a five-year period, structures so protected 
had only about 10% of lightning-caused fires that un- 
protected structures suffered. Since about 2000 rural struc- 
tures are ignited each year by lightning in the U.S. and since 
probably most are not protected because of the expense of 
the system specified by the U.S. code, it appears that Szpor’s 
lightning protection system or some system similar to it 
could be advantageous to U.S. farmers. 

Information about the number of lightning strikes per year 
to structures of various heights as well as to flat ground is 
given in Chapters 3, 6, and 7. 


chapter 
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How Many People Are Killed By Lightning 
Each Year? 


What Should I Do If Caught Outdoors In 
A Thunderstorm? 


Is It Safe To Talk On The Telephone During 
A Thunderstorm? 


Should I Unplug Radios And TVs? 


How Can I Help Someone Struck By Lightning? 


Although no exact figures on lightning fatalities are available 
— there is no central agency to which lightning accidents 
must be reported — various studies (Refs. 3.1, 3.2, 3.3, 3.4) 
have placed the average annual number of deaths in the U.S. 
at 100, 137, 151, 300, and even 600. Whatever the exact 
number, lightning causes more direct deaths than any other 
weather phenomena. Snowstorms cause more indirect deaths 
(e.g., heart attacks from shoveling the driveway). Tornadoes 
cause about half as many deaths as lightning but inflict much 
more property damage. It is perhaps surprising that about 
two-thirds of the people involved in lightning accidents 
subsequently make a complete recovery. Most, if not all, of 
these survivors are probably not directly struck by lightning, 
but rather receive electrical shock from being in the close 
vicinity of a strike. 
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About 70% of all fatal lightning accidents involve one 
person, about 15% occur in groups of two, the remainder 
involves three or more deaths per lightning event. Between 75 
and 85% of all lightning deaths and injuries are to men, 
probably because they are more likely to be out-of-doors. 
About 70% of all injuries and fatalities occur in the 
afternoon, about 20% between 6 p.m. and midnight (Ref. 
3.1). 

The largest single category of lightning deaths (12 to 15% 
of all fatalities) is composed of those unfortunate individuals 
who seek refuge under trees during thunderstorms and have 
their sheltering trees struck by lightning. Perhaps one-third of 
these are golfers. Two additional categories in which large 
numbers of lightning fatalities occur are designated “Open 
Water” and “Tractors”, each claiming about 10% of the total 
fatalities. “Open Water” includes people fishing, swimming, 
on beaches, piers, and levees, in boats, and on water skis; 
“Tractors” includes people on, in, or near farm tractors or 
other implements, construction equipment, cars, and trucks 
(Refs. 3.1, 3.3). 

Most lightning deaths occur outdoors. Over 30% of all 
lightning deaths involve people who work outdoors; over 25% 
of all deaths involve outdoor recreationists. A breakdown of 
deaths and injuries to farmers and ranchers and to outdoor 
recreationists for the 20-year period 1950 through 1969 is 
given in Table 3.1. The apparent increase from the 1950s to 
the 1960s in the number and percentage of deaths to outdoor 
recreationists is perhaps due to the increasing number of 
outdoor recreationists. Table 3.2 gives more detailed data on 
death and injury to outdoor recreationists, while Table 3.3 
breaks down the “Open Water” category of Table 3.2. 

In addition to humans, animals are killed by lightning. In 
1968, lightning caused the death of 464 cattle (362 killed 
directly, the remainder by lightning-caused fires), 13 horses 
(11 killed directly), 42 hogs, 2 dogs, and 1 white ox resident 
in a museum pasture (Ref. 3.4). 
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flow in the metal skin of the car and not in the occupant. 
The lightning will ground itself by jumping from the car to 
the earth either through the air, along the surface of a tire, or 
through a tire. In the latter case, the tire will be destroyed. 
For maximum security, the car windows should be rolled up 
and wet (so that they conduct current along their surfaces), 
and the occupant should not touch any metal part of the car 
or the car radio. 

Because modern commercial aircraft are essentially all 
metal, lightning currents seldom penetrate them. An airplane 
on the ground is a relatively safe refuge during a thunder- 
storm. What about planes in the air? Are aircraft in flight hit 
by lightning? If hit, do they continue to fly? 

Airplanes in flight are struck by lightning. Between 
January 1965 and December 1966, the Federal Aviation 
Administration (FAA) collected reports of about 1000 
lightning strikes to commercial aircraft. On the average, a 
given commercial airplane is struck by lightning once in every 
5000 to 10,000 hours of flying time (Refs. 4.1, 4.2). As 
extreme examples of lightning activity, on one day in 
January 1969 four airliners were hit by lightning in separate 
incidents near Los Angeles (Ref. 4.3), and on September 26, 
1964 a Boeing 727 in a holding pattern at Chicago was hit by 
lightning five separate times within a 20-minute period (Ref. 
4.4). 

Aircraft struck by lightning almost always continue to fly. 
Generally, lightning leaves pit marks or burn marks on the 
aircraft’s metallic skin or burn or puncture holes through it. 
The FAA reports hole diameters up to 4 in., a common size 
being 1/2 in. (Ref. 4.1). Photographs of a lightning-damaged 
aircraft wing are shown in Figs. 4.1, 4.2, and 4.3. In addition 
to the generally minor damage caused to metallic aircraft 
parts, unprotected non-metallic parts may be more severely 
damaged. (Differences between lightning damage to metallic 
and non-metallic materials are discussed in the next chapter.) 
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Fig. 4.1. Left wing tip of a Boeing 707 which exploded after being hit 
by lightning near Elkton, Maryland on December 8, 1963. On the 
model insert the white portion of the wing gives the size and orienta- 
tion of the portion of the actual wing shown. A number of lightning- 
caused holes and considerable pitting are evident. (Courtesy, Bernard 
Vonnegut and Roger Cheng, State University of New York at Albany) 
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28 
Figure 4.4 shows lightning damage to the plastic nose section 


or radome of a commercial jetliner. (The radome is neces- 
sarily non-metallic so that the plane’s radar can operate 
through it — radar signals are reflected by metal.) The aircraft 
in Fig. 4.4 had its radar unit put out of commission. 
Lightning is clearly a potential hazard. On the other hand, 
thunderstorm turbulence is a greater hazard. Severe tur- 
bulence can cause structural failure of the aircraft or loss of 
control by the pilot. The problem of loss of control is 
particularly critical during take-off and landing. 

Lightning is a danger to aircraft for several reasons. It can 
fuse, burn away, or otherwise destroy mechanical or elec- 
trical parts; it can temporarily blind the pilot causing him to 
lose control of the aircraft; and it can ignite the aircraft’s 
fuel. Fuel ignition was the probable cause of the only two 
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Fig. 4.2. Closer view of the Boeing 707 wing tip shown in Figure 4.1. Fig. 4.3. Close-up of the major wing-tip hole and surrounding pitting 
Five lightning-caused holes are visible. (Courtesy, Bernard Vonnegut shown at the left of Figures 4.1" and 4.2. (Courtesy, Bernard Vonnegut 
and Roger Cheng) and Roger Cheng) 


AA rr, 


30 


acknowledged lightning-related disasters involving modern 
commercial aircraft. 

On June 26, 1959 near Milan, Italy, a Lockheed Con- 
stellation, a propeller-driven U.S. air carrier, was climbing in 
thunderstorm activity through about 11,000 ft when struc- 
tural disintegration occurred. All persons aboard were killed. 
Investigation revealed that two of the fuel tanks had 
exploded. Fuel vent pipes extending off the trailing edges of 
the wings were exhausting air and fuel vapors (to maintain a 
pressure inside the fuel tank equal to the decreasing pressure 
outside, as the plane climbed) and were a likely point for fuel 
ignition. It is not clear whether lightning struck a fuel vent 
pipe or whether a traveling spark (similar to those which 
leave lightning rods; Chapter 2) was initiated at the pipe 
causing ignition. In either event, it is probable that some sort 
of electric spark ignited the fuel at the vent pipe, the burning 
fuel propagated into the number 6 and 7 fuel tanks, and 
those fuel tanks exploded (Ref. 4.1). 

On December 8, 1963, a Boeing 707 was in a holding 
pattern at 5000 ft near Elkton, Maryland. There was 
thunderstorm activity in the area. Witnesses reported a 
lightning stroke near the aircraft concurrent with or immedi- 
ately followed by explosion and burning of the 707. All 
aboard were killed. It was found that three fuel tanks had 
exploded and that there were lightning strike marks and holes 
on the left wing tip (Figs. 4.1, 4.2, 4.3). Exactly how the fuel 
tanks were ignited remains unknown. The fuel vent outlets 
on the 707 are underneath the wings and are recessed into 
them, so it is unlikely that lightning could strike the outlets 
directly or that they could be the source of traveling sparks. 
Further, when recovered, the vent outlets showed no signs of 
damage. Possibly a lightning stroke burned through the wing 
surface into a fuel tank (the fuel tank container is the wing 
skin). No evidence for this effect was found, although the 
explosion might have destroyed any pertinent evidence. The 
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Fig. 4.4. Lightning damage to the radome of a commercial jetliner — 
one of four planes hit by lightning on one day in January 1969 in 
separate incidents near Los Angeles (Ref. 4.3). (“Los Angeles Times” 
photograph) 


three hose clamps spaced one inch apart. The other wire is con- 
nected to the aluminum base mount, using the nut on one side of the 
lower U-bolt holding the base mount to the mast. (The base mount 
at W1GV/4 comes from a 14AVQ that has been multilated from 
experimentation. ) 

The eight radials, each 16-feet long, also are made of #8 
aluminum ground wire. The radials double as guy wires; strain 
insulators are used to obtain the correct lengths for radial pur- 
poses. The mast is five feet tall. This, in addition to the height of 
the house, puts the base about 16 feet above the ground. 

It should not be necessary to go into much more construction 
detail. The builder can put the antenna together to suit particular 
needs and passions. The radials should be the same length as the 
vertical radiator, but 16 feet is not a magic length. Actually, the 
longer the better. However, any length over about 18 feet will 
raise the radiation angle on 10 meters; lengths greater than 25 feet 
also will raise the radiation angle on 15 meters. This may or may 
not matter, depending on band preferences. 

The length can also be less than 16 feet. However, as the 
length is shortened from this value, the radiation resistance will 
decrease markedly on 40 meters and will rapidly become so small 
that losses will occur no matter how hard we try to prevent them. I 
can't tell you an exact minimum length because there is no real 
cutoff. You'll probably be able to make some contacts on 40 even if 
the length is four feet, but if you opt for this size antenna, you can 
rest assured that it will not be very efficient. 


Performance 


As of this writing, the antenna described here has been in use 
at W1GV/4 for about four weeks. Many contacts have been made, 
both long and short haul. Several thick DX pileups were cracked on 
the first or second attempt. Europe and Japan have been worked on 
40 meters, where the antenna is half-size. Since it is a vertical 
antenna, we should expect that the low-angle radiation will be good 
even on 40 meters, so this is not too surprising. The antenna seems 
to work exceptionally well on 10 meters; including the image, it 
acts as a vertical 2-element collinear on this band. 

Mostly out of curiosity, I decided to try tuning the antenna on 
80 meters and found that the transmatch did provide about 1.5:1 
match at 3.5 MHz. The turning was quite sharp, and I was indeed 
surprised to work a midwestern station and get a report of 589! 
Several other midwestern and northeastern stations have been 
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favored explanation of how the explosion occurred is that 
lightning caused sparks at some point where an explosive 
air-fuel mixture was present, perhaps in a fuel tank or near a 
fuel leak (Refs. 4.1, 4.2, 4.5). 

The explosions of both the Lockheed Constellation and 
the Boeing 707 would not have occurred had the fuel tanks 
not contained an explosive mixture of oxygen and fuel vapor 
above the liquid fuel. In the absence of oxygen, the fuel can 
neither burn nor explode. At the time this book is being 
written, systems for replacing the oxygen in an aircraft's fuel 
tanks with nitrogen are being tested (Ref. 4.2). Such a system 
would make aircraft immune to explosions from lightning as 
well as from fires due to accidents in which the fuel is not 
exposed to the oxygen of the air (accidents in which the fuel 
tanks are not ruptured). 

In addition to these two commercial aircraft, a number of 
military aircraft have also been destroyed by lightning. No 
official count is available, but it is known that, for example, 
in April 1970 an Air Force jet exploded after being hit by 
lightning, that there have been several recent cases of 
lightning-induced electrical failures on jet aircraft in flight 
necessitating crew ejection, and that eight servicemen were 
killed in a recent helicopter crash when lightning hit and 
damaged the rotor blades. Engines on many jets have been 
temporarily extinguished by lightning strikes, and in July 
1969 a lightning strike to a jet resulted in two bombs being 
released. 

When lightning strikes a plane, the plane substitutes for 
part of the lightning’s air path. Typically lightning attaches to 
the plane’s extremities, often entering at one wing tip and 
leaving by the top of the tail. When a lightning stroke is 
forming near a plane, the extremities of the plane send out 
traveling sparks to meet that lightning and cause it to pass 
through the plane, much as a lightning rod draws the 
lightning to itself. Thus a plane may attract lightning. In 
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addition, a plane may fly into an already existing lightning 
channel and become a part of the channel, or it may initiate a 
brand new lightning stroke. The process of lightning initi- 
ation is similar to that of the lightning initiation caused by 
tall conducting structures (see Chapter 6). 

In only about half of the reported lightning strikes to 
commercial aircraft are active thunderstorms present (Ref. 
4.4). The other half of the reported strikes occurs in 
precipitation (ice or rain) which is not related to a thunder- 
storm. Typically, in these cases no lightning is observed 
before the strike which hits the plane. There appears to be 
no difference between thunderstorm and non-thunderstorm 
lightning as regards damaging effects to an aircraft. Un- 
doubtedly, thunderstorm-related lightning strikes would 
represent a much higher percentage of total strikes if pilots 
did not intentionally avoid flying through thunderstorms. 

It is interesting to note that Apollo 12 (launched for the 
moon on November 14, 1969) was twice struck by lightning 
in the first minute after lift-off, once at 6000 ft and again at 
13,000 ft. The clouds through which the 360 ft rocket passed 
had not previously produced any lightning. It is therefore 
likely that the rocket and its conducting exhaust plume 
initiated the two discharges. Apollo 12 survived the strikes 
although their effects were considerable. They included: (1) 
temporary disconnection of the fuel cells which powered the 
command module systems, (2) temporary disruption of the 
primary inertial guidance system used to put the spacecraft 
into and out of earth orbit and on its way toward the moon, 
and (3) permanent loss of a number of measurements of the 
skin temperature of the rocket and on Ec 
propulsion fuel remaining (Ref. 4.6). lis E 

From 1964 to 1966 a F-100F jet fighter aircraft, specially 
protected against the hazardous effects of lightning and 
equipped to photograph lightning and to measure its elec- 
trical current, pressure wave (see Chapter 12), and other 
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properties, was deliberately flown through thunderstorms 
(Refs. 4.2, 4.7). The plane was struck by lightning 55 times 
and much valuable information was accumulated. 

Ball lightning inside airplanes is discussed in Chapter 15. 
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How Does Lightning Damage Trees And 
Buildings? 


As discussed in Chapter 7, roughly 2000 thunderstorms are in 
progress over the earth's surface at a given time, and 
collectively they may produce as many as 100 cloud-to- 
ground discharges each second — or more than 8 million per 
day. If these discharges were evenly distributed over the 
earth, about six percent of them would strike in the world’s 
forested lands (Ref. 5.1). Fortunately, most discharges 
striking in forests do not cause forest fires. Nevertheless, 
about 10,000 forest fires are ignited by lightning in the 
United States each year. 

Lightning may strike a tree and leave it apparently 
unharmed (Ref. 5.2), or it may cause considerable structural 
damage without noticeable burning. The detailed effects of 
lightning on trees have been recently studied by Alan R. 
Taylor of the U.S. Forest Service (Refs. 5.1, 5.3, 5.4, 5.5, 
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5.6). He found that most trees struck are not killed. The 
majority recover from whatever lightning damage they have 
sustained, though many are weakened and ultimately suc- 
cumb to attacks by insects and disease. Visible damage to 
tree trunks ranges from superficial bark flaking, to strip-like 
furrowing along the trunk, to almost total destruction. 
Damage of intermediate severity is shown in Fig. 5.1: the tree 
top has been shattered away and a spiral scar with a crack 
along its axis is wound around the trunk. A close-up of how 
typical lightning tree scars are formed is shown in Fig. 5.2. 
Figures 5.3 and 5.4 show lightning-damaged trees. 

Taylor, in one study, examined 1000 lightning-damaged 
Douglas firs in western Montana. Most had shallow con- 
tinuous scars a few inches wide along their trunks. About 
20%. had two or more scars, 10% had severed tops, and about 
1% had been reduced to slabs and slivers. Most of the scars 
were spiral, a few were straight. The average scar extended 
along 80% of the tree height, but none extended to the very 
tips of the trees. Scars either reached to ground level or close 
to ground level. Often along the center line of the lightning 
scar was a crack which penetrated into the tree (Figs. 5.1 and 
5.2), and, when wood was removed from a tree by lightning, 
it was usually ejected as two parallel slabs, separated along 
this crack. Sometimes, in place of the crack lightning left a 
narrow strip of shredded inner-bark fiber fixed in a smooth 
shallow groove about 1/16-in. wide (Fig. 5.5). 

These damage characteristics are typical not only for 
Douglas firs but for most conifers (cone bearing trees, mostly 
evergreens) throughout the United States. The descriptions 
also appear valid for most rough-barked species of deciduous 
trees (trees which shed their leaves each year) such as the 
oaks. The relatively smooth barks of other deciduous trees — 
birches, for example — present quite different damage 
characteristics. The major difference is that the bark is not 
removed in narrow, uniform strips but is torn off in large, 
somewhat irregular patches or sheets (Fig. 5.6). 
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Fig. 5.1. The top of this Douglas fir was shattered away and a spiral 
lightning scar with a crack along its axis winds around the trunk. (Field 
sketch by A. R. Taylor) 
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Sometimes a single lightning discharge can kill a group of 
trees. In a typical group kill, obvious lightning damage is 
visible on only one or two trees, often near the center of the 
dying group. As many as 160 trees have been reported killed 
this way, but in most cases the groups are probably smaller. 
It is unclear whether lightning does unseen damage to the 
roots of trees surrounding the struck tree or whether the 
aerial parts are affected by the discharge (Ref. 5.7). After 
reviewing the world-wide literature on the group killing of 
trees by lightning (Ref. 5.1), Taylor notes that, while very 
few cases have been reported in the United States, instances 
have been commonly reported in Europe, Australia, Malaysia, 
and other parts of the world. A similar phenomenon 
involving lightning and tree groups is reported to occur 
frequently in parts of the United States. Entomologists 
(insect researchers) report that several species of bark beetles 
attack single trees damaged by lightning and then proceed to 
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Fig. 5.2. Formation of typical lightning tree scars. Left, bark and wood 
loss; right, bark loss only. Bark and wood removed in this way are l 

usually found in two slabs. The slabs have been separated along the Fig. 5.3. A Douglas fir with three spiral lightning scars. Only bark was 
crack at the centerline of the tree scar. (Sketch by A. R. Taylor) removed, exposing the outer wood. (U.S. Forest Service photo) 
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attack other trees surrounding the damaged one. Often the 
result is a group kill similar to those not involving bark 
beetles — so similar in fact that it has recently been suggested 
that lightning may be playing a hidden role in this type of 
group kill; that is, it may do unseen damage to the trees 
surrounding an obviously struck tree, thereby reducing their 
natural resistance to attack by the bark beetles and hastening 
their demise (Refs. 5.6, 5.8). 

To understand the direct effects of lightning on trees and 
buildings, we must first take a closer look at the lightning 
discharge. In the course of this discussion we will define more 
specifically some of the words used in the technical literature 
to describe lightning. 

A complete lightning discharge is called a flash. A lightning 
flash typically lasts a few tenths of a second. Each flash 
between cloud and ground is composed of a number of 
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Fig. 5.4. Forest Service scientists examine the remains of a 70-ft fir 
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component strokes. The number is sometimes one (a single- 
stroke flash), most often is three or four (multiple-stroke 
flash), and may be as many as 20 or 30. Strokes are typically 
40 or 50 thousandths of a second apart. Cloud-to-ground 
lightning often appears to flicker due to the fact that the 
lightning channel is dark between the component strokes. 
The longer the time between strokes, the greater the flicker- 
ing effect. When strokes are very close together (e.g., when 
they are separated by only 20 thousandths of a second), little 
flickering is observed because the eye retains the image of the 
stroke during the “dark time”. It is this slow response of the 
eye that makes movies and TV appear continuous rather than 
the series of individual pictures that comprise them. Movies 
that are run too slowly also appear to flicker. 

The bright stroke channels we see (an example is shown in 
Fig. 2.1c) and the stroke currents which cause the light are 


Fig. 5.5. Close-up of a lightning tree scar showing a narrow strip of 
inner-bark fiber along the centerline of a bark-depth furrow. (U.S. 
Forest Service photo) 
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initiated by electrical discharges which move from cloud to 
ground (a discharge preceding the first stroke of a flash is 
shown in Fig. 2.la,b). (Details of the lightning stroke 
formation are given in Chapters 6 and 9.) 

Typical lightning currents measured at ground are shown 
in Fig. 5.7 (Ref. 5.9). Peak currents are generally 10,000 to 
20,000 amps, but occasionally they range up to hundreds of 
thousands of amps. (The conventional household electric 
circuit will carry up to 15 amps. A 100 watt light bulb uses 
about 1 amp.) First strokes generally have larger currents 
than subsequent strokes. A lightning stroke reaches peak 
current in a few millionths of a second. The current then 
decreases, generally terminating in a thousandth of a second 
or so unless continuing current flows. Figure 5.7a shows a 
three-stroke flash with no continuing current. Figure 5.7b 
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Fig. 5.7. (a) Current at ground due to a typical lightning flash without 
continuing current — so-called cold lightning. (b) Current at ground due 
to a typical lightning flash with continuing current — so-called hot 
lightning. 
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shows a two-stroke flash in which the final stroke is followed 
by continuing current. Continuing current is typically 100 
amps and may last for one or two tenths of a second. About 
half of all flashes contain a continuing current following one 
of the component strokes. 

Lightning flashes which contain continuing current are 
commonly called hot lightning; flashes which do not are 
called cold lightning. Hot lightning sets fires, cold lightning 
does not. The reason for the terminology is obvious. It is, 
nevertheless, misleading. The temperature in both hot and 
cold lightning is the same — 15,000 to 60,000°F (see Chapter 
11). The difference is that it is maintained longer in hot 
lightning (tenths of a second vs. thousandths for cold 
lightning). To set fire to a piece of wood, the flame must 
contact the wood for a reasonable length of time: initiation 
of burning depends on the length of time a given temperature 
is applied. In general, the higher the temperature, the shorter 
the time. The continuing current from hot lightning provides 
a high enough temperature for a sufficient time to ignite 
woody fuels. A U.S. Forest Service study has shown 
conclusively that continuing currents can cause forest fires 
(Ref. 5.10). 

While so-called cold lightning does not set fires, it can be 
very destructive. We can think of the bottom end of the 
lightning channel as a source of current which is forced into 
the lightning attachment point. This current generates heat in 
the object through which it flows. The amount of heat 
depends on the object’s resistance to electrical current. If the 
object has a low resistance (e.g., a metal) (a material with low 
resistance is called a conductor), there is relatively little 
heating. If the object has a high resistance (e.g., a piece of 
wood or plastic), there is a great deal of heating although not 
necessarily enough to cause burning. The essentially instan- 
taneous lightning current rise inside a high-resistance material 
causes rapid heating and consequent vaporization (i.e.. 
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conversion from solid to gas) of some of the internal 
material. As a result, a very high pressure is quickly generated 
within the material and, typically, this pressure blows the 
material apart. 

For many of the tree scars examined by Taylor, the 
lightning apparently followed a path through the cambium (a 
thin layer of living cells between the inner bark and the 
wood) or through the moist inner bark tissue. Possibly these 
zones were chosen as the lightning’s paths because they 
offered lower resistance than the outer bark or the wood. In 
any event, the pressure generated in the cambial region blew 
off a bark strip creating a scar as shown in Fig. 5.5. The 
pressure also could cause a split in the tree, but it is not clear 
how a strip of inner-bark fiber could be pasted along the 
centerline of the scar. In some of the trees examined by 
Taylor, wood as well as bark was blown out from the tree. In 
these cases the lightning current apparently traveled deeper 
within the trunk. Taylor found that old trees (over 200 
years) were more likely to suffer wood-loss scars and 
suggested that perhaps the wood in old trees offers less 
electrical resistance to current flow than does the cambial 
zone. 

It would seem obvious that lightning-induced forest fires 
should be suppressed, but this is not necessarily the case 
(Ref. 5.11). Until recently, frequent fires kept the California 
forest floor clean; the fires themselves were small and did not 
damage the trees. Ironically, efforts to prevent and contain 
forest fires in California enabled the brush to grow more 
thickly and now most fires are big ones. We may be indebted 
to ancient forest fires for California’s giant sequoias. The 
seedlings of these trees can germinate in ashes but are 
suppressed under the thick layer of needles that might cover 
an unburned forest floor. 

From all the foregoing discussion it is obvious that houses 
can be set on fire by lightning and that high-resistance 
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material comprising houses can be blown apart. Besides 
directly setting fire to houses and other structures, lightning 
can indirectly set fires by causing the power company’s 
current to jump through the air between electrical wires or 
from a wire to a grounded object. The resulting electrical 
discharge may have a considerably longer duration than the 
lightning flash which started it. The only known way to 
protect a house against a direct lightning strike is with a 
lightning rod system (see Chapter 2). Similarly, the only 
known way to protect a tree against lightning is to outfit it 
with a similar rod system. This would consist of metal wire or 
strip fixed to the tree from a well-established ground and 
running up the tree trunk to the top of the tree and out the 
major branches. Thus lightning striking the tree top or any 
major branch would be harmlessly carried to earth. 
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Does Lightning “Never Strike Twice?” 


Does It Always Strike The Tallest Object? 


Much of what is known about lightning today has been 
discovered precisely because lightning does strike the same 
structure over and over again. To measure a given property of 
many lightning strokes (for example, the range of values for 
the peak current), it is necessary to position appropriate 
instrumentation close to many lightning strokes. The Empire 
State Building in New York City is struck by lightning an 
average of about 23 times per year. As many as 48 strikes 
have been recorded in one year, and during one thunderstorm 
eight strikes occurred within 24 minutes (Refs. 6.1, 6.2). The 
General Electric Company conducted a 10-year study 
(1935-1941, 1947-1949) of lightning at the Empire State 
Building. Various properties of the lightning current were 
measured as the current flowed into the building, and 
high-speed photographs of the formation of the lightning 
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channel near the top of the building were obtained. A similar 
but more detailed study of lightning was begun on Mount 
San Salvatore near Lugano, Switzerland in 1942 and still 
continues at the time of the writing of this book. The 
instrumented towers near Lugano have recorded lightning 
current properties an average of about 40 times a year, with a 
maximum in excess of 100 times a year (Ref. 6.3). A sizable 
fraction of what we know about lightning currents and, in 
fact, about lightning in general was determined by the 
Empire State Building and Lugano studies. 

The probability of a structure being struck by lightning 
depends on its height. For a structure projecting above a 
moderately flat area in a region of moderate thunderstorm 
activity, say Pennsylvania or New York (see Chapter 7), the 
expected number of strikes per year is roughly one for a 300 
ft structure, three for a 600 ft structure, five for an 800 ft 
structure, ten for a 1000 ft structure, and twenty for a 1200 
ft structure (Ref. 6.4). A 50 ft structure will be struck about 
once every four to six years (Refs. 6.2, 6.4), and a quarter 
acre of flat land (a large residential lot) will be struck about 
once every 100 years or more (see Chapter 7). Any structure, 
no matter what its size, may be struck by lightning. 
Sometimes, however, it is necessary to rebuild the structure 
before it can be struck again. The bell tower of St. Mark’s in 
Venice was completely destroyed by lightning three times 
and severely damaged nine times in a period of about 400 
years. In 1766 a lightning rod was installed on the tower and 
since then no further lightning damage has occurred (Refs. 
6.5, 6.6). 

It is interesting to note that as late as the 18th century 
church bells were rung in Europe as an effort to protect 
against lightning. The “ignorant” believed that the ringing of 
church bells dispersed the evil spirits; the “informed” 
believed (erroneously) that the sound produced by the bells 
broke the continuity of the lightning path. Medieval church 
bells are often inscribed Fulgura frango (l break the 
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lightning). Ringing church bells during thunderstorms proved 
very hazardous to the bell-ringers. In a period of 33 years, 
386 church towers were struck, and 103 bell-ringers were 
killed at their ropes (Refs. 6.5, 6.6). 

Since lightning preferentially strikes the taller structures, it 
is reasonable to ask whether tall structures merely act as 
lightning rods or whether they influence the lightning to a 
greater extent. The question is important since much of what 
we know about lightning comes from studies of lightning 
strikes to tall buildings. Scientists and engineers would like to 
be certain that lightning characteristics so obtained also apply 
to lightning which strikes small buildings, power lines, 
missiles, etc. The Empire State Building study was the first to 
show that most of the flashes to a very tall structure are 
initiated by the structure itself. In the Lugano study about 
75% of the flashes observed were initiated by the towers. 
These structure-initiated flashes differ significantly from the 
usual cloud-to-ground flash. Flashes to very tall structures 
which are not structure-initiated are thought to resemble the 
usual lightning to ground, but there is still some dispute 
about this. 

It is appropriate now to look at how lightning gets started. 
The usual flash between cloud and ground is initiated in the 
base of the cloud. The initiating discharge, the downward- 
traveling spark shown in Fig. 2.la,b, is called the stepped 
leader. The stepped leader is a low-luminosity traveling spark 
which moves from the cloud to the ground in rapid steps 
about 50 yards long. Each step takes less than a millionth of 
a second, and the time between steps is about 50 millionths 
of a second. The stepped leader is not seen by the eye, but 
may be photographed with special cameras (see Chapter 16, 
Fig. 16.3). The visible lightning flash discussed in the pre- 
vious chapter occurs when the stepped leader contacts the 
ground. Precisely what happens when the stepped leader 
reaches the ground is the subject of Chapter 9. What is impor- 

ant to note now is that the usual stepped leader starts from 
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lightning). Ringing church bells during thunderstorms proved 
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missiles, etc. The Empire State Building study was the first to 
show that most of the flashes to a very tall structure are 
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worked on 80 with good reports. (Even so, I really can't believe 
that this antenna is very efficient at that frequency.) The antenna 
was designed with 40 through 10 in mind. Performance has been 
eminently satisfactory considering the unobtrusiveness, small ex- 
pense, and simplicity of the open-wire-fed ground plane. 
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The magnets I used are 1 inch by % inch by Ys inch and cost 10 
for a dollar at Radio Shack, but any similar square or rectangular 
magnets would work. I used 8 magnets stuck together in 4 piles of 2 
(Fig. 7-43). The body of the mount is the cover from a can of Krylon 
spray paint (in the color of your choice). Another brand of cover will 
work, provided that it has the inner cup, as in Fig. 7-44. Almost any 
good socket can be used, but I chose a phone socket, since it holds 
the plug firmly, is simple to mount, and is all I had in the junk box. 
Avoid RCA phono sockets; the antenna may fall out. If you use an 
SO-239, solder up the coax before setting it in epoxy. Mount the 
socket as shown in Fig. 7-44, and fill the inner cup with epoxy to the 
level necessary to hold the socket firmly without covering the 
electrical and mechanical parts. 

Next, put the magnets together as shown, and paint them with 
epoxy. Before letting it dry, unravel some cable shielding and lay 
the wires across the top of the magnets evenly. Place a piece of 
waxed paper over the wire, and hold it in place with a weight until 
it’s dry. Twist the excess wire together, and solder it to the shield 
connection of the plug. Then put a small hole in the side of the body 
of the mount, pass the coax through it and once around the small 
inner cup, and solder it to the socket. 

Fill the larger cup of the cover about Ys full with epoxy. Place 
the magnets down on a piece of waxed paper, quickly turn over the 
cup, and place it over the magnets so that the edges of the cup are 
tight against the paper. The glue will flow down and cover the 
magnets, sealing them in place. Put a weight on top of the unit 
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Fig. 7-43. Base of the magnetic 
mount. 
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the cloud without any “knowledge” of what buildings or 
geography are present below. In fact, it is thought, as sug- 
gested in Chapter 2, that the stepped leader is “unaware” of 
objects beneath it until it is some tens of yards from the even- 
tual strike point. When “awareness” occurs, a traveling spark 
is initiated from the point to be struck and propagates up- 
ward to meet the downward-moving stepped leader, complet- 
ing the path to ground. In this way the usual lightning flash 
to ground or to small structures is started. A small fraction of 
the strikes to very tall buildings also occurs in this way. 

However, most lightning flashes to very tall buildings are 
the result of a reverse process. They are initiated by stepped 
leaders which start at the building top and propagate upward 
to the cloud. Because they propagate upward, they and the 
resulting visible discharge channel branch upward (Fig. 6.1). 
It is possible that upward-going leaders are just long versions 
of the leaders (previously called traveling sparks) which 
propagate upward some tens of yards from lightning rods. 
That is, the upward-moving stepped leaders from tall 
buildings may well contact downward-moving leaders be- 
neath or within the cloud. On the other hand, the upward- 
moving stepped leaders may simply terminate in some region 
of cloud charge. 

Lightning flashes initiated by tall buildings exhibit dif- 
ferent current characteristics from those of the usual cloud- 
to-ground flash discussed in Chapter 5 and illustrated in Fig. 
5.7. The current in a structure-initiated flash rises slowly, in 
hundredths or even tenths of a second, to a current peak of a 
few hundred amperes and flows for a few tenths of a second. 
Often the low-level continuous current is punctuated by one 
or more current peaks similar to those shown in Fig. 5.7 for 
strokes subsequent to the first. Sometimes the continuous 
current stops before a current peak occurs. These current 
peaks are generally larger than those which occur during the 
continuing current. More details of the characteristics of 
upward-moving lightning are given in Ref. 6.7. 
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Fig. 6.1a. Lightning initiated by an upward-moving leader from a tower on 


: Mt. San Salvatore near Lugano, Switzerland. The spot directly beneath the 


bottom of the lightning channel is a tower light. Upward-initiated lightning is 
branched upward in contrast to the downward branching of the usual 
cloud-to-ground lightning flash. (Courtesy, Richard E. Orville, State Uni- 
versity of New York at Albany) 
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Fig. 6.1b. Lightning strikes twice! Another upward-going lightning from the 
San Salvatore tower. (Courtesy, Richard E. Orville) 
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It may appear logical from the content of this chapter that 
lightning should always “hit the tallest object”. (Since the 
point of “strike” is determined by a leader which moves 
upward from the strike point, the strike point could just as 
well be called the “point of initiation”.) Occasionally it 
doesn't! The Empire State Building has been struck 50 ft 
below the top (Ref. 6.2). The usual explanation for such 
anomalous behavior is the following: It is thought that the 
greater the electrical charge residing on the downward- 
moving stepped leader, the longer will be the connecting 
leader propagating upward from the building top. Thus, a 
relatively weak stepped leader can come closer to a building 
top without drawing an upward leader than can a relatively 
strong stepped leader. It is possible, therefore, that a weak 
stepped leader might “sneak” past the top of a building and 
only draw a leader when it had reached some lower level. 
Another explanation for the anomalous behavior could be 
that the obvious strike point has been kept from generating 
an upward-moving leader by a pocket of airborne charge, 
so-called space charge. Properly distributed regions of space 
charge could cause the lightning to strike almost anywhere. 
In any event, the cone of protection around the “highest 
point” (see Chapter 2) almost always describes the zone in 
which lightning will not strike. 
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How Are Thunderstorms Formed? 
Are There Locations With No Lightning? 


How Many Thunderstorms Are In Progress In 
The World At One Time? 


Roughly 2000 thunderstorms are in progress in the world at 
any one time (Ref. 7.1). A typical storm is thought to 
produce one to three cloud-to-ground flashes each minute; 
and thus, considering all thunderstorms in progress, there are 
perhaps 30 to 100 flashes to ground every second (Refs. 7.1, 
7.2). The statistics on the number of thunderstorms in 
progress in the world at any one time were obtained in the 
1920s by examining the records of meteorological stations 
located around the world. Where there were no meteoro- 
logical stations, estimates were made of the thunderstorm 
activity. For this reason the number 2000 may be somewhat 
in error. Further, estimates of the number of cloud-to-ground 
flashes per minute for a typical storm are based primarily on 
data obtained at relatively few locations throughout the 
world and may also be in error. For example, very little is 
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known about the lightning or other properties of storms 
which occur in the tropical regions of South America and 
South Africa. With the help of orbiting satellites, a more 
accurate determination of world-wide thunderstorm activity 
is possible and will probably be made in the near future. 

A thunderstorm-day for a given location is defined as a day 
on which thunder is heard at that location, independent of 
whether one or many thunders were heard. Thunder cannot 
usually be heard if the lightning causing it is more than about 
15 miles away (see Chapter 12). In Fig. 7.1 and 7.2, 
thunderstorm-day maps are shown for the U.S. and the 
world, respectively. Each curved line represents a fixed and 
stated number of thunderstorm-days per year and is drawn 
through all geographical locations that have that particular 
number of thunderstorm-days. One of the most active regions 
on earth is Java where thunder is heard 223 days per year. In 
the U.S., central Florida has the highest number of thunder- 
storm-days per year with 90. The lowest number occurs along 
the Pacific coast region of northern California, Oregon, and 
Washington where thunderstorms and lightning are rare. 

A more pertinent statistic than the number of thunder- 
storm-days per year is the number of lightning strikes per 
square mile per year. While it is relatively easy to determine 
thunderstorm days (one needs merely to listen), it is a more 
difficult task to determine accurately the number of strikes 
per square mile. The strikes per area have been determined 
(1) from photographs taken sequentially over periods of 
several years, (2) from records of strikes to power lines, and 
(3) from electrical lightning counters which respond to the 
radio waves emitted by lightning. The combined results of 
several studies indicate that the number of flashes to ground 
per square mile per year is equal to between 0.05 and 0.8 
times the number of thunderstorm-days per year (Refs. 7.3, 
7.4, 7.5). For example, if you live in a region of the U.S. with 
40 thunderstorm-days per year, you can expect between 2 
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The number of days per year on which thunder is heard at various locations in the U.S.A. 


Adapted from “Mean Number of Thunderstorm Days in the United States”, Technical Paper No. 19, 


Climatological Services Division, Weather Bureau, September 1952. 


Fig. 7.1. 
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and 30 strikes per year in a square mile area surrounding your 
home. A lightning strike within a square mile area produces 
thunder which is heard less than about 3 seconds after the 
flash (see Chapter 12). You might try to determine for 
yourself the number of thunderstorm-days and strikes per 
square mile occurring in your area each year. 

As is evident from Figs. 7.1 and 7.2, some parts of the 
world have a great deal of lightning while others have 
essentially no lightning. The degree of thunderstorm activity 
in a particular geographical area depends on its prevailing 
meteorological conditions. 

Thunderstorms can usually be classified as (1) local or 
convective, or (2) organized traveling. Local thunderstorms 
form independently of one another and have lifetimes of an 
hour or two. They produce moderate lightning activity, 
moderate winds, rain, and sometimes small hail. Most 
lightning research has been concerned with lightning pro- 
duced by local thunderstorms because they are relatively easy 
to study. A local thunderstorm is shown in Fig. 7.3. 
Organized thunderstorms are violent storms. They may last 
for many hours producing severe lightning activity, hail over 
an inch in diameter, winds exceeding 60 mph, and sometimes 
tornadoes. Such storms are often associated with cold fronts. 
They may line up along fronts for distances of tens or even 
hundreds of miles and travel along with the fronts. 

What conditions lead to the formation of thunderstorms, 
and how are those thunderstorms formed?” Consider the local 
or convective thunderstorm. The conditions necessary for the 
formation of a local thunderstorm are: (1) the air from 
ground level to many thousands of feet must be moist, (2) 
the atmosphere must be “unstable” (defined in the next 
paragraph), and (3) the sun must heat the ground and the air 
near the ground. In an unstable atmosphere, hot, wet air near 
the ground will rise to heights where the temperature is 
below freezing, eventually forming a thundercloud. Let's 
look now at what is meant by an unstable atmosphere. 
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If a volume or parcel of air is to rise in the atmosphere, it 
must be lighter than the air which surrounds it. Hot air 
balloons rise because hot air is less dense (lighter) than 
normal air. (Helium filled balioons rise because helium is less 
dense than air.) For a parcel of warm air to continue rising, it 
must always be at a higher temperature than the surrounding 
air. Temperature decreases with altitude in the atmosphere, 
so that the warm air parcel from the ground might be 
expected to rise continuously. This is not necessarily the 
case, however, since as the parcel rises it encounters 
decreasing air pressure. As a result, the parcel expands, and 
the act of expansion causes the parcel to cool. If the water 
vapor in the air parcel does not condense, then the cooling 
rate as the parcel rises will be about 5.5°F per 1000 ft. The 
air temperature must decrease faster than this if the parcel is 
to keep moving upward. The air temperature does not often 
decrease this rapidly much above the earth’s surface. For- 
tunately for the thunderstorm, if the air parcel is moist, 


Fig. 7.3. A local or convective thunderstorm at Socorro, New Mexico. 
q Marx Brook, New Mexico Institute of Mines and Tech- 
ology 
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water vapor will condense as the parcel rises, and the process 
of condensation releases heat into the parcel. A moist parcel 
of air will cool at about 3.3°F per 1000 ft of ascent. If the 
atmospheric temperature decreases faster than 3.3%F per 
1000 ft, the atmosphere is said to be “‘unstable’’. The parcel 
will continue to rise. 

There are three stages in the life of a local or convective 
thundercloud: cumulus, mature, and dissipating. The cu- 
mulus stage begins when small, fluffy white, cumulus clouds 
form from rising air parcels. In time, many cumulus clouds 
combine to form a larger cloud, a cumulus congestus, perhaps 
a mile in diameter, with a well-defined top which rises at 
1000 to 2000 ft per minute. The primary characteristic of 
the cumulus stage is that air motion throughout the cloud is 
upward. The cumulus stage lasts 10 to 15 minutes. As the 
cumulus congestus cloud grows, water drops and ice form 
within the cloud. Eventually the rain, hail, and snow within 
the cloud become sufficiently heavy that they can no longer 
be moved upward by the prevailing updrafts. 

The formation of heavy precipitation signals the beginning 
of the mature stage. Precipitation begins to fall, dragging air 
downward with it. The cloud, now a cumulonimbus, contains 
both updrafts and downdrafts, and rain from the cloud 
reaches the ground. The top of a mature thundercloud may 
extend to 60,000 ft. It flattens out and assumes a charac- 
teristic anvil shape on reaching the stratosphere, the region of 
the atmosphere in which temperature is constant or increases 
with height. The mature stage of the storm lasts 15 to 30 
minutes and is accompanied by considerable lightning ac- 
tivity. Finally the storm enters its dissipating stage. The 
violent updrafts and downdrafts decrease, and precipitation is 
less intense. The water droplets in the cloud evaporate, and 
the remainder of the cloud is blown away. The dissipating 
stage lasts about 30 minutes. The total lifetime of the 
convective thundercloud is roughly an hour. 
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A single convective thundercloud is technically referred to 
as a cell. Before one thundercloud cell has dissipated others 
may form. If the various cells form in close proximity, it may 
be impossible to distinguish between them from the ground. 
The result is a total storm of relatively long time duration 
and with relatively constant lightning activity — actually the 
combined result of the life cycles of many cells. An average 
local thunderstorm incorporates perhaps three thundercloud 
cells. Each is electrically active for about 15 to 30 minutes 
(during its mature stage) and, if the electrically active periods 
of the three cells do not overlap much, the storm produces 
appreciable lightning for about an hour and has a total 
duration of about two hours. 

We look now at the traveling organized thunderstorms 
which produce severe weather. Typically, lines of severe 
thunderstorms are formed near the boundary of a moving 
cold front and stationary warm moist air. The cold front, a 
large mass of cold air, pushes beneath the warm moist air and 
forces it to rise. The rising air creates thunderstorms along 
the front. For the forming thunderstorms to become severe, 
the meteorological conditions must usually differ somewhat 
from those during the formation of local thunderstorms. 
Prior to the formation of severe thunderstorms there is often 
a warm dry layer of air aloft (and a region in which 
temperature increases with height) which tends to hold down 
the warm moist air near the earth's surface. The air near the 
ground becomes progressively warmer and more humid. 
When the cold front causes the warm air to rise, the ability of 
the dry air to hold down the wet is destroyed and 
thunderclouds are violently formed. It should be pointed out 
that sometimes severe thunderstorms occur under conditions 
that would normally lead to the generation of only local 
thunderstorms. There is some argument as to whether severe 
thunderstorms are composed of many individual cells each 
similar to a convective thundercloud cell or whether the 
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structure of a severe storm is basically different. It appears 
now that some severe storms are composed of many 
individual cells each with a fairly well-defined life cycle while 
other severe storms do not fit this pattern at all. 

One of the primary characteristics of the organized storms 
is that they can propagate themselves. There are several views 
of how the propagation process takes place. Common to 
most theories is the idea that cold air brought to ground by 
downdrafts through a given thundercloud spreads outward 
and forces warm moist air adjacent to that thundercloud 
upward generating a new thundercloud. It appears also that 
in order for severe storms to propagate effectively over long 
distances it is usually necessary for the winds aloft to be 
relatively strong and to increase with height. An excellent 
non-technical description of what is known about traveling 
thunderstorms, as well as what is known about local 
thunderstorms, is given in the paperback book The Thunder- 
storm written by L. J. Battan of the University of Arizona 
(see References). 
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Does Cloud Lightning Differ From 
Cloud-to-Ground Lightning? Which Is More Common ? 


Does Lightning Occur Only In Thunderstorms ? 


There are two principal types of lightning discharges — 
flashes which occur between the thundercloud and the earth 
(cloud-to-ground discharges) and flashes within the thunder- 
cloud (intracloud discharges). Other types of discharges such 
as cloud-to-cloud lightning and cloud-to-air lightning also 
occur but not very frequently. It is a widespread miscon- 
ception that cloud-to-cloud lightning is common. 

Although the thundercloud is the most common source of 
lightning, it is not the only one. Lightning occurs in 
snowstorms, in sandstorms, in non-thunderstorm rain and ice 
(see Chapter 4), in the ejected material above erupting 
volcanoes (Ref. 8.1; Fig. 8.1), near the fireballs created by 
nuclear explosions (Fig. 8.2), and apparently even out of the 
clear blue sky (giving rise to the expression “a bolt from the 
blue”). For lightning to occur, a region of the atmosphere 
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must attain an electrical charge sufficiently large to cause 
electrical breakdown of the air. Some charging almost always 
occurs when any particulate matter (for example, dust or 
sand) is subjected to strong winds. (An obvious parallel to the 
frictional charging discussed in Chapter |.) Within a typical 
thundercloud a turmoil of wind, water, and ice exists in the 
presence of a temperature which decreases with height. Small 
particles are carried upward by the wind; large particles move 
downward under the dominant influence of gravity. The 
various ascending and descending particles exhibit different 
velocities depending on their size. Particles that move at 
different velocities collide with one another, and out of these 
interactions, in ways not yet fully understood, emerge light, 


Fig. 8.1. Lightning in the volcano cloud over Surtsey, near Iceland, in 
December 1963. Volcanic eruptions were observed on November 14 
1263 off the southern coast of Iceland in water about 130 yards deep. 
Within 10 days an island over half a mile long and about 100 yards 
above sea level was formed. The island was named Surtsey by the 
Icelandic Government. (Courtesy, Sigurgeir Jónasson. Icelandai 
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positively-charged particles which move upward and heavy, 
negatively-charged particles which move downward. 

The probable distribution of cloud charge for a typical 
South African thundercloud cell is shown in Fig. 8.3 (Ref. 
8.2). The upper part of the thundercloud carries a pre- 
ponderance of positive (+) charge while the lower part carries 
a net negative (—) charge. The primary region of positive 
charge is referred to as the P-region, the primary region of 


Fig. 8.2. Five lightning flashes induced by an experimental thermo- 
nuclear device exploded on October 31, 1952, at Eniwetok in the 
Pacific. Photograph is frame number 72 (detonation occurs in frame 1) 
of a 2000 frame-per-second movie taken from 20 miles away. The five 
flashes were initiated immediately after detonation probably from 
instrument bunkers projecting above sea level and propagated upward 
similar to typical flashes from tall buildings (see Chapter 6). All flashes 
lasted almost one-tenth of a second and apparently none contained 
subsequent strokes. The tops of the lightning channels bend towards 
the fireball. Fleecy cumulus clouds are visible with bases at 2000 ft. 
The clouds were not lightning producers. (Courtesy, U.S. Atomic 
Energy Commission) 
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Fig. 7-44. Details of the magnetic mount. 


while the epoxy sets to minimize leakage. Nineteen inches of piano 
wire or clothes-hanger wire soldered to the plug completes the 
antenna. 

On-the-air tests have been excellent, and the magnet mount 
stays put under all road and wind conditions. And, even better, 
when you get out of the car, it's very easy to hide the antenna. 


MAGNET MOUNT ANTENNA FOR TWO-METERS 

Here is a truly versatile magnetic mount two meter antenna 
that is easy to build. The heart of this antenna is the magnet, which 
must be able to retain its grip at high driving speeds and when low 
hanging branches hit the antenna. After some searching in my 
basement for a suitable magnet, 1 found a burned-out twelve inch 
loudspeaker. The speaker had originally been used in a rock and 
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negative charge the N-region. Recent research indicates that 
the N-region is not necessarily the vertical pillar of negative 
charge shown in Fig. 8.3, but rather may be a pillar which 
leans at an appreciable angle from the vertical (Ref. 8.3). In 
addition to the main cloud charges (P and N), there may be a 
small pocket of positive charge at the base of the thunder- 
cloud (the p-region). Exact values of the charges in the P-, N-, 
and p-regions are still a matter of controversy. Malan (Ref. 
8.2) suggests P = +40 coulombs, N = -40 coulombs, p = +10 
coulombs. (One coulomb is the amount of charge which is 
moved past a given cross-section of a wire when a current of 
l amp flows for 1 second.) Whatever the exact numbers, the 
charge in the cloud must be more than the charge which 
flows in the lightning channel since it is the cloud which 
provides the charge for the channel. A typical lightning flash 
to ground generally lowers about 25 coulombs of negative 
charge from the N-region of the cloud to ground. Occa- 
sionally discharges occur from the P-region or the p-region to 
ground. 

The typical cloud-to-ground discharge takes place between 
the N-region of the cloud and the ground, a distance of 
roughly two miles. Often the cloud-to-ground lightning path 
occurs in clear (rain-free) air. The cloud-to-ground lightning 
flash is, as noted in Chapter 5, composed of a number of 
discrete strokes, the total time duration of the flash being a 
few tenths of a second. The typical intracloud discharge takes 
place between the P- and the N-regions of the cloud, over a 
distance of a mile or two. The discharge path is through ice 
and supercooled water (water below 32%F which is not 
frozen) since most of a typical thundercloud is at a 
temperature below the freezing level. While the total time 
duration, charge transfer, and length of an intracloud 
discharge are similar to that of a cloud-to-ground discharge, 
the discharge processes differ. This is so because of the 
different environments in which the two discharges occur and 
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because the cloud-to-ground discharge terminates on a 
conductor (the earth) while the intracloud discharge does 
not. Instead of being composed of a number of discrete 
current and light pulses (strokes), the typical intracloud 
discharge is fundamentally composed of a single slowly- 
moving spark or leader which bridges the gap between the N- 
and P-regions in a few tenths of a second. There is 
controversy as to whether the leader moves up from the 
N-region and carries negative charge or moves down from the 
P-region and carries positive charge. Each may in fact occur 
on different occasions. A low and continuous luminosity is 


Height, miles 
Free Air Temperature, °F 


Fig. 8.3. Probable distribution of thundercloud charge according to D. 
J. Malan (Ref. 8.2). 
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observed in the cloud during the leader propagation. Super- 
imposed on the continuous luminosity are a number of 
luminous pulses each lasting about a thousandth of a second. 
It is thought that these pulses, called K-changes, occur when 
the propagating leader contacts a pocket of charge opposite 
in polarity to that of the leader. Much more is known about 
cloud-to-ground discharges than about intracloud discharges: 
it is impossible to photograph adequately the intracloud dis- 
charge channel since it is obscured by the cloud. 

The base of the N-region of a thundercloud is generally 
situated at the height at which freezing occurs (32°F). The 
closer the N-region is to ground, the more likely is a 
cloud-to-ground discharge. Cloud bases are relatively high at 
the equator where the air near the ground is warm. The 
height of the cloud base decreases with increasing latitude 
(north or south) since the air temperature near ground is 
cooler at higher latitudes. We would expect, therefore, that 
the number of intracloud discharges relative to the number of 
cloud-to-ground discharges would be higher at the equator 
than near the north or south pole. This is indeed the case. 
Tropical thunderstorms produce roughly 10 intracloud dis- 
charges for each cloud-to-ground discharge. In Norway 
(latitude 60°; see Fig. 7.2) there are about the same number 
of intracloud discharges as cloud-to-ground discharges. In the 
United States there are perhaps five intracloud discharges for 
every cloud-to-ground discharge. All the above numbers are, 
of course, for typical or average storms. There is a wide 
variation in the types of lightning produced by individual 
storms even at a given geographical location. 


mine 


Does A Stroke Between Cloud And Ground 
Travel Upwards or Downwards ? 


The answer to the question “Does lightning between cloud 
and ground go upwards or downwards?” is that, in a sense, it 
does both. The usual lightning flash between cloud and 
ground (excluding the discharges initiated by tall structures 
discussed in Chapter 6) begins with a visually-undetected 
downward-moving traveling spark called the stepped leader 
(see Chapters 2 and 6). Since the lightning flash begins with a 
downward-moving discharge, lightning moves from the cloud 
to the ground. On the other hand, when the stepped leader 
reaches ground (or is contacted by an upward-moving 
discharge some tens of yards above the ground) the leader 
channel first becomes highly luminous at the ground and 
then at higher and higher altitudes. The bright, visible 
channel, or so-called return stroke, is formed from the 
ground up, and one could say, therefore, that visible lightning 
moves from the ground to the cloud. 
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It is thought by most lightning researchers that the usual 
cloud-to-ground discharge begins as a local discharge between 
the p-charge region in the cloud base and the N-charge region 
above it (Fig. 9.1, see also Fig. 8.3). This discharge frees 
electrons in the N-region previously immobilized by attach- 
ment to water or ice particles. (Electrons are fundamental 
particles which carry the smallest known unit of negative 
electrical charge.) Because of their small mass, free electrons 
are extremely mobile compared to air atoms or to charged ice 
or water particles. The free electrons overrun the p-region, 
neutralizing its small positive charge, and then continue their 
trip toward ground. The vehicle for moving the negative 
charge to earth is the stepped leader. 

Exactly how the stepped leader works is not understood. 
What is known is that it moves from cloud to ground in rapid 
luminous steps about 50 yards long. In Figs. 9.1 and 9.2 the 
luminous steps appear as darkened tips on the less-luminous 
leader channel which extends upward into the cloud. Each 
leader step occurs in less than a millionth of a second. The 
time between steps is about 50 millionths of a second. 
Negative charge is continuously lowered from the N-region of 
the cloud into the leader channel. The average velocity of the 
stepped leader during its trip toward ground is about 75 miles 


Fig. 9.1. Stepped leader initiation and propagation. (a) Cloud charge 
ee just prior to p-N discharge. (by p-N discharge. (c)-(f) 
tepped leader moving toward ground in 50-yard steps. Time between 


steps is about 50 millionths of a second. Scale of drawing is distorted for 
illustrative purposes, 
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per second with the result that the trip between cloud and 
ground takes about 20 thousandths of a second. A typical 
stepped leader has about 5 coulombs of negative charge 
distributed over its length when it is near ground. To 
establish this charge on the leader channel an average current 
of about 100 or 200 amperes must flow during the whole 
leader process. The pulsed currents which flow at the time of 
the leader steps probably have a peak current of about 1000 
amperes. The luminous diameter of the stepped leader has 
been measured photographically to be between 1 and 10 
yards. It is thought that most of the stepped-leader current 
flows down a narrow conducting core less than an inch in 
diameter at the center of the observed leader. The large 
photographed diameter is probably due to a luminous 
electrical corona surrounding the conducting core. 

When the stepped leader is near ground, its relatively large 
negative charge induces large amounts of positive charge on 
the earth beneath it and especially on objects projecting 
above the earth’s surface (Fig. 9.2). Since opposite charges 
attract each other, the large positive charge attempts to join 
the large negative charge, and in doing so initiates upward- 
going discharges (Figs. 2.1 and 9.2). One of these upward- 


Fig. 9.2. Return stroke initiation and propagation. (a) Final stages of 
stepped leader descent. (b) Initiation of upward-moving discharges to 
meet downward-moving leader. (c)-(e) Return stroke propagation from 
ground to cloud. Return stroke propagation time is about 100 
millionths of a second; propagation is continuous. Scale of drawing is 
distorted. 
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going discharges contacts the downward-moving leader and 
thereby determines the lightning strike-point. When the 
leader is attached to ground, negative charges at the bottom 
of the channel move violently to ground, causing large 
currents to flow at ground and causing the channel near 
ground to become very luminous. Since electrical signals (or 
any signals, for that matter) have a maximum speed of 
186,000 miles per second — the speed of light — the leader 
channel above ground has no way of knowing for a short 
time that the leader bottom has touched ground and has 
become highly luminous. The channel luminosity, the return 
stroke, propagates continuously up the channel and out the 
channel branches at a velocity somewhere between 20,000 
and 60,000 miles per second, as shown in Fig. 9.2. The trip 
between ground and cloud takes about 100 millionths of a 
second. As the return stroke luminosity moves upward so 
also does the region of high current. When the leader initially 
touches ground, copious numbers of electrons flow to ground 
from the channel base. As the return stroke moves upward, 
large numbers of electrons flow at greater and greater heights. 
Electrons at all points in the channel always move downward 
even though the region of high current and high luminosity 
moves upward. Eventually, in some thousandths of a second, 
the coulombs of charge which were on the leader channel 
have all flowed into the ground. The current at ground 
associated with this charge transfer is shown in Fig. 5.7. Since 
the return stroke channel is a good conductor and is tied to 
the ground, it will become positively charged like the ground 
in response to the negative charge in the lower part of the 
cloud. 

It is the return stroke that produces the bright channel of 
high temperature (Chapter 11) that we see. The eye is not 
fast enough to resolve the propagation of the return stroke 
and it seems as if all points on the channel become bright 
simultaneously. The reason we do not visually detect the 
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stepped leader preceding a first return stroke is because the 
eye cannot resolve the time between when the weakly 
luminous leader is formed and the bright return stroke 
illuminates the leader channel. The return stroke produces 
most of the thunder we hear (see Chapter 12). 

After the stroke current has ceased to flow, the lightning 
flash may be ended, in which case the discharge is called a 
single-stroke flash. As noted in Chapter 5, most flashes 
contain three or four strokes, typically separated by gaps of 
40 or 50 thousandths of a second. Strokes subsequent to the 
first are initiated only if additional charge is made available 
to the top of the previous stroke channel less than about 100 
thousandths of a second after current has stopped flowing in 
the previous stroke. Additional charge can be made available 
to the channel top by the action of electrical discharges (so 
called K-streamers and J-streamers) which move upward from 
the top of the previous return stroke into higher areas of the 
N-charge region of the cloud (Fig. 9.3). When this additional 
charge is available, a continuous (as opposed to stepped) 
leader, known as a dart leader, moves down the defunct 
return stroke channel again depositing negative charge from 
the N-region along the channel length. The dart leader thus 
sets the stage for the second (or any subsequent) return 
stroke. The dart leader’s earthward trip (Fig. 9.4) takes a few 
thousandths of a second. Because it occurs so close in time to 
the return stroke, it is not seen by the eye. To special 
cameras it appears as a luminous section of channel about 50 
yards long which travels smoothly earthward at about 1000 
miles per second. The dart leader generally deposits some- 
what less charge along its path than does the stepped leader, 
with the result that subsequent return strokes generally lower 
less charge to ground and have smaller currents (Fig. 5.7) 
than first strokes. 

The first stroke in a flash is usually strongly branched 
downward because the stepped leader is strongly branched 
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(Figs. 9.1 and 9.2). Dart leaders generally follow only the 
main channel of the previous stroke and hence subsequent 
strokes show little branching (Fig. 9.4). 

The time between strokes which follow the same path can 
be tenths of a second if a continuing current (Chapter 5) 
flows in the channel between strokes. Apparently, the 
channel is ripe for a dart leader only after the continuing 
current has terminated. 

A typical cloud-to-ground discharge lowers about 25 
coulombs of negative charge from the N-region of the cloud 
to the earth. This charge is transferred in a few tenths of a 
second by the three or four component strokes and any 
continuing current which may flow. While the leader-return 
stroke process transfers charge to ground in two steps (charge 
is put on the leader channel and then is discharged to 
ground), the continuing current represents a relatively steady 
charge flow between the N-region and ground. 


Fig. 9.3. K-streamers and J-streamers j j 
. making more negative charge 
available to the channel top during the 50 thousandths of a second rá 


so following the cessation of c i i 
; urrent flow in the first ret 
Scale of drawing is distorted EE 
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Fig. 9.4. Dart leader and subsequent return stroke. (a)-(c) Dart leader 
deposits negative charge on defunct first-stroke channel during its 
thousandth-of-a-second trip to ground. (d)-(e) Subsequent return stroke 
propagates from ground to cloud in about 100 millionths of a second. 
Scale of drawing is distorted. 


Thus far in this chapter we have discussed the usual 
stepped leader which lowers negative charge between the 
cloud and the earth. Occasionally downward-moving stepped 
leaders are observed that lower positive charge. Currents due 
to the resulting “positive”” return strokes have been measured 
directly during discharges to instrumented towers. Positive 
strokes are characterized by rates-of-rise of current at the 
ground roughly five times slower than those for typical 
negative strokes, and by charge transfers roughly three times 
greater than those of typical negative strokes. The maximum 
measured charge transfer due to a positive stroke is 300 
coulombs. Positive strokes are probably initiated between the 
P-charge region of the cloud and ground when strong winds 
blow the cloud such that the P-region is brought relatively 
close to a mountain side or to the earth’s surface. Positive 
discharges rarely consist of more than one stroke. 
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How Long And How Wide Is The Lightning 
Channel ? 


Why Is Lightning Zig-Zag ? 


How Can I Best Photograph Lightning ? 


Let's begin with “how long”. Channels longer than 90 miles 
have been observed (Ref. 10.1). On the other hand, sparks of 
a few yards length have been seen in and around clouds, and 
probably even shorter “lightning” exists. 

There are basically four ways of determining channel 
length. (1) The most straightforward way is by photo- 
graphing lightning and then determining its length from the 
photograph. Since channels inside clouds cannot be photo- 
graphed, the value of this technique for determining channel 
length is somewhat restricted. (2) Radar has been used to 
measure channel length. A radar set sends out electro- 
magnetic pulses which are reflected back by certain objects 
(e.g., metallic airplanes). Since the pulses travel at 186,000 
miles per second, measuring the elapsed time between the 
emission of a pulse and the reception of its reflection enables 
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the distance to the reflector to be measured. An actual radar 
set has a TV-like screen on which appears images of the 
reflecting objects. A lightning channel is a good conductor 
and hence reflects radar pulses much as an airplane does. 
Radar wavelengths can be chosen to minimize reflection of 
radar pulses by the ice and water in clouds so that a good 
image of the lightning channel can be obtained on the radar 
screen. (3) Channel lengths can be determined from the 
duration of thunder. The minimum possible channel length 
associated with a thunder duration of T seconds is roughly 
T/5 miles (see Chapter 12). For example, if thunder lasts 20 
seconds, the channel producing it has a length of about 4 
miles or more. (4) Finally, there are a number of ways of 
determining lightning channel height within a cloud from 
electrical measurements made on the ground (Ref. 10.2). 
Charge motion in the lightning channel or in the cloud will 
induce voltages and currents in ground-based instruments 
enabling properties of the channel and cloud charge to be 
determined. For example, the vertical height of the J- 
streamers and K-streamers occurring in the cloud between 
strokes (Fig. 9.3) can be determined from electrical measure- 
ments made at ground. 

Now that we know how channel lengths are measured, let's 
look at the results of the measurements. The average vertical 
stroke height is about 3 to 4 miles. The maximum vertical 
extent of the usual stroke to ground is the top of the 
N-charge region, a height of 6 miles or more. Each stroke in a 
multiple-stroke flash averages about a third of a mile longer 
than the preceding one. This is the case because. in order to 
obtain negative charge for a new stroke, J-streamers and 
K-streamers tap new areas of the N-charge region of the cloud 
(Figs. 8.3 and 9.3) during the time between strokes, and 
these tapped regions become part of the new stroke. The 
horizontal component of the lightning channel within a cloud 
or through several clouds may be larger than the vertical 
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component. Horizontal sections of 5 to 10 miles within 
clouds are not uncommon. Radar studies have shown 
horizontal channels longer than 90 miles (Ref. 10.1). Long 
horizontal channels must feed on the charge of many 
thundercloud cells. In addition to cloud-to-ground discharges 
with long horizontal in-cloud components or similar long 
intracloud or cloud-to-cloud discharges which do not reach 
ground, long lightning discharges have occasionally been 
observed to occur from the tops of thunderclouds upward 
(Ref. 10.2). These vertical air discharges may be tens of miles 
in length. 

When we speak of the length of lightning, we normally 
picture long sections of the channel as being fairly straight. 
Photographs show, however, that the channel is very tortuous 
on almost any scale. There are zigs and zags 100 yards long 
and, within these, other zigs and zags 10 yards long, and 
within these yet smaller zigs and zags (Refs. 10.3, 10.4, 
10.5). Very detailed photographs have shown lightning 
channels that twist and bend on a distance scale measured in 
inches (Ref. 10.5). Figure 10.1 shows a section of a lightning 
channel with a height of about 1000 yards; Fig. 10.2 shows 
about 200 yards of channel; Fig. 10.3 about 10 yards. If we 
could grab a long section of the channel and pull on both 
ends to straighten it out, the channel section might well be 
two or more times longer than we initially thought. 

Lightning diameter measurements have been made in two 
ways: (1) by examining the interaction between lightning and 
objects and (2) from photographs. Photographic measure- 
ments of lightning almost always overestimate the luminous 
diameter of the channel: the bright channel overexposes the 
film making the recorded image broader than it should be. It 
is extremely difficult to expose a lightning channel photo- 
graph properly. The best channel diameter photographs (Ref. 
10.5) yield diameters of between about 2 and 7 in., and these 
values are probably overestimates. Lightning photography is 
discussed again at the end of this chapter. 
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When lightning hits an object such as a tree or a rock, it 
leaves visible damage. In many cases the damage can be 
related to channel diameter. Taylor (Ref. 10.6; see also 
Chapter 5) found that the lightning-caused furrows that spiral 
along tree trunks are between about 0.6 and 5.0 in. wide. The 
lightning diameter, therefore, must be roughly this size or 
smaller. If it were much bigger, it is hard to see how it could 
create the furrows. 

When lightning strikes sand or certain kinds of rocks, the 
channel heat melts the material along its path. When the 
melted material solidifies, the resulting fulgurite (from the 
Latin fulgur, meaning lightning) represents a permanent 
record of the lightning diameter and path. Fulgurites in dry 


Fig. 10.1. About 1000 vertical yards of lightning channel near Tucson, 
Arizona (Ref. 10.4). Note the large scale channel tortuosity. (Courtesy, 
H. B. Garrett and A. A. Few, Rice University) 


Fig. 10.2. Bottom portion of the split channel shown in Figure 10.1 
(Ref. 10.4). Vertical height shown is about 200 yards. Tortuosity ona 
scale smaller than 10 yards is evident. (Courtesy, Leon E. Salanave, 
University of Arizona) 
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sand are generally long hollow tubes with corrugated glassy 
walls. An artificial fulgurite produced by an electrical 
discharge in the laboratory is shown in Fig. 10.4. Fulgurites 
have been traced downwards into sand as much as 20 yards. 
Diameters are usually 0.5 to 2 in. From the corrugated 
appearance of fulgurite walls, it is probable that the initial 
diameter collapses somewhat on cooling. “Fossil” fulgurites 
250 million years old have been discovered (Ref. 10.7). The 


Fig. 10.3. One frame from a high-speed movie 


F | of lightning striking a 
IV tower near Tucson, Arizona (Ref. 10.5). About 10 yards of channel 
are shown and tortuosity on an inch scale is evident. (Courtesy, W. H. 


Evans, University of Arizona, and R. L. 


e Walker i iQ i f ; » . 
Cape Canaveral) , University of Florida, 
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Fig. 10.4. Artificial fulgurites produced by P. L. Bellaschi, Westing- 
house Electric Corporation, by allowing an electrical discharge to pass 
through quartz sand. The hollow tubes of solidified sand are close 
replicas of natural fulgurites. 


roll guitar amplifier and had a large 2% lb. ceramic magnet. Such a 
speaker could be picked up gratis from any musical repair shop. 


Assembling The Antenna 

Before handling the magnet, remove your watch. Treat the 
magnet gently, since the ceramic is brittle like glass. Carefully 
remove the magnet assembly from the loudspeaker frame with a 
small cold chisel. Now remove the metal pole pieces that sandwich 
the magnet. These are usually lightly glued to the magnet and can 
be removed with the aid of a rubber hammer. The large pole piece 
is turned over and glued to the top of the magnet with epoxy (see 
Fig. 7-45). 

On the top of the magnet assembly, a loading coil is placed. I 
used an old high voltage insulator, but almost any insulating mate- 
rial such as phenolic, plastic rod or pipe will do. If copper pipe caps 
are epoxied to each end, this would form a suitable coil form. 
Another excellent coil form would be a large blown-out cartridge 
fuse which your local power company may be able to provide. The 
dimensions used are not too critical and can be anything from % to 


Fig. 7-45. Close-up view of base and loading coil. 
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fulgurite diameter probably does not differ much from the 
lightning diameter. 

The author has measured lightning diameters by allowing 
lightning to pass through Fiberglas screens on the way to 
lightning rods and then measuring the size of the holes 
melted in the screen by the lightning (Ref. 10.8). The screens 
covered rods on the tops of towers near Tucson, Arizona and 
near Lugano, Switzerland. About 50 holes were obtained. 
Figure 10.5 shows typical lightning holes. Diameters were 
usually about an inch or smaller and sometimes were as small 
as a sixteenth of an inch. Hole diameters represent the width 
over which the lightning channel is hot enough for sufficient 
time to melt or vaporize the screen. 

When lightning strikes an electrical conductor such as a 
lightning rod or an airplane wing, it often leaves a spot 


Fig. 10.5. Holes melted in two Fiberglas screens by lightning. At least 


four strokes passed through the screen on the lef 
e left. One st 
through the screen on the right. Pome paspo 
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(sometimes a raised lump, sometimes a depression) about an 
eighth of an inch wide. Examples of such spots on three 
copper disks are shown in Fig. 10.6. The size of a lightning 
spot is roughly the diameter of the lightning channel when it 
enters the conductor. At the contact point the lightning 
current must flow through a mixture of metal vapor and air, 
with the result that its diameter is smaller than in the 
metal-free air away from the conductor. Thus, spot sizes on 
conductors provide a lower diameter limit. It should be noted 
that a large lightning current flowing for a relatively long 
time may do considerably more damage to a conductor than 
just a spot. A hole may be burned (Figs. 4.1-4.3) or the 
conductor may be totally melted or vaporized. 

Based on all the available evidence, the lightning channel 
diameter is of the order of an inch. However, for two reasons 
there is some ambiguity concerning what is meant by 
lightning diameter. First, there is no definite boundary 
between the stroke and the air surrounding the stroke; 
second, the diameter must change with time in response to 
the changing current. 


Fig. 10.6. Spots produced by lightning strikes to three copper disks 
which were placed on top of TV towers near Tucson, Arizona, The 
center disk was apparently hit by three lightning strokes, one of which 
raised a one-eighth inch lump. The disk on the right exhibits a copper 
lump apparently formed as the lightning channel moved back and forth 
across the disk. 
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Why is the lightning channel so tortuous? The answer is 
not known, but some reasonable guesses may be made. The 
larger-scale tortuosity in the channel (representing, say, tens 
of yards or more) is due to the fact that the stepped leader 
makes such an errant trip to ground. Why does it do this? 
Possibly various airborne regions of charge (space charge, see 
Chapter 6) divert the leader on its trip. More likely, the 
leader just doesn’t know exactly where it wants to go, except 
that ultimately it wants to move downward. The smaller- 
scale tortuosity in the channel may be formed when the 
leader steps are formed, or may be formed by action of the 
magnetic forces associated with the return stroke current. As 
is probably becoming more and more apparent with each 
succeeding chapter in this book, there is an awful lot we still 
don’t know about lightning. 

Since we have discussed in this chapter the use of 
photography as a scientific tool to determine lightning 
channel parameters, it is appropriate to say a few words 
about how to take lightning photographs. There are basically 
two ways to photograph lightning using ordinary cameras 
with no special attachments: (1) by time exposure until the 
lightning occurs and is over, and (2) by snapping the camera 
shutter (set at 1/30 sec or slower) when the lightning is first 
seen. 

(1) The camera is put on a tripod or other firm base, 
pointed in the direction of the storm, and the shutter is left 
open (time exposure) until lightning occurs in the field of 
view. Of course, it must be nighttime, otherwise the film will 
be immediately fogged. The length of time the shutter can 
remain open without appreciable fogging of the film depends 
on the ambient light level. Away from city lights with a film 
speed of ASA-100 (roughly the speed of Kodak Plus-X black 
and white film or Kodacolor-X color film) and an aperture 
opening of f/11, several minutes are possible. Camera focus 
should be set at infinity. Since there are several lightning 
strokes to ground during each minute of the electrically 
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active period of a storm (Chapter 7), it is not difficult to 
obtain photographs. (2) If the lightning flash to be photo- 
graphed consists of only one stroke, your reflexes will not be 
fast enough to fire the shutter in time to record the flash. 
However, if it is a multiple-stroke flash, as most flashes are, 
you will record a subsequent stroke or strokes Since 
subsequent strokes occur at intervals of 114371220200 
second, a shutter speed of 1/30 second or Slower is Hecessary 
to avoid taking a picture of what goes on between strokes. 
Since subsequent strokes are generally unbranched (Chapter 
9), the photographed lightning will be unbranched and will 
look somewhat peculiar. Again, for a film speed of ASA-100 
try an aperture of f/11 with the focus set at infinity. 

The two basic techniques for photographing lightning can 
be improved by using special equipment with ordinary 
cameras. (1) Time exposures of lightning in daylight are 
possible if the proper filter is used (Refs. 10.9, 10.10). Light 
from the sun is weak at a wavelength of 6563A* (in the red) 
because hydrogen in the sun’s outer layers absorbs that 
wavelength, the so-called Hy line. Hydrogen is present in the 
lightning channel due to the high-temperature break-up of 
water vapor (H,Q). Since hydrogen in the lightning channel 
radiates at 6563 A (Hq) (see Chapter 11), it follows that an 
Hq filter that passes only light near this wavelength both 
allows the channel to be photographed and prevents rapid 
film fogging by daylight. For maximum effectiveness, the 
film used should have good red sensitivity. Kodak Linagraph 
Shellburst is perhaps the best for the purpose. In cloudy 
weather at f/11, a daytime exposure of several minutes 
should be possible without excessive film fogging. A 2x2 in. 
Hq filter with a bandwidth of about 40 A costs about $200. 
(2) Triggering the camera shutter can be accomplished with 
instruments that respond to the electrical signals generated in 


*One A (Angstrom) equals one ten-billionth of a centimeter. There are 
2.54 centimeters to the inch. 
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the cloud or by the stepped leader prior to the first return 
stroke (Refs. 10.11, 10.12). In this way the first stroke can 
be photographed. Essentially, the shutter is tripped by a 
solenoid coupled to a radio antenna and appropriate 
electronics. 
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Chapter 
eleven 


How Hot Is Lightning ? 


The lightning return stroke is more than four times hotter 
than the surface of the sun. The peak temperature of 
lightning is greater than 50,000°F. The surface of the sun has 
a temperature of about 11,000°F. 

Exactly how hot the lightning return stroke channel gets is 
not known. The best peak temperature measurements made 
to date represent the average temperature existing during a 
time interval of a few millionths of a second. For time 
varying systems, average values are necessarily less than peak 
values. For example, the lightning temperature could be very 
high for a few billionths of a second and relatively low for 
the remainder of the millionths-of-a-second measuring time 
interval. The resultant average temperature would then be 
close to the low value. Lightning temperature has been 
determined by examining the characteristics of the light 
emitted by the channel. 
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The lightning channel is composed of very hot air. Air at 
room temperature is made up primarily of nitrogen and 
oxygen molecules. A nitrogen molecule consists of two 
joined nitrogen atoms; an oxygen molecule of two joined 
oxygen atoms. The nitrogen atom has a core or nucleus 
containing seven positively-charged particles (protons) and 
seven uncharged particles (neutrons). Orbiting the nucleus at 
relatively large radii are seven negatively-charged electrons. 
(The electrons circle the nucleus much as the earth and other 
planets circle the sun.) The oxygen atom consists of eight 
protons, eight neutrons, and eight electrons. As the tempera- 
ture of air at atmospheric pressure is increased above room 
temperature to about 12,000°F, the heat causes the mole- 
cules to break apart into atoms. With a further increase in 
temperature to about 30,000°F each atom loses one of its 
electrons, and with higher temperatures still (say above 
60,000°F), more electrons are lost. An atom which has lost 
an electron or electrons is called an ion. If one electron is 
lost, the atom is said to be singly ionized; if two, doubly 
ionized, and so on. The lightning channel is composed 
primarily of nitrogen atoms and ions, oxygen atoms and ions, 
and free electrons. How do we know this? 

If sunlight is passed through a prism, the light is 
decomposed into its component colors or spectrum. (The 
rainbow is the sun’s spectrum produced by water droplets.) 
Sunlight is composed of a range of colors varying in hue 
continuously from red to orange to yellow to green to blue 
to violet. Incandescent solids (e.g., tungsten filaments) or 
incandescent gases at very high pressure or occupying large 
volumes (e.g., the sun) produce continuous spectra; that is, 
light which includes all colors. Luminous gases at lower 
pressure Or Occupying small volumes (e.g., the lightning 
channel) produce spectra with “lines” at characteristic 
wavelengths. A given molecule, atom, or ion is capable of 
emitting radiation only at specific wavelengths which are 
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different for different kinds of particles. Each molecule, 
atom, or ion has its own unique radiation “signature” by 
which it can be positively identified. For example, in the 
visible wavelength region a nitrogen atom radiates primarily 
one red spectral line while a nitrogen ion radiates primarily a 
number of blue lines. We can get a rough idea of the 
temperature of air by determining from the radiation emitted 
by the air whether it is predominantly composed of 
molecules, atoms, or ions. A more exact determination can 
be made by examining the intensities of the characteristic 
spectral lines from a given molecule, atom, or ion. 

A spectrometer is an instrument that disperses the light 
from a source so that characteristics of the component 
spectrum can be measured. The dispersion is effected by 
either a prism or a diffraction grating. A drawing of a 
lightning spectrometer is shown in Fig. 11.1. Light from the 
lightning channel passes through the transmission diffraction 
grating and is split into its spectral components. These 
components as well as an undiffracted image of the lightning 
channel are focused by a lens onto the channel isolator slit 
assembly. For illustrative purposes, the lightning in Fig. 11.1 
is assumed to contain only three spectral lines: a red, a green, 
and a blue. Note that each of the spectral lines has the shape 
of the lightning channel from which it came. If a stationary 
piece of photographic film were put in front of the channel 
isolator slit assembly, a photograph like that in Fig. 11.2 
would be obtained. The photograph shown was taken by 
placing an inexpensive transmission gratingt over the lens of 
a 35 mm camera while taking a time exposure (see Chapter 
10) until lightning occurred. In Fig. 11.2, the red line to the 
far left (the Hq line discussed in the previous chapter) is 
emitted by hydrogen atoms present in the channel due to the 
break-up of water vapor (H,O). Some water vapor is always 


+A page-size sheet of diffraction grating can be purchased for a few 
dollars. One supplier is Edmund Scientific Co., Barrington, N.J. 
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present in the air; quite a lot may be present during a 
thunderstorm. The red line just to the right of the hydrogen 
line is emitted by nitrogen atoms. Most of the remaining lines 
are emitted by singly ionized nitrogen atoms. 

Spectra such as that in Fig. 11.2 yield no information 
about what is happening in the lightning channel as a 
function of time, since all the light of a given wavelength is 
recorded at the same place on the film no matter when it is 
emitted by the channel. With the help of Fig. 11.1 we see 
how to obtain time-resolved lightning spectra. The channel 
isolator slit allows the spectrum emitted by a short section of 
the lightning channel to fall on a piece of moving film at the 
back of the slit. Thus the spectrum is streaked out in time on 
the moving film. In the example shown, the green line 
appears at the earliest time followed by the blue and then the 
red lines. A time-resolved spectrum of a long spark in air is 
shown in Fig. 11.3 (Ref. 11.1). All existing time-resolved 
lightning spectra have been taken on black and white film 
since it permits much easier intensity measurements. Ob- 
taining lightning spectra is too difficult a job to waste a 
spectrum by taking it on color film. The spark and lightning 
spectra differ primarily in that the lightning spectrum is 
stretched out three to five times longer than the spark 
spectrum (Ref. 11.1). For example, a nitrogen ion spectral 
line might last 5 millionths of a second in the spark, whereas 
for a typical lightning stroke it might last 20 millionths of a 
second. 

From measurements of the intensities of the various 
spectral lines and use of appropriate theory, channel tempera- 
ture can be determined as a function of time (Refs. 11.2, 
11.3). A graph of typical lightning return stroke temperature 
vs. time is shown in Fig. 11.4. The peak temperature 
measured is about 55,000°F. The actual peak temperature 
could be higher as was previously noted. The temperature 
falls to about half of peak value in about 30 millionths of a 
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Fig. 11.2. Lightning spectrum as might be obtained by putting sta- 
tionary photographic film in front of the channel isolator slit assem- 
bly of Fig. 11.1. Actually, the photograph was taken by placing an 
inexpensive diffraction grating in front of the lens of a 35 mm camera. 
(Courtesy, Richard E. Orville, State University of New York at 
Albany) (Reproduced in color on inside front cover) 
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second. For a current of about 100 amperes in the lightning 
channel (associated with the return stroke current tail or with 
a continuing current — Fig. 5.7) the temperature will be 
roughly 15,000 to 20,000°F. When the stroke current stops, 
the channel cools to a few thousand degrees in hundredths of 
a second (Ref. 11.4). 

The temperature of one stepped-leader has been measured 
spectroscopically (Ref. 11.5). The peak temperature asso- 
ciated with the leader step was about 50,000°F. Temperature 
in the channel behind the step decreased with distance up the 
channel and was roughly 25,000°F five step lengths beyond 
the step. 

In addition to allowing a determination of the channel tem- 
perature and of the types of particles in the channel, quanti- 
tative spectroscopy allows the number densities of all the chan- 
nel particles to be measured. For example, it has been deter- 
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Fig. 11.4. Typical lightning return-stroke temperature as a function of 
time. (Ref. 11.2). 
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mined that there are over 1,000,000,000,000,000,000 free 


electrons per cubic inch in the lightning channel (Refs. 11.2, 
11.3). 


Also, spectroscopy permits the pressure in the lightning 
channel to be determined as a function of time. It is the 
initial high channel pressure (possibly more than 100 times 
atmospheric pressure) caused by the initial high channel 
temperature which produces the thunder we hear. We will 
consider channel pressure and the resultant thunder gener- 
ation in the next chapter. 
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chapter 
twelve 


How Is Thunder Generated? 


How Can It Be Used To Measure The Distance 
And Length Of The Lightning Channel ? 


Throughout recorded history there has been a succession of 
interesting views on the origin of thunder. Aristotle, in the 
fourth century B.C., believed that thunder was the noise 
created when “dry exhalation” forcibly ejected from a 
cooling cloud struck the surrounding clouds — “‘dry ex- 
halation”, according to Aristotle, being one of the con- 
stituents of air (Ref. 12.1). We know now that there is no 
such substance. Interestingly, Aristotle thought that the 
origin of thunder preceded that of lightning and that the 
latter was a “burning wind” produced after the impact of the 
“dry exhalation” on a surrounding cloud. Lucretius, in the 
first century B.C., wrote that thunder was produced by 
clouds banging together (Ref. 12.2). In 1637 Descartes, the 
mathematician after whom the cartesian coordinate system is 
named, suggested that thunder was an organ-pipe effect: that 
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Fig. 7-46. Loading coil and base. 

On this form 9 turns of #14 gauge copper wire is wound. The 
type of wire is not terribly critical and thinner wire could be used. 
As a radiating element, a 39 inch piece of coathanger or other stiff 
wire is used. For my antenna, I straightened out a heavy coat- 
hanger ina vise and soldered it to the top cap. The coil assembly is 
now either soldered or epoxied to the metal base. 

Finally a 14 foot length of RG-58 coaxial cable is connected to 
the antenna, with the inner conductor soldered to the bottom end of 
the loading coil. The outer braid is soldered to the pole piece witha 
large soldering iron. Alternatively, a hole could be drilled and 
tapped in the pole piece. The braid is then secured by means of a 
screw and lock-washer. As a final step, the exposed braid and inner 
conductor are sealed with silicone RTV to prevent water from 
seeping into the coax. 
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thunder was due to a resonance of the air between two 
clouds occurring when a higher cloud descended upon a 
lower cloud (Ref. 12.3). 

All of these early theories erroneously associated thunder 
with clouds rather than with the lightning channel. Later 
speculation regarding the origin of thunder generally asso- 
ciated thunder with the lightning channel. For example, 
Benjamin Franklin wrote in 1749 (see Chapter 1) that 
lightning and laboratory sparks were similar in that they both 
gave a “crack or noise in exploding”. The correct meaning for 
Franklin’s “exploding?” was not generally agreed upon until 
the twentieth century. In the mid-nineteenth century the 
accepted theory seems to have been that lightning produced a 
vacuum along its path, and thunder resulted from the 
subsequent motion of air into the vacuum. Two other 
theories that achieved some respectability involved (1) the 
chemical explosion of gaseous materials created by the 
lightning, and (2) the creation of steam explosions along the 
heated lightning path. One of the first adequate descriptions 
of the origin of thunder was published by M. Hirn in 1888 
(Ref. 12.4). 

The thunder we hear is, in fact, created in the following 
way: The return stroke rapidly deposits a large amount of 
energy along the leader channel. That channel is heated by 
the energy input to above 50,000 F (see Chapter 11). 
Heating of a short section (say 10 yards) of channel takes 
only millionths of a second and hence the channel section has 
no time to expand while it is being heated. Air heated from 
room temperature or from a leader temperature of a few 
thousand degrees to above 50,000°F without having time to 
expand attains a pressure considerably in excess of normal 
atmospheric pressure (1 atmosphere). The initial pressure of 
the return stroke channel is definitely in excess of 10 
atmospheres and may be 100 atmospheres or more. The high 
pressure channel rapidly expands into the Surrounding air 
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(initially at atmospheric pressure) and compresses it. This 
disturbance of the air propagates outward in all directions. 
For the first ten yards or so it propagates as a shock wave (a 
major disturbance in the air which travels faster than the 
speed of sound) and after that as an ordinary sound wave 
(small compressions and expansions of the air density). The 
sound pulse from a short section of lightning channel lasts 
less than 0.1 seconds and travels at about 1090 ft/second 
(about 0.21 miles/second) at sea level. The thunder we hear, 
then, is the pressure variations induced in the air by the 
expansion of each part of the lightning channel (main 
channel and branches) due to its initial high pressure. 

Since sound travels about a foot in a thousandth of a 
second and the return stroke heats the entire lightning 
channel in less than a thousandth of a second (see Chapter 9), 
for all practical purposes each point on the lightning channel 
can be considered to emit a pulse of sound (or a shock wave) 
at the same time. Because light emitted by the return stroke 
channel travels away from the channel at 186,000 miles/ 
second (or a mile in about 5 millionths of a second), we see 
light almost simultaneously with channel formation, but the 
sound of the thunder from that channel frequently takes 
many seconds to reach us. The initial thunder heard comes 
from the point on the lightning channel nearest to the 
observer. The last sound (excluding echoes) comes from the 
point farthest away. In Fig. 12.1, a 2-mile long intracloud 
discharge is oriented along the line of sight. We assume 
(direct evidence is lacking) that sound generation by the 
intracloud discharge occurs essentially simultaneously at all 
points on the channel as it does with the ground discharge. 
From the time it takes for the first sound to arrive, we can 
establish the distance to the nearest point on the channel. 
The first sound, traveling about 0.21 miles/second, arrives 
from the nearest channel point in about 13.5 seconds; 
multiplying these two figures provides the distance to the 
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Fig. 12.1. Intracloud lightning flash and its thunder. 
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nearest point on the channel — 2.8 miles. (In other words, if 
the time until the thunder arrives is T, the distance to the 
channel section producing the thunder is roughly T/5, the 
formula given in Chapter 10.) Sound from the far end of the 
channel, 4.8 miles away, arrives about 23 seconds after the 
channel is created, ending the thunder. The duration of the 
thunder is about 9.5 seconds, from which we can establish 
the channel length (channel length in miles = 9.5 seconds x 
0.21 miles/second). The result represents the actual channel 
length only if the channel is oriented along the observer’s line 
of sight. Otherwise it is an underestimate of the true length 
(that is, the true length is longer than the calculated value) as 
we can see by reference to Fig. 12.1 and 12.2. 

In Fig. 12.2, a 2-mile long channel to ground produces 
sound from its base which arrives at the observer 2 miles 
from the base in about 9.5 seconds (2 miles = 9.5 seconds x 
0.21 miles/second). Sound from the top of the channel, 2.8 
miles away, arrives in about 13.5 seconds and thus the total 
thunder duration is about 4.0 seconds. By measuring only the 
thunder duration we can conclude that the minimum channel 
length that could have produced the thunder was 4.0 seconds 
x 0.21 miles/second = 0.84 miles. The true channel length, 2 
miles, is of course longer than the calculated minimum value. 
Sometimes actual thunder durations are as long as a minute 
(minimum channel lengths of over 10 miles). 

To summarize, from a measurement of the time of arrival 
of the first sound of thunder we can determine the distance 
to the closest point of the lightning channel; and from the 
thunder’s duration we can determine a minimum length for 
the channel. In both cases a distance is derived by multi- 
plying the appropriate time interval by the speed of sound. 
This is the case even if the channel under consideration is not 
straight, as the reader may easily prove to himself. It is worth 
noting that a visible channel to ground may be much farther 
away than its thunder would indicate if the in-cloud part of 
the lightning channel passes overhead. 
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Thunder is generated by each of the return strokes in a 
multiple-stroke flash. Since the time between the first and 
last strokes may be a few tenths of a second, the thunder 
duration may be increased by a few tenths of a second over 
the time taken for sound to arrive from different ends of the 
channel. The error made in computing minimum channel 
lengths due to this effect is not important. It should be noted 
that the last stroke in a multiple-stroke discharge usually has 
the greatest length (see Chapter 10), and hence produces the 
longest lasting thunder. It is therefore the length of the final 
stroke that is measured. 

In addition to thunder produced by return strokes, sound 
is also produced by stepped leaders and dart leaders. Leader 
thunder is relatively weak compared with that produced by 
return strokes. 

Why does thunder sound like it does? Why does it rumble, 
roll, peal, and clap? Two factors must be considered: the 
intensity or loudness of the sound, and its pitch or 
frequency. We look first at the loudness. If a section of the 
tortuous lightning channel is perpendicular to the observer’s 
line of sight, all points on that section will produce sound 
that arrives almost simultaneously at the observer, and the 
result is a high-intensity sound — a peal or a clap. If a channel 
section is along the observer’s line of sight (as with the whole 
channel in Fig. 12.1), the sound arrival times from various 
points on the channel will be spread out, resulting in a 
low-intensity sound — a rumble or a roll. Channel tortuosity 
enhances the rumbling effect. Typical thunder consists of 
rumble and roll on which three or four peals or claps are 
superimposed. 

Now to pitch. As we have seen, thunder generation is 
similar to an explosion. As everyone knows, small explosions 
(e.g., small firecrackers) make a high pitched sound while 
large explosions (e.g., large aerial fireworks or sticks of 
dynamite) make a low pitched sound. The larger the energy 
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input, the lower the pitch. Thunder generally has a pitch, or 
frequency, of about 50 cycles per second. From measure- 
ments of thunder pitch and use of appropriate theory, 
scientists have determined the energy input per unit length of 
lightning stroke channel (100,000 to 1,000,000 watt-seconds 
per yard of channel length). Thunder pitch is influenced by 
two additional factors: First, the lower the air density for a 
given energy input to the lightning channel, the lower the 
thunder pitch; this means that thunder from a channel at 
high altitude should have a lower pitch than thunder from a 
channel near ground. Second, air filters out the higher pitches 
preferentially, so that the further away thunder is heard from 
its channel, the lower should be its pitch. 

Thunder is seldom heard more than 15 miles away from a 
lightning channel. The reason is that, due to the effects of 
temperature and wind variation with height, sound waves 
generally curve upward in the air under and surrounding 
thunderstorms. Thus, the thunder from a lightning channel 
passes over the head of an observer if he is more than about 
15 miles from the channel. If he climbed a tall enough ladder, 
he would hear the thunder. 

Within a few hundred yards of a lightning strike, the 
observer hears one loud (terrifying) bang possibly preceded 
by hissing or clicking or something similar to cloth tearing. 
The bang is the sound wave from the channel base. No 
long-duration thunder is usually heard because, due to the 
upward curvature of the sound waves, the thunder from 
sections of the channel above the channel base pass over the 
observer’s head. The various sounds reported to occur before 
the loud bang may be due to the downward-moving stepped 
leader, to upward-moving discharges attempting to meet the 


stepped leader, and/or to a general corona-discharge blanket 
at the ground. 
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cnapter 
blailrteen 


Does Lightning Occur Without Thunder? 
Thunder Without Lightning ? 


What Is Heat Lightning ? Sheet Lightning? 


Ask a lot of people the question “Did you have lightning in 
your vicinity yesterday?” and, assuming there was lightning, 
at least one person will invariably answer “No lightning, but a 
lot of thunder!” Possibly, this is just another way of saying 
that thunder was heard but lightning wasn’t seen. More 
likely, the answer indicates that the person does not 
understand the relation between lightning and thunder. 

We have seen in the previous chapter that the origin of 
thunder is the explosive expansion of the lightning channel 
following a rapid energy input to the channel. Since it is the 
lightning channel that creates the thunder, there can be no 
thunder without lightning. But can there be lightning without 
thunder? Strictly speaking, no. Every electrical discharge, 
when initiated, produces some noise. However, if we ask 
whether there is lightning whose thunder may be inaudible a 
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relatively short distance from the channel, the answer is 
apparently yes. There have been lightning flashes reported to 
strike the Washington Monument without producing audible 
thunder, and flashes to the Empire State Building which were 
reported to have produced a sound described as being the 
same as if a paper bag full of water had been dropped a short 
distance to the floor (Ref. 13.1). 

As noted in Chapter 6, lightning flashes to tall buildings 
are generally initiated by stepped leaders which move upward 
from the building tops. The current in a structure-initiated 
flash rises slowly to a peak current of a few hundred amperes 
and this low level of current typically flows for a few tenths 
of a second. Often this continuous current is punctuated by 
current peaks caused by return strokes whose leaders are 
initiated in the cloud and travel from cloud to building top 
down the active channel. Sometimes no return strokes occur 
and the flash consists of only the low-level current. It is the 
upward-initiated discharge with no return strokes that might 
be expected to generate very little sound. Its current is small 
and increases slowly compared to the current of a typical 
return stroke; the energy input is neither large nor rapid and 
thus cannot lead to the explosive channel expansion and 
typical thunder characteristic of the usual return stroke 
channel. 

What about “heat lightning”? Why does it have no 
thunder? Before we answer this question, we had better 
define what we mean by “heat lightning”. In common 
terminology, heat lightning is the name given to the 
illumination of distant clouds close to the horizon which 
occurs without thunder and in the absence of a visible 
lightning channel. Heat lightning apparently is so named 
because it occurs on hot nights. The fact that it occurs on 
hot, generally humid nights is due simply to the fact that hot 
humid air near the ground is an ingredient in the thunder- 
storm recipe (see Chapter 7). The nocturnal thunderstorms 
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accused of generating heat lightning actually produce the 
usual intracloud and cloud-to-ground lightning flashes. The 
light from these flashes illuminates the clouds from within 
and by reflection so that the clouds are easily seen even when 
they are sufficiently far away (say 30 miles) that individual 
lightning channels cannot be discerned. Since thunder cannot 
generally be heard more than about 15 miles from a lightning 
channel (see Chapter 12), the distant heat lightning produces 
no audible thunder. 

“Sheet lightning” is a close relative of heat lightning. Sheet 
lightning is the name given to the intracloud discharges which 
light up a large cloud area simultaneously, giving the 
impression of a sheet of light. Sheet lightning may or may 
not produce audible thunder, depending on its distance from 
the observer. 
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Chapter 
fourteen 


Do Gushes Of Rain Follow Thunder ? 


Observers of thunderstorms, from antiquity to the present, 
have noted that a heavy gush of rain often reaches ground a 
minute or two after a lightning flash and its accompanying 
thunder (Refs. 14.1, 14.2). Since precipitation is believed 
necessary to provide a thunderstorm with its electrical charge 
(see Chapter 8), 1t could be argued that a rain gush occurring 
in the cloud provides the charge separation that causes the 
lightning. On the other hand, it could just as well be argued 
that the lightning or its thunder modifies the character of the 
precipitation in the cloud in such a way as to cause a rain 
gush. Finally, it is also possible that both lightning and the 
rain gush are caused by some other effect or that it is only 
fortuitous that they appear to be related. Not until the 1960s 
did radar observations of the precipitation in clouds before 
and after lightning show that lightning and thunder precede 
the formation of the rain gush (Refs. 14.1, 14.2). 
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As long ago as 58 B.C., Lucretius wrote that gushes of rain 
were caused by thunder. Modern proponents of this currently 
unpopular view suggest that the compression and rarefaction 
waves associated with the thunder accelerate some drops 
relative to others causing collisions between the drops which 
would otherwise not have occurred. The collisions allow 
small drops to coalesce into bigger drops which are heavy 
enough to fall out of the cloud as rain. It is interesting to 
note that from radar measurements of clouds there is 
evidence to suggest that thunder can cause supercooled water 
droplets (water droplets below 32°F which are not frozen) in 
the clouds to turn to ice (Ref. 14.3). Further, supercooled 
water droplets can be turned to ice crystals in the laboratory 
by the sound from a toy pop gun or by a bursting balloon 
(Ref. 14.4). The freezing mechanism involved in both the 
laboratory and the cloud may be the lowering of the droplet 
temperature by the expansion of the air associated with the 
sound wave rarefaction. 

Most investigators now believe that the lightning/rain gush 
relation is electrical rather than acoustic. As seen in Chapters 
8 and 9, the top of the lightning channel is found in the 
N-region of the cloud. The N-charge resides on supercooled 
water and ice particles. Stepped and dart leaders are 
negatively charged, drawing their charge from the N-region. 
The return stroke drains the negative charge on the leader to 
the ground. After the return stroke has reached the top of 
the lightning channel, the whole channel. a good conductor 
tied to ground, becomes positively charged in response to the 
negative cloud charge above and around it. The leader-return 
stroke process results in a negatively-charged leader channel 
being replaced by a positively-charged channel in a time that 
is short compared to that in which any of the surrounding 
negative cloud charge can move appreciably (Fig. 9.3a). If 
electrical effects cause the rain gush, the charged cloud 
particles must coalesce in response to the rapid change in the 
sign of the charge on the lightning channel. 
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The mechanism for coalescence most closely examined is 
that proposed by Bernard Vonnegut and Charles Moore 
(Refs. 14.1, 14.2, 14.5). They postulate that the cloud 
droplets in the immediate vicinity of the newly-completed 
return stroke channel acquire a net positive charge from the 
positively-charged channel. Since similar charges repel one 
another, the positively charged droplets fly away from the 
channel, initially at perhaps tens of yards per second, 
colliding and coalescing with the surrounding negatively- 
charged droplets. The initially-stationary negative droplets 
are attracted toward the moving positive droplets by virtue of 
their opposite charge, further increasing the collision rate. 
The positive droplets may travel about 10 yards, increasing in 
size all the time. The end result is a group of large water 
drops surrounding the channel. 

If the process just described is to produce a rain gush, it 
must be operative over a reasonably large volume of the 
cloud. Vonnegut and Moore suggest that this is the case 
because the lightning channel in the cloud has a tree-like 
structure. A drawing of this structure is shown in Fig. 9.3. 
Some idea of the extent of the structure may be inferred 
from electrical discharges in insulating materials (the cloud is 
essentially an insulator). In Fig. 14.1 a photograph of a 
plastic block in which a tree-like discharge has taken place is 
shown. The block was charged negatively by shooting high 
energy electrons into it. The tree-like discharge occurred 
when a grounded electrode was placed at the edge of the 
block. Unfortunately, there is at present no direct evidence 
regarding the extent of the lightning channel structure in the 
cloud, and we must await future lightning research to deter- 
mine its actual structure. 

Some of the gushes of precipitation that fall after lightning 
are in the form of hail (Ref. 14.2). When a rain gush forms by 
a coalescence process at temperatures below 32°F, the drops 
may freeze as they become large and then continue their 
growth as hail particles. 
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While most rain gushes are preceded by lightning, it does 
not follow that lightning invariably produces rain gushes. 
Whether there is a rain gush or not depends, among other 
things, on the liquid water content of the cloud. If this is too 
low, heavy rain cannot form. 

Although it is possible for lightning to occur in the absence 
of appreciable precipitation, the two usually go hand in hand. 
Recently the amount of rainfall reaching the ground near 
Tucson, Arizona has been correlated with the number of 
cloud-to-ground discharges (Ref. 14.6). These results and 
those of earlier studies show that the greater the number of 
lightning discharges, the greater the rainfall. (The clouds 
which produce both the most rain and the most lightning are 
those of the greatest vertical extent.) From measurements of 


Fig. 14.1. Electrical breakdown in a plastic block. The tree-like struc- 
ture which extends into the block may be similar to the lightning 
discharge structure extending from the top of the channel upward into 
the cloud. (Courtesy, Arthur D. Little, Inc.) 
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the amount of rainfall and the number of lightning flashes 
occurring near Tucson between 1 and 6 p.m. on 52 days, it 
was determined that an average of about a thousandth of an 
inch of rain arrives at the ground for each cloud-to-ground 
lightning stroke observed. On 23 days of heavy rain (ex- 
ceeding 0.10 in.) there was an average of 175 cloud-to-ground 
lightning flashes per day. On 29 days of light rain (less than 
0.01 in.) there was an average of only three flashes per day. 


REFERENCES 


14.1. Moore, C. B., B. Vonnegut, J. A. Machado, and H. J. Survilas, 
Radar Observations of Rain Gushes Following Overhead 
Lightning Strokes, J. Geophys. Res., 67, 207-220 (1962). 

14.2. Moore, C. B., B. Vonnegut, E. A. Vrablik, and D. A. McCaig, 
Gushes of Rain and Hail after Lightning, J. Atmosph. Sci., 21, 
646-665 (1964). 

14.3. Vonnegut, B., and C. B. Moore, Nucleation of Ice Formation 
in Supercooled Clouds as the Result of Lightning, J. Appl. 
Meteorology, 4, 640-642 (1965). 

14.4 Vonnegut, B., Production of Ice Crystals by Adiabatic 
Expansion of Gas, J. Appl. Phys., 19, 959 (1948). 

14.5. Vonnegut, B., and C. B. Moore, A Possible Effect of Lightning 
Discharge on Precipitation Formation Process, Am. Geophys. 
Union Monograph Number 5, 287-304 (1960). 

14.6. Battan, L. J., Some Factors Governing Precipitation and 
Lightning from Convective Clouds, J. Atmosph. Sci., 22, 79-84 
(1965). 


ADDITIONAL READING 


Piepgrass, M. V., and E. P. Krider, Lightning and Surface Rainfall During 
Florida Thunderstorms, J. Geophys. Res., 87, 11,193-11,201 
1982). 

eer E W., S. J. Szymanski, C. R. Holmes, and C. B. Moore, An 
Observation of Precipitation Echo Intensification Associated with 
Lightning, J. Geophys. Res., 85, 1951-1953 (1980). 

Zrnic, D. S., W. D. Rust, and W. L. Taylor, Doppler Radar Echoes of 
Lightning and Precipitation at Vertical Incidence, J. Geophys. 
Res., 87, 7179-7191 (1982). 


Chapter 
riurteen 


What is Ball Lightning ? 


Are UFOs and Ball Lightning Related? 


Ball lightning (in French, boules de feu or foudre sphérique; 
in German, Kugelblitz) is the name given to the mobile 
luminous spheres which have been observed during thunder- 
storms. A typical ball lightning is about the size of an orange 
or a grapefruit and has a lifetime of a few seconds. A 19th 
century woodcut depicting the occurrence of a somewhat 
larger than average ball lightning is shown in Fig. 15.1. A 
number of compilations of eye-witness reports of ball 
lightning have been published (Refs. 15.1 to 15.6). Visual 
sightings are often accompanied by permanent material 
damage, sounds, and odors. Nevertheless several noted 
scientists have attributed ball lightning to persistence of 
vision (after seeing a bright lightning channel) or to other 
optical effects (Ref. 15.7). 


ee 


Tune-up 

The completed antenna is now placed on a car roof or other 
large piece of sheet metal and the radiating element trimmed for 
lowest vswr. If a vswr meter is not available, cut the antenna to 39 
inches in length, and as long as reasonably low power levels are 
used, the antenna should perform well. A good rule of thumb when 
testing any home brew antenna is to make sure that it receives 
correctly. Check it with an ohmmeter before firing rf into it. 


Conclusion 


My antenna, powered by the one watt from a TR-22 and placed 
atop a 1960 Chevy, produced truly spectacular results. The 
WRIABV machine in Boston could be hit solidly while driving 
through southern New Hampshire, at an airline distance of over 40 
miles. Operating stationary mobile from Easton, New Hampshire, 
it was possible to hit the WRIAEA machine in northern Vermont 
with good results, a total air distance of 60 miles. I hope this 
antenna works as well for you as it has for me. Also, see Figs. 7-46 
through 7-48. 


A DELUXE QRP TRANSMATCH 


I have found that QRP has many advantages. High voltage 
components are unnecessary, bringing the cost of components 
down to a reasonable range. 

Because of my low budget and the low cost of the Argonaut 
509, it was love at first sight. The Argonaut has many advantages. 
At present I have no plans to use a linear, so I have no worries about 
an antenna switch or a tuner. 


Fig. 7-47. Schematic diagram. 
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In a letter to the editor of the London Daily Mail (Ref. 
15.8) W. Morris described an unusual incident in which a ball 
lightning caused a tub of water to boil: 


e During a thunderstorm I saw a large, red hot ball come down 
from the sky. It struck our house, cut the telephone wire, burnt 
the window frame, and then buried itself in a tub of water which 
was underneath. 

The water boiled for some minutes afterwards, but when it was 
cool enough for me to search I could find nothing in it. 


As a researcher in the field of lightning, the writer has 
personally received over one hundred unsolicited eye-witness 
accounts of ball lightning. Here are five representative ob- 
servations: 
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Fig. 15.1. Ball lightning in a 19th century woodcut. The original title, 
translated from French, reads “Ball lightning crossing a kitchen and a 
barn.” Perhaps the ball lightning came down the chimney used to 
exhaust the cooking fires. How the young lady’s blouse came to be in 
such a state of disarray is not known. (Courtesy, Burndy Library) 
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el was visiting my uncle’s farm in Eastern Norway where the 
country is very flat and the summers warm with cloud gatherings 
and thunderstorms in the middle of the day. One day when my 
cousin and I went shopping, a thunderstorm worse than usual 
broke out. The rain poured down, and we stayed in the open 
door of the shop, looking out. Suddenly we saw a glowing ball, 
the size of a small football [soccerball] , passing the door at great 
speed a little above ground level. We had never heard about ‘ball 
lightning’ before, and wondered what it might be. When the rain 
stopped, we started on our way home and walked along a path 
leading through the forest. Then it started thundering again, and 
another ball, just like the first one, came rolling towards us. Now 
we got curious, but not very much — to 10-year-old children 
there are so many strange things to wonder about — so what is a 
rolling glowing ball more or less? Then my uncle came to meet us, 
because he thought we might be frightened by the heavy 
thundering. and the first thing he said was, “Did you see the ball 
lightning?’ Not till then did we realize that we had seen 
something strange and dangerous. 


e While outdoors during a particularly violent thunderstorm such 
as are common there [Iowa] , I heard a heavy rushing noise like an 
extra strong wind. This caused me to look about me and I saw a 
ball of fire, yellowish white about the size of a wash tub bouncing 
down the dirt road. The ball traveled a little faster than one could 
run. I did not see from where it came. I watched the ball travel 
about a city block, when it struck a small shed, maybe 10 feet by 
12 feet in which a horse was stabled. The shed seemed to explode 
and the horse was killed. 


e Near Murray’s dairy, a property on the Queanbeyan road on the 
then outskirts of Canberra [Australia], and not far from what is 
now the industrial area of Fyshwick, I was riding along the right 
hand side of the road, just off the paving to prevent a possible slip 
and fall on the wet surface, and about 20 to 25 yards ahead, on 
the left hand side and also off the bitumen, a farm employee was 
leading a Shorthorn bull. There was very little, if any rain at that 
time. I can clearly recall that there was one of those periods of 
“quietness” that sometimes precedes a downpour. Just as I drew 
level with the bull there was one very loud bang or explosion and 
immediately down the white traffic line in the centre of the road 
appeared the fireball. It seemed to be about 6” or 8” off the 
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ground, was about the size of a basketball like very golden butter 
in color, and had the appearance of being “spun” or “fuzzy”, like 
silk threads or wool, as distinct from a “molten” liquid look. It 
did not sparkle — just a ball of fuzz. It came straight down say 
three of the white marker lines. These have about equal distance 
of unmarked road between them, so I should say it travelled 
about 18 to 20 feet. Then it simply disappeared. It did not break 
apart. There was no further noise like an explosion. It was there 
one moment and not there the next. 

The whole thing would have been over in probably two or three 
seconds, before the horse had time to be startled. 

The young men leading the bull cried out — in Pure Australian 
— “What the bloody hell was THAT?”. 

As there was another downpour shortly, we did not stop to 
discuss it. 


el was standing in the kitchen of my home in Omaha, Nebraska 
while a terrible thunderstorm was in progress. A sharp cracking 
noise caused me to look toward a window screen to my left. Then 
I saw a round, iridescent (mostly blue) object, baseball size, 
coming toward me. It curved over my head and went through the 
isinglass [mica] door of the kitchen range, striking the back of 
the oven and spattering into brilliant streamers. There was no 
sound and no effect on me except a tingle as it passed over my 
hair. Later examination showed a tiny hole with scorched edges 
in the screen and isinglass, and scorch-like marks on the back of 
the oven. 


e The whole family was sitting at the supper table when a ball 
about 4 inches in diameter came and fluttered about the center of 
the table. It made a buzzing noise and was about 8 to 10 inches 
above the dishes. Its color was a mixture of blue and orange and 
may have had some red. It fluttered about 5 to 6 seconds. I could 
easily have grabbed it had I dared to do so. Then it exploded with 
a loud bang like a large fire cracker and gave off a smell somewhat 
like city cooking gas which lasted several minutes. After it 


exploded the table was left as before, no dishes broken or moved 
about. 


A number of photographs purported to be of ball lightning 
have been published (Refs. 15.9 to 15.14). Most of them are 
time exposures in which the ball lightning appears as a 
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meandering ribbon of light. Some of the photographs may 
well be of automobile or other moving lights, or of stationary 
lights photographed by a moving camera. It appears that no 
motion pictures of ball lightning have been taken. 

A phenomenon very similar to, if not identical with, ball 
lightning has been reported to occur in submarines due to the 
discharge of a high current (about 150,000 amp D.C. from a 
260 volt source) across a circuit breaker (Ref. 15.15). In 
addition, the writer has received a number of reports of 
ball-lightning-like phenomena being initiated in electrical 
equipment, both with and without lightning present. One 
such thunderstorm-associated incident was reported by a 
retired professor and engineering department chairman at a 
major state university: 


e In 1914 I was working for the Interurban Co. and happened to 
be in the main power house during a very severe thunder storm. 
We had recently installed a 600 volt dc rotary converter which 
supplied power to both the city and interurban lines. I was 
working on the main switch board and watching a bit carefully as 
there were many breakers opening. I looked up just in time to see 
a ball of fire about 15 to 18 inches in diameter come off the 
converter commutator and float at a good speed down the length 
of the switch board, maybe three feet above my head. Some 
hundred feet from the converter it struck the ceiling of an office 
room where a cat was asleep. The ball splashed in all directions 
like water and the cat sprang high in the air. The cat squalled 
loudly but seemed to be uninjured. In both cases there was the 
strong odor of ozone, but due to the constant lightning I would 
not attribute it to the ‘ball lightning.’ 


Ball lightning has been seen by 5 to 10% of the population. 
Although it is generally thought that ball lightning is a rare 
phenomenon, recent research has shown that the numbers of 
ball lightning observers are not much different from the 
numbers who have observed lightning impact points (Ref. 
15.6). The implication is that ball lightning is usually created 
at or near the lightning channel and that an appreciable 
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fraction of all cloud-to-ground lightning flashes may give 
birth to ball lightning. Since the balls generally last for only a 
few seconds, they cannot get too far from the mother 
channel. Thus ball lightning may well be common, but rarely 
seen. 

Ball lightning and St. Elmo's fire are sometimes confused. 
St. Elmo's fire is a corona discharge induced at a pointed 
conducting object by thunderstorm charges. Like ball light- 
ning, St. Elmo's fire may assume a spherical shape. Unlike 
ball lightning, it must remain attached to a conductor, 
although it may exhibit some motion along the conductor. 
Further, St. Elmo's fire may last much longer than the 
typical ball lightning. 

From the many published ball lightning observations, it is 
possible to compile a list of ball lightning characteristics: 

Occurrence: Most observations of ball lightning are made 
during thunderstorm activity. Most, but not all, of thunder- 
storm-related ball lightning appears almost simultaneously 
with a cloud-to-ground lightning discharge. These balls appear 
within a few yards of the ground. Sometimes ball lightning is 
reported to appear near ground in the absence of a lightning 
discharge. Lightning balls have also been observed to hang in 
mid-air above the ground and have been observed falling from 
a cloud toward the ground. 

Appearance: Ball lightning is generally spherical, although 
other shapes have been reported. Balls are usually 4 to 8 in. 
in diameter, with reported diameters ranging from 1/2 in. to 
many feet. Various colors have been observed, the most 
common being red, orange, and yellow. Luminosity is 
generally not exceptional but the balls can be seen clearly in 
daylight. They are usually reported to maintain a relatively 
constant brightness and size, although changes in brightness 
and size are not uncommon. 

Lifespan: Ball lightning generally lasts less than 5 seconds. 


In a small fraction of the reports a lifespan of over a minute 
is indicated. 
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Motion: Lightning balls usually move horizontally at a 
velocity of a few yards per second. They may also remain 
motionless in mid-air or may descend from a cloud toward 
the ground. They do not often rise, as would be the case if 
they were spheres of hot air at atmospheric pressure subject 
only to gravity. Many reports describe balls which appear to 
spin or rotate as they move. Sometimes they are reported to 
bounce, typically off the ground. 

Heat, sound, and odor: Rarely is the sensation of heat 
reported although there are accounts of lightning balls which 
burned barns and melted wires. One report (Ref. 15.5) 
describes a ball lightning which hit a pond of water with a 
sound “as if putting a red hot piece of iron into the water.” 
Sometimes a hissing sound is said to be emitted. Many 
observers report an accompanying odor usually described as 
sharp and repugnant, resembling ozone, burning sulphur, or 
nitric oxide. 

Attraction to objects and enclosures: Reports often 
describe balls attached to, and moving along, metallic objects 
such as wire fences or telephone lines. Some or all these 
observations may refer to a type of St. Elmo’s fire. Lightning 
balls often enter houses through screens or chimneys, and 
sometimes through glass window panes. They are also 
reported to originate within buildings, on occasion from 
telephones. Balls can exist in an all-metal enclosure such as 
the interior of an airplane. For instance: 


el was at the controls of a KC-97 USAF tanker aircraft, heavily 
loaded with JP4 fuel for offload to B-47 bombers. En route to 
the refueling rendezvous (Elko, Nevada vicinity) we were in the 
clouds at 18,000’. There was light precipitation, temp. was above 
freezing and there was no turbulence. 

I recall that St. Elmo’s fire was dancing around the edges of the 
aircraft front windows. (This is a not too uncommon occurrence 
but may have some significance to you.) The crew was experienced 
in all phases of all-weather operation and not concerned or 
apprehensive about any portion of the mission to be accomplished. 


130 


As I was concentrating on the panel (no outside visual 
references were visible) a ball of yellow-white color approxi- 
mately 18' in diameter emerged through the windshield center 
panels and passed at a rate about that of a fast run between my 
left seat and the co-pilot's right seat, down the cabin passageway 
past the Navigator and Engineer. I had been struck by lightning 2 
times through the years in previous flights and recall waiting for 
the explosion of the ball of light! I was unable to turn around and 
watch the progress of the ball as it proceeded to the rear of the 
Aircraft, as I was expecting the explosion with a full load of JP4 
fuel aboard and concentrated on flying the aircraft. After 
approximately 3 seconds of amazingly quiet reaction by the 4 
crew members in the flight compartment, the Boom operator 
sitting in the rear of the aircraft called on the interphone in an 
excited voice describing a ball of fire that came rolling through 
the aft cargo compartment abeam the wings, then danced out 
over the right wing and rolled off into the night and clouds! No 
noise accompanied the arrival or departure of the phenomenon. 
(Ref. 15.16) 


e This communication records the observation of ball lightning in 
unusual circumstances. I was seated near the front of the 
passenger cabin of an all-metal airliner (Eastern Airlines Flight EA 
539) on a late night flight from New York to Washington. The 
aircraft encountered an electrical storm during which it was 
enveloped in a sudden bright and loud electrical discharge (0005 
h EST, March 19, 1963). Some seconds after this a glowing 
sphere a little more than 20 cm [8 inches] in diameter emerged 
from the pilot’s cabin and passed down the aisle of the aircraft 
approximately 50 cm [20 inches] from me, maintaining the same 
height and course for the whole distance over which it could be 
observed. 

= . the relative velocity of the ball to that of the containing 
aircraft was 1.5 + 0.5 meters [or yards] per second ... the object 
did not seem to radiate heat... . the optical output could be 
assessed as 5 to 10 watts and its color was blue-white. . . . the 


course was straight down the whole central aisle of the aircraft. 
(Ref. 15.17) 


Demise: Ball lightning decays in one of two modes, either 
explosively or silently. Explosive decay occurs rapidly and is 
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accompanied by a loud noise. Silent decay can take place 
either rapidly or slowly. Most lightning balls apparently 
exhibit a rapid decay. After the ball has decayed, it is 
sometimes reported that a mist or residue remains. Occa- 
sionally a ball lightning has been observed to break up into 
two or more smaller balls. 

Types: There may be more than one type of ball lightning. 
For example, the ones that attach to conductors may differ 
from the free-floating balls; the balls that appear near ground 
level may differ from those that hang high in the air or those 
that fall out of a cloud. 

Unfortunately, there is at present no adequate theory of 
ball lightning. For example, no theory can account simul- 
taneously for the degree of mobility, the constancy of light 
output, and for the fact that the ball does not rise. Despite 
numerous» theoretical models proposed, the causal me- 
chanisms remain unknown. All theories fall into one of two 
general classes: those in which the energy source for the ball 
is postulated to be outside the ball (externally powered ball 
lightning) and those in which the sustaining energy is 
postulated to be stored within the ball itself (internally 
powered ball lightning). 


In the internally powered models there are essentially six 
subclasses: (1) Ball lightning is gas or air behaving in an 
“unusual” way. It has been suggested that the ball lightning is 
slowly burning gas, is the light produced by the slow 
recombination of unspecified ions existing in the ball, is due 
to chemical reactions involving dust, soot, etc., and so on. (2) 
Ball lightning is a sphere of heated air or heated air 
containing various impurities at atmospheric pressure — Ref. 
15.18. (3) Ball lightning is a very high-density plasma 
(ionized gas) which exhibits properties characteristic of solid 
materials — Ref. 15.19. (4) Ball lightning is due to one of 
several suggested configurations of closed-loop current flow 
contained by its own magnetic field. It has been shown that 
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plasma containment of this type is not possible in air — Ref. 
15.20. (5) Ball lightning is due to some sort of air vortex (like 
a smoke ring) providing containment for luminous gases. (6) 
Ball lightning is a high frequency electromagnetic field 
contained within a thin spherical sheet of ionized air — Ref. 
ISE, 

In the theories which provide the ball with an external 
power source, three types of power sources have been 
suggested: (1) A high-frequency (hundreds of megacycles per 
second) electromagnetic field, (2) a steady current flow from 
cloud to ground, and (3) focused cosmic-ray particles. (1) M. 
Cerrillo (Ref. 15.22) and P. Kapitza (Ref. 15.23) proposed 
that focused radio frequency energy from the thundercloud 
could create and maintain a ball lightning. Radio waves with 
the energy necessary to effect this mechanism have never 
been observed in thunderstorms. (2) D. Finkelstein and J. 
Rubinstein (Ref. 15.20), the writer and C. Helstrom (Ref. 
15.24), and J. Powell and Finkelstein (Ref. 15.25) have 
suggested that a steady current flowing from cloud-to-ground 
would contract in cross section at the ball (originally 
provided by part of the lightning channel) and that the 
increased energy input due to the constriction of current 
could maintain the ball. This type of theory cannot account 
for the existence of ball lightning inside structures, particu- 
larly inside metal structures. (3) V. Arabadzhi (Ref. 15.26) 
has suggested that radioactive cosmic-ray particles could be 
focused by the charges of the thundercloud so that the 
cosmic rays would create an air discharge at one point in 
space. This would appear to be very unlikely. 


Are UFOs (Unidentified Flying Objects) and ball lightning 
related? There are all kinds of UFOs. Some are hoaxes: some 
are misinterpretations of well-understood physical phe- 
nomena like meteors, not known to the observer or seen 
under unusual circumstances; some, like re-entry vehicles, are 
unpublicized objects of our advanced technology; some are 
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imperfectly understood physical phenomena; some may be 
due to poorly understood psychological effects; and, finally, 
some may be spaceships (true flying saucers). Although there 
are many observations of flying-saucer-like objects reported 
by reliable people (Refs. 15.27, 15.28), incontrovertible 
proof that interplanetary spaceships exist — a captured or 
crashed saucer — has not been forthcoming. The UFO litera- 
ture referenced (Refs. 15.27, 15.28) and the references con- 
tained in that literature make fascinating reading. 

But let us return to our original question. A small 
percentage of the UFO reports are so similar to a certain class 
of ball lightning reports that they both must refer to the 
same “imperfectly understood physical phenomena.” These 
particular lightning balls are much larger, much brighter, and : 
much longer-lived than the typical balls. They are reported to 
be 10 to 20 ft in diameter, give the impression of being as 
bright as lightning, and may last a minute or more. When 
such objects appear immediately after lightning, it is clear 
that they should be called ball lightning. Sometimes, how- 
ever, they appear near or in clouds or in snow without the 
apparent presence of lightning, and occasionally such objects 
are reported in seemingly clear air. 


caapter 
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What is Ribbon Lightning ? Bead Lightning ? 


Ribbon lightning is the name given to the optical illusion 
occurring when a cloud-to-ground lightning flash is moved 
sideways an appreciable distance by the wind during the time 
between the component strokes of the flash. Each stroke in 
the flash is then seen separated horizontally in space. To the 
eye, each identically-shaped stroke (ribbon) appears to occur 
simultaneously. A photograph of ribbon lightning 1s shown in 
Fig. 16.1. 

The first solid evidence that lightning flashes are generally 
composed of a number of separate strokes was provided in 
the 1880s by photographs of ribbon lightning. By the early 
twentieth century several investigators had obtained ribbon- 
like photographs of normal (not wind-blown) lightning by 
moving their cameras as the flash was occurring. Each 
component stroke of the flash appeared at a different 
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Fig. 16.1. Ribbon lightning near Tucson, Arizona photographed with a 


tripod-mounted camera. (Courtesy, George Marcek, Catalina High 
School, Tucson) 
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position on the film because the lens and film position had 
changed relative to the fixed lightning position during the 
time between strokes. The technique of moving (by hand or 
mechanically) a camera during a flash to time-resolve the 
features of the flash has yielded much valuable information 
about lightning. For example, in this way stepped and dart 
leaders were discovered and their velocities measured. 
Modern “streak” cameras which time-resolve various high- 
speed luminous events (including lightning) employ the same 
basic idea, relative motion between lens and film, as the 
hand-moved camera. The streak camera lens «remains sta- 
tionary while the motor-driven film moves at high speed 
horizontally behind the lens. A modern streak camera 
photograph of a 12-stroke lightning flash is shown in Fig. 
16.2. A streak camera photograph of a stepped leader and the 
resultant return stroke is shown in Fig. 16.3. As is evident, 
the stepped leader channel is photographically dark between 
steps and elongates itself by a new step each time it lights up. 
A detailed description of the stepped leader is given in 
Chapter 9 and the stepped leader's movement towards 
ground is illustrated in Figs. 9.1 and 9.2. 


Bead or chain lightning is a visually well-documented 
phenomenon in which the lightning channel to ground breaks 
up, or appears to break up, into luminous fragments generally 
reported to be some tens of yards long. The beads are 
reported to persist longer than the usual cloud-to-ground 
discharge channel. 

No reliable still photograph of bead lightning has been 
published in the literature. Further, it is not clear that a still 
camera would record a beaded effect. If the channel is first 
continuous and then breaks up into beads, the image on the 
film will be a superposition of the continuous channel and 
the beads. The beads will only be apparent if the light 
output of the beads to which the film is sensitive is at least a 
small fraction of the light output of the channel prior to the 
formation of beads and if the film is not over-exposed. 
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Fig. 16.2. Streak-camera photograph of a 12-stroke lightning flash 
taken near Socorro, New Mexico. The first stroke is on the left and is 
the only branched stroke (see Chapter 9). Increasing time goes from left 
to right. Continuing current (see Chapter 5), as evidenced by continuing 
luminosity, flows after the eleventh stroke. (Courtesy, Marx Brook, 
New Mexico, Institute of Mines and Technology) 
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To document bead lightning adequately, a movie is 
probably necessary. Figure 16.4 is a frame from one such 
movie taken by U.S. Navy personnel while photographing a 
plume of water rising from a depth charge explosion (Ref. 
16.1). The lightning flash of Fig. 16.4 which struck the depth 
charge plume consisted of three strokes, the first lasting more 
than 0.5 second, the second about 0.1 second, and the last 
more than 0.1 second. Continuing current (see Chapter 5) 
was apparently involved in each stroke. The latter frames of 
each of the three strokes show a channel which has broken 
up into light and dark sections a few yards in length. 

There are various theories of bead lightning and some of 
these are now considered: 

(1) The visual appearance of bead lightning is caused by 


Fig. 16.3. Streak-camera photograph of a stepped leader and the 
resultant return stroke taken near Lugano, Switzerland. Increasing time 
goes from left to right; the time duration of the photograph is about 
0.002 sec. The vertical height shown is about 400 yards. On the left 
side of the photograph the intensity of the leader is greatly enhanced. 
This enhancement was accomplished in printing the photograph in the 
darkroom. The right side of the photograph gives some idea of the 
relative brightness of the stepped leader compared to the return stroke. 
(Courtesy, Karl Berger, Eidg. Technische Hochschule, Zúrich) 
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viewing portions of the lightning channel end-on. That is, if 
the lightning channel is coming toward or going away from 
an observer, the observer will see a greater length of the 
channel within a given viewing angle than would be the case 
were the channel perpendicular to his viewing direction. The 
greater length of channel appears to the eye as a normal 
channel of greater-than-normal brightness. To account for the 
beaded effect, the channel must periodically be slanted 
toward or away from the observer. 

(2) Bead lightning is due to the periodic masking of a 


Fig. 


lg. 16.4. Bead lightning as it appears on one frame of a motion 
picture showing a three-stroke flash striking the top of a depth charge 
plume. (Courtesy, U.S. Naval Ordnance Laborato 
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normal cloud-to-ground channel by clouds or rain. 

(3) A “magnetic pinch-effect” instability may distort the 
current-carrying channel into a “string of sausages”” with the 
strong light emission coming from the “necked-off” regions 
of high-current density. To obtain a series of beads this way, 
the channel must somehow be conditioned periodically as a 
function of height. Possibly, the periodicity is just an 
accident of nature. 


(4) Bead lightning is a series of ball lightnings (see Chapter 
15). 

(5) Large-radius sections of the lightning channel have long 
luminous lifetimes since channels of large radius take longer 
to cool than channels of small radius. To a first approxi- 
mation the cooling time is proportional to the square of the 
radius. If the lightning channel radius were somehow periodi- 
cally modulated as a function of height, then, as channel 
luminosity decayed, the channel would take on the appear- 
ance of a string of beads. Perhaps this modulation occurs 
accidentally when the channel consists of a large number of 
kinks or bends. 

To account for the observed long persistence of the beads, 
those theories which require current flow may be invoked in 
conjunction with long continuing currents. Perhaps the 
observed long persistence is due to the eye rather than to the 
channel. 
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Has Lightning Any Practical Use ? 


Energy is neither created nor destroyed. Rather, it is 
converted from one form to another. For example, in a light 
bulb the input electrical energy is converted to light and heat. 
The energy content of the output light and heat equals that 
of the input electrical energy. No energy is lost. A charged 
thundercloud contains stored electrical energy derived from 
the energy of winds and particle motions and from the 
energy released by condensing water vapor (see Chapter 7). 
Some of the stored electrical energy of the cloud is 
transferred to lightning. We consider now the energy and 
power available to lightning and the possibility of its 
controlled use for the benefit of man. 

Each cloud-to-ground lightning flash involves tens of 
coulombs of charge (see Chapter 8) at a voltage of between 
100 million and a billion volts. The resultant electrical energy 


Fig. 7-48. Antenna mounted on top of author's 1960 Chevrolet. 


Figure 7-49 shows a complete schematic of the circuit. The 
tuner can be switched in or out of the circuit. At position 11 of the 
switch, I have provided a 50 ohm dummy load. This can be left out, 
if not needed. If used, it should be capable of handling your trans- 
mitter's output. Position 12 is left unused on my setup, to provide 
the option of a 100 kHz calibrator. 
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is about 1 to 10 billion watt-seconds per flash. 1f there are 
100 flashes to ground each second over the whole world (see 
Chapter 7), a maximum value for the total electrical power 
input to worldwide cloud-to-ground lightning is 1,000 billion 
watts. By comparison, the total capacity of all electric power 
generators in the United States in 1970 was about 500 billion 
watts. It is evident, therefore, that the power and energy 
available to lightning is appreciable. 

Unfortunately, no efficient method of tapping lightning's 
power and energy is presently available — for two reasons: 
(1) It is impractical to intercept (for example, with tall 
towers) any significant number of the world-wide cloud-to- 
ground flashes. (2) Most of the energy available to the 
lightning is converted along the lightning channel to thunder, 
heat, light, and radio waves, leaving only a fraction available 
at the channel base for immediate use or storage. 


The first problem is the more serious. If its total energy 
were available, a single lightning flash would run an ordinary 
household light bulb for only a few months. It is the high 
rate of occurrence of world-wide lightning (100 per second) 
which provides for the high total power and energy levels. A 
1000 ft tower in a region of moderate thunderstorm activity 
is struck by lightning about 10 times a year (see Chapter 6). 
It would take one hundred thousand such towers, each 
collecting all the energy from ten strokes per year, to equal 
the 100 million watts generated by a typical small power 
station. It is impractical to erect a sufficient number of 
towers to capture significant quantities of energy from 
lightning, and no more practical means of intercepting 
lightning has been proposed. 

Ancient man considered lightning the ultimate weapon. Its 
use and control were generally áttributed to the gods. The 
Norse god Thor hurled lightning from his chariot while riding 
across the sky. In ancient Greece, Zeus threw the thunder- 
bolts; in Rome, Jupiter. The advent of our modern civili- 
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zation has not eliminated man's interest in the use of 
lightning as a weapon. Military research in several countries 
has recently been concerned with the feasibility of directing 
lightning and ball lightning at specific targets. While tech- 
nology is not capable of achieving these goals at present, it 
would not be surprising if they were attained in the not too 
distant future. In view of the awesome destructive power of 
modern weaponry, the military use of lightning or ball 
lightning would probably be more as a psychological than as 
a destructive weapon. 

Nitrogen comprises about 80% of the atmosphere sur- 
rounding the earth, yet it cannot be used directly by the large 
majority of plants and animals until it is “fixed.” “Fixed” 
nitrogen is nitrogen incorporated in chemical compounds 
necessary to the chemical processes of life, as opposed to the 
relatively inert form of nitrogen, the nitrogen molecule, 
found in the air. Fixing is accomplished by (1) special 
organisms in the soil and waters, (2) industrial processes, and 
(3) ionizing atmospheric processes including lightning. Nitro- 
gen which has been fixed in the atmosphere is brought to 
earth in rain. It has been estimated that of the 100 million 
tons of nitrogen fixed per year, about 8% is atmospheric, 
about 30% industrial, and the remainder biological (Ref. 
17.1). Estimates of this sort are difficult to make and subject 
to large errors. The role played by lightning in generating 
fixed nitrogen is frequently accorded prominence in the 
popular literature. We can, however, show that lightning is 
not as important in nitrogen fixing as is generally believed. 

About 8 million tons of fixed nitrogen are thought to be 
brought to earth each year in rain. If we assume that (1) 
there are 500 lightning discharges (cloud-to-ground and 
intracloud) occurring each second (see Chapters 7 and 8), (2) 
each lightning channel is 2 in. in diameter and 4 miles long 
(see Chapter 10), (3) every nitrogen atom in every channel is 
“fixed” (a great overestimate), then the total amount of 


148 


nitrogen fixed by the lightning channels is about 20,000 tons 
per year. Since 20,000 tons is a very small fraction of 8 
million tons, we conclude on theoretical grounds that the 
lightning channel itself is not an important producer of fixed 
nitrogen. Experimental evidence to support this conclusion 
has been given by several investigators (Refs. 17.2 to 17.5) 
who show that the nitrate and ammonia content in precipi- 
tation is not correlated with the amount of lightning activity. 
In fact, there is roughly the same nitrate and ammonia 
content in precipitation in winter when there are few 
thunderstorms as in summer when there are many (Ref. 
17.2). What, then, is the source of the atmospheric nitrogen 
compounds? The answer is not known, but there are two 
reasonable possibilities: (1) They are generated in the lower 
regions of the ionosphere (the ionized layer of atmosphere 
beginning about 40 miles above the earth) and diffuse down- 
ward, and/or (2) they are created by corona discharges in all 
types of precipitating clouds and along the ground under 
those clouds (Ref. 17.5). If possibility (2) is important, a 
close relative of lightning has contributed and continues to 
contribute significantly to the world’s fixed nitrogen supply. 


The lightning channel generates radio waves (sometimes 
called atmospherics or sferics) which have been used for 
practical purposes. Lightning is the strongest terrestrial 
source of electromagnetic noise in the radio band. The 
lightning radio noise is strongest near a frequency of 5 
kilocycles per second and extends with decreasing intensity 
up and down the frequency scale as far as has been measured. 
Everyone is familiar with the lightning static produced on 
AM radios and the “snow” on TV pictures (particularly on 
the lower channel numbers) due to lightning radiation. 
Studies of the lightning electromagnetic noise have led to 
several practical applications. (1) Measurements made on 
lightning radio waves can be used to pinpoint the location of 
the thunderstorm area producing the lightning. Among those 
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who use this information are meteorologists (who study as 
well as predict the weather) and aircraft pilots. Radiolocation 
techniques can spot thunderstorms thousands of miles away. 
(2) Measurements of the properties of lightning radio waves 
returned from the ionosphere and from ionized layers above 
the ionosphere have yielded valuable information about the 
numbers and kinds of charged particles in those regions. (3) 
Measurements of the properties of lightning radio waves as 
they propagate along the earth’s surface have enabled the 
electrical resistivity of various portions of the earth to be de- 
termined. Similarly, lightning radio waves can be used in 
some kinds of geophysical prospecting (e.g., in the search for 
low resistivity ore lying far below the earth’s surface). 
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What Would Happen If Lightning Were 
Eliminated ? 


First, it is appropriate to point out that it may well have been 
lightning in the primordial soup covering the earth several 
billion years ago that produced the complex molecules from 
which life eventually evolved. Laboratory experiments have 
shown that electrical discharges in what is believed to be the 
constituents of the primordial atmosphere can create the 
necessary molecules. Thus, we may be indebted to lightning 
for the presence of life on earth. 

Still, lightning is primarily troublesome rather than help- 
ful, as the contents of this book attest, and except for some 
of the benefits mentioned in the previous chapter it might 
seem advantageous to eliminate it altogether. Exactly what 
would happen if lightning were eliminated is not known, but 
clearly the electrical balance of the atmosphere would have 
to change as we shall see in the following paragraphs. If and 


152 


Elec os ere < x xx . 


Y 


MEE Na TA yy 
Toles US PR 


Earth 


y 
Y 
pl 
Y 
ps SA Weather H z 
| Eo 
Y 
y 
y 
J 


300, 000 volts 


Net Electrical Current 
—»>—>»- > 


Fig. 18.1. Thunderstorms act as batteries to keep the earth charged 
negatively and the atmosphere charged positively. Atmospheric elec- 


trical currents flow downward in fine weather and upward in thunder- 


storms. Thunderstorms deliver charge to the earth by lightning, rain, 
and corona discharges. 
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how the change in electrical balance would change the 
weather is not known. Prudence, however, would dictate 
extreme caution in tampering with lightning. 

The electrical resistivity of the atmosphere decreases with 
height. From the point of view of atmospheric electricity, the 
resistivity is sufficiently low at an altitude of about 30 miles 
that the voltage does not vary much above that point. The 
region beginning at about 30 miles and extending upward is 
called the electrosphere. (The ionosphere, which reflects 
lightning radio waves downward, begins, as noted in Chapter 
17, at about 40 miles and is even a better conductor than the 
bottom of the electrosphere.) The voltage between the earth 
and the electrosphere in regions of fine weather is about 
300,000 volts. To maintain this voltage the earth has a 
negative charge of about a million coulombs on its surface 
and an equal net positive charge is distributed throughout the 
atmosphere. Measurements have shown that the negative 
charge on the earth remains roughly constant with time. At 
first glance, this fact is difficult to understand since the 
charge on the earth is continuously leaking off into the 
conducting atmosphere. In fact, calculations show that, if the 
earth’s charge were not being continuously re-supplied, the 
charge on the earth would disappear in less than an hour. 


The earth is recharged by thunderstorms. Fig. 18.1 shows 
how the electrical balance of the atmosphere is maintained. 
Thunderstorms deliver a net negative charge to the earth as a 
result of the sum of the effects of the following processes: 
(1) negative charge carried from cloud to earth by lightning, 
(2) positive charge carried from cloud to ground by rain, and 
(3) positive charge carried upward (the equivalent of negative 
charge carried downward) through the air beneath and above 
a thunderstorm, the source of the positive charge being 
corona discharge off grass, trees, and other objects with sharp 
points on the ground beneath the thunderstorms. The total 
current flowing beneath all thunderstorms in progress 
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Fig. 18.3. Lightning over the Arizona desert. (Courtesy, J. Rodney 
' l i Hastings, University of Arizona) 

Fig. 18.2. Lightning over Lake Chiem in Bavaria, Germany. (Courtesy, 

Agfa-Gavaert AG) 
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Fig. 18.4. A lightning flash exhibiting multiple ground points and the 
ribbon effect discussed in Chapter 16. (Courtesy, George Marcek, 
Catalina High School, Tucson) 
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Fig. 18.5. Lightning initiated by an upward-moving leader from a tower on 
Mt. San Salvatore near Lugano, Switzerland. Photographs of other dis- 
charges to the tower are shown in Fig. 6.la, b. (Courtesy, Richard E. 
Orville, State University of New York at Albany) 
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throughout the world at any given time is thought to be 
about 2000 amps, and is in such a direction as to charge the 
earth negatively. An approximately equal and opposite 
current flows in regions of fine weather. The result is that the 
net negative charge on the earth and the equal and opposite 
net positive charge in the atmosphere remain approximately 
constant. 

Finally, if all lightning were eliminated, we earthly viewers 
would be deprived of one of the most spectacular visual 
displays that Nature has to offer. In its variety and brilliance 
lightning puts man-made fireworks to shame, as evidenced by 
Figs. 18.2 to 18.5. Watching lightning is fun; one of the aims 
of this book has been to make it more so. Many confirmed 
lightning watchers even enjoy listening to the variety of 
sounds that comprise thunder. 
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28th June 2013 Battery Free Loop FM Crystal Radio 


Battery Free Loop FM Radio using an 8-mm 
diameter copper tube. 


This FM radio runs without battery and you can listen to FM radio by just placing 
this close to your window. 

If reception is not good, you can attach an external FM antenna (or with antenna 
amplifier), to the Loop at the point 1/3 of the loop close to the ground. 


Parts you will need: 

A Diode that works in high frequency (200Mhz or above, e.g. AA112, 1N34A, 1N48, 
Iss86 or Iss106. 

A 0-12 pf AIR Variable capacitor - you can get a 0-22pf one, then remove all the 
copper plates and leave just 4. 

50pf and 180pf fixed ceramic capacitor 

100K 1/4W resistor 

33uH Choke coil. 

3.5mm mini headphone jack 

A high impedance 4K Ohm earphone or a crystal earphone. 

Some wires. 
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ROOM FOR 
CALIBRATOR 


Fig. 7-50. Circuit layout. 


The tuner circuit was taken from the Radio Amateur's Hand- 
book. 

L1 could be a roller inductor, but that would drive up the cost 
of the circuit. The tuner works well on 80-10 meters. 

Figure 7-50 shows the layout of my circuit. Extra room was 
provided for the calibrator option. 

For compactness, 1 used miniature 365 pF variables. C1-C2 
could be a gang tuned capacitor, but that would cost more and take 
up more space. 

The phono plugs should be the shielded type, to prevent 
unwanted radiation. See Table 7-3. 

The cost of the unit should be 16 or 17 dollars, depending on 
the cost of the case and what options are used. 


NO-WIRE ANTENNA SWITCH 


Originally 1 came up with this idea to feed a tri-band quad. 
Now, the quad is a fine antenna and the fact that it can easily handle 


Table 7-3. Parts List. 


365 pF variable capacitors (Radio Shack 
272-1341 or equivalent) 

B&W 3012 

1 pole, 12 position (Radio Shack 275-1385) 


DPDT (Radio Shack 275-1546) 
Single hole phono jack (Radio Shack 
274-346) 


eee eee mm — 
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Loop FM Crystal Radio Circuit - http://billydiy.blogspot.hk 


1.2M Antenna 


C2: 50pf Ceramic Capacitor with legs cut down to 2 mm 


1N34A4 or l5586 


Li: ámm diameter Copper Tube - 1 turn - inner diameter - 130mm, opening 50mm 
J1: High Impedance 4000 Ohm earphone or Crystal Earphone 


[http://1.bp.blogspot.com/-84ZQcpL- 
iDM/Uc2DeEbsVzl/AAAAAAAABLA/R_rFIJDIWn8/s763/Screen+Shot+201 3-06- 
28+at+8.36.46+PM.png] 


Posted 28th June 2013 by Billy 
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A Dan McGillis = 


Ñ Mon Jan 26, 2009 12:52 pm 


Hi all. 


| used this little loop-stick radio in the just-ended ‘09 Crystal Radio DX contest. Wanted to see how it would do as a simple 
double-tuned rig. 


Not too bad: 84 stations ID’d in about 13 hrs of listening time. 
amm... A big old 200’ antenna certainly helps a bit $ 


This setup makes a nice progressive radio for the grandkids (€ grandpa): 
- start out with the basic cat’s whisker detector (thanks Mike), 

- add a good FO-215 diode, 

- add a Bogen+Benny for some audio matching, 

- add an antenna tuner, 


and you wind up with a decent little set. 


Here’s a picture. 
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i. 


Fun stuff. 
73, Dan 
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Dan McGillis 
4D 


66 
Loop-Stick Crystal Set 


da Fri Sep 26, 2008 2:25 pm 


| wanted a simple crystal set that would highlight Mike Peebles’ rock stand (‘cause | really like it ) and one that could 
serve as a nucleus for a project radio. This little “loop stick” radio seems to be just the ticket. 


7 < a" ihe 
WENA 7008 


0.5”x4” Amidon ferrite-61 rod, 


10t cw #24 magnet wire for the antenna coupling coil, 
55t cw 165/46 litz (about 230 uH), 

10-410 pf Jackson Bros. capacitor, 

Peebles rock stand + crystal, or a diode. 


The antenna-ground is connected at the top terminal block and the audio comes out the bottom terminal block. 
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It works pretty good by itself with a piezo earpiece. But it really perks-up when some bells & whistles are added. Like an 
antenna coupling capacitor, and/or a Bogen+Benny at the output, and/or a sensitive headset, and/or a loose coupled 
antenna tuner, etc., etc.. It’s kind of fun to fiddle around with it. 


A problem I’ve always had is DUST. I’m banished to the basement for crystal set work and the sets seem to accumulate a 
thick coating of dust in short order if they’re not covered-up. But | wanted this little setup to be out in the open so the 
grandkids could see it & maybe increase their interest in radio. (It’s hard to compete with video games!) 


| found some $1.50 clear plastic storage boxes - with lids - at Bed Bath & Beyond that make nice dust covers. The radios’ 
wooden base is screwed to the inside of the lid and the box part then sits on top. No dust on the parts and you can see the 
inner workings through the plastic. (E! The inside clearance is almost 4” so there’s plenty of room in there - especially if 
ferrite-assisted coils are used. 


Not elegant, but it works. 


73, Dan 


OErjan 


ly Fri Sep 26, 2008 3:38 pm 


heh, great idea and a good looking set, 
| store my competition rig ( ATU, detector unit, Phones, ultimatch2...) in a similar box, just MUCH larger (22liters), no 
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wooden base screwed to the top, just store. 
| also use the box as table for the rig in use (it is Poly Propylene so low loss at RF). 


Last edited by OErjan on Fri Sep 26, 2008 3:43 pm, edited 1 time in total. 


peeblesoriginals 


E Fri Sep 26, 2008 3:42 pm 


Dan, 


Looks great! 


Mike 


lj Tue Sep 30, 2008 6:01 am 


Hi Dan, 
Nice set and | like the dust cover idea. 


Corne 


TE Dan McGillis 
(EE G6 


Ñ Tue Sep 30, 2008 2:42 pm 


Thanks fellas. 
And thanks for all the work you guys have posted -- | sure have learned a lot from you nice folks. 


73, Dan 


homebrew 


Ej Tue Sep 30, 2008 9:06 pm 


Does anyone know why production loopstick antennas are multi layered? 


Ham-er 
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loopstick layering 
Ñ Tue Sep 30, 2008 11:53 pm 


66 homebrew wrote: 
Does anyone know why production loopstick antennas are multi layered? 


Good question Homebrew, 

My best guess is cost(maunfacturer being cheap). As most of the commercial “loopstick" are probably intended to go into 
cheap transistor superhet desing radio,s, the loopstick doesnt need the best Q or efficiency. 

In these sets the selectivity is controlled by the IF stage, and the sensitivity by amplification either in the RF amp if it has 


one, or the converter transistor if not, and by the AGC. 


Can anyone verify my guess? 


Dan McGillis 
Gb 
Ej Tue Oct 14, 2008 12:45 am 
To complete the story - | used the little loop-stick radio in the just finished ‘08 Sprint contest. It was single tuned (no 
antenna tuner) and no diode was used - only “crystal” detectors, primarily galena. Kyocera KBT-44SB-1A piezo elements 
made-up the headset. | did put a variable capacitor in the antenna line to vary the coupling. 
The log is shown below: 
heard (daytime) without Bogen + Benny 
DATE TIME FREQ STATION detector detector detector detector 

# M-D-06 UTC khz call best loud! stable 2nd best 

1 10/10/2008 1250 ragg Waeb galena? PbTe pyrite galena 2 

2 10/10/2008 1253 1040 wje galena 1 PbTe pyrite galena 2 

3 10/10/2008 1254 1060 kyw galena 1 galena 2 

4 10/10/2008 1255 1100 opa galena 7 pyrite galena 2 

5 10/10/2008 1256 1230 Wweex galena 1 pyrite galena 2 

6 10/10/2008 1257 1320 wikz galena? PboTe pyrite galena Z 

T 10/10/2008 1258 1470 Wsan galena?  PbTe pyrite galena 2 

B 10/10/2008 1259 1600 who! galena 1 

g 10/10/2008 1347 710 wor galena 1 

10 10/10/2008 1558 1210 wpht galena 1 

11 10/10/2008 1604 560 wil galena 1 

12 10/11/2008 27 660 wan galena 1 

13 10/11/2008 33 700 wiw galena 1 

14 10/11/2008 34 720 wgn galena 1 

15 10/11/2008 35 740 cfzm galena 1 

16 10/11/2008 36 780 wbbm galena 1 

17 10/11/2008 38 900 chm galena 1 

18 10/11/2008 39 1030 wbz galena 1 

19 10/11/2008 52 1110 wbt galena 1 

20 10/11/2008 115 1660 WTU galena 1 

21 10/11/2008 121 B60 cjbe galena 1 

22 10/11/2008 122 840 whas galena 1 

23 10/11/2008 128 650 wam galena 1 

24 10/11/2008 132 600 loud spanish galena 1 

25 10/11/2008 134 550 wor galena 7 

26 10/11/2008 147 1080 wtic galena 1 

27 10/11/2008 149 1170 WWA galena 1 
Although | didn*t spend a lot of time listening, this simple set will bring-in a lot of stations. 
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Fig. 7-51. Control unit. 


three bands makes it even better. However, there is a little 
problem in feeding three driven elements on one antenna. Neither 
three feedlines nor a matching system appealed to me, and neither 
did using three hundred feet of RG/8U. The result was a remote 
switch mounted on the boom of the quad with one feedline to the 
shack and separate lines from the boom to each element. This 
saved quite a bit of coax but added a control line for the remote 
switch. There had to be a better way. 

After some experimentation, a remote switch was perfected 
that did not need a separate control line, used inexpensive relays 
for switching, was small enough to mount on the boom of the 
antenna, and did not cause a noticeable increase in swr. In order to 
eliminate the control line, the antenna coax was used to carry dc to 
the relays while also carrying rf to the antenna. This dual use of a 
feedline is a very common practice in TV antenna preamps where 
the preamp is mounted on the antenna. The feedline carries power 
to the preamp and signal back to the set, 

To accomplish the necessary switching, two relays are re- 
quired. With both relaxed, the 20 meter element is connected to 
the main feedline. With one relay energized, 15 meters is con- 
nected, and when the other relay energizes, 10 meters is con- 
nected. To make independent selection of the relays possible, 
steering diodes are used in series with each relay. Then by simply 
reversing the polarity of the control voltage, either relay may be 
energized. 

Remote control is handled at the operating position by the 
control unit, which houses a simple power supply. Referring to 
Fig. 7-51, rfis fed into the control unit at J1, passes through C1, and 
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The 2 close-by stations (10 km E 3.6kW & 11 km @ 5kW ) are VERY loud -- just right for a grandkids’ first taste of crystal 
radio. Adding a coupling capacitor to the antenna line tamed the “flame-throwers” a bit and then more stations could be 
heard. 

At night, DX stations were strong and in-the-clear. Easy, pleasant listening. 

The detector stands’ whisker adjustment was smooth and very stable -- even a grandpa could do it (} When a VERY light 
contact to the crystal was achieved, the set's selectivity improved greatly. A heavier hand produced broader signals. The 
effect was dramatic to hear. 

The addition of a Bogen + Benny makes a worthwhile improvement -- as everyone here knows. 

As-is, it’s a kid-friendly, easy to operate, well behaved little set. 

When a decent (high Rd) diode like an FO-215 replaces the crystal detector, and an antenna tuner coil - like the one at 
viewtopic.php?t=1132 


is loosely coupled to the set - there’s DX all over the dial. Fun stuff. 


73, Dan 


FtForger 
66 


Nice results... 
i Tue Oct 14, 2008 5:29 pm 


Nice results. 


My only problem was that | was never able to find a link to the 08 contest for rules/entry info etc... 


OErjan 
GG 


Ij Tue Oct 14, 2008 8:08 pm 


here you are FT, sadly somewhat late. 
http: //crystalradio.us/crystalsprint/index.htm 


foolsgolden 


G Sun Dec 21, 2008 3:13 pm 


i like the incredibly long stick frOm older portables winding my own 
enamald wire round em and tere easy to mount my nostalgia compells 
me to usehome brue air cores and vario couplers my next expariment 
is a tribute to marconi hes the italian stalion god fater of radio. 
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gusnaz 


È Sun Dec 21, 2008 3:23 pm 


Not elegant, but it works. 
Elegance is in the eye of the beholder! 
| believe it to be elegant. 


Gus 


golfguru 
66 


IB Sun Dec 21, 2008 8:52 pm 


66 
my next expariment 


is a tribute to marconi hes the italian stalion god fater of radio. 


Sounds good Goldy, keep us posted. 


Ñ Sun Dec 21, 2008 11:45 pm 


Thats really nice, Dan. | could use a cover like that over my whole shack (E) | recently built the breadboard rcvr and audio 
amp that | was showing off here a few months ago. They already look somewhat “vintage” with the tarnished brass. 


© 


foolsgolden 


Ñ Tue Dec 23, 2008 2:50 am 


yah dont have camra yet till after holidays but think out side the ciggar box a varyo copler w tuner selector {tikler coyle} 
wt optional 

det/amp/set three peace (5) ciggar box S.E.T. amp is done with feed back gitar amp neatly hidden in ciggar box witth 
feed back 

controle gain vol for 20 ohm all tgether new sp set.stil working on 

other half took 1 ciggar left the rest @ nebors rpm shop for his cellibrations the amps not going to be entrd on contest but 
a 

fools gold piyrite det mated with tuner will be. 

feed back by the way on gitar amp. works well with tune n det. sets eavin after trans former and ceramic disc cap. (2) 
just good gon rite idea i gess ($3 might turn old amp box to all together new set or rf osc or somthinng. radio bord is new 
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CRYSTAL RADIOS AK (/) 


Loose Coupler Set 


In spring of 2016, | decided to build a crystal set with my friends. After searching information on the net, | 
found a series of introductory videos shown in MICROWAVE1 channel on YouTube very interesting. So, | 
designed a set based on the loose coupler in the video and added antenna tuning and the detector circuit. 


The sliding notch of the antenna coil was not well-made or smooth, but once its position is set, it works 
fine. The move of secondary coil is also not satisfactory, but | have no complain. You need to reach the 
slider and the moving coil behind the front panel, so it is a bit annoying. With S4, *DP3T, you can make 
connection of the coil and capacitor serial or parallel. Rotary switches, S5 and S6 are *SP6T to select 
taps. Capacitance of the variable capacitors can be added by S2 and S7. 


L1 and L2 use 0.5mm polyurethan coated wire and are wound on PVC pipes. R1 should be determined 
according to the phone(s) you use, or you can make it variable. 


Finding the best settings is not so easy but very interesting. You need to adjust L1, L2, C1, and C2 
simultaneously, little by little. With an 18 m long wire antenna around my house and a shallow ground 
earth, maximum voltage at the phone was 50-80 mV when tuned to local stations (10 kW / 10 km). It 
cannot pick up stronger but distant stations, such as the one with 300 kW at 200 km away, even at night. | 
may need longer and higher antenna for that. 


This is not a super high performance set. It has OK sensitivity and not so great selectivity (no QRM 
though), but it outputs decent level of sound and certainly is fun to play with. Please note that all the 
evaluations are very subjective as | have no way to compare other ones. 


July 15, 2016 


*DP3T: Double pole 3 throw, SP6T: Single pole 6 throw 
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ANTI 
T7 Loose Coupler Crystal Set 
ds : 
c1 | 120p & 
320p . E 


52 
33 


Atsushi Kano 2016/07 
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J1 


51: Single / Double tune 

S2: Add 320pF 

53: Common ground 

5d: DP3T Coil only / Parallel! Serial 

55.56: Rotary SW 

S7: High/Low frequency 

Li: p60mm 140T 

L2: 960mm GND-60/30/15/15/15/15/15T-ANT 
C1.C2: Alps two section air variable capacitor 
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Louis MAICHE 


Wireless Telluric Telephone 


LinkRunner G2 


NE TSCOUT. 


Guardians of the Connect 


Sure, it looks silly now -- but wait until an EMP destroys the modern grid -- then you'll want/need this proven simple, inexpensive alt-tech earth- 
radio -- directional, low energy, & untappable -- and anyone can build it... 


Jerry Vassilatos : Vril Compendium 


https://books.google.com/books? 


id 


A NEW WIRELESS TELEPHONE, 

The Paris journals report that M. Maiche, a well- 
known inventor, has made a sensational discovery in 
the field of wireless telephony. His new apparatus 
consists of two posts which are placed in his prem- 
ises. Each post consists of a telephone, battery, a 
special form of induction coil and a frame which is 
formed of a series of insulated wifes. One post is 
placed in the garden and a second one in a room in 
the building some distance off, about 100 feet, and sev- 
eral walls, doors, and windows come between the posts. 
Conversation can be carried on easily, and the sound 
is clear. The inventor started five venrs ago to work 
on the question. At the chateau of Marchais. belong- 
ing to the Prince af Monaco, he made experiments 
using the earth ns a conductor, ard these were suc- 
cessful at a distance of two miles. One vear afier- 
ward he was able to communicate between Toulon and 
Ajaccio in Corsica, over the sea at 180 miles distance, 
using the sea as a conductor for the waves. These 
experiments were kept secret, however, As the new 
apparatus works without the use of ground, the results 
are more important. He expects to increase the dis- 
lance indefinitely by giving more power to the appa- 
vatus, which is only in its first stages. Submarine 
boats could use the svstem to wood advantage., 
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Wireless Telephone of Louis Maiche, the French Scientist 


April 13, 1907. 


It is related of Gambetta, the famous French statesman, that 
he was wont to chide M. Thiers, his equally famous colleague, for 
the short-sightedness which led the latter to declare, when the loco- 
motive was invented: “That will never move.” But Gambetta him- 
self was mot less short-sighted. When Professor Bell, in 1867, in- 
vented the telephone, a modest French physician, Louis Maiche, 
went to Gambetta and, full of enthusiasm, begged him to interest 
himself in the matter. His hearer burst out laughing and inter- 
rupted him with: “My poor Maiche! What the deuce do you 
want to do with your plaything? It's good to amuse children.” 
Gambetta and Thiers are long since dead, but Dr, Maiche, unde- 
terted by the skepticism of men supposed to be wise beyond most 
men, has kept up his interest in the “plaything,” and has now in- 
vented a wireless telephone which promises to make a revolution 
in even the perfected form of that “plaything.” Recalling the in- 
terview with Gambetta, a French correspondent thus describes the 
invention : 

Maiche, even then, had been honored as añ inventor, already 
being known by his galvanic pile for the depolarization of the at- 
mosphere, the model of which may now be seen at the Conservatory 
of Arts and Trades. Politicians, however, belong, for the most 
part, to that class which does not keep abreast of the science of 
the day. When I remember the life we led our professors of 
physics and mathematics 1 am quite willing to excuse the memory 
of Gambetta. 

Later on Maiche invented the micro- 
phone, which served as the basis for 
telephonic improvement, and also a sy3- 
tem for telegraphing and telephoning 
separate messages simultaneously over 
the same wire; he also conceived a peer- 
ing-glass, which permits the observer to 
sec a great distance into obscurity, and 
a process for the chemical reproduction 
of certain precious stones. 1 have seen 
the frame in which he keeps his honors 
and decorations, which number more 
than five hundred. It would be a great 
advertisement for a mercantile house. 

Let us now penetrate into the cav- 
ern of this modern sorcerer. Full of 
simplicity and with a pleasant smile on 
his countenance, M. Maiche received 
ts and listened to the object of our 


telephonic improvement, and also a = 
tem for telegraphing and telephoning 
separate messages simultaneously over 
the same wire; he also conceived a peer- 
ing-glass, which permits the observer to 
see a great distance into obscurity, and 
a process for the chemical reproduction 
of certain precious stones. 1 have seen 
the frame in which he keeps his honors 
and decorations, which number more 
than five hundred. It would be a great 
advertisement for a mercantile house. 

tous now penetrate into the cav- 
erm of this modern sorcerer. Full of 
simplicity and with a pleasant smile on 
his countenance, M. Maiche received 
us and listened to the object of our 
visit—"We would be glad to hear from 
your own lips a description of this new 
scientific wonder.” 

Since 1867, M. Maiche informed us, 
he had occupied himself with wireless 
telegraphy, and, as far back as 1878, 
had succeeded in establishing a tele- 
graphic communication without wires 
for more than 600 feet, and in 1893 tele- 
phonic communication by the same ays- 
tem for over ninety feet, Since then 
he has constantly increased the dis- 


The Christian Work and Evangeliat 


Wireless Telephone of Louis Maiche, the French Scientist 


Aerial Message Projected Only in the Desired Direction; Words Are Inaudible Elsewhere 


conducting wires. When you arrived here you rang the bell with- 
out a wire. When I call ip my cook I do so without wire, A 
simple voltaic pile resounds to every vibration and without failure, 
But now come and hear my apparatus i action.” 

We found ourselves in the garden before a table on which were 
placed a small voltaic pile, an ordinary telephonic microphone, and 
a mysterious box not unlike that attached to telephones. At the 
side of the table was a large frame, about six feet square, similar 
to those used by artists for their canvases. 

“In order to render my explanations more clear,” said M. 
Maiche, “I will take you first to the post of the transmitter and then 
to the post of the receiver, although, im actual practice, the same 
post performs both services. This mysterious box which has 
aroused your curiosity is the nest of my invention, Ft is my special 
converter, composed of an electric reel, the wires of which are dis- 
posed in a peculiar manner which I may not reveal. When this 
converter is in action it changes ordinary electricity into vibra- 
tions, which are transmitted in straight lines to the post of the 
receiver. The two ends of this converter are attached to the frame, 
on the periphery of which is a groove, in which are buried two 
series of wires, One serves as a transmitter, the other as a 


"And?" 

“And that is all, The words which you confide to the micro- 
phone pass into the converter, awake 
corresponding vibrations which are 
stored in the wires surrounding the 
frames, whence they project themselves 
in the desired direction, moving nearer 
and nearer their address. At that point 
is another frame identical to the first. 
There the transmitted vibrations are re- 
ccived by the wires which surround it, 
and are reconverted into words which 
may be heard through an ordinary tele- 
phonic receiver. Here it is no longer 
a question of waves, We have simply 
established a continuous circuit. The 
illustration which is used to show the 
transmission of Hertzian waves by 
means of a stone producing eddies in 
the water will not do here. Here vibra- 
tion is transmitted in one direction, just 
as though you placed several billiard 


frames, whence they project themselves 
in the desired direction, moving nearer 
and mearer their address. At that point 
ia another frame identical to the first. 
There the transmitted vibrations are re- 
ceived by the wires which surround it, 
and are reconverted into words which 
may be heard through an ordinary tele- 
phonic receiver, Here it is no longer 
a question of waves, We have simply 
established a continuous circuit E 
illustration which is used to show the 
transmission of Hertzian waves by 
means of a stone producing eddies in 
the water will not do here, Here vibra- 
tion is transmitted in one direction, just 
as though you placed several billiard 
balls in line upon the table and dealt 
a blow at the first. The shock is trans- 
mitted through the line, but only the 
last is moved from its position; the 
others are not disturbed, although each 
intervening ball received and transmit- 
ted the blow. Now let us experiment.” 

While M. Maiche's assistant re- 
mained at the transmitter at the end of 
the garden, we entered the house and 
stood before a frame which was to 


THE MYSTERIOUS BELL—Without Any Connect- serve as a receiver, Presently we heard 


tance—in the Saint-Germain Forest in Ing Wire tt Informe the Hearer that Some One the articulation of a voice, then the 
company with the well-known English Wants Him Over the Wireless Telephone. sound of a whistle repeated at distinct 


physician, William Crookes; at the 

Chateau de Marchais, the property of Prince Albert, of Monaco, 
who proved a most willing patron; from Calais to Dover, and from 
Brussels to London, Finally, in the courtyard of the post-office 
in Toulon he heard distinctly the voice of his assistant at Ajaccio 
—the same voice with its Normandy accent, which we were pres- 
ently to hear over a distance of 150 feet. . 

“But all that," said M. Maiche, “is ancient history, I then made 
use of the nd as a means of transmission. The discovery of 
to-day enables me to do away with all visible means of communica- 
tion and to project the words in any given direction without the 
danger that they may be radiated elsewhere: and; more interest- 
ing still, I do this with an infinitesimal expenditure of electricity, 
while, as you well know, other wireless telegraphic and telephonic 
systems expend enormous amounts of electricity radiated in all 
directions, When once perfected my apparatus may be practically 
used at an insignificant cost. Just now it is still at the laboratory 
and experimental stages. You will be able to judge of its promise.” 

We pasted into another room. The tinkle of a bell was heard. 
Tt came from a box attached to the wall, but otherwise isolated. 

“That is the call bell," said M. Maiche. “My assistant in the 
laboratory at the end of the garden signals us that he wishes to 
talk. If conversation becomes difficult, owing to the great distance, 
there is still this little bell, which may communicate in the code 
of the Morse alphabet. In my house I have done away with all 
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intervals, and then that exquisite air 

from “Martha"—"“The last Rose of Summer"—very prettily 
whistled by M. Charles Maiche, who, not content with being a re- 
markable physician and his father's able assistant, is also a splen- 
did musician, Not only was the pitch of the tone perfectly repro- 
duced, but also the wality of the sound. All possibility of decep- 
tion was thus excluded, as the effect could not possibly have been 
produced by ventriloquism, the voice being plainly recognized as that 
of Mr. C Maiche, who was at the time at the other end of the wire, * 
“You see," said M. Maiche, “that our experiments have suc- 
ceeded in spite of all obstacles, Neither water, mor rocks, nor ice 
can interfere. All that the telegrapher considers as insurmountable 
barriers we casily pass through. Surely we have much yet to per- 
fect. All that we have done up to the present by this new system 
is to be able to converse distinctly up to a distance of a little over 
1.800 feet. But once the practicability of the theory is established, 
then the mechanism must be perfected. It is being perfected day 
by day—just as Branly one day succeeded in modifying the con- 
ductibility of his tube of filings from one end of his laboratory to 
the other, thereby making wireless telegraphy an established fact. 
One knows the progress which it has made since then—the many 
defects which have gradually been overcome. And it will be the 
same with our wireless telephone, which seems to us called to a 


very different destiny not as an aid to war, but as an aid to peace, 
as a saviour of human life.” 
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Telephony, Volumes 3-4 


Another inventor engaged in trying to solve the wire- 
less telephony problem is M. Louis Maiche, For this pur- 
pose the Prince of Monaco has placed his domain at his dis- 

sal. E i 

M. Maiche, who, according to the "Electrical Review,” 
London, is well known for his extensive researches in the 
domain of telegraphy and telephony, made experiments in 
the transmission of words and signals on the Morse code by 
earth currents. 

This is briefly the result of the tests with an improvised 
apparatus and a current of .003 ampere and 8 volts. 

1. At 1,500 meters conversation transmitted as dis- 
tinctly as by the best ordinary telephone system. 

2. At 4 km. speech still very distinct, but seeming to 
have arrived at the limit of perceptible intensity, 

3. At 7 km. vibrations of the telephone plate suffi- 
ciently distinct to allow of Morse signals being transmitted 
with the utmost regularity. 

The experiments could not be carried further, as this 
would have taken them beyond the limits of the domain. 
The transmitting apparatus used by M. Maiche consists, 
besides the source of electricity, of an improved microphone 
and an induction coil wound in a special manner. In the 
case of the transmission of Morse signals, a key and vibra- 
tor are substituted for the microphone. 

In both cases the receiver was a sensitive telephone, 

The connections to carth consisted sometimes of two 
electrodes immersed in water, and sometimes of electrodes 
embedded in damp earth. The two electrodes at each sta- 
tion were connected by an insulated wire which formed a 
basis on which was connected, according as required, the 
receiver or the transmitter. 

As, according to M. Maiche, long-distance experiments 
alone could show what length of base could correspond to 
accentuations in the current conveved. H. R. H. the Prince 
of Monaco has kindly placed at M. Maiche's disposal his 
yacht, Princess Alice, and the local resources of the princi- 
pality for long-distance experiments which will shortly be 
made in the Mediterranean and between the French and 
Italian shores. Evidently, as augmentations of current are 
mentioned, Morse signals will be transmitted, for which the 
telephone will act as receiver. 
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L.Maiche électrophone a pupitre 


Appareil dit Electrophone de Maiche: nom donné par Louis Maiche a ses appareils téléphoniques. Celui-ci est équipé d'une paire d’écouteurs a manches 


Lensczewski et d'un microphone type Ader. Le modèle en photo doit être antérieur a 1890 
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Maiche's wireless telephone system, 1906 
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http://thethingsienjoy.blogspot.com/2013 04 21 archive.html 
The world's first "mobile" phone (in 1906) 


French inventor Louis Maiche and his wireless phone, arguably also the world's first mobile phone. 
Image published in the Swedish weekly Hvar 8 Dag in September 1906 ( Click to enlarge ) 


"M. Louis Maiche is the inventor of the wireless telephone and, like many scientists, is not so famous as he ought to be". 


That is how an article in the Auckland Star on March 6, 1907, introduced the French inventor Louis Maiche, who also could be called the inventor of a 
mobile phone. 


In the article M. Maiche describes how it all began: 


"My first trials took place in 1867, but they were concerned more with wireless telegraphy, and it was not until 1893 that I exchanged a conversation through 
a wireless telephone at a distance of 30 yards." 


Two months earlier, the New York Times had also published an article on M. Maiche and his wireless telephone invention. In the article the inventor refers to 
his successful experiments with telegraphy and then describes his work with the wireless telephone: 


"I then made use of the ground as a means of transmission. The discovery of today enables me to do away with all visible means of communication and to 
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comes out at J2. RFC1 is used to prevent rf from entering the 
power supply while allowing the dc voltage to be applied to the rf 
line. Capacitor C1 blocks the dc from getting back into the trans- 
ceiver or linear. Switch S1 is a center-off slide switch and is used to 
provide either a positive or negative voltage to the rf line. 

At the remote switch end of the system, the rf passes through 
C2, through the contacts of relays K1 and K2, and out to the 
appropriate antenna. If no control-voltage is applied to the line, rf 
will be fed out to J4. If a positive voltage is applied at the control 
unit, relay K1 will energize and rf energy will be fed out to J6. If a 
negative voltage is applied, relay K2 will energize and the rf will be 
switched to J5. See Fig. 7-52. 

In constructing this project, it is necessary to use high quality 
relays for K1 and K2. Since they will probably be mounted up on 
the tower or even on the boom of an antenna, they must be reliable. 
The relays used here were surplus types of the hermetically sealed 
variety and had 24 volt coils. Keep in mind that, if you are using 
long runs of coax, there will be some loss of voltage at the relays 
due to the dc resistance of the cable and connectors. For this 
reason 1 do not recommend using relays with less than 12 volt coils. 
For example, the 24 volt units I used draw very little current and 
thus cause very little voltage drop to occur in the line. Also, the 


Fig. 7-52. Remote switch, 
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project the words in any given direction without the danger that they may be radiated elsewhere; and, more interesting still, I do this with an infinitesimal 
expenditure of electricity, while, as you well know, other wireless telegraphic and telephone systems expend enormous amounts of electricity radiated in all 
directions." 


"When once perfected my apparatus may be practically used at an insignificant cost. Just now it is still at the laboratory and experimental stages." 


"You see", said M. Maiche,"that our experiments have succeeded in spite of all obstacles. Neither the water, nor rocks, nor ice can interfere. All that the 
telegrapher considers as insurmountable barriers we easily pass through. Surely we have much to perfect! All that we have done up to the present is to be able 
to converse distinctly up to a distance of a little over 1,800 feet. But once the practicality of the theory is established, then the mechanism must be perfected." 


"It is being perfected day by day - just as Branly one day succeeded in modifying the conductibility of his tube fillings from one end of his laboratory to the 
other, thereby making wireless telegraphy an established fact. And it will the same with our wireless telephone,which seems to us called to a very different 
destiny, not as aid to war, but as an aid to peace, as a savior of human life." 


In the Auckland Star article M. Maiche gives some examples of the future use of his wireless telephone: 


"Imagine two steamers steering through a fog. With my little apparatus the captain can tell the direction the other ship is taking. In case of an accident to a 
submarine my apparatus would enable the crew in danger to communicate with the convoying tug without fearing the breaking of a line as in the case of a 
telephone buoy. Miners entombed after a disaster like that at Courrieres could communicate with the rescue party. Two army corps making a night attack 
could keep in constant touch without risk of interruption. The ordinary citizen could have it in his drawing room, and would no longer be dependent upon the 
vagaries of the telephone exchange." 


Both articles also include some technical descriptions of the use of M. Maiche's new wireless phone. It is possible that the French inventor's theories were not 
as successful as he himself thought. Otherwise it is difficult to understand why this page (in French) is the only one with information about him that I have 
been able to locate. Still, his concept of wireless (and mobile) telephony should merit him a place in the hall of fame of modern communication technology . 


Patents 


Nouveau mode de transmission et de réception sans fil des signaux électriques 
FR335990 
1904-02-22 


The object of the present invention is a new method of transmitting and receiving wireless electrical signals. The essential means on which is based the 
system is the production transmits position and uses the position receiver electricity manifested in a new form which may be referred to as "electrostatic 
vibration" and is obtained as will be explained further by modification of a spark inductor. One of distinctive characters of this new manifestation of 
electricity is that it can be transmitted in space without the aid antennas and ground at all distances, and, in the same form as sound, light and heat, that is to 
say without poles. 


The inductor being communicated c with a power source, a battery, for example, and a special switch which will be described below, each interruption is to be 
born in the armature current giving a spark, and it is the latter that is transform an "electrostatic vibration." The armature out of the coil wire after the last 
winding outside, is for this purpose connected to a large metal surface which can be exposed to air. This surface may be constituted either by c a hollow or 
solid cylinder or by one or more sheets of iron, copper or any other metal usual more or less thick. The surface is preferably rounded at the corners or packed 
with a border all around to remove spikes, as in the conductive electrostatic machines. It should be about one square meter per watt of the current flowing in 
the inductor. The other end of the armature is connected to an adjusting screw of which the tip k of platinum or gold is next to a button, also in a gold or 
platinum, carried on the large surface. 


FIGS. 1 and 2 of the accompanying drawings show two provisions which may be 5 h adopted for the preparation of the transmitter station. 


FIGS. 3 and k show two provisions and receiver. 


EL asique 


One end of the armature wire of the coil -j is connected to the cylinder 3 rounded at its ends, and the end k of the wire is connected to plate 5 mounted on the 
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insulating support 6 which is fixed to the cylinder 3 . The plate 5 is traversed by a setscrew 55 provided beyond tip 7 made of gold or platinum. The end of the 
induced wire k is that by which begins rolling on a bobbin. Wire 8 communicates with the earth or the plate 5 (Fig. I) is the cylinder 3 (Fig. A). 


Improvements in and relating to Electric Transformers. 
GB190727157 
1908-10-29 


Comprises a large number of windings wound in the form of a cable a on a coreless frame b, and led out to terminals 1 ... 10 and, adapted to be connected in 
quantity or tension by means of a commutator so that three or more independent circuits may be made. 


COMPLETE SPECIFICATION. 


The present invention relates to electric transformers of the class described by Specifications Nos. N;821901 (Amberg), z1854 (Swinburne), and 4/183 (Clerc) 
and it particularly concerns the arrangement of the windings. 


The invention is represented in the accompanying drawings;- 


Figs. 1 and 2, show a section and a front view respectively of the improved transformer. 
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The transformer which has no magnetic core, is merely constituted by a convenient number of insulated wires, 10 for example, which are united to form a 
cable a which is wound around a frame b. The ends of the cable project through two holes of the frame and the ends of each wire are joined to terminals 1 to 
10 and 11 to 101 respectively. In the drawings are shown 20 terminals, the first ten of which correspond to the beginnings of the 10 wires, and the other ten 
correspond to the ends of the same wires. 


Thus, a winding of a certain number of identical wires is obtained which are all wound parallel and simultaneously and which may be connected by means of 
a commutator so as to form groups to 'be varied according to requirement; so that there are thus constituted three or more circuits which are entirely 


independent the one of the other and the length of which can be varied at will. 


By conveniently joining the free ends of some of the wires, a primary winding of weak resistance is obtained with the wires of same joined for quantity, while 
one or more of the secondary windings are joined for tension, thus providing any required resistance. 


The construction of the transformer by means of a great number of separate wires offers numerous advantages amongst which are the facility of connecting 


the separate wires at will to constitute the circuits; the arrangement enabling a supplementary circuit to be branched off at any point of the said circuits; and 
the reciprocal independence of these circuits with large number. 


Improvements in and relating to Electric Transformers. 
GB190721535 


1908-05-28 

Transformers for telegraphy and wireless telegraphy are made without a magnetic core, and of little depth but of large diameter. They have the primary 
winding e enclosed within the secondary winding c, g, but separated therefrom by insulation d, f. The windings may be formed in sections, and coupled up in 
any order by means of a commutator. 

COMPLETE SPECIFICATION. 


This invention relates to electric transformers the construction of which is improved so that currents of induction of very short periodicity are obtained. 


The currents, the duration of which is extremely short, possess special properties which are particularly useful when applied in telegraphy and in wireless 
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Transformers without magnetic core and with the secondary winding wound around the primary, or with the primary winding enclosed within insulating 
material round wh,ich is wound the secondary winding so that the whole forms a cable, have been provided, and my invention is limited to the form and 


construction of the transformer as hereinafter set forth. 


My improved electric transformer contains its primary wire within a cable of the secondary wires in the form of a single coil of little thickness but of very 
large dia,meter, said coil or cable being applied to a ring-shaped transformer body. 


The accompanying drawing shows my improved electric transformer. 
Fig. 1 is a section on line A-B of Fig. 2 and 


Fig. 2 is a plan of the ring-shaped transformer. 


As will be seen from the drawings, the transformer a 1s of comparatively large diameter which may be several meters. In the drawing the transformer is 
represented of circular cross-section, it could however be of square or other cross-section. This transformer is very short because all the wires of the winding 
are located on its periphery in an appropriate hollow or groove b. For manufacturing the trans-former I place around the rim of this kind of wheel or dial: a, a 
first layer of secondary wire which is covered by a suitable insulator d and upon this insulator the primary wire e is wound which is covered by another layer 
of insulating material f. The two insulating layers d and f are connected in such a manner that the primary wires e are well insulated, and the coil is then 
finished by applying an outer winding of secondary wire g, the latter surrounding the primary in such a manner as to form a cable. In this manner a ring of 
large diameter is obtained which is composed of the secondary wires c, g which enclose a core of suitably insulated and wholly surrounded primary wires e 
and which ring is applied to a ring-shaped transformer-body having a peripheral groove of suitable cross-section. 


The apparatus comprises four terminals h, two of which serve for fixing the ends of the secondary wires, the other two serving for fixing the ends of the 
primary winding. 

There could be arranged several independent cables or rings in each of which the secondary wires entirely surround the primary wires and in such case each 
of the terminals would be replaced by a multiple commutator permitting to join up the different secondary wires as well as the different primary wires either 
for tension or for quantity according to the effect to be obtained. 


Improvements in connection with Wireless Telegraphy and Telephony. 
GB190721252 


1907-11-21 


The transmitting and receiving circuits at one station for an inductive system of telephony or telegraphy are arranged as shown. A coil a, consisting of a few 
turns of thick wire, is used alone in transmitting, but is connected in series with a coil b, consisting of a large number of turns of fine wire, for receiving; the 
circuit of the coil b is broken automatically, during transmission, by means of a Morse key c. The circuit of the coil a includes a battery n and a microphone o 
for telephony, or an interrupter for telegraphy, and the coil b is connected with a telephone h. 


There are known systems for telegraphy and telephony without connecting wires which utilise, instead of Hertzian waves, the phenomena of distant induction 
by means of electric vibrations of very short duration, but great amplitude. With such systems, one and the same winding is used fur sending and for 
receiving; for sending it is placed in circuit with a source of electricity (battery, accumulator, etc.) and with a microphone or an interrupter destined to produce 
the vibrations in question. The same winding is placed in circuit with a .recerving telephone .for receiving the currents which arc induced at a. distance from 
the sending winding of the other station. 


It is obvious that this single coil cannot equally well serve for the sending as for the receiving. To transmit well it ought to be made from thick and short wire, 
whilst for receiving well it ought to be of long and thin wire. 
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It would evidently be the simplest to provide each station with two different coils of which one serves as transmitter and the other as receiver, but lucre 1s 
another difficulty to be considered; for receiving, the long and thin coil has to be closed by the telephone and in that condition it would absorb nearly all the 
energy which ought to be sent out by the transmitter. 


The present invention rotates to a special method of mounting the parts constituting a station in order to overcome the above mentioned difficulty; besides, 
the special method of mounting permits to join the two coils one behind the other for receiving whereby the receiving power of the station is considerably 


increased. 


The accompanying drawing represents diagrammatically a station according to the present Invention. 


a is the inductor wire which serves fur transmitting; this wire is thick and relatively short. b is the induced winding for receiving the induced vibrations from 
the inductor winding of the transmitting station; this winding consists of thin wire of considerable length. c is a. Morse-manipulator the lever of which is 
connected through the contact let with one end of wire a, its connector e is through the contact f connected with one of the ends of wire; the wire g which 
connects the contact f with wire b comprises the telephonic receiver h ;the other connector 1 of the Morse apparatus is connected through terminal with the 
free ends of the two wires a and b which are joined at this point. The connecting wire m which serves for this purpose, comprises the battery n and the 
microphone o. 


It is easily' understood that in the inoperative position of the Morse key (as represented in the drawings) the two coils and b form one circuit closed on the 
telephone h. This position is the receiving position. For transmitting, the key is depressed and brought in contact with the connector whereby the coil b is 
opened whilst the coil a is closed on the microphone and the battery. 


It is to be understood, that the station described serves for the transmission of sounds. For the transmission of telegraphic signals, the microphone o is 
replaced by a suitable interruptor-vibrator and the apparatus is operated through the Morse key as usual. 


Improvements in and relating to Inductive Telegraphy and Telephony. 
GB190712529 
1908-03-12 


In a system of telegraphy or telephony by magnetic induction, the coils are placed vertically and the same coil is used for transmitting and receiving. The coil 
b is wound on a frame a of any suitable shape, which may be lined with iron. One terminal of the coil b is connected to a key f, one contact of which is 
connected through a microphone p and battery o to the other terminal d of the coil. A telephone m is connected across the terminals of the coil through 
another contact of the key f, and its circuit is normally completed for receiving telephonic or telegraphic messages. Telegraphy is effected by manipulating the 
kev f to complete the circuit of battery o ; to telephone, the key is depressed and the microphone p is utilized. A high-frequency alternator may be used 
instead of the battery 0, and a screen composed of sheets of paper soaked in paraffin, varnish, or glue may be placed behind the frame. 


The present invention relates to improvements in that class of magnetic induction telegraphy and telephony in which transmission is effected between similar 
coils of wire at the receiving and transmitting stations. The invention is characterized by the fact that senders and receivers.are reversible, the member for 


transmitting the waves being the, same as the member which receives the waves. 


In the drawing, a diagram of a station according to the present system is represented. 
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The transmitter and receiver for the electric waves consists of a. wooden frame (a) of fairly large dimensions; for example 4 meters square for a distance of 20 
kilometers. In the drawing the frame is shown as being square but it may be of any other geometric shape having as center a.rectangle a lozenge, a circle, etc. 
The wall of the frame is provided with a groove (b) in which an insulated conducting wire is placed which is connected with the terminals (c) and (d). This 
wire is wound a. varying number of times around the frame so that it is of sufficient length according to the power of transmission required of the apparatus. 


The frame (a) must be of sufficiently large dimensions to prevent the currents generated in opposite directions in the sides of the frame from tending to 
neutralise each other. 


Each station comprises besides a Morse manipulator (e), the commutator of which is connected with one of the terminals (c) of frame (a) through the wire, its 
terminals (r) and (h) being connected with the other terminal (d) of frame (a). 


An ordinary telephonic receiver (m) is inserted in, the circuit (k) which leads from the terminal (h.) of the manipulator to the frame, and in the other circuit 
(n), connecting the terminal (g) of the manipulator with. the frame, a battery (0) is inserted near the frame and , microphone (p) is inserted near the 
manipulator. 


When the manipulator (c) is at rest (position shown in the drawing) the station is ready to receive the transmissions, the electric circuit (a, c, 1, f, m, k, d, a) 
enclosing the frame and the telephone -being closed. One has only to hold the telephone to the ear to perceive all the currents which a.re induced in the frame 


(a). 


The telephone (m) is put out of circuit when the commutator (f) is pressed down, whilst t.he circuit will be closed upon the frame (a.) and battery (0). The 
station has thus become 11 sender, the battery sending variable currents into the frame according to the nature of the transmission to be effected. To telegraph 
according to the Morse alphabet one manipulates the commutator (f) in the usual manner, the telephone (m) of the other station permitting to distinctly 
perceive the dots and dashes. The operator simply gives one contact for the dot and two contacts following in quick succession for a dash. In this case the 
microphone (p) is superfluous but it does not disturb. When however one wants to telephone, the contact (g) has to be kept closed and one speaks in front of 
or into the microphone (p); the telephone (in.) of the other station will reproduce the sounds. 


The source of electricity (o) can be a battery or an electro-magnetic generator giving alternating currents of high frequency. The currents which are thus sent 
into the frame (a) of the sender station have no appreciable effect upon the telegraphic receivers which could be provided at this station; they even do not 
influence the magnet needle owing to their illst,nntfmeousness. 


To establish the communication between two stations the two frames (a) have to be placed in parallel planes, perpendicular to the line which would connect 
their centers, which can be effected through various means. The action (if the one of the frames on the other is effected through any obstacles whatsoever, no 
earth connection or air connection being necessary. 


The reciprocal action of the frames can be increased through lining the bottom of groove (b) for its entire length with soft sheet iron, the lining being 
continuous or interrupted. The frame will thus become a kind of electro-magnet, the proportion of which are just the reverse of those generally used. 


To communicate at very great distances several frames (n,) are joined up, the wires being joined up in series or for tension. 


The efficiency can be considerably increased and the direction of transmission localised in avoiding dispersion at the sides or behind the frame, by means of a 
thick screen composed of superposed sheets of paper soaked in paraffn ; the paper could also be impregnated with varnish, glue or any other equivalent 
material. 


Improvements in and relating to Telegraphic and Telephonic Systems. 
GB190126600 
1902-11-06 


Relates to the arrangements of circuits in telegraph and telephone systems. In Fig. 1, a microphone b is shown in a main line a, and at the receiving-station is 
connected to the middle of a split battery f, g, two receivers l, m being connected between battery and earth. When induction coils are employed, two separate 
primaries take the place of the receivers in the Figure, and the receiver employed is placed in a common secondary. In another modification, the transmitter is 
bridged across two parallel closed circuits, including primaries and batteries, the secondary forming the line circuit. 


This invention relates to telegraphic and telephonic systems and has for its object certain improvements hereinafter more particularly referred to and finally 
pointed out in the claims. 
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As is well known, in order to prevent over-heating of' the receiving and transmitting apparatus in telephonic or telegraphic installations it is necessary to 
prevent very strong current passing over them. It may however, in certain cases, be necessary to provide currents of varying energy within rather large limits, 
and this invention has for its object to provide a simple device which will permit currents of any force being passed through telegraphic and telephonic 
apparatus without the slightest risk of deterioration to such apparatus. 


In order that my invention may be readily understood and carried into effect I will now proceed to describe the same fully with reference to the accompanying 
drawings wherein are shewn diagrammatically several methods of carrying my. invention into practice. 


In the drawings : 
Figure 1 shows the principle of my improved arrangement, and 


Figures 2. and 3 are modified arrangements. 


My improved system consists essentially of a line a of any convenient length in which is interpolated a microphone b or other appropriate transmitting 
apparatus. One end of this line is grounded at c and the other end is connected at d to.a wire e adapted to place into communication the opposite poles of the 
two sources of electricity of equal power, which for greater clearness sake I have represented as two single batteries f and g. These two batteries are 
respectively connected to earth at h and i. In the earth wires j and k are interpolated telegraphic or telephonic receivers |, m, of any convenient construction. In 
the example shown in the drawing the receivers and m are indicated as being telephonic receivers. 


Having thus described the general arrangement of the system I will now explain the function of the various apparatus of the system. 


Presuming that the wire a is non-existent and that the communication of the battery f and g with the earth has been established, a current passes from the 
positive pole of the battery f to earth through the wire then back .through the wire k, battery 9 and finally through the wire e to the negative pole of the battery 
f. Thus a closed circuit is established. Admitting now the wire a to be connected to the wire e at d and the transmitter b operated, the single current generated 
in the previous case will be replaced, by two currents which circulate in the same direction. 


One of these currents starts from the positive pole of the battery f through the wire through earth from h to c through the transmitter b, wire a and wire e to the 
negative pole of the battery f. 


The other current starts from the positive pole of the battery 9 through the 'wires e and a, the transmitter b, through earth from c to 1 and wire k to the negative 
pole of the battery g. 


It will thus be seen that the wire a and transmitter b are simultaneously traversed by two equal currents in inverse directions. 


In Figure 2 I have shown a telegraphic transmitter or key b but the general arrangement of the system 1s the the same as that previously described with the 
exception that the wires j and k form the primary conductors of the transformers n and o. The secondary conductor p, which is common to both transformers, 
leads,to the receiving apparatus q, for example a telegraphic receiving instrument. 


Each contact ejected with the key b produces, as before explained a double derivation acting by subtraction of intensity upon the two transformers n and o, 
produces an induced current which is reproduced in totality in the receiving apparatus q. In the case of telephonic transmission the key must be replaced by a 
microphone as shown in Figure 1, while further the receiver q would also be a telephonic receiver. 


By extending the same principle I can, as indicated in Figure 3, replace the two earth wires by two conductors and k joined together at r after having traversed 


the transformers x and o. The induced current may then be conveyed to the receiving instrument t over two lines, or as in the previous example over a line s 
and two earth connections u and v, placed more or less apart from each other. 
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It will be noticed that the microphone b forms part of the neutral conductors. 


It acts exactly as in Figure 1. The differences of resistance produced by its vibrations influence the two coils x and o, and it is easy to understand that, 
whatsoever may be the intensity of the two electric sources f and g, the microphone is never exposed to the risk of becoming overheated for the reason that it 
is traversed by two equal currents in opposite directions. 


It will thus be understood that the transmissions will be rendered perceptible in the receivers through the differences of intensity of the electric current; the 
differences being due to the differences of resistance of the neutral conductor which, in receiving two equal currents in opposite directions, is not much 
affected itself. 


Improvements relating to the Transmission of Telegraphic and Telephonic Signals. 
GB190117711 
1901-02-19 


The local circuits at each station are doubly earthed at e, f, j, k symmetrically about a straight line joining the stations. The earths may be formed of porous 
pots containing water in which the ends of the conductors are immersed, or deep ditches filled with gas coke may be employed. Insulating screens may be 
placed in deep ditches dug behind the earths. 


This invention relates to an improved method of transmitting electrical telegraphic and telephonic signals from one point to another without the employment 
of wires connecting the two points. 


In my improved system of transmission, the two poles of the transmitting station are put to earth and the two conductors, upon which the receiving apparatus 
is mounted are also both put to earth; the signals emitted by the transmitting apparatus are transmitted to the receiving station through the earth alone. 


In order that my invention may be readily and clearly understood, I have represented in the accompanying drawing, by way of example only, a diagrammatic 
view of my device as a whole. 


As shewn in the drawing, the transmitting station comprises a transmitter a one of the terminals of which is electrically connected to one of the poles of a 
source of electricity b whilst the other pole communicates with the earth; the second pole of the source of electricity is also run to earth and with this object 
the two conductors c d terminate in two porous pots e f embedded in the ground and filled with water. 


The receiving station comprises a receiver 9 such as a telephone for example, the conductors h 1 which are put to earth by the intermediary of two porous pots 
j k similar to those of the transmitting station. 


The porous pots of the receiving station should be arranged upon a line parallel with that which joins the two porous pots of the transmitting station, and they 
should be equidistant from an axis passing through the middle point of this line and at right angles to said axis. 


The porous pots may advantageously be replaced by deep ditches sunk down to the humid earth, filled with gas coal or coke and containing at their centre a 
plate of carbon which is a good conductor, to which the transmission and receiving wires respectively are attached. 


When contact is established by manipulation the transmitter a, the electric circuit passing through the source of electricity b, the conductor c, the porous pot e 
earth-connected to the other porous pot f the conductor d and the transmitter a, is closed. The current thus produced causes a change of condition in the 
ground ; all around the porous pots electric radiation is produced, the polarity of which is that of the corresponding conductor; its density decreases in 
proportion as it is further removed from the point of departure. This radiation is infinite with respect to space if nothing obstructs its passage. 


The radiation extends so much the further according as the distance between the two porous pots of the transmitting station is greater. 
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These radiations, starting respectively from the porous pots e f thus create two zones one of which is positive and the other negative, the intersection of which 
constitutes % line absolutely neutral. It follows from this that the porous pots of the receiving station should be arranged upon either side of the neutral axis, 
because if these two earth connections were upon the same side they would both collect fluid of the same polarity, and in these conditions the receiver would 
not be traversed by any current. 


In order to collect the maximum of current at the receiving station, the two porous receiving pots should be as nearly as possible equidistant from the neutral 
axis, as if one of the two porous pots is nearer than the other, the difference of separation of that which is the furthest removed is not only lost but 1s prejudical 
since 1t causes useless resistance without adding anything to the effect. 


Experience has demonstrated that the disposition which furnishes the maximum of reception is that which consists in arranging the porous pots of the receiver 
at the same interval as separates the porous pots of the transmitting station. 


In order to install my method of electrical transmission, it is first of all necessary to draw a straight line a y connecting the two stations and .then to produce 
upon each of these stations a line proceeding from this line x y at right angles, the said perpendicular lines being of equal length. 


The transmitting and receiving appliances may be arranged at any convenient point on the conductor which connects the porous pots. 

In order that the whole of the radiation emitted may be utilised at the receiving station, the propagation of this radiation is prevented (at the transmitting 
station upon the side opposite to that on which the receiving station is situated by burying in the ground an insulating screen | which may be of glass, tarred 
fabric, ebonite or the like, or by sinking a sufficiently deep ditch with or without an insulating screen. 

Each time contact is made at the transmitter a, a sharp blow is audible at 'the receiving telephone g ; a second blow is heard when the circuit is broken. 

It is obvious that there may be arranged both at the transmitting and receiving station transmitting and receiving appliances of the greatest possible sensibility, 
either for serving as relays for telegraphic purposes, or for directly receiving and recording the signals; for example an ink siphon mounted upon a 
galvanometric frame, or any other suitable device. 

My method of transmission also permits of the transmission of speech; it is only necessary to replace the transmitter by an ordinary microphone interposed 
either directly upon the circuit, or arranged upon the primary of an induction coil, the secondary wire of which terminates at each extremity of the two porous 


pots. 


It will of course be understood that in practice each station comprises both a transmitter and a receiver. 


Improvements relating to the Transmission of Electric Currents 
GB190108906 


1901-04-30 

Telegraph and telephone systems are arranged with the line-wire a connected to the center point of a battery c, c, the opposite poles of which are earthed and 
shunted by a normally closed circuit key g or microphone. The earth connections are made through non-polarizable cells f, f, containing, for example, two 
plates of copper immersed in copper-sulphate solution. The receiver is bridged between one earth and a switch h by which the transmitter is normally 
connected to line. The microphone may be inserted in the primary of an induction coil, the two secondaries of which oppose and are connected to the two 
earths and line. The two earth connections may be brought nearer together by the receiver and switch in the primary of the induction coil, so that this coil acts 
both to receive and transmit according to the position of the switch h. The microphone is arranged in the primary of a second induction coil. 

This invention relates to improvements in the transmission of electric currents and is more particularly adapted for telegraph and telephone lines, whereby 
condensation in the cable is avoided, while at the same time "tapping" of the , line at any point thereof, for the purpose of ascertaining the purport of the 
message in transmission is rendered impossible. 

My improved system of transmission comprises a single line wire between the two stations and branched at these two stations to the zero point of a circuit, 
the two extremities of which are connected to earth or the sea ; the current furnished at each station by a local source of electricity being sent through the 
circuit by means of any convenient transmitting apparatus, (such as a Morse key, microphone or the like) either direct or by induction. 

Each station is furnished amongst other apparatus, with a receiving apparatus consisting of a key-instrument connected with the line-wire and permitting the 
current sent into the line from the transmitting station, to pass into a conductor leading direct to one of the wires running to earth and to which is connected 


the receiver proper. 


In order to avoid the polarization of the earth-wires, each such wire is connected with a conductor leading to a copper or other metallic blade immersed in an 
impolarizable saline solution in which is disposed a second similar blade connected to earth or sea. 


In the accompanying drawings : 

Figure 1, is a diagram showing my improved system as applied to telegraphy 
Figure 2, is a diagram showing the same applied to telephony. 

Figure 3 shows the system of Figure 2 with induced current.' 


Figure 4, shows a modified arrangement. 
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Puy. 3. 


AiE — e 


Pig. E 
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In all the figures the same letters of reference designate the same parts. 


Referring to Figure | the two stations are connected by a single line-wire a, branched at the zero point b of the battery formed of the different elements c of 
which the end poles are connected to earth, or to sea, by a conductor d e lead- ing to a copper or other metallic plate f immersed in a liquid of good 
conductivity, such as for example a solution of a sulphate of copper, in which another copper plate f1 is placed connected to earth, or sea by a conductor d1 . 


A transmitting apparatus g of any convenient construction, such as a Morse- key instrument, is connected with the two end poles of the battery in such a 
manner that in its position of rest it closes the circuit of the latter by establishing a short circuit so that no current passes, (or at most a very weak one) through 
the wire line a or through the earth-wires. 


To send a current to the receiving station, the key 9 is depressed whereupon the short circuit is interrupted and the current is caused to pass simultaneously 
through the line-wire a and the earth-wires d d1 e e*. The line-wire is in reality traversed by two currents in opposite directions, so that it is in an apparently 
neutral state, and thus no interception of the messages can be effected for the, reason that if a receiver be interpolated, at any point of. the line, said receiver 
would receive two currents in opposite directions' which would neutralize each other. 


Each station is furnished also with a receiving apparatus consisting of a commutator h connected with the line-wire a and permitting, when depressed, the 
current from the transmitter to pass into a wire 1 leading direct to one of the earth-wires (d1 for example) and in which is interpolated the receiving instrument 


J. 


To receive signals sent from the transmitting station, it 'is necessary that the commutator lever h be kept depressed, so as to cause the current from the 
transmitting station to pass into the wire In connection with the receiving instrument. 


"The connections may also be established in such a manner that when the commutator h is in its normal .position, it cuts the wire ( and connects the wire with 
that part of the said wire which leads to the other station ; in this case for transmitting a signal it is necessary to depress the commutator lever h previously so 
as to re-establish the continuity of the line-wire and the operator then acts on the key-lever g as hereinbefore stated. 


My arrangement is equally applicable to telephonic messages as will now be explained with reference to Figure 2, The transmitting instrument g is in this 
case replaced by a microphone g1 and the receiving instrument j is replaced by a telephone receiver j 1 the operation of the arrangement is exactly, the same 
as that above described. 


The vibrations of the microphone cut the short circuit and the current from the local, source of electricity thereupon passes over the line-wire a and the earth- 
wires d dl c el as previously stated. 


The telephonic message is received in the same manner as before through the intervention of the commutator h which passes the current, sent from the 
transmitting station; to the telephonic receiving instrument jl. 


The line-wire may also be operated by induction currents a3 is indicated at Figure 3. 


The local circuit in which the transmitting apparatus (for instance, the microphone g1) is inserted comprises a primary winding k surrounding a central soft- 
iron core, or bundle of wires, | which is further provided with two secondary windings m m in opposite directions. The line wire a is connected to each of 
these secondary windings at the two extremities m1 n1 of opposite polarity and the opposite extremities ms p2 are connected with the earth-wires d d c set in 
the manner already explained. 


When operating the transmitting apparatus or when speaking into the microphone 0 for example, induction currents are generated in the secondary windings 
m n and they then affect the receiving apparatus jl at the receiving station as already stated. 


The primary winding and the two secondary windings may have the three wires wound in the same direction upon the soft iron core and the two extremities 
of the primary convolutions are connected with the local circuit in which is interpolated the transmitter while two extremities of opposite polarities of the 
secondary convolutions are connected to line and the two osiers to earth as previously explained. 

In my improved transmitting arrangement the two earth wires at 'each station must be the more separated from each other the longer the distance is between 
the two stations so that the resistance of the earth between the said earth-wires will be sufficient to cause the single line-wire to be traversed by the greatest 
possible quantity of the current. 


In order to reduce as far as possible the distance between the earth-wires the beginning of the single wire a and the wires rl rl' leading to earth are 
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advantageously rm distance from the transmitting instrument and receiving instrument respectively at the telegraphic or telephonic station and thus permit the 
two earth connections of the two telegraphic or telephonic stations to be placed nearer each other. 


The telegraphic or telephonic station is then divided and the transmitting instrument is connected with the magnet with its earth connections and line wire a ' 
by two conducting wires kl k2 connected with the ends of the convolutions k which generates induction currents in the secondary windings m n (Figure 4). 


The current sent into the conducting wires k1 k2 and. passing through the convolutions k may itself be an induced current generated in the coil k3 when a 
current from the source of electricity c is passing through the. primary coil o through the action of the transmitting microphone gl for example. 


In the case when' the distance of the telegraphic or .telephonic transmitting station from its earth-connections is not too excessive the current traversing the 
conductors k1 1.:2 instead of being an induction current may be furnished direct by the source of electricity of such station, and naturally the, transmitting 
instrument, (microphone or 'key), and the source of electricity are then placed direct in the circuit;1 k2. 


An interrupter A interpositioned in the conductor kl permits of cutting the circuit in leading to the secondary coil k3 and of closing the circuit for the 
conductor i leading to the conductor k 2 in which is interpolated’ the receiving instrument j. 


Thus the coil k is either inductor or induction according to whether there is transmission or reception. 


It is to be well understood that my system of transmission is entirely independent of the nature of the telegraphic or telephonic apparatus employed therewith, 
and that the source of electricity at the stations may be of any convenient kind, either derived from a battery, accumulators, dynamo, magneto-electric 
machine or the like. 


COMPLETE SPECIFICATION. 


This invention elates to improvements in the transmission of electric currents and is more particularly adapted for telegraph and telephone lines, whereby 
condensation in the cable is avoided, while at the same time "tapping" of the line at any, point thereof, for the purpose of ascertaining the purpose of the 
message in transmission is rendered impossible. 


My improved system of transmission comprises a single line-wire between the two stations and branched at these two stations to the zero point of a circuit, 
the two extremities of which are connected to earth or the set; the current furnished at each station by a local source of electricity being sent through the 
circuit by means of any convenient transmitting apparatus, (such as a Morse key .microphone or the like) either direct or by induction. 


Each station is furnished, amongst other apparatus, with a receiving apparatus consisting of a key-instrument connected, with the line-wire and permitting the 
current sent into the line from the transmitting station, to pass into a conductor leading direct to one of the wires running to earth and to which is connected 
the receiver proper. 


In order to avoid the polarization of the earth-wires, each such wire is connected with a conductor leading to a copper or other metallic blade immersed in an 
impolarizable saline solution in which is disposed a second similar blade connected to earth or sea.. 


In order that my invention may be clearly understood and readily carried into effect I will now proceed to describe the same more fully with reference to the 
drawings accompanying my Provisional Specification in which:. 


Figure 1, is a diagram showing my improved system as applied to telegraphy. 

Figure 2, is a diagram showing the same applied to telephony. 

Figure 3 shows the system of Figure 2 with induced current. 

Figure 4 shows a modified arrangement. 

In all the figures the same letters of reference designate the same parts. 

Referring to Figure 1 the two stations are connected by a single line-wire a branched at the zero point b of the battery formed of the different elements c of 
'which 'the end poles are connected to earth, or to sea, by a conductor d e leading to a copper or other metallic plate f immersed in a liquid of good 
conductivity, such as for example a solution of sulphate of copper, in which another copper plate f1 is placed connected to earth, or sea by a. conductor dl el. 
A transmitting apparatus q of any convenient construction, such as a Morse-key instrument, is connected with the two end poles of the battery in such a 
manner that in its position of rest it closes the circuit of the latter by establishing a short circuit so that no current passes, (or at most a very weak one) through 
the wire line a or through the earth-wires. 

To send a current to the receiving station, the key g is depressed whereupon the short circuit is interrupted and the current is caused to pass simultaneously 
through the line-wire a and the earth-wires d d1 e el. The line wire is in reality traversed by two currents in opposite directions, so that it is in an apparently 
neutral state, and thus non interception of the messages can be effected for the reason that if a receiver be .interpolated at any point of the line, said receiver 


would receive two currents in opposite directions which would neutralize each other 


Each station is furnished also with a receiving apparatus consisting of a commutator h connected with the line-wire a and permitting, when depressed. the 
current from the transmitter to pass into a wire 1 leading direct to one of the earth-wires (d1 for example) and in which is interpolated the receiving instrument 


J. 


To receive signals sent from the transmitting station, it is necessary that the commutator lever h be kept depressed, so as to cause the current from the 
transmitting station to pass into the wire i in connection with the receiving instrument. 


The connections may also be established in such a manner that when the commutator h is in its normal position, it cuts the wire' a and connects the wire 1 with 
that part of the said wire which leads to the other station; in this case for transmitting a signal it is necessary to depress the commutator lever h previously so 
as to re-establish the continuity of the line-wire and the operator then acts on the key-lever as hereinbefore stated. 

My arrangement is equally applicable to telephonic messages as will now be explained with reference to Figure 2. The transmitting instrument g is in this 
case replaced by a microphone 1 and the receiving instrument j is replaced by a telephone receiver il the operation of the arrangement is exactly the same as 
that above described. 


The vibrations of the microphone cut the short circuit and the current from the local source of electricity thereupon passes over the line-wire a and the earth- 
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capacitors used at C1 and C2 should be capable of handling the rf 
power you plan touse. At the 200 watt PEP level, I have found high 
quality disc ceramics satisfactory, but at higher power levels I 
recommend using transmitting type capacitors. 

The power supply components are not specified because they 
will depend upon the relays used. Typically, a filament transformer 
and 1 A diodes should be satisfactory. Use enough capacitance in 
the power supply to keep the relays from chattering. 

The remote end of the system should be built into a watertight 
container having appropriate mounting hardware to attach it to 
your tower or wherever you plan to locate the unit. Use coaxial 
cable to connect between the jacks and the relays, and anywhere 
the rf path is more than 1% inches. This should result in a system 
with almost no reactance to cause high swr. Although I could not 
measure insertion loss on my unit, it appears to be very low. Below 
30 MHz, I cannot tell any difference on my swr indicator when 
using the switch or connecting directly to my dummy load. At 2 
meters it results in about 1.5: 1 indicated swr. Since I only use it on 
HF, the swr is no problem. 

This system of remote control has many possibilities other 
than those mentioned here. For example, if you only need it for two 
antennas, use only one relay. Perhaps with a little work this 
system could be used to switch the pattern on a set of phased 
verticals or wire antennas. All you have to remember in expanding 
upon this system is that the capacitors block dc and look like a short 
to rf, while the rf chokes pass dc and block rf. I have used this 
method in conjunction with a standard rf switch to work up a 
five-band antenna switch using three feedlines. Separate lines 
were used for 80 and 40 meters since these antennas were not 
located near each other, while 20, 15 and 10 meters used a single 
line. The saving in coax has been more than enough to offset the 
cost of building the switch, and not having the extra coax lines 
running into the shack has helped to clean up my operating area. I 
think you too will find this a useful and money-saving addition to 
your shack. 


HOME-BREWING A PARABOLIC REFLECTOR 

Some months ago, I began searching for a parabolic reflector 
to augment some gear for the reception of GOES weather satellite 
transmissions on 1691 MHz. A reflector on the order of 6 to 8 feet 
in diameter seemed like a good compromise, so the search went on 
. .. and on. After looking over some “finds” that several more 


348 


2/9/2018 Louis MAICHE : Wireless Telluric Telephone -- Articles & Patents 


wires d dle el as previously stated, 


The telephonic message 1s received in the same manner as before through the intervention of the commutator h which passes the current sent from, the 
transmitting station to the telephonic receiving instrument j1. 


The line wire may also be operated by induction currents as is indicated at Figure 3. 


The local circuit in which the transmitting apparatus (for instance, the microphone g1). is inserted comprises a ,primary winding k surrounding a central soft 
iron core,, or bundle of wires, 1 which is further provided with two secondary windings m n in opposite directions. The line wire a is connected to each of 
these secondary windings at the two extremities in nl of opposite polarity and the opposite extremities m2 n2 are connected with the earth wires clt c ex in the 
manner already explained. 


When operating the transmitting apparatus or when speaking into the microphone for example, induction currents are generated in the secondary windings m 
n and they then affect the receiving apparatus | at the receiving station as already stated. The primary winding and the two secondary windings may have the 
three wires wound in the same direction upon the soft iron core and the two extremities of the primary convolutions are connected with the local circuit in 
which is interpolated the transmitter while two extremities of opposite polarities of the secondary convolutions are connected to line and the two others to 
earth as previously explained. 


In my improved transmitting, arrangement the. two earth wires at each. station must be the more separated from each other the longer the distance is between 
the two stations so that the resistance of the earth between the said earth-wires will be sufficient to cause the single line-wire to be traversed by the greatest 
possible quantity of the current. 


In order to reduce as far as possible the distance between the earth-wires the beginning of the single line wire a and the wires d d1 leading to earth are 
advantageously removed at a distance front the transmitting instrument and receiving instrument respectively at the telegraphic or telephonic station and thus 
permit the two earth connections of the two telegraphic or telephonic stations to be placed nearer each other. 


The telegraphic or telephonic station is then divided and the transmitting instrument is connected with the magnet with its earth connections and line wire z 
by two conducting wires k' k2 connected with the ends of the convolutions which generates Induction currents in the secondary windings m n (Figure 4). 


The current sent into the conducting wires k1 k2 .and, passing through the convolutions k may itself be an induced current generated in the coil k3 when a 
current from the source of electricity c 1s passing through the primary coil or through the action of the transmitting microphone f/I for example. 


In the case when the distance of the telegraphic or telephonic transmitting station from its earth connections is not too excessive the current traversing the 
conductors k le2 instead of. being an induction current may be furnished direct by the) source, of electricity of such station, and naturally transmitting 
instrument (microphone or key) and the source of electricity are then placed direct in the circuit lel k-S. 


An interrupter It interpolated in the conductor k1 permits of cutting the circuit in leading to the secondary coil k3 and of closing the circuit for in conductor 1 
leading to the conductor 3 in which is interpolated the receiving instrument j1. 


Thus the coil k is either inductor or induction according to whether there is transmission or reception. 


It is to be well understood that my system of transmission is entirely independent of the nature of the telegraphic or telephonic apparatus employed therewith, 
and that the source of electricity at the stations may be of any convenient kind, 


Improvements in Connections of Telephonic and Telegraphic Instruments to Conducting Lines. 
GB189706773 
1897-03-15 


Telegraph and telephone lines are arranged so that any pair of lines bearing instruments may be used as a lead or return for another set of instruments without 
interference. Thus, as an example, four metallic circuits carry four separate sets of instruments individually but may have circuits A and B, C and D, used as 
other metallic circuits, or A and B may form a lead and C and D a return for a seventh metallic circuit. The Specification describes telephone instruments as 
used on the metallic circuits and telegraph or telephone instruments inserted in the earth return circuits. Fig. 1 shows a pair of lines L<1>, L<2> forming a 
metallic circuit and capable of use as the line with an earth return through L<3>, L<3>, the lines L<2> being connected to the loop at the centre of the 
secondary coil S', S<2> of the induction coil X. The receiving-instrument is shown in a bridge, such as Z. The positions of the transmitting T and receiving R 
instruments may be reversed. Each side of a metal loop may also be used as the line with an earth return. 


This invention relates to the connecting of telephonic and telegraphic instruments to conducting lines in such a manner that several telephonic and telegraphic 
messages can be simultaneously transmitted without interfering with one another. 


Fig. 1 of the accompanying drawings shews diagrammatically connections for a telephone and also for another telephone or telegraph to a double 
conducting line. 


Fig. 2 shews a modification. 
Fig. 3 shews how seven sets of the connections may be applied to four double conducting lines. 
Fig. 4 shews the connections for a telephone and telegraph to a single line with earth return. 


Fig..5 shews connections for telephoning over two telegraph lines one of them forming a metal return. 
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Referring first to Fig. 1 the two lines Ll L2 are at each end connected as shewn at X through two equal secondary coils 8 1 and s 2 wound with a primary coil 
P which is in circuit with a telephone transmitter T and local battery B. 


The lines L1 L2 are so connected to the secondary coils 8 1 s 2 that the currents induced in the lines by the telephone transmitter are always in opposite 
directions. 


The telephone receiver R, as shewn at Z, is in circuit with a secondary coil 8 3 wound with a primary coil p connecting the two lines L1 L2. 


At a point | intermediate to the coils s1 s2 a third line L3 is connected, this line being employed for telephone or telegraph transmission. When either of the 
telephone transmitters T is employed, the induced currents pass through the primary coil p thus causing the receivers R to act. But should any current flow by 
L3 it must flow in opposite directions through 8 1 and s2, and therefore in the same direction along the lines L1 L2 so that it cannot influence the receivers R 
nor the transmitters T. At each end a line L3 may be connected as shewn by Y, Fig. 2, at l a point intermediate to two equal primary coils p1 p2 which connect 
the lines LI LO and are wound with the secondary S3 of each telephone receiver R. 


With connections thus arranged any current flowing in the same direction through the coils pl p 2 actuates the telephone receivers R, whereas a current from 
L3 flows in opposite directions through the coils pl p 2 and therefore is ineffective on the receivers R. By combining several ordinary transmitters T and 
several of the receiver arrangements marked Y in Fig. 2 with a number of double lines as shewn in Fig. 3, a number of messages can be sent over these lines 
without interfering with each other. 


Thus referring to Fig. 3 the transmitter 1 works over the pair of lines L1 in the - usual way, one of these lines serving as metal return. In like manner the 
transmitter 2 works over the pair L2, transmitter 4 over the pair L 4 and transmitter 5 over the pair L 5. Again the transmitter 3 works through the pair of lines 
L 3 and the two pairs L 1 and L 2, one of these pairs serving as metal return. 


In like manner the transmitter 6 works through the pair of lines L 6 and through the two pairs L 4 L 5. Finally the transmitter 7 works through the pairs of 
lines L 7 and through the two pairs L 3 and L 6 and the. four pairs L 1 L 2 L 4 and L 5, two of these pairs such as L 4 and L 5 serving as metal return. 


Obviously this system may be duplicated, and reduplicated so that one transmitter can be made to work over 8 pairs or 16 pairs of lines or other multiple of 4. 


As shewn in Fig. 4 a telephone and a telegraph are connected to one line L having earth return. In this case X and Z are the telephone arrangements so marked 
in Fig. 1, K is the key, C the battery and D the receiver for telegraphing in the connection of Z to earth there is an adjustable resistance F to balance that of the 
line. As shewn in Fig. 5 two sets of the telegraphic connections shewn in Fig. 4 and two lines Ll L2 which may be both to one place or each to a different 
place with earth return are combined with one telephone arrangement. 


The transmitter T by its primary P induces currents in the secondaries $ 1 89 both in the same direction and therefore in opposite directions in the lines Ll L2. 


The currents being in the same direction in p1 and p2 act on the secondaries 1 3 of the receivers 1,. Currents from the telegraph gi dividing at 11 pass in 
opposite directions through sl and pl and therefore do not affect the telephonic receivers. And in like manner the currents from the telegraph K2 are 
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ineffective on the receivers. 

For the sake of clearness the primary and secondary coils have been shewn in the form of many lines side by side. 
It is to be understood however that they are wound in each case all on one bobbin. 

In Figs. 3,4 and 5 the arrangements are shewn at only one end of the conducting lines. 

It is to be understood however that they are symmetrically repeated at the other end as shewn in Figs. 1 and 2. 
COMPLETE SPECIFICATION. 


This invention relates to the connecting of telephonic and telegraphic instruments to conducting lines in such a manner that several telephonic and telegraphic 
messages can be simultaneously transmitted without interfering with one other. 


Figure 1 of the drawings accompanying my Provisional Specification shews diagrammatically connections for a telephone and also for another telephone or 
.telegraph to a double conducting line. Figure 2 shews a modification. Figure 3 shews how seven sets of the connections may be applied to four double 
conducting . lines: Figure 4 shews the connections for a telephone and telegraph to a single line with earth return. Figure 5 shews connections for telephoning 
over two telegraph lines one of them forming a metal return. 


1 . Referring first to Figure 1 the two lines Ll L2 are at each end connected as shewn at X through two equal secondary coils s1 and 8 2 wound with a primary 
coil P which is in circuit with a telephone transmitter T and local battery B. 


The lines Ll L 2 are so connected to the secondary coils 8 1 s'" that the currents induced in the lines by the telephone transmitter arc always in opposite 
directions. 


The telephone receiver R, as shewn at Z, is in circuit with a secondary coil s3 wound with a primary coil p of high resistance connecting the two lines L1 L2. 


At the point intermediate to the coils sr s 2 a third line L3 is connected, this line being employed for telephone or telegraph transmission. "When either of tho 
telephone transmitters T is employed, the induced currents pass through tho primary coil p thus causing the receivers R to act. But should any current flow by 
L3 it must flow in opposite directions through sl and s2, and therefore in the same direction along the lines Ll L2 so that it cannot influence the receivers It 
nor the transmitters T. At each end a line L3 may be, connected as shewn by Y, Figure 2, at l a point intermediate to two equal primary coils p1 p2 which 
connect the lines L1 L2 and are wound with the secondary 8 3 of each telephone receiver R. With connections thus arranged any current flowing in the same 
direction through the coils yx actuates the telephone receivers R, whereas a current from L3 flows in opposite directions through the coils p1 p2 and therefore 
is ineffective on the receivers R. By combining several ordinary transmitters T and several of the receiver arrangements marked Y in Figure 2 with a number 
of double lines as shewn in Figure 3, a number of messages can be sent over these lines without interfering with each other. 


Thus referring to Figure 3 the transmitter 1 works over the pair of lines L 1 in the usual way, one of these lines serving as metal return.. In like manner tho 
transmitter 2 works over the pair L 2, transmitter 4 over the pair L 4 and transmitter 5 over the pair L 5. Again the transmitter 3 works through the pair of 


lines L 3 and the two pairs L 1 and L 2, one of these pairs serving as metal return. 


In like manner the transmitter ti works through the pair of lines JLA b and through the two pairs L 4 L 5. Finally the transmitter 7 works through the pairs of 
lines L 7 and through the two pairs L 3 and L 6 and the four pairs L 1 L 2 L 4 and L 5, two of these pairs such as L 4 and L 5 serving as metal return. 


Obviously this system may be duplicated, and reduplicated so that) one transmitter can be made to work over 8 pairs or 16 pairs of lines or other multiple of 
4. 


As shewn in Figure 4 a telephone and a telegraph are connected to one line L having earth return. In this case X and Z are the telephone arrangements so 
marked in Figure 1, K is the key, C the battery and D the receiver for telegraphing. 


In the connection of p to earth there is an adjustable resistance F to balance that of the line. As shewn in Figure 5 two sets of the telegraphic connections 
shewn in Figure 4 and two lines Ll L2 which may be both to one place or each to a different place with earth return are combined with one telephone 


arrangement. 


The transmitter T by its primary P induces currents in the secondaries sl S2 both in the same direction and therefore in opposite directions in the lines L1 L2. 
The currents being in the same direction in pI and pS act on the secondaries 11 of the receivers It. 


Currents from the telegraph K1 dividing at 1 1 pass in opposite directions through sl and I > I and therefore do not affect the telephonic receivers. And in like 
manner the currents from the telegraph K2 are ineffective on the receivers. 


The connections of p1 and p2 to earth may have suitable resistances as shewn at F in Figure 4. 

For the sake of clearness the primary and secondary coils have been shewn in the form of many lines side by side. 
It is to be understood however that they are wound in each case all on one bobbin. 

In Figures 3,4 and 5 the arrangements are shewn at only one end of the conducting lines. 


It is to be understood however that they are symmetrically repeated at the other end as shewn in Figures 1 and 2., 


Perfectionnements aux bobines d'induction 
FR382386 
1908-02-05 


The present invention relates to an improved induction coil in order to obtain induction currents in very short periods. These currents, whose durations are 
extremely short 5, enjoy special properties which find application mainly in telegraphy and wireless telephony. 


This induction coil is characterized by the absence of the magnetic core and the winding mode of the inductor and the armature on a short length coil, but a 
very large diameter, the inductor coil being virtually drowned in May 1 the armature winding. 
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The appended drawing schematic represents for example an induction coil according to the present invention. 
FIG. 1 is a section along line A-20B of FIG. 2 ; 


FIG. 2 is a plan. 


a T? PA EA AAA 
F TARR R 
PERR RFR F y A PERSA HA API F 


Fara. 


As shown in these drawings, this coil has a very large diameter which can be up to several meters; 26 is drawing the round, but it could equally be square or 
affect any other polygonal shape. This reel is very long because all winding son are housed on its outskirts in a suitable groove b; it will be understood by 30 
begins winding on the rim of this kind of pulley a first layer of wire induced E and then covered with a suitable insulating and d are wound over this 
insulating layer the inductor wire E which is covered another 35 isolated layer; we réuuii uéUi the insulating layers d and f, so as to isolate the inductors e 
and ends the coil by an external winding armature wire g. ko 


Is carried out in this way a large-diameter ring compound induced son c, g, containing a central core of an adequately insulated son inductors. 
The machine has four terminals 5 h which two are used to secure the ends of the armature winding and the other two ends of the inductor winding. 


We can arrange several induced son and son more inductors; in this case, each terminal 5o h will be replaced by a multiple switch that will bring together the 
different armatures on, and the different inductors on, either voltage or the contrary in quantity, following the effects that one wishes to obtain. 


Dispositif de transmission téléphonique 
FR377785 
1907-09-14 


Telephone transmission system of mounting each station transmitter and or serial receivers and to bring the two stations by three son line, including 5o first 
two respectively together the poles of the two stations and the third is mounted derivation at a point of each station caught between the transmitters and the 
receiver or receivers, one or even two of these three son may be replaced by equivalent landings. 


The present invention provides a way to increase the distance at which it is possible to call or to increase the intensity of sound transmitted at a given distance 
5. 


When installing a regular telephone line, it is customary to bring the two stations using two wires, one for the second round for the return; at-10 there is no 
fear induction from neighboring lines, one connecting the two stations by a thread alone and return through the ground at each station. 


FIG. 1 of the accompanying drawing shows the 15 most simple provision of a regular line with two son; there is one at each station magnetic phone, al met 


by both son line c and d; when speaking in the phone, the phone is 30 al receiver and vice versa; this provision is entirely satisfactory from the standpoint of 
the actual transmission, but it has the obvious disadvantage that the two parties can not break interfere, each necessarily listen to while the other speaks . 
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N° 377.785 MM. Maiche, Marcelof et Roux 


To overcome this disadvantage, it immediately offered to have each transmitter station a phone or a 1 and a receiver or telephone b bl, allowing 3 to the two 
interlocutors to talk while listening. This solution suffers a disadvantage from the standpoint of the transmission; in fact, as shown in Fig. 2, the four phone a, 
b, a}, bx 3 are mounted in series on the line cd, so that the sound transmitted by a transmitter has or al necessarily travels in addition interesting b1 or b 
receptor both other phones of the circuit. The telephone circuit thus unnecessarily h has a high resistance which reacts disadvantageously either on the 
possible length of the line cd, either the intensity of the sound transmitted to a given line length. 


The present invention relates to a device easy positive h to remedy the drawbacks both of the two transmission systems according to Fig. 1 and 2 and make a 
new telephone transmission system providing both the benefits of the 5 two known systems. 


As shown in Fig. 3, this invention is simply to dispose between the two stations a third e line wire terminating at each station between the telephone 
transmitter 5 tor a or al and the receiver phone b or b1. In these conditions the wall sent by "will be fully received by b1 without crossing unnecessarily b and 
al resistance and vice versa speech transmitted by al will be fully received by b. 


The need for three son line c, d, e 5 is required when the line is around other transmissions; but when isolated, it can simplify the transmission as shown in 
Fig. k or 5. 


According to FIG. h, the wire line drifted o-tion e is deleted and replaced by a ground f and fl taken at each station between the transmitter and receiver. 


In special cases, it is even possible to reduce the line to a single wire e in '5 with each station two landings g, h and # 1, h1), the receiver and transmitter are 
each disposed station in series between the two landings; under these conditions, the two conductors c and d are formed by o the ground and there is no longer 
a single line wire e. 


In the above, to simplify the description and drawings, we assumed the exclusive use of magnetic phones; 5 Fig. 6 shows the circuit diagram in the case of 
induction phones. In this case each position 1 includes a battery, a transmitter microphone and primary k of an induction coil, mounted in series o on a closed 
circuit; the line circuit c, d comprises series headphones b, b and b1, b1 and side and II of the coil. In this 


If the invention is to attach the derivative e line wire between the two receivers b, b or il, Al on the one hand and the secondary or 11 35 on the other hand, as 
shown in FIG. 6. 


The result of these provisions is summed up by the possibility of quadrupling of the intensity of the reception for a given length of line, or the length of the 
line Zio maintaining the same intensity. 


Nouveau mode de transmission sans fils des courants télégraphiques et téléphoniques en employant comme conducteurs la terre et l'eau 
FR320267 
1902-12-05 
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To understand our invention, it is good to remember that in an ordinary telegraph line a thread, more or less isolated, from a point to another, communicates 
with earth at each end. A power source; and a transmitter unit are sandwiched between the starting line and earth. Upon arrival, a receiver also communicates 
with the line and the earth. 


We know that each of the posts supporting the line passes a small amount of power that is lost in the ground. Large amount of current is now lost all plus 1 
large 5 that the distance between stations is itself larger and, consequently, the number of' poles is higher. Loss can become considerable, without preventing 
transmissions. It may even happen that the ao thread without being broken, drags on earth there for a certain length of son'parcours and continues to allow the 
current of a shift to another, albeit very weakly, 


The experience proved us uninsulated conductor could even, for certain distances, be simply placed on the ground and that transmissions would nevertheless 
be possible. 


We are able to continue, transmit signals is greatly increased if, at each end, the uninsulated wire touching the ground, met in a well-insulated wire that 
extends the line to a ground to the point where so are transmitters and receivers. 


It is understood that the ground at the end of a secluded part forces the return current from sinking into the depths of the earth ho and that, consequently, there 
is an infinitely small closure point where the uninsulated wire touches the ground. In other words, the loss suffered in ground contact, the uninsulated wire, is 
even less than each end of uninsulated wire so is an insulated wire from the ground at a greater distance. 


Hence, if the lead wire, instead of iron, consisting of a much less conductive material, coal, for example, everything would be the same way. We also 
recognized that even when iron, coal or other similar material, are replaced by placed water, salt if possible, and, consequently, by a stretch of sea or any other 
part of sea whose geographic provision lends itself to this kind of installation. 


When it comes to cross an arm of the sea, the isolated line extension is placed preferably in the direction of the straight line through the two points to be 
connected. 


In case one transmission on a role, isolated leagues will be perpendicular to the straight line joining the two stations. 
Isolated lines will not be too long, and therefore, will provide not only coast to coast, but between two points inland. The thickness of the salt water layer 
being at even greater depths, only about the thickness of the land mass, the proportions remain between water and adequate the earth so that water plays 


exactly the same role that the uninsulated conductor touching the ground. 


To make our evplications as clear as possible, we have shown diagram-matically, in the accompanying drawing, an installation in which our invention is 
applied. 


N° 320267 MM. Louis Maiche et Henri Farjas Pl. unique 


A is the sea (Fig. I) and 13 b are both shores, c and d both stations, e and f insulated, and the plates located in the water, i and it updates earth. 
We see that the sea is an extension isolated son e and f, and it plays the role of an uninsulated conductor based on floor. 


To make it clear how 3 o operates the propagation of electric currents, we assume an isolated line (Fig. A) within two earthed m and n. If the current is 
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moving in the direction of the lléche, electricity arriving ashore in n flourishes spheres 3.) concentric o, p, q, etc., all points of each sphere simultaneously 
receiving the same amount of electricity if the propagation medium is uniform. Be grounded in r therefore receive the current along the earth m, r and if this 
land is connected by a line by t, s land to another, even very close to her, the current finding less resistance in the isolated line in the middle (Jun separates the 
two nets land, will follow this line, as shown in llèche a. It will be thus possible to establish a wireless communication between any point of the line / on 
which find transmitting devices, and any point on line T which will be appareds receptors. 


To establish simultaneously on each of the leagues and t, a position transmitter and a receiver will require that the line is the same length as the line 1, J J as 
shown in Fig. 3. 


If the medium is found to be twice as conductor between h and r between m and n, on the one hand, and between r and s on the other hand, the lines | and t 
may have as half the length of the distance between the points n and r (fig.ú). 


Of course, transmissions based on the principle that we have indicated, may be made by taking as con- bo different producers, not only the earth and the sea 

water, but the earth and air, land in this case, acting as a better conductor brought by the air; the insulated wire from the earth lead to the air at each station 7. 
tion to a more or less remote distance according to the distance that would take. It is obvious that the latter provision, the sea and fresh water advantageously 
replace the earth. 7° 


In summary, we claim as our exclusive property, the new method, described above, transmission without telegraph and telephone currents, said transmission 
mode of making pass in a conductive medium the current emitted by the base station and to receive on arrival in this current an insulated wire of suitable 
length, which are sandwiched the receivers and resulting in a second medium whose specific conductivity is less than that of the first medium, but passes the 
total quantity of electricity because of its mass which is greater than that first medium, an insulated wire, on which the transmitting devices is also leading 
into the second medium, so that the first medium is an extension of two isolated lines, and the second medium acts as the return wire, the two isolated lines to 
be used both for shipping and for the reception. 


Un nouveau mode de transmission et de réception des courants télégraphiques et téléphoniques sans autre conducteur que la terre ou l'eau 
FR318007 
1902-10-03 


In an electrical circuit consisting of a power source and a metallic conductor whose ends are grounded, which closes the circuit, the earth acts as 5 driver not 
only a straight line between the two landings, but on a almost infinite extent; However, with a power density decreasing in proportion to the distance. 


If parts of the ground are better conductors than others (because of the moisture, the saltiness of the water or any other cause) the current preferably passes 
through these parts describing curves or bends as does a river following the slopes of the terrain. 


It follows that if, on part of the land used as return conductor, it artificially creates a better conductor line as the earth, it will be traversed by the current in 
preference to any other lower conductive part. 


The effect is much more complete and can collect the current and note its existence when the best conductive line is insulated from earth and communicates 
with it by its ends. The current that would have crossed the land finding a wise not easier by the wire preferably follows and restores much faster electrical 
neutrality of the ground. It is isolated by cutting the line at any point that can be inserted in the course of the current instruments ( telegraphic or telephonic 
receivers) that can detect its existence. 


It is understood that if the isolated artificial line is a very good conductor, if its ends are connected to metal surfaces large enough in contact with the ground, 
the closing of the circuit will cause the ground to be in a state of electrical neutrality absolute. 


Under these conditions, if a current electric is sent intermittently in the metal line, charge the earth, for each issue, a certain amount of electricity 
instantaneously discharge into the isolated artificial line. 


Experience has shown that these phenomena can occur even when there is almost no gap between the two landings transmitter station or between two plates 
that collect the color rant crossing the line isolated the receiving station, to the condition that at each station the plates which lead to the two lands are 
carefully insulated from each other by means of a sufficiently thick insulating separation that no induction effect or condensation on one another can occur, 
and fairly large compared to the dimensions of the plates to prevent current from closing on itself too close to the to start. The current is so obliged to flourish 
"right and left of the landings, and the point where the positive and negative electric waves begin to reach is considerably related. I can further increase the 
desired effect by minimizing the current closure on itself through a number of insulating walls arranged below the plates to prevent farm-i o ture of the 
circuit by the depth of the earth, on the side opposite that in which the transmission must be received and, if necessary, above the plates. 


In general, the plates will be placed vertically on either side of an insulating wall, their smaller dimensions being turned to the opposite position. 


I can also use a wide insulating tube divided in two by a thick wall normal to isolated generators. The plates will be set back to back on either side of this 
partition in the interior of the tube and placed in communication with the outer conductor through insulated son. 


The tube may be straight, or consists of two parts forming between them an angle properly calculated so that the circuit is closed by the earth is done by 
almost entirely in the 3 o where the current is sent. 


It is obvious that the installation is completed by transmitters and telegraph or telephone receivers that may be any, as the source of electricity. 


I claim as my exclusive new property above described transmission and reception of telegraph and telephone currents without other driver as land or water, 
said system of separating the two landings each position by established insulating material to prevent the production of induction phenomena of condensation 
and the circuit closing on or by the depth of the earth, and force the air to flourish right and left, so that they can begin to get to and distant from the 
transmitter station, the two earthed of each position can thus without drawbacks, are moved towards one another until they fit on either side of the same 
insulating wall. 


Nouvelle disposition de bobine d'induction 
FR647 (E) 
1903-02-18 


Systéme de communication télégraphique et téléphonique 
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FR376100 
1907-07-30 


Mode de transmission de signaux télégraphiques 
FR361733 
1906-10-23 


Nouveau moyen de transmission et de réception sans fil des courants électriques 
FR321454 
1903-01-10 


Récepteur télégraphique pour toutes transmissions en général, avec ou sans fils 
FR320467 
1902-12-11 


Nouveau récepteur des courants électriques 
FR319195 
1902-11-06 


Nouveau moyen destiné a augmenter la sensibilité des microphones 
FR319155 
1902-11-06 


Nouveau systeme de télégraphie et de téléphonie sans fil 
FR318507 
1902-10-17 


Systéme de communication télégraphique et téléphonique 
FR7464 (E) 
1907-08-09 


Dynamo - oder magnetelektrische Maschine 
DE46075 
1889-02-05 


Transformateur téléphonique sans noyau magnétique 
CH44013 
1909-07-01 


Wicklung von eisenfreien Transformatoren fur Fernsprechzwecke. 
AT40498 
1910-01-10 


Systéme de télégraphie et de téléphonie sans fil 
FR392252 
1908-11-21 


Dispositif pour transmetteur et récepteur téléphonique 
FR390346 
1908-10-02 


Other Patents 


METHOD OF PRODUCING MOTIVE POWER 
CA78259 
1902-11-18 


Appareil cinématographique 
FR388334 
1908-08-08 


Perfectionnements aux papiers photographiques 
FR400693 
1909-08-04 


Réducteur de pression pour tous fluides 
FR361404 
1906-06-22 


Surchauffeur de vapeur pour locomotives 
FR352810 
1905-08-22 


Apparatus for Heating Steam. 
GB189801540 
1898-01-19 


An Improved Method for the Production of Motive Power by Heat and Fluid Pressure 
GB190227627 
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Improved Means of and Apparatus for Producing Motive Power 
GB190226257 
1901-11-29 


An Improved Method of Producing Motive Power 
GB190202489 
1903-01-29 


épuration bactériologique de l'eau 
FR350264 
1905-12-18 


Dispositif générateur de vapeur 
FR350080 
1905-10-13 


Perfectionnement aux moteurs a explosions 
FR349940 
1905-07-27 


Mode de production de force motrice 
FR349939 
1905-07-27 


Moyen de propulsion et de direction des navires 
FR349935 
1905-07-27 


Nouveau mode d'application de la vapeur surchauffée 
FR339220 
1905-01-17 


Dispositif pour la condensation de la vapeur d'échappement avec récupération de chaleur 
FR337543 
1904-04-13 


Nouveaux verres d'optique 
FR322234 
1903-01-30 


Improvements in Apparatus for Sterilising Water. 
GB189705007 
1898-02-19 


An Improved Process for the Purification of Spirit. 
GB189704089 
1898-02-12 


An Improved Process for Separating Heavy from Light Particles by Centrifugal Action. 
GB189704087 
1898-02-12 


Improvements relating to the Purification of Water, and to Apparatus therefor. 
GB189312941 
1894-06-23 


Improvements in Apparatus for Heating and Cooling Fluids by Fluids. 
GB189706157 
1898-03-0 
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A NEW WIRELESS TELEPHONE. 

The Paris journals report that M. Maiche, a well- 
known inventor, has made a sensational discovery in 
the field of wireless telephony. His new apparatus 
consists of two posts which are placed in his prem- 
ises, Each post consists of a telephone, battery, a 
speciul form of induction coil and a frame which is 
formed of a series of insulated wifes. One post is 
placed in the garden and a second one in a room in 
the building some distance off, about 100 feet, and sev- 
eral walls, doors, and windows come between the posts. 
Conversation can he carried on easily, and the sound 
in clear. The inventor started five venrs ago to work 
on the question. At the chateau of Marchais. belong- 
ing to the Prince af Monaco, he made experiments 
using the earth as a conductor, ard these were suc- 
cessful at a distance of two miles. One vear afier- 
ward he was able to communicale between Toulon and 
Ajaccio in Corsica, over the sea at 180 miles distance, 
using the sea as a conductor for the waves. These 
experiments were kept secret, however. As the new 
apparatus works without the use of ground, the results 
are more important. He expects to increase the lis- 
lance indefinitely by giving more power to the appa- 
ratus, which is only in its first stages. Submarine 
bouts could use the system to sood advantage., 


The Christian Work and the Evangelist, Volume 82 


Wireless Telephone of Louis Maiche, the French Scientist 
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Fig. 7-58. Pedestal mount. 


floor flange. This “pins” the assembly to the mast, making assem- 
bly a lot easier. 


Pedestal 

Posthole diggers were used to a depth of about 2 feet, then a 
form for the pedestal 18 inches square by 6 inches deep was 
constructed. A 10-foot length of 1-inch galvanized pipe, along with 
a section of 1-inch conduit (containing RG-8/U and 24 V ac lines) 
was set in the form. The block was poured, using several bags of 
ready mix. See Fig. 7-58. 


Cylindrical Horn 
The horn was constructed using %-inch Plexiglas™, a disk is 
cut to fit the open end of the 2-Ib. coffee can (about 5.9 inches). 
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April 13, 1907. 


It is related of Gambetta, the famous French statesman, that 
he was wont to chide M. Thiers, his equally famous colleague, for 
the short-sightedness which led the latter to declare, when the loco- 
motive was invented: “That will never move.” But Gambetta him- 
self was not less short-sighted. When Professor Hell, in 1867, in- 
vented the telephone, a modest French physician, Louis Maiche, 
went to Gambetta and, full of enthusiasm, begged him to interest 
himself in the matter. His hearer burst out laughing and inter- 
rupted him with: “My poor Maichel What the deuce do you 
want to do with your plaything? It's good to amuse children.” 
Gambetta and Thiers are long since dead, but Dr, Maiche, unde- 
terted by the skepticism of men supposed to be wise beyond most 
ren, has kept up his interest in the “plaything,” and has now in- 
vented a wireless telephone which promises to make a revolution 
in even the perfected form of that “plaything.” Recalling the in- 
terview with Gambetta, a French correspondent thus describes the 
Invention : 

Maiche, even then, had been honored as añ inventor, already 
being known by his galvanic pile for the depolarization of the at- 
mosphere, the model of which may now be seen at the Conservatory 
of Arts and Trades. Politicians, however, belong, for the most 
part, to that class which does not keep abreast of the science of 
the day. When I remember the life we led our profestors of 
physics and mathematics 1 am quite willing to excuse the memory 
of Gambetta. 

Later on Maiche invented the micro- 
phone, which served as the basis for 
telephonic improvement, and also a sys- 
tem for telegraphing and telephoning 
separate messages simultaneously over 
the same wire; he also conceived a peer- 
ing-glass, which permits the observer to 
see a great distance into obscurity, and 
a process for the chemical reproduction 
of certain precious stones. I have seen 
the frame in which he keeps his honors 
and decorations, which number more 
than five hundred, It would be a great 
advertisement for a mercantile house. 

Let us now penetrate into the cav- 
ern of this modern sorcerer. Full of 
simplicity and with a pleasant smile on 
his countenance, M. Maiche received 
ts and listened to the object of our 


telephonic improvement, and also a syi- 
tem for telegraphing and telephoning 
separate messages simultaneously over 
the same wire; he also conceived a peer- 
ing-glass, which permits the observer to 
see a great distance into obscurity, and 
a process for the chemical reproduction 
of certain precious stones. 1 have seen 
the frame in which he keeps his honors 
and decorations, which number more 
than hve hundred. It would be a great 
advertisement for a mercantile house, 

Let us now penetrate into the cav- 
em of this modern sorcerer. Full of 
simplicity and with a pleasant smile on 
his countenance, M. Maiche received 
us and listened to the object of our 
visit—"We would be glad to hear from 
your Own lips a description of this new 
scientific wonder.” 

Since 1867, M. Maiche informed us, 
he had occupied himself with wireless 
telegraphy, and, as far back as 1878, 
had succeeded in establishing a tele- 
graphic communication without wires 
for more than 600 fect, and in 1893 tele- 
phonic communication by the same ays- 
tem for over ninety feet, Since then 
he has constantly increased the dis- 
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The Christian Work and Evangeliat 


Wireless Telephone of Louis Maiche, the French Scientist 


Aerial Message Projected Only in the Desired Direction; Words Are Inaudible Elsewhere 


conducting wires. When you arrived here you rang the bell with- 
out a wire. When I call up my cook 1 do so without wire A 
simple voltaic pile resounds to every vibration and without failure, 
But now come and hear my apparatus im action.” 

We found ourselves in the garden before a table on which were 
placed a small voltaic pile, an ordinary telephonic microphone, and 
a mysterious box not unlike that attached to telephones. At the 
side of the table was a large frame, about six feet square, similar 
te those used by artists for their canvases. 

“In order to render my explanations more clear,” said M. 
Maiche, “I will take you first to the post of the transmitter and then 
to the post of the receiver, although, lo actual practice, the same 
post performs both services. This mysterious box which has 
aroused your curiosity is the nest of my invention. It is my special 
converter, composed of an electric reel, the wires of which are dis- 
posed in a peculiar manner which I may not reveal. When this 
converter is in action it changes ordinary electricity mio vibra- 
tions, which are transmitted in straight lines to the post of the 
receiver. The two ends of this converter are attached to the frame, 
on the periphery of which is a groove, in which are buried two 
series of wires, One serves as a transmitter, ihe other as a 
receiver. 

“Andy” ; 

“And that is all. The words which you confide to the miero- 
phone pass into the converter, awake 
corresponding vibrations which are 
stored in the wires surrounding the 
frames, whence they project themselves 
in the desired direction, moving nearer 
and nearer their address. At that point 
is another frame identical to the first. 
There the transmitted vibrations are re- 
ceived by the wires which surround it, 
and are reconverted into words which 
may be heard through an ordinary tele- 
phonic receiver. Here it is no longer 
a question of waves, We have simply 
established a continuous circuit. The 
illustration which is used to show the 
transmission of Hertzian waves by 
means of a stone producing eddies in 
the water will not do here. Here vibra- 
tion is transmitted in one direction, just 
as though you placed several billiard 


frames, whence they project themselves 
in the desired direction, moving nearer 
and nearer their address. At that point 
ia another frame identical to the first. 
There the transmitted vibrations are re- 
ceived by the wires which surround it, 
and are reconverted into words which 
may be heard through an ordinary tele- 
phonic receiver, Here it is no longer 
a question of waves, We have simply 
established a continuous circuit. he 
illustration which is used to show the 
transmission of Hertzian waves by 
means of a stone producing eddies in 
the water will not do here. Here vibra- 
tion is transmitted in one direction, just 
as though you placed several billiard 
balls in line upon the table and dealt 
a blow at the first. The shock is trans- 
mitted through the line, but only the 
last is moved from its position; the 
others are not disturbed, although each 
intervening ball received and transmit- 
ted the blow. Now let us experiment.” 

While M. Maiche's assistant re- 
mained at the transmitter at the end of 
the garden, we entered the house and 


mea stood before a frame which was to 


THE MYSTERIOUS BELL—Without Any Connect- serve as a receiver. Presently we heard 


tance—in the Saint-Germain Forest in Ing Wire tt Informe the Hearer that Some One the articulation of a voice, then the 
company with the well-known English Wants Him Over the Wireless Telephone. sound of a whistle repeated at distinct 


physician, William Crookes; at the 
Chateau de Marchais, the property of Prince Albert, of Monaco, 
who proved a most willing patron; from Calais to Dover, and from 
Brussels to London, Finally, in the courtyard of the post-office 
in Toulon he heard distinctly the voice of his assistant at Ajaccio 
—the same voice with its Normandy accent, which we were pres- 
ently to hear over a distance of 150 feet. Ñ 

“But all that," said M. Maiche, “is ancient history, I then made 
use of the nd as a means of transmission. The discovery of 
to-day enables me to do away with all visible means of communica- 
tion and to project the words in any given direction without the 
danger that they may be radiated elsewhere; and; more interest- 
ing still, I do this with an infinitesimal expenditure of electricity, 
while, as you well know, other wireless telegraphic and telephonic 
systems expend enormous amounts of electricity radiated in all 
directions. When once perfected my apparatus may be practically 
used at an insignificant cost. Just now it is still at the laboratory 
and experimental stages. You will be able to judge of its promise.” 

We passed into another room. The tinkle of a bell was heard. 
It came from a box attached to the wall, but otherwise isolated. 

“That is the call bell,” said M. Maiche. “My assistant in the 
laboratory at the end of the garden signals us that he wishes to 
talk. If conversation becomes difficult, owing to the great distance, 
there is still this little bell, which may communicate in the code 
of the Morse alphabet. In my house I have done away with all 
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l intervals, and then that exquisite air 
from "Martha"—"The last Rose of Summer"—very prettily 
whistled by M. Charles Maiche, who, not content with being a re- 
markable physician and his father's able assistant, is also a splen- 
did musician. Not only was the pitch of the tone perfectly repro- 
duced, but also the uality of the sound. All possibility of decep- 
tion was thus excluded, as the effect could not possibly have been 
produced by ventriloquism, the voice being plainly recognized as that 
of Mr. C Maiche, who was at the time at the other end of the wire, * 

“You see," said M. Maiche, “that our experiments have suc- 
ceeded in spite of all obstacles, Neither water, mor rocks, nor ice 
can interfere. All that the telegrapher considers as insurmountable 
barriers we casily pass through. Surely we have much yet to per- 
fect. All that we have done up to the present by this new system 
is to be able to converse distinctly up to a distance of a little over 
1.800 feet. But once the practicability of the theory is established, 
then the mechanism must be perfected. It is being perfected day 
by day—just as Branly one day succeeded in modifying the con- 
ductibility of his tube of filings from one end of his laboratory to 
the other, thereby making wireless telegraphy an established fact. 
One knows the progress which it has made since then—the many 
defects which have gradually been overcome, And it will be the 
same with our wireless telephone, which seems to us called to a 
very different destiny not as an aid to war, but as an aid to peace, 
as a saviour of human life.” 


Telephony, Volumes 3-4 
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Another inventor engaged in trying to solve the wire- 
less telephony problem is M. Louis Maiche, For this pur- 
pose the Prince of Monaco has placed his domain at his dis- 
posal. i 
M. Maiche, who, according to the “Electrical Review,” 
London, 15 well known for his extensive researches in the 
domain of telegraphy and telephony, made experiments in 
the transmission of words and signals on the Morse cade by 
earth currents. ' 

This is briefly the result of the tests with an improvised 
apparatus and a current of .003 ampere and 8 volts. 

1, At 1,500 meters conversation transmitted as dis- 
tinctly as by the best ordinary telephone system. 

2. At 4 km. speech still very distinct, but seeming to 
have arrived at the limit of perceptible intensity, 

3. At 7 km. vibrations of the telephone plate suffi- 
ciently distinct to allow of Morse signals being transmitted 
with the utmost regularity. 

The experiments could not be carried further, as this 
would have taken them beyond the limits of the domain. 
The transmitting apparatus used by M. Maiche consists, 
besides the source of electricity, of an improved microphone 
and an induction coil wound in a special manner. In the 
case of the transmission of Morse signals, a key and vibra- 
tor are substituted for the microphone. Í 

In both cases the receiver was a sensitive telephone, 

The connections to carth consisted sometimes of two 
electrodes immersed in water, and sometimes of electrodes 
embedded in damp earth, The two electrodes at each sta- 
tion were connected by an insulated wire which formed a 
basis on which was connected, according as required, the 
receiver or the transmitter. 

As, according to M. Maiche, long-distance experiments 
alone could show what length of base could correspond to 
accentuations in the current conveved. H. R. H. the Prince 
of Monaco has kindly placed at M. Maiche's disposal his 
yacht, Princess Alice, and the local resources of the princi- 
pality for long-distance experiments which will shortly be 
made in the Mediterranean and between the French and 
Italian shores. Evidently, as augmentations of current are 
mentioned, Morse signals will be transmitted, for which the 
telephone will act as receiver. 
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L.Maiche électrophone a pupitre 


Appareil dit Electrophone de Maiche: nom donné par Louis Maiche a ses appareils téléphoniques. Celui-ci est équipé d’une paire d’écouteurs a manches 


Lensczewski et d'un microphone type Ader. Le modèle en photo doit être antérieur a 1890 
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Maiche's wireless telephone system, 1906 
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http://thethingsienjoy.blogspot.com/2013 04 21 archive.html 
The world's first "mobile" phone (in 1906) 


French inventor Louis Maiche and his wireless phone, arguably also the world's first mobile phone. 
Image published in the Swedish weekly Hvar 8 Dag in September 1906 ( Click to enlarge ) 


"M. Louis Maiche is the inventor of the wireless telephone and, like many scientists, is not so famous as he ought to be". 


That is how an article in the Auckland Star on March 6, 1907, introduced the French inventor Louis Maiche, who also could be called the inventor of a 
mobile phone. 


In the article M. Maiche describes how it all began: 


"My first trials took place in 1867, but they were concerned more with wireless telegraphy, and it was not until 1893 that I exchanged a conversation through 
a wireless telephone at a distance of 30 yards." 


Two months earlier, the New York Times had also published an article on M. Maiche and his wireless telephone invention. In the article the inventor refers to 
his successful experiments with telegraphy and then describes his work with the wireless telephone: 


"I then made use of the ground as a means of transmission. The discovery of today enables me to do away with all visible means of communication and to 
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project the words in any given direction without the danger that they may be radiated elsewhere; and, more interesting still, I do this with an infinitesimal 
expenditure of electricity, while, as you well know, other wireless telegraphic and telephone systems expend enormous amounts of electricity radiated in all 
directions." 


"When once perfected my apparatus may be practically used at an insignificant cost. Just now it is still at the laboratory and experimental stages." 


"You see", said M. Maiche,"that our experiments have succeeded in spite of all obstacles. Neither the water, nor rocks, nor ice can interfere. All that the 
telegrapher considers as insurmountable barriers we easily pass through. Surely we have much to perfect! All that we have done up to the present is to be able 
to converse distinctly up to a distance of a little over 1,800 feet. But once the practicality of the theory is established, then the mechanism must be perfected." 


"It is being perfected day by day - just as Branly one day succeeded in modifying the conductibility of his tube fillings from one end of his laboratory to the 
other, thereby making wireless telegraphy an established fact. And it will the same with our wireless telephone,which seems to us called to a very different 
destiny, not as aid to war, but as an aid to peace, as a savior of human life." 


In the Auckland Star article M. Maiche gives some examples of the future use of his wireless telephone: 


"Imagine two steamers steering through a fog. With my little apparatus the captain can tell the direction the other ship is taking. In case of an accident to a 
submarine my apparatus would enable the crew in danger to communicate with the convoying tug without fearing the breaking of a line as in the case of a 
telephone buoy. Miners entombed after a disaster like that at Courrieres could communicate with the rescue party. Two army corps making a night attack 
could keep in constant touch without risk of interruption. The ordinary citizen could have it in his drawing room, and would no longer be dependent upon the 
vagaries of the telephone exchange." 


Both articles also include some technical descriptions of the use of M. Maiche's new wireless phone. It is possible that the French inventor's theories were not 
as successful as he himself thought. Otherwise it is difficult to understand why this page (in French) is the only one with information about him that I have 
been able to locate. Still, his concept of wireless (and mobile) telephony should merit him a place in the hall of fame of modern communication technology . 


Patents 


Nouveau mode de transmission et de réception sans fil des signaux électriques 
FR335990 
1904-02-22 


The object of the present invention is a new method of transmitting and receiving wireless electrical signals. The essential means on which is based the 
system is the production transmits position and uses the position receiver electricity manifested in a new form which may be referred to as "electrostatic 
vibration" and is obtained as will be explained further by modification of a spark inductor. One of distinctive characters of this new manifestation of 
electricity is that it can be transmitted in space without the aid antennas and ground at all distances, and, in the same form as sound, light and heat, that is to 
say without poles. 


The inductor being communicated c with a power source, a battery, for example, and a special switch which will be described below, each interruption is to be 
born in the armature current giving a spark, and it is the latter that is transform an "electrostatic vibration." The armature out of the coil wire after the last 
winding outside, is for this purpose connected to a large metal surface which can be exposed to air. This surface may be constituted either by c a hollow or 
solid cylinder or by one or more sheets of iron, copper or any other metal usual more or less thick. The surface is preferably rounded at the corners or packed 
with a border all around to remove spikes, as in the conductive electrostatic machines. It should be about one square meter per watt of the current flowing in 
the inductor. The other end of the armature is connected to an adjusting screw of which the tip k of platinum or gold is next to a button, also in a gold or 
platinum, carried on the large surface. 


FIGS. 1 and 2 of the accompanying drawings show two provisions which may be 5 h adopted for the preparation of the transmitter station. 


FIGS. 3 and k show two provisions and receiver. 


EL saime 


One end of the armature wire of the coil -j is connected to the cylinder 3 rounded at its ends, and the end k of the wire is connected to plate 5 mounted on the 


http://rexresearch.com/maiche/maiche.html 


5/23 


11/2/2017 Louis MAICHE : Wireless Telluric Telephone -- Articles & Patents 


insulating support 6 which is fixed to the cylinder 3 . The plate 5 is traversed by a setscrew 55 provided beyond tip 7 made of gold or platinum. The end of the 
induced wire k is that by which begins rolling on a bobbin. Wire 8 communicates with the earth or the plate 5 (Fig. I) is the cylinder 3 (Fig. A). 


Improvements in and relating to Electric Transformers. 
GB190727157 
1908-10-29 


Comprises a large number of windings wound in the form of a cable a on a coreless frame b, and led out to terminals 1 ... 10 and, adapted to be connected in 
quantity or tension by means of a commutator so that three or more independent circuits may be made. 


COMPLETE SPECIFICATION. 


The present invention relates to electric transformers of the class described by Specifications Nos. N;821901 (Amberg), z1854 (Swinburne), and 4/183 (Clerc) 
and it particularly concerns the arrangement of the windings. 


The invention is represented in the accompanying drawings;- 


Figs. 1 and 2, show a section and a front view respectively of the improved transformer. 
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The transformer which has no magnetic core, is merely constituted by a convenient number of insulated wires, 10 for example, which are united to form a 
cable a which is wound around a frame b. The ends of the cable project through two holes of the frame and the ends of each wire are joined to terminals 1 to 
10 and 11 to 101 respectively. In the drawings are shown 20 terminals, the first ten of which correspond to the beginnings of the 10 wires, and the other ten 
correspond to the ends of the same wires. 


Thus, a winding of a certain number of identical wires is obtained which are all wound parallel and simultaneously and which may be connected by means of 
a commutator so as to form groups to 'be varied according to requirement; so that there are thus constituted three or more circuits which are entirely 


independent the one of the other and the length of which can be varied at will. 


By conveniently joining the free ends of some of the wires, a primary winding of weak resistance is obtained with the wires of same joined for quantity, while 
one or more of the secondary windings are joined for tension, thus providing any required resistance. 


The construction of the transformer by means of a great number of separate wires offers numerous advantages amongst which are the facility of connecting 


the separate wires at will to constitute the circuits; the arrangement enabling a supplementary circuit to be branched off at any point of the said circuits; and 
the reciprocal independence of these circuits with large number. 


Improvements in and relating to Electric Transformers. 
GB190721535 


1908-05-28 

Transformers for telegraphy and wireless telegraphy are made without a magnetic core, and of little depth but of large diameter. They have the primary 
winding e enclosed within the secondary winding c, g, but separated therefrom by insulation d, f. The windings may be formed in sections, and coupled up in 
any order by means of a commutator. 

COMPLETE SPECIFICATION. 


This invention relates to electric transformers the construction of which is improved so that currents of induction of very short periodicity are obtained. 


The currents, the duration of which is extremely short, possess special properties which are particularly useful when applied in telegraphy and in wireless 
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Transformers without magnetic core and with the secondary winding wound around the primary, or with the primary winding enclosed within insulating 
material round wh,ich is wound the secondary winding so that the whole forms a cable, have been provided, and my invention is limited to the form and 


construction of the transformer as hereinafter set forth. 


My improved electric transformer contains its primary wire within a cable of the secondary wires in the form of a single coil of little thickness but of very 
large dia,meter, said coil or cable being applied to a ring-shaped transformer body. 


The accompanying drawing shows my improved electric transformer. 
Fig. 1 is a section on line A-B of Fig. 2 and 


Fig. 2 is a plan of the ring-shaped transformer. 


As will be seen from the drawings, the transformer a 1s of comparatively large diameter which may be several meters. In the drawing the transformer is 
represented of circular cross-section, it could however be of square or other cross-section. This transformer is very short because all the wires of the winding 
are located on its periphery in an appropriate hollow or groove b. For manufacturing the trans-former I place around the rim of this kind of wheel or dial: a, a 
first layer of secondary wire which is covered by a suitable insulator d and upon this insulator the primary wire e is wound which is covered by another layer 
of insulating material f. The two insulating layers d and f are connected in such a manner that the primary wires e are well insulated, and the coil is then 
finished by applying an outer winding of secondary wire g, the latter surrounding the primary in such a manner as to form a cable. In this manner a ring of 
large diameter is obtained which is composed of the secondary wires c, g which enclose a core of suitably insulated and wholly surrounded primary wires e 
and which ring is applied to a ring-shaped transformer-body having a peripheral groove of suitable cross-section. 


The apparatus comprises four terminals h, two of which serve for fixing the ends of the secondary wires, the other two serving for fixing the ends of the 
primary winding. 

There could be arranged several independent cables or rings in each of which the secondary wires entirely surround the primary wires and in such case each 
of the terminals would be replaced by a multiple commutator permitting to join up the different secondary wires as well as the different primary wires either 
for tension or for quantity according to the effect to be obtained. 


Improvements in connection with Wireless Telegraphy and Telephony. 
GB190721252 


1907-11-21 


The transmitting and receiving circuits at one station for an inductive system of telephony or telegraphy are arranged as shown. A coil a, consisting of a few 
turns of thick wire, is used alone in transmitting, but is connected in series with a coil b, consisting of a large number of turns of fine wire, for receiving; the 
circuit of the coil b is broken automatically, during transmission, by means of a Morse key c. The circuit of the coil a includes a battery n and a microphone o 
for telephony, or an interrupter for telegraphy, and the coil b is connected with a telephone h. 


There are known systems for telegraphy and telephony without connecting wires which utilise, instead of Hertzian waves, the phenomena of distant induction 
by means of electric vibrations of very short duration, but great amplitude. With such systems, one and the same winding is used fur sending and for 
receiving; for sending it is placed in circuit with a source of electricity (battery, accumulator, etc.) and with a microphone or an interrupter destined to produce 
the vibrations in question. The same winding is placed in circuit with a .recerving telephone .for receiving the currents which arc induced at a. distance from 
the sending winding of the other station. 


It is obvious that this single coil cannot equally well serve for the sending as for the receiving. To transmit well it ought to be made from thick and short wire, 
whilst for receiving well it ought to be of long and thin wire. 
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It would evidently be the simplest to provide each station with two different coils of which one serves as transmitter and the other as receiver, but lucre 1s 
another difficulty to be considered; for receiving, the long and thin coil has to be closed by the telephone and in that condition it would absorb nearly all the 
energy which ought to be sent out by the transmitter. 


The present invention rotates to a special method of mounting the parts constituting a station in order to overcome the above mentioned difficulty; besides, 
the special method of mounting permits to join the two coils one behind the other for receiving whereby the receiving power of the station is considerably 


increased. 


The accompanying drawing represents diagrammatically a station according to the present Invention. 


a is the inductor wire which serves fur transmitting; this wire is thick and relatively short. b is the induced winding for receiving the induced vibrations from 
the inductor winding of the transmitting station; this winding consists of thin wire of considerable length. c is a. Morse-manipulator the lever of which is 
connected through the contact let with one end of wire a, its connector e is through the contact f connected with one of the ends of wire; the wire g which 
connects the contact f with wire b comprises the telephonic receiver h ;the other connector 1 of the Morse apparatus is connected through terminal with the 
free ends of the two wires a and b which are joined at this point. The connecting wire m which serves for this purpose, comprises the battery n and the 
microphone o. 


It is easily' understood that in the inoperative position of the Morse key (as represented in the drawings) the two coils and b form one circuit closed on the 
telephone h. This position is the receiving position. For transmitting, the key is depressed and brought in contact with the connector whereby the coil b is 
opened whilst the coil a is closed on the microphone and the battery. 


It is to be understood, that the station described serves for the transmission of sounds. For the transmission of telegraphic signals, the microphone o is 
replaced by a suitable interruptor-vibrator and the apparatus is operated through the Morse key as usual. 


Improvements in and relating to Inductive Telegraphy and Telephony. 
GB190712529 
1908-03-12 


In a system of telegraphy or telephony by magnetic induction, the coils are placed vertically and the same coil is used for transmitting and receiving. The coil 
b is wound on a frame a of any suitable shape, which may be lined with iron. One terminal of the coil b is connected to a key f, one contact of which is 
connected through a microphone p and battery o to the other terminal d of the coil. A telephone m is connected across the terminals of the coil through 
another contact of the key f, and its circuit is normally completed for receiving telephonic or telegraphic messages. Telegraphy is effected by manipulating the 
kev f to complete the circuit of battery o ; to telephone, the key is depressed and the microphone p is utilized. A high-frequency alternator may be used 
instead of the battery 0, and a screen composed of sheets of paper soaked in paraffin, varnish, or glue may be placed behind the frame. 


The present invention relates to improvements in that class of magnetic induction telegraphy and telephony in which transmission is effected between similar 
coils of wire at the receiving and transmitting stations. The invention is characterized by the fact that senders and receivers.are reversible, the member for 


transmitting the waves being the, same as the member which receives the waves. 


In the drawing, a diagram of a station according to the present system is represented. 
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The transmitter and receiver for the electric waves consists of a. wooden frame (a) of fairly large dimensions; for example 4 meters square for a distance of 20 
kilometers. In the drawing the frame is shown as being square but it may be of any other geometric shape having as center a.rectangle a lozenge, a circle, etc. 
The wall of the frame is provided with a groove (b) in which an insulated conducting wire is placed which is connected with the terminals (c) and (d). This 
wire is wound a. varying number of times around the frame so that it is of sufficient length according to the power of transmission required of the apparatus. 


The frame (a) must be of sufficiently large dimensions to prevent the currents generated in opposite directions in the sides of the frame from tending to 
neutralise each other. 


Each station comprises besides a Morse manipulator (e), the commutator of which is connected with one of the terminals (c) of frame (a) through the wire, its 
terminals (r) and (h) being connected with the other terminal (d) of frame (a). 


An ordinary telephonic receiver (m) is inserted in, the circuit (k) which leads from the terminal (h.) of the manipulator to the frame, and in the other circuit 
(n), connecting the terminal (g) of the manipulator with. the frame, a battery (0) is inserted near the frame and , microphone (p) is inserted near the 
manipulator. 


When the manipulator (c) is at rest (position shown in the drawing) the station is ready to receive the transmissions, the electric circuit (a, c, 1, f, m, k, d, a) 
enclosing the frame and the telephone -being closed. One has only to hold the telephone to the ear to perceive all the currents which a.re induced in the frame 


(a). 


The telephone (m) is put out of circuit when the commutator (f) is pressed down, whilst t.he circuit will be closed upon the frame (a.) and battery (0). The 
station has thus become 11 sender, the battery sending variable currents into the frame according to the nature of the transmission to be effected. To telegraph 
according to the Morse alphabet one manipulates the commutator (f) in the usual manner, the telephone (m) of the other station permitting to distinctly 
perceive the dots and dashes. The operator simply gives one contact for the dot and two contacts following in quick succession for a dash. In this case the 
microphone (p) is superfluous but it does not disturb. When however one wants to telephone, the contact (g) has to be kept closed and one speaks in front of 
or into the microphone (p); the telephone (in.) of the other station will reproduce the sounds. 


The source of electricity (o) can be a battery or an electro-magnetic generator giving alternating currents of high frequency. The currents which are thus sent 
into the frame (a) of the sender station have no appreciable effect upon the telegraphic receivers which could be provided at this station; they even do not 
influence the magnet needle owing to their illst,nntfmeousness. 


To establish the communication between two stations the two frames (a) have to be placed in parallel planes, perpendicular to the line which would connect 
their centers, which can be effected through various means. The action (if the one of the frames on the other is effected through any obstacles whatsoever, no 
earth connection or air connection being necessary. 


The reciprocal action of the frames can be increased through lining the bottom of groove (b) for its entire length with soft sheet iron, the lining being 
continuous or interrupted. The frame will thus become a kind of electro-magnet, the proportion of which are just the reverse of those generally used. 


To communicate at very great distances several frames (n,) are joined up, the wires being joined up in series or for tension. 


The efficiency can be considerably increased and the direction of transmission localised in avoiding dispersion at the sides or behind the frame, by means of a 
thick screen composed of superposed sheets of paper soaked in paraffn ; the paper could also be impregnated with varnish, glue or any other equivalent 
material. 


Improvements in and relating to Telegraphic and Telephonic Systems. 
GB190126600 
1902-11-06 


Relates to the arrangements of circuits in telegraph and telephone systems. In Fig. 1, a microphone b is shown in a main line a, and at the receiving-station is 
connected to the middle of a split battery f, g, two receivers l, m being connected between battery and earth. When induction coils are employed, two separate 
primaries take the place of the receivers in the Figure, and the receiver employed is placed in a common secondary. In another modification, the transmitter is 
bridged across two parallel closed circuits, including primaries and batteries, the secondary forming the line circuit. 


This invention relates to telegraphic and telephonic systems and has for its object certain improvements hereinafter more particularly referred to and finally 
pointed out in the claims. 
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As is well known, in order to prevent over-heating of' the receiving and transmitting apparatus in telephonic or telegraphic installations it is necessary to 
prevent very strong current passing over them. It may however, in certain cases, be necessary to provide currents of varying energy within rather large limits, 
and this invention has for its object to provide a simple device which will permit currents of any force being passed through telegraphic and telephonic 
apparatus without the slightest risk of deterioration to such apparatus. 


In order that my invention may be readily understood and carried into effect I will now proceed to describe the same fully with reference to the accompanying 
drawings wherein are shewn diagrammatically several methods of carrying my. invention into practice. 


In the drawings : 
Figure 1 shows the principle of my improved arrangement, and 


Figures 2. and 3 are modified arrangements. 


11141114 
CUHUHNUS 
ATRA 5 


pe 
A | 


My improved system consists essentially of a line a of any convenient length in which is interpolated a microphone b or other appropriate transmitting 
apparatus. One end of this line is grounded at c and the other end is connected at d to.a wire e adapted to place into communication the opposite poles of the 
two sources of electricity of equal power, which for greater clearness sake I have represented as two single batteries f and g. These two batteries are 
respectively connected to earth at h and i. In the earth wires j and k are interpolated telegraphic or telephonic receivers |, m, of any convenient construction. In 
the example shown in the drawing the receivers and m are indicated as being telephonic receivers. 


Having thus described the general arrangement of the system I will now explain the function of the various apparatus of the system. 


Presuming that the wire a is non-existent and that the communication of the battery f and g with the earth has been established, a current passes from the 
positive pole of the battery f to earth through the wire then back .through the wire k, battery 9 and finally through the wire e to the negative pole of the battery 
f. Thus a closed circuit is established. Admitting now the wire a to be connected to the wire e at d and the transmitter b operated, the single current generated 
in the previous case will be replaced, by two currents which circulate in the same direction. 


One of these currents starts from the positive pole of the battery f through the wire through earth from h to c through the transmitter b, wire a and wire e to the 
negative pole of the battery f. 


The other current starts from the positive pole of the battery 9 through the 'wires e and a, the transmitter b, through earth from c to 1 and wire k to the negative 
pole of the battery g. 


It will thus be seen that the wire a and transmitter b are simultaneously traversed by two equal currents in inverse directions. 


In Figure 2 I have shown a telegraphic transmitter or key b but the general arrangement of the system 1s the the same as that previously described with the 
exception that the wires j and k form the primary conductors of the transformers n and o. The secondary conductor p, which is common to both transformers, 
leads,to the receiving apparatus q, for example a telegraphic receiving instrument. 


Each contact ejected with the key b produces, as before explained a double derivation acting by subtraction of intensity upon the two transformers n and o, 
produces an induced current which is reproduced in totality in the receiving apparatus q. In the case of telephonic transmission the key must be replaced by a 
microphone as shown in Figure 1, while further the receiver q would also be a telephonic receiver. 


By extending the same principle I can, as indicated in Figure 3, replace the two earth wires by two conductors and k joined together at r after having traversed 


the transformers x and o. The induced current may then be conveyed to the receiving instrument t over two lines, or as in the previous example over a line s 
and two earth connections u and v, placed more or less apart from each other. 
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It will be noticed that the microphone b forms part of the neutral conductors. 


It acts exactly as in Figure 1. The differences of resistance produced by its vibrations influence the two coils x and o, and it is easy to understand that, 
whatsoever may be the intensity of the two electric sources f and g, the microphone is never exposed to the risk of becoming overheated for the reason that it 
is traversed by two equal currents in opposite directions. 


It will thus be understood that the transmissions will be rendered perceptible in the receivers through the differences of intensity of the electric current; the 
differences being due to the differences of resistance of the neutral conductor which, in receiving two equal currents in opposite directions, is not much 
affected itself. 


Improvements relating to the Transmission of Telegraphic and Telephonic Signals. 
GB190117711 
1901-02-19 


The local circuits at each station are doubly earthed at e, f, j, k symmetrically about a straight line joining the stations. The earths may be formed of porous 
pots containing water in which the ends of the conductors are immersed, or deep ditches filled with gas coke may be employed. Insulating screens may be 
placed in deep ditches dug behind the earths. 


This invention relates to an improved method of transmitting electrical telegraphic and telephonic signals from one point to another without the employment 
of wires connecting the two points. 


In my improved system of transmission, the two poles of the transmitting station are put to earth and the two conductors, upon which the receiving apparatus 
is mounted are also both put to earth; the signals emitted by the transmitting apparatus are transmitted to the receiving station through the earth alone. 


In order that my invention may be readily and clearly understood, I have represented in the accompanying drawing, by way of example only, a diagrammatic 
view of my device as a whole. 


As shewn in the drawing, the transmitting station comprises a transmitter a one of the terminals of which is electrically connected to one of the poles of a 
source of electricity b whilst the other pole communicates with the earth; the second pole of the source of electricity is also run to earth and with this object 
the two conductors c d terminate in two porous pots e f embedded in the ground and filled with water. 


The receiving station comprises a receiver 9 such as a telephone for example, the conductors h 1 which are put to earth by the intermediary of two porous pots 
j k similar to those of the transmitting station. 


The porous pots of the receiving station should be arranged upon a line parallel with that which joins the two porous pots of the transmitting station, and they 
should be equidistant from an axis passing through the middle point of this line and at right angles to said axis. 


The porous pots may advantageously be replaced by deep ditches sunk down to the humid earth, filled with gas coal or coke and containing at their centre a 
plate of carbon which is a good conductor, to which the transmission and receiving wires respectively are attached. 


When contact is established by manipulation the transmitter a, the electric circuit passing through the source of electricity b, the conductor c, the porous pot e 
earth-connected to the other porous pot f the conductor d and the transmitter a, is closed. The current thus produced causes a change of condition in the 
ground ; all around the porous pots electric radiation is produced, the polarity of which is that of the corresponding conductor; its density decreases in 
proportion as it is further removed from the point of departure. This radiation is infinite with respect to space if nothing obstructs its passage. 


The radiation extends so much the further according as the distance between the two porous pots of the transmitting station is greater. 
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Using an expansion bit, cut a hole in the center of the disk large 
enough to accept a 1-inch male PVC adapter. Cut a 1-inch PVC 
union into two parts. Install a 1-inch male adapter at one end of a 
10-inch section of 1-inch PVC pipe. Insert this into the disk and 
snug it up with the piece of union just cut. Install the disk in the 
open end of the coffee can, drilling and tapping the Plexiglas disk 
for six 4-40 screws. 


Downconverter Housing 


A weatherproof box (11” x 12” x 15”) of %-inch outdoor 
plywood houses a MicroComm RX1691 downconverter. The box 
was treated with preservative stain and caulked witha generous 
amount of clear silicone seal. Actually, it’s a box within a box, the 
converter being further enclosed by sections of 1-inch thick 
styrofoam. A regulated 12-volt dc supply shares the housing with 
the downconverter. See Fig. 7-59. 


Fig. 7-59. Downconverter housing mounted on mast. 
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These radiations, starting respectively from the porous pots e f thus create two zones one of which is positive and the other negative, the intersection of which 
constitutes % line absolutely neutral. It follows from this that the porous pots of the receiving station should be arranged upon either side of the neutral axis, 
because if these two earth connections were upon the same side they would both collect fluid of the same polarity, and in these conditions the receiver would 
not be traversed by any current. 


In order to collect the maximum of current at the receiving station, the two porous receiving pots should be as nearly as possible equidistant from the neutral 
axis, as if one of the two porous pots is nearer than the other, the difference of separation of that which is the furthest removed is not only lost but 1s prejudical 
since 1t causes useless resistance without adding anything to the effect. 


Experience has demonstrated that the disposition which furnishes the maximum of reception is that which consists in arranging the porous pots of the receiver 
at the same interval as separates the porous pots of the transmitting station. 


In order to install my method of electrical transmission, it is first of all necessary to draw a straight line a y connecting the two stations and .then to produce 
upon each of these stations a line proceeding from this line x y at right angles, the said perpendicular lines being of equal length. 


The transmitting and receiving appliances may be arranged at any convenient point on the conductor which connects the porous pots. 

In order that the whole of the radiation emitted may be utilised at the receiving station, the propagation of this radiation is prevented (at the transmitting 
station upon the side opposite to that on which the receiving station is situated by burying in the ground an insulating screen | which may be of glass, tarred 
fabric, ebonite or the like, or by sinking a sufficiently deep ditch with or without an insulating screen. 

Each time contact is made at the transmitter a, a sharp blow is audible at 'the receiving telephone g ; a second blow is heard when the circuit is broken. 

It is obvious that there may be arranged both at the transmitting and receiving station transmitting and receiving appliances of the greatest possible sensibility, 
either for serving as relays for telegraphic purposes, or for directly receiving and recording the signals; for example an ink siphon mounted upon a 
galvanometric frame, or any other suitable device. 

My method of transmission also permits of the transmission of speech; it is only necessary to replace the transmitter by an ordinary microphone interposed 
either directly upon the circuit, or arranged upon the primary of an induction coil, the secondary wire of which terminates at each extremity of the two porous 


pots. 


It will of course be understood that in practice each station comprises both a transmitter and a receiver. 


Improvements relating to the Transmission of Electric Currents 
GB190108906 


1901-04-30 

Telegraph and telephone systems are arranged with the line-wire a connected to the center point of a battery c, c, the opposite poles of which are earthed and 
shunted by a normally closed circuit key g or microphone. The earth connections are made through non-polarizable cells f, f, containing, for example, two 
plates of copper immersed in copper-sulphate solution. The receiver is bridged between one earth and a switch h by which the transmitter is normally 
connected to line. The microphone may be inserted in the primary of an induction coil, the two secondaries of which oppose and are connected to the two 
earths and line. The two earth connections may be brought nearer together by the receiver and switch in the primary of the induction coil, so that this coil acts 
both to receive and transmit according to the position of the switch h. The microphone is arranged in the primary of a second induction coil. 

This invention relates to improvements in the transmission of electric currents and is more particularly adapted for telegraph and telephone lines, whereby 
condensation in the cable is avoided, while at the same time "tapping" of the , line at any point thereof, for the purpose of ascertaining the purport of the 
message in transmission is rendered impossible. 

My improved system of transmission comprises a single line wire between the two stations and branched at these two stations to the zero point of a circuit, 
the two extremities of which are connected to earth or the sea ; the current furnished at each station by a local source of electricity being sent through the 
circuit by means of any convenient transmitting apparatus, (such as a Morse key, microphone or the like) either direct or by induction. 

Each station is furnished amongst other apparatus, with a receiving apparatus consisting of a key-instrument connected with the line-wire and permitting the 
current sent into the line from the transmitting station, to pass into a conductor leading direct to one of the wires running to earth and to which is connected 


the receiver proper. 


In order to avoid the polarization of the earth-wires, each such wire is connected with a conductor leading to a copper or other metallic blade immersed in an 
impolarizable saline solution in which is disposed a second similar blade connected to earth or sea. 


In the accompanying drawings : 

Figure 1, is a diagram showing my improved system as applied to telegraphy 
Figure 2, is a diagram showing the same applied to telephony. 

Figure 3 shows the system of Figure 2 with induced current.' 


Figure 4, shows a modified arrangement. 
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In all the figures the same letters of reference designate the same parts. 


Referring to Figure | the two stations are connected by a single line-wire a, branched at the zero point b of the battery formed of the different elements c of 
which the end poles are connected to earth, or to sea, by a conductor d e lead- ing to a copper or other metallic plate f immersed in a liquid of good 
conductivity, such as for example a solution of a sulphate of copper, in which another copper plate f1 is placed connected to earth, or sea by a conductor d1 . 


A transmitting apparatus g of any convenient construction, such as a Morse- key instrument, is connected with the two end poles of the battery in such a 
manner that in its position of rest it closes the circuit of the latter by establishing a short circuit so that no current passes, (or at most a very weak one) through 
the wire line a or through the earth-wires. 


To send a current to the receiving station, the key 9 is depressed whereupon the short circuit is interrupted and the current is caused to pass simultaneously 
through the line-wire a and the earth-wires d d1 e e*. The line-wire is in reality traversed by two currents in opposite directions, so that it is in an apparently 
neutral state, and thus no interception of the messages can be effected for the, reason that if a receiver be interpolated, at any point of. the line, said receiver 
would receive two currents in opposite directions' which would neutralize each other. 


Each station is furnished also with a receiving apparatus consisting of a commutator h connected with the line-wire a and permitting, when depressed, the 
current from the transmitter to pass into a wire 1 leading direct to one of the earth-wires (d1 for example) and in which is interpolated the receiving instrument 


J. 


To receive signals sent from the transmitting station, it 'is necessary that the commutator lever h be kept depressed, so as to cause the current from the 
transmitting station to pass into the wire In connection with the receiving instrument. 


"The connections may also be established in such a manner that when the commutator h is in its normal .position, it cuts the wire ( and connects the wire with 
that part of the said wire which leads to the other station ; in this case for transmitting a signal it is necessary to depress the commutator lever h previously so 
as to re-establish the continuity of the line-wire and the operator then acts on the key-lever g as hereinbefore stated. 


My arrangement is equally applicable to telephonic messages as will now be explained with reference to Figure 2, The transmitting instrument g is in this 
case replaced by a microphone g1 and the receiving instrument j is replaced by a telephone receiver j 1 the operation of the arrangement is exactly, the same 
as that above described. 


The vibrations of the microphone cut the short circuit and the current from the local, source of electricity thereupon passes over the line-wire a and the earth- 
wires d dl c el as previously stated. 


The telephonic message is received in the same manner as before through the intervention of the commutator h which passes the current, sent from the 
transmitting station; to the telephonic receiving instrument jl. 


The line-wire may also be operated by induction currents a3 is indicated at Figure 3. 


The local circuit in which the transmitting apparatus (for instance, the microphone g1) is inserted comprises a primary winding k surrounding a central soft- 
iron core, or bundle of wires, | which is further provided with two secondary windings m m in opposite directions. The line wire a is connected to each of 
these secondary windings at the two extremities m1 n1 of opposite polarity and the opposite extremities ms p2 are connected with the earth-wires d d c set in 
the manner already explained. 


When operating the transmitting apparatus or when speaking into the microphone 0 for example, induction currents are generated in the secondary windings 
m n and they then affect the receiving apparatus jl at the receiving station as already stated. 


The primary winding and the two secondary windings may have the three wires wound in the same direction upon the soft iron core and the two extremities 
of the primary convolutions are connected with the local circuit in which is interpolated the transmitter while two extremities of opposite polarities of the 
secondary convolutions are connected to line and the two osiers to earth as previously explained. 

In my improved transmitting arrangement the two earth wires at 'each station must be the more separated from each other the longer the distance is between 
the two stations so that the resistance of the earth between the said earth-wires will be sufficient to cause the single line-wire to be traversed by the greatest 
possible quantity of the current. 


In order to reduce as far as possible the distance between the earth-wires the beginning of the single wire a and the wires rl rl' leading to earth are 
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advantageously rm distance from the transmitting instrument and receiving instrument respectively at the telegraphic or telephonic station and thus permit the 
two earth connections of the two telegraphic or telephonic stations to be placed nearer each other. 


The telegraphic or telephonic station is then divided and the transmitting instrument is connected with the magnet with its earth connections and line wire a ' 
by two conducting wires kl k2 connected with the ends of the convolutions k which generates induction currents in the secondary windings m n (Figure 4). 


The current sent into the conducting wires k1 k2 and. passing through the convolutions k may itself be an induced current generated in the coil k3 when a 
current from the source of electricity c is passing through the. primary coil o through the action of the transmitting microphone gl for example. 


In the case when' the distance of the telegraphic or .telephonic transmitting station from its earth-connections is not too excessive the current traversing the 
conductors k1 1.:2 instead of being an induction current may be furnished direct by the source of electricity of such station, and naturally the, transmitting 
instrument, (microphone or 'key), and the source of electricity are then placed direct in the circuit;1 k2. 


An interrupter A interpositioned in the conductor kl permits of cutting the circuit in leading to the secondary coil k3 and of closing the circuit for the 
conductor i leading to the conductor k 2 in which is interpolated’ the receiving instrument j. 


Thus the coil k is either inductor or induction according to whether there is transmission or reception. 


It is to be well understood that my system of transmission is entirely independent of the nature of the telegraphic or telephonic apparatus employed therewith, 
and that the source of electricity at the stations may be of any convenient kind, either derived from a battery, accumulators, dynamo, magneto-electric 
machine or the like. 


COMPLETE SPECIFICATION. 


This invention elates to improvements in the transmission of electric currents and is more particularly adapted for telegraph and telephone lines, whereby 
condensation in the cable is avoided, while at the same time "tapping" of the line at any, point thereof, for the purpose of ascertaining the purpose of the 
message in transmission is rendered impossible. 


My improved system of transmission comprises a single line-wire between the two stations and branched at these two stations to the zero point of a circuit, 
the two extremities of which are connected to earth or the set; the current furnished at each station by a local source of electricity being sent through the 
circuit by means of any convenient transmitting apparatus, (such as a Morse key .microphone or the like) either direct or by induction. 


Each station is furnished, amongst other apparatus, with a receiving apparatus consisting of a key-instrument connected, with the line-wire and permitting the 
current sent into the line from the transmitting station, to pass into a conductor leading direct to one of the wires running to earth and to which is connected 
the receiver proper. 


In order to avoid the polarization of the earth-wires, each such wire is connected with a conductor leading to a copper or other metallic blade immersed in an 
impolarizable saline solution in which is disposed a second similar blade connected to earth or sea.. 


In order that my invention may be clearly understood and readily carried into effect I will now proceed to describe the same more fully with reference to the 
drawings accompanying my Provisional Specification in which:. 


Figure 1, is a diagram showing my improved system as applied to telegraphy. 

Figure 2, is a diagram showing the same applied to telephony. 

Figure 3 shows the system of Figure 2 with induced current. 

Figure 4 shows a modified arrangement. 

In all the figures the same letters of reference designate the same parts. 

Referring to Figure 1 the two stations are connected by a single line-wire a branched at the zero point b of the battery formed of the different elements c of 
'which 'the end poles are connected to earth, or to sea, by a conductor d e leading to a copper or other metallic plate f immersed in a liquid of good 
conductivity, such as for example a solution of sulphate of copper, in which another copper plate f1 is placed connected to earth, or sea by a. conductor dl el. 
A transmitting apparatus q of any convenient construction, such as a Morse-key instrument, is connected with the two end poles of the battery in such a 
manner that in its position of rest it closes the circuit of the latter by establishing a short circuit so that no current passes, (or at most a very weak one) through 
the wire line a or through the earth-wires. 

To send a current to the receiving station, the key g is depressed whereupon the short circuit is interrupted and the current is caused to pass simultaneously 
through the line-wire a and the earth-wires d d1 e el. The line wire is in reality traversed by two currents in opposite directions, so that it is in an apparently 
neutral state, and thus non interception of the messages can be effected for the reason that if a receiver be .interpolated at any point of the line, said receiver 


would receive two currents in opposite directions which would neutralize each other 


Each station is furnished also with a receiving apparatus consisting of a commutator h connected with the line-wire a and permitting, when depressed. the 
current from the transmitter to pass into a wire 1 leading direct to one of the earth-wires (d1 for example) and in which is interpolated the receiving instrument 


J. 


To receive signals sent from the transmitting station, it is necessary that the commutator lever h be kept depressed, so as to cause the current from the 
transmitting station to pass into the wire i in connection with the receiving instrument. 


The connections may also be established in such a manner that when the commutator h is in its normal position, it cuts the wire' a and connects the wire 1 with 
that part of the said wire which leads to the other station; in this case for transmitting a signal it is necessary to depress the commutator lever h previously so 
as to re-establish the continuity of the line-wire and the operator then acts on the key-lever as hereinbefore stated. 

My arrangement is equally applicable to telephonic messages as will now be explained with reference to Figure 2. The transmitting instrument g is in this 
case replaced by a microphone 1 and the receiving instrument j is replaced by a telephone receiver il the operation of the arrangement is exactly the same as 
that above described. 


The vibrations of the microphone cut the short circuit and the current from the local source of electricity thereupon passes over the line-wire a and the earth- 
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wires d dle el as previously stated, 


The telephonic message 1s received in the same manner as before through the intervention of the commutator h which passes the current sent from, the 
transmitting station to the telephonic receiving instrument j1. 


The line wire may also be operated by induction currents as is indicated at Figure 3. 


The local circuit in which the transmitting apparatus (for instance, the microphone g1). is inserted comprises a ,primary winding k surrounding a central soft 
iron core,, or bundle of wires, 1 which is further provided with two secondary windings m n in opposite directions. The line wire a is connected to each of 
these secondary windings at the two extremities in nl of opposite polarity and the opposite extremities m2 n2 are connected with the earth wires clt c ex in the 
manner already explained. 


When operating the transmitting apparatus or when speaking into the microphone for example, induction currents are generated in the secondary windings m 
n and they then affect the receiving apparatus | at the receiving station as already stated. The primary winding and the two secondary windings may have the 
three wires wound in the same direction upon the soft iron core and the two extremities of the primary convolutions are connected with the local circuit in 
which is interpolated the transmitter while two extremities of opposite polarities of the secondary convolutions are connected to line and the two others to 
earth as previously explained. 


In my improved transmitting, arrangement the. two earth wires at each. station must be the more separated from each other the longer the distance is between 
the two stations so that the resistance of the earth between the said earth-wires will be sufficient to cause the single line-wire to be traversed by the greatest 
possible quantity of the current. 


In order to reduce as far as possible the distance between the earth-wires the beginning of the single line wire a and the wires d d1 leading to earth are 
advantageously removed at a distance front the transmitting instrument and receiving instrument respectively at the telegraphic or telephonic station and thus 
permit the two earth connections of the two telegraphic or telephonic stations to be placed nearer each other. 


The telegraphic or telephonic station is then divided and the transmitting instrument is connected with the magnet with its earth connections and line wire z 
by two conducting wires k' k2 connected with the ends of the convolutions which generates Induction currents in the secondary windings m n (Figure 4). 


The current sent into the conducting wires k1 k2 .and, passing through the convolutions k may itself be an induced current generated in the coil k3 when a 
current from the source of electricity c 1s passing through the primary coil or through the action of the transmitting microphone f/I for example. 


In the case when the distance of the telegraphic or telephonic transmitting station from its earth connections is not too excessive the current traversing the 
conductors k le2 instead of. being an induction current may be furnished direct by the) source, of electricity of such station, and naturally transmitting 
instrument (microphone or key) and the source of electricity are then placed direct in the circuit lel k-S. 


An interrupter It interpolated in the conductor k1 permits of cutting the circuit in leading to the secondary coil k3 and of closing the circuit for in conductor 1 
leading to the conductor 3 in which is interpolated the receiving instrument j1. 


Thus the coil k is either inductor or induction according to whether there is transmission or reception. 


It is to be well understood that my system of transmission is entirely independent of the nature of the telegraphic or telephonic apparatus employed therewith, 
and that the source of electricity at the stations may be of any convenient kind, 


Improvements in Connections of Telephonic and Telegraphic Instruments to Conducting Lines. 
GB189706773 
1897-03-15 


Telegraph and telephone lines are arranged so that any pair of lines bearing instruments may be used as a lead or return for another set of instruments without 
interference. Thus, as an example, four metallic circuits carry four separate sets of instruments individually but may have circuits A and B, C and D, used as 
other metallic circuits, or A and B may form a lead and C and D a return for a seventh metallic circuit. The Specification describes telephone instruments as 
used on the metallic circuits and telegraph or telephone instruments inserted in the earth return circuits. Fig. 1 shows a pair of lines L<1>, L<2> forming a 
metallic circuit and capable of use as the line with an earth return through L<3>, L<3>, the lines L<2> being connected to the loop at the centre of the 
secondary coil S', S<2> of the induction coil X. The receiving-instrument is shown in a bridge, such as Z. The positions of the transmitting T and receiving R 
instruments may be reversed. Each side of a metal loop may also be used as the line with an earth return. 


This invention relates to the connecting of telephonic and telegraphic instruments to conducting lines in such a manner that several telephonic and telegraphic 
messages can be simultaneously transmitted without interfering with one another. 


Fig. 1 of the accompanying drawings shews diagrammatically connections for a telephone and also for another telephone or telegraph to a double 
conducting line. 


Fig. 2 shews a modification. 
Fig. 3 shews how seven sets of the connections may be applied to four double conducting lines. 
Fig. 4 shews the connections for a telephone and telegraph to a single line with earth return. 


Fig..5 shews connections for telephoning over two telegraph lines one of them forming a metal return. 
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Referring first to Fig. 1 the two lines Ll L2 are at each end connected as shewn at X through two equal secondary coils 8 1 and s 2 wound with a primary coil 
P which is in circuit with a telephone transmitter T and local battery B. 


The lines L1 L2 are so connected to the secondary coils 8 1 s 2 that the currents induced in the lines by the telephone transmitter are always in opposite 
directions. 


The telephone receiver R, as shewn at Z, is in circuit with a secondary coil 8 3 wound with a primary coil p connecting the two lines L1 L2. 


At a point | intermediate to the coils s1 s2 a third line L3 is connected, this line being employed for telephone or telegraph transmission. When either of the 
telephone transmitters T is employed, the induced currents pass through the primary coil p thus causing the receivers R to act. But should any current flow by 
L3 it must flow in opposite directions through 8 1 and s2, and therefore in the same direction along the lines L1 L2 so that it cannot influence the receivers R 
nor the transmitters T. At each end a line L3 may be connected as shewn by Y, Fig. 2, at l a point intermediate to two equal primary coils p1 p2 which connect 
the lines LI LO and are wound with the secondary S3 of each telephone receiver R. 


With connections thus arranged any current flowing in the same direction through the coils pl p 2 actuates the telephone receivers R, whereas a current from 
L3 flows in opposite directions through the coils pl p 2 and therefore is ineffective on the receivers R. By combining several ordinary transmitters T and 
several of the receiver arrangements marked Y in Fig. 2 with a number of double lines as shewn in Fig. 3, a number of messages can be sent over these lines 
without interfering with each other. 


Thus referring to Fig. 3 the transmitter 1 works over the pair of lines L1 in the - usual way, one of these lines serving as metal return. In like manner the 
transmitter 2 works over the pair L2, transmitter 4 over the pair L 4 and transmitter 5 over the pair L 5. Again the transmitter 3 works through the pair of lines 
L 3 and the two pairs L 1 and L 2, one of these pairs serving as metal return. 


In like manner the transmitter 6 works through the pair of lines L 6 and through the two pairs L 4 L 5. Finally the transmitter 7 works through the pairs of 
lines L 7 and through the two pairs L 3 and L 6 and the. four pairs L 1 L 2 L 4 and L 5, two of these pairs such as L 4 and L 5 serving as metal return. 


Obviously this system may be duplicated, and reduplicated so that one transmitter can be made to work over 8 pairs or 16 pairs of lines or other multiple of 4. 


As shewn in Fig. 4 a telephone and a telegraph are connected to one line L having earth return. In this case X and Z are the telephone arrangements so marked 
in Fig. 1, K is the key, C the battery and D the receiver for telegraphing in the connection of Z to earth there is an adjustable resistance F to balance that of the 
line. As shewn in Fig. 5 two sets of the telegraphic connections shewn in Fig. 4 and two lines Ll L2 which may be both to one place or each to a different 
place with earth return are combined with one telephone arrangement. 


The transmitter T by its primary P induces currents in the secondaries $ 1 89 both in the same direction and therefore in opposite directions in the lines Ll L2. 


The currents being in the same direction in p1 and p2 act on the secondaries 1 3 of the receivers 1,. Currents from the telegraph gi dividing at 11 pass in 
opposite directions through sl and pl and therefore do not affect the telephonic receivers. And in like manner the currents from the telegraph K2 are 
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ineffective on the receivers. 

For the sake of clearness the primary and secondary coils have been shewn in the form of many lines side by side. 
It 1s to be understood however that they are wound in each case all on one bobbin. 

In Figs. 3,4 and 5 the arrangements are shewn at only one end of the conducting lines. 

It is to be understood however that they are symmetrically repeated at the other end as shewn in Figs. 1 and 2. 
COMPLETE SPECIFICATION. 


This invention relates to the connecting of telephonic and telegraphic instruments to conducting lines in such a manner that several telephonic and telegraphic 
messages can be simultaneously transmitted without interfering with one other. 


Figure 1 of the drawings accompanying my Provisional Specification shews diagrammatically connections for a telephone and also for another telephone or 
.telegraph to a double conducting line. Figure 2 shews a modification. Figure 3 shews how seven sets of the connections may be applied to four double 
conducting . lines: Figure 4 shews the connections for a telephone and telegraph to a single line with earth return. Figure 5 shews connections for telephoning 
over two telegraph lines one of them forming a metal return. 


1 . Referring first to Figure 1 the two lines Ll L2 are at each end connected as shewn at X through two equal secondary coils s1 and 8 2 wound with a primary 
coil P which is in circuit with a telephone transmitter T and local battery B. 


The lines Ll L 2 are so connected to the secondary coils 8 1 s'" that the currents induced in the lines by the telephone transmitter arc always in opposite 
directions. 


The telephone receiver R, as shewn at Z, is in circuit with a secondary coil s3 wound with a primary coil p of high resistance connecting the two lines L1 L2. 


At the point intermediate to the coils sr s 2 a third line L3 is connected, this line being employed for telephone or telegraph transmission. "When either of tho 
telephone transmitters T is employed, the induced currents pass through tho primary coil p thus causing the receivers R to act. But should any current flow by 
L3 it must flow in opposite directions through sl and s2, and therefore in the same direction along the lines Ll L2 so that it cannot influence the receivers It 
nor the transmitters T. At each end a line L3 may be, connected as shewn by Y, Figure 2, at l a point intermediate to two equal primary coils p1 p2 which 
connect the lines L1 L2 and are wound with the secondary 8 3 of each telephone receiver R. With connections thus arranged any current flowing in the same 
direction through the coils yx actuates the telephone receivers R, whereas a current from L3 flows in opposite directions through the coils p1 p2 and therefore 
is ineffective on the receivers R. By combining several ordinary transmitters T and several of the receiver arrangements marked Y in Figure 2 with a number 
of double lines as shewn in Figure 3, a number of messages can be sent over these lines without interfering with each other. 


Thus referring to Figure 3 the transmitter 1 works over the pair of lines L 1 in the usual way, one of these lines serving as metal return.. In like manner tho 
transmitter 2 works over the pair L 2, transmitter 4 over the pair L 4 and transmitter 5 over the pair L 5. Again the transmitter 3 works through the pair of 


lines L 3 and the two pairs L 1 and L 2, one of these pairs serving as metal return. 


In like manner the transmitter ti works through the pair of lines JLA b and through the two pairs L 4 L 5. Finally the transmitter 7 works through the pairs of 
lines L 7 and through the two pairs L 3 and L 6 and the four pairs L 1 L 2 L 4 and L 5, two of these pairs such as L 4 and L 5 serving as metal return. 


Obviously this system may be duplicated, and reduplicated so that) one transmitter can be made to work over 8 pairs or 16 pairs of lines or other multiple of 
4. 


As shewn in Figure 4 a telephone and a telegraph are connected to one line L having earth return. In this case X and Z are the telephone arrangements so 
marked in Figure 1, K is the key, C the battery and D the receiver for telegraphing. 


In the connection of p to earth there is an adjustable resistance F to balance that of the line. As shewn in Figure 5 two sets of the telegraphic connections 
shewn in Figure 4 and two lines Ll L2 which may be both to one place or each to a different place with earth return are combined with one telephone 


arrangement. 


The transmitter T by its primary P induces currents in the secondaries sl S2 both in the same direction and therefore in opposite directions in the lines L1 L2. 
The currents being in the same direction in pI and pS act on the secondaries 11 of the receivers It. 


Currents from the telegraph K1 dividing at 1 1 pass in opposite directions through sl and I > I and therefore do not affect the telephonic receivers. And in like 
manner the currents from the telegraph K2 are ineffective on the receivers. 


The connections of p1 and p2 to earth may have suitable resistances as shewn at F in Figure 4. 

For the sake of clearness the primary and secondary coils have been shewn in the form of many lines side by side. 
It is to be understood however that they are wound in each case all on one bobbin. 

In Figures 3,4 and 5 the arrangements are shewn at only one end of the conducting lines. 


It is to be understood however that they are symmetrically repeated at the other end as shewn in Figures 1 and 2., 


Perfectionnements aux bobines d'induction 
FR382386 
1908-02-05 


The present invention relates to an improved induction coil in order to obtain induction currents in very short periods. These currents, whose durations are 
extremely short 5, enjoy special properties which find application mainly in telegraphy and wireless telephony. 


This induction coil is characterized by the absence of the magnetic core and the winding mode of the inductor and the armature on a short length coil, but a 
very large diameter, the inductor coil being virtually drowned in May 1 the armature winding. 
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The appended drawing schematic represents for example an induction coil according to the present invention. 
FIG. 1 is a section along line A-20B of FIG. 2 ; 


FIG. 2 is a plan. 


a T? PA EA AAA 
F TARR R 
PERR RFR F y A PERSA HA API F 


Fara. 


As shown in these drawings, this coil has a very large diameter which can be up to several meters; 26 is drawing the round, but it could equally be square or 
affect any other polygonal shape. This reel is very long because all winding son are housed on its outskirts in a suitable groove b; it will be understood by 30 
begins winding on the rim of this kind of pulley a first layer of wire induced E and then covered with a suitable insulating and d are wound over this 
insulating layer the inductor wire E which is covered another 35 isolated layer; we réuuii uéUi the insulating layers d and f, so as to isolate the inductors e 
and ends the coil by an external winding armature wire g. ko 


Is carried out in this way a large-diameter ring compound induced son c, g, containing a central core of an adequately insulated son inductors. 
The machine has four terminals 5 h which two are used to secure the ends of the armature winding and the other two ends of the inductor winding. 


We can arrange several induced son and son more inductors; in this case, each terminal 5o h will be replaced by a multiple switch that will bring together the 
different armatures on, and the different inductors on, either voltage or the contrary in quantity, following the effects that one wishes to obtain. 


Dispositif de transmission téléphonique 
FR377785 
1907-09-14 


Telephone transmission system of mounting each station transmitter and or serial receivers and to bring the two stations by three son line, including 5o first 
two respectively together the poles of the two stations and the third is mounted derivation at a point of each station caught between the transmitters and the 
receiver or receivers, one or even two of these three son may be replaced by equivalent landings. 


The present invention provides a way to increase the distance at which it is possible to call or to increase the intensity of sound transmitted at a given distance 
5. 


When installing a regular telephone line, it is customary to bring the two stations using two wires, one for the second round for the return; at-10 there is no 
fear induction from neighboring lines, one connecting the two stations by a thread alone and return through the ground at each station. 


FIG. 1 of the accompanying drawing shows the 15 most simple provision of a regular line with two son; there is one at each station magnetic phone, al met 


by both son line c and d; when speaking in the phone, the phone is 30 al receiver and vice versa; this provision is entirely satisfactory from the standpoint of 
the actual transmission, but it has the obvious disadvantage that the two parties can not break interfere, each necessarily listen to while the other speaks . 


http://rexresearch.com/maiche/maiche.html 18/23 


11/2/2017 Louis MAICHE : Wireless Telluric Telephone -- Articles & Patents 


N° 377.785 MM. Maiche, Marcelof et Roux 


To overcome this disadvantage, it immediately offered to have each transmitter station a phone or a 1 and a receiver or telephone b bl, allowing 3 to the two 
interlocutors to talk while listening. This solution suffers a disadvantage from the standpoint of the transmission; in fact, as shown in Fig. 2, the four phone a, 
b, a}, bx 3 are mounted in series on the line cd, so that the sound transmitted by a transmitter has or al necessarily travels in addition interesting b1 or b 
receptor both other phones of the circuit. The telephone circuit thus unnecessarily h has a high resistance which reacts disadvantageously either on the 
possible length of the line cd, either the intensity of the sound transmitted to a given line length. 


The present invention relates to a device easy positive h to remedy the drawbacks both of the two transmission systems according to Fig. 1 and 2 and make a 
new telephone transmission system providing both the benefits of the 5 two known systems. 


As shown in Fig. 3, this invention is simply to dispose between the two stations a third e line wire terminating at each station between the telephone 
transmitter 5 tor a or al and the receiver phone b or b1. In these conditions the wall sent by "will be fully received by b1 without crossing unnecessarily b and 
al resistance and vice versa speech transmitted by al will be fully received by b. 


The need for three son line c, d, e 5 is required when the line is around other transmissions; but when isolated, it can simplify the transmission as shown in 
Fig. k or 5. 


According to FIG. h, the wire line drifted o-tion e is deleted and replaced by a ground f and fl taken at each station between the transmitter and receiver. 


In special cases, it is even possible to reduce the line to a single wire e in '5 with each station two landings g, h and # 1, h1), the receiver and transmitter are 
each disposed station in series between the two landings; under these conditions, the two conductors c and d are formed by o the ground and there is no longer 
a single line wire e. 


In the above, to simplify the description and drawings, we assumed the exclusive use of magnetic phones; 5 Fig. 6 shows the circuit diagram in the case of 
induction phones. In this case each position 1 includes a battery, a transmitter microphone and primary k of an induction coil, mounted in series o on a closed 
circuit; the line circuit c, d comprises series headphones b, b and b1, b1 and side and II of the coil. In this 


If the invention is to attach the derivative e line wire between the two receivers b, b or il, Al on the one hand and the secondary or 11 35 on the other hand, as 
shown in FIG. 6. 


The result of these provisions is summed up by the possibility of quadrupling of the intensity of the reception for a given length of line, or the length of the 
line Zio maintaining the same intensity. 


Nouveau mode de transmission sans fils des courants télégraphiques et téléphoniques en employant comme conducteurs la terre et l'eau 
FR320267 
1902-12-05 
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To understand our invention, it is good to remember that in an ordinary telegraph line a thread, more or less isolated, from a point to another, communicates 
with earth at each end. A power source; and a transmitter unit are sandwiched between the starting line and earth. Upon arrival, a receiver also communicates 
with the line and the earth. 


We know that each of the posts supporting the line passes a small amount of power that is lost in the ground. Large amount of current is now lost all plus 1 
large 5 that the distance between stations is itself larger and, consequently, the number of' poles is higher. Loss can become considerable, without preventing 
transmissions. It may even happen that the ao thread without being broken, drags on earth there for a certain length of son'parcours and continues to allow the 
current of a shift to another, albeit very weakly, 


The experience proved us uninsulated conductor could even, for certain distances, be simply placed on the ground and that transmissions would nevertheless 
be possible. 


We are able to continue, transmit signals is greatly increased if, at each end, the uninsulated wire touching the ground, met in a well-insulated wire that 
extends the line to a ground to the point where so are transmitters and receivers. 


It is understood that the ground at the end of a secluded part forces the return current from sinking into the depths of the earth ho and that, consequently, there 
is an infinitely small closure point where the uninsulated wire touches the ground. In other words, the loss suffered in ground contact, the uninsulated wire, is 
even less than each end of uninsulated wire so is an insulated wire from the ground at a greater distance. 


Hence, if the lead wire, instead of iron, consisting of a much less conductive material, coal, for example, everything would be the same way. We also 
recognized that even when iron, coal or other similar material, are replaced by placed water, salt if possible, and, consequently, by a stretch of sea or any other 
part of sea whose geographic provision lends itself to this kind of installation. 


When it comes to cross an arm of the sea, the isolated line extension is placed preferably in the direction of the straight line through the two points to be 
connected. 


In case one transmission on a role, isolated leagues will be perpendicular to the straight line joining the two stations. 
Isolated lines will not be too long, and therefore, will provide not only coast to coast, but between two points inland. The thickness of the salt water layer 
being at even greater depths, only about the thickness of the land mass, the proportions remain between water and adequate the earth so that water plays 


exactly the same role that the uninsulated conductor touching the ground. 


To make our evplications as clear as possible, we have shown diagram-matically, in the accompanying drawing, an installation in which our invention is 
applied. 


N° 320267 MM. Louis Maiche et Henri Farjas Pl. unique 


A is the sea (Fig. I) and 13 b are both shores, c and d both stations, e and f insulated, and the plates located in the water, i and it updates earth. 
We see that the sea is an extension isolated son e and f, and it plays the role of an uninsulated conductor based on floor. 


To make it clear how 3 o operates the propagation of electric currents, we assume an isolated line (Fig. A) within two earthed m and n. If the current is 
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moving in the direction of the lléche, electricity arriving ashore in n flourishes spheres 3.) concentric o, p, q, etc., all points of each sphere simultaneously 
receiving the same amount of electricity if the propagation medium is uniform. Be grounded in r therefore receive the current along the earth m, r and if this 
land is connected by a line by t, s land to another, even very close to her, the current finding less resistance in the isolated line in the middle (Jun separates the 
two nets land, will follow this line, as shown in llèche a. It will be thus possible to establish a wireless communication between any point of the line / on 
which find transmitting devices, and any point on line T which will be appareds receptors. 


To establish simultaneously on each of the leagues and t, a position transmitter and a receiver will require that the line is the same length as the line 1, J J as 
shown in Fig. 3. 


If the medium is found to be twice as conductor between h and r between m and n, on the one hand, and between r and s on the other hand, the lines | and t 
may have as half the length of the distance between the points n and r (fig.ú). 


Of course, transmissions based on the principle that we have indicated, may be made by taking as con- bo different producers, not only the earth and the sea 

water, but the earth and air, land in this case, acting as a better conductor brought by the air; the insulated wire from the earth lead to the air at each station 7. 
tion to a more or less remote distance according to the distance that would take. It is obvious that the latter provision, the sea and fresh water advantageously 
replace the earth. 7° 


In summary, we claim as our exclusive property, the new method, described above, transmission without telegraph and telephone currents, said transmission 
mode of making pass in a conductive medium the current emitted by the base station and to receive on arrival in this current an insulated wire of suitable 
length, which are sandwiched the receivers and resulting in a second medium whose specific conductivity is less than that of the first medium, but passes the 
total quantity of electricity because of its mass which is greater than that first medium, an insulated wire, on which the transmitting devices is also leading 
into the second medium, so that the first medium is an extension of two isolated lines, and the second medium acts as the return wire, the two isolated lines to 
be used both for shipping and for the reception. 


Un nouveau mode de transmission et de réception des courants télégraphiques et téléphoniques sans autre conducteur que la terre ou l'eau 
FR318007 
1902-10-03 


In an electrical circuit consisting of a power source and a metallic conductor whose ends are grounded, which closes the circuit, the earth acts as 5 driver not 
only a straight line between the two landings, but on a almost infinite extent; However, with a power density decreasing in proportion to the distance. 


If parts of the ground are better conductors than others (because of the moisture, the saltiness of the water or any other cause) the current preferably passes 
through these parts describing curves or bends as does a river following the slopes of the terrain. 


It follows that if, on part of the land used as return conductor, it artificially creates a better conductor line as the earth, it will be traversed by the current in 
preference to any other lower conductive part. 


The effect is much more complete and can collect the current and note its existence when the best conductive line is insulated from earth and communicates 
with it by its ends. The current that would have crossed the land finding a wise not easier by the wire preferably follows and restores much faster electrical 
neutrality of the ground. It is isolated by cutting the line at any point that can be inserted in the course of the current instruments ( telegraphic or telephonic 
receivers) that can detect its existence. 


It is understood that if the isolated artificial line is a very good conductor, if its ends are connected to metal surfaces large enough in contact with the ground, 
the closing of the circuit will cause the ground to be in a state of electrical neutrality absolute. 


Under these conditions, if a current electric is sent intermittently in the metal line, charge the earth, for each issue, a certain amount of electricity 
instantaneously discharge into the isolated artificial line. 


Experience has shown that these phenomena can occur even when there is almost no gap between the two landings transmitter station or between two plates 
that collect the color rant crossing the line isolated the receiving station, to the condition that at each station the plates which lead to the two lands are 
carefully insulated from each other by means of a sufficiently thick insulating separation that no induction effect or condensation on one another can occur, 
and fairly large compared to the dimensions of the plates to prevent current from closing on itself too close to the to start. The current is so obliged to flourish 
"right and left of the landings, and the point where the positive and negative electric waves begin to reach is considerably related. I can further increase the 
desired effect by minimizing the current closure on itself through a number of insulating walls arranged below the plates to prevent farm-i o ture of the 
circuit by the depth of the earth, on the side opposite that in which the transmission must be received and, if necessary, above the plates. 


In general, the plates will be placed vertically on either side of an insulating wall, their smaller dimensions being turned to the opposite position. 


I can also use a wide insulating tube divided in two by a thick wall normal to isolated generators. The plates will be set back to back on either side of this 
partition in the interior of the tube and placed in communication with the outer conductor through insulated son. 


The tube may be straight, or consists of two parts forming between them an angle properly calculated so that the circuit is closed by the earth is done by 
almost entirely in the 3 o where the current is sent. 


It is obvious that the installation is completed by transmitters and telegraph or telephone receivers that may be any, as the source of electricity. 


I claim as my exclusive new property above described transmission and reception of telegraph and telephone currents without other driver as land or water, 
said system of separating the two landings each position by established insulating material to prevent the production of induction phenomena of condensation 
and the circuit closing on or by the depth of the earth, and force the air to flourish right and left, so that they can begin to get to and distant from the 
transmitter station, the two earthed of each position can thus without drawbacks, are moved towards one another until they fit on either side of the same 
insulating wall. 


Nouvelle disposition de bobine d'induction 
FR647 (E) 
1903-02-18 


Systéme de communication télégraphique et téléphonique 
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34 at Lowes 


Fig. 7-60. Inverted discone antenna. 


I used the open-grid reflector for several months, getting good 
results (usually full quieting) on the two GOES satellites I moni- 
tored: GOES Central and GOES East. Recently, I covered the 
reflector, installing sections of %-inch hardware cloth (24-inch 
width) to the inside of the reflector with loops of number 18 
galvanized wire: I'll admit that there has been some slight im- 
provement in performance. I will certainly say that the open-grid 
performance was well within what one could expect. 

The project looks much more formidable than it really is and 
the method easily could be extended to the fabrication of larger 
dishes, say, for TVRO satellite use. 


Fig. 7-61. Antenna cone. 
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FR376100 
1907-07-30 


Mode de transmission de signaux télégraphiques 
FR361733 
1906-10-23 


Nouveau moyen de transmission et de réception sans fil des courants électriques 
FR321454 
1903-01-10 


Récepteur télégraphique pour toutes transmissions en général, avec ou sans fils 
FR320467 
1902-12-11 


Nouveau récepteur des courants électriques 
FR319195 
1902-11-06 


Nouveau moyen destiné a augmenter la sensibilité des microphones 
FR319155 
1902-11-06 


Nouveau systeme de télégraphie et de téléphonie sans fil 
FR318507 
1902-10-17 


Systéme de communication télégraphique et téléphonique 
FR7464 (E) 
1907-08-09 


Dynamo - oder magnetelektrische Maschine 
DE46075 
1889-02-05 


Transformateur téléphonique sans noyau magnétique 
CH44013 
1909-07-01 


Wicklung von eisenfreien Transformatoren fur Fernsprechzwecke. 
AT40498 
1910-01-10 


Systéme de télégraphie et de téléphonie sans fil 
FR392252 
1908-11-21 


Dispositif pour transmetteur et récepteur téléphonique 
FR390346 
1908-10-02 


Other Patents 


METHOD OF PRODUCING MOTIVE POWER 
CA78259 
1902-11-18 


Appareil cinématographique 
FR388334 
1908-08-08 


Perfectionnements aux papiers photographiques 
FR400693 
1909-08-04 


Réducteur de pression pour tous fluides 
FR361404 
1906-06-22 


Surchauffeur de vapeur pour locomotives 
FR352810 
1905-08-22 


Apparatus for Heating Steam. 
GB189801540 
1898-01-19 


An Improved Method for the Production of Motive Power by Heat and Fluid Pressure 
GB190227627 
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Improved Means of and Apparatus for Producing Motive Power 
GB190226257 
1901-11-29 


An Improved Method of Producing Motive Power 
GB190202489 
1903-01-29 


épuration bactériologique de l'eau 
FR350264 
1905-12-18 


Dispositif générateur de vapeur 
FR350080 
1905-10-13 


Perfectionnement aux moteurs a explosions 
FR349940 
1905-07-27 


Mode de production de force motrice 
FR349939 
1905-07-27 


Moyen de propulsion et de direction des navires 
FR349935 
1905-07-27 


Nouveau mode d'application de la vapeur surchauffée 
FR339220 
1905-01-17 


Dispositif pour la condensation de la vapeur d'échappement avec récupération de chaleur 
FR337543 
1904-04-13 


Nouveaux verres d'optique 
FR322234 
1903-01-30 


Improvements in Apparatus for Sterilising Water. 
GB189705007 
1898-02-19 


An Improved Process for the Purification of Spirit. 
GB189704089 
1898-02-12 


An Improved Process for Separating Heavy from Light Particles by Centrifugal Action. 
GB189704087 
1898-02-12 


Improvements relating to the Purification of Water, and to Apparatus therefor. 
GB189312941 
1894-06-23 


Improvements in Apparatus for Heating and Cooling Fluids by Fluids. 
GB189706157 
1898-03-0 
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rexresearch.com 


Luc MONTAGNIER 


DNA "Teleportatation" 


Here's your local agent Dan Chao 


GEICO). Bay Area 


Hypothesizes that that water formed a nano-structure & was able to emit an EM signal similar to the original 
DNA. The water nano-structures also were able to amplify into actual DNA strands. 


See also : J. BENEVISTE / Digital Biology & Petr GAJAREV € V. POPONIN / DNA Reprogramming 


Jan 16, 2011 


DNA Molecules Can 'Teleport,' Nobel Winner Says 
By John E Dunn, Techworld.com 


A Nobel Prize winning biologist has ignited controversy after publishing details of an experiment in which a fragment of 
DNA appeared to 'teleport' or imprint itself between test tubes. 


According to a team headed by Luc Montagnier, previously known for his work on HIV and AIDS, two test tubes, one of 
which contained a tiny piece of bacterial DNA, the other pure water, were surrounded by a weak electromagnetic field of 
7Hz. 


Eighteen hours later, after DNA amplification using a polymerase chain reaction, as if by magic the DNA was detectable 
in the test tube containing pure water. 


Oddly, the original DNA sample had to be diluted many times over for the experiment to work, which might explain why 
the phenomenon has not been detected before, assuming that this is what has happened. 


The phenomenon might be very loosely described as 'teleportation' except that the bases project or imprint themselves 
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across space rather than simply moving from one place to another. 


To be on the safe side, Montagnier then compared the results with controls in which the time limit was lowered, no 
electromagnetic field was present or was present but at lower frequencies, and in which both tubes contained pure water. 
On every one of these, he drew a blank. 


The quantum effect - the imprinting of the DNA on the water - is not in itself the most contentious element of the 
experiment, so much as the relatively long timescales over which it appears to manifest itself. Quantum phenomena are 
assumed to show their faces in imperceptible fractions of a second and not seconds minutes and hours, and usually at very 
low temperatures approaching absolute zero. 


Revealing a process through which biology might display the underlying 'quantumness' of nature at room temperature 
would be startling. 


Montagnier's experiment will have to be repeated by others to have any hope of being taken seriously. So far, some 
scientists have been publically incredulous. 


"It is hard to understand how the information can be stored within water over a timescale longer than picoseconds," said 
the Ruhr University in Bochum's Klaus Gerwert, quoted by New Scientist magazine, which broke the story (requires 
registration). 


What does all of this mean? It could be that the propagation of life is able to make use of the quantum nature of reality to 
project itself in subtle ways, as has been hinted at in previous experiments. Alternatively, it could be that life itself is a 
complex projection of these quantum phenomena and utterly depends on them in ways not yet understood because they 
are incredibly hard to detect. 


Speculatively, (and Montagnier doesn't directly suggest anything so unsubstantiated), 1t could also be the little-understood 
quantum properties of the water molecule and not just its more obvious chemical bonding properties that gives it such a 
central role in the bio-engineering of life-forms. Water might be a good medium in which DNA can copy itself using 
processes that hint at quantum entanglement and ‘teleportation’ (our term). 


Montagnier's paper goes on to discuss the phenomenon he claims to have uncovered using 'quantum field theory' within 
the context of his personal interest, disease propagation. 


DNA Waves & Water 


[ PDF ] 
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DNA waves and water 


L. Montagnier!?, J. Aissa?, E. Del Giudice, C. Lavallee?, A. 
Tedeschi’, and G. Vitiello” 

l World Foundation for AIDS research and Prevention (UNESCO), Paris, France 

* Nanetics Biotecnologies, S.A. 98 rue Albert Calmette, F78350 Jouy-en-Josas, France 
+ IIB, International Institute for Biophotonics, Neuss, Germany 

4 WHITE HB, Milano, Italy 

* Dipartimento di Matematica e Informatica, Universita di Salerno and 


INFN, Gruppo Collegato Salerno, 14100 Salerno, Italy 


E-mail: vitiellodsa.infn.it 


Abstract. Some bacterial and viral DNA sequences have been found to induce low frequency 
electromagnetic waves in high aqueous dilutions. This phenomenon appears to be triggered by 
the ambient electromagnetic background of very low frequency. We discuss this phenomenon 
in the framework of quantum field theory. A scheme able to account for the observations 1s 
proposed. The reported phenomenon could allow to develop highly sensitive detection systems 
for chronic bacterial and viral infections. 


Figure 1. Device for the capture and analysis of em signals. (1) Coil made up of copper wire, 
impedance 300 Ohms. (2) Plastic stoppered tube containing 1 ml of the solution to be analyzed. 
(3) Amplifier. (4) Computer. From Ref. 1 

Here is a brief summary of the laboratory observations, which are described in more detail 
in [1, 2, 3]: 

1) Ultra Low Frequency Electromagnetic Waves (ULF 500—3000 Hz) were detected in certain 
dilutions of filtrates (100 nm, 20 nm) from cultures of micro-organisms (virus, bacteria) or from 
the plasma of humans infected with the same agents (Fig. 2). Same results are obtained from 
their extracted DNA. 

2) The electromagnetic signals (EMS) are not linearly correlated with the initial number of 
bacterial cells before their filtration. In one experiment the EMS were similar in a suspension 
of E. coli cells varying from 10° down to 10. It is an all or none phenomenon. 
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3) EMS are observed only in some high water dilutions of the filtrates. For example, from 
10% to 107% dilutions in some preparations of E. coli filtrates. 

4) In the case of M. pirum, an isolated single gene (adhesin, previously cloned and sequenced) 
could induce the EMS. As the gene was cloned in two fragments, each of the isolated fragments 
was able to generate EMS, suggesting that a short DNA sequence was sufficient to induce the 
signals. Similarly, a short HIV DNA sequence (104 base pair) is found to be sufficient to produce 
the EMS. 

5) Some bacteria are not producing EMS: this is the case of probiotic bacteria such as 
Lactobacillus and also of some laboratory strains of E. coli used as cloning vector. 

6) These studies have been extended to viruses, although not all the viral families have been 
explored. Similar EMS were detected from some exogenous retroviruses (HIV, FeLV), hepatitis 
viruses (HBV, HCV), and influenza A (in vitro cultures). In general, EMS are produced by 
20 nm filtrates of viral suspensions or from the extracted DNA: a question remains for RNA 
viruses (HCY, influenza) as to whether the RNA from the mature viral particles is a source 
of EMS, or not. In the case of HIV, EMS are not produced by the RNA of viral particles, 
but rather are produced by the proviral DNA present in infected cells. In the case of bacteria, 
EMS are produced by 100 nm filtrates and not by 20 nm filtrates, indicating that the size of 
the structures producing EMS is ranging between 20 and 100 nm. This justifies the name of 
nanostructures. These studies are highly suggestive that one is dealing with nanostructures 
made of water. Highly purified water samples are used, although one cannot exclude the role of 
minimal traces of impurities. The EMS production by the nanostructures is resistant to: Hnase 
treatment, Dnase (while this will destroy the DNA at the origin of EMS), Protease (proteinase 
K), Detergent (5DS). However, they are sensitive to heat (over 70 °C’) and freezing (—80 °C’). 
This sensitivity is reduced when dealing with purified short DNA sequences. ‘The technical 
conditions for EMS induction is summarized by the following list: 


- Filtration: =~ nm. for bacterial DNA, — nm for viral DNA 


- High dilutions in water 

- Mechanical agitation (Vortex) between each dilution 

- Excitation by the electromagnetic background of extremely low frequency (ELF), starting 
very low at 7 Hz. The excitation is not induced when the system is shielded by a mu-metal 
care. 

The stimulation by the electromagnetic background of very low frequency is essential. The 
background is either produced from natural sources (the Schumann resonances [4| which start 
at 7.83 Hz) or from artificial sources. 
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Generator fez 


Figure 3. Transmission of DNA genetic information into water through electromagnetic waves. 
From Ref. 3 


US8405379 
System and method for the analysis of DNA sequences in biological fluids 


wWO2012142568 
US2012024701 
REMOTE TRANSMISSION OF ELECTROMAGNETIC SIGNALS INDUCING NANOSTRUCTURES 
AMPLIFIABLE INTO A SPECIFIC DNA SEQUENCE 


Inventor: MONTAGNIER LUC // LAVALLEE CLAUDE 


A general method for identifying both known and unknown DNA sequences at the origin of EMS, including DNA 
sequences in the plasma of patients suffering of chronic diseases such as Alzheimer, Parkinson, multiple sclerosis, 
rheumatoid arthritis, and other similar diseases, disorders and conditions. The invention is based on the discovery that: (1) 
The nanostructures induced by DNA sequences in water or other dipole solutions can faithfully reflect the information 
contained in these sequences at dilutions which do not contain anymore of that DNA, as evidenced by the fact that it can 
be retranscribed into the same DNA sequence by the polymerases and reagents used in classical polymerase chain 
reaction (PCR); (2) this information can be transmitted at a distance in water or other dipole solutions by EMS emitted by 
the nanostructures; and (3) EMS signatures of nanostructures containing this information can be detected, stored, 
transmitted, transduced and imprinted in water or other dipole solutions. 


BACKGROUND OF THE INVENTION 
[0004] 1. Field of the Invention 


[0005] Induction, detection and transmission of electromagnetic signals (EMS) from self-replicating molecules like DNA. 
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Transduction of EMS from an EMS positive (EMS+) sample to a naive, unsignalized sample. Methods for identifying a 
molecule like DNA in a sample by transducing its EMS signature to water, amplifying the signalized water to produce a 
DNA. Methods for detecting DNA associated with a condition, disorder or disease of incomplete or unknown etiology by 
inducing specific EMS emission from the sample at a particular frequency, signalizing a naive sample with the emitted 
EMS, and detecting an EMS in the signalized water and/or amplifying the signalized water using a DNA amplification 
technique and analyzing the products of the amplification. 


[0006] 2. Description of the Related Art 


[0007] The inventors have previously described a method for selectively detecting DNA sequences of pathogenic 
microorganisms by their emission of low frequency electromagnetic waves (EMS) in water dilutions. U.S. application 
Ser. No. 12/560,772, filed Sep. 16, 2009, entitled "System and Method for the Analysis of DNA sequences in Biological 
Fluids" discloses a method for detecting electromagnetic waves derived from bacterial DNA, comprising extracting and 
purifying nucleic acids from a sample; diluting the extracted purified nucleic acids in an aqueous solvent; measuring a 
low frequency electromagnetic emission over time from the diluted extracted purified nucleic acids in an aqueous solvent; 
performing a signal analysis of the low frequency electromagnetic emission over time; and producing an output, based on 
the signal analysis, in dependence on the DNA in the sample. The products and procedures as well as other subject matter 
disclosed in this patent application are expressly incorporated by reference. 


[0008] Methods for detecting some low electromagnetic frequency electromagnetic signals in diluted filtrates of the 
culture medium of certain bacteria and viruses, as well as in diluted plasma of patients infected by the same agents are 
disclosed by U.S. application Ser. No. 12/097,204, PCT/FR2007/001042, filed Jun. 22, 2007, and U.S. application Ser. 
No. 12/797,826, filed Jun. 10, 2010 each of which expressly incorporated by reference in their entirety. The 
electromagnetic signals (EMS) were believed to be produced by certain defined nanostructures induced by the 
microorganism, in high dilutions in water, after the microorganism had been removed by filtration. 


[0009] Materials and methods for detecting replicating molecules such as DNA and methods for EMS detection as well as 
other subject matter pertinent to the present invention disclosed in these documents is incorporated by reference to the 
following documents: 


[0010] U.S. Pat. No. 6,541,978, WO 00/17638 A (Digibio; Benveniste, Jacques; Guillonnet, Didier) 30 Mar. 2000 
(2000-03-30). 


[0011] U.S. Ser. No. 09/787,781, WO 00/17637 A (Digibio; Benveniste, Jacques; Guillonnet, Didier) 30 Mar. 2000 
(2000-03-30); 


[0012] U.S. Ser. No. 09/720,634, WO 00/01412 A (Digibio; Benveniste, Jacques; Guillonnet, Didier) 13 Jan. 2000 
(2000-01-13); 


[0013] FR 2,811,591 A (Digibio) 18 Jan. 2002 (2002-01-18); 
[0014] FR 2,700,628 A (Benveniste Jacques) 22 Jul. 1994 (1994-07-22). 


[0015] Benveniste J. et al: "Remote Detection Of Bacteria Using An Electromagnetic/Digital Procedure", Faseb 
Journal, Fed. Of American Soc. For Experimental Biology, Bethesda, Md., US, No. 5, Part 2, 15 Mar. 1999 (1999- 
03-15), page A852, XP008059562 ISSN: 0892-6638. 


[0016] Thomas et al: "Activation Of Human Neutrophils By Electronically Transmitted Phorbol-Myristate 
Acetate" Medical Hypotheses, Eden Press, Penrith, US, vol. 54, no. 1, January 2000 (2000-01), pages 33-39, 
XP008002247, ISSN: 0306-9877; 


[0017] Benveniste J. et al.: "Qed And Digital Biology" Rivista Di Biologia, Universita Degli Studi, Perugia, IT, vol. 
97, no. 1, January 2004 (2004-01), pages 169-172, XP008059428 ISSN: 0035-6050; 


[0018] Benveniste J. et al.: ''A Simple And Fast Method For In Vivo Demonstration Of Electromagnetic Molecular 
Signaling (EMS) Via High Dilution Or Computer Recording" FASEB Journal, Fed. Of American Soc. For 
Experimental Biology, Bethesda, Md., US, vol. 13, no. 4, Part 1, 12 Mar. 1999 (1999-03-12), page A163, Abstr. No. 
016209, XP008037356 ISSN: 0892-6638; 


[0019] Benveniste J: "Biological effects of high dilutions and electromagnetic transmission of molecular signal" 
[Progress In Neonatology; 25th National Conference Of Neonatology] S. Karger Ag, P.O. Box, Allschwilerstrasse 
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10, CH-4009 Basel, Switzerland; S. Karger Ag, New York, N.Y., USA Series: Progres En Neonatologie (ISSN 0251- 
5601), 1995, pages 4-12, XP009070841; and 25ES Journees Nationales De Neonatologie; Paris, France; May 26-27, 
1995 ISSN: 3-8055-6208-X; 


[0020] Benveniste et al.: "Abstract 2392" FASEB Journal, Fed. Of American Soc. For Experimental Biology, 
Bethesda, Md., US, 22 Apr. 1998 (1998-04-22), page A412, XP009070843 ISSN: 0892-6638; 


[0021] Benveniste et al.: "Abstract 2304" FASEB Journal, Fed. Of American Soc. For Experimental Biology, 
Bethesda, Md., US, 28 Apr. 1994 (1994-04-28), page A398, XP009070844 ISSN: 0892-6638; and 


[0022] U.S. Pat. Nos. 7,412,340, 7,081,747, 6,995,558, and 6,952,652. 


[0023] In some instances, 1t was demonstrated that the EMS could originate from specific genes or even from some 
fragmented DNA sequences. This was discovered to be the case for the adhesin gene of Mycoplasma pirum (U.S. Ser. 
No. 12/097,204, filed Dec. 14, 2006) and of the LTR (Long terminal repeat), nef and pol genes of Human 
Immunodeficiency Virus (HIV) (U.S. 61/186,610, filed Jun. 12, 2009 & U.S. Ser. No. 12/797,826, filed Jun. 10, 2010). 
However, for many microbial agents or diseases of unknown origin or etiology this identification was not possible. 
Consequently, the inventor developed new methods, disclosed herein for detecting and identifying biological molecules, 
specifically DNA or other nucleic acids, associated with these other disease or disorders. 


BRIEF SUMMARY OF THE INVENTION 


[0024] There are several nonlimiting aspects to the invention. 


[0025] (1) A method for producing a solution, such an aqueous solution like water that contains nanostructures that 
characterize a molecule like DNA. This method involves dilution, usually serial dilution, of a sample containing DNA 
and agitation of the sample between dilutions to produce the water nanostructures. 


[0026] (2) Measuring EMS characteristic of a molecule like DNA or of its nanostructure in an originating sample and 
transducing this signal into a second receiving sample, usually water that does not emit the EMS signal. This 1s performed 
without contacting the originating sample and the receiving sample. 


[0027] (3) Electronic transmission of a detected or recorded EMS signal to a remove location and optionally imprinting it 
on a naive sample and/or recovering DNA or other replicating molecule from the imprinted naive sample. 


[0028] (4) Detecting DNA or DNA like molecules in a sample suspected of containing a particular agent, like HIV or 
Borellia. 


[0029] (5) Identifying DNA or similar molecules present in an unknown sample, such as from a sample from a subject 
having a disease of unknown etiology. 


[0030] (6) Devices that detect, induce, transduce or transmit EMS signals. 
BRIEF DESCRIPTION OF THE DRAWINGS 


[0031] FIG. 1 illustration of apparatus and method for EMS signal transduction. Tube 1 contains a sample of DNA 
dilution positive for EMS. Tube 2 initially contains unsignalized or naive water. After exposure inside coil to 7 Hz 
excitation signal, naive sample converts and emits EMS when diluted up to D4 (10<-4>). D-4 LTR HIV DNA (104 
bp) 7 Hz, 18 Hrs and then PCR (35 cycles) from D2 to D15 after filtration 450 and 20 nM; DW: Distilled Water; 
FD2: Dilution 10<-2 >after filtration at 450 nM and 20 nM. 


[0032] FIG. 2 Detection by PCR of HIV1 LTR transduction in water. 


[0033] FIG. 2A: HIV1 LTR DNA D6 (EMS positive) dilution was used as emitter using excitation frequency of 7 
Hz during 18 hours in the apparatus described in FIG. 1 and placed close to the water receiver Tube 2. Like the 
latter, it was then diluted at 10<-2>, refiltered by 450 nM and 20 nM filters and diluted to 10<-15>. Each dilution 
was then amplified by PCR 35 cycles. Note the DNA bands detected at dilutions D2, (FD2), D3, D4, and DS. 


[0034] FIG. 2B shows transmission in water of D6 dilution of LTR HIV DNA (104 bp). Method was performed 
using excitation frequency 7 Hz, an 18 hr exposure followed by 35 cycles of PCR from D-2 to D-15 after 450 nM 
and 20 nM filtration. DW denotes distilled water control. FD2-FD15, dilution to 10<-2>-10<-15>. Transmission in 
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water of D-4 LTR HIV DNA (104 bp) 7 Hz, 18 Hrs and then PCR (35 cycles) from D-2 to D-15 after filtration 450 
and 20 nM. Note: DNA band formation is up to D-8. 


[0035] FIG. 3. Illustration of method to generally identify an unknown DNA sample. DNA in plasma sample is 
induced to emit EMS and the EMS signal is transduced to a separate sample of water to produce signalized water. 
Water signalized by EMS is serially diluted and PCR is performed using random tag primers producing DNA. The 
sequence of the DNA is determined and can be compared to known DNA sequences to identify the DNA in the 
unknown sample. Example 3 describes such a method. 


[0036] FIG. 4. Detection of unknown DNA sequences from a patient plasma DNA sample. DNA was extracted 
from the plasma of a patient suffering from chronic Lyme disease. A D9 (10<-9>) EMS positive dilution of the 
original DNA sample was transduced into water by excitation at 7 Hz for 18 hrs. PCR was performed on dilutions 
of the receiving water sample. FIG. 4 shows agarose gel electrophoresis of the transduced DNA obtained after 
PCR with Tag8N primers followed by a second PCR with the Tag primers only. Three DNA bands were observed. 
As shown at the left, results obtained when the tube of D9 DNA and the tube of water are placed side-by-side. At 
right, results obtained when the two tubes were placed at a distance of 4 cm from each other during the 7 Hz 
excitation. Dw denotes control, naive, unsignalized water. Dw vor: denotes control naive, unsignalized water 
agitated with a vortex. DO: water that was transduced but not diluted. D2 NF: same as DO but diluted by 1:100 
(D2). D2 same as D2 NF, but filtered. D3, D4, D5 represent further serial dilutions of D2 to factors of 1:1,000 (D3); 
1:10,000 (D4) and 1:100,000 (D5). All serial dilutions were vortexed between each 1:10 dilution. 
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MI  DISCONE ANTENNA FOR 1296 MHz 


Ask most amateurs why they do not try the microwave bands, 
and you will receive four standard answers: 

CJ Nobody to talk to. 

L] No commercial equipment available. 

O Communication is limited to line of sight. 

O Construction requires lathe and mill precision work. 

The first reply is self-serving—if you get on the band, then 
there is another operator to talk to. The second reply is sadly true, 
with the exception of the Microwave Associates “Gunnplexer.” 
The third reply reminds us of the response to two meter FM 
before repeaters came on the scene. The fourth is a myth—many of 
the pioneers in microwaves started with a soldering iron and tin 
| snips. Good examples of what can be done with simple tools are the 
many fine construction articles by Bill Hoisington K1CLL. 

This project shows how to construct simple and efficient 
broadband antennas for 1296 MHz and up. The construction is not 
difficult and can be done with simple hand tools. The antennas can 
be classified as inverted discones. You can find the theory of 
| operation elsewhere; this will be concerned with the practical 
| construction. 

Figure 7-60 shows a cross section of the inverted discone. 
| The conic portion has a 60-degree apex angle. The cone's base and 
| sides are all made three-eighths wave long at the lowest frequency 
of interest. Most texts specify this length to be one-quarter wave, 


A 


but we have found that three-eighths wave gives a significantly 
lower vswr. The disc diameter is also three-eighths wave. The cone 
| is made by cutting a semicircle from copper or brass sheeting with 
a radius equal to the desired length and rolling it into a cone. The 
edges are sweat soldered. The BNC connector is sweat soldered to 


357 
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Figure 3 


TUBE T3 (BACKGROUND NOISE) 


igh Ie ae [Soe LE DE = zens ala! T AE Tee Fi a i a a aE 


e size Gih. Oyen Fe | E a 
EE PERA fk goa Ame PE E i = aes 


AE E 
EE ESTE en 


yr . 1i 
A bee 


http://www.rexresearch.com/montagnier/montagnier.htm 9/30 


1/28/2019 Luc Montagnier -- DNA Teleportation -- article & patents application 
Tube 2 


E o TO E A O E de a a 
ole didas (LOPS otal id [E as os ia A fan (ER 
7 E 


. 
ci 
mm li e oa 


+] Fer ahida. uu rr TA: Oped Pa di 


Olg Eh ANA 


nS z: == oe 


BL [+ 451 Aia E 


Sapa 
Re e Ca CEE 


bapi levied arde dr 


T m'i" 
a a i TERA 
ree 

STAN 


DETAILED DESCRIPTION OF THE INVENTION 
[0037] Definitions: 


[0038] Nucleic acid: Includes single stranded, double stranded DNA, and RNA as well as modified polynucleotide 
sequences. Biological samples containing DNA associated with a disease or disorder are generally isolated or recovered 
in double stranded form. 


[0039] Self-replicating molecule: A molecule, such as DNA, that under appropriate conditions, can reproduce the 
information content of its primary, second, tertiary or quaternary structure. For example, a DNA molecule can replicate 
itself in the presence of the appropriate enzymes, primers and nucleotides. 


[0040] DNA Amplification: Methods for amplifying nucleic acids are known. Conventional methods including 
polymerase chain reaction (PCR) are known and are also incorporated by reference to Current Protocols in Molecular 
Biology (updated Apr. 5, 2010), Print ISSN: 1934-3639; Online ISSN: 1934-3647. 


[0041] Nanostructures: These structures of water are induced by biological molecules like nucleic acids such as single 
stranded or double stranded DNA. While not being bound to any particular theory, according to the physical theory of 
diphasic water, filtration and mechanical agitation (succussion) are believed to induce in water a low energy potential 
favoring the formation of quantum coherent domains. These domains will become replicas of a DNA molecule and 
vibrate by resonance when properly diluted and excited; see Del Guidice, et al., Water as a Free Electric Dipole Laser, 
Phys. Rev. Lett. 61, 1085-1088 (1988). Hydrogen bonding networks in liquid water, such as those described by Cowan, et 
al., Nature 434 (7030): 199-202 (2005) have not been associated with nanostructures. 


[0042] Serial Dilutions: Serial dilution is a well-known technique and involves the stepwise dilution of a substance, such 
as DNA, in a solvent, such as water, saline solution, aqueous buffer, or an aqueous alcohol solution. Generally, serial 
dilutions as performed herein are stepwise dilutions by a factor of 10, or dilution of 1 part of a more concentrated solution 
in 9 parts of a solvent. 


[0043] EMS: Electromagnetic signal. EMS in the context of the methods herein generally involves those having 
frequencies ranging from 0 Hz to 20,000 Hz as well as all intermediate subranges and values. Components of the ambient 
electromagnetic field include Schumann resonances which represent a set of spectrum peaks in the extremely low 
frequency (ELF) portion of the Earth's electromagnetic field spectrum. Schumann resonances are global electromagnetic 
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resonances excited by lightning discharges in the cavity formed by the Earth's surface and the ionosphere and are the 
principal background in the electromagnetic spectrum between 3 and 69 Hz. A representative Schumann resonance peak 
occurs in the Earth's electromagnetic spectrum and an ELF of about 7.83 Hz. By comparison, 60 Hz cycling of electricity 
is used in North America and 50 Hz elsewhere in the world. 


[0044] EMS detection. Any suitable means for interrogating a sample and measuring its EMS may be employed. 
Exemplary systems, methods, and apparatuses for this purpose are disclosed by Butters, et al., WO 03/083439 A2, and 
are incorporated by reference to this document. Generally, these procedures will involve placing a sample into a container 
having electromagnetic and magnetic shielding, a source of Gaussian noise for injection in to the sample, a detector for 
detecting an electromagnetic time-domain signal composed of sample source radiation superimposed on the injected 
Gaussian noise, and a storage device for storing the time-domain signal and a time-domain signal separately detected 
from the same of a similar sample. 


[0045] EMS Signature: The EMS characteristic of a particular biological molecule or a time domain signal associated 
with a material of interest. EMS signatures for various biological molecules are disclosed by U.S. Ser. No. 12/797,826, 
filed Jun. 10, 2010. Such EMS signatures as well as methods for producing samples suitable for EMS detection and 
methods for detecting an EMS signature are incorporated by reference to this patent application. 


[0046] An EMS Signature of a particular molecule can be represented by a characteristic electromagnetic time domain 
signal. An EMS Signature may be recorded and replayed, undergo signal transformation or processing, or be transmitted. 


[0047] Excitation Frequency: A frequency used to excite a sample in which an EMS signature has been detected and 
induce an EMS signature in a sample previously devoid of the EMS signature, e.g., pure water. These frequencies include 
those of 7 Hz or above, e.g., 7, 8, 9, 10, 11, 12, 13, 14, 15, 20, 30, 40, 45, 50, 55, 60, 65, 70 or more. 


[0048] Originating Sample: A biological sample that contains an EMS signature, such as one characteristic of one or 
more biomolecules. An example would be a sample containing an EMS signature characteristic of DNA derived from 
human immunodeficiency virus. 


[0049] Receiving or Signalized Sample: A sample, such as water or another aqueous buffer or dipole that has acquired or 
been imprinted with a nanostructure corresponding to a biological molecule, such as DNA. Methods for producing 
signalized water by serial dilution and agitation in water or in an aqueous solvent are disclosed herein. 


[0050] Pathogenic Disease: Disease caused by or associated with a pathogen, such as a pathogenic parasite, yeast or 
fungus, bacterium, virus or infectious protein, such as a prion. Examples include parasitic diseases such as malaria or 
trypanosomiasis, fungal diseases, such as infections caused by or associated with Aspergillus, Candida, Histoplasma, 
Pneumocystis, Cryptococcus, Stachybotrys (black mold), bacterial infections such as Lyme Disease, sexually transmitted 
bacterial infections, tuberculosis, viral infections, including HIV infection, herpes virus infection, or hepatitis, and prion 
associated diseases such as Creutzfeldt-Jakob disease and so-called Mad Cow disease. 


[0051] Autoimmune Disease, Degenerative Disease, Disorders or Conditions: These diseases, disorders or conditions 
may or may not have been previously associated with a particular biological molecule, such as a particular DNA 
molecule or its corresponding water nanostructure. Examples include allergic conditions, multiple sclerosis, rheumatoid 
arthritis, disorders associated with transplantation or replacement of body parts, Alzheimer's disease, Parkinson's disease 
and other diseases or disorders of unknown or incomplete etiology, such as Chronic Fatigue Syndrome, Gulf War 
Syndrome, or with exposure to particular biological, chemical or physical agents or with the sequela of such exposure. 


[0052] Representative embodiments of the invention are described below. 
[0053] (1) Originating and Signalized Samples. 


[0054] Test samples used to produce an EMS will contain DNA or other replicating biological molecules that can form 
nanostructures or can be naive samples signalized by EMS transduction to emit EMS or contain nanostructures 
representative of the DNA or other molecule. Representative test samples include blood, plasma, serum, CSF, joint fluid, 
saliva, mucous, semen, vaginal fluid, sweat, urine, and feces. Tissue samples and samples from other sources, including 
laboratory or hospital sources, foods, drinks and potable water may be used. These may be diagnostic samples, such as 
those obtained from a subject known to have or suspected of having a particular conditions, disorder or disease like AIDS 
or Lyme disease. Alternatively, they may be obtained from subjects having or suspected of having a condition, disorder or 
disease of unknown etiology, such as a parasitic or fungal disease or disorder, bacterial disease or disorder viral disease or 
disorder, an autoimmune disease, disorder or condition, diseases such as Alzheimer's Disease or Parkinson's Disease. 
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[0055] To produce a sample that emits detectable EMS, a test sample undergoes dilution, usually serial dilution, and 
agitation preferably between each serial dilution. A test sample 1s usually diluted by a factor of 10<3>, 10<4>, 10<5>, 
10<6>, 10<7>, 10<8>, 10<9 >10<10>, 10<11>, 10<12>, 10<13 >or more. Though any intervening factor of dilution or 
other degrees of dilution that produce detectable EMS may also be used. The beginning concentration of a nucleic acid in 
a sample prior to dilution generally ranges from | ng/ml to 4 ng/ml. 


[0056] Solutions for dilution and agitation as well as for containing an originating or receiving sample are preferably 
water, but other aqueous or dipolar solutions may be employed so long as they can provide nanostructures representative 
of DNA or other replicating molecules or induce detectable EMS when used. Examples of solutions include water, or 
other aqueous solutions, such as normal saline, phosphate buffered saline, physiologically acceptable aqueous solutions, 
buffered aqueous solutions, or alcohol and water mixtures, including 10, 20, 30, 40, 50, 60 and 70% or more of ethanol or 
other alcohol solutions or other solvents selected on a basis of their relevant properties depending on the molecule to be 
tested, may be employed in the methods described herein. 


[0057] In some applications, control samples are required. The type of control sample may be selected by one of skill in 
the art depending on the particular application but in general will not emit the EMS signature of the molecule of interest 
or contain nanostructures corresponding to it. Often, such controls will constitute pure, unsignalized water, distilled water 
or pyrolyzed water or other solutions known to be nucleic acid free. 


[0058] Signalized samples or solutions producing an EMS signature should not be boiled, heated or frozen for long 
periods of time so as to preserve the EMS signatures or nanostructures they contain. Preferably, these samples or 
solutions should be stored above freezing and less than 40|deg.] C. 


[0059] Various forms and time periods for agitation are contemplated and are incorporated by reference to the documents 
mentioned above. Vortexing for a period of 15 seconds between serial dilutions 1s one representative method for 
producing a sample emitting detectable EMS. 


[0060] (11) EMS Transduction. The invention also relates to a method for producing an EMS signature in an aqueous 
buffer comprising placing an originating (EMS+) sample in an aqueous buffer and a receiving sample not having the 
EMS signature next to each other inside of an electromagnetically shielded container, applying an electromagnetic field 
for a time and under conditions sufficient to transfer the EMS signature from the originating sample to the receiving 
sample. The electromagnetic field is generally applied by a coil, such as a copper coil, located inside of an 
electromagnetically shielded container. Coils made of other electrically conducting metals or alloys may be employed or 
other devices that produce similar electromagnetic flux. The electromagnetic field can be applied to the sample for a time 
period ranging sufficient to produce an EMS signature, for example, from 12 to 24 hrs although other suitable time 
periods may be selected based on the nature of the sample, the sample dilution and the physical characteristics of the 
apparatus. Exposure time is chosen based on the amount of time required for transfer to occur. Some representative times 
include >0, 1, 2, 3, 4, 4-8, 8-12, 12-18, 18-24 and 24-48 hrs or longer. Signalized samples produced by this method as 
well as nucleic acids like DNA amplified from a signalized sample are also contemplated. Alternatively, an EMS 
signature may be imprinted in water or another aqueous buffer by contacting the one or more receiving samples with a 
recorded or transmitted and optionally amplified EMS signature previously obtained from an originating sample in an 
aqueous buffer having an EMS signature, for a time and under conditions sufficient to imprint the recorded or transmitted 
EMS signature of the originating sample onto the one or more receiving samples. Imprinting may be performed using 
means for applying an electromagnetic field, for example using a device, such as a copper coil or solenoid coil, optionally 
located inside of an electromagnetically shielded container. The electromagnetic field 1s applied to the sample for a time 
period sufficient to produce an EMS signature in the sample, for example for a period of 1 to 24 hrs. Other suitable time 
periods may be selected based on the nature of the sample, the sample dilution and the physical characteristics of the 
device or other means for applying the electromagnetic field. Signalized samples produced by this method as well as 
nucleic acids like DNA amplified from a signalized sample are also contemplated. 


[0061] (111) EMS Recording/Transmission. EMS signals once measured may be recorded on a tangible medium, such as a 
computer hard drive, a flash drive, DVD, or CD or other known media. They may be transmitted electronically, for 
example, over the internet, or by any other means that preserves the signal integrity. Recorded or received signals can be 
amplified and used to transduce EMS into a naive solution as described above. This aspect of the invention can involve 
the recording, transducing, storing, and/or transmission of an EMS signature of a nucleic acid, such as that produced after 
serial dilution of a signalized sample. An EMS signature may be recorded by a suitable electronic device, such as a 
recorder, computer or computer network. The recorded EMS signature may undergo signal processing or signal 
transformation for example into a digital or analog signal, be transmitted by a communications device, such as via radio, 
telephone, modem, or Internet transmission to a receiver, such as a receiving computer, anywhere in the world. 


[0062] A stored or transmitted EMS signature is then reconstituted and/or amplified and contacted with a receiving 
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sample to imprint it with the EMS signature and produce nanostructures in the water or dipole solution of the receiving 
sample. Such a signal may be amplified prior to or after transmission, for example, using a commercial amplifier (e.g., 
Conrad). The electrical output from the amplifier containing the EMS signature is then applied to an electrically 
conducting coil (e.g., of copper wire) as described herein in which a plastic tube of pure non-signalized water or other 
dipole solution has been inserted for a time sufficient for imprinting of the EMS signature, generally for a period of at 
least one hour. 


[0063] The production of EMS is then verified in water dilutions of the signalized water or dipole solution. The positive 
dilutions can be used for retrieving the DNA by PCR as described above. The DNA is then amplified by cloning and its 
sequence determined to be 98-100% identical to the initial DNA. This development will be useful for remote diagnosis or 
use in other telemedicine procedures or protocols. 


[0064] The inventors previously discovered that an electromagnetic signal of low frequency (EMS) induced in a water 
dilution by the DNA of some kinds of bacteria and viruses can be transmitted at a distance into a naive or unsignalized 
water, aqueous medium or other dipole solution. It has also been discovered that such an EMS corresponding to a 
particular biomolecule like DNA (1.e., an EMS signature of a particular molecule), can be recorded. This involves 
recording EMS from DNA fragments obtained by PCR (polymerase chain reaction) with sequence specific primers in an 
electromagnetic coil. The resulting amplified current is connected to a computer and stored as a file, such as an analog or 
digital file (e.g., a digital sound file). The recorded EMS can then undergo signal processing, for example a digital sound 
file can be processed using computer software for storage, transmission, or use. 


[0065] DNA may be reconstituted from its EMS signature. For example, the recorded or remotely transmitted EMS 
signature of a DNA molecule is input into a soundcard and the output from the soundcard is linked to an amplifier. 
Amplifier output is connected to a transducer solenoid into which an unsignalized water sample is placed. After a certain 
time, depending on the type of EMS signature, its intensity and the exposure time, the unsignalized water becomes 
signalized. In other words, the unsignalized water has memorized the EMS signature of the originating DNA molecule. 
By use of PCR the originating DNA molecule may be retrieved from the water signalized with its EMS signature. 
Verification of retrieval of the originating DNA sequence from the signalized water or verification of the fidelity of its 
reproduction can be verified by DNA sequencing. 


[0066] Alternatively, prior to retrieval and synthesis of the DNA molecule by PCR, the signalization of the receiving 
sample with a DNA EMS signature may be determined by detecting the EMS emissions of the signalized sample using 
dilutions of the signalized water as previously described, e.g., by the device used to record the originating DNA sample's 
EMS signature in the first place. Only EMS positive dilutions will yield the DNA sequence. The procedure allows the 
transmission of DNA EMS signatures of medical interest as well as the remote retrieval of the corresponding originating 
DNA. Such transmission may be made by a medium of choice, for example, a digital signal may be transmitted over the 
internet or by sending USB keys (e.g., flashdrives) to remote laboratories or medical units. 


[0067] (iv) Detection of a Known Nucleic Acid Sequence. Specific molecules known or suspected to be contained in a 
test sample may be screened using the methods described above. A test sample is diluted and agitated to produce an 
EMS+ sample and a nucleic acid amplification using specific known primers for the nucleic acid sequence of interest is 
performed. The test sample may be a sample produced by dilution and agitation or may be produced by tranduction of 
EMS into a naive sample. An EMS+ test sample is incubated with primers for a specific nucleic acid sequence and the 
nucleic acid product by PCR amplification, usually DNA, 1s recovered. The recovered amplification products may be 
assayed indicate the presence of the particular nucleic acid in the test sample. 


[0068] (v) Identification of an Unknown Nucleic Acid. 


[0069] Another embodiment of the invention involves detecting a nucleic acid or nanostructures associated with an 
unknown nucleic acid in a test sample comprising amplifying a nucleic acid in a test sample using random nucleotide 
sequence or polynucleotides or primers; diluting and agitating during dilution the amplified nucleic acids in an aqueous 
solvent; measuring over time a low frequency electromagnetic emission from the diluted amplified nucleic acids; and 
optionally (1) identifying an EMS signature for amplified nucleic acid or its associated nanostructures by comparing the 
EMS of the test sample to the EMS of a control sample, and optionally (11) comparing the results to relevant standard 
EMS signature(s). This method may further comprise performing a signal analysis of the low frequency electromagnetic 
emission over time, and/or producing an output, based on the signal analysis. This method may detect a biological 
molecule, such as a nucleic acid like DNA in a test sample and/or may detect a nanostructure derived from or associated 
with a nucleic acid such as DNA in the test sample. A suitable dilution of the test sample is selected for use within this 
method, for example, the test sample can be diluted by a factor of at least 10<4>, 10<5>, 10<6>, 10<7>, 10<8>, or 
10<9>. 
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[0070] The test sample will usually be obtained from subject suffering from or at risk of developing a particular disease, 
disorder or condition. For example, the test sample can be obtained from a subject having or suspected of having a 
parasitic or fungal disease or disorder, a subject having or suspected of having a bacterial disease or disorder, a subject 
having or suspected of having viral disease or disorder, from a subject having or suspected of having had an autoimmune 
disorder, a subject having or suspected of having Alzheimer's Disease or Parkinson's Disease or any other neurological 
disease, a subject having or suspected to have a genetic disease or a gene alteration, or a subject having a disease, disorder 
or condition of unknown or incomplete etiology in comparison with a noninfected subject. For instance, an EMS 
signature of an HIV gene sequence, such as that of nef or pol, may be detected in a sample in comparison to a sample not 
containing the HIV gene sequence. Verification of the presence of a gene sequence in a sample may be made by PCR. 


[0071] (vi) Devices. Various devices for use in conjunction with the different aspects of the invention are also disclosed. 
These include: 


[0072] A device for producing an EMS signature in an aqueous buffer comprising at least two containers, at least one for 
an EMS originating sample and at least one for an EMS receiving sample, an electrically conducting coil that can emit a 
variable frequency ranging from 1 to 20,000 Hz, optionally connected to an external generator of alternating current 
having a variable frequency from 1 to 20,000 Hz, means for electromagnetic shielding the at least two containers and the 
electrically conducting coil. 


[0073] A device or other means for transmitting at a distance EMS emitted by a biological sample or by nanostructures 
contained in a sample is also contemplated. Such a device will contain at least two containers, at least one to contain a 
sample determined to produce EMS characteristic of a DNA or a similar molecule in a first tube (originating sample), and 
another tube (receiving sample) to receive emitted EMS and contain signalized water produced. The device will contain 
an electrically conducting coil linked to an external generator of alternating current having a variable frequency from 1 to 
20,000 Hz. The device will have shielding means, such as mu metal >=1 mm in thickness, capable of isolating external 
ambient electromagnetic signals or noise, enclosing a space into which will accommodate the coil and the containers. 
Any suitable material may be used to make the coil and the elements and design of the coil are selected based on the size 
of the samples, shielding, and other elements of the apparatus. One example of a coil is a copper coil with the following 
characteristics: bobbin with internal diameter 50 mm, length 80 mm, R=3.6 ohms, 3 layers of 112 turns of copper wire, 
field on the axis to the centre 44 Oe/A, and on the edge 25 Oe/A. An example of shielding 1s a cylinder of [mu] metal 
having a minimal thickness of 1 mm, closed at both ends in a manner that completely isolates the enclosed containers and 
coil from the external ambient electromagnetic noise. 


[0074] The following Examples describe particular embodiments of the invention, but the invention is not limited to what 
is described in these Examples. 


EXAMPLE 1 

Production of Samples Containing an EMS Signature Characteristic of HIV DNA 

[0075] Step A: 

[0076] Synthesis of DNA by PCR 

[0077] A particular DNA sequence is first synthesized by polymerase chain reaction (PCR) on a DNA template, for 
example, a region of the LTR sequence present in the viral DNA extracted from the plasma of a HIV infected patient or 


obtained from a purified infectious DNA clone of HIV1 Lai, is amplified by PCR and nested PCR with respectively LTR- 
derived outer and inner primers. 


[0078] Those were chosen to pick up some conserved regions of the LTR, given to several subtypes of HIV1. This 
amplified DNA was sequenced and found 100% identical to the known sequence of the prototype strain of HIV1 subtype 
B, HIV1 LAI (3). The resulting amplicon was determined to be 488 bp long and the nested-PCR amplicon to be 104 bp 
long. 


[0079] Filtration and Dilution: A sample of each amplicon is prepared at a concentration of 2 ng/ml in a final volume of 1 
ml of pure water that had been previously filtered through a sterile 450 nM Millipore (Millex) filter and then to a 20 nM 
filter (Whatman, Anotop) to eliminate any contamination by viruses or bacteria. All manipulations are done under sterile 
atmosphere in a biological safety cabinet. 


[0080] The DNA solution is diluted one in 100 (10<-2>) in 2 ml of water and filtered through a 450 nM Millex filter 
(Millipore) and filtered again through an Anotop filter of porosity size 20 nM (Whatman). 
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[0081] The resulting DNA filtrate (there 1s practically no DNA loss through filtration, as the DNA molecules do not bind 
to the filters), is then diluted serially 1 in 10 (0.1 ml in 0.9 ml of water in an Eppendorf sterile tube of 2 ml from 10<-2 
>to 10<-15>. 


[0082] A strong vortex agitation was performed at each dilution step for 15 seconds. 


[0083] Each dilution in its stoppered plastic tube was placed on a coil under the ambient electromagnetic background at 
room temperature for 6 seconds; the resulting electric current is amplified 500 times and analyzed in a Sony laptop 
computer with specific software as previously described. The EMS positive vibrating dilutions (usually between 10<-4 
>to 10<-8>) were detected not only by new peaks of frequency, but also quantitatively by the difference in amplitude and 
intensity of the signals measured in the software, as compared to the same parameters given by the background noise. 


[0084] Table 1 shows the role of excitation frequency in inducing EMS from DNA into water. A fragment of LTR DNA 
(Tar region, 104 base pairs) was amplified by PCR with specific primers from the entire genomic HIV1 LAI DNA cloned 
in a plasmid (pLAI2). The fragment was purified by electrophoresis on an agarose gel; the DNA band was then cut and 
extracted with a Qiagen kit. Time of exposure DNA tube and water tube to the exciting frequency was 18 hrs. 


[0000] 
TABLE 1 


Positive 
Content Frequency (Hz) EMS % over noise dilutions 


LTR DNA 104 bp 2 + 33.3 D6-> D8 


Water - 1.2 

DNA 3 + 39.6 D4-> D7 
Water - 0.5 

DNA 4 + 43.9 D5-> D8 
Water - 1.5 

DNA 5 + 41.6 D5-> D8 
Water - 0 

DNA 6 + 33.5 D5-> D8 
Water - 1 


DNA 7 + 40 D6-> D8 
Water + 43.9 D5-> D8 


[0085] Step B: 
[0086] Producing a Signalized Sample from the Originating Sample 


[0087] Tube 1 containing one of the dilutions found positive for EMS in step A (10<-6>) was placed in the vicinity of an 
identical tube 2 that had been previously filled with 1 ml of pure water under a separate safety cabinet different from the 
one utilized in step A for the DNA manipulation. Both tubes were placed inside a copper coil with the following 
characteristics: bobin with internal diameter 50 mm, length 80 mm, R=3.6 ohms, 3 layers of 112 turns of copper wire, 
field on the axis to the centre 44 Oe/A, and on the edge 25 Oe/A, linked to an external generator of alternate electric 
current of variable frequency from 1 to 20,000 Hz. 


[0088] The tubes and the coil were enclosed in a cylinder of thick (1 mm) [mu ]metal closed at both ends in order to 
isolate the system from the external ambient electromagnetic noise. A current intensity of 100 mA was applied to the coil, 
so that no significant heat was generated inside the cylinder. 


[0089] The tubes were kept 18 Hrs at room temperature in an oscillating magnetic field strength of 25 Oe/A generated by 
the coil system. Afterwards, the signalized water of tube 2 is filtered on 450 nM and 20 nM filters and diluted from 10<-2 
>to 10<-15>. As a control, the tube 1 was also filtered and diluted in the same way. EMS analysis revealed positive 
dilutions for EMS, starting at 10<-2 >which is explained if one takes into account that the emitter tube 1 was already at 
the 10<-6 >dilution (FIG. 1). As shown in Table 1 a minimal frequency of 7 Hz was found necessary and sufficient to 
induce the EMS in the naive, unsignalized water filled tube 2. However, the intensity of the EMS signals was sometimes 
reduced by comparison to those found in tube 1. To determine conditions suitable for EMS transduction, the inventors 
also varied different parameters of the process. It was determined that the following conditions suppressed EMS emission 
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from naive tube 2 (receiving sample or sample to be signalized). 
[0090] Time of exposure of the two tubes less than 16-18 hrs (Table 2). 
[0091] No coil. 

[0092] Generator of magnetic field turned off. 

[0093] Frequency of excitation<6 Hz. 


[0094] No use of DNA in tube 1. 


[0095] Tube 2 frozen at -80[deg.] C. overnight and defrosted before recording the EMS. 


[0096] Tube 2 heated at 95[deg.] C. for 60 minutes after the overnight exposure. 


[0097] Based on the results in Table 1 and on testing of the process conditions and parameters it was concluded that 
excitation of tube 1 by a magnetic field of low frequency and of very low intensity has allowed the water nanostructures 
generated by the DNA fragment contained in this tube to be transmitted via waves to tube 2. 


[0098] Step C: 
[0099] Reconstitution by PCR of the LTR DNA from the Nanostructures in the Receiving or Signalized Sample. 


[0100] A sample volume (5 [mu]l) of tube 2-signalized water was added to 45 [mu]! of an amplification mixture in a 
propylene 200 [mu]! PCR tube (Eppendorf). 


[0101] The amplification mixture was composed of (buffer composition) 0.2 mM dNTP's, 10 [mu]M of each specific 
HIV-1 LTR primer containing the ingredients for synthesizing DNA, either from a positive dilution for EMS or in a lesser 
dilution, starting with 10<-2 >down to 10<-10>: and using 1 unit of Taq DNA polymerase. 


[0102] Once the first cDNA strand is synthesized, cycling of denaturation, annealing and polymerization steps are 
performed as usually used for the PCR amplification. 


[0103] The reaction (35 cycles, T[deg.] annealing 56[deg.] C.) yielded a DNA band of the size (in electrophoresis 
migration in agarose 1.5%) of the expected 104 bp sequence. This amplicon was then cloned in a bacterial plasmid (Topo 
Cloning, Invitrogen) which was used to transform bacterial competent cells. Plasmid clones were purified from isolated 
bacterial transformants and screened for the presence of the 104 bp insert by EcoRI digestion. Positive plasmid clones are 
then sequenced and the sequence of the insert shown to be 98% to 100% identical (difference of 2 nucleotides) to the 
original DNA of tube 1. 


[0104] The first step of DNA synthesis using the nanostructures as templates can also be achieved by a reverse 
transcriptase (RT) and other more classical DNA polymerase, at lower temperature (42[deg.] C. for example for the 
reverse transcription step). HIV1 LTR DNA D6 (EMS positive) dilution was used as emitter using excitation frequency of 
7 Hz during 18 hours in the apparatus described in FIG. 1, and placed close to the water receiver Tube 2. Like the latter, it 
was then diluted at 10<-2>, refiltered by 450 nM and 20 nM filters and diluted to 10<-15>. 


[0105] Each dilution was then amplified by PCR for 35 cycles. Note the DNA bands detected at dilutions D2, (FD2), D3, 
D4, and DS. It has to be noted that the synthesis of the DNA LTR band is obtained in high water dilutions (up to 10<-9>) 
of the tube 2 containing the signalized water, indicating the transmission of the DNA information from tube to tube, in the 
presence of the ambient electromagnetic background. The same phenomenon was also observed in high dilutions of tube 
1, indicating the synthesis of DNA at dilutions containing no DNA molecules. 


[0106] This PCR technology can be applied to the detection of nanostructures in body fluid (plasma, urine) apparently 
devoid of the microorganisms from which they originate. In all cases, it is necessary to use mechanical agitation (vortex) 
at each water dilution in addition to the ambient or controlled electromagnetic background. 


[0107] Table 2 shows the role of time of exposure to the 7 Hz frequency on EMS transmission from DNA to water. These 
results used the DNA LTR preparation as used for procedures reported in Table 1. 


[0000] 
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TABLE 2 

Time of Positive 

Content exposure (hr) EMS % over noise dilutions 
Control DNA tube 2 + 57.3 D4-> D8 


Water 2 - O 
Water 4 - O 
Water 6 - O 


Water 8 +- 6.4 D4-> D8 
Water 16 + 13.4 D5-> D8 
Control DNA tube 16 + 63 D4-> D8 


[0108] As shown above EMS were detected in the receiving sample after an exposure time of 8 or 16 hrs when the 
originating sample exhibited positive EMS at dilutions of D4 to D8 (10<-4 >to 10<-8>). No EMS was detected in water 
exposed for less than 8 hrs. 


EXAMPLE 2 
Identification of Unknown DNA Using Random Primers 


[0109] Another aspect of the invention is directed to a general procedure for the identification of any unknown DNA 
sequence (or polynucleotide sequence) capable of producing EMS in biological fluids. The principle is shown by FIG. 3. 
The transmission of EMS in water allows the selective transmission of only the DNA sequences that were emitting the 
EMS under the induction conditions. The PCR method uses a combination of random and Tag primers. The random 
primer associated with the Tag has the following formula 5'-GGACTGACGAATTCCAGTGACTNNNNNNNN (SEQ ID 
NO: 1) in which are made all possible combinations of 8 nucleotides for the 4 possible bases (65,536). A detailed 
procedure is described below. 


[0110] 1) DNA is purified from EDTA-collected human plasma extracted by the kit, QiaAMP, (Qiagen). 


[0111] 2) The purified DNA samples are filtered through 0.45 and 0.1 [mu]m filters and then diluted to FD2-FD15 for 
analysis of EMS. FD2 refers to a filtered dilution of 1:100 or 10<-2>. 


[0112] 3) The filtered and diluted samples are used to signalize water (molecular biology grade, 5Prime, 20 nm-filtered) 
with a dilution EMS+ of a patient DNA sample under an oscillating magnetic field of 7 Hz, 4V (coil in mu-metal) for 18 
hours. 


[0113] 4) Each EMS+ sample used is filtered, vortexed and diluted (FD2-FDS5) the signalized water sample and proceed 
to EMS analysis. 


[0114] 5) The samples of signalized water (EMS+), starting with FD2 are used as template for PCR amplification using 
random and Tag primers, following the protocol described below: 


[0115] A 49 [mu]l PCR amplification mix containing 1* Advanced Taq buffer with Mg<2+> (available from SPrime 
Co.), 200 [mu]M dNTPs, 20 nM of designed random primer Tag8N (SEQ ID NO: 1): 


[0000] 
(SEQ ID NO: 2) 
(5'-GGACTGACGAATTCCAGTGACTNNNNNNNN) 


[0116] 20 [mu]l of vortexed FD2 signalized water template, and | unit of Taq DNA polymerase (available from 5Prime 
Co.) is incubated stepwise at 8[deg.] C., 15[deg.] C., 20[deg.] C., 25[deg.] C., 30[deg.] C., 36[deg.] C., 42[deg.] C., and 
46[deg.] C. for 2 min at each temperature to allow annealing of the random portion of the primer. An elongation step at 
68[deg.] C. for 2-15 min was performed to allow synthesis of DNA, followed by a denaturation step at 95[deg.] C. for 3 
min. One [mu]l of the designed primer Tag- ONLY (5'-GGACTGACGAATTCCAGTGACT) (SEQ ID NO: 3) is added to 
the mixture at a final concentration of 200 nM. The resulting sample is subjected to 40 cycles of amplification (95[deg. |] 
C./30 s, 59[deg.] C./30 s, and 70[deg.] C./2 min), followed by an incubation at 70[deg.| C. for 10 min. PCR-amplified 
samples are subjected to electrophoresis in 1.3% agarose gel and stained with ethidium bromide to allow visualization of 
amplified DNA bands under UV light. 


[0117] 6) If needed (if faint or no DNA bands a-re detected), sample can be reamplified by PCR using only the primer 
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Tag-ONLY, following the reamplification protocol described below: 


[0118] A 50 [mu]l PCR amplification mix containing 1* Hot Start Taq buffer with Mg<2+> (available from 5Prime Co.), 
200 [mu]M dNTPs, 200 nM of designed primer Tag- ONLY (5'-GGACTGACGAATTCCAGTGACT) (SEQ ID NO: 3), 1- 
10 [mu]l of PCR-amplified sample as template, and 1 unit of Hot Taq DNA polymerase (available from 5Prime Co.) 1s 
denatured at 95[deg.] C. for 3 min and subjected to 25-40 cycles of amplification (95[deg.] C./30 s, 59[deg.] C./30 s, and 
70[deg.] C./2 min), followed by an incubation at 70[deg.] C. for 10 min. 


[0119] 7) Isolation, purification and cloning of amplicons in pCR2.1-TOPO (InVitrogen) vector, followed by 
transformation of competent Escherichia coli cells, and screening for positive clones. 


[0120] 8) DNA sequencing of amplicons using M13 universal primers (Eurofins MWG GmbH, Germany) and BLAST of 
the resulting sequences. 


[0121] Application to a patient suffering from chronic Lyme disease: 

[0122] A D9 (10<-9>) dilution of DNA extracted from the plasma of a patient suffering from chronic Lyme disease was 
transduced into water at an excitation frequency of 7 Hz for 18 hrs. PCR was performed on the water sample after 
transduction with Tag8N primers followed by a second PCR with Tag primers only. The PCR DNA products were 
resolved on agarose gels by electrophoresis and are shown in FIG. 4. As shown at the left, results obtained when the tube 
of D9 DNA and the naive tube of water are placed side-by-side. At right, results obtained when the two tubes were placed 
at a distance of 4 cm from each other. 

[0123] Dw denotes control, naive, unsignalized water. 

[0124] Dw vor: denotes control naive, unsignalized water agitated with a vortex. 

[0125] DO: water that was transduced but not diluted. 

[0126] D2 NF: same as DO but diluted by 1:100 (D2). 

[0127] D2 same as D2 NF, but filtered. 


[0128] D3, D4, D5 represent further serial dilutions of D2 to factors of 1:1,000 (D3); 1:10,000 (D4) and 1:100,000 (DS). 
All serial dilutions were vortexed between each 1:10 dilution. 


EXAMPLE 3 
Recording and Transduction of EMS Signatures of HIV and Borrelia Burgdorferi 
[0129] EMS signatures of HIV DNA and Borrelia DNA sequences are recorded and transduced as described below. 


[0130] Step 1: Preparation of DNAs 


[0131] 1. A fragment of HIV DNA taken from its long terminal repeat (LTR) sequence present in the viral DNA extracted 
from the plasma of a HIV-infected patient or obtained from a purified infectious DNA clone of HIV1 Lai, is amplified by 
PCR (487 base pairs) and nested PCR (104 base pairs) using specific primers: TR InS 5'-GCCTGTACTGGGTCTCT 
(SEQ ID NO: 4) and LTR InAS 5'-AAGCACTCAAGGCAAGCTTTA (SEQ ID NO: 5). A longer variant (300 bp) is 
obtained using the following primer: 5'-TGTTAGAGTGGAGGTTTGACA (SEQ ID NO: 6) in conjunction with the 
above primer InAS. 


[0132] 2. A DNA sequence from Borrelia Burgdorfer1, the agent of Lyme disease, is amplified by PCR (907 base pairs) 
and nested PCR (499 base pairs) with respectively Borrelia 16S outer and inner primers. Inner BORR16S inS 5'- 
CAATCYGGACTGAGACCTGC (SEQ ID NO: 7) and BORR16S inAS 5'-ACGCTGTAAACGATGCACAC (SEQ ID 
NO: 8). A shorter variant of 395 bp is obtained by using the following primer: 5'-GACGTCATCCTCACCTTCCT (SEQ 
ID NO: 9) in conjunction with the above primer inAS. 


[0133] Step 2: Signal Recording 


[0134] The resulting amplicons 104 bp and 300 bp for LTR and 499 bp and 395 bp for Borrelia were prepared at a 
concentration of 2 ng/ml in a final volume of 1 ml of DNAse/RNAse-free distilled water. The samples were read on an 
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Fig. 7-63. Polar plot of 100 mm inverted discone. 


the disc, and then the cone peak is soldered to the connector's 
center pin. The entire assembly is slid into a Plexiglas™ radome 
which serves to support the cone and weatherproof the antenna 
(see Fig. 7-61). If the randome is allowed to extend below the disc, 
it can serve as a convenient mounting ring. The antenna in the 
photograph has a base diameter of 4 inches (100 mm). The vswr 
from 1 GHz to 3.5 GHz is shown in Fig. 7-62. A typical radiation 
pattern is shown in Fig. 7-63. The antenna is vertically polarized. 
The horizontal radiation pattern is a circle. The useful bandwidth 
for an inverted discone is 5 to 1; a 1GHz design is useful to 5 GHz. 
A smaller unit would be usable to still higher frequencies. 
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electromagnetic coil, connected to a Sound Blaster card (Creative Labs) itself connected to a microcomputer, (preferably 
Sony VGN-CS31) preferentially powered by its 12 volt battery. Each emission is recorded for 6 seconds, amplified 500 
times and the digital file 1s saved, for example under the form of a sound file with the .wav format. This file can later 
undergo digital processing, by a specific software, Matlab (Mathworks), as for example digital amplification for 
calibrating the signal level, filtering for eliminating unwanted frequencies, or be analyzed by transformation into its 
spectrum by a discrete Fourier transform, preferably by the algorithm of FFT "Fast Fourier Transform". 


[0135] Step 3: Signal Transduction in Water: 


[0136] For transduction, the digital signal was converted by the digital/analog converter of the sound card into an analog 
signal. The output of the sound card of the microcomputer was linked to the input of a commercial amplifier (Kool Sound 
SX-250, www. conrad.com) having the following characteristics: passband from 10 Hz to 20 kHz, gain 1 to 20, input 
sensitivity 250 mV, output power RMS 140 W under 8 ohms. 


[0137] The output of the amplifier was connected to a transducer solenoid which has the following characteristics: the 
bobbin has a length of 120 mm, an internal diameter of 25 mm, an external diameter of 28 mm, with 3 layers of 631 
spirals of copper wire of 0.5 mm diameter and a resistance of 8 ohms, field on the axis to the centre 44 Oe/A, and on the 
edge 25 Oe/A. A measurement of 4.4 milliTesla (mT) was obtained when current, voltage and resistance were 
respectively, 100 mA, 4V and 8 ohms. 


[0138] 50 ml of DNAse/RNAse-free distilled water (5-Prime Ref 2500010) are filtered first through a sterile 450 nM 
filter (Millex, Millipore, Cat N[deg.] SLHV033RS) and then to a 20 nM filter (Whatman, Anotop 25, Cat N[deg.] 6809- 
2002). For transduction, 1 ml of this filtered water in a Eppendorf sterile tube of 1.5 ml was placed at the center of the 
solenoid, itself installed at room temperature on an isolated (non metal) working bench. Alternatively, a sterile tube of 15 
ml (Falcon-Becton Dickinson), filled with the filtered water can be used instead of the 1.5 ml Eppendorf tube. 


[0139] The modulated electric current produced by the amplifier was applied to the transducer coil for 1 hr at the tension 
of 4 Volts. A current intensity of 100 mA was applied to the coil, so that no significant heat was generated inside the 
cylinder. 


[0140] Step 4: Reconstitution by PCR of the DNA from the Signalized Water. 


[0141] The water which has received the recorded specific signal 1s called "signalized water". The signalized water (kept 
in the same tube) was first agitated by strong vortex for 15 seconds at room temperature and then diluted 1/100 in non 
signalized DNAse/RNAse-free distilled water (30 [mu]I/3 ml). 1 ml was kept for control (NF, nonfiltered), the 2 mls 
remaining of signalized water were filtered through a sterile 450 nM filter and then through a 100 nM (Millex, Millipore, 
Cat N[deg.] SLVV033RS) for Borrelia DNA or 20 nM filter (Whatman, notop25) for HIV DNA. The filtrate was then 
diluted serially 1 in 10 (0.1 ml in 0.9 ml of DNAse/RNAse-free distilled water) in a Eppendorf sterile tube of 1.5 ml from 
10<-2 >to 10<-15 >(D2 to D15). A strong vortex agitation was performed at each dilution step for 15 seconds. 5 [mu]l of 
each dilution is added to 45 [mu]l of the mix. 


[0142] 1. Preparation of the mix for HIV LTR: The PCR mixture (50 [mu]l) contained 37.4 [mu]l of DNAse/RNAse-Free 
distilled water, 5 [mu]l of 10* Taq PCR buffer, 0.4 [mu]l of 25 mM dNTPs, 1 [mu]l of 50 [mu]|M each appropriate primer 
Inner [LTR InS (5'-GCCTGTACTGGGTCTCT) (SEQ ID NO: 10) and LTR InAS (5'- 
AAGCACTCAAGGCAAGCTTTA) (SEQ ID NO: 11)], 0.2 [mu]l of 5 U/[mu]l Taq DNA Polymerase and 5 [mu]l of 
each dilution. The PCR was performed with the mastercycler ep (Eppendorf). The PCR mixtures were pre-heated at 
68[deg.] C. for 3 min (elongation step), followed by 40 PCR cycles of amplification (95[deg.] C. for 30 s; 56[deg.] C. for 
30 s; 70[deg.] C. for 30 sec). A final extension step was performed at 70[deg.] C. for 10 min. 


[0143] 2. Preparation of the mix for Borrelia: The PCR mixture (50 [mu]l) contained 37.4 [mu]l of DNAse/RNAse-Free 
distilled water, 5 [mu]l of 10* Taq PCR buffer, 0.4 [mu]! of 25 mM dNTPs, 1 [mu]l of 50 [mu]|M each appropriate primer 
Inner [BORRI16S inS (5'-CAATCY GGACTGAGACCTGC) (SEQ ID NO: 7) and BORR16S inAS (5'- 
ACGCTGTAAACGATGCACAC) (SEQ ID NO: 8)], 0.2 [mu]l of 5 U/[mu]l Taq DNA polymerase and 5 [mu]l of each 
dilution. The PCR was performed with the mastercycler ep (Eppendorf). The PCR mixtures were pre-heated at 68[deg. |] 
C. for 3 min (elongation step), followed by 40 PCR cycles of amplification (95[deg.] C. for 30 s; 61[deg.] C. for 30 s; 
70[deg.] C. for 1 min). A final extension step was performed at 70[deg.] C. for 10 min. 


[0144] Electrophoresis of the PCR products in 1.5% agarose gel: A band of 104 bp for HIV LTR and a band of 499 bp 
Borrelia DNA should be detected at several dilutions. 


[0145] 3. Sequencing: The DNA bands are cut and DNA is extracted using a Qiagen kit which also describes classical 
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conditions for cloning in E. coli. The amplified specific DNA is then sequenced to show its identity to the original DNA. 


Method of Detecting Microorganisms with a Specimen 
US2010323391 


2010-12-23 

Inventor(s): MONTAGNIER LUC [FR]; AISSA JAMAL 

Classification: - international: C12M1/34; C12Q1/04 - European: C12Q1/04; G01N37/00 

Also published as: FR2902883 // RU2009101670 // WO2007147982 // WO2007147982 // EP2044210 


Abstract -- This invention concerns a process for preparing reagents intended for a microorganism detection test and 
notably an infection in humans or animals, wherein the following steps are included: a) Centrifuging a biological or 
artificial liquid medium containing a selected specific microorganism; b) Filtrating the supernatant obtained in step (a); c) 
Preparing a series of diluted samples corresponding to increasing dilutions of the filtrate obtained in step (b), down to a 
filtrate dilution of at least a factor of 10-15; d) Submitting said diluted samples obtained in step (c) to an electrical, 
magnetic, and/or electromagnetic exciting field; e) Analyzing the electrical signals detected using a solenoid, as well as 
digitally recording said electrical signal after analog/digital conversion of said signal; f) Selecting diluted samples with 
which the characteristic electrical signals were obtained in (e), 1.e. signals whose amplitude is at least 1.5 times greater 
than background noise emitted by water and/or presenting a frequency displacement towards higher values; g) Placing the 
diluted samples selected in step (f) into protective enclosures, which are protecting said dilutions against external 
electromagnetic fields; h) Distributing one of the aforesaid diluted samples from step (g), volume by volume, into two 
tubes, T1 and T2, tube T1 remaining in a protective enclosure protecting diluted samples from external electromagnetic 
field interferences, and acting as a reference solution, tube T2 being also placed in a protective enclosure, and subjected 
subsequently to the presence or contact of a sample suspected to contain said selected specific microorganism. 


Description 


[0001] This invention has for object to reveal latent infections in humans and animals, by showing inhibition, through the 
examinee, of electromagnetic signals generated by a microorganism. 


[0002] From the works by Dr. Jacques BENVENISTE and from patent application WO 00/17637, it has been known how 
to record and digitalize, after analog-to-digital conversion using a computer sound board, an electrical signal 
characteristic of a molecule possessing a biological activity. 


[0003] Also known in prior art (WO 09417406) is a process and a device used to transmit biological activity from a first 
matter, so-called carrier, to a second matter, so-called target, the latter exempted of any traces from said carrier and 
physically separate from it, and the target not presenting initially the aforementioned biological activity. The method 
consists in (1) exposing the matter carrying the biological activity of interest to an electrical or electromagnetic signal 
sensor, (11) amplifying said electromagnetic or electrical signals characteristic of the emitted biological activity feature, 
then (111) exposing the target matter to an emitter of electrical or electromagnetic signals, said emitter being connected to 
aforesaid sensor through a transmission and amplification circuit, in order to transmit the signal characteristic of 
biological activity to said target. 


[0004] In a previous French patent application 05/12686 filed on Dec. 14, 2005, not yet issued to this day, the inventor of 
this invention was describing a process for characterizing biochemical elements presenting a biological activity, 
microorganisms in this case, by analyzing low frequency electromagnetic signals, said process bringing improvements to 
prior art techniques. Said process also relates to biological analysis consisting in recording the electromagnetic or 
electrical "signatures" corresponding to known biochemical elements, and to compare such pre-recorded "signatures" to 
that of a biochemical element to be characterized. Said process implicates filtration and dilution steps in order to 
eliminate microorganisms and cells present within the original sample, the highest dilutions generating the most electrical 
or electromagnetic signals whereas the least diluted samples don't provide, most of the time, any electrical or 
electromagnetic signals. The inventor also showed that microorganisms of different nature, such as bacteria and viruses, 
produce "nanostructures" that persist in aqueous solutions, and that these very "nanostructures" are emitting 
electromagnetic signals. Said "nanostructures" behaves like polymers of a size less than 0.02 [mu]m for viruses, and less 
than 0.1/[mu]m for classic size bacteria, and present a density ranging from 1.12 and 1.30 g/ml. 


[0005] The process described in this application is based on the astonishing observation that in absence of physical 
contact, the mere vicinity of a closed tube containing a sample of a bacterial or viral filtrate, little diluted and negative 
with regard to electrical or electromagnetic emitting signals, inhibits the signals produced by a more diluted sample of the 
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same filtrate, initially positive with regard to electrical or electromagnetic signal emission. In this application, such 
inhibition will be indistinctly called "inhibitory effect" or "negativing effect". In the same way, in this application, to 
"inhibit" and "negativate" will be used indistinctly and have a similar meaning. This observation led the inventor to 
search for the same inhibitory phenomenon from an infected human being. It has been observed, in a patient suffering 
from an auto-immune microvascularitis of infectious origin, that the diluted samples of his plasma had an inhibitory 
effect on dilute filtrates of E. coli emitting electromagnetic signals (hereafter EMS), suggesting that the patient was 
suffering from a chronic infection by this or a related germ. It was also shown that the patient suffering from 
microvascularitis, as mentioned in the previous example, himself inhibits the EMS emitted by his filtered and diluted 
plasma, and also inhibits the EMS emitted by a filtered and diluted sample of E. coli culture present in a closed tube. In 
this case, a 5 minutes contact of a positive dilution in the patient's hand, or 10 minutes at a distance of up to 50 cm, are 
sufficient to observe said inhibitory effect. 


[0006] Said inhibitory power thus involves both the emitting structures from one own plasma, and those of a specific 
bacterial germ, which could thus be used as a universal identification system. 


[0007] The invention may therefore enable to determine a bacterial or viral origin in illnesses where such germs have not 
been identified. 


[0008] A first object of the invention concerns a method for preparing reagents to be used in a test for detecting a 
microorganism and notably an infection in humans or animals. According to 1ts most general acception, the method 
includes the following steps: 

[0000] a) Centrifuging a biological or artificial liquid medium containing a selected specific microorganism; 


b) Filtrating the supernatant obtained at step (a); 


c) Preparing a series of diluted samples corresponding to increasing dilutions of the filtrate obtained in step (b), down to a 
filtrate dilution factor of at least 10<-15>; 


d) Submitting the diluted samples obtained in step (c) to an electrical, magnetic and/or electromagnetic exciting field; 


e) Analyzing the electrical signals detected using a solenoid and recording digitally aforesaid electrical signal, after 
analog/digital conversion of aforesaid signal; 


f) Selecting diluted samples from which the characteristic electrical signals were obtained in (e), by characteristic signals 
one means signals whose amplitude is at least 1.5 times greater than background noise emitted by water, and/or 
presenting a frequency displacement towards higher values; 


g) Introducing the diluted samples selected in step (f) in protective enclosures, which protect said dilutions from very low 
frequency external electromagnetic fields; 


h) Distributing one of aforesaid diluted samples from step (g), volume by volume, in two tubes, T1 and T2, with T1 
remaining in a protective enclosure protecting said diluted samples from external electromagnetic field interferences, said 
tube Tl acting as a reference solution, while tube T2, also placed in a protective enclosure, is subsequently being 
subjected to the presence or contact of a sample suspected of containing said selected specific microorganism. 


[0009] By "a sample to be tested for presence or absence of aforesaid selected specific microorganism" one means: (1) a 
human or animal individual suspected to be infected by aforesaid selected specific microorganism, or (11) a biological 
specimen or a biological or artificial fluid suspected of containing said selected specific microorganism, or (111) a food 
component, a cosmetic, or a pharmaceutical composition susceptible to contain said selected specific microorganism. 


[0010] By biological fluids, one means any human or animal fluid, e.g. blood, urine, various secretions. By artificial 
fluid, one means any reconstituted fluid for growing microorganisms, e.g. various culture media for bacteria, yeasts, and 
molds, and culture media for cells infected by a virus. 


[0011] Another object of the invention concerns a system for detecting a microorganism within a sample. This system 
includes: 


[0000] a) A tube T1 containing a reference sample emitting characteristic electrical signals, by characteristic signals one 
means signals whose amplitude 1s at least 1.5 times greater than background noise emitted by water, and/or presenting a 
frequency displacement towards higher values; 
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b) A tube T2 containing a sample emitting characteristic electromagnetic signal, said sample being identical to that 
contained in tube T1; 


c) A protective enclosure for protecting tubes T1 and T2 against very low frequency external electromagnetic fields; 
d) A tube T3 containing a control solution not presenting electromagnetic signal emission; 


e) An equipment for receiving electromagnetic signals. 


[0012] During detection, tube T2 will be subjected to the presence or contact of sample X to be tested for presence or 
absence of a selected specific microorganism. 


[0013] Another object of the invention concerns a method for detecting a microorganism within a sample, characterized 
in that said method consists of the following steps: 


[0000] a) A sample X, for which the presence of a suspected microorganism, e.g. E. coli, is to be established, is exposed 
to a sample as obtained after step (f) of the process according to one of claims 1 to 3, said sample obtained after step (f) 
being a dilution of a culture or biological medium filtrate containing said microorganism suspected to be present in 
sample X; 


b) Comparing the electromagnetic signal emitted by sample X exposed to said sample obtained after step (f), obtained in 
step (a), with the electromagnetic signal emitted by an aliquot of the same sample obtained after step (f) and not 
submitted to sample X. 


[0014] By "a sample X", one means (1) a human individual or animal suspected of being infected by aforesaid selected 
specific microorganism, or (11) a biological specimen, or a biological or artificial fluid, suspected to contain said selected 
specific microorganism, or (111) a food component, cosmetic, or pharmaceutical composition susceptible to contain said 
selected specific microorganism. 


[0015] The methods according to the invention enable (1) to prepare reagents intended for a test to detect microorganisms 
implicated in chronic illnesses, and/or intended to detect systemic latent infections under circumstances where a quick 
and non invasive response is required, as it is in the case of e.g. avian flu virus detection, (11) the identification of an 
infection in humans or animals. 


[0016] Once the responsible microorganism identified, it is possible to confirm the presence of that germ using 
supersensitive PCR with specific oligonucleotidic promoters from such microorganism. 


[0017] The invention shall be better understood by reading the following description, presenting in a non restrictive way 
examples of process embodiment according to the invention. 


[0018] The figures in annex correspond to non restrictive examples of embodiment. 
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Figure 1. Device for the capture and analysis of em signals. (1) Coil made up of copper wire, 
impedance 300 Ohms. (2) Plastic stoppered tube containing 1 ml of the solution to be analyzed. 
(3) Amplifier. (4) Computer. From Ref. 1 


EXAMPLE 1 


A Lightly Dilute Bacterial Culture, not Emitting Electromagnetic Signals, 'Negates" the Electromagnetic Signals 
Emitted by a Strong Dilution from the Same Culture 


1) Sample Preparation 
[0019] An Escherichia coli (E. coli) bacteria culture in LB (Luria broth) medium 1s centrifuged at 8000 rpm for 15 


minutes in order to eliminate the cells. The bacterial supernatant is then filtered on a 0.45 [mu]m porosity PEVD 
Millipore filter, and the filtrate is then again filtered on a 0.1 [mu]m porosity Millipore filter. 


[0020] From the resulting E. coli culture filtrate, which is completely sterile, one prepares a series of samples by diluting 
the filtrate from 10 to 10 into water down to 10<-15 >for injectable preparation. The successive dilutions are strongly 
agitated with a vortex for 15 seconds between each dilution. 


[0021] The diluted samples are distributed in 1.5 ml Eppendorf conic plastic tubes. The fluid volume 1s in general of 1 
milliliter. 


[0000] 2) Selection of Diluted Samples Generating Electromagnetic signals. 
[0022] Each dilute sample is tested for emission of low frequency electromagnetic signals. 


[0023] The procedure for detecting EMS includes a step aimed at transforming the electromagnetic field from various 
diluted samples into one signal, namely an electrical signal, using a solenoid for capturing said electromagnetic field. 


[0024] The transformation of the electromagnetic field coming from the diluted sample analyzed into an electrical signal 
is done as follows: 


[0000] (1) Submitting the dilute sample being checked to an electrical, magnetic and/or electromagnetic exciting field; 


(11) Analyzing the electrical signals detected using a solenoid and digitally recording aforesaid electrical signal after 
analog/digital conversion of said signal; 


(111) Selecting the diluted samples generating characteristic electrical signals, by 'characteristic' one means signals whose 
amplitude is at least 1.5 times greater than background noise signals emitted by water and/or presenting a frequency 
displacement towards higher values, and placing them in Mumétal(R) protective enclosures for protecting said diluted 
samples against external electromagnetic field interferences. 


[0025] Signal detection is carried out using the equipment schematically represented in FIG. 1. The equipment consists of 
a solenoid reading cell (1) sensitive from 0 to 20000 hertz, placed on a table made of insulating material. Said solenoid 
used in step (11) includes a winding comprising a soft iron core. Said winding has an impedance of 300 ohms, an inside 
diameter of 6 mm, an outside diameter of 16 mm, and a length of 6 mm. The magnetic soft iron core is placed in contact 
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with the external walls of the tube containing the dilution to be analyzed. 


[0026] The diluted samples to be read are distributed in 1.5 ml Eppendorf (trade mark) conic plastic tubes (2). The fluid 
volume is in general of 1 milliliter. 


[0027] Characteristic electrical signal acquisition is performed for a preset duration, 1.e. ranging from 1 to 60s. In this 
example, each sample is read twice successively for 6 seconds. 


[0028] The electrical signals delivered by the solenoid are amplified and converted into analog-digital signals using a 
signal acquisition board (sound card) (4) including a computer-built-in analog-to-digital converter (3). Said analog-to- 
digital converter has twice the sampling rate of the maximal frequency that one wants to digitalize, e.g. 44 kHz. 


[0029] The digital file corresponding to said converted electrical signal 1s saved on a mass storage, e.g. as a WAV format 
audio file. 


[0030] For processing the characteristic electrical signal, one uses e.g. Matlabs and SigViews (trademarks) software. The 
recorded digital file may possibly undergo digital processing, 1.e. digital amplification for calibrating the signal level, 
filtering for eliminating undesired frequencies, calculating spectral power distribution (SPD), then such spectral power is 
truncated, e.g. only keeping frequency bands from 140 Hz to 20 kHz (Matlab), or is transformed in frequency 
components by Fourier transform (SigView). 


3) Evaluating the Inhibitory Activity of a Non-Emitting Low Dilution on the Emission of Electromagnetic Signals 
Generated by an Active Dilution. 


[0031] The diluted samples presenting characteristic electrical signals are samples diluted to 10<-8>, 10<-9>, 10<-10>. 
The 10<-2 >to 10<-6 >dilutions are negative (FIG. 2). 


[0032] A closed tube containing a 10<-3 >dilution aliquot of E. coli is placed side by side with a closed tube containing a 
10<-8 >diluted sample aliquot of E. coli, in an enclosure surrounded by a Mumétal(R) magnetic shield, and left 24 hours 
at room temperature. In parallel, a control series is realized. This control series consists of one tube containing a 10<-3 
>diluted sample aliquot of E. coli, and of another containing a 10<-8 >diluted sample aliquot of E. coli that 1s processed 
in the same way, but in separate Mumétal(R) enclosures distant from one another. The placement in a Mumétal(R) 
enclosure eliminates very low active frequencies (5 to 100 Hertz) but not higher frequencies that could come from 
ambient electromagnetic noise. 


[0033] After 24 hours, the tubes containing the diluted samples are again analyzed as describes above, revealing that the 
tube containing a 10<-8 >diluted sample aliquot and coupled to the tube containing a 10<-3 >diluted sample aliquot, no 
longer emits any electromagnetic signals, or much weaker ones. On the other hand, the control series tubes remained 
identical; the tube containing a 10<-8 >diluted sample aliquot protected from contact with the tube containing a 10<-3 
>diluted sample aliquot remained positive for electromagnetic signal emission. 


[0034] An important particularity of the invention 1s that the observed negating effect 1s specific, 1.e. the lightly diluted, 
non-emitting sample and the greatly diluted electromagnetic signal-emitting sample must come from the same 
microorganism species. 


[0035] Thus, the diluted E. coli-emitting samples are only "negated" by a weakly diluted non-emitting E. coli sample, but 
not by a lightly diluted non-emitting Streptococcus or Staphylococcus sample. Similarly, a diluted emitting 
Staphylococcus sample is only "negated" by a lightly diluted non-emitting sample of Staphylococcus and not by a lightly 
diluted non-emitting sample of Streptococcus or E. coli. 


EXAMPLE 2 
Quick and Non-Invasive Method for Detecting Infections in Humans and Animals 
1) Preparations of Biological and Artificial Fluid Samples Containing Microorganisms. 


[0036] A blood sample, collected with anticoagulant, preferably heparin, from a patient suffering from a neurological 
pathology consecutive to a bacterial infection, and an Escherichia coli (E. coli) bacteria K1 culture in suspension in LB 
(Luria broth) medium are centrifuged in order to eliminate the cells. The bacterial supernatant and/or the plasma collected 
are then diluted to 10<-2 >in RPMI medium. The solutions are filtered on 0.45[mu] Millipore PEVD filter, then the 
filtrate is again filtered on 0.02 [mu]m Whatman or 0.1 [mu|m Millipore filter. 
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[0037] From the plasma filtrates of infected individual and from the E. coli K1 culture, one prepares a series of diluted 
samples corresponding to increasing dilution levels, up to 10<-15>, in 10 to 10 dilutions in water for injectable 
preparation under laminar flow hood. The successive dilutions are strongly agitated with a vortex for 15 seconds between 
each dilution. 


[0038] The diluted samples are then distributed in 1.5 ml conic Eppendorf plastic tubes. The fluid volume is in general of 
1 milliliter. 


2) Selection of Diluted Samples Generating Electromagnetic Signals. 


[0039] The selection of the diluted samples emitting characteristic signals, signals whose amplitude is at least 1.5 times 
greater than the background noise signals and/or are of a frequency higher than background noise, is realized identically 
to what is described above in example 1, chapter 2. The method described as well as the material are identical to what is 
described above. Thus, the method includes a step for transforming the electromagnetic field from different dilutions into 
a signal, namely an electrical signal, by means of a solenoid capturing said electromagnetic field. 


[0040] The transformation of the electromagnetic field from the analyzed dilution into an electrical signal is done by: 
(1) Submitting the diluted sample being checked to an electrical, magnetic and/or electromagnetic exciting field; 


(11) Analyzing the electrical signals detected using a solenoid, and digitally recording said electrical signal after 
analog/digital conversion of aforesaid signal; 


(111) Selecting the diluted samples presenting characteristic electrical signals, by 'characteristic' one means signals whose 
amplitude is at least 1.5 times greater than background noise signals emitted by water, and/or presenting a frequency 
displacement towards higher values, and placing them in protective enclosures for protecting said diluted samples against 
external electromagnetic field interferences. 


3) Evaluating an Infected Individual's Inhibitory Activity on the Electromagnetic Signal Emission Generated by a 
Microorganism. 


[0044] The diluted samples selected at the previous step (item (111)), from the plasma filtrate of the infected individual, 
from E. coli culture filtrate, 1.e. the dilutions of filtered sample presenting a characteristic electrical signal, are distributed 
in Eppendorfs plastic tubes, at a rate of 1 ml per tube, and stored at +4[deg.] C. The diluted EMS emitting samples 
distributed in aliquots are protected from external influences by being placed in an enclosure protected from 
electromagnetic fields. Preferably, the enclosure is surrounded with a magnetic shield made of Mumétal(R), isolating the 
enclosure from very low frequency parasitic fields coming from the surroundings. 


[0045] One of the diluted EMS emitting samples from the plasma filtrate of the infected individual, from E. coli culture 
filtrate, is distributed volume to volume in two tubes, T1 and T2, with T1 remaining in a protective enclosure protecting 
said diluted samples from external electromagnetic field interferences, that tube will act as reference solution; tube T2 
will be subsequently subjected to the patient and is also placed in a protective enclosure. 


[0046] Said protective enclosure being preferably surrounded with a Mumétal(R) shield. 


[0047] FIG. 2 represents schematically the steps to take when searching for the inhibitory effect. The search of the 
inhibitory effect is realized as follows: 
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maae 


a) Tube T1, containing the reference solution, remains in an enclosure (3) surrounded by a Mumétal(R) magnetic shield, 
said tube T1 is thus protected from potential changes of the individual to be examined (4), whereas tube T2 is submitted 
to the influence of the infected individual to be examined (4) whose plasma present in tubes T1 and T2 comes from, said 
individual holds T2 in his/her hand (5) for a set period of time, e.g. 5 minutes; 


b) Tube T2 is placed in an electromagnetic signal reception equipment, preferably a reading solenoid cell as described 
previously in chapter 2 of this example; 


c) Electrical signals are then amplified, processed, converted into analog-digital signals as previously described in chapter 
2; 


d) Said analog-digital signals are possibly decomposed in harmonics by Fourrier transform. 


[0052] The signals corresponding to tube T1 and those corresponding to tube T2, as well as the signals corresponding to 
water containing tube T3 (background noises) are compared. 


[0053] The following figures represent the results obtained in the case where the active dilution comes from the examined 
infected individual plasma: 


FIG. 3 represents a histogram in three dimensions (Matlab) of the electrical signals detected by the solenoid with tube T3 
present (background noises); 
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Figure 3 


TUBE T3 (BACKGROUND NOISE] 


FIG. 4 represents a three dimension histogram of the frequency spectrum detected by the solenoid with tube 1 present; 


Figure 4 
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FIG. 5 represents a three dimension histogram of the frequency spectrum detected by the solenoid with tube 2 present; 
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FIG. 6 represents a Fourier analysis (Sig View) of the same background noise (the harmonics of the non-filtered current 
of the power supply); 


Figure 6 
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FIG. 7 represents a Fourier analysis of the signal detected by the solenoid with tube 1 present; 
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Chapter 8 
Batteries And Battery Chargers 


Batteries are necessary for portable equipment and very handy to 
have around in case of an emergency. Nicads are probably the most 
popular type of battery used by the electronics experimenter be- 
cause they can be recharged over and over again. 
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Figure 7 
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FIG. 8 represents a Fourier analysis of the frequency spectrum detected by the solenoid with tube 2 present, handled by 
the individual to be examined. 
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[0060] The analysis by 3 dimensions histogram, respectively for background noise (FIG. 3) and for the signal obtained 
with tube T1 present and containing the EMS emitting reference solution (FIG. 4), shows a displacement towards higher 
frequencies. On the other hand, when analyzing tube T2 containing the solution submitted to the influence of the 
individual to be examined (FIG. 5), no displacement toward higher frequencies is noted; the 3D histogram representing 
the signals of tube T2 is analogous to that obtained for background noise. 
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[0061] Fourier analysis of the positive frequencies generated by tube 1 (FIG. 7) revealed peaks at various frequencies. By 
decreasing order of signal intensity, the following frequencies presented signals: 1000, 2000, 3000, 4100, 5100 and 5500. 
On the other hand, Fourier analysis of tube T2 reveals results analogous to those obtained by background noise analysis: 
no significant peak was observed for background noise or for tube T2. 


[0062] In conclusion, these analyses enable to deduct that the individual examined has a capacity for inhibiting 
electromagnetic signals emitted by a dilution of his/her own plasma. 


[0063] Analogous results were obtained with the reference solution, derived from K1 E. coli. 


[0064] Therefore, this inhibitory capacity concerns not only his/her own plasma but also E. coli emitting structures, 
suggesting that the individual is infected by an agent producing nanostructures close to those of E. coli. 


Your Support Maintains this Service -- 
BUY 
The Rex Research Civilization Kit 
... It's Your Best Bet & Investment in Sustainable Humanity on Earth ... 
Ensure & Enhance Your Survival & Genome Transmission ... 


Everything @ rexresearch.com on a Data DVD ! 


ORDER PAGE 


http://www.rexresearch.com/montagnier/montagnier.htm 30/30 


1/28/2019 Lucid Dream Induction -- articles & patents 


rexresearch.com 


Lucid Dreaming 


2019 SUPER SALE | 


MELIA y A Up to e 
REWARDS AN 506 
E ao A | THE LOWEST RATES AT 
i OUR HOTELS & RESORTS! 


http://Wikibooks.org 


Lucid Dreaming/Induction Techniques 


This page describes a number of lucid dream induction techniques. It is recommended that you be able 
to recall at least one dream per night in order to maximize the effectiveness of these methods. 


Certain elements are common to many of the lucidity-inducing techniques discussed later in this 
chapter. To better understand these techniques, these common components will be discussed first. 


Sleep Interruption 


An element shared by many of the techniques is sleep interruption. Sleep interruption is the process of 
purposefully awakening during your normal sleep period and falling asleep a short time later (10—60 
minutes). This can be easily done by using a relatively quiet alarm clock to bring you to consciousness 
without fully waking you. If you find yourself resetting the clock in your sleep, 1t can be placed on the 
other side of the room, forcing you to get out of bed to turn it off. Other biorhythm-based options 
involve drinking lots of fluid ( particularly water or tea, a known diuretic ) prior to sleep, forcing one 
to get up to urinate. 


Sleep interruption is a natural part of the MILD technique (described below) which trains you to arise 
immediately after your dreams end. 


Sleep Continuity 


If you have trouble initially falling asleep, avoid drinking water for about an hour before going to bed. 
Otherwise, you may find yourself running to the bathroom, disrupting any attempts at lucidity. Also, 
try to avoid caffeine and sugar before bed. However, depending on your sensitivity, caffeine may only 
stimulate your mind as opposed to your body. This extra grip on consciousness could be helpful in 
inducing lucid dreams. Exercising during the day is an excellent way of preparing your body for sleep. 
However, be sure to not exercise inside the three hours before bedtime, as your body will be stimulated 
for a short time afterwards. The morning or afternoon is the best time for this. 


If you still have difficulty getting to sleep, try reading about lucid dreaming just before going to sleep. 
Your subconscious will likely absorb this information, increasing your chances of experiencing a lucid 
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dream. If you do decide to read before going to sleep, keep a lamp next to your bed as physically 


getting up to turn off the lights may reawaken your body. 


Reality checks 


A reality check is a test you can perform to see if you're dreaming or awake. It might seem odd to test 
reality when you are sure that you're awake, but making a habit out of one or more of these reality 
checks will hugely increase your chances of having a lucid dream. If, say, you hold your nose and try 
to breathe in through it several times throughout the day then you're very likely to dream about doing 
it. And when you dream about performing a reality check, then of course the results should come out 
differently, in this case you'll find that you are somehow breathing in through your closed nostrils. 


You'll know that you're dreaming, and be able to take lucid control! 


So here are some reality checks. You should be familiar with the entire list even if you only use a few. 


Reliability Speed Discreetness Overall 


Can you breathe with your 
fingers tightly sealing 
your nose and your mouth 
shut? 

When you jump, do you 
float back down? 

Do sentences change 
when you read them? 
Read, turn away and 
repeat it to yourself, and 
then turn back and read it 
again. Do this twice. 


Breathing 5 3 4.33 


Jumping 5 5 l 3.67 


Reading 5 4 4 4.33 


Do you have perfect 
vision? This only works 
for people who have at 
least slightly blurry vision 
in the waking world. 
Alternatively, if you have 
perfect vision in the 
waking world, you may 
have blurred vision in the 
dream world. 


Vision 4 5 5 4.67 


Do your hands have a 
strange color, too many 
fingers (sometimes they 
disappear and reappear 
Hands when you try to count 4 5 5 4.67 
them!) or other 
abnormalities? Can you 
push your finger through 
your other hand? 
Time Does your watch or clock 4 5 4 4.33 
tell a reasonable time? Are 
you even able to read the 
time off it? Sometimes 
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clocks have the wrong 
number of hands or have 
strange symbols. Try 
reading the time twice, 
like the Reading check 
above. Note: Digital 
clocks often work better 
for this reality check. 


Are you able to fly (just 
visualize it), unlock doors, 
or use other magical 
Powers powers? Try to change the 4 5 3 4 - Common 
shape of your body, or 
walk through a wall, 
window, or mirror. 


oe Does a light switch work’? 4 3 l 2.67 Occasional Occasional 
switches 
Mirrors Be OO e a 3 3 3 3 - Occasional 
mirror? 
Nose Can you see your nose > 5 5 4 ys Baie 
with one eye closed? 
Are you able to remember 
Memory HOw a 2 3 5 3.33 Rare Common 
you are here and what 
happened an hour ago? 
Do you have the same 
Identity Benne ape Jon, 2 3 5 3.33 - Occasional 


relationships and 
responsibilities as usual? 


Choose a few reality checks which you will do regularly. Take them seriously, do not assume you are 
awake (even when you know you are). If you practice performing these checks very thoroughly while 
awake, then you're more likely to perform them thoroughly while dreaming. You should always carry 
out more than one reality check. If you find that it is not a dream, look around you and think of what 
would be different if it were a dream. If you do this it will make it more likely that you will do a reality 
check in a dream. 


Apart from doing reality checks throughout the day, you also need to do a reality check immediately 
after you wake up. This helps you become lucid in false awakenings, when you dream that you have 
woken up but in fact are still dozing. Using a digital alarm clock or mobile phone display to do a 
Reading check, every single time you wake up, is a quick and reliable way to catch false awakenings. 


If you have trouble bringing reality checks into your dreams then before going to bed imagine yourself 
in a dream, noticing odd details and doing a reality check. Then do a reality check in real life. If you 
do this a few times before bed you will find that you will do it more often in dreams. 


If you are in a situation where you cannot do a reality check, such as at a public speaking, try to do one 
as soon as possible. You can do some reality checks very discreetly, such as looking at some text on a 
sign. If you start to say “well, I can't do a reality check now” you should not be surprised when you 
make this mistake in a dream! 


Which reality checks are best? 
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When selecting reality checks, the most important properties of a reality check are reliability, speed, 
and discreetness. 


e The reliability of each reality check is how likely you are to recognize the dream-sign's results as 
showing that you are dreaming once you do them in a dream. It changes for each person but 
some reality checks are overall more accurate than others. The figures in the table above are 
rough only and differ for each person. 

e Itis important for a reality check to be fast. It wastes dream time if you have to search around for 
a book or (perhaps worse) a mirror. Plus, it could also give your subconsciousness more time to 
produce real-life results, especially if you believe that the check will give real-life results. 

e Third, a reality check should be discreet; that 1s, it should not draw too much attention to you 
when you do it in the waking world. Suddenly jumping in the air or trying to walk through a wall 
as a reality check could cause much embarrassment! 

e Fourth, a reality check should not have "false positives". These occur when the reality check 
shows you are dreaming in real life. When you get a dream result, do another reality check to be 
sure! 

e A final important note 1s whether or not a reality check should have "false negatives". These 
occur when a reality check shows you are in real life when you are actually dreaming. If you 
think you may be dreaming, keep doing tests until you prove yourself right! 


On the table above, these are scored out of 5. 
I have trouble remembering to do reality checks throughout the day. What reminders can I use? 


You are lucky to have an interesting day and forget about lucid dreaming! You can tag your mind to 
remember dreaming when you think of certain things, like your friend or your homework. It isn't 
advisable to explicitly write “reality check” or “lucid” on your hand, as this could create an over 
dependence on this reminder, which may not exist in a dream. However, you might want to just draw a 
dot or small circle on your hand. This should be enough to remind you to do a reality check. 


Try putting a little label on your clock, mobile phone, or watch, reminding yourself to do a reality 
check. (Some weird colors will make 1t more noticeable and it will take longer for you to get used to it 
and ignore it.) If you check these regularly during the course of your waking day, you will be doing 
lots of reality checks. 


A simple coffee mug with a reminder such as "Are you dreaming?" printed on it or random alarms can 
also serve well, but try not to become too dependent on them. You can find examples of these at Byte 
Red.com and LD4All.com 


Another technique is to write down three things you do regularly in a day. Examples include hearing 
your name, going through a doorway, turning on a TV, beginning to read a book, or seeing a stranger. 
In the morning, choose three such events and intend to do a reality check whenever they happen in the 
following day. 


I did a reality check in a dream but it said that I was not dreaming. What went wrong? 


Some reality checks work perfectly for some people and awfully for others. These are mostly the light 
switches one and the hands one. If you find that the light switch works or that your hands are perfectly 
normal, you need to change to a different technique. 


I did a reality check in a dream but I did not quite realize I was dreaming. What went wrong? 


An example of this is looking into a mirror and seeing some huge boils or a gray mist on your 
reflection and not realizing that you are dreaming. This is rare if you actually intended to look into the 
mirror as a reality check. You need to be more careful when doing your reality checks in real life or 
pick more reliable reality checks which show more obviously that you are dreaming. Also try to pick 
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reality checks that are easy to do. For example, don't rely the Time Reality Check if you never wear a 
watch, and don't pick the Mirror Reality Check 1f you rarely look in the mirror during the day or you 
know that you won't find a mirror in your dream. 


Another good remedy for this problem (and a good practice in general) is to perform two or three 
reality checks at a time. The Time Reality Check, for example, can be easily combined with attempting 
to push one hand through another. Or, for those with glasses, testing your ability to read text fits 
naturally with checking for "perfect eyesight w/o glasses". 


Techniques 


When you read through these techniques, remember that different techniques work for different 
people. There is no “best technique” and most techniques could be used to have 2-5 lucid dreams 
every night! You could have several lucid dreams in a night, but you will not know it unless you 
remember them! 


However, you will probably want some advice as to which technique you should try first. Consider 
whether you want to use a method which starts from a dream or a method which starts from being 
awake. If you master a technique which starts from being awake, you will eventually be able to have 
lucid dreams on demand when you sleep. For other techniques, you have to rely on your luck to give 
you lucid dreams after you have done your technique. Here are some advantages and disadvantages for 
specific techniques: 


(Remember, it 1s essential to be able to recall at least one dream per night before attempting these 


techniques) 
Technique Summary Advantages Disadvantages Best for... Rating 
it SS People who want 
WBTB | Es to strengthen other 
Wake after some reliable, . í 
(Wake- i e Disrupts techniques, or who 
sleep and then especially Green 
Back-To- sleep cycle wake up in the 
return to bed. when used : . 
Bed) OE middle of the night 
techniques ee 
Let yourself 
genuinely believe e Less effective 
People who are 
that you'll become than some ae ae 
Auto- — lucid—without . other pM 
l . . e Simple l hypnosis or Green 
suggestion intending to techniques OS 
become lucid—so (such as a dash 
that you really MILD) 
will. 
MILD Fall asleep while People with a 
Mnemonic focused on your ood prospective 
y e Can be 8 P 
Induction intention to e Simple UE memory Green 
of Lucid remember that you 8 (remembrance of 
Dreams) are dreaming. future intentions). 
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WILD Keep your 
(Wake- consciousness 
Initiation while falling 
of Lucid asleep and go 
Dreams) straight into a 
dream. 
VILD By repetitive 
(Visual visualisation, 
Induction incubate a dream 
of Lucid in which you do a 
Dreams) reality check. 
CAT Adjust your sleep 
e cycle to encourage 
awareness during 
Adusien the latter part of 
Technique) 


your sleep. 
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Lets you 


truly induce 
lucid dreams 


at will 


Also lets you 
induce lucid 


dreams at 
will 
Works 
extremely 


well for some 


people... 


Requires 
relatively 
little effort 
other than 
adjusting 
your sleep 
cycle 

Is very 
effective 


People who want Green 
to reliably have 


lucid dreams. 


Can cause 
frightening 
experiences 
Can take long 
to master 


...Dut not very 
well for 
others 
Visualizing 
can keep you 
awake 


People who have 
good visualization 
skills. 


Green/ 
yellow 


Requires you 
to wake up 
early on some 
days 

You are only 
likely to get a 
lucid dream 
on every 
other day 
(though this 
could easily 
be more 
frequently 
than with 
other 
techniques) 


People who have a 
very regular sleep 
cycle. 


Green/ 
yellow 


* The usual acronyms in forums for this are DILD (Dream-Initiated Lucid Dream) and WILD (Wake-Initiated Lucid 
Dream). All the techniques that induce WILDs are described under WILD on this page. 


WBTB 


WBTB stands for “Wake-Back-To-Bed”. 


Wake yourself up after 4 to 6 hours of sleep, get out of bed and stay up for anywhere between a few 
minutes to an hour before going back to bed. It is preferable that you do something related to lucid 
dreaming during this time (such as reading about lucid dreaming), but it is not required. This is best 


combined with other techniques; many people have amazing results with a MILD/WBTB combination. 


The WBTB technique significantly increases your chances of a lucid dream, and using MILD (see 
below) in conjunction increases your success rate if you are planning to sleep an hour or more after 
your WBTB session. However, you might need plenty of sleep time and therefore you may only be 


able to use 1t on weekends. 


If you are sleeping too deeply to become lucid, then you can modify this technique. Try returning to 
sleep somewhere different than where you usually sleep, e.g. on a couch, a different bed, or even on 
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the floor. If you are unable to do this, try changing the way you sleep, e.g. try sleeping with a lighter 
blanket or reversing the orientation of your body while in the bed (that is, swapping head and feet). Do 
this in order to teach your body that these different surroundings mean you want to have a more 
conscious sleep rather than a deeper sleep. In the beginning, different surroundings will also make you 
more alert, which can heighten your level of consciousness during sleep. 


I am sometimes awake for very short times, but cannot pull myself together enough to get up 
and out of bed. What can I do? 


Put a bright piece of paper on the wall or ceiling so that you will see it when you wake up. Other 
stimuli could be a hot water bottle, a light turned on under your bed, or an alarm clock. A good 
technique 1s to place an alarm clock out of arm's reach so that you are compelled to physically get up 
from bed and turn it off. If this 1s still insufficient to restore consciousness, try making a note of your 
intentions to remain awake and place the note on your alarm clock. After you get a lucid dream with 
this method, you'll find it easier and easier to get out of bed because you'll have more motivation. 


Auto-suggestion 


This technique describes how to use_auto-suggestion to have lucid dreams. It can be especially 
effective for people who are highly susceptible to hypnosis or understand meditation, but for most 
people, MILD will probably be more effective. 


As you are falling asleep, suggest to yourself that you will have a lucid dream either that night or in the 
near future. You can use a mantra (such as “I will recognize that I'm dreaming”) if you want, but make 
sure you don't try too hard to get a lucid dream. Instead of putting intentional effort into the 

suggestion, try to genuinely expect to have a lucid dream. Let yourself think expectantly about the 
lucid dream you are about to have, but be patient if you don't get one right away. 


You may also use auto-suggestion to improve dream recall. Just use the technique as described above, 
but instead of suggesting that you'll have a lucid dream, suggest that you'll remember your dreams 
when you wake up. You could also use a mantra with this, such as “When I wake up, I will remember 
what I dreamt”. Just be careful not to put too much intentional effort into the mantra — try to 
genuinely expect to remember your dreams instead. 


MILD 


MILD stands for “Mnemonic Induction of Lucid Dreams", or sometimes, “Mnemonically Induced 
Lucid Dream". The MILD technique was developed by Stephen LaBerge, and is described fully in his 
book Exploring the World of Lucid Dreaming. 


With the MILD technique, as you are falling asleep, you concentrate on your intention to remember to 
recognize that you are dreaming. Repeat a short mantra in your head, such as “Next time I'm dreaming, 
I will remember I'm dreaming”. Think about what this means (1.e., that you want to remember that you 
are dreaming—1in the same way you might go to a grocery store and suddenly remember that you need 
bread), and imagine that you are back in a dream you've had recently, but this time you recognize that 
you are dreaming. For example, if you recently dreamed of flying, imagine realizing that it is a dream 
because you are flying. Keep repeating and visualizing the mantra until you are sure that your intention 
is set in your mind or you fall asleep. If you stop repeating and visualizing the mantra, then still try to 
make sure the last thing in your mind before falling asleep is your intention to remember to recognize 
that you are dreaming. 


In general, the MILD technique can be practiced when you first go to bed at night, or after you have 
awakened from a dream during the night. If you practice the MILD technique after you have awakened 
from a dream, you should first run through the dream to ensure that you remember it. Some people 
find it helpful to jot down a few notes about their dream in their dream journal. 
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Once you have committed the dream to memory, go back to sleep and follow the steps above. But this 
time, visualize the dream you just had. Move through the dream in your mind until you encounter a 
dream-sign you originally missed. Now, instead of missing the dream-sign, imagine yourself 
recognizing it and becoming “lucid”. 


Repeat this until you have fallen asleep. You will re-enter the dream, and you will recognize the dream- 
sign and finally, become lucid. 


WILD 


WILD stands for “Wake-Initiated Lucid Dream”, or “Wake-Initiation of Lucid Dreams” to refer to any 
technique that involves falling asleep consciously. These techniques are similar to self-hypnosis. Some 
people believe that WILDs are not actual dreams, but are instead astral projection. Various detailed 
resources are available under that moniker. 


For most people, they are far easier to induce in the early morning after waking up or in afternoon 
naps, as the sleep cycle will continue with a REM period. Once you are experienced with inducing 
WILDs, you can try to induce them at other times. 


For WILDs to occur, it is best for your body to be completely relaxed. When you go back to bed, lie 
down comfortably. Now tense and relax your body, starting from your shoulders and working 
downwards, then back up to the face. This (or similar relaxation, meditation, or trance techniques) 
should make your body feel slightly heavy and relaxed. 


There are many different ways to induce WILDs, but they all involve simultaneously attempting to 
keep the mind aware while attempting to have the body fall asleep. A few techniques are detailed 
below. 


If you pay attention to your physical body while using these techniques, then you will likely enter 
sleep paralysis (which usually happens after you are already asleep) without losing conscious 
awareness of your body. You will get a tingling and buzzing sensation (this might be unpleasant). 
These sensations might be so strong that you feel that you will die (e.g., you might feel a choking 
sensation), but don't worry, this 1s perfectly safe! In fact, this process happens to you every time you 
sleep, you are just not conscious during it. Sometimes you can simply wait until you fall asleep straight 
into a lucid dream. However, if you do not fall asleep, and you become completely paralyzed (with the 
exception of your eyes), do not try to move. Imagine your dream hand (or spirit hand if you prefer) 
going up and leaving your physical hand behind. Now you should have two separate bodies, a dream 
one and a real one. Control your dream body only — if you control your real one, you will wake up. 
Now you can try to roll out of bed into your dream world (alternatively, you can get up and walk 
through a mirror, or sink into your bed). There is a possibility that after waking up from a dream that 
you initiated using this technique, you may still be paralyzed. If this phenomenon occurs, it may be 
accompanied by hallucinations. For example, you may wake up from a lucid dream that you started 
using one of the WILD techniques, and you will still be paralyzed. A dark and scary figure may 
approach your bed, and you are unable to move, shout, or scream. Folklores have often given a name 
to this phenomenon: American people call it Old Hag , Japanese people call it kanashibari, Korean 
people call it kawi nullida (being pressed by a pair of scissors), and in old French it was called 
Cauquemare, which was later transformed into the term cauchemar. 


Chakra Technique 


Using Chakra ("third eye") meditation is one way to achieve WILDs. Basically, one has to focus solely 
on his third eye and breathing to achieve a lucid dream. This 1s a technique over 5000 years old, taught 


to Parvati by Shiva.!!! He is quoted as saying: 
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NICAD BATTERIES 

Virtually all problems involving batteries come with com- 
plaints like: “Battery life too short”; “Won't hold a charge”; or 
perhaps, “Battery too weak.” Sometimes there is a real 
problem—and sometimes the battery is not getting what it must to 
do a good job. 

Here are some practical tips: 

O Fully charge the battery. Some chargers have a 
NORMAL-TRICKLE switch. In the TRICKLE position, it would 
take 24 to 60 hours to fully charge a dead battery. On NORMAL, it 
would take 12 to 14 hours. Nicad batteries can be charged continu- 
ously at the NORMAL rate with absolutely no damage to the 
batteries whatsoever. Leaving the radio on while charging will 
cause the charging rate to be longer. 

L] Don't over-discharge the batteries. Turn OFF the radio 
when the batteries become low (the SQUELCH control usually 
won't silence the radio). 

O Never insert batteries backwards. This will almost cer- 
tainly ruin something. 

O Inspect your batteries occasionally for any indication of 
rust or corrosion. A white, powdery deposit around the rubber sea! 
at the positive end of the cell or an oily discoloration on the label 
may be the first sign of an upcoming failure. 

O If your batteries have a short life, check the battery- 
charging system. Two simple checks will be enough to find the 
problem. First, check to see if the charger is putting out enough 
current. Second, check to see if the radio draws too much current. 
If the charger and radio are OK and you are allowing enough time on 
charge, then the battery is probably at fault. 


What is a Nicad Battery? 

The nicad battery is two or more nicad cells connected to- 
gether. The nicad cell is called a secondary (storage) cell and is 
used to store electrical energy until needed. It may be recharged 
many times during its life. The cell may be described electrically 
by its voltage and capacity. 

Cell voltage is determined solely by the materials from which 
the cell is made. Nickel and cadmium in a potassium-hydroxide 
electrolyte produce a cell with a nominal voltage of 1.2 volts. 
There is only a relatively small change in cell voltage from fully- 
charged to discharged conditions. Refer to the section on battery- 
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With intangible breath in center of forehead, as this reaches heart at the moment of sleep, 
have direction over dreams and over death itself.!!! 


Eyelid Patterns 


This has been found to be very effective in many cases. However, 1t may lead to strange after effects, 
such as up to 15 dreams in one night, but otherwise, nothing harmful. This technique 1s as follows: 
When you go to sleep, ensure the room is completely dark. Then, with eyes closed, try to focus on the 
little dots that should appear to be moving on your eyelids. You will find that you can change their 
color at will. Continue focusing on these dots; make them dance around and form patterns and change 
colors, and eventually you should enter a Lucid Dream. This may take a little practice, but is usually 
very effective for summoning Lucid Dreams at will. Works better in conjunction with WBTB and 
other techniques mentioned above, but 1s still extraordinarily effective on its own. 


Hypnagogic Imagery 


Stimulate your thinking patterns by constantly switching your attention. After doing this long enough, 
the images and sounds should begin to take a momentum on their own (this is called hypnagogic 
imagery), and may they get very strange and illogical. You should enter a dream at this point and 
quickly become lucid. Otherwise, you will eventually realize you have entered sleep paralysis 
consciously (see above). Because hypnagogic sleep paralysis involves full consciousness, dreaming 
can sometimes be frighteningly real. There is often a feeling of being flipped upside down, spun, or 
being tugged upon by an outside force. Hypnagogic hallucinations may also include strange auditory 
hallucinations, dark beings and flying. It is possible to observe waking reality while in a hypnagogic 
state, but this is limited to the sensations of your physical body. Most hypnagogic sleep paralysis states 
occur when sleeping face up. There is evidence that the tendency toward experiencing Hypnagogic 
sleep paralysis may be hereditary. 


Counting 


Another technique is to count up to 100 in your head, optionally adding (for example) an “I'm 
dreaming” between each number. Alternatively, you can imagine stepping down stairs and reading 
each floor number, from 100 to 0. Try to make this image as vivid as possible — include not only what 
you see, but also what you hear, feel (touch the banister), and smell. At some point this image should 
continue into a dream or you will begin to get sleep paralysis as described above. It 1s easy to lose 
count, especially with counting up to 100 with an 'I'm dreaming! with each number. But stay focused: 
you are not going to sleep; your body is, and you must concentrate fully. 


Sound Technique 


This method is for people, who can hear the "tinnitus". The idea is pretty much the same as the other 
WILD methods, which is to remain conscious while entering the dream state. In order to use this 
method, you must sleep in a perfectly quiet place. You need to hear the inner buzzing sound inside 
your ears. Lay your body down and relax as much as possible while trying to hear the sound. If you are 
too tired, you will fall asleep too fast and it will be difficult to remain conscious - it this case you 
should combine it with WBTB. By time you realize that the buzzing sound will increase in intensity. 
This might frighten newcomers, but be assured - nothing bad is going to happen. No, you will not be 
deaf when you wake up, it’s perfectly safe! *It 1s just an effect caused by your brain is trying to change 
mode, from listening to the ambient sound, to listening to the sound of dreamland, which is not real 
sound but just electrical charge inputed to the part of the brain to create a sensation of hearing. By that 
time, you will enter the hypnagogic state. All you need to do is concentrate, do not be afraid or think of 
anything, just be still, and in time your dream body will float, separating from your physical body, and 
there you go, you arrive in the dreamworld. 
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Note: These sounds can be heard when you concentrate, even throughout the day - when you pay 
attention to them, but they shouldn't be heard much aloud if you are not in silence and concentrating 
on it - *as author said. The formula to hear it 1s quite simple: come into complete silence close your 
eyes and listen: is there only absolute silence or 1s there - something else? some...? do not create some 
sound just concentrate - :-) The best thing on this tech is - you can do it when you want. 


Facts to know about Tinnitus 


Tinnitus 1s a condition termed for a hissing and whistling sound that one hears in his/her ears. It's a 
medical term for ringing in the ears. Several reasons lead to this irritating condition and the most 
common cause is the damage to the nerves located inside the ear. However, there are some other 
factors as well such as earwax buildup, exposure to loud noises, ear infections and certain medications. 
Remember, the first step in finding a natural care 1s to determine the actual cause of tinnitus. Some 
Facts about Tinnitus. 


The foremost thing to remember is that ringing in the ears is a symptom and not a disease. It's normal 

to a certain extent, however, the condition could be an indicator of a more serious condition. It's often 

related with hearing loss that is caused by aging. It can be a major nuisance when the ringing becomes 
very loud. The condition cannot be cured permanently but certainly can be eased. 


Some Causes of Tinnitus 


As mentioned above, ringing in the ear has some related causes and the most common out of them are 
damage of the cochlea due to aging (known as presbycusis), infection of the ear, exposure to loud 
noises and eardrum rupture. Amazingly, 1t has also been observed that excess ear wax buildup can also 
lead to this condition. Also, then there's the overuse of aspirin. Though, it's a very efficient pain 
reliever, its ototoxic properties (resulting into the damage to the ear) can result in tinnitus and worsen 
the condition in those that already have this ailment. 


Tinnitus can also be developed by the usage of antibiotics, particularly amino glycoside antibiotics (a 
powerful form of infection fighting drug) and quinine. Also, many studies have proven the relationship 
between tinnitus and stress. When the brain is under stress, it has a tendency to read ordinary as well as 
daily sounds as fearful. After this, the tinnitus develops or becomes worse. Thus, it's very important 
and critical to manage stress. And if that's not enough, there are other causes for tinnitus that are not 
that common but are quite serious: Some of them are: 


e A jaw misalignment disorder known as Temporo-Mandibular Joint (TMJ) Syndrome 

e Meniere's disorder which is a disorder with recurring episodes of vertigo 

e Head and neck injuries (resulting 1n tinnitus in one ear) 

e A benign tumor known as acoustic neuroma which develops on the cranial nerve that runs from 
the brain to the inner ear 


Treating Tinnitus 


Putting in some hours with a therapist can really be beneficial and in several situations it's necessary to 
mental success even after the condition is alleviated. It's not easy to deal with anxiety and depression 
and knowing how to ignore the problem appropriately rather than indulging in it can be the best 
solution. It's also suggested to see a psychiatrist or psychologist who are experts with the patient 
suffering from the condition. This can be one of the cures for tinnitus relief and getting control over 
your mind can build up tolerance towards this condition which can also benefit you in dealing with 
other problems as well. 


Masking the noise in your head can also provide you with a solution when you're trying to sleep or get 
rid of heavy waves of noise being produced. As tinnitus can appear loud in a silent room, leaving it on 
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radio static can let you proper sleep. Remember, alleviating your tinnitus is only the cure for ringing in 
the ear as the condition can only be minimized and not completely cured. 


Slight Physical Discomfort 


For the purpose of helping to retain your conscious awareness, slight physical discomfort is useful 
while performing any WILD technique. This prevents you from just drifting off to sleep. If you are 
lying down on your bed to do WILD and you are totally comfortable then your chances of going to 
sleep instead of remaining conscious are very high. The WILD technique relies on a form of deep 
trance induction, and many people who induce trances for other reasons rely on slight physical 
discomfort — for example the lotus position, or sitting in a hard-backed chair. Depending on your own 
preferences and your requirements of discomfort for success, you could choose from the following 
methods, arranged in ascending order of discomfort: 


1. Stacking pillows so that you can sit up in bed — the discomfort is caused by not being in a 
normal sleeping position. 

2. Lying down on a hard floor. 

3. Lifting your forearm vertically upwards, with the rest of your arm resting on the bed. 

4. Sitting in a hard chair. 


Incubating Dreams 


To incubate a dream about a specific topic, you should first think of a phrase that summarizes that 
topic (e.g., “I want to go to Atlantis.”). It may help to write the phrase down. If there is something you 
want to do in the dream, think of a phrase to summarize that too (e.g., “I want to watch Atlantis sink 
into the ocean.’’). If you want to become lucid in the dream, then you should probably write something 
like “When I dream of [the topic], I will remember that I'm dreaming.” beneath your topic phrase. 
Immediately go to sleep and focus on your topic phrase. Visualize yourself dreaming about the topic 
and (if you want to become lucid) realizing that you are dreaming. If there is something specific you 
want to do in the dream, visualize yourself doing it once you become lucid (not very likely to work if 
you don't become lucid in the dream). Think about your phrase and topic (and intention to become 
lucid) as you fall asleep. Make sure that the last thing in your mind before falling asleep is your 
intention to (lucidly) dream about the topic you want to dream about. You might want to wake yourself 
up when the dream starts to fade so that you remember more of the dream; you can do this by ignoring 
your perception of the dream environment — the opposite of dream stabilization techniques (just make 
sure you do a reality check when you wake up to make sure you are really awake). 


Chaining Dreams 


Dream-chaining or “chaining dreams” 1s a method to re-enter your dream after you've woken up. It can 
work for lucid and non-lucid dreams, but you will probably want to enter your dream lucidly. 


Once you wake up from a dream (if you don't think you were dreaming before you woke up, it may 
not work well) you should stay still and keep your eyes closed. Small movements are okay, but the less 
movement, sensory stimulation, and less time awake, the better. Ideally, it should feel less like you've 
woken up, and more like you've taken a 30 second break from dreaming. Once you are prepared to go 
back to sleep, close your eyes and either visualize yourself back in your dream, or use the “spinning 
technique” given in the next chapter to imagine yourself spinning back “into” your dream. Spinning is 
a little faster than visualization. Be sure to maintain the fact that you are dreaming (unless you don't 
want to be lucid), or you may lose your lucidity while falling asleep. Once in the dream, stimulate your 
senses as early as possible (see the next chapter). 


VILD 
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VILD stands for “Visual Induction of Lucid Dreams”, or sometimes, “Visually Incubated Lucid 
Dream”. This technique has been perfected by Peter Harrison, known as Pedro on the forums at 
Id4all.com. You may wish to read the main thread about the technique. The version described here has 
been adapted slightly. 


First, make sure you are relaxed. You can use the relaxing technique mentioned in the description of 
the WILD technique. You can also imagine your brain emptying out and becoming sleepier. If you 
have a hard time falling asleep quickly, it should help to read a book (preferably about lucid dreaming) 
for a while before you go to sleep, until you feel very sleepy. 


Now, you need to visualize a dream which you had prepared earlier. Here is an example of a prepared 
dream: 


I am in a red room with one door. A friend next to me asks me to show them what a reality check 
is. I do my reality checks (which show that I am dreaming), tell them that I am dreaming, and 
head towards the door. 


Make sure you know exactly what the dream would be like, such as which friend, the exact words they 
say, and which reality checks you do. Reality checks that require no props, such as books or clocks, are 
recommended. Visualize this dream slowly three times, to make sure that you know every detail. Then, 
start going full-on and visualize the dream over and over. You should visualize the dream as though 
you are looking through your own eyes, not from a third-person perspective. If you find your thoughts 
drifting, ignore them and continue to visualize the dream continuously. You will need patience for this 
— don't just give up 1f you think 1t won't work. 


When you actually dream this, you will not notice the difference — until you do your reality checks! 
Continue with the dream as you incubated it (e.g., remember to thank your friend!) before continuing 
through the door. 


I tried to visualize the dream until I fell asleep, but I just stayed awake. What went wrong? 


If visualizing keeps you awake, the VILD technique is not the technique for you! You should use a 
different technique. 


LILD 


LILD stands for “Lucid Induction of Lucid Dreams”, or sometimes, “Lucidly Induced Lucid Dream”. 


To use this technique, you need to have a lucid dream in the first place, but 1t can help you to get more 
later. The idea is to do something in your dream that will help you to become lucid the next time you 
are dreaming. For example, you could ask a dream character for help — ask them to meet you the next 
night and tell you that you are dreaming. If it works out the way it should, then the next time you are 
dreaming, the dream character will walk up to you and tell you that you are dreaming, and so you'll 
(hopefully) become lucid. There are many variations on this technique; you could set up signs in your 
dreamworld that remind you to do a reality check or eat lucid pills instead! This technique is not likely 
to be very effective, but 1t can work; it relies on the chance that you'll subconsciously induce the 
reminder (1.e., the dream character or sign or whatever you used) during some later dream, and become 
lucid because of it. 


Note that LILD 1s best used in conjunction with dream-signs and auto-suggested non-lucid dreams. 
The basic idea as explained above is to have something in your dream that triggers the transition from 
normal dream state to lucid dreaming. To simply tell a character to tell you that you are dreaming the 
next time you fall asleep is usually not enough. There 1s no guarantee that you will dream about that 
character and there is no guarantee that your subconscious will believe the character enough to make 
you snap into lucidity (make you realize that you are in fact dreaming). 
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Now as this technique suggests, you must have some previous alternate means of having a lucid 
dream. Whatever technique you employ to get into this initial lucid dream state is not really important, 
but you should try to remember to use this technique (LILD) once you do get into a lucid dream state. 
Thinking of this before falling asleep (MILD) sometimes helps and usually takes many lucid dreams 
before finally remembering. Once you are in a lucid dream, make up a dream-sign. It can be anything. 
It can be an object. It can be food or a drink (that doesn't taste like anything). It is usually best to pick 
something that isn't quite right. Something that on the surface would appear normal in the real world, 
but that upon closer inspection is not quite right. Food or drinks are good as they can have no taste or 
not be refreshing in a dream. But try and pick something that you dream about a lot so that there is a 
better chance of you dreaming about this dream-sign later on. Now pick something else that only 
appears or happens in your lucid dream. It can be anything. If there is nothing in your current lucid 
dream, create something really strange. Something that could never be confused with the real world. 
Now mentally associate the dream-sign (food) with this unusual item or event that could never happen 
in the real world. But at the same time, this unusual item or event should equate to "lucid dreaming". 
When you see the unusual item, it should only make you think of when you have a lucid dream as this 
should be the only time you encountered it. So we have a 3 item associative link. Do all of the above 
while in a lucid dream. 


The next time you dream about your dream-sign, your subconscious will think of the unusual item or 
event. The unusual item or event will make you think of lucid dreaming. The two combined 
impossibilities (1. dream-sign that cannot exist in the real world 2. item or event that only appears in 
lucid dreams) will make your unconscious try to make a decision on all this. This will make your 
conscious mind come to the surface and hopefully you will come to the conclusion that you are 
dreaming. Many times, you will not want to deal with it because you are too tired (that 1s why you are 
sleeping, no?) and fall back into a normal dream state. This is why it can take a few tries. Eventually, 
your subconscious will start putting clear signs in your dreams like billboards that spell out "YOU 
ARE DREAMING". But once it triggers, it is quite the realization that an instant before, you had no 
real control over your actions and now you can do whatever you want. Another note... if it failed, you 
will usually know why. So next time, you can choose another dream-sign or slightly different 
technique or something more shocking. Once you get this working once, it is relatively easy to use 
over and over as the hard part just described 1s over with. Sometimes disassociative techniques are 
needed if used too much. 


To sum up, this technique is a way to force a reality check while in a normal dream state where your 
subconscious has no choice but to come to the conclusion that you are in fact dreaming. Once your 
mind knows that you are dreaming, there will be no other conclusion than your conscious mind taking 
over. And this is what lucid dreaming is all about. 


CAT 


1. For one week, go to bed at the same time each night and get up 90 minutes earlier than you 
usually do. Spend those 90 minutes doing reality checks every 2—5 minutes. 

2. Thereafter, on alternate days: follow the routine from step one, and set the intention to do your 
reality check routine at its regular time, while getting a full night sleep. This will cause the reality 
check conditioning to kick in during REM prime-time. 


For detailed information on the Cycle Adjustment Technique, see the appendix on CAT : 
/wiki/Lucid_ Dreaming/Appendices/CAT 


Tibetan methods 


Tibetan Buddhists practice what is known as Tibetan dream yoga. Probably the most time consuming 
way of inducing lucid dreams, it is also, according to the practitioners, the most rewarding. The basic 
practice is awareness. Awareness should be practiced while sleeping just as well as while being awake. 
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Meditating on the question “who is aware?” might catapult you into a higher degree of awareness 
according to Buddhist beliefs. Keeping this level of awareness is another matter. The Tibetans have 
developed many yogic exercises and disciplines to be practiced. Maybe the most interesting difference 
between Tibetan dream yoga and modern western methods of lucid dream induction is the Tibetan 
claim of the possibility to be aware during deep sleep, not only in the REM periods of sleep. For the 
reader who 1s interested in these methods a good start 1s to begin to regard all experience as a dream. 
After all, from the countless multitude of matter and radiation reaching our senses the nervous system 
tunes in only to a small fraction of this chaos. For members of the phalanx that believes we, more or 
less, create our own reality in the above sense this practice should feel natural. In general though, it 1s 
recommended to gain instruction from a teacher in the flesh rather than from books (like this one!). 


The Tibetan Methods are not "time consuming" if the goal is to go into deeper than Lucid states. From 
a Raja Yoga stand point, from a Daoist standpoint, and from a Tibetan Yoga standpoint the goal is not 
to "play" in Lucid Dreams, but to dispel the delusional nature of what we call "reality." Also, to heal 
and to develop super-learning. Now "super-learning" is a relative term, 1t depends on your culture, 
modernity (in terms of entrepreneurialism - in 3rd world, 2nd world, Ist world sense; "are you 
developing a better rickshaw or are you developing an engine that runs off of water, what 1s 
relevant?"), and on the "energy" you find most attractive: innovative, creative, joyous, blissful, love, 
power, wisdom, mirth. Are you Ambitious-Worldly or Ambitious-Spiritual? All these factors play into 
it. 


These techniques are very easy to learn and are rooted in a deeper science than the WILD, VILD, 
LILD -- one that does not use auto-suggestion or forced recall. In conclusion, the Tibetan methods are 
advanced yogic techniques that only an accomplished practitioner can fully teach. If one does not have 
access to a Tibetan dream yogi, one should probably concentrate on techniques that are more mundane 
from a Western point of view. 


Other techniques 


Many of these are combinations of other techniques with some addition or modification. 


e Inducing dream-signs - You can become lucid by trying to induce specific dream-signs to watch 
for during your dream. You can use auto-suggestion (see above) to associate a specific dream- 
sign with doing a reality check, or you can just get used to doing a reality check whenever you 
encounter the dream-sign while awake. Some dream-signs you can use: 

o Thirst - Avoid drinking for very long. Wake up later in the night and put salt on your tongue 
or eat chili to make you even thirstier. Fill a glass of fresh cold water and take it with you 
back to bed. Hopefully, you'll dream of getting something to drink. Don't use this technique 
if you have trouble falling asleep while thirsty. 

o False Awakening - Set your intention as you fall asleep to wake up in the middle of the 
night. If you are a heavy sleeper, you'll hopefully dream of waking up in the middle of the 
night. If you are a light sleeper, you are probably more likely to really wake up. 

o Bladder - Drink large amounts of water before going to sleep. You should dream of having 
to go to the bathroom. You may wet your bed! This technique should be used carefully, to 
avoid the possibility of water intoxication. 

e Conditioning - Strictly punish or reward yourself after a dream where you failed to realize you 
were dreaming or when you do have a lucid dream. This could increase motivation but not 
necessarily cause lucid dreams in itself. Cognitive psychology, however, states that this 
punishment/reward system is very counterproductive, because it ties our self-esteem to the 
outcome of the endeavor. The opposite of this system would be to see each attempt, including 
those that fail, as another step towards success. 

e Muscle Exhaustion - Lift slight weights with one's arms and legs for about fifteen minutes 
before one begins to fall asleep. One should not, however, lift anything that strains the muscles 
too much, for that stimulates the sympathetic nervous system and excites the body. The method 
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should cause a release of tension in the muscles and tire them out. This combined with relaxation 
techniques and any of the -ILD's should produce a positive result. 


Other methods 


Food and drink 


There are various foods and drinks that you can consume which seem to have some effect on sleeping 
and dreaming. Note that for most of these there 1s no explanation or scientific study of how they work, 
and some may simply be placebos. 


Don't go overboard with the consumption of any of these, as overdosing could have nasty effects (well, 
milk should be safe unless you are allergic). Don't experiment without accumulating enough 
knowledge first. The authors in no way encourage the use of legal or illegal drugs. 


e The amino acid tryptophan, which can be found in warm milk amongst other sources, is a 

precursor for the hormone serotonin, and has been proven to help you fall asleep. 

Vitamin B6 and others of the B group are important for neuronal functions. 

e Melatonin is a hormone with neuronal effects. It is produced by the pineal gland in darkness and 
is suppressed by blue light. Wearing blue-blocking sunglasses or avoiding bright light in general 
the hours before bedtime maximizes night-time melatonin secretion. 

e 5-HTP or L-5-HTP is a supplement that is related to serotonin, which some claim has induced 
lucid dreaming on approximately half the nights it 1s taken. 

e Caffeine is useful in WILD techniques, as it helps the mind stay focused and think vividly. Please 
notice that caffeine is an addictive substance and may have negative effects on your health. 

e An Amino Acid Blend made up of 2000mg L-aspartic acid, 4000mg L-glutamine, and 300mg L- 
theanine can substantially increase your odds of having a Lucid Dream. 

e Galantamine - acetylcholinesterase inhibitors extract from plants such as Lycoris radiata (Red 
Spider Lily) or from chemical synthesis. Works best when taken together with choline and/or 
alpha-GPC. 


Some people who practice Lucid dream (LD) or Out of body experience (OBE) use Galantamine to 
increase their odds to achieve LD or OBE. By taking small amount of Galantamine (around 4 to 8 mg) 
after 5 to 6 hours of deep sleep and practice the induction technique such as meditation, MILD or 
WILD many people report more success with Galantamine. 


There also report that taking Galantamine without proper induction technique will not lead to LD or 
OBE but will result in only a vivid dream instead. It should also be noted that due to a long half life 
Galantamine will stay in the body for a period of up to and over 48 hours, as such it is advisable to 
space out the use of Galantamine over a period of three days so that the body does not build a 
resistance to the drug ruining its effectiveness. 


Some people report mixing Galantamine with other Nootropic can enhance the degree of lucidity but 
this is still controversial since some mixtures may work for some people, but lead to failure for others. 


Plants: 


e Artemisia vulgaris 

Hypericum perforatum 

e Korean Ginseng 

Valeriana officinalis 

e Calea zacatechichi 

Ginkgo biloba 

e Nutmeg - contains myristicin a deliriant. 
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For an in-depth guide to using supplements for lucid dreaming, see the book Advanced Lucid 
Dreaming - The Power of Supplements. 


Drugs 


Dissociatives and hallucinogens can be used to create a (more or less) lucid dream-like state, though 
whether or not these help with lucid dreaming is debatable. The authors do not recommend use of 
these substances for induction of lucid dreams, nor do they urge the breaking of any applicable 
laws. 


Some dissociatives and hallucinogens are: 


e Amanita muscaria 

e Ayahuasca 

e DMT - Common in the shamanic method of drinking Ayahuasca, to the result of entering the 
spirit realm. The herbal brew contains the psychedelic DMT, a drug is actually synthesized in 
minute quantities by the metabolism. It may be produced during dreams, adding to the enhanced 
experience.|4! 

e DXM 

e Ketamine 

e LSD 

e Mescaline 

e Morning glory seeds 

e PCP 

e Psilocybe mushrooms 

e Salvia divinorum 


Gadgets 


There are various gadgets you can use to become lucid easily. They generally detect when you are in 
the REM state and then provide a light and/or sound signal. This signal is supposed to be adjusted so 
that 1t doesn't wake you up but does enter your dream. The signal is then recognized as showing that 
you are dreaming, and you become lucid. 


The most well-known device is the NovaDreamer from the Lucidity Institute. However, this product is 
no longer produced. Be sure to check for recommendations for devices from lucid dreaming forums. 


A similar device is the DreamMaker. ( http://www.wellnesstools.com/dreammaker_quickinfo.htm 
).The DreamMaker works very similarly to the NovaDreamer but without the Dream Alarm feature, 
which worked to wake the dreamer in the middle of the REM state. This device comes with a mask, a 
circuit board with adjustable controls, the batteries needed to operate it, a short owner's manual, a lucid 
dreaming workbook, and the Stephen LaBerge book Exploring the World of Lucid Dreaming. The 
circuit board is supplied completely ready to use, but you have to insert the batteries and put the circuit 
board into the mask yourself. 


An alternative is the Kvasar ( http://brindefalk.solarbotics.net/kvasar/kvasar.html ). The Kvasar costs 
about $20 in raw materials, but needs to be constructed by somebody skilled in electronics as it is not 
sold commercially. It can also be hard to operate. 


Another do-it-yourself alternative to commercial dreaming masks is Nate True's Lucid Dream Mask ( 
http://cre.ations.net/creation/face-mounted-lucid-dreaming-mask ),which does not bother with 
difficult-to-calibrate sensors and just uses a timer for flashing lights, and has (ostensibly) competitive 
results with all of the former gadgets. 


Software 
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There are many programs for your computer that can assist with lucid dreaming. These can give out 
verbal cues while you sleep, or assist in doing your reality checks: 


iLucid Dream for the iPhone. Dream journal, reality checks, induction techniques, binaural beats 
for deep sleep and much more! http://cre.ations.net/creation/face-mounted-lucid-dreaming-mask. 
https://1tunes.apple.com/us/app/ilucid-dream/1d668 103961 ?ls=1 &mt=8 

Lightened Dream is available for Windows as freeware. It can be used as a dream journal and a 
dream-sign list. One of its more notable features is that you can have it play a voice or song each 
time you enter a REM sleep period. http://lucidcode.com/LightenedDream/ 

DreamDoze A web application for Social Dream interpretation and dreams journal management. 
http://www.dreamdoze.com 

Gnaural is a multi-platform programmable binaural-beat generator. Gnaural is released as free 
software under the GNU General Public License. (For a browser based demo, see Gnaural Java) - 
- http://pantheon. yale.edu/%7Ebb12/GnauralJavaApplet_signed.html 
.http://gnaural.sourceforge.net/ 

Brainwave Generator is available for Windows. It works by playing binaural beats into your ears, 
changing your brainstate. http://www.bwgen.com 

Reality Check is available for Windows. It works by appearing on your computer screen at 
random times to remind you to do a reality check. http://bytered.com/software-realitycheck.html 
SBaGen is available for Windows, MacOS X, and Linux. It works by playing binaural beats into 
your ears, changing your brainstate. http://bytered.com/software-realitycheck.html 
Neuro-Programmer is available for Windows. This is powerful software that creates binaural 
beats and can work in conjunction with special goggles to induce certain mental states. 
http://www.transparentcorp.com 

LucidWeaver is available for mobile phones and PDA that support Java (J2ME). It includes a 
Dream alarm with sound cue which can be adjusted to a personal REM-sleep cycle for improving 
dream recall and lucidity training. Randomized reality tests can be set and it can be used as 
regular alarm clock.http://www.lucidweaver.com/ 

Lucille 2.0 is an application to assist with doing reality checks. 
http://mythwell.com/lucille/index.html 

You Are Dreaming . http://www.sadglad.com/yad/yad.html 

Daldom a cross platform audio lucid dream induction software. 
http://www.sadglad.com/daldom/readme.html 

Lucid Dreaming Assistant DOS software (no home page) 
http://www.dreaminglife.org/downloads/lucid dreaming assistant.exe 

Unexplainable Store Lucid Dreaming Brainwave Entrainment MP3. http://www.world-of-lucid- 
dreaming.com/lucid-dreaming-mp3.html 

Sleep Check Reminder for Android. http://www.androlib.com/android.application.com-ropez- 
andro1d-sleepcheckreminder-qDwmw.aspx 

iLucid for 10S (iPod, iPhone, iPad). https://itunes.apple.com/us/app/ilucidA1d591703883?mt=8 
Sleep As Android is an Android sleep tracking app. It has a feature where it can play a sound file 
(by default, a soft voice that says "You're dreaming..." and echoes out) when it detects that the 
user is in a deep sleep. https://sites.google.com/site/sleepasandroid/ 


There is also a list of programs available at LD4all.com, under the “How” section. 


Hypnosis 


Remotehypnosis.com has a hypnosis mp3 that can help you achieve lucid dreams. 


Forums 


The World of Lucid Dreaming Forum is a good place to ask questions and receive feedback on 
how accurately you are performing these techniques. http://www.world-of-lucid- 
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dreaming.com/forum/ 
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Patents 


METHOD AND APPARATUS FOR ATTAINING LUCID DREAM STATE 
US2010130813 


Inventor(s): DOZORTSEV DMITRI 
The invention discloses an apparatus that facilitates attaining of lucid dreaming state. 


0001] This application claims priority of U.S. Provisional Patent Application Ser. No. 61/117424 filed 
Nov. 24, 2008, which is incorporated herein by reference. 


TECHNICAL FIELD OF INVENTION 

[0002] The present invention is in the field of apparatuses for modulation of sleep pattern. 
BACKGROUND OF THE INVENTION 

[0003] It is also known that some people may experience so-called lucid dreams during REM where 
the person is aware that he or she is dreaming while the dream is in progress. During lucid dreams, it is 
possible to exert conscious control over the dream characters and environment and have them perform 
feats which would be physically impossible in the waking world. Lucid dreams can be extremely real 
and vivid depending on a person's level of self-awareness during the lucid dream. 


[0004] The number of people who are naturally predisposed to lucid dreaming is small. 


[0005] However, there are methods that allow a not predisposed individual to experience lucid 
dreaming. 


[0006] For example, it is well known that during night sleep humans have several episodes of 
dreaming accompanied by rapid eye movements (REM). 


[0007] The devices for assisting lucid dreaming usually detect REM phase by monitoring eye 
movement using detectors mounted within the mask and then use flashing light or sound to let person 


know that he 1s dreaming without waking him up completely. 


[0008] It has also been known for a long time that most men and woman experience respectively penis 
or clitoris erections and changes in blood flow and heart rate during the REM phase. 
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testing (following) for cell voltage-measuring techniques. Cell 
voltage varies from 1.4 volts when just charged to 1.0 volts, at 
which point it is considered discharged. Nominal cell voltage is 1.2 
volts since the cell is very near 1.2 volts for most of the time it is in 
use. (Of course, if you have a 10-cell battery, the battery voltage is 
nominally 12 volts.) 

Cell capacity is defined as the maximum current the cell will 
deliver continuously for one hour. This capacity is given by the 
battery manufacturer in milliampere-hours (mAh) for small cells, 
and ampere-hours (Ah) for large cells. Capacity is determined by 
the size of the cell. For example, an AA-size cell is rated around 
350 to 500 mAh and a D-size cell is rated at 2.0 to 4.09 Ah. A very 
important figure associated with cell capacity is the one-hour 
discharge rate (C) which is numerically equal to the capacity. For 
example, for a quantity, C, we can discuss the charge and discharge 
of nicad cells conveniently without concern for actual cell capacity. 


Temperature 

Battery operation should be at temperatures between minus 
20 and plus 40 degrees C. They may, however, be stored indefi- 
nitely at temperatures between minus 60 and plus 60 degrees C. 
Most batteries will self-discharge at rates dependent upon the 
storage temperature involved. At 0° C, discharge amounts to 90% 
in 60 days. At 20° C, it is 50% in about 55 days, and at 50° C, it is 
90% in about 20 days. 


Life 

Generally, batteries may be expected to last several years 
under normal use. A minimum of 300 cycles of complete charge and 
discharge is to be expected. If only a partial (say, 20312) discharge 
is used, the life may extend to 5000 cycles. However, if the battery 
is partially discharged continuously, it should be periodically deep 
discharged to realize its full capacity. 


Charge and Discharge 

Most batteries are normally discharged (in-circuit) at rates 
less than C and charged at a rate of 0.1 C. If a trickle charge option 
is available, the charge rate is 0.01 to 0.05 C. Most batteries may 
be left on NORMAL (0.1 C) charge for indefinite periods without 
damage. At the normal rate, a completely discharged battery will 
recharge in 12-14 hours. Less time is required for partially dis- 
charged batteries. Charge rates above 0.1 tend to overheat the cell 
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SUMMARY OF THE INVENTION 


[0009] The disclosed invention 1s designed to assist an individual to enter lucid dreaming filled with 
sexual experience, by providing sexual stimulation when REM 1s detected. 


DETAILED DESCRIPTION OF THE INVENTION 


[0010] The disclosed apparatus has two principal parts, one detecting sexual arousal during sleep and 
second that provides a sexually stimulating stimulus once such arousal 1s detected. Because sexual 
arousal during sleep coincides with dreaming phase, it becomes possible for a user to introduce a 
sexual connotation into the dream. 


[0011] Furthermore, recognizing external sexual stimulus, exerted by the apparatus, user will become 
aware of being dreaming, thereby transforming normal dream into lucid with sexual content. 


[0012] Alternatively, the monitoring unit of disclosed apparatus may detect dream state by other 
means, for example by monitoring REMs or heart rate or blood pressure, skin resistance etc and send 
the signal to the second unit that provides sexual stimulation. 


[0013] In a more simplified form, the arousal is not being monitored or detected. Instead, sexual 
stimulation is applied at predetermined programmed intervals during sleep. 


Method and apparatus for electrically generating signal for inducing lucid dreaming 
US8267851 


Inventor: 
KROLL JAMES M 


BACKGROUND OF THE INVENTIONS 
1. Technical Field 


The present inventions relate to dream inducement and, more particularly, relate to a method and 
electrical apparatus for inducing lucid dreaming. 


2. Description of the Related Art 


A lucid dream is one in which the dreamer obtains conscious awareness while still remaining in the 
dream. While we are all familiar with ordinary non-lucid dreams, the notion of conscious awareness 
within ones dream-space is quite foreign to most. Lucid dreaming is better understood and leveraged 
in Eastern culture. For example, the use of lucid dreams for personal or spiritual development has been 
leveraged for thousands of years in Buddhist practice. In the West, most people are too busy to apply 
the mental training techniques required to achieve this state naturally. 


Western researchers have tried to develop technological solutions in one sense or another to solve the 
challenge of having lucid dreams on demand. Secondary goals of such technology driven solutions 
have included maximizing dream vividness, recall, control or overall cognitive ability while in the 
dream. 


The possible applications of lucid dreaming are limitless. Not surprisingly, entertainment seems to be 
the most common application of lucid dreaming. This might include flying like a bird, meeting up with 
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long lost friends or even romantic fantasies. More esoteric and well known lucid dream tasks include 
the elimination of recurrent nightmares, practicing physical tasks and having that practice within your 
dream-space impact your actual wakeful performance, elimination of phobias, insights into your 
subconscious by engaging in conversation with dream characters and pursuing creative endeavors such 
as writing music or poetry under this slightly altered state of awareness. 


Given the limitless number of applications for lucid dreaming, it is desired to identify a safe and 
predictable method for inducing lucid dreams. While lucid dream frequency is desired, it is also 
important to recognize that the recovery of full cognitive ability within the dream is crucial if some of 
the aforementioned goals are to be implemented by the dreamer. 


It is known in the art that the quality of lucid dreams can vary greatly. Perhaps the single largest 
challenge once lucidity is obtained is the application of full cognitive ability. Lucid dreamers will often 
claim they were lucid, but that their cognitive ability was a fraction of what they expect when they are 
awake. Ramifications of this include poor ability to remember or implement goals, or an inability to 
remember the details of the dream once the dreamer awakens. 


An early attempt at a technological solution to lucid dreaming was the concept of a lucid dream mask 
by LaBerge, et al in U.S. Pat. No. 5,507,716. This was essentially a facial mask worn during a lucid 
dream attempt. The mask has a compartment for a printed circuit board that contains a motion detector 
which aligns to the position of an eye. The circuit board was designed to detect rapid eye movement 
(REM). Upon this detection, the mask sent light or sound cues to the dreamer. These cues may 
manifest in the dream as light or sound anomalies. The dreamer had to train to use these cues in order 
to recognize that they are dreaming. The problems with these devices were several. First, most people 
find it difficult to sleep with a cumbersome mask strapped to their face. Second, the settings are very 
tricky. A little too much motion detection sensitivity and the cues can wake the dreamer before the 
dream is stable. Too little and the mask doesn't detect and deliver cues. Similar problems can be said of 
the brightness and sound settings. The worst part is that the brain becomes accustomed to this 
phenomenon and tends to either tune it out or wake upon light or sound stimulus. Other peculiarities 
can creep in such as the lucid dreamer feeling like the mask is on them during the dream leaving them 
unable to see. A review of various internet lucid dream sites will find few people claiming phenomenal 
success with such devices. 


A more recent development in lucid dream induction was that provided by LaBerge in US Patent 
Application Publication No. 20040266659. In this application, LaBerge identified several classes of 
drugs that can positively impact dream lucidity and cognitive ability of the dreamer. The main focus of 
this development was the class of drugs known as acetylcholine esterase inhibitors. Fundamentally, 
these are drugs that slow the breakdown of acetylcholine in the brain. Commercial usage of drugs such 
as Galantamine or Huperzine-A for lucid dream induction resulted from this disclosure by LaBerge. 
While this class of drugs does seem to be safe and reasonably effective at lucid dream induction, they 
also exhibit a number of limitations. Insomnia is a common consequence of using these drugs. Not 
only can this leave the subject sleepy the next day, it eliminates any possibility of lucid dreaming. 
Since these drugs bias acetylcholine (AcH) levels, they tend to create a chemical balance that favors 
REM sleep over delta wave and other physically recuperative cycles of sleep. Again, this can often 
leave the subject run down and sleepy the next day due to a lack of recuperative sleep the prior 
evening. A noticeable tolerance to acetylcholine esterase inhibitors has also been exhibited and is a 
common problem known to those skilled in the art. A dose that used to cause a positive effect every 
Ath day (generally accepted as the minimal inter-use window for galantamine), can soon only realizes a 
positive effect once per week. Even once a week can become a challenge for users who have leveraged 
a drug like galantamine for a year or more. Discussion of this tolerance issue 1s well documented on 
internet based lucid dream bulletin boards. Even with the use of these AcH boosting drugs, lucid 
dreamers often report unsatisfactory cognitive ability and critical thinking recovery once lucid. The 
last and final challenge is the gastro-intestinal distress and intolerance some people realize. 
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Another approach to the generalized modification of brain state activity was cranial electrical 
stimulation (CES). Cranial electrical stimulation was researched and developed in the Soviet Union in 
the 1950's. At the time this application was termed "electro-sleep" because studies focused mostly on 
resolution of insomnia in human subjects. By the 1960's a significant amount of private and university 
level research was underway in the United States for both animal and human subjects. The typical 
applications explored during this time were reduction of pain, anxiety, depression and elimination of 
insomnia. 


Cranial electrical stimulation differs from several other electrical or magnetic stimuli such as 
transcutaneous electrical nerve stimulation (TENS) or transcranial magnetic stimulation (TMS). 
Cranial electrical stimulation involves the delivery of a small micro current across the brain. Typically, 
this is delivered via electrodes clipped to the ear lobes. The currents involved are quite small, on the 
order of 50 [mujA-5 mA. Research has demonstrated that the preferred waveforms for cranial 
electrical stimulation applications are square or rectilinear biphasic signals with zero mean voltage 
delivered over time. These types of biphasic signals are easily designed and implemented to have 
equal positive and negative portions to eliminate the possibility of elecrolysis of the blood. This 
positive/negative behavior of the signal better replicates the response of nerve impulses that are 
characterized by having one polarity upon application of pressure and a potential of equal but opposite 
polarity upon release of pressure. Pulse widths of 0.1 to 2.0 seconds are commonly used and the 
envelope of the signal typically used for traditional applications 1s designed to be periodic at a rate of 
0.5-3.0 Hz. It is also recognized by those skilled in the art that dynamic modification of the signal is 
often preferred as the brain can otherwise develop a tolerance to a repetitive electrical stimulus and 
slowly become unresponsive to this external signal. Methods to dynamically modify the signal include 
but are not limited to using on/off pulses, changing the envelope frequency over time, using a low 
frequency envelope to modulate a higher frequency carrier wave, changing the time domain format of 
the periodic signal, making changes in signal magnitude, etc. 


Other cited methods are different than cranial electrical stimulation. Transcutaneous electrical nerve 
stimulation (TENS) for example is typically applied to injured or uncomfortable muscles and/or soft 
tissue areas. TENS is typically delivered in the 50-200 Hz range at much higher currents. Transcranial 
magnetic stimulation (TMS) differs from cranial electrical stimulation in the stimulus itself. TMS is a 
magnetic alteration of brain response as opposed to an electrical stimulus. 


While decades of research have been implemented in this area, very little has actually been quantified 
in terms of how cranial electrical stimulation actually works. Most data and conclusions are empirical 
in nature. Blind or double blind studies routinely prove that low frequency cranial electrical 
stimulation in the 0.5-3.0 Hz range has positive effects in the aforementioned diseases and 
discomforts. Certainly it is well understood via electroencephalogram (EEG) measurements of patients 
before and after cranial electrical stimulation treatment that cranial electrical stimulation tends to 
eliminate irregular or abnormal electro chemical activity especially in the alpha range of 8-12 Hz. 
However the precise mechanism that drives this response 1s poorly understood. Most research cites the 
generic theory that cranial electrical stimulation helps to drive neurotransmitter balance back to a 
normal homeostasis. Cranial electrical stimulation regiments typically follow the model of 30 minutes 
of treatment per day for 5-15 days. Depending on the ailment and individual, positive response 1s often 
subjectively perceived for anywhere from 1 week to 2 years. 


DIETARY SUPPLEMENT AND A METHOD TO ENHANCE SLEEP AND LUCID 
DREAMING 
US2008107754 
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Inventor(s): LUCIANO JEFF 


A nutritional supplement for enhancing sleep and lucid dreaming in humans. It contains a combination 
of ingredients in proportions calculated to enhance lucid dreaming. The primary ingredients are Calea 
zacatechichi, L-5-Hydroxytryptophan (L-5-HTP), and Vinpocetine. In addition, the nutritional 
supplement may include the secondary ingredient Melatonin and the tertiary ingredients Wild Lettuce 
Extract, Mugwort Extract, Dimethylaminoethanol Powder (DMAE), Passionflower Extract and Green 
Tea Extract. Further, various Vitamins may be added such as certain B vitamins, D and C, as well as 
Zinc, Magnesium and Calcium. The selection and amounts of the ingredients of the nutritional 
supplement promotes sleep and lucid dreaming in people who have taken the nutritional supplement 
prior to going to sleep. 


[0001] This application claims one or more inventions which were disclosed in Provisional 
Application No. 60/864,801, filed Nov. 8, 2006, entitled "DIETARY SUPPLEMENT TO ENHANCE 
LUCID DREAMING". The benefit under 35 USC [section]119(e) of the United States provisional 
application is hereby claimed, and the aforementioned application is hereby incorporated herein by 
reference. 


FIELD OF THE INVENTION 


[0002] The invention pertains to the field of dietary supplements. More particularly, the invention 
pertains to the use of a specific dietary supplement as a sleep aid and lucid dreaming enhancer in 
humans. 


BACKGROUND OF THE INVENTION 


[0003] Dreams have been recognized as sacred and spiritual experiences in many cultures around the 
world since the beginning of recorded history and perhaps even earlier. In the last century, the 
understanding of dreams has changed from one related exclusively to the spiritual to that pertaining to 
the physical/psychological realm. Toward the end of the twentieth century, the idea of lucid dreaming, 
or dreaming with deliberate intention and control, has moved from the world of shamans or 
spiritualists to realization that lucid dreaming can be achieved by anyone with the assistance of 
nutritional supplements and practice. 


[0004] In order to facilitate the understanding of lucid dreaming, it is important to understand some 
basic elements about sleep and common, or non-lucid, dreaming. Humans have little understanding of 
why we sleep and dream. It is known, though, that the most vivid dreams occur during that phase of a 
sleep cycle called Rapid Eye Movement, or REM. It is known that healthy human adults go through 
about 3-6 cycles during a normal night's sleep, with each cycle being about 90-120 minutes long. REM 
sleep is usually the last phase of each cycle. Dreams can occur during any phase of any cycle, 
however, it is known that those dreams that occur during REM sleep tend to be the most vivid and 
visual and are usually not directly related to current events from the dreamer's experiences during the 
prior day. 


[0005] As scientists began to learn more about the function of the human brain, it was discovered that 
the stimuli that produce images in dreams originate in a part of the brain not associated with thinking, 
desires or wishes, but a more primitive area. This lead to the neurophysiological or synthesis activation 
theory of dreams in which dreams result from random stimuli from the brain stem. In accordance with 
this theory, the cognitive parts of the brain play a minimal part in dreaming, probably limited to trying 
to make sense out of the random images originating from the primitive region of the brain stem. 


[0006] It is surmised that dreaming is important in the development of memory. Human infants spend 
up to 16-18 hours a day sleeping and approximately 50% of this is in REM sleep. It has been 
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determined that intense sessions of learning are followed by an increase in REM sleep. Dreaming also 
seems to play a role in emotional adjustment and in coping with traumatic experiences. 


[0007] The term "Lucid Dreaming" was first used in 1913 by Fredrich van Eeden, a Dutch physician. 
Lucid dreaming 1s perhaps best defined as being aware that you are dreaming and 1s most likely to 
occur in REM sleep. Lucid dreaming can be either low level or high level. Low level lucid dreaming 
means that the dreamer is aware of being in a dream, but that not all the people, animals, things and 
scenes are constructs of his or her mind. In high level lucid dreaming, the dreamer is not only aware of 
being in a dream, but that all of the elements of the dream are being generated by their mind and are 
therefore potentially under their complete control. 


[0008] According to studies done on lucid dreaming, these dreams may not only be potentially 
pleasurable or wish fulfilling, they can be tools for improving the quality of the dreamer's waking lives 
by facilitating healing, inspiring peak athletic performances, putting an end to recurrent nightmares, 
overcoming phobias, reducing or eliminating various anxieties and improving problem solving 
capabilities. 


[0009] There are methods that have been developed by various researchers in the field, such as 
LaBerge and Rheingold. A common technique is used by the Lucidity Institute, founded by LaBerge, 
and is referred to as Mnemonic Induction of Lucid Dreams ("MILD"). The basics of the MILD 
technique involves various steps such as deliberately making yourself wake up during a dream cycle 
and immediately recalling the details of the dream. Over time, the dreamer is capable of recalling all of 
his or her dreams. The dreamer is then directed to use a "dream sign" to use as a cue to recognize that 
he or she is still dreaming. Becoming proficient at lucid dreaming requires a great deal of time, 
dedication and practice. 


[0010] In order to enhance the training of a person to develop strong lucid dreaming skills, various 
devices have been devised. Such devices use light and/or sound to help trigger lucid dreams. Among 
the shamans of some primitive cultures, they would enhance their ability to have lucid dreams by using 
various drugs. However, as one can imagine, most of these substances are considered illegal in the 
U.S. Among the legal substances known to promote sleep (and possibly dreaming) are the B-vitamins, 
Calea zacatechichi, melatonin, mugwort and passionflower. Before using such a substance alone or in 
combinations, it is important to know how to use it and what side effects it might cause. There is a 
need, therefore, for a safe but effective nutritional supplement that helps a person go to sleep and 
which can enhance lucid dreaming even without extensive mental preparation or exercises. 


SUMMARY OF THE INVENTION 


[0011] The present invention is a nutritional supplement that acts as a sleep aid and has been found to 
enhance lucid dreaming in humans. It consists of a combination of ingredients in proportions 
calculated to provide these results. The primary ingredients are Calea zacatechichi, L-5- 
Hydroxytryptophan (L-5-HTP), and Vinpocetine. A secondary ingredient is Melatonin. In addition, the 
nutritional supplement of the invention may include Wild Lettuce Extract, Mugwort Extract, 
Dimethylaminoethanol Powder (DMAE), Passionflower Extract and Green Tea Extract. Further, 
various B-Vitamins, vitamin D, vitamin C, magnesium, calcium, as well as Zinc, may be added. 


[0012] The relative amounts of these ingredients used in the nutritional supplement will be discussed 
in more detail in the Detailed Description of the Invention. The use of this nutritional supplement has 
been seen to assist a person in going to sleep as well as helping to promote lucid dreaming in people 
who take the supplement prior to going to sleep. 


DETAILED DESCRIPTION OF THE INVENTION 
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[0013] The nutritional supplement of the invention is used as a sleep aid and a promoter of lucid 
dreaming in people who take it prior to going to sleep. To reiterate what was stated in the Background 
of the Invention, lucid dreaming is defined as being aware that the dreamer is dreaming. It is most 
likely to occur in REM sleep and can exist either at a low level or a high level. Low level lucid 
dreaming means that the dreamer is aware of being in a dream, but that not all the people, animals, 
things and scenes are constructs of his or her mind. In high level lucid dreaming, the dreamer is not 
only aware of being in a dream, but that all of the elements of the dream are being generated by their 
mind and are therefore potentially under their complete control. 


[0014] The nutritional supplement of the invention is useful in promoting lucid dreaming in people 
who have not necessarily trained themselves to lucidly dream by performing extensive training 
techniques over a long period of time. It has been formulated to provide the best effect without the 
need to have undergone extensive mental conditioning, such as that taught by many organization and 
found in various publications, or subjecting oneself to some of the known mechanical devices invented 
by Laberge. 


[0015] The primary ingredients are Calea zacatechichi powder, L-5 Hydroxytryptophan (L-5-HTP) 
and Vinpocetine. A secondary ingredient is Melatonin. Additional ingredients are Wild Lettuce Extract 
4:1, Mugwort Extract 4:1, Dimethylaminoethanol Powder (DMAE), Passionflower Extract 10:1 and 
Green Tea Extract 10:1. Further, various vitamins may be added, such as B, C and D, as well as zinc, 
calcium and magnesium. 


[0016] All of the ingredients of the nutritional supplement of the invention are known. For instance, 
Calea zacatechichi is a known dream herb, used by the Chontal natives of Mexico. Green Tea is a well 
known drink that is high in antioxidants. Mugwort has been used for medicinal purposes for centuries 
and is known to cause a dreamy state of consciousness. Passionflower (Passiflora incarnate) has mild 
sedative properties that may be used to treat insomnia and anxiety. Wild Lettuce is an ingredient in 
some sleep tonics and has been historically regarded as a mild sedative. L-5-Hydroxytryptophan is 
known to raise serotonin levels which, in turn, improves sleep quality. Dimethylaminoethanol is 
thought to increase the levels of acetylcholine (a neurotransmitter) in the brain. Vinpocetine (Vinca 
minor) is known to aid memory and improve mental functioning. Melatonin is a natural hormone that 
regulates sleep in mammals. The B Vitamins are known to regulate the body's energy processes and 
promote good health. Vitamin C is also a necessary ingredient in maintaining good health. Zinc 1s used 
by the body in hundreds of enzymes which regulate many of the body's functions. Vitamin D, Calcium 
and Magnesium are additional elements that are utilized by the body. 


[0017] Relative weights for the amounts of the main ingredients of the nutritional supplement are as 
follows: 


[0000] 
Weight Range Ingredient 


300-600 mg Calea zacatechichi powder 
30-70 mg Wild Lettuce Extract 4:1 
30-70 mg Mugwort Extract 4:1 

10-40 mg L-5-HTP 

5-15 mg DMAE 

14-30 mg Passionflower Extract 10:1 
5-15 mg Green Tea Extract 10:1 
1.0-4.0 mg Vinpocetine 

300-600 mcg Melatonin 


[0018] Additional ingredients, by weight: 
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[0000] 
Range Ingredient 


0.5-2.0 mg Vitamin B-1 
5-15 mg Vitamin B-2 
10-20 mg Vitamin B-3 
10-20 mg Vitamin B-5 
5-15 mg Vitamin B-6 
100-300 mcg Vitamin B-9 
50-200 mcg Vitamin B-12 
5-15 mg Vitamin C 

1-5 mg Zinc 

20-40 mg Magnesium 
50-70 mg Calcium 

1-4 mcg Vitamin D 


[0019] A preferred formula of the nutritional supplement by weight follows: 
[0000] 


amount by weight 

Primary Ingredients 

Calea zacatechichi powder 500 mg 
L-5-HTP 20 mg 

Vinpocetine 2.5 mg 


Secondary Ingredient 

Melatonin 500 mcg 

Tertiary Ingredients 

Wild Lettuce Extract 4:1 50 mg 
Mugwort Extract 4:1 50 mg 
DMAE 10 mg 

Passionflower Extract 10:1 22.5 mg 
Green Tea Extract 10:1 10 mg 


Additional Ingredients 
Vitamin B-1 1.4 mg 
Vitamin B-2 10 mg 
Vitamin B-3 15 mg 
Vitamin B-5 15 mg 
Vitamin B-6 10 mg 
Vitamin B-9 200 mcg 
Vitamin B-12 100 mcg 
Vitamin C 10 mg 
Zinc 3 mg 

Vitamin D 2 mcg 
Magnesium 30 mg 
Calcium 60 mg 


[0020] When considering lucid dreaming, one of the key elements, especially at a high level, is that the 
dreamer not only realizes they are in a dream but that they have the potential to control the progress 
and outcome of the dream. The following examples are summaries of testimonials of people who took 
the nutritional supplement of the invention as a sleep aid and not only were able to lucidly dream but 
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were able, through their heightened awareness and control, to change what had been recurrent patterns 
in their dreams and their lives. 


EXAMPLES 
Example 1 


[0021] In this example, the individual kept having recurrent nightmares over a period of about 20 
years. In the dream, the person would start across a bridge and be grabbed by a monster that would 
begin to crush him as he was being dragged under water. When he realized that he would soon drown, 
he would start screaming, waking not only himself but his bed partner, as well. This person started 
taking the nutritional supplement of the invention and, after several more dreams like this, gradually 
increased his awareness, or lucidity, to the point where he was able to confront the monster and 
eventually was able to exercise enough control over the outcome of the dream that he killed the 
monster. The nightmares stopped. 


[0022] Apparently, the monster was a dream created manifestation of a real person that had abused 
him in the past. When the dreamer and the abuser faced each other in court to resolve a legal matter, he 
had gained the confidence to not be afraid of the abuser any more and won the case. In this instance, 
the nutritional supplement of the invention allowed him, through lucid dreaming, to conquer a long 
entrenched fear. 


Example 2 


[0023] The individual in this example had been similarly experiencing recurrent nightmares since he 
was about 10 years old. In the nightmare, this person was chased by a dark, faceless entity and would 
frequently awaken screaming. However, after beginning taking the nutritional supplement of the 
invention, he began dreaming more and more lucidly, to the point where he soon realized that he could 
control his reaction to the faceless entity. He soon was able to angrily confront the entity which 
allowed him to rid himself of this recurrent dream. He used his experience with the recurrent 
nightmare that he could exercise control, through lucidly dreaming, that he could adjust his normally 
negative reactions to anxiety producing events in his life into positive reactions, thus enabling him to 
function better in the world. 


[0024] Accordingly, it is to be understood that the embodiments of the invention herein described are 
merely illustrative of the application of the principles of the invention. Reference herein to details of 
the illustrated embodiments is not intended to limit the scope of the claims, which themselves recite 
those features regarded as essential to the invention. 


SUBSTANCES THAT ENHANCE RECALL AND LUCIDITY DURING DREAMING 
US2004266659 


Inventor(s): LABERGE STEPHEN 
BACKGROUND OF INVENTION 


[0001] The term "lucid dreaming" was coined by Frederik van Eeden who used the word "lucid" in the 
sense of mental clarity. Lucidity usually begins in the midst of a dream when the dreamer realizes that 
the experience is not occurring in physical reality, but 1s a dream. Often this realization is triggered by 
the dreamer noticing some impossible or unlikely occurrence in the dream, such as flying or meeting 
the deceased. Sometimes people become lucid without noticing any particular clue in the dream; they 
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just suddenly realize they are in a dream. A minority of lucid dreams (according to the research of 
LaBerge and colleagues, about 10 percent) are the result of returning to REM (dreaming) sleep directly 
from an awakening with unbroken reflective consciousness. The basic definition of lucid dreaming 
requires nothing more than becoming aware that you are dreaming. However, the quality of lucidity 
can vary greatly. When lucidity is at a high level, you are aware that everything experienced in the 
dream is occurring in your mind, that there is no real danger, and that you are asleep in bed and will 
awaken shortly. With low-level lucidity you may be aware to a certain extent that you are dreaming, 
perhaps enough to fly or alter what you are doing, but not enough to realize that the people are dream 
representations, or that you can suffer no physical damage, or that you are actually in bed. 


[0002] In the circumstances described above, it is strongly desired in the art to develop a safe method 
of aiding dreamers attempts at more frequently achieving higher states of lucidity in their dreams. One 
class of preferred embodiments of this invention include neurotransmitter modulators such as 
Acetylcholine Esterase inhibitors. 


[0003] A number of substances have been suggested to enhance the likelihood of lucid dreaming, from 
vitamins to prescription drugs. There are few good scientific studies to back such claims. Lucid 
dreaming is highly subject to the placebo effect; the belief that something will stimulate a lucid dream 
is very effective. Many prescription drugs as well as marijuana and alcohol alter the sleep cycle, 
usually by suppressing REM sleep. This leads to a phenomenon called "REM rebound," in which a 
person experiences intense, long REM periods after the drug has worn off. This can manifest as 
nightmares or, possibly, as lucid dreaming, since the brain is highly active. Drugs in the LSD family, 
including psilocybin and tryptamines actually stimulate REM sleep (in doses small enough to allow 
sleep), leading to longer REM periods. The potentially dangerous and illegal nature of these drugs is 
not conducive to their use as lucidity enhancers. 


[0004] It is known in the scientific literature that Acetylcholine and its agonist as well as 
Acetylcholinesterase and its inhibitors/antagonist may be involved with REM and sleeping (Amatruda 
et al 1975; Baghdoyan et al 1984; Gillin et al 1985; Velazquez-Moctezuma et al 1991; Wauquier et al 
1985). J. A. Hobson, on page 202 of his 1988 book, "The Dreaming Brain" states: "Cholinergic 
brainstem mechanisms cause REM sleep and dreaming". It has also been discovered that 
microinjection of the Acetylcholine agonist carbachol in the certain locations of the brain, such as the 
Pons, elicits extended periods of REM sleep, and that many of the neurons critical for REM sleep are 
responsive to Acetylcholine. 


[0005] Neither Hobson, nor any other others, discuss the possibility of altering Cholinergic levels via 
Acetylcholine Esterase inhibitors as a means of enhancing dream recall and lucidity. 


[0006] Historically, there are many cultures that have believed to have found naturally occurring 
substances that in some way alter dream consciousness. One such substance, Calea zacatechichi or 
"Dream Weed", is, according to Lilian Mayagoitia, et al, in a 1986 Journal of Ethnopharmacology 
article, "a plant used by the Chontal Indians of Mexico to obtain divinatory messages during 
dreaming." The neuro-active compounds of this herb are reported to cause thought to be sesquiterpene 
lactones, and as far as is currently known, unrelated to Acetylcholine Esterase inhibition or inhibitors. 


[0007] Both ancient traditional medicines and modern popular speculation has assigned Oneirogenic, 
or "Dream-Inducing" properties to numerous herbs and other natural substances, including herbs like 
Valerian, Mugwort, Mullein, Kava Kava, Dittany of Crete, St. Johns Wort, Salvia Divinorum, 
Scutellaria Indica, Licorice Root, Vervain, Jasmine, Honeysuckle, Datura, Bee Pollen, Catnip, Hops, 
Sculicap, Mimosa, Lavender, Damiana, Withania Somnifera, Passionflower, Chamomile, Cardamom, 
Gotu Kola, Ginkgo Biloba, Ibogaine, Verbena, Rose, Cinnamon, Marigold, Nutmeg, Peppermint, 
Holly, Yarrow and Anise. Few if any of these have any scientific basis or support for these purported 
effects. Other supplements and/or drugs are also claimed to be linked to lucidity, including B-vitamins, 
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Melatonin, DMAE, and the psychedelic DXM. Some of these drugs and herbs may be addictive, 
poisonous and/or illegal. 


[0008] Lotsof, in U.S. Pat. No. 4,499,096, issued Feb. 12, 1985, teaches a "Rapid method for 
interrupting the narcotic addiction syndrome" via the drug Ibogaine. According to the patent, this drug 
induces "dream enhancement or hallucinatory effect". This claimed "oneirogenic" effect is due to the 
fact that it induces dream behavior with the ego perspective relatively intact. This is, as the patent 
mentions, more of a hallucinatory effect, not a lucid dreaming effect. Because of these hallucinatory 
and other side effects, however, this drug is illegal in the U.S., and is thus not a desirable means for 
enhancing sleep dream quality. This drug is also not considered to be related to Acetylcholine Esterase 
inhibitors or 'smart drugs'. 


[0009] DMAE (2-dimethylaminoethanol) is a chemical that has been suggested by used to treat a 
number of conditions affecting the brain and central nervous system. It is thought to work by 
increasing production of the neurotransmitter Acetylcholine, although this has not been proven. 
Marketed as a memory and mood enhancer, DMAE is believed to enhance intellectual functioning. 
There are few good clinical studies supporting this belief. Such substances are known as "cholinergics" 
because of the belief that they increase Acetylcholine. They have been traditionally used to treat 
diseases such as Alzheimer's dementia, tardive dyskinesia, and Huntington's chorea. Because DMAE 
is believed to be a cholinergic, it has been suggested for these disorders, even though placebo- 
controlled studies have provided essentially negative results. There is continued controversy over 
whether DMAE actually increases Acetylcholine. Nonetheless, Sergio, W. Claims in the 1988 August 
edition of Medical Hypotheses, in the article: "Use of DMAE (2-dimethylaminoethanol) in the 
induction of lucid dreams", subjective experiences of himself and his wife experiencing enhanced 
lucidity through use of this supplement. It 1s unclear from the article to what extent his purported 
results derive from placebo response or any specific or cholinergic effect. 


[0010] Also well known in the art is U.S. Pat. No. 5,507,716, awarded to LaBerge, et al. on Apr. 16, 
1996, for Equipment and methods used to induce lucid dreams in sleeping persons. In this patent, a 
device was employed to assist people to achieve lucid dreams via the detecting and monitoring the eye 
and head movements of sleeping persons, where eye movement activity in the absence of head 
movement is used to indicate the presence of REM sleep. By then applying sensory stimuli to sleepers 
in REM sleep can cue them that they are dreaming without producing awakening. Other persons have 
developed equipment, such as Keith M. T. Hearne who illustrated and described his respiratory 
measuring device in his 1983 U.S. Pat. No. 4,420,001. His device sensed temperature changes of a 
person's respiration in his or her breathing passageway, or in airflows to and from his or her breathing 
passageway. Thermistors were used, in an electrical circuit, to sense the temperature changes of the 
person's respiration. When the rate of these temperature changes reached a high predetermined level, 
the signals created in the electrical circuit initiated an audible sound, either to help arouse a sleeping 
person from an unpleasant dream by awaking them or to help them enter into a lucid dream state. 


[0011] None of the preceding references disclosed describe a method of enhancing lucid dreaming 
comprising administering to individuals the Acetylcholine Esterase inhibitor class of drugs. Use of 
therapeutic agents for Alzheimer's Disease such as Donepizil (AriceptA(R)), Rivastigmin 
(ExelonA(R)), Galantamine (ReminylA(R), NivalinA(R)), Tacrine and Huperzine leads to low 
incidence of adverse events, such as insomnia and gastrointestinal symptoms, while significantly 
enhancing dreaming cognitive clarity, lucidity, self-reflection, recall, control, bizarreness, and visual 
vividness. 


SUMMARY OF INVENTION 


[0012] This invention relates to the field of Lucid Dreaming and the enhancement of dream recall and 
dream lucidity through memory enhancing drugs, including the class of substances that comprise 
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- Table 8-1. Cell Voltages at 20°C. 


Fully discharged, open-circuit "1.2 V 


Fully charged, open-circuit "1.27 V 
Fully charged, charging at 0.1 C 1.45 V 
Freshly charged, begin discharging at C 14 V 


Fully discharged, discharging at C 1.0 V 


"These voltages are reached slowly as the cell is allowed 
to stand for a time. 


and cause damage. Special “Rapid-Charge” cells are required for 
fast-charging applications. 

Table 8-1 (showing cell voltages) may be of help in under- 
standing battery function during charge and discharge. 


Testing 

The battery, charger, and radio constitute a small system 
which is one end of a communication link. When this system fails, 
testing each element is necessary to determine the proper correc- 
tion. Based on experience, the charger is the most likely to fail, 
followed by the battery and then the radio. However, due to ease of 
testing, test the charger and radio first. 

For the 12-volt, hand-held radio chargers, connect a milliam- 
meter using a D'Arsonval movement (such as: Simpson 260 or 
Triplett 630), capable of measuring 55 mA, in series with a 240- 
ohm, 1-watt resistor. Connect the meter-resistor combination 
across each and every set of charging contacts for a 12-volt battery. 
Observe correct polarity. The charger current should be 45-55 
milliamperes. 

Consult the appropriate data sheet for the radio under test. 
Measure all applicable maximum current drain on: full squelch 
receive, full volume receive, and transmit. Readings should not 
exceed spec maximums. 

A quick battery check would be: Charge at normal (0.1 C) rate 
for 15-30 minutes. Measure battery or cell voltage. Less than 1.2 
volts per cell (12.0 volts for a 10-cell battery) indicates possible 
defective cells. 

For a more complete battery test for a hand-held radio battery 
with 10 AA cells, fully charge the battery for 12-14 hours at the 
normal (0.1 C) rate. Connect a 27-ohm, 10-watt resistor across the 
battery and monitor the time required to discharge the battery to 
1.1 volts per cell. The time should be close to 60 minutes. 
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Acetylcholine Esterase inhibitors (ACHhEls). Lucid dreaming involves dreaming while knowing that 
you are dreaming. AChE inhibitors (AchEl's) inhibit the normal metabolic inactivation of 
Acetylcholine (ACh) by inhibiting the enzyme, Acetylcholine Esterase (AChE), leading to 
accumulation of Ach. AchEl's are most commonly used to enhance memory, particularly in patients 
suffering from Alzheimer's disease. Ach is also well known to be important in REM and thus is 
suggested herein to enhance dreaming and lucidity. 


DETAILED DESCRIPTION 


[0013] While investigating the efficacy of donepizil (AriceptA(R)) as a means to enhance lucid 
dreaming and cognitive clarity during REM sleep in normal subjects, the following experiment was 
performed with the following results: A randomized, double blind, placebo-controlled crossover trial 
was performed with ten normal volunteers self-selected for high dream recall and interest in lucid 
dreaming (7 male, 3 female, age 22-55). Subjects collected dream content and other self-report 
measures on three nights, separated by a washout period of at least one week. At bedtime, they took 
capsules containing 0 (placebo), 5, or 10 mg of donepizil, with counter-balanced order of the three 
dosages. After each spontaneous awakening during the three nights, Ss evaluated dream content on a 
range of measures including bizarreness, complexity, and intensity, affect, cognitive clarity, lucidity, 
and control. They also estimated sleep quality, insomnia, and degree of any adverse effects. 


[0014] RESULTS: Nine of the 10 Ss (90%) reported one or more lucid dreams on the experimental 
nights, with only one S reporting a lucid dream on a placebo night. Cognitive clarity, lucidity, recall, 
control, bizarreness, and visual vividness were all significantly elevated with donepizil compared to 
placebo. The effects were generally dose-related with 10 mg donepizil producing significantly higher 
levels of these variables than the 5 mg dose, which in turn produced significant elevations compared to 
placebo. Odds of lucid dreaming for the three conditions increased from 0.031 for placebo, to 0.429 
for 5 mg donepizil, and 0.754 for 10 mg donepizil. The lucidity odds ratio for the 10 mg dose 
compared to placebo was 24.3 (p<0.001). Donepizil was also associated with a significantly elevated 
frequency of sleep paralysis and a 40% increase in estimated time awake during the night (176 vs. 126 
min of a 9.0 hr night, p<0.05). The incidence of adverse events, notably mild insomnia and 
gastrointestinal symptoms, was low and primarily associated with the higher dose condition (with two 
subjects reporting nausea and one vomiting). 


[0015] Thus, compared to placebo, both 5 and 10 mg dosages of donepizil significantly enhance self- 
reported cognitive clarity, self-reflection, and lucidity during dreaming. These effects may be further 
enhanced by combination of the acetylcholinesterase inhibitors with Acetylcholine precursors, agonists 
and/or lucidity inducing electronic devices. 


[0016] In addition to donepizil data, we have data on ExelonA(R) (rivastigmin; 6-12 mg dose) and 
galantamine (ReminylA(R), NivalinA(R)8-16 mg) as well. Both work as well as AriceptA(R)), but 
with perhaps fewer side effects. We have also tested huperzine with promising results, but haven't yet 
worked out the dose correspondence with AriceptA(R) (but 5 mg Donepizil is more potent than 150 
Apg huperzine). 


[0017] In addition, we have reports of success with nicotine patches. There is also in the scientific 
literature studies showing triggering/intensification of REM sleep with arecoline. How much evidence 
do we need for these general claims: It should be noted that the REM altering, lucidity enhancing 
effects may be caused by a number of neurophysiological effects induced by these "smart drugs" 
besides Acetylcholinesterase inhibition. These include: 1. Using a cholinergic agonist (e.g., nicotine). 


[0018] 2. Using muscarinic receptor agonist: Drugs that mimic the effect of ACh on muscarinic 
receptors: Inc: muscarinic (M1), M2 and nicotinic Agonists. (Such as arecoline or Recoline, a 
muscarinic receptor agonist)3. Using an antagonist of presynaptic receptors to activate the remaining 
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Acetylcholine neurons. (1.e. In rats, antisense oligonucleotide sequences that block Muscarinic M2 (but 
not M4) receptors increases extracellular Acetylcholine. This effect (Antisense nucleotide sequences 
are complementary to a sequence of messenger RNA. When antisense DNA or RNA 1s added to a cell, 
it binds to a specific messenger RNA molecule and inactivates it.) 4. Using allosteric modulators (such 
as allosterically potentiating ligands [APLs]) of Acetylcholine and nicotinic receptors (drugs that 
interact with the receptor through binding sites that are distinct from those for Acetylcholine and 
nicotinic agonists and antagonists). 


[0019] Other strategies for potentiating Acetylcholine function for dream lucidity enhancement, 
including the use of other classes of compound working in similar ways should be apparent to those 
skilled in the art from a consideration of the enclosed descriptions. 


Inducing and maintaining lucid dream state, uses stimulus response for testing state of 
consciousness, psychological conditioning and generating lucidity 
DE19920376 


Inventor(s): HORNUNG HEINZ 


The invention relates to a method and apparatus for achieving and maintaining a lucid dream state. The 
process / device offers the possibility to achieve through the use of technical means the state of lucid 
dreaming (lucid dream). By this is meant that the dreaming of the state in which it 1s located, 1s aware 
that he would say that his present experience is a dream. This finding is a "normal" dreaming 
inaccessible. Furthermore, it offers / her the opportunity to retain or regain this status. First, the 
historical development of lucid dreaming is appreciated: While in the eastern culture very early 
discovered and applied the possibility of lucid dream experience - for Example, in the eighth century 
by Tibetan Buddhists, is this phenomenon in western culture until much later - the end of the 18th 
Century - at the moment few people attention. 1960-1970 was only about this topic in the modern 
scientific research input. In recent years, a relatively large number of related publications, published in 
academic journals and in book form. All methods for achieving lucid dreams described in this 
literature is based on the following principle. By frequently as possible (ideally permanent) Check the 
state of consciousness in the waking state (for Example, with the questions: Am I dreaming, I wake 
up? etc.) is a mental conditioning can be achieved on these issues, 1e a special ability to buy this in the 
- that this finds its way into the dream experience hope - legitimate. This approach may thus lead to the 
desired result, namely the clear Will the dream, if the dream I have the same questions is how 
confident I am that day. However, experience shows that these practices are extremely laborious, 
requiring a lot of time, a very large degree of discipline and lead also unfortunately only rarely 
successful. It should be added that experience has shown that keeping the clarity of dream 1s often 
more difficult than achieving the same. The clarity is easily lost again and then you find yourself back 
in the normal dream state. 


For the published prior art, the following is noted: From U.S. 5,507,716, U.S. 5,551,879 and FR 
2,699,412 Devices and methods are known, with the help of lucid dreaming can be caused when a 
sleeping person. Here, the sleeping person are given through a face mask or a kind headband stimuli 
that should trigger a review of the state of consciousness. These devices offer the opportunity to 
register eye movements and thus REM sleep phases (here are more common dreams) to detect. If there 
is such, optical, or acoustic signals are triggered. However, these devices affect the one hand the 
sleeping person in their freedom of movement in no small measure, on the other hand, and this 1s very 
much a combination with the above described procedures appears (the conditioning during the waking 
state) and only to a limited extent, since they are not in the normal, everyday routine can be integrated. 
This possibility, DE 196 47 019 (same inventor / assignee as the present invention / application). It is 
the closest prior art. Here, a method and an apparatus is described which / to be applied during bedtime 
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and waking the whole of a person. During the waking state the person (with the help of technical 
means, such, In the manner of a wristwatch with a vibration signal) to any selected time points (e.g. 
Example, using a random generator, so the user completely unexpected) External stimuli supplied. The 
using person checked at each stimulus their state of consciousness, ie there is a conditioning to that 
stimulus instead. If the person now mostly identical stimuli (which are below their awakening 
threshold, and are preferably added in the early morning hours because the longest and most frequent 
REM periods occur) during sleep is supplied, it will be on the learned on the day way (a conditioned 
reflex after learning theory) respond to this stimulus, namely by checking their state of consciousness, 
and they will then conclude with a good chance that they are dreaming must. At the times of the 
stimuli that are triggered in this process during sleep, the following should be noted: The charms can - 
take place in the (general) sleep state and may not necessarily fall into a REM stage - at any time. 


According to recent findings of the suppression Fund dream research is the equation of "dream sleep 
REM sleep equal" wrong. It is dreamed in all the other stages of sleep. If the stimuli do not fall into a 
dream state, the user notices nothing flat, and only the stimuli that fall into a dream state, lead to the 
desired effect. The proportion of time spent dreaming periods of total sleep duration is so high that 
even with a random choice of the timing of the stimuli fall enough stimuli to dream phases. The 
applicability of the first-mentioned three devices is essentially limited to the bedtime of a person and is 
mainly based on the scientifically validated knowledge that sleeping outside stimuli register. Since, as 
mentioned, a conditioning to the stimuli (light flashes, sounds) that are released from the sleep mask / 
the headband in the guard time hardly seems possible, the question remains on which way processes 
the person these charms in her dream, that is, opportunity with which these stimuli lead to a lucid 
dream. Significantly better chance to really achieve a lucid dream state also offers the DE 196 47 019 
by the applicability of this device is extended to the whole waking state. The desired response in a 
dream to a stimulus (ie, checking the state of consciousness) can now be learned easily in the waking 
state. Based on this, the present invention seeks to provide a method and apparatus that / the shortened 
compared to the above methods / devices, the state of consciousness verification time and relieved and 
/ the total increases the chance lucid dream states to reach. Furthermore, the / the present method / 
device to hold, or recovering the clarity in lucid dreams is to enable. This requirement of maintaining 
the clarity and of recovering the same 1s taken into account by any of the devices mentioned above. 
The object is achieved by a method having the features of claim 1 and by an apparatus having the 
features of claim 23rd Advantageous embodiments are specified in the dependent claims. 


In DE 196 47 019 A method and apparatus is described in which the user's response to a single 
stimulus outside the review of the state of consciousness, ie, 1s a purely mental activity (in the waking 
state and during sleep). It is a simple, but fundamental difference between waking and dream states is 
neglected here, namely, that action leads in the waking state, as opposed to actions in the dream, to 
changes in the real environment. This makes the / the present method / device advantage. It / she offers 
the user the opportunity to advance in the specified Reizgebungsverfahren (ie, for Example, when, 
how and how long stimuli are given) to intervene at any time and to change it temporarily. The basic 
function is not affected by the surgery and will resume automatically once the operation is completed, 
possibly with a lag. On the one hand, a stimulus (of which the date for Was as specified by the base 
function) during the period in which it acts on the person changed, eg As it can be stopped by means of 
a special key, on the other hand can be triggered randomly at any time an extra stimulus. Trying to 
consciously acting to intervene in the Reizgebungsverfahren will succeed in the waking state, of 
course, but inevitably fail in the dream state. Thus, a situation 1s created which allows an immediate 
and clear assessment of the state in which it is located (waking state or dream state). Succeed the test 
of the intervention (eg Example, by stopping a currently occurring stimulus), one knows one 1s awake. 
If you fail the test, you know that you must be dreaming. The sometimes lengthy Check the currently 
experienced situation with the doubts and uncertainties that occur often omitted, the desired state 
assignment is immediately possible and absolutely clear now. Become stimuli triggered while the user 
is already in an at least partially lucid dream state, in this case the failure of the attempts at 
transforming the stimuli for strengthening, recovering and maintaining the clarity will be extremely 
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helpful. A common, custom steady release of the above mentioned extra stimulus in the waking state, 
the dream state also lead to more frequent attempts to initiate this stimulus. The inevitable failure of 
this option also allows an immediate and clear state assignment. This increases the chance again, using 
the / of the present method / device to achieve or maintain lucid dream states. Even with these extra 
stimuli is of course the possibility of change of stimuli, which further increases the chances of success 
/ the method / apparatus. Very useful, the ability to trigger an extra stimulus, also for the following 
reason. 


As already mentioned, the holding of clarity during a lucid dream is often more difficult than 
achieving the same. Is now in such a time of doubt and danger of losing the clarity, trying to trigger an 
extra stimulus, the clarity is either recovered immediately, or if, contrary to expectations should not 
occur alone the associated view, the feeling, the hands very helpful (when using the device in the form 
of a wristwatch), since according to the initially mentioned method for achieving lucid dream state is a 
very important method for maintaining the clarity without technical aids viewing and feeling of the 
hands. 


This is equally well with the above-mentioned possibility of change (eg Example of stopping) of a 
single stimulus of importance. The / the inventive method / device offers a more substantial relief to 
preserve the clarity. It / she offers the possibility to follow up on every single stimulus automatically in 
certain, freely selectable intervals other stimuli. Thus, a single stimulus of such B. 5 to 10 sec Duration 
at a distance of, for As one or two minutes a further stimulus 5-10 sec Duration done, etc. Instead of a 
single stimulus is now seen as a consequence of stimuli (duration, for B. 5 to 10 min) cast. Here, 
(abandonment of a single stimulus) also such a sequence of stimuli to be completed (while awake) 
with the above-mentioned stop button. 


As in the dream state, such a termination is not possible, such a sequence of stimuli, 1f the clarity 
threatens to be lost, be very helpful to keep or regain this. 

Can reaching the clarity such a sequence of stimuli to be extremely helpful, if first stimuli should not 
have led to the desired effect, if such B. did not fall into a dream state, or the clarity was only partially 
achieved. Furthermore, such a sequence of stimuli - according to the way the individual stimulus - be 
triggered at an arbitrarily selectable time. This may, for As happened with a special key. Here, an 
arbitrary delay (for , 5 to 30 min) to the first stimulus of the sequence begins, can be specified. 
Pressing this hot key so leads with a time delay to a sequence of individual stimuli. 


It is known that the falling-asleep, whether in the evening, with interruptions (especially in the early 
morning hours) or during an afternoon nap in a special degree to 1s to achieve a more or less direct 
transition from twilight in a lucid dream. Here, such a sequence of individual stimuli be with delayed 
onset a very big help to achieve the clarity and keep. According to one embodiment, each breaks again 
press this button, the currently running special sequence of stimuli, even during the lag phase, from, 
and will automatically reboot with the given initial conditions. This 1s very useful if you are not asleep 
during the selected time delay. The very significant advantage of this opportunity, a sequence of 
stimuli delayed the onset of a stimulus sequence, is that herewith - as opposed to random on the night 
distributed stimuli or stimulus sequences - a triggering stimuli to times when the chances of success 
very high are 1s selectively enabled. The device, as described in DE 196 47 019 can also be combined 
with other devices, and give due to physiological measurement data stimuli or stimulus consequences. 
These measurement data of the other devices may be, for Example, to rapid eye movement (REM), act 
REM sleep EEG, heart rate increase, etc.. Additional devices may be external or integrated in the 
device, for Example, as a heart rate monitor. Default settings for the device, such As stimulus duration, 
stimulus timings etc. can be preset, on the device itself, or for B. also be a connection to a PC with 
appropriately developed software to be entered or changed. For the purpose of / the method / apparatus 
following may be cited: First, it should be mentioned here that so far are not aware of any negative 
side effects of lucid dreaming. Experiencing a lucid dream is consistently (which incidentally 
mentioned very clearly is) very pleasant and dream about the experience, as well as in the subsequent 
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memory in the waking state, as experienced "mind-expanding". This alone makes the commercial 
utility of this device, specifically for home users, more than clear. 


Furthermore, there are many possible applications in the field of epistemological research, especially 
of consciousness research, as well as in use in the psychotherapeutic treatment (eg Example, 
nightmares). Further details of the procedure, in particular for education of the stimuli, and the device, 
in particular for the design of the sensor and the controller, the combination possibilities of the device 
with other devices 196 47 019 A1, seen from DE, which is fully incorporated by reference. 

The encoder of the present devices has all the properties described in DE 196 47 019... 


Method of obtaining lucid dreaming condition 
DE19647019 


Inventor(s): HORNUNG HEINZ DR 


The method involves giving a number of stimuli to a person, which can be recognised through one of 
his senses. The person's response to the stimuli give proof of the conscious state of the person and 
conditions the person's response, as a conditioned reflex. When this person 1s in a state of sleep, the 
same stimuli are given to him to evoke the same responses as those which were obtained while he was 
awake. The response to the stimuli bring about a state of lucid dreaming in which the person knows 
that what he experiences is a dream. 


DESCRIPTION DE19647019 


The invention relates to a method and apparatus for achieving a lucid dream state. 

The / be presented, the novel method / device for the first time offers the opportunity through the use 
of technical means the state of lucid dreaming (lucid dream) reach. 

By this is meant that the dreaming of the state in which it is located, is aware that he would say that his 
present experience 1s a dream. 

This finding is a "normal" dreaming inaccessible. 


Historical development of lucid dreaming 


While in the eastern culture very early discovered and applied the possibility of lucid dream 
experience - for Example, in the eighth century by Tibetan Buddhists (Gillespie, G. (1988) Lucid 
dreams in Tibetan Buddhism. In: JI Gackenbach and S. LaBerge (Eds.), Conscious Mind, Sleeping 
Brain: Perspectives on Lucid Dreaming. New York:. Plenary) - takes place this phenomenon in 
western culture until much later - the end of the 18th Century (LaBerge, S. (1985) Lucid Dreaming. 
New York: Ballantine Books. German edition: Wide awake in a dream. Munich: mvg-Verlag, 1991) - 
at the moment few people attention. Increased interest in scientists and philosophers since the end of 
the 19th Century determine (Hervey de Saint-Denys, MJL (1987) Les Réves et les Moyens de les 
things. Paris: Amyot. Reprinting 1964: Cercle du Livre Precieux, Paris. Ubers V McCreery. Engl 
Edition: Dreams and How to Guide Them, Translator v. N. Fry. London: Duckworth, 1982; Myers, 
FWH (1887) Automatic writing - III. Proceedings of the Society for Psychical Research, 4 Part II, 209- 
261; Delage, Y. (1919) Le Reve. Paris: Les Presses Universitaires de France, Arnold Foster, M. (1921) 
Studies in Dreams. London: Allen & Unwin; Brown, AE (1936) Dreams In Which the dreamer knows 
he is asleep. Journal of Abnormal Psychology, 31, 59-66; Moers Messmer, H. von (1938) Dreams with 
the simultaneous realization of the dream state (Dreams with concurrent knowledge of the dream 
state). Archives of Psychology, 102, 291-318). Since 1970 this topic is in the modern scientific 
research input (Green, CE (1968) Lucid Dreams. London: Hamish Hamilton). In recent years, a 
relatively large number of related publications - in scientific journals and in book form - appeared 
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(range: Tholey, P. (1983) Techniques for inducing and manipulating lucid dreams. Perceptual and 
Motor Skills, 57, 79-90; Tholey, P. (1988) A model for lucidity Training as a Means of self-healing 
and psychological growth. In: Gackenbach and see LaBerge, LaBerge (1985); Brylowski A. (1986) H 
reflex in lucid dreams. Lucidity Letter, 5 (1), 116-118; Brylowski, A. (1990) Nightmares in crisis: 
clinical applications of lucid dreaming techniques. Psychiatric Journal of the University of Ottawa, 15, 
(2), 79-84; Gillespie (1988), and J. Gackenbach Bosveld J (1989) Control your Dreams. New York: 
Herper & Row. German edition: ruler of the realm of dreams. Brunswick. Aurum Verlag, 1991, 
Hearne, KMT (1990) The Dream Machine: Lucid Dreams and how to control Them. Wellingborough, 
Northamptonshire: The Aquarian Press, Green, CL and Charles McCreery (1994) Lucid Dreaming, 
London, Routledge. German edition: Navigate dreams consciously, Frankfurt, Wolfgang Kruger 
Verlag, 1996). Unfortunately, research has almost exclusively in the English language with lucid 
dreaming, but there are German translations of some books before that, for the German research and 
public Currently, however, still receive little attention. 


State of "technology" to achieve the lucid dream state 


The previously known and applied by few persons methods to achieve lucid dreams are all based on 
autosuggestion. The ability to dream lucid (clear, ie conscious) can be only one "work on themselves" 
are obtained in the waking state. The principle underlying all these methods 1s the following: By 
frequently as possible (ideally permanent) Check the current state of consciousness - the real 
experience - a day (for Example, with the following questions: Am I dreaming? I wake up? Where am 
I? How old am I? Is it the person with whom I speak at the moment in my current life, or was there it 
at an earlier time? Do I have to wonder about anything? Etc ...) to a mental conditioning to be made on 
these issues, ie a special ability to buy and this in the hope that this finds its way into the dream 
experience. This hope is justified, since it is known that recur both everyday and especially intensely 
felt experiences of the day as so-called day residue in dreams (Freud, S. (1925) The Interpretation of 
Dreams, after the issue of 1972. Frankfurt am Main: Fischer Taschenbuch Verlag, 1991; dressing and 
Riemann (1994) Diagnosis and treatment of sleep disorders. Stuttgart Jena: Gustav Fischer Verlag 
Lauer et al. (1987) Shortened REM latency: A Consequence of psychological strain. 
Psychophysiology 24, 262-271). This approach may thus lead to the desired result, namely the clear 
Will the dream, if the dream I have the same questions is how confident I am that day (detailed 
explanation and description of these procedures is given, for Example, Green (1994)). 


These procedures are according to experience extremely laborious, requiring a lot of time, a very large 
degree of discipline and lead also, unfortunately, only very rarely successful. A good result means that 
one will reach a few times a month, the state of lucid dreaming . One author reported three lucid 
dreams in eight years constant effort (Myers (1887)). From U.S. 5,507,716 Devices and methods are 
known, with the help of lucid dreaming can be caused when a sleeping person. 


Here, the sleeping person will be given a sleeping mask stimuli that should trigger a review of the state 
of consciousness. Such a mask affects the sleeping person in their freedom of movement in no small 
measure. 


The role and application of / the inventive process / device Based on this, the object of the invention to 
provide a method and apparatus that facilitate the achievement of lucid dream states or allow much in 
the first place. The object is achieved by a method having the features of claim | and by an apparatus 
having the features of claim 14 Advantageous embodiments are specified in the dependent claims. The 
above-described "work itself" 1s very much facilitated by the / the inventive method / device. 


Many people will this / allow s method / device to achieve lucid dreams in the first place. The / the 
new process / device based on principles of learning theory, it is a training for practicing a conditioned 
reflex (eg Textbook example of the psychology of Medinzinischen sink, H. et al (1977), Munich, 
Vienna, Baltimore: Urban and Schwarzenberg; psychology textbook by Zimbardo / Ruch (1978), 
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In the waking state are the using person - given stimuli whose time points for - preferably from outside 
As determined by a random generator. The individual charm reminds the person from their current 
intense state of consciousness (I watch? Am I dreaming? Etc ...) to question, 1e the using person 
conditioned to this stimulus, in other words, it learns in the waking state to a certain stimulus with a 
very specific answer to respond, namely by questioning their current state of consciousness intense. 
This requires only a period of a few seconds. These charms are for both day , 10 to 20 times repeated 
during a more or less constant repetition is necessary in the methods used so far. According to 
scientific learning theory can be no doubt about the success of the vorzustellenden method. It may be 
mentioned here because of its popularity, the experiment of Pavlov. 

This has the concept of classical conditioning, ie the formation of a conditioned reflex, already in 1900 
set up (animal experiments). 


Many subsequent studies have confirmed the validity of this learning principle for humans (Textbook 
of Medical Psychology, Enke, 1977; psychology textbook, Zimbardo / Ruch, 1978). The basic idea of 
the method / apparatus based on the fact that the learned in the waking state conditioned reflex can 
also cause during a dream, as the ability to react to stimuli, obtained even in the absence waking 
consciousness 1s like the dream research proves (shrub / Meier (1992) The dreams on the track. Results 
of experimental dream research, Bern: Verlag Hans Huber). For these reasons, there can be no doubt 
about the success of the vorzustellenden method. 


For the purposes of / the method / apparatus does this mean the following. During sleep preferably 
identical outer stimuli are as given in the waking state. The intensity of the external stimuli is 
determined by the using person in the waking state so that these stimuli remain under their awakening 
threshold, but are nevertheless perceived by her in the dream state. (le, checking the state of 
consciousness, which with very good chance now leads to the conclusion that the dreamer on the basis 
of diverse absurdities of dream events come to the conclusion that he must be in a dream) allows the 
learned in the waking state response to this stimulus so the transition to the lucid dream experience. As 
with any technology device, and A method (for As cycling, driving a car), the handling must therefore 
be learned here, with the effort to keep discipline, effort and time with the / procedures / device within 
narrow limits. According to the current state of knowledge of research on the learning of a conditioned 
reflex is the first occurrence of lucid dreams after days, or later than expected a few weeks, depending 
on the susceptibility of using person. In the further application of the device, the user will in many 
cases after a certain time can (with increasing learning effect) waive the application of the waking 
State. 


The purpose of the apparatus 


First to be on negative effects of lucid dreaming, which could possibly be feared, received here. A 
short-term risk factor could be seen in an impairment of the normal recovery function of sleep. 
Furthermore, would imagine that lucid dreaming could in the longer those for user people have a 
negative effect on the attitude towards daily life. 


The current state of knowledge, the research provides no evidence for both fears (for detailed 
discussion on the subject in Green 1994). Experiencing a lucid dream is consistently experienced by 
lucid dreamers to be very pleasant and as for the waking experience and the dream experience as 
"mind-expanding". This already established the existence of a commercial utility of this / method / 
apparatus, since it opens up the possibility connected with very little effort, a new "dimension" of 
experiencing interested persons, and thus can also offer the opportunity for personal development. 
Moreover, great opportunities in the epistemological research and consciousness research results. 
Likewise, several possibilities are conceivable to incorporate lucid dreaming into the 
psychotherapeutic treatment of patients. So good results in the treatment of nightmares have already 
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shown that in patients with nightmares of unknown cause in patients with post-traumatic appearance 
(such Example, after an accident, rape, torture, etc.), and do not forget to children and young people 
who often suffer from nightmares, lucid dreaming could be a very promising treatment approach 
(detailed in Green 1994). But here it is again emphasized that the vorzustellende invention can be 
applied by anyone without risk, so it is an invention for personal use and not a medical device. Overall, 
let the many possibilities that could provide lucid dreaming, according to experts at the time not yet 
foresee... 


Equipment and methods used to induce lucid dreams in sleeping persons 
US5507716 


Inventor(s): LABERGE STEPHEN P [US]; RICH ROBERT S [US]; WRIGHT DAVID K [US]; 
KOTTKE DANIEL G [US] + (LABERGE, STEPHEN P, ; RICH, ROBERT S, ; WRIGHT, DAVID K, 
- KOTTKE, DANIEL 


Equipment and methods employed to assist people to achieve lucid dreams (dreams in which one is 
aware that one 1s dreaming) function by detecting and monitoring the eye and head movements of 
sleeping persons for the presence of sufficient eye movement activity in the absence of head 
movement to indicate the presence of REM sleep and then applying sensory stimuli to sleepers in 
REM sleep, which if incorporated into their dreams, can cue them that they are dreaming without 
producing awakening. With this equipment and methods, people are able to have more lucid dreams 
than they otherwise would. A preferred embodiment includes a face mask that contains two infrared 
emitter-detector pairs, one for sensing eye movements and one for sensing body movements, a state- 
test button, and components that produce low intensity sensory stimuli such as light and sound. A 
microprocessor monitors the fluctuating voltage from the infrared pairs for the occurrence of a 
predetermined sequence of voltages, adjustable in software, and when the correct sequence occurs, 
triggers the stimuli-producing components in the mask into activity, to cue the sleeper to become lucid. 
The methods include many procedures and adjustable parameters for optimizing the timing of the 
application of the sensory cues to the sleeper. Among these procedures and parameters are those used 
to locate the time in the sleeper's REM periods when the cue will be most effective, and those used to 
apply the sensory stimuli at these optimal times. 


BACKGROUND 


As set forth in the book entitled Exploring the World of Lucid Dreaming, written by Stephen LaBerge 
and Howard Rheingold, the idea of cultivating a state of mind while awake for the purpose of carrying 
it into a dream state as a means of inducing lucid dreams, has been used by Tibetan Buddhists for more 
than a thousand years. However as recently as the late 1970's, experts were convinced that dreaming 
with consciousness that you were dreaming was a contradiction in terms and therefore impossible. At 
this recent time Stephen LaBerge began his Ph.D. studies of lucid dreams at Stanford University to 
establish proof that lucid dreaming was real, by obtaining evidence from the dream world that a person 
knew he or she was dreaming during sleep. 


During his studies, he, with the assistance of other persons, has developed experimental testing 
equipment for helping him and other persons to obtain such evidence from the dream world. In so 
doing, the developed experimental testing equipment, in many embodiments, has also been designed 
and built to help persons who are lucid dreamers, or wish to try to become lucid dreamers, to have 
lucid dreams and to have them more often and to have them more effectively. These lucid dreamers are 
referred to as being Oneironauts. 


Also other persons have developed equipment, such as Keith M. T. Hearne who illustrated and 
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described his respiratory measuring device in his U.S. Pat. No. 4,420,001 of 1983. His device sensed 
temperature changes of a person's respiration in his or her breathing passageway, or in airflows to and 
from his or her breathing passageway. Thermistors were used, 1n an electrical circuit, to sense the 
temperature changes of the person's respiration. When the rate of these temperature changes reached a 
high predetermined level, the signals created in the electrical circuit initiated an audible sound, either 
to help arouse a sleeping person from an unpleasant dream by awaking them or to help them enter into 
a lucid dream state. 


At this time, a number of different techniques have been used to monitor sleep, in both the quiet phase 
and active phase, the latter also being called the rapid eye movement phase of sleep and referred to as 
REM sleep. These techniques include applications of: electrodes for EEG, ECG and EMG; infra-red 
sensing; and respiration measurement with strain-gauges or thermistors. Among these techniques, 
Stephen LaBerge and those helping him sought a method to reliably sense the presence of REM sleep, 
so that a device could automatically signal to a sleeper that he or she is dreaming. The requirements for 
such a device were portability, ease of use, low cost, and above all reliability and the successful 
induction of lucid dreams, which are those dreams wherein one is aware that one is dreaming. 


SUMMARY 


Stephen LaBerge and those helping him created better methods to help persons lucidly dream, and, in 
so doing, he and those helping him developed various embodiments of experimental test equipment 
that is used to make sleeping persons aware they are in the active phase of their sleep, and they are 
having a dream, while they still continue to dream or become lucid, and such equipment senses eye 
movements. They selected sensing movements of a person's eyes, via movement of his or her eyelids, 
because by using eye movement sensing, especially when combined with body movement sensing, and 
thereafter accounting for such body movements, to thereby ascertain accurately eye movements, per 
se, they developed very reliable test equipment for detecting the phases of sleep, and especially the 
active phase of sleep, called the rapid eye movement phase, which 1s further conveniently referred to 
as being REM sleep. 


Their development of their methods and the experimental test equipment centering on eye movement 
sensing, undertaken by sensing eyelid movements, which so indicate eye movements, extended over a 
considerable period of time. Now equipment is soon to be made available for many persons to use in 
practicing their methods. In respect to a preferred embodiment of the equipment each person, during 
his or her sleep, is provided with a comfortably worn face mask covering face portions, and a 
headband supports the face mask about the person's head. The face mask, in turn, supports components 
of this equipment, which sense a person's eyelid movements during sleep, and which, then at the 
proper time, signals the person that he or she 1s dreaming, and thus should be able to be lucidly 
dreaming. The signal, preferably a light signal, occurs without awaking the person. Also a sound signal 
is selectively and optionally used. 


The sensing components supported on the face mask utilize a low level infrared emitter positioned on 
the face mask to direct infrared light to the eyelid of a sleeping person, and a low level infrared 
detector to receive the reflections of this infrared light from the surface of this eyelid of this sleeping 
person. The signalling components supported on the face mask preferably utilize small flashable lights 
and/or small speakers to signal the sleeping person that he or she is dreaming, and thus should be able 
to be lucidly dreaming, without awaking the person. 


A like arrangement of a low level infrared emitter, also positioned and supported on the face mask, but 
over a part of a person's face, which does not necessarily move with a person's eyelids, 1s also used 
with a low level infrared detector also positioned and supported on the mask, to detect face, head, or 
body movements, which are independent of a person's eyelid movements. These body movements are 
accounted for to avoid erroneous conclusions as to the eyelid movements, per se, and thereby to 
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accurately determine whether or not a person is dreaming, or could be lucidly dreaming. 


The other components of this preferred embodiment of the equipment are arranged together as a shelf 
or table supported subassembly, with circuitry extending to the sensing and signalling components 
supported and positioned on the face mask, These other components include: analog signal 
conditioning group of components, in turn including alternating current coupling, a preamplifier, a low 
pass filter, a computer gain setting unit, and an integrating unit to receive signals from the infrared 
detector detecting eyelid movements; an analog-digital converter for converting the analog signals of 
the eyelid movements into digital signals; analog signal conditioning group of components, in turn 
including an alternating current coupling, a preamplifier, a low pass filter, a computer gain setting unit, 
and an integrating unit to receive signals from another infrared detector, detecting face, head, and/or 
body movements; an analog-digital converter for converting the analog signals of the face, head, 
and/or body movements into digital signals; a computer to receive the digital signal information from 
both the analog-digital converters, to receive signals via software instructions, to direct data to data 
storage, to direct signals to activate sensing lights, and to activate sensing speaker sounds... 


MAIN UNIT HOUSING 38 MASK 
52 (WITH SENSORS 
AND STIMUL!} 


FIG. 1 


LUCID DREAM STIMULATOR, SYSTEMS, AND RELATED METHODS 

US2017304583 

A dream stimulator may include a substrate and a plurality of electrodes positioned along a first side of the substrate. The 
stimulator also may include a stimulator coupled to the substrate. At least one lead may couple the plurality of electrodes to 
the stimulator. Additionally, a band may be positioned along a second side of the substrate and about each of the plurality 
of electrodes. 


SYSTEMS AND METHODS FOR DELIVERING SENSORY INPUT DURING A DREAM STATE 

US9620027 

Embodiments of the invention provide apparatus, systems and methods for detecting neurological activity indicative of a 
dream state of a human. Many embodiments of the invention provide apparatus, systems and methods for detecting 
neurological activity of a human indicative of a dream state or the onset thereof and delivering an input to the user (such as 
an audio or other sensory input) during the dream state. Particular embodiments of the invention provide systems and 
methods for detecting neurological activity indicative of the onset or occurrence of a dream state of a human and delivering 
an audio or other sensory input during the user's dream state. The audio input may be used for learning, delivering 
messages to the user's subconscious, and/or promoting a state of relaxation. 


EROTIC DREAM INDUCTION APPARATUS 

US2016331924 

An erotic dream induction apparatus includes an inflatable air bladder, such as a rubber balloon, to induce sexual arousal 
via genital stimulation. The air bladder is brought into contact with either the penis or vagina of the user, and/or is inserted 
into the anus and/or vagina of the user. In one embodiment, the air bladder is brought into contact with the penis, vagina, 
and/or anus of the user by being maintained in position near, against, or around the penis, vagina, and/or anus by means of 
straps or pockets in stimulation underwear, such that when the air bladder is inflated, the air bladder makes contact with at 
least a portion of the penis, vagina, and/or anus of the user. The air bladder is repeatedly inflated and deflated by means of 
pumps and/or valves. 


Dream Enhancement Apparatus and Method 
US2016310698 
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This test will vary according to ambient temperatures. The 
time will run short if the ambient temperature is much over 25 
degrees C, or if started with the battery more than slightly warm to 
the touch. 


Conclusions 


The nickel-cadmium batteries will perform excellently if used 
within their limitations. Poor performance usually results when 
the limits are exceeded. 


THE NICAD CONDITIONER | 

Quite a few nicad battery-charger circuits have appeared in 
print lately. However, as none of the circuits would fill my re- 
quirements, considerable research and planning was done before 
starting on this project. Most of the chargers described in articles 
were for the preferred constant-current method. Others used the 
constant-potential system. Still others used a combination of both. 
Each of the articles detailed the advantages of its method, ne- 
glected to mention the disadvantages. Let us look briefly into each 
of the systems mentioned. 

Constant-current charging is usually done at the 10-hour or .1 
C rate (C is the rated capacity of the battery). This is fine, except 
that it takes from 14 to 16 hours for a full charge—an awful long 
time to be without your HT! Some of the newer chargers use 
constant-current charging at the .3C rate so that full charge can be 
obtained in as little as four hours. Remember that we must replace 
between 130% to 150% of the battery capacity due to inefficiencies 
in charging. This is a step in the right direction, but we must be 
careful about overheating as this can ruin the cells. 

Constant-potential charging is definitely not recommended. 
With this method, the charge would start out at quite a high level, 
resulting in some heat being generated within the cells. As we 
approach the overcharge condition, additional heat will start to 
build up. As the battery heats up, the cell voltages will decrease 
somewhat, leading to even more overcharge current and greater 
heat buildup. This is called thermal runaway, which will eventually 
destroy the cells. Because of this problem, constant-potential 
charging is generally not recommended. The voltage cannot be set 
low enough to prevent thermal runaway and still fully charge the 
cells. 

Combinations of constant-current and constant-potential sys- 
tems have also been described. These systems charge the battery 
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Dream stage enhancement uses a headband with EEG-EOG sensors, onboard processors, memory, coarse and fine time 
REM waveform detection modules, LEDs and an audio playback unit. After normalization to the user's EEG waveforms, 
the user's EEG-EOG signals are processed, REM and NREM stages detected and light, sound or AV stimuli are presented 
to the user based upon user-supplied light-sound-AV stimuli commands. To provide a reality check control (“RCC”), the 
head unit has a user actuatable RC interface whereby during sleep, RC stimuli are presented when the user depresses the 
RCC control which plays back the user supplied stimulus. In a “learning mode,” the user selects “Recall” or “No Recall” 
(“NR”) after the sleep period. If NR, then the system changes the color of light stimuli, light intensity, flash, audio sound 
type, audio intensity, and AV. If “Recall” the user supplied stimuli commands are carried out. 


INDUCING LUCID DREAMING 

WO2016209078 

The present invention is in the field of induction of lucid dreams by Transcranial Alternating Current Stimulation (TACS). 
Lucid dreaming refers to a well-documented and scientifically accepted phenomenon that may occur during natural sleep. 
Lucid dreaming 1s characterized by awareness of the fact that one is dreaming, an increased chance of control over the 
events that are occurring within the dream and increased logical or rational thought during the dream. 


Drug containing melatonin and phosphatidylserine 

CN105708843 

The invention discloses a drug containing melatonin and phosphatidylserine. The drug comprises raw materials in parts by 
weight as follows: 0.1-100 parts of the melatonin and 1-400 parts of phosphatidylserine. A drug preparation can be 
beverage, tea, tablets, granules or capsules. The drug maintains the effects of aging resistance, mental state maintenance, 
sleep improvement, resistance enhancement and human immune system support of the melatonin, and can treat symptoms 
of deficiency type dyspnea caused by long-time cough, wet dream and night emission, enuresis and frequent micturition, 
protracted diarrhea, spontaneous sweating, night sweat, body fluid deficiency, thirst, short breath and feeble pulse, diabetes 
caused by internal heat, palpitation and insomnia and the like, and due to addition of phosphatidylserine, the drug further 
can enhance the memory ability, prevent senile dementia, improve intelligence and the like. 


Traditional Chinese medicine used for treating sexual intercourse in dream 

CN104189132 

The invention provides a traditional Chinese medicine used for treating sexual intercourse in dream. The traditional 
Chinese medicine is prepared from the following medicines: radix astragali, radix codonopsis, Chinese angelica, 
atractylodes macrocephala, longan, spina date seed, poria with hostwood, milkwort root, cassia twig, fossil fragments, 
oysters, radix glycyrrhizae preparata, Chinese dates and tuber fleeceflower stem. 700ml of water is added to first dose of 
the medicines to decoct the medicines until the decoction is 200ml, and 500ml of water is added to second dose of the 
medicines to decoct the medicines until the decoction is 200ml. The traditional Chinese medicine is taken twice a day on an 
empty stomach, once in the morning and once in the evening. 


Non-Contact Electronic Tool for Dream Enhancement 

US2013012762 

This invention pertains to a non-contact electronic device for the enhancement of dreaming. By enhancement it is meant 
increasing the frequency, the length, the lucidity, and the color of dreaming. For example, one person who dreams in grey 
shades now dreams in color when using the device. The device will also allow better recall of the dreams. Dream 
enhancement is generally a pleasant process and promotes a pleasant feeling in the morning after use. The device is a 
passive electronic device, that is, it is not actively powered. The user places the device a few feet away during sleep. The 
device uses a piezo-crystal and an iron core. It is believed that ambient fluctuations in the piezo-crystal's voltage produce 
an influence field that is broadcasted through the iron core to the user a few feet away. 


Method and apparatus for electrically generating signal for inducing lucid dreaming 

US8267851 

A lucid dream is induced in a subject. A brain state entrainment signal is generated in a circuit. A transducer applies a 
waveform of a kind sufficient to cause a lucid dream in the brain based on the brain state entrainment signal. The brain 
state entrainment signal modulates a carrier wave of a higher frequency than the entrainment frequency. The waveform is 
first applied to the subject and thereafter removed to attempt a lucid dream. The waveform can be electrical, light, sound or 
magnetic waveforms. 


LUCID DREAM STIMULATOR, SYSTEMS, AND RELATED METHODS 

US2017304583 

A dream stimulator may include a substrate and a plurality of electrodes positioned along a first side of the substrate. The 
stimulator also may include a stimulator coupled to the substrate. At least one lead may couple the plurality of electrodes to 
the stimulator. Additionally, a band may be positioned along a second side of the substrate and about each of the plurality 
of electrodes. 


SYSTEMS AND METHODS FOR DELIVERING SENSORY INPUT DURING A DREAM STATE 
US9620027 
Embodiments of the invention provide apparatus, systems and methods for detecting neurological activity indicative of a 
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dream state of a human. Many embodiments of the invention provide apparatus, systems and methods for detecting 
neurological activity of a human indicative of a dream state or the onset thereof and delivering an input to the user (such as 
an audio or other sensory input) during the dream state. Particular embodiments of the invention provide systems and 
methods for detecting neurological activity indicative of the onset or occurrence of a dream state of a human and delivering 
an audio or other sensory input during the user's dream state. The audio input may be used for learning, delivering 
messages to the user's subconscious, and/or promoting a state of relaxation. 


EROTIC DREAM INDUCTION APPARATUS 

US2016331924 

An erotic dream induction apparatus includes an inflatable air bladder, such as a rubber balloon, to induce sexual arousal 
via genital stimulation. The air bladder is brought into contact with either the penis or vagina of the user, and/or is inserted 
into the anus and/or vagina of the user. In one embodiment, the air bladder is brought into contact with the penis, vagina, 
and/or anus of the user by being maintained in position near, against, or around the penis, vagina, and/or anus by means of 
straps or pockets in stimulation underwear, such that when the air bladder is inflated, the air bladder makes contact with at 
least a portion of the penis, vagina, and/or anus of the user. The air bladder is repeatedly inflated and deflated by means of 
pumps and/or valves. 


Dream Enhancement Apparatus and Method 

US2016310698 

Dream stage enhancement uses a headband with EEG-EOG sensors, onboard processors, memory, coarse and fine time 
REM waveform detection modules, LEDs and an audio playback unit. After normalization to the user's EEG waveforms, 
the user's EEG-EOG signals are processed, REM and NREM stages detected and light, sound or AV stimuli are presented 
to the user based upon user-supplied light-sound-AV stimuli commands. To provide a reality check control (“RCC”), the 
head unit has a user actuatable RC interface whereby during sleep, RC stimuli are presented when the user depresses the 
RCC control which plays back the user supplied stimulus. In a “learning mode,” the user selects “Recall” or “No Recall” 
(“NR”) after the sleep period. If NR, then the system changes the color of light stimuli, light intensity, flash, audio sound 
type, audio intensity, and AV. If “Recall” the user supplied stimuli commands are carried out. 


INDUCING LUCID DREAMING 

WO2016209078 

The present invention is in the field of induction of lucid dreams by Transcranial Alternating Current Stimulation (TACS). 
Lucid dreaming refers to a well-documented and scientifically accepted phenomenon that may occur during natural sleep. 
Lucid dreaming is characterized by awareness of the fact that one is dreaming, an increased chance of control over the 
events that are occurring within the dream and increased logical or rational thought during the dream. 


Drug containing melatonin and phosphatidylserine 

CN105708843 

The invention discloses a drug containing melatonin and phosphatidylserine. The drug comprises raw materials in parts by 
weight as follows: 0.1-100 parts of the melatonin and 1-400 parts of phosphatidylserine. A drug preparation can be 
beverage, tea, tablets, granules or capsules. The drug maintains the effects of aging resistance, mental state maintenance, 
sleep improvement, resistance enhancement and human immune system support of the melatonin, and can treat symptoms 
of deficiency type dyspnea caused by long-time cough, wet dream and night emission, enuresis and frequent micturition, 
protracted diarrhea, spontaneous sweating, night sweat, body fluid deficiency, thirst, short breath and feeble pulse, diabetes 
caused by internal heat, palpitation and insomnia and the like, and due to addition of phosphatidylserine, the drug further 
can enhance the memory ability, prevent senile dementia, improve intelligence and the like. 


Traditional Chinese medicine used for treating sexual intercourse in dream 

CN104189132 

The invention provides a traditional Chinese medicine used for treating sexual intercourse in dream. The traditional 
Chinese medicine is prepared from the following medicines: radix astragali, radix codonopsis, Chinese angelica, 
atractylodes macrocephala, longan, spina date seed, poria with hostwood, milkwort root, cassia twig, fossil fragments, 
oysters, radix glycyrrhizae preparata, Chinese dates and tuber fleeceflower stem. 700ml of water is added to first dose of 
the medicines to decoct the medicines until the decoction is 200ml, and 500ml of water is added to second dose of the 
medicines to decoct the medicines until the decoction is 200ml. The traditional Chinese medicine is taken twice a day on an 
empty stomach, once in the morning and once in the evening. 


Non-Contact Electronic Tool for Dream Enhancement 

US2013012762 

This invention pertains to a non-contact electronic device for the enhancement of dreaming. By enhancement it is meant 
increasing the frequency, the length, the lucidity, and the color of dreaming. For example, one person who dreams in grey 
shades now dreams in color when using the device. The device will also allow better recall of the dreams. Dream 
enhancement is generally a pleasant process and promotes a pleasant feeling in the morning after use. The device is a 
passive electronic device, that is, it is not actively powered. The user places the device a few feet away during sleep. The 
device uses a piezo-crystal and an iron core. It is believed that ambient fluctuations in the piezo-crystal's voltage produce 
an influence field that is broadcasted through the iron core to the user a few feet away. 
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Method and apparatus for electrically generating signal for inducing lucid dreaming 

US8267851 

A lucid dream is induced in a subject. A brain state entrainment signal is generated in a circuit. A transducer applies a 
waveform of a kind sufficient to cause a lucid dream in the brain based on the brain state entrainment signal. The brain 
state entrainment signal modulates a carrier wave of a higher frequency than the entrainment frequency. The waveform is 
first applied to the subject and thereafter removed to attempt a lucid dream. The waveform can be electrical, light, sound or 
magnetic waveforms. 


Dream generator 

CN202198951 

The utility model relates to a dream generator, comprising a luminous source and a controller for controlling the luminous 
source to twinkle at intervals. The luminous source is connected on a clamp. The luminous source and the controller are 
supplied with electricity by a power source. The utility model provides a dream generator to generate dream for people 
entering into sleep. 


METHOD AND APPARATUS FOR ATTAINING LUCID DREAM STATE 

US2010130813 

The invention discloses an apparatus that facilitates attaining of lucid dreaming state. The utility model relates to a dream 
generator, comprising a luminous source and a controller for controlling the luminous source to twinkle at intervals. The 
luminous source is connected on a clamp. The luminous source and the controller are supplied with electricity by a power 
source. The utility model provides a dream generator to generate dream for people entering into sleep. 


COMPOSITIONS, METHODS, AND SYSTEMS FOR RAPID INDUCTION AND MAINTENANCE OF 
CONTINUOUS REM SLEEP 

WO2009100071 

Compositions, kits, methods, and systems to induce, maintain, monitor, and interpret a continuous, un-fragmented REM 
sleep state in humans, generate dreams, recover sleep, create brain neuronal plasticity and activate the brain for cognition 
enhancement and mood stabilization are described. If potentially combined with other medications, a platform 1s provided 
to develop new research and therapies in many fields treating the human brain. The procedure reliably and quickly 
generates a Continuous REM Sleep cycle of pre-determined time or indefinite duration depending on therapeutic goals, 
allowing the patient to experience a qualitatively superior dream sleep in a shortened period of time compared to a natural 
sleep cycle. Profuse positive (pleasant) dreams are produced as well. REM sleep, dreams and sleep recovery can be reliably 
generated, and various sleep, psychological and neurological illnesses and disorders can be treated or prevented either 
solely by this method or in combination with additional agents. 
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at perhaps the .3C or an even higher rate. A voltage sensor is 
provided so that when the battery reaches some predetermined 
level, the constant-potential method will take over. The voltage 
here can be set to hold additional charging current to a suitable 
value. One drawback to this system, however, is that cell voltages 
can vary with repetitive charges. It can also vary with ambient 
temperature. Then, of course, suppose the battery develops a 
shorted cell. All of these problems mentioned will prevent the 
battery from reaching the sensor cutoff, so that high-rate charging 
can continue, eventually damaging the battery. 

At this point, let me digress. Some experimenters and 
suppliers of chargers believe that the charge should be terminated 
after replacing 130% to 150% of the battery capacity. This is to 
prevent losing electrolyte within the cells. Others prefer the bat- 
tery to remain on a trickle charge which may be as low as .01C of 
the battery capacity. General Electric Company's Nickel Cadmium 
Battery Handbook recommends that nicad batteries be charged at a 
fairly high rate, but that at completion of the normal charging 
period they be kept on a .1C-rate topping charge. As all cells in the 
battery may not have identical characteristics, the topping charge 
will permit the weaker cells to get a full charge without harming the 
other cells. G.E. goes on to say that most nicads may be left on the 
.1C charge rate for extended periods of time without harm. 

Another item worth mentioning here is the memory effect of 
nicads, but since we are all probably aware of this condition by 
now, no discussion should be necessary. 

Very few chargers described in magazine articles or that are 
available from the HT manufacturers take into consideration the 
state of charge remaining in the nicad battery. If the battery is not 
depleted when put into the charger, this can lead toward develop- 
ing the memory effect just mentioned. To prevent this from hap- 
pening, the conditioner shown in Fig.8-1 was developed. This can 
be built as a stand-along unit or may be incorporated into a com- 
plete charger system. Before the battery is placed on charge, it is 
put into the conditioner. It will immediately go into discharge at the 
1C rate. When the battery voltage drops to the 1-volt-per-cell 
cutoff point, the relay will drop out, thereby terminating any 
further discharge. This procedure will not harm the battery and it 
will erase any memory effects. 

Another advantage gained by this conditioning is more operat- 
ing time per charge. In Fig. 8-1, the relay used should operate ona 
low current and have a coil rating somewhat lower than the battery 
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Preface 


There is a world of things happening around 
you, most of which become knowable to you 
thanks to one or more of your five senses. Sen- 
sory perception happens so quickly, and so 
often, that it s easy to overlook how impressive 
asystem you actually are. 


Take a moment and think how many sensory events happened to you from 
the time you woke up to the time you began reading this book. It's likely that 
you cant even list all the sensory occurrences. Not only do you constantly 
sense the environment, but your senses also work together to compile a pic- 
ture of the universe. For example, events such as people passing by, warm 
sun shining on your face, or observing that a cool breeze in the morning is 
getting warmer in the afternoon are all fine examples of your senses at work 
and your mind processing sensations. But how can a robot or gadget have 
similar input? You probably already know what makes this possible (you did 
buy a book on the topic): sensors. 


Adding sensors to a circuit expands its capabilities just as your own senses 
expand your awareness and inform you about the world. Sensors provide an 
input for information about an environment and work much like your own 
senses. But sensation isn tthe only issue with sensors. A component doesnt 
necessarily have the ability to draw conclusions when a particular event oc- 
curs. Say, for instance, that it is —5 degrees outside and you want to go for a 
walk; what should you wear? You know, of course, that a coat and winter 
clothing are in order, but a temperature sensor does not know this. It can 
certainly provide you with a temperature reading, but it does not make judg- 
ments or inferences about what you should wear—at least not at the com- 
ponent level. For sensors to matter in the same way that your own sensations 
and your reflection on these sensations matter, a level of data processing 
needs to occur on the sensor data. Ultimately, sensors are components that 
you wire so that, either through hardware or software, their data is processed 
—and that's what this book is about: how to wire sensors and process their 
data. 


In the first part of this book, you'll learn how to wire up sensors to other 
components. The level of data processing isn't too robust at the component 


vil 


level, and the focus is really on just getting a sensor safely wired and teaching 
some of the basics. The second part of the book deals with how to process 
sensor data. You will learn how to easily and quickly write programs with 
Arduino to process sensor data, as well as how to wire and program a Rasp- 
berry Pi to support analog sensors. 


In this book, you ll gain hands-on experience with some of the most useful 
and instructive sensors available. Among the sensors and applications inthis 
book, you ll learn how to detect and respond to: 


e Clicks and rotation with a potentiometer 
e Distance with ultrasound 

e Proximity with infrared sensors 

e Light and dark with a photoresistor 

e Temperature with a thermometer 


e Relative humidity with a capacitive relative humidity sensor 


What Sensors to Buy? 


This book covers a number of specific sensors and components (a few are 
illustrated in Figure P-1). To make sourcing parts easier, we ve included Ap- 
pendix D, which lists a complete bill of materials for all the projects in this 
book. 


Figure P-1. Arduino, sensors, and components 


some well-known sellers of Arduino boards and related parts include Maker 
Shed, SparkFun Electronics, Parallax, and Adafruit. All four of these shops 
should stock most of the individual sensors used in this book, and all sell 
original, high-quality parts. Start with these shops. 


Global electronics distributors, like Elementl4 and RS Components, are 
great places to order parts from, too. However, their product lists can be 
daunting for beginners to navigate. These global suppliers stock parts that 
differ from each other only in the pin format or voltage tolerances, which can 
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be quite exhaustive. The parts sold from both of these global suppliers are 
high quality parts and very well documented. 


some online shops are very cheap, but these places typically do not sell of- 
ficial Arduino boards—they will say the product is “compatible.” The sensors 
they sell may differ slightly in their pin configuration or even general appear- 
ance. At the time of writing, DealExtreme is one of the most popular shops 
of this sort. Even though they are based in Hong Kong and Shenzhen and 
offer free worldwide shipping, the quality of their parts varies a lot and de- 
livery time can be slow. AliExpress is another popular Asian shop. 


If you're ordering from abroad, research your local laws regarding custom 
fees. In some countries, small orders may be exempt from customs and 
taxes. 


Conventions Used in This Book 


The following typographical conventions are used in this book: 


Italic 
Indicates new terms, URLs, email addresses, filenames, and file exten- 
SIONS. 


Constant width 
Used for program listings, as well as within paragraphs to refer to pro- 
gram elements such as variable or function names, databases, data 
types, environment variables, statements, and keywords. 


Constant width bold 
Shows commands or other text that should be typed literally by the user. 


Constant width italic 
Shows text that should be replaced with user-supplied values or by val- 
ues determined by context. 


A This element signifies a tip, suggestion, or general note. 


€ This element indicates a warning or caution. 


Using Code Examples 


You can download all the source code for this book from http://getstar 
ted.botbook.com. 
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You can extract the zip package by double-clicking it, or by right-clicking and 
selecting Extract from the pop-up menu. 


This book is here to help you get your job done. In general, you may use the 
code in this book in your programs and documentation. You do not need to 
contact us for permission unless you re reproducing a significant portion of 
the code. For example, writing a program that uses several chunks of code 
from this book does not require permission. Selling or distributing a CD-ROM 
of examples from Make: books does require permission. Answering a ques- 
tion by citing this book and quoting example code does not require permis- 
sion. Incorporating a significant amount of example code from this book into 
your product's documentation does require permission. 


We appreciate, but do not require, attribution. An attribution usually includes 
the title, author, publisher, and ISBN. For example: “Getting Started With 
Sensors by Kimmo Karvinen and lero Karvinen (Maker Media). Copyright 
2014, 9/8-1-4493-6/08-4.' 


If you feel your use of code examples falls outside fair use or the permission 
given here, feel free to contact us at bookpermissionsOmakermedia.com. 


Safari® Books Online 


..) Safari Books Online is an on-demand digital library that 
Safa ri delivers expert content in both book and video form trom 
Books Online. the world's leading authors in technology and business. 


Technology professionals, software developers, web designers, and business 
and creative professionals use Safari Books Online as their primary resource 
for research, problem solving, learning, and certification training. 


Safari Books Online offers a range of product mixes and pricing programs for 
organizations, government agencies, and individuals. Subscribers have ac- 
cessto thousands of books, training videos, and prepublication manuscripts 
in one fully searchable database from publishers like Maker Media, O'Reilly 
Media, Prentice Hall Professional, Addison-Wesley Professional, Microsoft 
Press, Sams, Que, Peachpit Press, Focal Press, Cisco Press, John Wiley € 
sons, Syngress, Morgan Kaufmann, IBM Redbooks, Packt, Adobe Press, FT 
Press, Apress, Manning, New Riders, McGraw-Hill, Jones & Bartlett, Course 
Technology, and dozens more. For more information about Safari Books On- 
line, please visit us online. 


How to Contact Us 


Please address comments and questions concerning this book to the pub- 
lisher: 


Make: 
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1005 Gravenstein Highway North 

Sebastopol, CA 95472 

800-998-9938 (in the United States or Canada) 
707-829-0515 (international or local) 
707-829-0104 (fax) 


Make: unites, inspires, informs, and entertains a growing community of re- 
sourceful people who undertake amazing projects in their backyards, base- 
ments, and garages. Make: celebrates your right to tweak, hack, and bend 
any technology to your will. The Make: audience continues to be a growing 
culture and community that believes in bettering ourselves, our environ- 
ment, our educational system—our entire world. This is much more than an 
audience, it's a worldwide movement that Make: is leading—we call it the 
Maker Movement. 


For more information about Make:, visit us online: 


Make: magazine: http://makezine.com/magazine/ 
Maker Faire: http://makerfaire.com 

Makezine.com: http://makezine.com 

Maker Shed: http://makershed.com/ 


We have a web page for this book, where we list errata, examples, and any 
additional information. You can access this page at: http://bit.ly/get-start- 
Sensors. 


To comment or ask technical questions about this book, send email to: book 
questionsOoreilly.com 
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1/Sensors 


sensors surround you in daily life. [he world Is 
full of them: from passive infrared sensors In 
motion detectors, to CO, detectors in air con- 
ditioning systems, and even tiny accelerome- 
ters, GPS modules, and cameras inside your 
smartphone and tablet—sensors are every- 
where! Ihe variety of sensor applications Is re- 
markable. 


It's safe to assume that if an electronic device is considered “smart,” It's full 
of sensors (Figure 1-1). In fact, thanks to the proliferation of smart devices, 
especially phones, the price of sensors has been driven to affordability. Not 
only is it economically viable to add advanced sensors to your projects, but 
they vastly expand the kinds of projects you can make. 


You'll learn about sensors inthis book by making small projects and reflecting 
on the experience. It's more fun to build first and discuss later, but both are 
equally important. It’s best to avoid the temptation to only build projects and 
skip the conceptual sections. 


Getting started with sensors is easy, and only the sky is the limit. Electronics 
challenge some of the best brains daily and produce new innovations and 
dissertations. On the other hand, even a child can get started with some 
guidance. 


If you don't know much about sensors yet, try to remember what it feels like 
now. After you've tackled some challenges and built a couple of gadgets, 
many dark mysteries of sensors will probably seem like common sense to 
you. 


This book is suitable for anyone with an interest in sensors (see Figure 1-2). 
After you've built the gadgets and have read this book, you can get ideas for 
bigger projects from our book Make: Arduino Bots and Gadgets or learn more 
advanced sensors in Make: Sensors. For a wider view of the basics, see Get- 
ting Started with Arduino, 2nd Edition by Massimo Banzi, Getting Started with 
Raspberry Pi by Matt Richardson and Shawn Wallace, or Make: Electronics 
by Charles Platt. 
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Figure 1-1. Various sensors: infrared proximity, rotation, brightness, but- 
ton, temperature, and distance 


What are sensors? Sensors are electrical components that function as input 
devices. Not all inputs are explicitly sensors, but almost all inputs use sen- 
sors! Consider your computer mouse or trackpad, a keyboard, or even a 
webcam; these are not sensors, but they definitely use sensors in their de- 
sign. More abstractly, you can frame sensors as a component to measure a 
stimulus that is external to the system it is in (its environment). The output 
data is based on the measurement. For example, when you type at a key- 
board, the letter that appears on your screen (the output) is based on the 
measurement (which switch, or key, you pressed on the keyboard). How 
many letters appear on screen Is based on another measurement (how long 
you keep the key pressed). 


Figure 1-2. Simple AND connection with buttons, built and designed by a 
four-year-old with help from an adult 


The first project uses a photoresistor to measure light. Without the photo- 
resistor (or similar sensor), there is no way the circuit can know how bright 
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the light is in the environment. By adding the sensor, your circuit knows 
something it didn't know before. 


All of the projects in this book evaluate a particular stimulus within the envi- 
ronment. None of this would be possible without sensors. Let's get building 
so you can experience the inputs and outputs that sensors provide to 
projects. 


Project 1: Photoresistor to Measure 
Light 


Light in an environment is quite informative: you can determine what time of 
day itis based on the sun's angle, you operate a car more Safely at night when 
Its lights are on, and people who do not experience enough light in daily life 
can become depressed with seasonal affective disorder. As such, light influ- 
ences many aspects of your life and it’s fun to measure it, too. 


The simplest sensor for detecting light is a photoresistor. It's not uncommon 
to also encounter another name for the exact same sensor: light-dependent 
resistor (LDR). The component works by changing Its resistance based on 
the amount of light hitting it. 


Now that you know the right sensor to use, the next question to think about 
is how to process the sensor's measurements. If you've ever worked with a 
light-emitting diode (LED) , shown in Figure 1-3, you might know that resist- 
ance is an electrically important consideration. For example, if you ve ever 
used a larger-value resistor for the LED than a project called for, you've seen 
that too much resistance can restrict an LED from illuminating. This same 
basic observation is applicable to this project. 


Figure 1-3. LEDs 
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The circuit is designed so that an LED is dependent on the photoresistor's 
measurement. loo much resistance and the LED simply will not turn on. 
Enough discussion— it's time to build! Figure 1-4 shows the finished project. 


Figure 1-4. The finished photoresistor project 


Parts 


You need the following parts for this project: 


Photoresistor 


5 mm red LED (different LEDs will work differently with this circuit; later, 
you'll learn a more sophisticated way to fade LEDs) 


470 Q resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistor's tolerance) 


Breadboard 
9 V battery clip 
9 V battery 


All of these parts, except the 9 V battery and 470 © resistor, 
are available in the Maker Shed Mintronics: Survival Pack, part 
number MSTIN2. You can use two of the 220 Q resistors in 
series or one 1 kQ resistor in place of the 470 © resistor; both 
of these are available from electronics retailers such as 
RadioShack. 
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voltage. Resistor R is chosen so that the total current drain on the 
battery, including the pilot light and relay, should total the 
ampere-hour rating of your battery. 

To describe the operation of the conditioner: When a battery 
which is not fully discharged and has greater than 1 volt per cell is 
connected, current will flow through the zener diode. This will 
place a positive bias on the base of the transistor, causing it to 
conduct. The relay is pulled in and the discharge cycle starts. When 
the battery voltage drops to the 1-volt-per-cell level, the zener 
diode stops conducting, cutting off the transistor. This causes the 
relay to drop out, terminating any further discharge. 

The next consideration in the design of the charger was the 
method to be used. I wanted a constant current to charge at a fairly 
high rate. As it is necessary to replace about 130% of the battery 
capacity for a full charge, I decided to charge at the .5C rate for 
approximately two hours to replace 100% of the capacity. At the 
end of this time the charger should switch automatically to the 1C 
rate to complete the charge, or for battery-topping. 

Consideration was given to the control device. Some rapid- 
charge batteries have a thermistor built in. As the battery ap- 
proaches full charge, the resistance of the thermistor will change, 
triggering the control device to reduce the charge rate. I found that 
the thermistor resistance would sometimes change. Then again, 
different manufacturers would use different thermistors. Some- 
times they were different from battery to battery. This method, 
then, was discarded. 

What was finally decided upon was a timer method of control. 
The Motorola 4058 Programmable Timer proved ideal, as it can be 
set for any time period desired. The circuit of the timer is shown in 
Fig. 8-2. Once the timer is triggered, the countdown begins. At the 
end of two hours, my timer operates, pulling in the relay for a low 
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Fig. 8-1. Conditioner circuit. 
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Build It 


Here are the steps for building this project: 


1. Orient your breadboard so that it is wider than it is tall, as shown in 
Figure 1-5. 
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Figure 1-5. Circuit digram for photoresistor project 


2. Look at your LED and determine which lead has a flat side above it on 
the colored plastic housing—this indicates the negative lead of the LED 
(the negative lead is also the shorter of the two), as shown in 
Figure 1-6. LEDs have a certain polarity and putting them in backward 
might damage them. 


Figure 1-6. Negative leg of the LED 


3. Insert the photoresistor so that the negative lead of the LED and one of 
the photoresistor leads occupy the same column. The second (positive) 
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LED lead should occupy its own column for now. Refer back to Figure 1-5 
to see how they should be arranged. 


Do you see the gap in the middle of the breadboard in 
Figure 1-7? That gap separates the two groups of columns, 
and there's no connection across it. If you want two leads 
in the same column to be connected, be sure they are on 
the same side of the gap. 
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Figure 1-7. Breadboard layout 


. Connect the 470 © resistor to the column with the positive LED lead and 
make sure it’s not the same column that already has the photoresistor 
and LED's negative lead in it. Make sure that the resistor's other lead is 
in a separate column. 


. Attach the black wire from the battery clip to the column that contains 
only a photoresistor lead. 


. Insert the red wire from the battery clip to the column that contains only 
a resistor lead. 


. Double-check the steps and if everything looks like Figure 1-5, connect 
the 9 V battery. 


That's it. You've built your first sensor circuit. Congratulations! 


Discussion: Photoresistors 


It might not seem like the circuit is doing much. That's because the light levels 
probably have not changed much in your room. Put your finger over the pho- 
toresistor and watch the LED closely. Did anything seem to change with the 
LED? There should have been some change in the LED brightness. Try adding 
more light to the photoresistor. The opposite happened, right? Now that 
you ve seen the photoresistor in action, how would you describe what is going 
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on when you expose the photoresistor to more light in terms of its resist- 
ance? Is the resistance increasing or decreasing when the sensor is exposed 
to more light? 


Here's what's going on in the circuit. The more light hits the photoresistor, 
the lower its resistance. If the room is quite bright, then the LED will be quite 
bright. If light is low in the room, the sensor resists the current flow, which is 
expressed by the LED getting dimmer. 


The current flow through the sensor controls how bright the LED will shine. 
That's because the circuit is wired so that all current to the LED must pass 
through the photoresistor first. 


The photoresistor, as you just learned, is a resistive sensor. 
There are many types of resistive sensors; this category of 
sensors is used to measure much more than luminosity. As 
you continue reading and you encounter new sensors, It's a 
good idea to think how the stimuli are measured and especially 
how the output is structured. None of the sensors will output 
data that is ina convenient format for end-user consumption. 
Instead, you will need to decide how to express or format the 
raw sensor data output in a way that makes sense to users. 


Another sensor type Is electro-mechanical. These sensors do not manifest 
changes in voltage or current, but rather by a change in their physical prop- 
erties. [he thermostat in your home or apartment is a great example (unless 
you have a digital thermostat). When the room temperature changes, a ther- 
mostat's bimetallic coil will expand or contract depending on whether the 
room's temperature increases or decreases. The sensor is actually physically 
expressing itself by changing shape! But even these sensors may trigger an 
electronic sensor (for example, a thermostat's bimetallic coil is usually con- 
nected to a tilt switch that turns the heat on or off). 


Interactive Sensor Control 


“Project 1: Photoresistor to Measure Light” on page 3 used a sensor in a way 
that didn't directly involve interaction with a human. Sure, you were the one 
who changed the lighting in the room to force the photoresistor to change its 
resistance, but it could have just as easily been the setting or rising of the 
sun. There are many sensors that you'll manipulate directly; you'll see these 
in later chapters. 


Going Forward 


In all the projects in this book, you ll be building small systems that collect 
input data by taking measurements with a sensor. The systems will do some- 
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thing that processes that input data, and then take action (the output of the 
system). At first, you Il just build things with electronic components, but later 
in this book, you ll use Arduino and Raspberry Pi to handle the processing. 


When you use Arduino and Raspberry Pi, you'll write code that does a lot of 
the work for you. The benefit will become very clear because you'll find that 
you can change the way you respond to an input without having to rewire 
your circult. 


Suppose you want to challenge your friend to see who can press a force- 
sensing resistor down more firmly. All you would need to do is add some extra 
lines of code to the Arduino sketch and send the new code. How would you 
accomplish the same trickery if you didn't have the option to alter code? It 
certainly would be more challenging, and at the very least you would have to 
move a few things on the breadboard. And how would you display the score 
for the contest results? It turns out that an Arduino handles quite a lot of work 
for you! 


But this isn't the whole story of sensors. We don't want you to think that as 
sensor systems increase in physical complexity, their programs become 
more complicated. Rather, we want you to think of this as an issue of applic- 
ability: what's the best design to accomplish your goal? 
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Get ready to wire afew more sensors and learn 
a bit more theory. The circuits you will build in 
this chapter do not need to be programmed, 
which Is to say, they will not use an Arduino or 
a Raspberry Pi. [he sensors data will be in- 
teroreted by the electrical properties of each 
component in the circuit design. 


A sensor is a physical input to a circuit. Sensors are transducers. The process 
of converting sensed energy into another form is called transduction. For 
example, a light sensor transduces luminosity into resistance. 


Another type of transducer is an actuator. Rather than reacting to something 
in the environment, an actuator makes something happen. An actuator is a 
physical output of a circuit. An LED, for example, transduces electrical cur- 
rent into light; a speaker turns it into sound. 


You'll use both types of transducers (sensors and actuators) In the projects 
in this book. So if someone asks you how a sensor exerts control over a Cir- 
cuit's simply reply, “Transduction!” 


Project 2: A Simple Switch 


A switch can connect and disconnect the flow of electricity. It’s just like a 
button, except that it stays where you leave it. If you switch it off, it stays off. 
If you switch it on, it stays on. 


Parts 


You need the following parts for this project: 


e A switch 

e A wire with alligator clips 

e Two 1.5 V batteries 

e Battery holder with wire leads 
e 5 mm red LED 


e 470 O resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistors tolerance) 


e Breadboard 


some toggle switches have three leads. These single pole dou- 
ble throw (SPDT) switches are used in cases where you want 
the switch to choose between two different paths for electric- 
ity to flow. If you only wire up two of the leads, you re just using 
itas aregular single pole single throw (SPST) switch. 


SPDT switches are used when a simple on-off switch won't do 
the trick, such as the pair of light switches commonly found at 
the top and bottom of a staircase. Because of a multiway 
switching wiring scheme, flipping either switch will toggle the 
State of the light. 


Build It 


Figure 2-1 shows the circuit diagram for this project. Here's how to wire it up: 


1. Orient your breadboard so that it is taller than it is wide, as shown in 
Figure 2-1. 


í 
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Figure 2-1. Circuit diagram for the simple switch circuit; the short lead 
connects to the black wire 


2. Insert the red LED into the breadboard and keep track of which side is 
positive (the longer lead) and which is negative (the shorter lead). 
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3. Insert one lead of the 470 Q resistor into the row containing the LED's 
positive lead. 


Keep in mind that the gap in the middle of the breadboard 
separates the two groups of rows, and there's no connec- 
tion across that gap. If you want two leads in the same row 
to be connected, be sure they are on the same side of the 
gap. 


4. Connect the alligator wire from the other resistor lead to the middle lead 
of the switch. 


5. Connect the red positive wire from the battery holder to either side lead 
of the switch using the following technique (see Figure 2-2): 


a. Push the wire through the hole. 
b. Fold the wire into itself. 
c. Twist the folded wire to secure It. 


Figure 2-2. [ying a wire to the switch leads 


6. Insert the batteries into the holder. 


With everything wired up, test the switch and see if your LED turns on and 
off as you d expect from a switch. 


Now you can add a power switch to any of your projects. No more removing 
the battery when you are done playing with a prototype. 


Troubleshooting 
If this project doesn't work, try checking the following things: 
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e |f your switch has three leads, did you connect the switch's center and 
one side lead (rather than using two side leads)’ 


e Make sure that the alligator clip only touches the middle lead of the 
switch. If the alligator clip short-circuits two leads, the LED might be lit 
constantly, even if you flip the switch. 


e Is the battery wire connected securely? If you find the LED is never lit, 
try pressing on the battery wire connection and flipping the switch. For 
a permanent fix, twist the switch more to make the wire tighter. 


An LED Needs a Resistor 


All the circuits in this book work with a normal red LED and a 470 Q resistor. 
In a pinch, any resistor with a brown multiplier band (third stripe) will do. 


What if you have a really fancy LED, such as a blue one or asuperbright LED? 
If you have a general idea what the LED should look like when lit, you can just 
try out resistors. Start with the common 4/0 Q. If the LED Is too dim, pick a 
weaker resistance. 


Most LEDs don't break easily, but they have very low resistance. So if you 
forget the current limiting resistor, the LED might drain your battery and 
Cause some components to overheat and break. Even if you use an online 
LED resistor calculator (there are many out there; just Google it or look in 
your phone's app store) and It gives you a zero (or less!), you should still use 
a very small resistor. 


Third Band Trick 


We use a shortcut called the third band trick to pick out resistors. Hold a 
resistor so the tolerance band Is on your right—these are usually gold or silver 
bands. The third band in from the left is known as the multiplier band. 


Some resistors have five bands, not four, although they are uncommon. But 
all the same, the multiplier band is the second-to-last band. For a five-band 
resistor, it’s the fourth band. 


Our rule of thumb (when working with 3 V to 5 V) for choosing a resistor by 
its third band: pick brown if you are protecting an LED, green if you need a 
pull-up resistor. 


Project 3: Buzzer Volume Control 


In many projects, you need the ability to slightly adjust input or output rather 
than toggling between on and off. A potentiometer will allow you to operate 
between the extremes of on and off, just as the photoresistor did in “Project 
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1: Photoresistor to Measure Light” on page 3. Potentiometers, also known as 
pots, are often used as volume controls for audio devices. 


Parts 


You need the following parts for this project, which are available in the Maker 
Shed Mintronics: Survival Pack, part number MSTIN2 (you will need to pur- 
chase the 9 V battery and piezo buzzer separately: 


e DC piezo buzzer (Maker Shed part number MSPT01) 
e 10 K potentiometer 

e OV battery 

e Battery clip 

e Breadboard 


You are using a 9 V battery in this project because common 
piezos typically operate with a range of 6 V to 18 V or more. 
Because we are going to be increasing and decreasing the 
current with a potentiometer, using a 9 V source voltage gives 
us room to increase or decrease the voltage and still produce 
audible output. 


Build It 


Here are the steps for building this project: 


1. Orient your breadboard so that it is wider than it is tall, as shown in 
Figure 2-3. 


2. Connect the negative wire of the piezo buzzer to any free column of holes 
on the breadboard and then insert the black (negative) battery clip wire 
into the same column. 


3. Insert the potentiometer into the breadboard, but make sure you don't 
put it in the same column as the negative wires you just connected. Put 
the battery clip’s red (positive) lead into the same column as the poten- 
tiometer's middle lead. 
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Figure 2-3. Circuit diagram for buzzer volume control 


4. Next, connect the piezo's positive lead to one of the potentiometer's 
outer pins. lt doesn't matter which outer pin you choose, just don't pick 
the middle one—that's not an outer pin. 


5. Clip in the 9 V battery and turn the potentiometer left to right to change 
the output level of the piezo buzzer. 


Now you can add loud noise to any of your projects. You also know how to 
use a potentiometer as an adjustable resistor. You will soon learn about many 
other sensors that report their value with resistance, just as a potentiometer 
does. 


Troubleshooting 
If this project doesn't work, try checking the following things: 


e Does your piezo buzzer work? Connect it directly to the battery to make 
sure it works (the piezo black lead goes to the battery's black lead, and 
red goes to red). 


e Did you connect the pot correctly? We're using the pot as a simple ad- 
justable resistor, so we must connect one wire to the center lead and the 
other to either of the side leads. 


e Check connections one by one. Start from battery positive or negative 
and go through the whole circuit. 


Project 4: Hall Effect 


A hall switch senses change in the magnetic field and detects if there is a 
magnet nearby. A very common use for this is a bike speedometer that iden- 
tities how often a rapidly rotating object passes by the sensor. Another typical 
application is a door burglar alarm like the simplified version we're going to 
build next. 
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Fig. 8-2. Timer circuit. 


charge rate. This system has proven itself most reliable, with none 
of the defects listed for other charge-control methods. A copy of 
the 4058 application bulletin may be obtained by writing to 
Motorola. 

Figure 8-3 shows the circuit of the complete conditioner/ 
charger. Although the parts listed apply for use with my Motorola 
HT 220 Slimline using a 225-mAh rapid-charge battery, the same 
circuit can be applied to any other battery. Only a few resistors may 
have to be changed to vary the charging rates. The length of the 
high-rate charge time can be changed very easily by changing two 
or three jumper wires. See Tables 8-2 through 8-4. 

Several refinements were added, such as pilot lights to indi- 
cate the charger/conditioner status, discharge, high-rate charge, 
and low-rate charge. The power switch has been connected as a 
safety switch to prevent accidental battery discharge. A self- 
testing feature is also included. Before inserting the battery, turn 
on the power switch and press the start button. The discharge light 
and the high-rate charge indicator lamps should come on. Release 
the start button and both lamps will go out. If you press the start 
switch and the low-charge lamp comes on, shut off the power 
switch and then turn it on again. 

Operation of the unit is extremely simple. Once you've 
checked the charger as described, connect it to the battery. The 
high-rate lamp should come on. Press the start button and the 
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Figure 2-4 shows the NJK-5002A Hall effect switch, which you can find from 
sellers on eBay or AliExpress for under $10. If you buy the similar NJK-5002C, 
you will have to change the way you wire the circuit (described later). 


Figure 2-4. Hall effect switch with magnet 


Parts 


You need the following parts for this project: 


e DC piezo buzzer 

e 9 V battery 

e Battery clip 

e Breadboard 

e NJK-5002A Hall effect switch 


Build It 


The NJK-5002A acts as a switch, and has connections for positive voltage 
(brown), negative (blue, although most components use black for negative), 
and a connection that outputs positive voltage (black, despite the fact that 
black usually indicates negative) when a magnet is held to the sensor. 


If you are using the NJK-5002C, black will go negative rather than positive 
when a magnet is held to the sensor. 


Here are the steps for building this project: 


1. Orient your breadboard so that it is wider than it is tall, as shown in 
Figure 2-5. 
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Figure 2-5. Circuit diagram for the Hall sensor alarm 


2. Insert the black (output) Hall effect switch wire into any free column of 
holes on the breadboard and then insert the red positive wire of the piezo 
buzzer into the same column. 


If you are using the NJK-5002C instead of the NJK-5002A, connect the 
black negative wire from the piezo here instead of the red positive wire. 


3. Insert the red positive wire of the 9 V battery clip into any free column 
of holes on the breadboard and then insert the brown (positive) Hall ef- 
fect switch wire into the same column. 


If you are using the NJK-5002C instead of the NJK-5002A, insert the red 
positive wire from the piezo into this column as well. 


4. Insert the blue (negative) Hall effect switch wire into any free column of 
holes on the breadboard and then insert the black negative wire from 
the battery clip into the same column. 


Insert the black negative wire from the piezo into this column. (If you are 
using the NJK-5002C, you don't need to make another connection to it 
in this step.) 


5. Clip inthe 9 V battery and hold a magnet to the switch to make the buzzer 
sound. 


Now that you ve learned how to work with a Hall effect switch, you can use it 
in your projects in many ways. You can use it to detect when two things are 
brought together or separated. For example, you could put a magnet in a 
door, and a Hall effect switch in the doorframe to know when it is opened or 
closed. 


lt can also be used to measure rotational speed: if you embed a magnet in a 
Stationary bicycle wheel, you could use a Hall effect switch to measure how 
fast you are pedaling. You could use the speed as input to a video game to 
make your exercise sessions more interesting. 


16 Getting Started with Sensors 


Troubleshooting 
If this project doesn't work, try checking the following things: 


e Try flipping the magnet over if it doesn't work. The switch won't be trig- 
gered unless you press the right pole of the magnet against it. 


Did the LED that's built into the sensor light up? If not, it’s probably not 
wired right. 


Are you using the correct model of Hall switch? The build instructions 
tell you how to connect two popular models (NJK-5002A and 
NJK-5002C). If you're using a different model, check the datasheet for 
information that will help you connect it correctly. 


Make sure the piezo buzzer is working by connecting it directly to the 
battery. Does it make a sound? 


Project 5: Firefly 


Night falls, and fireflies start to glow, slowly fading in and out. In case your 
garden doesnt have any real fireflies, you can build your own. You'll use a 
light-dependent resistor to detect darkness, and a 555 timer circuit to con- 
tinuously fade an LED in and out. 


It’s time to venture beyond basic components and leap to integrated circuits 
(ICs). You'll still use the components from the previous project, but also learn 
to use one of the most popular ICs, the 555 timer. 


First, you'll make an LED light up when it's bright outside. Then you reverse 
this, making your LED light up in darkness. You'll make the LED fade in and 
out with the 555. Finally, you Ilcombine the circuits to make the firefly. Itturns 
on the LED fading in darkness. 


By building the 555 firefly in distinct, testable steps, you will learn a system- 
atic approach to building analog circuits. You won't learn analog circuit de- 
sign here, but at the end of this project you'll get some ideas for simple mod- 
ifications. Designing completely new gadgets is easier with Arduino, which 
you Il see later in the book. 


Integrated Circuits 


ICs vary in complexity and price. The 555 timer we use here is a cheap, com- 
paratively simple IC: it only has about 40 components inside, most of these 
being transistors and resistors. Still, imagine if you didn't have the luxury of 
using a 555 timer. Your projects would balloon in parts and the wiring would 
not be an easy process. If you think 40 components is a lot, you will be taken 
aback to learn that there are billions of components in ICs such as a processor 
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or memory chip. The most complex IC we will be using in our sensor projects 
is the Broadcom BCM2835 system-on-chip found in the Raspberry Pi. 


This book teaches you the things you need to know to use the components 
in this book. If you want to know more, you can search the Web for the name 
of the IC and the word “datasheet” (e.g., “CA555E datasheet”). Datasheets 
are sometimes tedious to read, but they are the authoritative source on how 
the IC works. 


Pin numbering can be found on the datasheet. Usually, pins are numbered 
counter-clockwise from the notch. Hold the IC, pins down, so that you look 
at it from the top. Locate the polarity mark: a half-moon notch, a corner tri- 
angle, oradotonpin1. Pins are numbered counter-clockwise from that mark, 
starting from pin 1. 


For the CA555E, hold the half-moon notch to the left and the pins away from 
you. See Figure 2-6. Pin 1 is the bottom left, and the numbers increase 
counter-clockwise. Thus, the last pin (8) is at top left. To make your life easier, 
the circuit diagrams in this book have small pin numbers on the 555 chips. 


Figure 2-6. Pins are numbered counter-clockwise from the notch 


555 Timer IC 


The 555 timer IC (shown in Figure 2-7) is a multipurpose chip. You can con- 
figure it as a timed delay, an oscillator, or as a flip-flop. 


Modes of 555 operation are: 


e Leave the output on for a while (monostable). 
e Toggle the output (bistable, also known as flip-flop). 
e Blink the output without any input (astable). 
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Figure 2-7. 555 timer integrated circuit 


Configuring a 555 timer is not analogous to the programming you will do on 
an Arduino or Raspberry Pi, where lines of code are compiled and executed. 
Instead, the 555 timer configuration is done by connecting certain compo- 
nents such as resistors and capacitors to the 555. Hardware sets up the 555, 
not software. 


Building and configuring gadgets by coding with Arduino is easier than the 
component-by-component approach you use with the 555. Here, we have 
already designed the circuit for you and made the necessary calculations, 
making it a simple task to get familiar with the 555. 


Light Up an LED When It’s Bright 


A light-dependent resistor (LDR) cuts off electricity when it’s dark. When it’s 
well lit, the resistance is low and current passes through. The brighter it is, 
the more current goes through. 


How do you light up an LED when it's bright? Just connect an LDR in series 
with the LED. The LDR works just like any analog resistor, so you could use a 
potentiometer in its place. 


sound familiar? That's because you've built this circuit earlier (see 
Figure 2-8). Refer to the building instructions in “Project 1: Photoresistor to 
Measure Light” on page 3. 


Put your finger over the LDR, and the LED goes dark. Aim a bright light at the 
LDR, and the LED is brightly lit. 


Who needs light in a bright room? Can't you make it light up in the darkness? 
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Figure 2-8. LED/LDR circuit 


Jumper Wires 


Jumper wires, also known as hookup wires, allow you to connect components 
to each other on a breadboard (Figure 2-9). 


Figure 2-9. Jumper wires 


These wires are not fancy and you can even make them yourself by stripping 
the ends off of insulated solid core thin wire. Just because you can make 
jumper wires doesn't mean it is not worth buying a pre-made collection of 
jumper wires. They are sold in various colors, and their ends are straight and 
reinforced so it’s easy to push them into the breadboard. 


Jumper wires are available in a number of colors, lengths, and connector 
housings. The core of the wire refers to the part surrounded by plastic insu- 
lation and can be stranded or solid. You want solid core wire because the 
breadboard clips need to latch onto something solid. 


20 Getting Started with Sensors 


In an attempt to make life easier, jumper wires come in a variety of colors. 
There is nothing electrically different about these hued wires, but typically 
black is used for wires connected directly to a ground terminal (O V, GND) 
and red is used for direct connections to a positive terminal (+5 V). We 
strongly recommend you reserve black for negative/ground and red for pos- 
itive, but feel free to use all the other colors any way you want. 


Light to Darkness 
You can use atransistor and a resistor to invert the effect of the LDR. 


A transistor is an amplifier (see © Transistors” on page 22). In this circuit, you 
use the most common transistor, a bipolar NPN transistor. The amplifier cir- 
cuit here is the common emitter amplifier, the most common transistor am- 
plifier (see “Common Emitter Amplifier” on page 23). 


Controlling base current to the transistor is done with two resistors. One of 
the resistors is connected to the plus terminal of the battery, and pulls the 
voltage up. The other resistor, the LDR, is connected to ground (minus). 
When it’s bright, LDR has very low resistance. Thus, when it's bright, the base 
of the transistor gets pulled to ground, so it gets no current: zero amplified 
is still zero and the LED stays dark. 


The connection using the two resistors is called a voltage divider. 


Parts 


You need the following parts for this project: 


e BC547 transistor 
e Light-dependent resistor (LDR) 


e 470 O resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistor's tolerance) 


e 5 mm red LED 
e OV battery 

e OV battery clip 
e Breadboard 
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All of these parts, except the 9 V battery, 470 Q resistor, and 
BC547, are available in the Maker Shed Mintronics: Survival 
Pack, part number MSTIN2, from. You can use two of the 220 
O resistors in series or one 1 kQ resistor in place of the 4/0 O 
resistor; both of these are available from electronics retailers 
such as RadioShack. 


Build It 


Build the circuit as shown in Figure 2-10. Covering the LDR with your finger 
lights up the LED. Point a flashlight at the LDR and see the LED go dark. 
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Figure 2-10. LDR inverter circuit 


Transistors 


A transistor (see Figure 2-11) is an amplifier, taking small signals and making 
them larger. It can also function as a switch, because a small power can con- 
trol a larger power. 


Transistors are actually the basis of all digital electronics. Your computer's 
CPU, the Al Mega microcontroller in an Arduino board, and the system-on- 
a-chip on the Raspberry Pi have millions, even hundreds of millions of tran- 
sistors arranged in patterns to create digital logic. 


Microcontrollers, such as Arduino and Raspberry Pi, use very little power. If 
you want to control something that needs more power, such as a big motor, 
a transistor is one way to do that. 
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Figure 2-11. A transistor 


In most prototyping projects, you don't need an in-depth un- 
derstanding of transistor circuits. For example, you can use an 
Arduino and a servo (easy) instead of trying to control a motor 
with transistors (harder). That's why It's enough to get the 
high-level understanding of a transistor as an amplifier. You 
won't need to be able to design any transistor circuits after 
reading this short explanation about transistors. 


The most common type of transistor is the NPN-type bipolar junction tran- 
sistor (BJ1). We'll only talk about these common NPN BJT transistors here, 
as it’s much easier to learn the others once you know the NPN BJT transistor. 
The BC54/7 transistor you use in this chapter is a typical NPN BJT transistor. 


An NPN BJT transistor has three leads: emitter E, base B, and collector C. 


Common Emitter Amplifier 


Emitter E is the common ground, the negative. The arrow points to the neg- 
ative lead. As it says in the NPN mnemonic, “Not Pointing iN, the arrow in 
the NPN transistor symbol is pointing out to negative. The arrow is simply 
pointing the direction of current from positive to negative (see Figure 2-12). 


The small controlling base current (BE) flows from base B to emitter E. This 
base current is the weak signal to be amplified. 


The large collector current (CE) flows from collector C to emitter E. This col- 
lector current only flows if there is base current. 
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Figure 2-12. NPN BJT transistor 


To give you an example of a transistor in action, consider a transistor where 
the base is at O V. There is no base-emitter current flowing, so the big 
collector-emitter current is blocked. When you apply current to the base, a 
Small base-emitter current starts flowing. This allows the big collector- 
emitter current through, and could start a big motor or a bright light. 


Take the transistor from this project, BC547, with leads down and the flat text 
side facing you. The collector is on the left, base is center, and the emitter is 
on the right. 


Fading an LED 


What could be easier than fading a light? Actually, fading an LED is tricky 
business. If you gradually add voltage, first it's off and then it’s on. For a dimly 
lit LED, there is only a small voltage range available. 


With microcontrollers, such as an Arduino, dimming is done by blinking the 
LED faster than the eye can see. Here, with analog electronics, you can use 
a transistor to help you control the small part of a voltage range where the 
LED is between on and off (see Figure 2-13). 


In this circuit, the potentiometer sets the voltage of the transistor’s base (B). 
The transistor is used in the common collector amplifier, where the small BC 
current controls the bigger EC current. 


Build the circuit first, and test how you can use most of the potentiometer's 
range to control the brightness of the LED. 
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ee 


discharge lamp should come on. When the battery is down to 1 volt 
per cell, the high-rate charge lamp should come on again. This will 
now indicate that the battery is receiving its charge. 

As soon as the battery goes into the charge mode, a pulse is 
sent to the timer to initiate the countdown. At the end of the 
scheduled period, the timer will pull in relay 2, shifting the charge 
to the low rate. High-rate charging was purposely limited to 100% 
return rather than 130% to prevent overheating of the cells. 

This charger has now been in use for over a year, and it 
performs flawlessly. A fully automatic system at last! 


LOW COST TRICKLE CHARGER 


You can build a trickle charger for just about zero cost. This 
one was for a 12-V lead-acid storage battery in a recreational 
vehicle that sits idle for considerable periods. It belongs to one of 
my sons, and one day he came up with, “Hey, Dad, do you re- 
member that trickle charger you built for the Mercury back in 
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Figure 2-13. Fading an LED with an NPN transistor 


Is there some doubt in your heart that the transistor is really needed? You 
can easily test it by building a worse, alternative setup (see Figure 2-14). Put 
a potentiometer in series with the LED. When you try out that setup, you'll 
see that only a small part of the potentiometer range dims the LED. How well 
(or poorly) the potentiometer works without the transistor depends on the 
LED you're using. 
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Figure 2-14. Bad way of trying to fade an LED 


555 Fading Blink 


Your firefly should continuously fade between lit and dark. You can use the 
555 timer to fade the LED. 
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Build the circuit, then enjoy the explanation as you see your LED fading. 


The previous projects can be accomplished on any type of 
breadboard, even tiny ones. When you use an IC, however, you 
need to make sure that your breadboard is split into two sec- 
tions of horizontal rows. This breadboard layout allows for 
each lead of the IC to be isolated on its own electrically con- 
nected row. 


Parts 


You need the following parts for this project: 


BC547 transistor 


470 Q resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistor's tolerance) 


5mm green LED 

9 V battery 

9 V battery clip 

Breadboard 

CAS55E, NE555, or compatible 555 timer integrated circuit 
10 kQ potentiometer 

100 uF capacitor 


Jumper wires 


All of these parts, except the 9 V battery, 470 © resistor, and 
BC547, are available in the Maker Shed Mintronics: Survival 
Pack, part number MSTINZ2. 


Build It 


Build the circuit as shown in Figure 2-15. 


In this circuit, the 555 timer is used in astable mode. The 555 output fades 
between 3 V and 6 V. Adjusted with a transistor amplifier, this makes the LED 
fade in and out. 


The input pins of the 555 are 6 (THRES) and 2 (TRIG). The two pins are con- 
nected together. Pin 2 (TRIG) detects a voltage drop below 3 V and turns pin 
3 (OUT) to 7 V, so that output voltage starts rising. Pin 3 (OUT) is connected 
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to the capacitor through the potentiometer, so the 7 V voltage starts loading 
the capacitor. You can turn the potentiometer to choose how fast the capac- 
itor charges. 


Figure 2-15. 555 fader circuit 


When the voltage on pin 6 (THRES) rises to 6 V, the 555 detects this and 
turns OUT low (to GND), so the voltage starts falling down. As you remember, 
the capacitor is connected to pin 3 (OUT) through the potentiometer, so the 
potentiometer chooses how fast the capacitor discharges. 


As soon as the capacitor has discharged enough to bring the voltage to 3 V, 
pin 2 (TRIG) pin toggles pin 3 (OUT) to 7 V. The capacitor starts to charge, 
and the cycle starts over. 


This way, the output of the 555 circuit keeps oscillating between 3 V and 6 V. 
Because it takes time to charge the capacitor, your circuit produces a triangle 
wave. 


You probably want to connect an LED to the output of your new 555 oscilla- 
tor. Or even better, connect the fading LED circuit with a transistor (see 
“Fading an LED” on page 24). So where do the two wires go? See Table 2-1. 
The output of the astable 555 circuit are GND (the OV minus wire) and the 
point that connects to the capacitor, pin 2 (TRIG), and pin 6 (1HRES). 


Table 2-1. 555 pins used in this project 


Number | Name Purpose 

1 GND Ground, O V, goes to the minus terminal of the battery 
2 TRIG If pin 2 (TRIG) goes below 3 V, turns pin 3 (OUT) to 7 V 
3 OUT Either O V or 7 V, depending on the 555 state 

4 RESET | Keep this HIGH to prevent resetting timer interval 
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Number | Name [Purpose 
6 | THRES | If pin 6 (THRES) goes above 6 V, turns pin 3 (OUT) to O V 


8 [VCC | 9 V, goes to the plus terminal of the battery 


Capacitors 


A capacitor (shown in Figure 2-17) stores electricity in an electric field. It has 
two conductive plates, separated by an insulator. Even the symbol for a ca- 
pacitor shows this: two lines for the metal plates are separated by a gap. 


Figure 2-16. Three capacitors 


AH- 


Figure 2-17. Symbol for capacitor 


Capacitors are used in resonant circuits, like in radios. They can also smooth 
spikes in DC power sources (e.g., in the circuitry of an Arduino board). Yet 
another use is timing events, which is the usage you just worked with in the 
last project. 


The capacitor and resistor you hook up to the 555 timer configure its mode. 
The values also further affect the specific expression of the configured mode 
and allow us to make determinations about the overall circuit. 
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How to Approach an Unfamiliar 1C 


When you see an IC, how are you supposed to know what it does? Here's 
something that usually works: read the tiny text on the chip and type it into 
asearch engine. For example, some 555 timers are labeled CA555E and some 
are labeled NE555. The text on the chip doesn't need to make sense. In fact, 
the weirder the combination of letters, the more specific hits you'll get. 


The datasheet tells you how a chip is used, so you can add that as a search 
term: “CA555E datasheet” or “NE555 datasheet” You don't need to under- 
stand the Internals of an IC to use it, and datasheets of more complex chips 
only explain the connections of the chip. You could also try your luck for step- 
by-step instructions and search for “CA555E tutorial” or “NE555 tutorial.” 


These 555 projects wouldn't have been easy to accomplish without a 555 
timer. A similar complexity simplification occurs when we move from the 555 
timer to a microcontroller, and then again to a system-on-a-chip. 


Firefly 


Time to build the final circuit for the project. If you skipped here to just build 
the firefly—good, you can read the theory when it works. If you did every 
intermediate step, great—you can just combine them with the understanding 
you have built. 


Build the circuit (see Figure 2-18). It simply combines the circuits you have 
already built: “Fading an LED” on page 24, “555 Fading Blink” on page 25, 
and “Light to Darkness” on page 21. 


Parts 


You need the following parts for this project: 


Two BC547 transistors 


470 Q resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistor's tolerance) 


10 kQ Resistor (four-band resistor: brown-black-orange; five-band re- 
sistor: brown-black-black-red; the last band will vary depending on the 
resistor's tolerance) 


5mm red LED 
9 V battery 

9 V battery clip 
Breadboard 
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e CA555E, NE555, or compatible 555 timer integrated circuit 
e Potentiometer 

e 100 uF capacitor 

e Jumper wires 

e Light-dependent resistor (LDR) 


All of these parts, except the 9 V battery, 470 © resistor, and 
BC547, are available in the Maker Shed Mintronics: Survival 
Pack, part number MSTIN2. 


Build It 


Build the circuit as shown in Figure 2-18. 


Figure 2-18. Completed firefly 
Once the circuit is ready, try it out. Cover the LDR with your finger, and the 


LED gradually lights up, then dims, then lights up again. Point a flashlight at 
the LDR, and the LED turns off. 


Troubleshooting 
If this project doesn't work, try checking the following things: 


e Double-check the connections. 
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e Test your LED and battery the way you learned at the beginning of this 
chapter. 


e If you cant find out what's wrong, try the pulsating and photoresistor 
circuits separately again. This way it’s easier to isolate the problem. 


What’s Next? 


Congratulations, you have completed the chapter on component-by- 
component electronics! The next chapter is about Arduino, so things are just 
going to get easier. But before you move on, continue experimenting with the 
analog, component-by-component approach: 


Can you make your firefly light up in the day instead of night? 


Try replacing the potentiometer with a suitable resistor. 


Try replacing the LDR with any analog resistance sensor, so your firefly 
can react to being squeezed, the temperature, or the amount of alcohol 
on your breath. 


Try replacing the output with another output, such as a DC piezo speaker. 


Enjoy your firefly! 
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3/Sensors and Arduino 


In this chapter, you will learn how to process 
sensor data using an Arduino, the wildly pop- 
ular microcontroller development board. 
There are many advantages to using Arduino 
rather than individual components as you did 
in Chapter 2. One of the biggest is that you'll 
Save time not having to wire up complex cir- 
cults to process sensor measurements (see 
Figure 3-1). 


——— 


Figure 3-1. Our Arduino Uno, breadboard, and laptop 


An Arduino runs sketches, which are programs that you write and upload to 
the Arduino from your computer. By writing software programs that make 
the decisions necessary to process sensor data, you really expand how much 
you can do, and, amazingly, you also cut down the time you'd have to spend 
working with hardware components. Sure, you have to write a few lines of 
code, but it’s faster to write a conditional loop in code than to design it in 
hardware—at least for most of us. 


Itis also much easier to modify code than it is to modify a circuit layout. For 
example, Suppose you want to add a delay how often a sensor takes meas- 
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urements. You could accomplish this by chaining a few capacitors in series, 
but you'll need to do some careful planning and calculation to get the timing 
right. It's much easier to use a simple circuit and use the Arduino delay() 
function to control the timing. It is more efficient to type a few lines of code 
and upload a compiled binary program than it is to hunt for a specific com- 
ponent and wire it into a circuit. For example: 


delay(1000); // delays code execution for 1000 milliseconds or 1 second 


Don't worry if you've never programmed in your life; you'll learn the basics in 
no time, and the more you tweak your code, the more you will learn. Sketch 
writing will open a whole new world of opportunities in your electronics 
projects. Time to get building! 


If this is your first time using Arduino, read Appendix B to learn how to install 
drivers and the Arduino integrated development environment (IDE). It’s also 
important to try the most simple program (“Hello, world”) with your new 
hardware. 


As long as the sensors and other components are used within 

CG their electrical specifications, using an Arduino or any other 
programmable microcontroller board will simplify your circuit 
and facilitate greater flexibility. However, if you use them out- 
side of their specifications, such as applying more voltage to 
an LED than you should, you risk destroying the components, 
or even your Arduino. 


Project 6: Momentary Push-Button and 
Pull-Up Resistors 

Buttons are not the most exotic components but surely one of the most used 
and common sensors. Unlike some techniques you'll see for wiring a button 
to an Arduino, this project does not require an external resistor. That's be- 
cause you'll be using the pull-up resistor that's internal to the Arduino's 
general-purpose input/output (GPIO) circuitry that can actually be turned 


on by asingle line of code. Hardware doesn't get much more programmable 
than this. 


Parts 
You need the following parts for this project: 


e Momentary push button 
e Arduino Uno 


e Jumper wires 
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Table 8-2. Parts List for Fig. 8-1. 


Di—Zener diode (1 Y per cells in battery) 
D2—Silicon diode 

R1— 1000 Ohms, Y. Watt 

R2—75 Ohms, 10 Watts 

RY—Coil rated at less than battery voltage 
Qi—Motorola HEP 50038 

Lamp is type 387 in suitable holder. 


1947? Could you build me one like it?” What a memory that boy 
has! 

Yes, lremembered it. . . and yes, I could build one like it. The 
original was a zero-cost project, and the reproduction would fall in 
the same category. 

A bit of pawing through what remains of my once extensive 
junk collection revealed a transformer with three 5-volt windings. 
There’s nothing sacred about the total voltage needed from the 
transformer. Anything above about 15 volts and below about 35 
volts can be used. The hyper-simple method of controlling the 
charge rate can cope with a wide range of ac voltages. 

The three windings were hooked in series-aiding. Yes, 
there's “polarity” toac. . . use a voltmeter to ensure series-alding 
and not series-bucking! A bit more digging in the junk heaps 
produced an ancient base-mount socket for a light bulb. Sniffing 
through my diode collection nosed out one with a 3-A rating; one 
with a lesser capability would have served quite well. 

What could be more simple! All that remains is to ascertain 
the size of the light bulb you'll need for the desired charge rate. 
Here my multimeter came into use. Starting with the 10-A range 
and with a 25-W bulb in the socket, the charger was hooked across a 


Table 8-3. Parts List for Fig. 8-2. 


IC—HEP C4058P programmable timer 

Q1—HEP $0038 transistor 

D—Silicon diode 

RY—12-volt relay with de coil resistance greater than 250 Ohms 
R1—2700 Ohms, Ya W 


R2—6200 Ohms, Ys W 

R3—1 megohm, Ya W 

R4—10k, Ya W 

S1—Momentary contact push-button switch 
C—2.2 uF, 35 V 
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e Breadboard 


Build It 


Here are the steps for building this project: 


1. Orient your breadboard so that it is wider than it is tall, as shown in 
Figure 3-2. 


2. Insert the momentary push button anywhere on the breadboard. 


3. Ina breadboard column with a button lead in it, plug in a jumper wire and 
connect the wire's other end to GND on the Arduino. 


4. Plug another jumper wire into the same row as the jumper you just con- 
nected, butinacolumn corresponding to the button's other pair of leads. 
Next, attach the wire's other end to pin 2 on the Arduino. 
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Figure 3-2. Momentary push button connected to an Arduino Uno 


Run the Code 


Once youre done hooking everything up, run the code shown in 
Example 3-1. When the button Is pushed, the code lights up the built-in LED 
attached to pin 13. 


Example 3-1. Arduino sketch for detecting a button 
press 


// button.ino - light an LED by pressing button 
// (c) BotBook.com - Karvinen, Karvinen, Valtokari 


int buttonPin=2; // @ 
int ledPin=13; // 0 
int buttonStatus=LOW; // © 


void setup() // O 
{ 
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pinMode(ledPin, OUTPUT); // O 
pinMode(buttonPin, INPUT); // @ 
digitalWrite(buttonPin, HIGH); // internal pull-up // @ 


void loop() // @ 
{ 


buttonStatus=digitalRead(buttonPin); // © 
if (LOW==buttonStatus) 1 // © 


digitalWrite(ledPin, HIGH); // (PH) 
} else { // O 
digitalWrite(ledPin, LOW); // ® 


} 
)//0 


© 


© 


© O O O 


Set up some variables. From now on, when you write buttonPin in 
your sketch, Arduino will put the number 2 in its place. Variables make 
code easier to read and modify because you can change them in a 
single place. All variables in this sketch are integers (int): whole 
numbers such as 1, 2, 3, or -500. 


Create another variable for the LED pin. The built-in LED is on digital 
pin 13 (D13). 
Even though the value of buttonStatus is modified elsewhere in the 


program, it’s a good idea to initialize it to some value rather than 
leaving it undefined. 


The setup() function runs once when Arduino boots up. It contains 
all the one-time initialization you need in your sketch. 


Setting a pin to OUTPUT allows you to control it with the digital 
Write() function later. 


We set buttonPin (digital pin 2) to INPUT mode. This way, we can later 
read its value with digitalRead(). 


Enable the internal pull-up resistor. Magic (hardware being controlled 
by software) happens here! You'll learn some pull-up resistor theory 
in “Pull-Up Resistors and Arduino” on page 37. Note that you can 
accomplish the same thing by replacing this line and the preceding 
line with pinMode(buttonPin, INPUT PULLUP);, but this will only work 
with recent versions of the Arduino software; it is not supported by 
older versions. 


Arduino runs the loop() function automatically after setup() has 
finished. As the name implies, loop() is called again and again until 
you reset or power down the Arduino. 
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© Here you read the status of buttonPin (which you defined earlier in 
the sketch as digital pin 2). Then you save this answer to variable 
buttonStatus. If the button is pressed (closed), pin 2 is connected to 
ground and digitalRead returns LOW. If the button is not pressed 
(open), pin 2 is not connected to GND, so the internal pull-up resistor 
pulls D2 up to +5 V, returning HIGH. 


© Two equals signs (==) indicate a comparison between two 
expressions. Note that this is in contrast to a single equals sign (=), 
which is used for assigning a value to a variable. Always use two 
equals signs when performing a comparison in an if statement. By 
putting LOW on the left side of the comparison, you guard against such 
an error: LOW is aconstant, and you cannot assign a value to it. So if 
you use asingle equals sign, Arduino would give you an error message 
when you try to compile and load the sketch to your Arduino. 


O Here the LED is illuminated. 


YB Theelseclause handles the case in which the if comparison doesn't 
evaluate to true. The block of code ({}) after the else is executed 
when LOW != buttonStatus (which is equivalent to buttonStatus != 
LOW, and means buttonStatus is not equal to LOW). 


® — Turn off the LED. 


D As soon as loop() finishes, Arduino runs it again, starting at the top 
of the loop() function. 


Pull-Up Resistors and Arduino 


The momentary push-button design works reliably because you engaged an 
internal pull-up resistor in the Arduino circuitry. You might wonder exactly 
what a pull-up resistor pulls: it pulls the voltage of the pin toward the 5 volts 
that power the Arduino. 


Never trust a floating pin. If you read a pin that's not connected to anything, 
you get an unpredictable answer. For example, if you don't connect anything 
to digital pin D2 and then read it with digitalRead(), there are no guarantees 
as to what you ll getas a result. It could be HIGH, it could be LOW, it could change 
10 times a second or never change. A floating pin gives a useless value (see 
Figure 3-3). 
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Arduino 


Figure 3-3. There is no point in reading a floating pin; add a pull-up resistor 


The Arduino IDE comes with many useful example sketches. 

CG If you look closely at their button code (File => Examples —> 
02.Digital — Button) it actually requires an external resistor 
and won't work with our circuit. That's because that sketch 
uses a pull-down resistor, so a HIGH state indicates that the 
button is closed (pressed) and a LOW state indicates that the 
button is open. 


If you connect the same D2 to GND (zero volts, ground, LOW), your digital 
Read() is guaranteed to return a result of LOW (see Figure 3-4). This handles 
the case where the button is pressed. 


Arduino 


Figure 3-4. LOW; pressing the button between D2 and GND is the same as 
connecting D2 to GND 


What if you don't press the button? We already know you have to connect a 
pin somewhere to read its value. But even if you connect a button to Arduino, 
the pin isn't really connected to anything until you press it. 


Pull-up resistor to the rescue! 


The pull-up resistor connects D2 to +5 V (HIGH), albeit weakly (because the 
resistor limits the current). If nothing else is connected to D2, the resistor 
will pull it up to HIGH. So when the button is open, D2 is not connected to 
ground, but instead to +5 V through the pull-up resistor, which means that 
D2 will be HIGH until you press the button (see Figure 3-5). 
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Arduino 


Figure 3-5. HIGH; button up, D2 is only connected to +5 V through the pull- 
up resistor 


Now what happens when you press the button? It’s clear that D2 and GND 
are now connected, but so is +5 V, isn't it? You may be wondering, “You are 
not telling me to connect GND and +5 V, are you? Isn't that a short circuit?” 


Although GND and D2 are both connected to +5 V, that connection is through 
a big resistor, and because the path between GND and D2 has less resistance 
than the resistor that connects to +5 V, the currentin the circuit flows through 
GND and D2. In other words, the pull-up resistor pulls D2 up to HIGH (+5 V) 
if nothing else is pulling it down. 


Typical values for pull-up resistors are tens of thousands of ohms to a few 
million ohms (e.g., 20kQ to 2 MO). 


This is how your connection works: press the button, D2 goes LOW. Release 
the button, and the pull-up resistor pulls it up to HIGH. How do you recognize 
a floating pin in your own connection? If any sensor connects to Arduino with 
just two leads, ask yourself whether the pin is connected in every possible 
state the sensor can be in. If not (as in the case with a button that's open), 
you probably need a pull-up resistor (see Figure 3-6) to hold it HIGH when 
it's not being pressed. 


If you prefer to use an external resistor, it's more common to 
use it as a pull-down to hold the pin LOW. If you do that, re- 
member to reverse the logic in your code (HIGH indicates a 
button press, LOW indicates that the button is open). 


That's itfor the diagrams and theory for now. As you can see, even the humble 
Switch has a lot to teach us about how sensors need to be wired up. With that 
background out of the way, it’s time to relax with some practical, hands-on 
stuff. 
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D2 


Arduino 


Figure 3-6. Internal pull-up resistor; enable it with pinMode(pin, INPUT) fol- 
lowed by digitalWrite(pin, HIGH) or just pinMode(pin, INPUT_PULLUP) 


Project 7: Infrared Proximity to Detect 
Objects 


Infrared sensors (such as the switch shown in Figure 3-/) consist of two parts: 
an infrared emitter and receiver. The emitter is actually an LED that emits 
light that’s invisible to the human eye, as the wavelength is longer than light 
in the visible spectrum. An infrared LED is the same component that is used 
ina TV remote control. 


The receiver part of the switch collects the IR light that is reflected back. 
Obstacles cause more light than usual to be reflected, which tells you that 
there is something in front of the sensor. 


This sensor can become confused in strong sunlight, and 
some very dark materials can pass by unnoticed. 


Figure 3-7. /nfrared sensor switch 


You can buy a switch like this from DF Robot (part 4SENOO19), as well as from 
sellers on Amazon, eBay, AliExpress, and DealeXtreme. They are usually 
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listed as “Adjustable Infrared Sensor Switch” or under the manufacturer part 
number E18-D8ONK. 


An infrared sensor switch is useful for various projects. It's especially handy 
when you need to know if something is close, but when you don't need to 
know the object's exact distance. You can set the detection range of the sen- 
sor by adjusting the trimmer potentiometer (trimpot) with a small screw- 
driver, as shown in Figure 3-8. 


Figure 3-8. Adjusting the infrared sensor 


Parts 
You need the following parts for this project: 
e Infrared sensor switch 


e Arduino Uno 


e Jumper wires 


If your infrared switch has wires that terminate in female head- 

A ers, you'll need to use jumper wires to connect each wire to 
the Arduino. If it terminates in male headers, you may need to 
build this circuit using a breadboard and jumper wires. 


As long as you have a sensor that breaks out wires for ground, 
5 V, and a signal, then this layout will work with your sensor. 
We used a sensor with separated wires, so we inserted each 
lead directly into the Arduino headers. 


sensors and Arduino 41 


Build It 


Make sure the Arduino is powered down. Connect the circuit as shown in 
Figure 3-9, then run the sketch shown in Example 3-2. When you put some- 
thing in front of the sensor, the built-in LED attached to pin 13 is lit. 


Follow these instructions for connecting the circuit: 
1. Connect the yellow (signal) lead to digital pin 8 on the Arduino. 


2. Connect the red (positive) lead to the +5 V pin on the Arduino. 
3. Connect the green (ground) lead to a GND pin on the Arduino. 
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Figure 3-9. Connecting the infrared sensor switch 


Example 3-2. Infrared distance switch Arduino sketch 


// infrared proximity.ino - light LED when object near, using Dagu IR switch 
// (c) BotBook.com - Karvinen, Karvinen, Valtokari 


int irPin=8; // @ 
int ledPin=13; 
int objectDetected=LOw; // Y) 


void setup() { 
pinMode(ledPin, OUTPUT); 
pinMode(irPin, INPUT); 
digitalWrite(irPin, HIGH); // internal pull-up 


void loop() { 
objectDetected=digitalRead(irPin); 
if (LOW==objectDetected) { 
digitalWrite(ledPin, HIGH); 
} else { 
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digitalWrite(ledPin, LOW); 
} 


O This is similar to the code from Example 3-1, but the name button 
Pin is changed to irPin. 


9 = Similarly, the name buttonStatus is changed to objectDetected. 


You know this code already! As you look at it, you might recognize that it’s 
the same code you used back in Example 3-1. We changed two variable 
names, but that is largely cosmetic. Experiment with it yourself: can you use 
the infrared proximity sensor with the code from Example 3-1? Can you use 
a button with the code from Example 3-2? 


Many sensors have identical interfaces. Now that you know how to work with 
two switches, which we refer to as digital resistance sensors, you can apply 
this skill to similar Sensors in your own projects. 


Analog Resistance Sensors 
and Voltage Dividers 


Most sensors you'll use are analog resistance sensors. They produce their 
results with a gradual change in resistance. For example, the more force you 
exert on a force-sensing resistor like a FlexiForce, the lower its resistance. 


Because you can't measure resistance directly with Arduino (or Raspberry 
Pi), you'll learn how to use these types of sensors with an external resistor to 
form a voltage divider. A voltage divider looks a lot like a pull-up or pull-down 
resistor configuration, but instead uses two resistors in series between +5 V 
and GND: 


e The external resistor 
e The sensor, whose resistance varies depending on its state 


By using an analog pin to measure the voltage between these two resistors, 
you'll receive a voltage that varies in proportion to the state of the sensor. 


Project 8: Rotation (Pot) 


The potentiometer (shown in Figure 3-10) is an adjustable resistor with a 
knob. When you turn the knob, its resistance changes. Potentiometers are 
very common in everyday items such as radios and clothes irons. In RC air- 
planes, servomotors can determine their angular position with the help of a 
potentiometer. 
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Figure 3-10. Potentiometers can measure rotation 


To some extent, analog resistance sensors can behave like digital ones, pro- 
vided they meet two criteria: 


e Attheir lowest level of resistance, they must let enough current through 
to register as HIGH. 


e At their highest level of resistance, they must resist enough current to 
register as LOW. 


Try it yourself! Return to “Project 6: Momentary Push-Button and Pull-Up 
Resistors” on page 34, hook everything up, and then run the code. Then, 
replace the button with the potentiometer: one side of the potentiometer to 
+5 V, the other to GND, and the middle pin to digital pin 2. Now, turn the knob 
to max or min. If the resistance of the potentiometer is sufficient, you can 
turn the LED on and off. 


Because the code is designed to read a button, you can only turn the LED on 
or off. lo make use of the analog values produced by the potentiometer, you 
must use the analogRead() function. When used with analog sensors, this 
function gives you a range of values (from O to 1023), rather than just HIGH 
or LOW. 


This project controls an LED's blinking speed with a potentiometer. Turn it all 
the way in one direction, and the LED blinks slowly. Turn it all the way in the 
other direction, and it blinks faster. 


Figure 3-11 shows the wiring diagram for this project. 
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12-V battery. The meter barely moved. A milliampere meter was 
substituted. It showed about 35 mA, a bit on the light side. Other 
light bulbs were tried, revealing that the charge rate could be 
varied from a few milliamperes to over an ampere just by swapping 
bulbs. The size bulb you might need will depend upon what voltage 
your transformer produces plus what charging rate you desire. A 
few moments of trial-and-error will show just what you need. Be 
sure you start with a low-wattage bulb, or you might end up witha 
popped diode or a bent needle! 

Other than that small precaution, it’s a foolproof project, one 
providing a useful product at a very minimum cost. See Fig. 8-4. 


= HOME-BREW AN HT CHARGER 


Having a set of dead nicads in your HT is no fun—especially 
when you really need them! If you find yourself in this situation and 
haven't bought your handie-talkie complete with charging base at 
the outset, chances are good that you will want to purchase one in 
the very near future. The Wilson HT’s charging posts, which are 
recessed into the battery slide tray on the underside of the unit, 


Table 8-4. Parts List for Fig. 8-3. 


T—Stancor P 6469, 25.2 V@1A 

F—1-A fuse 

D1—Zener diode (1 V per cells in battery) 

D2, 3—Silicon diodes 

D4—1-A bridge rectifier 

A1—1000 Ohms, Y2 W 

R2—75 Ohms, 10 W 

R3—1000 Ohms, Ya W 

R4—250 Ohms, 10 W 

R5—430 Ohms, v2 W 

R6—620 Ohms, Ya W 

RY1—4PDT 12-volt coil (Allied Control TF 154C-C) (P and B KHU 
17D11) 

RY2—SPST 12-volt coil (greater than 250 Ohms) 

S1—DPST toggle switch 

S2— Momentary contact push-button-type switch 

Li, 2, 3—Type 387 lamps in appropriate holders 

Ci—10 uF, 25 V 

C2—4.7 uF, 35 V 

C3—.47 uF, 35 V 

C4—50 uF, 50 V 

Q1, 2— Motorola HEP S0038 

IC1—7812 regulator 
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Figure 3-11. Potentiometer wired to GND and AO of an Arduino Uno 


The potentiometer acts as a voltage divider. One side is connected to +5 V, 
and the other to GND. The center pin is attached to analog input pin AO. As 
you turn the knob, the resistance on either side of the pin varies. For example, 
for a 10 kQ potentiometer (all numbers approximate because inexpensive 
potentiometers are not 100% precise): 


When the knob is turned all the way to one side! 
e The resistance between the positive and center pin is zero. 


e The resistance between the center and negative pin is 10 kQ. 
e Pin AO receives a voltage of 5 V. 
e analogRead(potPin) returns 1023. 

When the knob is all the way to the other side 
e The resistance between the positive and center pin is 10 kQ. 
e The resistance between the center and negative pin is zero. 
e Pin AO receives a voltage of O V. 
e analogRead(potPin) returns O. 

When the knob is centered 
e The resistance between the positive and center pin is 5 kQ. 
e The resistance between the center and negative pin is 5 kQ. 
e Pin AO receives a voltage of 2.5 V. 


e analogRead(potPin) returns approximately 512. 


Parts 


You need the following parts for this project: 


1. Which side depends on how you insert the pot into the breadboard; try it both ways! 
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Potentiometer (around 10 kQ recommended) 
Arduino Uno 

Jumper wires 

Breadboard 


Build It 


Wire the components up as shown in Figure 3-11. 


Run the Code 


Next, run the code listed in Example 3-3. 


Example 3-3. Arduino sketch for reading a 
potentiometer 


// pot.ino - control LED blinking speed with potentiometer 
// (c) BotBook.com - Karvinen, Karvinen, Valtokari 


int potPin=A0; // @ 
int ledPin=13; // 2) 
int x=0; // 0..1023 // © 


void setup() { //@ 
pinMode(ledPin, OUTPUT); // O 


void loop() 1 //@ 
x=analogRead(potPin); // @ 
digitalWrite(ledPin, HIGH); //@ 
delay(x/10); // O 
digitalWrite(ledPin, LOW); //@ 
delay(x/10); //@ 

} // 0 


In earlier examples, we used Arduino's digital pins, and we referred 
to them just by number (such as 13 for digital pin 13). The analog 
input pins are also numbered, but we put the letter A in front of the 
name when referring to them (Ao, A1, etc.). The analog pins are on the 
opposite side of Arduino's digital pins. 


Digital pin 13 is connected to the Arduino’s built-in LED. 


x holds raw values that analogRead() returns. Note that we use the 
comment to show the expected range of values. Even though you can 
find this information in the Arduino documentation, It's handy to have 
here. 


setup() performs one-time initialization. 
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Set the pin D13 to OUTPUT, so we can control it later with digital 
Write(). Note that although you'll be reading AO later, it’s not 
necessary to explicitly configure it as an INPUT, because analog 
Read() behaves differently than digitalRead(). 

After setup() is finished, loop() is called automatically. 


Read the voltage from potPin (AO) with analogRead(). You'll receive 
a value between O (O V == LOW) and 1023 (+5 V == HIGH). The code 
saves this value to variable x. 


Turn on the onboard LED. 


We'll wait for x/10 milliseconds. That's O when the knob is turned to 
the max (AO reads O V). When the knob is turned the other way, the 
delay is 0.1 seconds (1023/10 ms). 


Turn off the onboard LED. 
Wait again, so that the LED remains off briefly. 
After loop() finishes, it’s called automatically again. 


Project 9: Photoresistor to Measure 
Light 
How bright is it? A photoresistor lets more electricity through when it’s in 


bright light (see Figure 3-12). Our students have used photoresistors to make 
robots love (or hate) light, activate lights in the dark, or create burglar alarms. 


Figure 3-12. A photoresistor is a better conductor in bright light 


Parts 


You need the following parts for this project: 


e Photoresistor (10 K recommended) 
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¢ 10 kQ resistor (four-band resistor: brown-black-orange; five-band resis- 
tor: brown-black-black-red. The fourth or fifth band will vary depending 
on the resistor's tolerance) 


e Arduino Uno 
e Jumper wires 
e Breadboard 


Build It 


Figure 3-13 shows the circuit design for this project. Build it as shown, and 
run the sketch listed in Example 3-4. Note the addition of the 10K resistor. 
This is to create a voltage divider. Back in “Project 8: Rotation (Pot)” on page 
AS, you didn't need a separate resistor because the potentiometer can be 
used as a voltage divider. 


In order to produce a voltage that varies in proportion to the photoresistor's 
change in resistance, you need to create a voltage divider with the two resis- 
tors (the 10K resistor, and the photoresistor) and measure the voltage that’s 
produced between them to determine how dark or light it is. 
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Figure 3-13. Photoresistor circuit layout 
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Run the Code 


Example 3-4. Arduino photoresistor sketch 


// photoresistor.ino - blink faster in dark, slower in the light 
// (c) BotBook.com - Karvinen, Karvinen, Valtokari 


int photoPin=A0; 
int ledPin=13; 
int x=-1; // 0..1023 


void setup() { 
pinMode(ledPin, OUTPUT); 


} 


void loop() { 
x=analogRead(photoPin) ; 
digitalWrite(ledPin, HIGH); 
delay(x/10); // 
digitalWrite(ledPin, LOW); 
delay(x/10); 


Hey, wait a minute; this looks a lot like Example 3-3! It’s exactly the same 
code. We did replace “potPin” with “photoPin” and changed the comment 
onthefirstline. Run the program and try it out. What happens when you make 
a shadow or hide the photoresistor completely? 


Most common sensors are analog resistance sensors, so they use a variation 
of this same connection. You can apply this Same approach to similar sensors 
you meet in the future. 


Project 10: FlexiForce to Measure 
Pressure 

A force-sensitive resistor such as the FlexiForce (see Figure 3-14) is a flat 
sensor that measures how much pressure you exert on it. Untouched, 
without any pressure, it has a very high resistance. When you press the round 


area at the end of the sensor, the resistance drops and it becomes more 
conductive. 


= wee Flexiforce | ne) 


en VA rr p 


Figure 3-14. A force-sensitive resistor measures pressure exerted on it 
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Parts 


You need the following parts for this project: 


Force-sensitive resistor (FSR) 


1 MQ resistor (four-band resistor: brown-black-green; five-band resistor: 
brown-black-black-yellow. The fourth or fifth band will vary depending 
on the resistor’s tolerance) 


Arduino Uno 
Jumper wires 
Breadboard 


Build It 


You'll use a voltage divider here just as you did in “Project 9: Photoresistor to 
Measure Light” on page 47. As with that project, you need to use a resistor 
that’s in the same range as the FlexiForce. We found that a 1 MQ resistor 
produced suitable results. 


In our voltage divider, analog pin AO measures the variation in voltage (“An- 
alog Resistance Sensors and Voltage Dividers” on page 43) as you change 
the amount of force exerted on the sensor, which gives you a value between 
O (voltage is near GND) to 1023 (voltage is near +5 V). Build the circuit as 
shown in Figure 3-15, and then run the sketch from Example 3-5. 


Watching the Action Over the Serial Port 


You dont need to guess what's going on inside your Arduino’s brain. Arduino 
can talk to your computer over its built-in serial port and send text back to it 
(you can even send messages from the computer to Arduino), as shown in 
Figure 3-16. The Arduino uses its USB port to transfer serial messages. 


Serial ports are a very common way for embedded devices to talk. With our 
book on controlling robots with your brainwaves (Make a Mind-Controlled 
Arduino Robot), we used a serial-over-USB cable to hack a commercial, off- 
the-shelf EEG headband. This allowed us to control the Arduino-based robot 
with our brainwaves! Another great example is our mobile phone controlled 
football robot from our book, Make: Arduino Bots and Gadgets. Inthat project, 
we used serial over Bluetooth, allowing the Arduino to communicate with an 
Android phone. But serial is not just used for communicating directions to 
devices. When building an early prototype of our satellite, we used serial- 
over-USB to debug our project. In fact, that’s what we'll do in this project, too. 
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Figure 3-16. Serial Monitor 


Run the Code 


Example 3-5. Arduino sketch for reading the 
FlexiForce sensor 


// squeeze serial.ino - flexiforce squeeze level to serial 
// (c) BotBook.com - Karvinen, Karvinen, Valtokari 


int squeezePin=A0; //@ 
int x=-1; // 0..1023 //@ 


void setup() { //@ 
Serial.begin(9600); // bit/s // @ 
} 


void loop() { //@ 
x=analogRead(squeezePin); // @ 
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Serial.println(x); // @ 
delay(500); // ms // O 


O — This is the pin that reads the sensor (analog pin 0). 


© Variable x is global; it's declared outside any functions, so it would be 
avallable to any other functions you might add to your sketch. We 
initialize it to a value (-1) that you'd never get from analogRead() to 
make debugging easier: if you see this value in the results, then you 
would know there's a problem. 


© The setup() function is called automatically; it handles one-time 
initialization. 

O The serial port speed (we chose 9600 because that's what the 
Arduino Serial Monitor uses by default; if you've changed the setting 
on the Serial Monitor, you will need to change it back to 9600). 


O The loop() function is called automatically (and repeatedly) after 
setup() is finished. 


O = analogRead() returns a value between O (LOW, O V) and 1023 (HIGH, 
+5 V). This value is stored to variable x. 


OQ This prints out the value of the variable to the serial port so that it 
appears in the Serial Monitor. Serial.println() prints each value on 
its own line, so when you open the Serial Monitor, you'll see each value 
scrolling past in the window. 


© Wait for a while: this gives you time to observe each value in the Serial 
Monitor, and prevents your code from consuming 100% of the 
Arduino's CPU time. 


Experiment yourself: can you connect a potentiometer and read its current 
value through serial? If you need to challenge yourself, you can try converting 
rotation to angle in degrees or a percentage of maximum rotation. 


Are you feeling really adventurous? Once you get your data to your computer, 
you can read it in any programming language. In our interactive painting from 
our book Make: Arduino Bots and Gadgets, we use Python's serial library to 
read values from the Arduino and control images on a computer. 


Project 11: Measuring Temperature 
(LM35) 


Is it hot in here? The LM35 is an inexpensive thermometer that's also easy 
to use (see Figure 3-17). You just need to retrieve the voltage with analog 
Read(), and then you can calculate the temperature in degrees Celsius as 
voltage * 100C/V. 
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Figure 3-17. LM35 temperature sensor 


Our students have used the LM35 to measure temperature in their summer 
cottages and greenhouses, for example. 


Parts 


You need the following parts for this project: 


e LM35 temperature sensor 
e Arduino Uno 

e Jumper wires 

e Breadboard 


The LM35 differs from previous analog resistance sensors you 

CG have used. It has three leads: 5 V, ground, and signal. In this 
way, It's easier to wire than others because you dont need a 
pull-up resistor. 


Build It 


Figure 3-18 shows the circuit diagram. Build it as shown, and then run the 
code listed in Example 3-6. Open the Serial Monitor to see the current tem- 
perature. You'll need to follow these steps: 


1. Connect the LM35 sensor to Arduino using a breadboard. If you're using 


the most common version of the LM35 (the TO-92 package, which is a 
common semiconductor package for transistors), hold the leads down 
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and orient the flat side toward you. The left lead is +5 V, middle is VOUT, 
and the right lead is GND. 


2. Connect +5 V to Arduino’s +5 V and GND to Arduino’s GND. But what is 
VOUT? Voltage OUT indicates the temperature as an output voltage, so 


you need to connect it to an analog input pin on Arduino (Example 3-6 
uses AO). 


DODODODODO?ODODO OD 


LIL 
LOMA eT Sate Poem A 
Ld f; i | I Gii 
DE 


E DN ACC AAC 
CALA 


> = A | | 
<= ah DIGITAL (PWH~) E E 
‘= A | 
CX) UNO 
Ea es Moraina NS h 
mE ARDUINO De an a 
g € E REGEA apapa $ & ë 


‘rT E E E E E E E A 


* 
ANALOG IN ENANA ENANA 
am ron Š ë taadaa aa aa aa 
e ($... .0.«. oe oe 
AENA AAA EN 


Figure 3-18. /emperature sensor connected using breadboard 


Once you've measured the room temperature, you might want to test the 
LM35 some more. If you put it in your fridge, prepare to wait. Air is a very 
good insulator for heat and doesn't conduct well. When we want to quickly 
test cooler temperatures, we use ice cubes (see Figure 3-19). Wet ice cubes 
quickly conduct heat away from the LM35, so we get instant readings. 


Figure 3-19. Testing the LM35 with an ice cube 
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make it very difficult to charge the unit without one. Custom 
charger bases, accessories designed to service a specific manufac- 
turer's HT, are expensive. There are ways to charge the Wilson 
14025M and other similar units having tray-mounted charging 
terminals, though doing so takes a bit of ingenuity. 

I’ve experimented with a number of alternatives to charging 
my unit, including removing the battery tray from the case and 
charging it separately. Most of the approaches I tried were rather 
cumbersome. I’ve found the simplest approach to recharging the 
12-volt pack to involve no more than an inexpensive CB-type 
hand-held recharger and a junked commercial charging base. 
Here’s how it’s done: 

Purchase a Radio Shack #21-516, or similiar nicad charger, of 
the type used to charge their line of 12-volt CB hand-helds. The 
battery packs of these units are electrically similar to the Wilson’s, 
though they are mechanically very different. Both use 10 series- 
connected AA-size nicads, each having an open-circuit voltage of 
1.2 to 1.25 volts, to produce a supply voltage of 12 to 12.5 volts. 
This charger, which resembles an ordinary transistor radio ac 
adapter or battery eliminator, has a stated output voltage of 17.4 V 
dc as indicated on its case. Don’t worry about this. It won’t harm 
the nicads, as the voltage tapers off as the cells charge, and the 
charging rate is limited to 40 or 50 mA. 

As supplied, the charger comes with a cord which is termi- 
nated in a standard “inverted” dc power plug. This is a standard 
charging and power plug, and it is intended to plug directly into any 
of the Radio Shack CB hand-helds’ charging jacks. To use the 
charger with the Wilson or similar HT is more of a mechanical 
problem than an electrical one. You need to scout out a junked 
commercial charging base for any kind of radio pager, monitor, 
pocket scanner, or small HT. We're not looking for a good charger, 
just the base that can be modified to physically support the Wilson 
and provide a means of feeding it the charger's output. I located a 
defunct “Page-ette” base (used to recharge a small pocket-radio 
pager) at a local hamfest for all of $2.50, purchased on an as-is 
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Run the Code 
Example 3-6. The LM35 Arduino circuit 


// temperature 1m35.ino - LM35 temperature in Celsius to serial 
// (c) BotBook.com - Karvinen, Karvinen, Valtokari 


int lmPin = Ao; // @ 
void setup() // O 
{ 


Serial.begin(9600); // © 


float tempC() // O 
{ 


float raw = analogRead(1mPin); // O 
float percent = raw/1023.0; // @ 
float volts = percent*5.0; // @ 
return 100.0*volts; // @ 


Í 
void loop() // O 
{ 


Serial.println(tempc()); // © 
delay(200); // ms // Y 


O — We use analog pin O (AO) to read the output of the sensor. 

O When the Arduino boots up, setup() gets called automatically to 
perform one-time initialization. 

© Opens the serial port. You can monitor the Arduino’s serial port 


output by going to Arduino > Tools > Serial Monitor. Be sure to select 
the same speed in both this code (it's 9600 here) and in the Serial 
Monitor. 


Define a new function called tempC(). You'll call this function later in 
the code when you need to read the temperature. 


The function analogRead() returns an integer value from O to 1023. A 
value of O means O V (LOW), and a value of 1023 means +5 V (HIGH). 


O — We convert the raw reading (0-1023) to a percentage by dividing it by 
the maximum value. The percentage will be 0.0 for 0% and 1.0 for 
100%. To get the floating-point (decimal) answer you need, you must 
use the floating-point divisor 1023.0 instead of integer 1023. In C and 
C++, 1/2==0 (integer division), but 1/2.0==0.5 (floating-point 
division). 

O = The percent variable is calculated out of a maximum of 5.0 V (HIGH). 
So multiplying by 5.0 gives the voltage in volts. 
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O From the LM35 datasheet (search the Web for “Im35 datasheet”), 
you can see that the scaling factor is 10 mV/C, with O V meaning O 
°C. Playing with the math, 10 mV/C = 0.010 V/C. The inverse is 
1/0.010 C/V = 100 C/V. So you can get the temperature in °C by 
multiplying the voltage by 100. 


O After setup() finishes, loop() is called automatically, over and over 
until you power down the Arduino. 


© Call the tempC() function, which returns a number (e.g., 20). Print this 
number and a line break to the Serial Monitor. Writing tempC() as a 
function makes it easy to use it in our other projects. Now that it 
works, you dont have to think about the implementation details. 
When you want to know the temperature, just connect the LM35 and 
call tempC(). 


@  Pausefora while. This gives you time to read the text, keeps the serial 
buffer from overflowing, and prevents the program from hogging 
100% of the Arduino’s CPU. 


Project 12: Ultrasonic Distance 
Measuring (HC-SR04) 


The ultrasonic distance sensor (shown in Figure 3-20) is one of our favorite 
sensors. lt sends an ultrasonic sound and then listens for how quickly it re- 
turns, like a tiny sonar. As the name implies, the sound frequency is too high 
for human ears to hear. The great thing compared to the infrared sensor 
switch you saw earlier (“Project 7: Infrared Proximity to Detect Objects” on 
page 40) is that this sensor actually gives you the distance to the obstacle 
(you can find infrared distance sensors, such as the Sharp GP2YOA series, 
that report distance as well). 


Nothing is without trade-offs, so while you can get a distance reading, the 
ultrasonic distance sensor can miss certain objects easily. Items that are 
especially soft and inclined planes tend to go unnoticed. This is one reason 
that stealth aircraft are shaped the way they are. 


There are many ultrasonic distance sensors. The Parallax PING used to be 
our favorite, but its cost of about $30 limited how many we could buy. Now 
there are ultrasonic distance sensors available for a couple of dollars each. 
The HC-SRO4 is one of these. 
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Figure 3-20. Ping ultrasonic distance sensor 


Parts 


You need the following parts for this project: 


HC-SRO4 ultrasonic distance sensor 


e Arduino Uno 
Breadboard 


e Jumper wires 


Build It 


Wire up the sensor as shown in Figure 3-21 and run the code in Example 3-7. 


AXE ARDUINO 
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MA 096... 
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ETE 
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LES TT E f Ff 
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i i AAA ee Pe FS 
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Figure 3-21. HC-SRO4 connected with breadboard 
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Run the Code 
Example 3-7. The HC-SRO4 Arduino sketch 


// hc-sr04.ino - distance using ultrasonic ping sensor 
// (c) BotBook.com - Karvinen, Karvinen, Valtokari 


int trigPin = 8; //@ 
int echoPin = 7; // O 
float v=331.5+0.6*20; // m/s  //0 


void setup() // Q 
{ 


Serial.begin(9600); // @ 

pinMode(trigPin, OUTPUT); // Q 

pinMode(echoPin, INPUT); // Q 
} 


float distanceCm(){ // O 
// send sound pulse // O) 
digitalWrite(trigPin, LOW); // © 
delayMicroseconds(3); // Q) 
digitalWrite(trigPin, HIGH); // @ 
delayMicroseconds(5); // ® 
digitalWrite(trigPin, LOW); //@ 


// listen for echo // @ 
float tUs = pulseIn(echoPin, HIGH); // microseconds // @ 
float t = tUs / 1000.0 / 1000.0 / 2.0; //s // @ 
float d = t*v; //m //@ 
return d*100; // cm // ® 
Í 


void loop() // @ 
{ 


int d=distanceCm(); // @ 
Serial.println(d, DEC); // @ 
delay(200); // ms // O 

} 


O  Youuse the trigger pin to tell the sensor to transmit the sound pulse. 
It is marked with “Trig” on the HC-SRO4 board. It’s connected to 
Arduino digital pin D8, and when you take the pin HIGH, the pulse will 
be triggered. 


© The echo pin goes high when the pulse returns. On HC-SRO4, it’s 
marked as “Echo.” On the Arduino, it's connected to digital pin D7. 
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The speed of sound is about 340 meters per second. It’s calculated 
here for 20 °C air temperature (we add 20 * .6to 331.5). We always 
spell out calculations in our code for clarity. lt doesn't add any extra 
work to Arduino, because the compiler turns the calculation into a 
constant before uploading your code to the Arduino. 


The setup() function is automatically run once when Arduino boots. 


Open the serial connection so that the result can be displayed to the 
Serial Monitor (Tools —> Serial Monitor). Remember to set the same 
speed (bit/second, or “baud”) in both your code and the Arduino 
Serial Monitor. 


Set the Trig pin to OUTPUT so digitalWrite() can later turn it on and 
off (HIGH or LOW). 


Set the Echo pin to INPUT so that digitalRead() can later read it to 
find out whether it's HIGH or LOW. 


Define a new function. This function distanceCm() returns a float, a 
decimal number. It takes no parameters, so there is nothing inside 
the parentheses after the name. 


There are two separate parts to reading the distance. First, we ask 
the HC-SRO4 to send the pulse, and later, we check to see how long 
it took for the echo to come back. 


To create a clean pulse for sending the sound, the pin must be off 
(LOW) first. Music starts from silence. 


Wait a very short time for the pin to settle. When working with 
different multiples of units, you should convert them to base units 
such as seconds to get an idea of the scale. Three microseconds is 
three millionths of a second, or 0.000003 seconds. 


Turn the trigger pin on (HIGH, +5 V). The HC-SRO4 is now 
transmitting the ultrasound. 


Wait for a very short time, 5 ms (microseconds). Five microseconds 
== five millionths of a second == 0.000005 seconds. The trigger pin 
Stays high during this time. 


Turn the trigger pin off, ending the short sound pulse. 
Use acomment to mark that we re in a different part of the function. 


Now you need to find out how long it takes for the echo pin to go LOW. 
The time returned by the pulseIn() function is reported in 
microseconds. It’s usually best to use plain ASCII characters in 
source code, so we indicate micro (millionth) with a plain u or U 
instead of the Greek letter u. 
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© Convert microseconds (millionths) to seconds by dividing. It’s often 
practical to use SI base units, such as seconds, meters, or kilograms. 
To get decimal numbers and avoid premature rounding, we use a 
floating point in the divider (1000.0 instead of integer 1000). The time 
tis around trip (there and back, two way, ping and pong), so we divide 
it by two to get one-way time. 


®© To get distance from time, we multiply by speed. For example, if it 
took us 2 hours to get to Helsinki and back at 100 km/h, wed 
calculate that distance with 2h/2*100km/h, which is 100 km. 


® — To get centimeters, we multiply meters by 100. This is a convenient 
unit for distances typically measured with HC-SRO4. 


After setup() finishes, loop() is called automatically (over and over). 
The loop() function is what your Arduino is doing most of the time. 


@  Thisis all you need in your main program to use HC-SRO4. Because 
distanceCm() is written as its own function, you can easily add it to 
your own projects. Even though it required some thought to write, we 
can forget the implementation details when we use it. To get distance, 
just attach the HC-SRO4 sensor, include the function in your code, 
and call distanceCm(). Here, we cast (convert) the result to an integer, 
ignoring the decimal part. So d will now contain the distance in full 
centimeters (e.g., 23). 


2 Printthe distance to the Serial Monitor (Tools > Serial Monitor). The 
command print1n() prints the value of d as a decimal number, then 
a line break. 


©  Whenrunningin an infinite loop, always wait for a while to avoid taking 
100% of the Arduino’s CPU time. This also gives you time to read the 
results in the Serial Monitor so it’s not scrolling by too fast. 


Experiment yourself! Can you evade the ultrasound? What surface reflects 
sound so that distance measuring works? What surfaces absorb or misdirect 
the sound, so that you become invisible to this sonar? 


Looking for more of a challenge? Modify the distanceCm() function to take 
the digital pin as parameter (e.g., distanceCm(3) for HC-SRO4 on digital pin 
3). You can even connect multiple HC-SRO4 sensors to the same Arduino. 


Many projects use PING, HC-SRO4, and similar ultrasonic distance sensors. 
We have used them in an interactive painting and a walking robot insect. Our 
Students have used them in robots, a gesture mouse, burglar alarms, and 
interactive fluffy toys. 
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Conclusion 


You have learned to write Arduino programs and measure the world. Your 
Arduino can sense pressure, temperature, light, and many other things. If 
you want to keep working with the Arduino to build robots and design your 
own devices, see our other book, Make: Arduino Bots and Gadgets. 


Because the Arduino is simple and robust, it's a tool we always keep on hand 
for prototyping. But you might also want to see a platform that can run big 
programs (e.g., web servers) and connect big things like video projectors or 
televisions. Prepare to swim to the deep end, and advance to Raspberry Pi 
in the next chapter. 


sensors and Arduino 61 


Star Diwa 


4/Sensors and the 
Raspberry Pi 


Do you wish there was a $35 Linux computer 
with full HD display? 


In this chapter, you will process sensor data 
using a Raspberry Pl, an inexpensive credit 
card-sized computer that runs Linux. The Pi Is 
a great board to use as a multimedia server, a 
safe device to try random acts of programming 
on, and a fun gizmo to learn the Linux com- 
mana line with. 


Thanks to the Pi's general-purpose input/output (GPIO) pins, you can also 
wire up your own custom circuits. Some of the benefits of Raspberry Pi are: 


e Cheap ($35 US) 

e Connects to a full HD display 

e Connects to the Internet 

e Runs Linux, the free operating system 

e Can run full versions of Apache web server and SSH server 


Unlike Arduino, the Pi does not have dedicated pins for analog input, but you'll 
learn how to get around that limitation and add analog input using a special 
integrated circuit, the MCP3200. 


You'll be able to connect all the same sensors you worked with in the Arduino 
chapter, but the steps to wire and program them are different. 


You can start from the very beginning. To install “Hello, world,” 

CG learn the command-line interface, and control an LED with 
Raspberry Pi, see Appendix C. Once your “Hello, world” works, 
return here to play with a button. 
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Figure 4-1. Raspberry Pi 


Project 13: Momentary Push Button 


Yes, the button strikes again! Many digital sensors behave like a button. They 
are on or off, 1 or O, true or false. In this project and “Project 15: Adjustable 
Infrared Switch” on page 73, you Il learn to use a button and an infrared prox- 
imity sensor with Raspberry Pi. 


Parts 


You need the following parts for this project: 


e Momentary push button 

e Raspberry Pi 

e Female-male jumper wires, black and green 
e Breadboard 


Before you build any circuit on your Raspberry Pi, you need to 
shut down your Raspberry Pi and disconnect it from a power 
source. To shut it down, click the shutdown button in the lower 
right of the screen, and choose the shutdown option. You can 
also type sudo halt from a terminal (LX Terminal) to begin the 
Shutdown procedure. Wait for the shutdown process to com- 
plete before unplugging your Raspberry Pi. Double- and triple- 
check all connections you made before powering it up again. 


Build It 


Build the circuit as shown in Figure 4-2. You'll need to follow these steps: 
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basis. Other possible sources for these units, other than the flea- 
market circuit, are local fire and police departments, two-way 
radio repair shops, and other commercial users. They may have 
unrepairable or obsolete bases lying around either free for the 
asking or which can be obtained for a very small sum. Use your 
scrounging skills here! One word of caution, however: If you 
should find a charger base that appears to be intact electrically and 
you want to use it directly to charge your unit, be sure to check out 
the charging voltage and current. Many of these units are low- 
voltage, high-current types, which would not be suitable for charg- 
ing the Wilson, even if it might fit snugly. Using such a base might 
even damage your HT or battery pack, as well. 

In any case, the charger base you locate will almost certainly 
not accommodate the Wilson without modification to the base. You 
will find that the Wilson is a physically large HT (at least the 
1402SM is), and is much larger than most pagers and commercial 
units. So, the base must be modified to accept it. To do this, first 
remove the plastic sleeve generally used to hold the pager or HT 
securely in place atop the charger base. It can be discarded, as it 
won't fit the Wilson. Next, carefully file the rectangular opening in 
the base until the Wilson can be freely inserted without undue 
binding. Be sure, however, not to make the hole too large, which 
would allow excessive slippage when the unit is inserted (it won't 
have the support of the sleeve, which has been discarded). 

Next, install a chassis-mount “inverted” dc power jack on the 
rear of the base to accept the plug on the Radio Shack charger. 
These jacks, despite their strange name, are standard items and 
can be obtained from Radio Shack, Olson Electronics, Burstein- 
Applebee, and most other mail-order stores. Remove or discon- 
nect the existing charger wiring—you won't be needing it. Route 
the leads from the jack to the base's charging clips, being especially 
careful to observe correct polarity. The tip on the charging plug is 
positive and the shell is negative. Wiring is shown in Fig. 8-5. Note 
that on the Wilson 1402SM HT, when looking at the unit from the 

front, the positive terminal is on the left, while the negative termi- 
nal is on the right. Failure to observe correct polarity is guaran- 
teed to be an expensive mistake! 

You're almost finished, but getting a good, solid connection to 
the recessed charging terminals on the Wilson can be a bit tricky. 
Usually, a very short (4” or less) 6-32 screw, soldered upside 
down to the top of the base’s charger clip, will do the trick and make 
good contact with the Wilson's terminals. In some cases, a 
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1. Orient the breadboard as shown. 
2. Insert the momentary push button anywhere on the breadboard. 


3. Choose a breadboard column with a pair of button leads in it. Plug the 
male end of a jumper wire into that row, and connect the wire's other end 
to GND (pin 6 in Figure 4-2) on the Raspberry Pi. 


A. Plug another jumper into a breadboard column with the other pair of 
button leads, and attach the wires other end to pin 5 on the 
Raspberry Pi. 


Figure 4-2. Button on breadboard 


The button circuit has only one component: a button placed between GPIO 
3 (physical pin 7) and a ground pin. When you press the button, GPIO 3 be- 
comes connected to the ground. 


On the Raspberry Pi, each GPIO pin has two numbers: one corresponding to 
its purpose (BCM, or Broadcom numbers), and another corresponding to its 
physical location. The purpose (BCM) numbers are the numbers you'll use 
in your programs, as shown in lable 4-1. 


Table 4-1. Pins used with button 


GPIO pin (BCM) | Board pin (place in header) 


What happens when the button Is not pressed (open)? For your program to 
work reliably, the pin must be connected to something. A pin that's not con- 
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nected is floating, and the value from such a pin will vary with ambient elec- 
trical fields. As you might remember from “Pull-Up Resistors and Arduino” 
on page 37, we don't want floating pins. 


There is a built-in pull-up resistor on pins GPIO 2 and GPIO 3. The internal 
pull-up connects the pin to +3.3 V through a 1800 Q (1.8 kO) resistor. The 
pull-up resistor is always connected on these pins. When the button is not 
pressed, the pull-up resistor pulls GPIO 3 to HIGH, +3.3 V. 


Be careful when connecting wires to the pins! For example, you 
never want to connect a GPIO to +5 V, because it could phys- 
ically damage your Raspberry Pi. The pins use 3.3 V and can't 
handle 5 V. Before you power up your Raspberry Pi after mak- 
ing connections, double- and triple-check them to be sure you 
made them correctly. 


Run the Button Code 


With the button connected, you can run some code to monitor its value. Open 
the Terminal (LX Terminal), and follow the steps described in this section. 


You should make GPIO work without root first (see 
Example C-1). If you want to quickly try out GPIO with root 
powers, use sudo tee instead of tee after the pipe. However, 
you really should make GPIO work as a normal user. 


Export the GPIO 3 pin so that you can use it in your code (don't type the $; it 
indicates the shell prompt that you see in the terminal window): 


$ echo 3|tee /sys/class/gpio/export 


This created a new folder called gpio3. You can see it by typing Is /sys/class/ 
gpio/. 


To read a pin, you need to configure it to “in” mode: 
$ echo in|tee /sys/class/gpio/gpio3/direction 

Now you can read the value (don't hold down the button while you do this): 
$ cat /sys/class/gpio/gpio3/value 
1 


Because you weren't pressing the button, the internal pull-up resistor pulled 
GPIO 3 to 3.3 V, HIGH, so you got the value 1. 
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Next, hold down the button and read the value again (for a cool trick, you can 
recall the previous command by pressing the up arrow, so you don't have to 
type it again): 


$ cat /sys/class/gpio/gpio3/value 
0 
Well done! You can now read values from digital sensors. Even though you'll 


soon practice with another digital sensor, the program will be very similar to 
this one. 


Figure 4-3. Buttons dont need to be small and black 


Troubleshooting 


Before correcting any connections, be sure to power down your Raspberry 
Pi. Power it back up when you are sure the connections are correct. Here are 
Some common troubleshooting issues: 


Why do I always get a value of O? 
Did you put your four-legged button the right way round? If you mistak- 
enly connected GPIO 3 and ground to leads that are always connected 
to each other, that's exactly the same as connecting them directly. GPIO 
3 would be always connected to ground (GND, O V), so you'd always get 
a value of O. 


Why do I always get a value of 1? 
This means that GPIO 3 is never connected to ground. A likely reason Is 
that the button is not connected. Did you use the correct pins? Did you 
put all the jumpers and leads to correct rows? 


Permission denied? 
These commands assume that you made your GPIO work without root, 
as explained in “Using GPIO Without Root” on page 114. If you insist on 
running everything as root (which we maintain is a dangerous, less stable 
way), you can test it as root by putting sudo in front of every tee com- 
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mand. For example, you could write echo 3|sudo tee /sys/class/gpio/ 
export. But of course it's much better to avoid unnecessary use of sudo. 


Works with sudo, but not as normal user (without sudo)? 
Go through the steps in “Using GPIO Without Root” on page 114 again. 


In the following projects, we'll show you how to use the GPIO pins from a 
Python program. All of the sensor projects in this book use Python. 


Python is one of the easiest languages to learn. When we code for fun, most 
often it's in Python. Before we get into programming GPlOs with Python, let's 
get you up and running with the language. 


Hello, Python World 


Traditionally, the first program to write in any language is “Hello, world.” lt 
lets you test to confirm that everything is working. If you are a beginner, you ll 
also get assurance that you know how to write a Python program! 


Whenever you start programming, you should always start with a “Hello, 
world”—on any language, on any platform. 


You ll write your Python program just like any text file. The best place to store 
your program files is in your home directory (/home/pi). If you're not already 
in your home directory, you can change to it with the terminal (LX Terminal) 
command cd: 


$ cd /home/pi 


Start editing a new file with nano, acommand-line text editor for editing plain- 
text files. Its purpose Is similar to other plain-text editors such as Notepad, 
gedit, vi, and Emacs. Type this command: 


$ nano hello.py 


The file needs only one line. This is Python for you: easy things are so easy, 
but hard things are still possible. Add this line to the file: 


print("Hello, world!") 


The code has just one line. print() is a command, but it behaves like a func- 
tion. It gets one argument, the string “Hello, world!” As you probably guessed, 
you are asking the computer to print the string to the terminal. 


Now save your work by pressing Ctrl-X (exit). When prompted about whether 
you want to save, type “y” for yes. Finally, confirm the name, “hello.py’, by 
pressing Enter or Return. 
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Now it’s time to run your Python program. This is a big moment if this is your 
first step in Python. Type the command shown after the $ prompt. You'll see 
the output as soon as you press Enter: 


$ python hello.py 
Hello, world! 


Your Python program printed the string “Hello, world!” Now you know you 
can write Python, and that your Python environment works. 


Project 14: Blink an LED with Python 


When starting with a new feature, it’s good practice to write a “Hello, world” 
program. It’s a program that tests the feature as simply as possible. 


In this case, to start working with GPIO and Python, you'll write a program 
that blinks an LED. Knowing how to do this in Python, it will be much easier 
to use this skill as a part of your robot or gadget projects. 


Parts 


You need the following parts for this project: 


Raspberry Pi 


Female-male jumper wires, black and green 
An LED 


470 Q resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistors tolerance) 


Breadboard 


Build the LED Blink Project 


Connect an LED and a resistor to GPIO 27 as shown in Figure 4-4. 
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Figure 4-4. Hello, LED 


Run the Code 


Open a terminal, then change to your home directory cd /home/pi/ if you're 
not already there. Create a new file with nano led_hello.py, type in the code 
from Example 4-1 (or download it from this book's website), and save it with 
Ctrl-X, press y, and then Enter or Return. 


Run the program with: 


$ python led hello.py 


The LED lights up for a moment, then dims again. Did you succeed in lighting 
up the LED? You can now use GPIO pins with Python. 


If you get “IOError: [Errno 13] Permission denied,” simply try again. If the 
problem persists, verify that you have enabled GPIO without root using the 
udev rule (see “Using GPIO Without Root” on page 114). 


This code shows you the secret sauce of GPIO manipulation from Python. 
Later on, you'll see examples that use a library (a file containing code that 
does all the work of manipulating the GPIO for you), so those code listings 
will be much shorter. 


As you saw earlier in “Project 13: Momentary Push Button” on page 64, you 
need to manipulate files in the Linux filesystem to work with GPIO pins. 


Want to save typing? Download the code, unzip it, and copy it 
to /home/pi on your Raspberry Pi SD card. 
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Example 4-1. Hello, LED Python code 


# led hello.py - blink external LED to test GPIO pins 
# (c) BotBook.com - Karvinen, Karvinen, Valtokari 


“led hello.py - light a LED using Raspberry Pi GPIO" 
# Copyright 2013 http://Botbook.com */ 


import time +0 


import os #@ 
def writeFile(filename, contents): +0 
with open(filename, 'w') as f: 4 QO 
f.write(contents) 40 
# main 
print "Blinking LED on GPIO 27 once..." #@ 
if not os.path.isfile("/sys/class/gpio/gpio27/direction"): #@ 
writeFile("/sys/class/gpio/export", "27") #@ 


writeFile("/sys/class/gpio/gpio27/direction", "out") +0 


writeFile("/sys/class/gpio/gpio27/value", "1") # © 
time.sleep(2) + seconds +0 
writeFile("/sys/class/gpio/gpio27/value", "0") # @ 


Import a library to give you more commands (functions) to work with. 
Here we are importing the time library, a very common library 
because it has the time.sleep(seconds) function that makes your 
program pause for a while. 


The OS library has commands that let you work with the underlying 
operating system. With os.path.isfile(filename), you can test 
whether a file corresponding to the value in filename exists. Because 
the OS library is an abstraction of the operating system's features, 
the same code can work on Linux, Mac, and Windows. 


Define a new function called writeFile(). Defining a new function 
saves you from typing the same commands over and over again. 
Instead of copying all of the code in this function each time you need 
it, you can simply call the function writeFile("foo.txt", "Hello”). 
This function takes two parameters: a filename for the name of the 
file to write, and the contents to put into the file. If you called write 
File("foo.txt", "Hello"), the values between the parentheses will 
be assigned to variables inside the function. When writeFile() is 
executed, the variable filename will have the value “foo.txt” and the 
variable contents will have the value “Hello”. 
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O Open filename for writing (w). This defines a new file handle named 
f that you can use to work with the file in later lines of code. The with 
block is the easiest built-in way to manipulate text files in Python. 
Python will make sure that the file handle gets closed again; either at 
the end of the block, or if any unexpected error occurs. Of course, 
your newly defined function writeFile() makes writing files even 
easier because it uses with for you. 


O Using the file handle f defined in the previous line, we write a value 
of variable contents to the file. File handle f is an object, and write() 
is a method of this object. 


O Print some text to help you debug your program. For example, if you 
see the text appear onscreen but the LED doesnt light, you already 
know that your program ran but that the problem is probably in the 
GPIO connections. print() can be used in two ways. You can call it 
with the parameters in parentheses as in print( foo”), just like any 
function. Or, if you're feeling lazy, you can use this shorter syntax that 
leaves out the parentheses. 


@ Test whether the file named direction already exists. If not, then 
execute the indented block below. This test is needed because 
exporting the same pin twice causes an exception that would make 
your program crash. 


O Export the pin. Exporting creates the virtual! files to manipulate the 
pin such as direction and value. The export is done by simply writing 
the pin number “27” to the (virtual) text file export. This block is 
indented (there's white space to the left of the line) under the if, so 
it's only executed if the if condition above it evaluates to true. 


© Write the string “out” to the text file direction. Here you call the 
function writeFile() that we defined earlier. When you set the 
direction to “out,” you can turn the pin on or off. 


D Write the string “1” to the text file value. This turns the GPIO 27 pin 
to 3.3 V (HIGH). This causes current to flow through the LED and the 
resistor to GND (0 V). The current lights up the LED. 


@ — Wait for two seconds. All the pins stay in the state they are in, so the 
LED stays on. Because sleep was imported from the time library, you 
have to specify the library’s namespace (time) before it, as in 
time.sleep(). When your program sleeps, it takes very little computing 
power, and other programs running in the background can have more 
time. 


1. So called because they don't really exist as files on stable storage (SD card). 
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® — Write “O” to value, turning off the GPIO pin. Both leads of the LED are 
now at the same voltage, so there is no current flowing, and the LED 
goes dark. Because this is the last command, the execution of the 
program ends. 


When you are looking at a program, you should think through it in the order 
itis executed. First, libraries are imported to give you more functions to work 
(import time...). 


Next, the first code in the global scope is run (print “Blinking...”). To simplify, 
it's the first command that's flush left, without any indentation (whitespace) 
before it. 


The program execution continues line by line. The function writeFile() is 
only run when it's called (writeFile("/sys/7...”)). It's worth noting that functions 
are not run when they are defined (def writeFile(filename, contents)), 
even though the definition appears before the lines of code and at the same 
level of indentation. 


Finally, the last line is executed (writeFile("/sys/...")). Then the program 
exits, and the executions stop. 


Now that you know the secret sauce, the rest of the examples will use the 
botbook_gpio.py library to make the programs shorter. That library will do all 
of the work of manipulating files for you. 


Project 15: Adjustable Infrared Switch 


An adjustable infrared switch senses when something is near. You can con- 
figure the distance at which it is triggered by a nearby object. This sensor 
only tells you when something is near, not its actual distance. 


Parts 
You need the following parts for this project: 


e Infrared sensor switch 


e Two 1 kO resistors (five-band: brown-black-red-brown-any; four-band: 
brown-black-red-any) 


e Raspberry Pi 


Build the IR Switch Project 


Reading any digital resistance sensor is similar to reading a button, so both 
the connection and the code should already look familiar to you if you ve tried 
connecting a button to the Raspberry Pi. 
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Let's connect the infrared (IR) sensor switch to the Raspberry Pi. There are 
some differences from the connections for the button. The button just has a 
data pin and a ground connection. The IR sensor has some additional parts: 
a red +5 V pin and two resistors connected to the yellow data pin. This is 
because the IR sensor provides a new challenge: GPIO data pins can only 
tolerate 3.3 V, but the sensor works at 5 V. 


You can lower the voltage of the data pin with a voltage divider (see "Voltage 
Divider” on page /6), which you can make with two resistors. A voltage divider 
is a circuit that lowers a voltage by dividing it between two resistors (one 
connected to a signal, the other to ground). 


Make sure the Raspberry Pi is shut down and disconnected from power. Build 
the circuit as shown in Figure 4-5. 


Usually, IR switches have black minus, yellow data, and red plus. We also have 
some models that have a green minus wire instead of a black one. 


If your IR sensor switch has female pin headers, simply use jumper wire to 
connect it to the breadboard. 


(pitti ti itt Pc ho 
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Figure 4-5. Adjustable infrared switch connected to Raspberry Pi 


Run the Code 


Power up the Raspberry Pi, then upload the code shown in Example 4-2. 


Try it out: 


$ python adjustable-infrared-sensor-switch. py 
Something is inside detection range 


Run it many times to get many measurements. 
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“pointed” solder blob on each clip will be what is needed to make 
good continuous contact when the HT is inserted and standing 
vertically in the charger (Fig. 8-6). You will, of course, have to 
inspect your charger base to determine what kind of clips it uses 
and what must be done to accept the Wilson or whatever HT you 
want touse with it. Usually, modifying and adjusting the clips is no 
problem, but it takes a little patience to get the HT to seat just 
right. 

The Radio Shack charger 1 used will fully charge the nicad 
pack in about 12 to 14 hours. Although it can be left connected to 
the HT’s terminals, it’s best to disconnect it to prevent any possi- 
bility of overcharging the cells and to eliminate any possibility of 
fire from overheating or failure of the charger unit. This can be 
done very simply by unplugging the charger from the ac outlet, 
removing the Wilson, and reinserting it so that it’s no longer 
resting directly on the charger clips, but, rather, is reclining on the 
charger base at a 45-degree angle so that charging current cannot 


ao” WILSON 14025M H-T 


a | 6-32 (¿Aim SCREWSISEE TEXT) 


“PA CHARGING CLIPS 


. INVERTED OC POWER JACA 
[MATES WITH RADIO SHACK CHARGER | 


ANY CHARGING BASE 
ISEE TEXT) 


10-120 VAC 


STANDARD INVERTED 
POWER PLUG 
(Tie POSITIVE | 


Fig. 8-5. Charging system shown above provides an inexpensive means of 
charging the Wilson 1402SM and similar handie-talkies that are charged 
by means of terminals recessed in the battery pack. An old, defunct 
charger base is modified to accept the Wilson and provides mechanical 
support while charging. 
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Example 4-2. Adjustable infrared switch code 


# adjustable-infrared-sensor-switch.py - is object within predefined distance? 
# (c) BotBook.com - Karvinen, Karvinen, Valtokari 


import botbook gpio as gpio # O 


gpio.mode(27, "in") # @ 


x = gpio.read(27) # 3 ) 
if(x==0): #0 

print "Something is inside detection range" #@ 
else: #@© 


print "There is nothing inside detection range" + @ 


O — The botbook_gpio library contains the Python code for manipulating 
GPIO pins. For it to work, the botbook_gpio.py file must be inthe same 
directory as this program, adjustable-infrared-sensor-switch.py. If 
you get an import error when you run it, verify that you can see both 
files in the same directory when you run the ls command. 
botbook_gpio.py simply reads and writes files under /Sys/class/ 
gpio/, as you saw in “Project 14: Blink an LED with Python” on page 
69. 


setting the gpio27 pin to “in” allows its value to be read. 


© © 


Read the current value into new variable we call x. The value will be 
either O or 1. 


O Value O means something has been detected. An infrared sensor 
Switch doesn't tell the distance; it just tells whether something is 
nearer than the distance to which it’s calibrated. An equality 
comparison uses two equals characters (==). The comparison 
operation, (==), is different from value assignment, (=). 


O Print to the terminal that something was detected. This indented 
block under if only runs when the if condition Is true; in this case, It 
runs if the value of variable x is zero. 


O The indented block under else only runs when the if condition is not 
true. In this case, the one-line block under else runs if the value of 
variable x is not zero. 


@ Print to the terminal that nothing was detected. As this is the last 
instruction in the program, the execution of this program ends after 
this line. If you want to make another measurement, run your 
program again. 
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Voltage Divider 


How can you convert voltage from 5 V to 3.3 V? As most Arduino and Arduino- 
compatible components use +5 V as HIGH, you will meet this question often 
when you try to use something with the Raspberry Pi. 


The red wire supplies the IR sensor with +5 V, and the IR sensor outputs +5 
V. This is much more than the Raspberry data pins can take, as their HIGH is 
+3.3 V. Connecting a GPIO pin to +5 V will likely destroy that pin. 


When the IR sensor yellow wire Is at zero, all is well because the Raspberry 
Pi ground (O V, LOW) is exactly the same as the ground in the IR sensor. That's 
because the IR sensor ground is connected to the Raspberry Pi ground (black 
wire in Figure 4-5). 


But what about the IR sensor HIGH state, +5 V? To protect the Raspberry Pi 
data pins, you must ramp down the voltage from 5 V to 3.3 V. This is easily 
done with a voltage divider. 


The big 5 V is connected to ground (black wire, O V, GND) through two resis- 
tors. On the 5 V side, the voltage is obviously 5 V. Just as obviously, on the 
ground side of the two resistors, the voltage is O V. Butin between, the voltage 
gets split according to the values of the resistors. You want 3.3 V for the 
Raspberry Pi: 


3.3 V/ 5 V = 0.66 = 66 % 


So, you want the Raspberry Pi data pin to measure the voltage 66% on the 
way from ground to 5 V. Your total resistance is 2 kQ (two resistors in series, 
1000 Q each): 


66% * 2000 Ohm = 1320 Ohm 


You wont find resistors in every possible size, so a resistor near that will 
probably do. The parts list mentions two 1 kQ resistors. Putting the data pin 
between those resistors, you get 50% of the 5 V: 


50% * 5V = 2.5 V 


This is well above the minimum level for a HIGH signal, which is about half of 
the nominal 3.3 V HIGH level, 1.65 V. Because 1.65 V < 2.5 V, Raspberry con- 
Siders 2.5 V HIGH. 


But how did we come up with the 2 kQ of resistance for the voltage divider? 
The exact amount doesn't matter. There must be enough resistance so that 
ground and 5 V dont short circuit. An air gap would achieve that, so the other 
requirement is that resistance must allow some electricity pass through. 
Thus, some kQs is good. 
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You can halve the 5 V by building a voltage divider with two resistors. And now 
you know that lowering voltage doesn't require mysterious integrated cir- 
cuits or breakout boards—just two cheap resistors. 


Analog Resistance Sensors 


Analog resistance sensors change their resistance according to how they 
respond to something in the physical world. For example, a light-dependent 
resistor will have low resistance in bright light, and high resistance inthe dark. 


The Raspberry Pi can't directly measure resistance, apart from two states: 
on and off. To measure resistance, you need an analog-to-digital converter 
(ADC). Unlike with the voltage divider, this will require a mysterious integra- 
ted circuit (that won't be mysterious to you in a moment). 


It's a bit easier to measure analog resistance with Arduino. Because Arduino 
has a built-in ADC, there will be fewer wires and components in your con- 
nections. Raspberry Pineeds an external ADC chip to read analog resistance, 
which means more wires that could come loose or be connected incorrectly. 


An advanced option for measuring analog resistance with the Raspberry Pi 
is using only sensors that communicate over industry standard protocols like 
I2C or SPI. Using 12C and SPI is out of the scope of this book, but you can 
learn about it in Make: Sensors. 


Another option is to use Arduino for connecting to sensors and communi- 
cating with Raspberry Pi over USB serial. A similar setup using a computer 
rather than a Raspberry Pi is shown in Make: Arduino Bots and Gadgets. In 
this book, you'll work with the conceptually simple approach of reading an- 
alog resistance sensors with an ADC chip. 


Project 16: Potentiometer to Measure 
Rotation 


Turn up the volume on a radio—you re probably using a potentiometer. They 
are everywhere! Whenever you turn a knob to gradually change something, 
chances are that you are using a potentiometer. There are also hidden po- 
tentiometers (trimmers) inside many devices that technicians can adjust 
with a screwdriver. 


The potentiometer (or pot) is the archetype of variable-resistance sensors. 
Once you learn to work with a pot, you can easily see similarities with other 
variable-resistance Sensors. 


This project teaches you how to read analog-resistance sensors with Rasp- 
berry Pi. Analog readings are interesting because you have to use an external 
analog-to-digital converter (ADC). In this project, you'll learn to use the 
MCP3002 ADC. It’s controlled over SPI, an industry standard protocol. 
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Parts 


You need the following parts for this project: 


e Potentiometer 

e MCP3002 (analog-to-digital integrated circuit) 

e Raspberry Pi 

e Jumper wires (male-to-female and male-to-male) 
e Breadboard 


The Raspberry Pi does not have female header connections 
for its GPIO pins. Instead, you will need to use a Pi cobbler or 
male-to-female jumper wires. Either option works, but the 
cobbler eliminates the concern of shorting out the GPIO pins 
by accidentally touching them together. 


Build It 


Build the potentiometer circuit shown in Figure 4-6. 


Install SpiDev 


All analog readings in this book use the MCP3002 analog-to-digital convert- 
er. The MCP3002 uses SPI, an industry standard protocol, to communicate 
with the Raspberry Pi. That's why all analog sensors in this book need the 
spidev library. 


Enable Internet on your Raspberry Pi. Simply use a normal Ethernet cable to 
connect the Raspberry Pi to your wireless access point or switch. The Rasp- 
berry Pi receives an IP address automatically. You can test your Internet con- 
nectivity with the Midori web browser. Try http://botbook.com! 


Install the requirements with apt-get (it uses the Internet, so if you get errors, 
check your connection): 


$ sudo apt-get update 
$ sudo apt-get -y install git python-dev 
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Figure 4-6. Potentiometer connected to Raspberry Pi 


Then download and install the latest SpiDev from their version control sys- 
tem: 


$ git clone https://github.com/doceme/py-spidev.git 


$ cd py-spidev/ 
$ sudo python setup.py install 


Allow SPI Without root 


Modify udev rules, as shown in Example 4-3: 


$ sudoedit /etc/udev/rules.d/99-spi.rules 


Write the rule. If you edited it with nano, press Ctrl-X, then type “y,” and press 
Enter to save. 


Example 4-3. 99-spi.rules 


# /etc/udev/rules.d/99-spi.rules - SPI without root on Raspberry Pi 
# Copyright http://BotBook.com 


SUBSYSTEM=="spidev", MODE="0666" 


To avoid typos, you could alternatively copy the file with sudo cp 99-spi.rules/ 
etc/udev/rules.d/. 


Finally, edit the blacklist to enable the SPI device: 


$ sudoedit /etc/modprobe.d/raspi-blacklist.conf 
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Delete the line that says “blacklist spi-bem2708, then press Ctrl-X to exit, 
type “y” then press Enter to save the file. 


Reboot your Raspberry Pi. Verify that you can see some files with: 
$ ls -1 /dev/spi* 


Can you see at least two files? Well done, now you are ready to read analog 
resistance sensors. 


Run the Code 


Once you get the circuit wired up and SpiDev installed, reading the sensor is 
easy with the MCP3002 library. You can download it from the website for 
Make: Arduino Bots and Gadgets. 


Put pot_once.py (see Example 4-4) and the MCP3002 py library into the 
same directory. You can easily create the pot_once. py file with the nano ed- 
itor. The MCP3002. py library is long, so it’s best to download it as well. 


Run the code: 
$ python pot once.py 


View your result. Turn the knob of the potentiometer, and run the program 
again. In Linux, you can press the up arrow to retrieve an earlier command 
so you don't need to keep typing it over and over. 


Example 4-4. Reading a potentiometer 


# pot_once.py - measure resistance of a potentiometer, once 
# (c) BotBook.com - Karvinen, Karvinen, Valtokari 


import botbook mcp3002 as mcp #@ 


x = mcp.readAnalog(0,0) 4 @ 
print (x) 140 


O Import the MCP3002 library. The file MCP3002.py must be in the 
same directory as this program (pot_once.py). All the heavy lifting, 
like the SPI interface, is done with this library. 


O Read the analog value from the MCP3002 chip. The readAnalog() 
function is from the MCP3002 library, as you can see from the 
namespace prefix “MCP3002.. The parameters device (0) and 
channel (0) correspond to the circuit you built. The readAnalog() 
function returns a number between O and 1023. This number is saved 
to a new variable called x. 


O Print the value of variable x. 


80 Getting Started with Sensors 


Troubleshooting? If running pot_once.py gives you this error... 


spi.open(0, device) .. IOError: [Errno 2] No such file or directory 


..Verify that you modified /etc/modprobe.d/raspi-blacklist.conf as instruc- 
ted in “Allow SPI Without root” on page 79, then rebooted. You should see 
some files if you run the command 1s /dev/spi. 


Repeat Readings 


Mostembedded devices have a never-ending loop that keeps running forever 
(Arduino has this: the loop() function runs until you shut the device down). 
The program will do its thing, wait for a short while, then do it again. It makes 
sense that an embedded device works as long as there is power: you wouldn't 
want your car's assisted steering or your office air conditioning to stop and 
require restarting all the time. 


Example 4-5 shows how this is done in Python. Keep the same circuit as 
before, but run the new code. Now you can continuously get new readings 
while you adjust the potentiometer. Press Ctrl-C to kill the program and get 
your command prompt back. 


Example 4-5. Reading a pot over and over 


# pot _repeat.py - continuously measure resistance of a potentiometer 
# (c) BotBook.com - Karvinen, Karvinen, Valtokari 


import botbook_mcp3002 as mcp + Y) 
import time #@ 


while(True): -0 
x = mcp.readAnalog(0,0) # (Y 
print(x) 40 
time.sleep(0.5) # seconds +0 


Import the library for the analog-to-digital converter chip. Just as 
before, MCP3002.py must be in the same directory as this program, 
pot_repeat. py. 


Import the library that supplies the time.sleep() function. 


Repeat the block below as long as the condition Is true: forever. Press 
Ctrl-C to kill the program. 


Read the analog value just like you did in pot_once.py. 
Print the value of x, just like in pot_once.py. 


0060 00 


Wait for a while. Whenever there is an infinite loop, you must make 
Sure you give time to the operating system and other programs. 
Otherwise, your program could take 100% of CPU power of any one 
core, even one running a zillion gigahertz. 
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Why Does a Potentiometer Have Three Legs? 


You may have noticed that you didn't use a pull-up, pull-down, or voltage 
divider, and you probably also noticed that a potentiometer has three leads. 


One side is connected to ground (LOW, O V, black wire, GND, “negative”). The 
other side is connected to positive (HIGH, 3.3 V, +, red wire). The middle lead 
is connected to the data pin. 


Turning the knob, you can select where the middle lead touches the resistor. 
Because there is a resistor on either side of the pot (between the middle lead 
and GND, and between the middle lead and +V), the pot itself is a voltage 
divider! 


If the knob is turned to the minimum setting, there is nearly no resistance 
between the data pin (middle) and GND. All the resistance is between the 
data pin and +3.3 V. So the data pin gets O V, and MCP3002.readAnalog(0,0) 
returns O. 


When you turn the knob to the maximum, there is no resistance between the 
data pin and +3.3 V. All the resistance is between data and ground. So the 
data pin gets 3.3 V, and MCP3002.readAnalog(0,0) returns 1023. 


When the knob is anywhere between maximum and minimum, you get a 
voltage between LOW (0 V) and HIGH (3.3 V). MCP3002.readAnalog(0,0) re- 
turns anumber between O and 1023. 


The voltage seen by the data pin is proportional to the position of the pot. 


Project 17: Photoresistor 


Resistor by night, wire by day. A photoresistor reduces its resistance when 
It's bright. It’s also known as a light-dependent resistor (LDR). 


The LDR changes resistance. From the Raspberry Pi's point of view, isn't this 
the same idea as a potentiometer? 


Infact, the photoresistor can use the same code as a potentiometer. The only 
difference is the number of leads on the sensor. As you can see from 
Figure 4-/, an extra resistor is used to form a voltage divider. You may re- 
member that a voltage divider requires two resistors; the photoresistor is the 
second (and variable) resistor in the divider. 


Parts 
You need the following parts for this project: 


e Photoresistor (10 kQ suggested) 
e Resistor (10 kQ, or choose a value that matches the photoresistor) 
e MCP3002 
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e Raspberry Pi 
e Jumper wires (male-to-female and male-to-male) 
e Breadboard 


The10 kQ resistor coloring is brown-black-orange-any (four-band) or brown- 
black-black-red-any (five-band). 


Build It 


Wire up the circuit as shown in Figure 4-7. 


Figure 4-7. Photoresistor connected to Raspberry Pi 


Run the Code 


After you've built the circuit, run the pot code again: 


$ python pot_repeat.py 


When you see numbers appearing, try changing the value. Cover the LDR 
with your finger, and you see low numbers. Point a bright light at it, and the 
numbers increase. 


Once you are done, kill the program with Ctrl-C. 


Playing with Resistance Numbers 


If that felt too easy, let's try playing with the measured numbers. There are 
three common ways to look at the measured resistance: 
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e Raw number, from O to 1023 
e Voltage, from O V to 3.3 V 
e Percentage, from 0% to 100% 


You have already read the raw value with a potentiometer and light- 
dependent resistor. It’s the value you get from this line of code: 


MCP3002.readAnalog(0,0) 


The raw number doesn't have an obvious unit—it's just an integer (a whole 
number) from O to 1023. This is the number you always start with when you 
take a sensor measurement. 


It's easy to convert a raw value to a percentage, from 0% to 100%. The min- 
imum raw value O is 0%. The maximum value 1023 is 100%. Any value x in- 
between is x/1023. For example, the raw value 348 Is: 


348/1023 = 0.34 = 34% 
So the raw value 348 is 34% of the maximum value. 


raw = MCP3002.readAnalog(0,0) 
percent = raw/1023.0 #@ 


O To get a floating-point result, you must divide by a floating-point 
number. In Python (and many other languages), dividing by an integer 
(a whole number) gives you a counter-intuitive whole number result. 
In Python, 1/2 == Q, but 1/2.0 == 0.5. Notice how 2 is an integer and 
2.0 is a floating-point number. 


You might already know that a percent is a one hundredth part. This means 
that 0.34 is exactly 34%. When you speak about parts, percentages are 
practical. When programming, a floating-point number 0.34 Is practical, as 
you can easily multiply a number with this. 


In your own projects, you measure something to change something. You 
might use a potentiometer to set the volume of a beep. Or you could use an 
LDR to turn lights brighter when it’s dark outside. In these cases, it’s conve- 
nient to multiply by a percentage. 


To get the voltage of the data pin, you can multiply by the percentage. The 
maximum voltage (HIGH) of a Raspberry Pi pin is 3.3 V (100%) and the min- 
imum (LOW) is O V (0%): 


raw = MCP3002.readAnalog(0,0) 
percent = raw/1023.0 
voltage = percent * 3.3 
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Fig. 8-6. Wilson 1402SM HT is shown in the charge position, ready to be 
charged up from the small CB-type battery charger. 


flow to the terminals. This position also makes for a dandy fixed- 
base operating position for the HT (Fig. 8-7). 

While the best charging philosophy to follow is a highly- 
charged subject (pun intended), I believe that you can help ensure 
maximum battery life by recycling the nicads three or four times a 
year. This means letting the batteries discharge completely before 
recharging them. Doing this tends to inhibit “plating” which re- 
duces the batteries' efficiency. By exercising a little care in charg- 
ing (not over charging and not charging in too many short spurts), 
you should get well over a thousand charge cycles from a set. Be 
sure, when charging, that each of the ten nicads in your battery tray 
is a good one, and that each is seated properly so that the charging 
current flows through it in the right direction. 


REGULATED NICAD CHARGER 


More and more nicad cells are becoming available and many 
hams are utilizing them in portable rigs and test equipment. To 
avoid damaging these batteries though, a few precautions are 
necessary: 
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Project 18: FlexiForce 


The FlexiForce sensor (see Figure 3-14) measures pressure. The harder you 
Squeeze the round end of the sensor, the more electricity it lets through. Just 
as with a pot and LDR, you can use the same code. 


Parts 


You need the following parts for this project: 


e Flexiforce (11 kg, 25 pound version recommended) 


e 1 MQ resistor (five-band: brown-black-black-yellow-any; four-band: 
brown-black-green-any) 


e MCP3002 

e Raspberry Pi 

e Jumper wires (male-to-female and male-to-male) 
e Breadboard 


Build It 


Build the FlexiForce circuit shown in Figure 4-8. As the FlexiForce has just two 
leads; this connection is similar to the light-dependent resistor (LDR). There 
is asecond resistor to form a voltage divider 


Figure 4-8. FlexiForce squeeze sensor connected to Raspberry Pi 
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What about the third pin? The FlexiForce has a third pin in the middle, but it’s 
not connected to anything. It’s just there to make it easier to connect the 
FlexiForce to a breadboard. The outer pins are live. 


Run the Code 


Run the potentiometer code again: 
$ python pot repeat.py 


Play with the values. Try leaving the sensor untouched. Then squeeze the 
round end hard. 


You ve tried three analog resistance sensors: a pot, an LDR, and the Flexi- 
Force. Do you recognize a pattern? All of these sensors can use the exact 
same code. The circuit with the analog-to-digital converter (ADC, MCP3002) 
is nearly identical for the different components. The only difference is the 
second resistor for the sensors (the first resistor in the voltage divider) that 
have just two leads. 


Project 19: Temperature Measurements 
(LM35) 


The LM35 reports temperature by changing its resistance. In its default con- 
figuration, the LM35 can measure temperature from 2 °C to 150 °C. 


Parts 


You need the following parts for this project: 


e LM35 temperature sensor 

e MCP3002 

e Raspberry Pi 

e Jumper wires (male-to-female and male-to-male) 
e Breadboard 


Build It 


Build the circuit shown in Figure 4-9. Wires that are always in 3.3 V (same as 
data pin HIGH) are redin the diagram. The dangerous (to Raspberry Pi's pins) 
+5 V wire is yellow. Dont connect the yellow +5 V wire to data pins. 
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| | 
Figure 4-9. [M35 temperature sensors connected to Raspberry Pi 


As LM35 has three leads, the connection Is similar to the pot circuit. The only 
difference is the 5 V voltage required by the LM35. 


The LM35 uses +5 V, enough to damage the Raspberry Pi's 
microcontroller IC. Mistakenly connecting 5 V to a data pin, 
even for a moment, damages the Raspberry Pi. Most likely, the 
damage is permanent, destroying some or all of the data pins 
inthe GPIO header. That’s why you use different colors for safe 
+3.3 V (red) and dangerous +5 V (yellow). Be careful where 
you connect +5 V. Just be careful to make correct connections 
and you ll be fine. 


Run the Code 


Every analog resistance sensor thus far (pot, LDR, and FlexiForce) has 
worked with the same code. You can also try pot code here. 


It does work, but the raw numbers are not very useful. What good does it do 
to know that the temperature results in a raw value such as 8157 


As you saw earlier, you can convert raw values to percentages and voltages. 


All components have a datasheet that describes how they are used. Data- 
sheets can be terse and technical, which makes books like this quite useful. 
You can find the datasheet for the LM35 by searching the Web for “Im35 
datasheet.” 
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The datasheet for the LM35 tells us that the output voltage changes by 0.010 
V per 1°C. The inverse of this is that al V change represents 100 °C. Some 
sample voltage-temperature pairs are: 


e O°C, 0.0 V (this circuit doesn't measure temperatures this cold) 
© 2°C, 0.02 V (minimum measured temperature, a cold fridge) 

e 10°C, 0.1 V 

e 20 °C, 0.2 V (summer in Helsinki) 

e 30 °C, 0.3 V (summer in Spain) 

e 40°C, 04 V 

e 80 °C, 0.8 V (a Sauna) 

e 100 °C, 1.0 V (water boils) 

e 150 °C, 1.5 V (maximum measured temperature) 


This also explains why we're not worried about getting too much voltage to 
the Raspberry Pi data pin: to get over 3.3 V, you would need 330 °C of heat. 


You must convert the raw value to voltage, and voltage to Celsius. For this, 
let's create a new program. 


Run the code shown in Example 4-6. 


Example 4-6. Reading the LM35 sensor in Python 


# Im35.py - print temperature in Celsius 
# (c) BotBook.com - Karvinen, Karvinen, Valtokari 


import time +0 
import botbook_mcp3002 as mcp + O 


def readTemperature(): # E) 
data = mcp.readAnalog(0,0) 40 
percent = data / 1023.0 # O 
volts = percent * 3.3 #@ 
celcius = 100.0 * volts #@ 
return celcius # O 


while True: # O 
t = readTemperature() #@ 
print("Current temperature is %i C " % t) +0 
time.sleep(0.5) # seconds #@ 


O The time library is needed for time.sleep() in the loop. 


© As with previous examples, the file MCP3002. py must be in the same 
directory with this program (/m35.py). 
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readTemperature() is a function, so it’s easy to add it to your own 
projects. 


Read the raw value, from O to 1023. This is the same command you 
used with the potentiometer, LDR, and FlexiForce. 


Convert to a percentage of maximum value, from 0.0 (0%) to 1.0 
(100%). The divider must be a floating point to get a floating-point 
result. 


Voltage is calculated from the maximum voltage. 


Convert voltage to Celsius, using the 0.010 V per 1 °C formula from 
the datasheet. 


Return the temperature. 


Keep measuring and printing temperatures until the user presses 
Ctrl-C to kill the program. 


This is all you need to do to read temperature in your own programs. 
Declare a new variable t, read the temperature, and store the value 
there. 


Print the temperature with some helpful text. print uses a format 
String, where 41 is replaced with an integer value, the value of the 
variable t. 


Wait for a while. This allows you to read the printed temperature, and 
also prevents the program from taking all the CPU time. 


Project 20: Ultrasonic Distance 


An ultrasonic distance sensor gives you the distance to a target. For example, 
it can tell you there is a target 58 cm from the sensor. It’s one of the most 
popular sensors in the courses we teach. 


HC-SRO4 is a cheap ultrasonic sensor, costing just a couple of dollars. This 
is avery nice price compared to alternatives costing much more. 


Parts 


You need the following parts for this project: 


HC-SRO4 sensor 


Two 10 KQ resistors (four-band: brown-black-orange-any, five-band: 
brown-black-black-red-any) 


Raspberry Pi 
Jumper wires (male-to-female and male-to-male) 
Breadboard 
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Build It 


Build the circuit as shown in Figure 4-10. The sensor uses a protocol that's 
based on pulse length, where pulses consist of changes in voltage level from 
HIGH or LOW. As no analog-to-digital converter is needed, the circuit is quite 
simple. Be careful with the +5 V pin as connecting that to any data pin will 
likely break the whole GPIO header beyond repair. 


Figure 4-10. Cheap ultrasonic distance sensor HC-SRO4 connected to 
Raspberry Pi 


Run the Code 


Run the code shown in Example 4-7. 


Example 4-7. Reading the HC-SRO4 in Python 


# hc-sr04.py - measure distance with ultrasound 
# (c) BotBook.com - Karvinen, Karvinen, Valtokari 


import time #@ 

import botbook gpio as gpio #@ 

def readDistanceCm(): # © 
triggerPin = 22 # Q 
echoPin = 27 48 
v=(331.5+0.6*20) # m/s 4 GH) 
gpio.mode(triggerPin,"out") #@ 


gpio.mode(echoPin,"in") # O 
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gpio.interruptMode(echoPin, "both") +0 


gpio.write(triggerPin, 0) #@ 
time.sleep(0.5) # @ 

gpio.write(triggerPin, 1) #@ 
time.sleep(1/1000.0/1000.0) +0 
gpio.write(triggerPin, 0) #@ 

t = gpio.pulseInHigh(echoPin) # s ¿0 
d = t*v # Q 

d = d/2 # (Y 

return d*100 # cm # 18) 


dist = readDistanceCm() # ® 
print("Distance is %i cm" % dist) # @ 


0 


© © 


If you later improve the program measure distance continuously, 
you'll need time.sleep() in the loop. 


The botbook_gpio library controls the GPIO pins. You must have 
botbook_gpio.py in the same directory as this program, he-srO4. py. 


The readDistanceCm() function is defined here. This function does all 
the hard work. You don't need to think how it works when you call it 
from your program. 


Define a constant for GPIO pin 22, which is connected to the HC- 
SRO4 trigger pin. The word trigger was chosen because it’s marked 
“Trig” on the sensor. Whenever triggerPin is mentioned in this 
function, it will use the number 22 in that place. 


The GPIO pin 27 is connected to HC-SRO4 “Echo” 


Calculate the speed of sound, which is about 340 meters per second. 
The number 20 is the temperature in Celsius; feel free to change it if 
you happen to be in a warmer or colder place. The Raspberry Pi will 
do a simple calculation instantly, so there is no need to calculate it 
with pen and paper and put what amounts to a “magic number” into 
code. 


Set the trigger pin to “out” mode, so you can control it. The trigger 
pin is used for sending the sound pulse with the ultrasonic speaker. 
This will automatically export the pin, creating the needed direction 
and value files. 


set the echo pin to “in” so that you can read the pulse. 


Enable the interrupt on echoPin, so that you can later measure the 
pulse duration with pulseInHigh(). The interrupt will happen “both” 
for rising edge (start of pulse) and falling edge (end of pulse). 


Make sure the trigger pin is LOW, so that you can send a short pulse 
later. 
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Wait for the pin to stabilize, so that there is a clear start for the pulse. 
Bring GPIO 22 HIGH (3.3 V), starting the pulse. 


Wait for a very short time. GPIO 22 stays HIGH. This wait defines the 
length of the pulse. One millionth of a second is one microsecond. 
Millionth is written as a calculation, because it’s annoying to try to 
count the zeroes in 0.000001. To get a floating-point (decimal) 
number, the dividers must be floating-point numbers (1000.0 instead 
of integer 1000). 


® Turn GPIO 22 off (LOW), ending the pulse. 


©  Measure the length of the pulse coming to GPIO 27. Save the pulse 
duration to a new variable, t. The pulse length measurement is not 
as precise as in Árduino (see “Real Time or Fast?” on page 92). The 
uncertainty of the pulse measurement limits the precision of the 
distance measurement. Still, pulseInHigh() and interrupts are much 
better than checking the pin state with a loop. 
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© Calculate distance d, using velocity v and time t. For example, if you 
drive one hour at 100 km/h, you move a hundred kilometers. 

®© One way trip is half of a two-way trip. The sound goes to target and 
echoes back, so the distance is half of that round trip. 

© Convert meters to centimeters. 

@® — Measure the distance in centimeters, and save it to new variable d. 
This is how you can measure distance in your own programs. This is 
the first line executed after library imports. 

@ Print some helpful text and the distance. To get rid of extra decimals, 


%i converts distance to an integer. 


Real Time or Fast? 


If you tried HC-SRO4 with both Arduino and Raspberry Pi, you probably no- 
ticed that Arduino gives more reliable and precise results. Arduino is more 
real time than Raspberry Pi. 


Real time means that operations take the same, predictable amount of time. 
Real time doesn't mean fast. Raspberry Pi is much faster (more calculations 
per second), but it’s not real time. 


Arduino doesn't have an operating system, so the only thing happening on 
its CPU is the code you ve written. Raspberry Pi has a whole operating system 
(Linux kernel, GNU tools, daemons, etc.). At any moment, many programs 
are running on a Raspberry Pi. They will affect how fast your program runs, 
and this makes things less predictable. 


You have now gone through a long journey. You can sense the world using 
many different approaches. The most basic, even if tedious, way is to build a 
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circuit component by component. Usually, the easiest way is to use Arduino. 
And if you need a real computer, there is Raspberry Pi. 


Now it’s time to make your skills serve your imagination. 


Build your own ideas into prototypes. Make your own robots. Innovate devi- 
ces and gadgets that have not been made before. We've written several books 
that can help you. 


To learn advanced sensors, read Make: Sensors. lo add an EEG sensor to your 
repertoire, build the bot in Make a Mind-Controlled Arduino Robot. Make: Ar- 
duino Bots and Gadgets brings you six fun projects and shows how to achieve 
impressive results quickly. 


Go make your projects! 
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1. Always utilize the full capacity of the cell. Nicads have a 
sort of “memory” action and a unit that is habitually required to 
provide only Ye of its rated capacity will go dead at that half way 
level when the whole bit is needed. 

2. Don't reverse charge a nicad. Keep the charge condition on 
all cells in a series string at the same percentage rate. Substitution 
of a partially charged cell into a series string of fully charged units 
may ruin the weaker cell through reverse charging. 

3. When charging standard nicads (other than “Quick-Charge” 
units), limit the charge current to about 1/10 the rated ampere- 
hour capacity. Excessive charge current causes overheating, 
which may result in seal rupture and venting of excess pressure. 
Once the seal is broken, the cell will rapidly dry out and become 
useless. Figure 8-8 is representative of a “universal” type nicad 
charger circuit. The transformer, rectifier, and filter capacitor are 
conventional design. The transformer itself is an 18 volt doorbell 
unit which gives a rectified de output of 25 volts. 

The current regulator is somewhat less conventional, as most 


Fig. 8-7. HT is shown in the non-charging reclining position. Once charg- 
ing is complete, the unit can be disconnected from the charger and is 
ready to operate portable or fixed-base as shown in the photo. 
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A/Troubleshooting 
Tactics 


No one gets everything right the first time, so It's a good idea to be deliberate 
in how you approach troubleshooting. Here are some tactics we use when 
our projects do not behave as expected: 


Verify hardware with “Hello, world” 
By this, we mean get the simplest possible program working on your 
hardware before you introduce complexity. Traditionally, a “Hello, world” 
program prints a string of text onto a screen, but of course, many sensor 
projects don't call for a display. Our Arduino and Raspberry Pi “Hello, 
world” analog is usually just a short program that will blink an onboard 
LED on and off at a specific intervals. 


Always build and test in small steps 

Racing through a project only to find it does not work is never a good 
experience. Our approach is to deliberately build and test as the project 
progresses, not wait until the end to run the first test. This tactic means 
we dont end up with an extremely complex problem to troubleshoot 
when the build is done. Testing is time well spent! Additionally, if you do 
create a habit of regular testing, it is much easier to go back to a known 
working state. Dont try to keep pushing on when things don't work. If 
you do, you Il end up frustrated with a pile of messy code and wiring that 
nobody, including you, can understand. Building in small steps does not 
mean that you have to understand every line of the code or inner work- 
ings of your sensor. One working component and a basic understanding 
of how it works is good enough. 


Isolate the problem 
Let's say you are trying to make an Arduino project where a servo is 
controlled by moving a rotary knob (a potentiometer). Taking our advice, 
you built the project methodically and in small, manageable steps. But 
the servo is simply not moving as you expect when the knob is turned. 
Here is how wed approach the issue. First, only connect the servo to 
your Arduino and upload the most basic code that controls servo move- 
ment. If the servo moves as expected, then it’s on to test the knob in the 
Same way you just did for the servo. If the servo does not move as ex- 
pected, you ve isolated the problem. If both parts work independently, 
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then you can be fairly confident the issue is in the code connecting the 
two components. 


RTFM (read the friendly manual) 

Reading documentation is often overlooked as a troubleshooting re- 
source, but it’s exactly where you should look for help! If there was no 
manual accompanying a sensor you bought, try checking the manufac- 
turer's website. Another great place is online forums, but you should be 
careful not to blindly assume that, because it's in a forum or online, it 
conveys the correct answer. There are lots of flawed instructions and 
even nonfunctional sample programs, so it's good to have some skepti- 
cism while reading. (Another thing to be aware of: the F in RTFM isn't 
always considered to stand for Friendly. It’s best not to use the acronym 
in an email to your best client.) 


Document your work 

Comment your code! No need to comment every line, but comment the 
code where it’s tricky or where it took you a while to get it working prop- 
erly. Photograph the stages of your build. Its great to have images for 
future use in a tutorial, but it's helpful to have them even as you are 
iterating through different project designs. Otherwise, you'll forget what 
you did in no time. If you want to kick it up a notch, publish your results 
online! 
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B/Arduino IDE Setup 


Here's how to set up the Arduino integrated development environment (IDE) 
on various platforms. 


Ubuntu Linux 


Connect Arduino to your computer with a USB cable. Arduino draws power 
directly from the USB, so no external power supply is needed. Start the ter- 
minal application. 


You can start the command-line terminal in many ways. You 

CG can open it in the main menu with Applications > Accessories 
— Terminal (on Xubuntu and other XFCE-based distributions 
such as Debian with XFCE). Super-T, also known as the ugly 
key or Windows key, works on many desktops. If you are using 
Unity in the standard Ubuntu distribution, search for © Termi- 
nal” in Dash (top-left corner). 


To install the Arduino IDE, install the arduino package. Here's how youd do 
it on Ubuntu Linux: 


$ sudo apt-get update 
$ sudo apt-get -y install arduino 


Give yourself permission to access the serial-over-USB port (this is required 
by the Arduino development environment to function). The first command 
adds you to the dialout group, and the second command switches you into 
that group without you needing to log out and back in again: 


$ sudo adduser $(whoami) dialout 
$ newgrp dialout 


Start Arduino: 


$ arduino 


The Arduino IDE opens. 


af 


After you have logged out and back in, you can also start Arduino IDE from 
the menus. 


Now you're ready to test your installation. See “Hello, World” on page 99. 


Windows 7 and 8 


Download the latest version of the Arduino software and unzip the file you 
downloaded to any location that you find suitable (your Desktop or Down- 
loads directory, for example). 


Connect your Arduino Uno to your computer with a USB cable. Arduino draws 
power directly from the USB, so no external power supply is needed. Win- 
dows will start an automatic installation process for the Arduino drivers. It 
may fail after a while and display an error dialog. 


If Windows fails to install the driver: 


1. Open Windows Explorer, right-click Computer, and choose Manage. 


2. From Computer Management, choose Device Manager on the left. Lo- 
cate Arduino Uno in the device list, right-click it, and choose Update 
Driver Software. 


3. Choose “Browse my computer for driver software.” Navigate to the Ar- 
duino folder you extracted, open the drivers directory, choose ardui- 
no.inf, and click Next. 


A. Windows will now install the driver. 


Launch the Arduino IDE by double-clicking the Arduino icon inside the folder 
you unzipped. 


Time to test your installation; see “Hello, World” on page 99. 


OS X 


Download the latest version of the Arduino software and unzip the file you 
downloaded. Copy it to your /Applications folder. 


Connect your Arduino Unoto your computer with a USB cable. Arduino draws 
power directly from the USB, so no external power supply is needed. You 
don't need to install a driver for OS X. 


Launch the Arduino IDE by double-clicking the Arduino icon in the /Applica- 
tions folder. 


Time to test your installation; see “Hello, World” on page 99. 
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Hello, World 


Now that you have the Arduino IDE open, you can run the Arduino equivalent 
of “Hello, world.” 


First, confirm that you have the correct board selected. The Arduino Uno is 
the default. If you have another board, such as a Mega or a Leonardo, choose 
it from the Tools + Board menu. 


Now you need to load the Blink test program. Choose File —> Examples > 
1.Basics > Blink. Click the Upload button (or choose File + Upload) to com- 
pile and upload your program to Arduino. 


The first time you do this, Arduino may display an error popup: “Serial port 
COMI not found.” That's because you haven't chosen which serial port to use 
(the connection between your computer and Arduino is represented as a 
USB serial port). Select your serial port from the drop-down menu. On Linux, 
it's probably /dev/ttyACMO; on the Mac, it may be something like /dev/ 
usbmodem1234; and on Windows, it’s one of the COM ports. 


If you see a different error message instead of a request to 
choose a serial port, choose your serial port trom Tools — Port. 


If you cant figure out which port Arduino is connected to, pay 
attention to the ports listed, unplug the Arduino, and make a 
note as to which port went away. That's the Arduino port. OS X 
lists each port twice (e.g., as /dev/cu.usbmodem1234 
and /dev/tty.usbmodem12354). Either one will work. 


While the program is uploading, Arduino’s TX and RX (transmit and receive) 
lights blink rapidly. Finally, when the program is running, the tiny light labeled 
“L is blinking. 

The LLED blinking means that everything was successfully installed, and you 
just got your first sketch running. 


Congratulations! Remember this simple procedure: if you ever get so stuck 
you are wondering whether Arduino is even running your code at all, return 
to this “Hello, world” example. Whenever you start a new program, start with 
a “Hello, world” to make sure that everything is working. 
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C/Setting Up 
Raspberry Pi 


To make Raspberry Pi work, you need to install an operating system. Without 
it, you wont even get a picture on the screen. 


To install an operating system, you'll need to do the following: 


Prepare a memory card: format it and extract a compressed zip archive. 


Connect cables and boot to the installer; Raspberry Pi boots automati- 
cally when you connect the power cable. 


Install Raspbian; just select it from the menu. 


Configure your Linux; it’s easy using the menu that displays automati- 
cally. 


Parts 


You need the following parts for this project: 


Raspberry Pi Model B (the one with wired Internet) 
Micro USB cable (for power) 


4 GB SD card (can be 8 GB too; Raspberry Pi Model B+ uses a microSD 
card) 


Display with HDMI port (your TV could qualify) 
HDMI cable 

USB mouse 

USB keyboard 


An SD card reader (for your regular computer; with the Raspberry Pi 
Model B+, you may need a microSD to SD adapter to read the card on 
your computer) 


Optionally, it’s convenient to have an Ethernet cable that connects the Rasp- 
berry Pi to the Internet. 
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Set It Up 


The following sections describe how to set up the Raspberry Pi. 


Prepare the Memory Card 


To prepare the memory card, you download NOOBS “zip and extract its con- 
tents to an SD card. 


Did you buy an SD card with preinstalled Raspbian? You can 
skip this “Prepare Memory Card” section. 


The SD memory card in the Raspberry Pi is the place to store data perma- 
nently, over reboots. As Raspberry Pi doesn't have a hard disk, the memory 
card serves the same purpose. 


some shops also sell memory cards that have the operating system prein- 
Stalled. If you have one, you don't have to install an operating system, and 
you can skip to the point where Raspberry Pi is booted from this card. 


Buying the SD card is quite simple. The name SD defines both the technology 
and the physical size of the card. You want the big SD size (3.2 cm by 2.4 cm), 
not the smaller mini SD or tiny micro SD. Most cards nowadays are prefor- 
matted, and that’s convenient. 


Open a web browser on your regular computer. Go to the official Raspberry 
Pi website and download the Quick Start Guide and the latest NOOBS %zip 
using the “Direct download” or “Download ZIP” links. The name of the 
NOOBS* zip varies, so we've marked the version number with a star. For ex- 
ample, the actual name could be NOOBS_v1_2.z ip. 


If you're lucky, your memory card is preformatted when you buy it. If not, 
format it to FAT according to the instructions in the Quick Start Guide you 
just downloaded. 


Putthe SD memory card inthe SD card reader of your regular computer. Your 
laptop might have an SD card reader by default. For most desktops, you need 
to buy a cheap external USB-connected reader. 


Extract the contents of NOOBS*zip to the memory card. In most modern 
Linux, Windows, and Mac environments, just double-click or right-click 
NOOBS*zip.!lfyou have trouble extracting the file in older Windows versions, 
download and install /zip and extract with that. 


After extraction, you should have the contents on the top level of the memory 
card. For example, bootcode.bin must be on the top level of the card and not 
inside a folder. 
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Connect Cables and Boot to Installer 


Connectthe cables to Raspberry Pi; they only fit in the correct holes. Connect 
the USB keyboard and mouse. Connect an HDMI cable between the Rasp- 
berry Pi and your television or monitor. 


Start your television or monitor. Make sure it’s set up to use the HDMI input 
to which the Raspberry Pi is connected. 


Insert the SD card. The SD card only fits the slot the correct way. The SD card 
Slot is on the short sides of the Raspberry Pi, the opposite side from the USB 
and Ethernet ports. 


Finally, connect the micro USB cable between the Raspberry Pi and a power 
source. Raspberry Pi requires about 1 watt (1 W) of power, so a suitable power 
source is a desktop computer or a powerful USB charger. 


A red PWR (power) LED lights up. Your monitor should show an image of a 
raspberry. This picture on the display means that Raspberry Pi is success- 
fully running something from the SD card. Raspberry Pi doesn't have a BIOS 
similar to a workstation, so without software from the SD card, the screen is 
black. 


After a moment, you see a menu of installable operating systems. 


Install Raspbian 


The installer menu shows you many different Linux distributions that you 
could install. Select Raspbian [RECOMMENDED] (see Figure C-1) and press 
Enter. (Or in the newest version, select “Install OS.”) It’s the most popular 
one. If you have ever used Ubuntu, Debian, or Mint, you will soon feel at home 
with Raspbian. 


Figure C-1. NOOBS boot screen 


Answer yes to the confirmation “All existing data on the SD card will be over- 
written” by pressing Enter again. Enjoy the slideshow while Raspbian installs. 
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The installation takes less than 10 minutes. When installation completes, you 
get a pop-up “Image applied successfully.” Press Enter for OK. 


The Raspberry Pi reboots. You get a screen with a raspberry at the top left, 
and the log filling most of the screen. The log explains what's happening when 
Raspberry Pi boots. This can be quite entertaining to watch. Once the boot 
completes, you are in the “Raspberry Pi Software Configuration Tool,’ raspi- 
contig. 


Configuration with raspi-config 


Raspi-config is a menu with the most common configuration tasks. You can 
move around with the arrow keys and lab. To select items, press Enter or 
Return. 


Change your password 

Move the selection to “2 Change User Password.’ The default username 
is “pl. The default password “raspberry could be a security risk be- 
cause everyone knows it, so the first task in the new system is to change 
the password. Choose a good password and type it at the prompt. What 
you type is not echoed on the screen, so you'll have to type it blindly. 
After typing the password twice, you get a confirmation of your suc- 
cessful password change. Then you return to the raspi-config menu. 


Enable boot to desktop 
Even though Raspberry Pi cant replace a real workstation or a laptop, 
it's helpful in the beginning to have a web browser and multiple windows 
when working. Select “3 Enable Boot to Desktop.” There is just one 
prompt, “Should we boot straight to desktop?” Press Enter to answer 
yes. Then you return to the raspi-config menu. 


Press Tab and the arrow keys to select <Finish> and Enter to choose it. 
In most keyboards, Tabis onthe left side of the keyboard, above the Caps 
Lock key. 


You can also configure your time zone, locale (you'll need to set this if you 
use anon-English language), keyboard, and more. 


The big moment: “Would you like to reboot now?” Press Enter for <Yes>. 
Enjoy the log messages while Raspberry Pi shuts down. 


Boot to Desktop 


When Raspberry Pi boots, you briefly see four pixels filling the screen. Then 
you Il see the familiar Raspberry Pi logo on the top left and the boot log. After 
amoment, you are in a very light graphical desktop. There is a giant raspberry 
on the background (see Figure C-2). 


Congratulations, you have now successfully installed Raspbian Linux on your 
Raspberry Pi! 
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Fig. 8-8. Nicad charger. 


hams are familiar with the emitter follower circuit in Fig. 8-9. 
Placing the load in the collector circuit as in Fig. 8-8 allows a 
measure of gain and results in better current limiting action. 

In Fig. 8-8, resistor R1 is used to provide forward bias to the 
base of Q1, bringing that transistor into conduction. With no collec- 
tor load (batteries) in the circuit, the emitter current is very low. 
Thus the resulting voltage drop across the base-emitter junction 
and R2 is not adequate to forward bias the two diodes, D1 and D2. 
This leaves the transistor in a full-on state with the whole supply 
voltage present at the output terminals. 

Now, if we put a heavy load (0 ohms) across the output 
terminals, the current will increase(!), but how much? Watch what 
happens. As the current increases, the voltage drop across R2 also 
increases. When the base-emitter drop plus the R2 drop reaches 
approximately 1.2 volts, the two diodes go into conduction and 
limit any further increase in base potential. Thus the current is 
limited to that point where the emitter circuit voltage drops equal 
the series turn-on potential of D1 and D2. 

For silicon diodes, the turn-on potential is about 0.6 volts. 
This also holds true for the base-emitter junction of silicon transis- 
tors. This means that the required value for R2 is about 0.6 volts 
divided by the current limit desired. 

Varying the load (using 1 to 18 nicad cells) reveals that the 
current limiting action will hold within 1 to 2 mA from 0 to 24 volts. 
In other words, you can charge any random number of cells from 1 
to 18 without adjusting the charger. 

Transistor Q1 should be chosen for a reasonably good hfe and 
a power capability of twice the total supply voltage times the 
current limit value. Since my primary interest is in 450 mAh 
penlight cells, my charge current is set at 45 mA. This means that 
my transistor must dissipate 25 volts times 0.045 amperes, or 
1.125 watts. Double that for safety and a 2 watt transistor is about 
right. 
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But wait, there could be more to celebrate! If you haven't installed Linux on 
a computer before, congratulations again. Now you have installed Linux on 
a computer. (If this was your first time installing an operating system, our hat 
is off to you now.) 


Now that you have installed Linux on the Raspberry Pi, do you 
want it on your desktop too? You can get a Free CD image for 
that from xubuntu or debian. 


ene ob 


Figure C-2. Booting to the desktop 


Using Raspberry Pi 


The graphical desktop makes it easy for you to get started. And you'll get to 
Swim in the deep end of the pool too, as you'll learn to use the famous Linux 
commands. 


The graphical desktop is there to help learning and development. Raspberry 
Pi is not powerful enough to replace your laptop or desktop. When your 
project is ready, it’s possible to run Raspberry Pi headless, without a display, 
if you want to. 


The most important programs on the desktop are the terminal and web 
browser. You'll use LXTerminal for the command-line interface (CLI). To 
browse the Web, you use Midori, the light web browser. 


If you connected to the wired Internet before booting up the Raspberry Pi, 
you can start browsing immediately. Double-click the Midori icon on the left 
of the desktop. When it opens, browse to http://botbook.com or http:// 
google.com. This verifies that the Internet connection is working. You can 
also use the browser to copy and paste code examples from http:/ 
botbook.com, or to copy and paste your own code to your own blog. You do 
publish your successes, don't you? 


To use the command-line interface, double-click the LX Terminal on the desk- 
top. You ll get the prompt, waiting for your commands. It has some text, and 
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at the end, a dollar sign. In the commands shown next, the dollar sign is the 
prompt, so you don't have to type that character. 


Try writing some text. If you live outside the United States, it’s likely that some 
ofthe characters are wrong. By default, you are using the US keymaps, even 
though your physical keyboard is different. If you didn't adjust the keyboard 
with raspi-config earlier, correct the keyboard now. Use your own two-letter 
ISO country code (fi, fr, de, etc.) in place of the default us. 


$ setxkbmap us 


Remember that you don't type the prompt ($), so you only need to type 
setxkbmap us and press Enter. 


In the command line, you are always in a directory, which is your current 
working directory. You can ask the computer to print your working directory: 


$ pwd 
/home/pi/ 


As your username in this system is “pi, your home directory is /home/pI/. 
This is the only place where a user can permanently store data. 


You can change the directory: 
$ cd /etc/ 
$ pwd 
/etc/ 
$ cd /home/pi 


If you ever get lost deep into the beautiful directory tree of Linux, It's easy to 
get back home. Return to your home directory with cd /home/pi or by using 
the shorthand cd all by itself: 


$ cd 
You can view the files in the working directory with ls: 


$ Is 
Desktop ocr pi.png python games 


To create a new file, you can use a text editor: 
$ nano foo.txt 


When nano opens, type some text. Press Ctrl-X to save it. Then answer yes 
to “Save modified buffer?” by typing “Y”. Accept the “File Name to Write: 
foo.txt” prompt by pressing Enter or Return. 


You can see your new file in the file listing: 
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$ ls 
Desktop foo.txt ocr pi.png python games 


To edit the same file again, type the same command: 


$ nano foo.txt 


If you want to see the contents of the file quickly, you can type: 


$ cat foo.txt 


When playing with hardware interfaces, you often write just one word into a 
text file. There is a nice shorthand way of doing that using a pipe. First, let's 
just write some text to the screen: 


$ echo "Hello, world" 
Hello, world 


Not very surprising yet. But we can take the output of this program “Hello, 
world” and use it as input for another. 


$ echo "Hello, world" | tee hello.txt 
Hello, world 


The text “Hello, world” is sent as input to the command tee which prints it 
on the screen and writes it to the specified file (hello.txt). The pipe symbol (|) 
in between the two commands is a character of its own, a tall vertical line. 


How do you write the pipe character? Inthe US keyboard, hold Shift and press 
the “|\" key. The “|\" key is below the Backspace key and above Return/ 
Enter. In the Finnish keyboard, for example, you can get the pipe character 
by pressing Alt-Gr and the “<>|” key near the left Shift key. 


Check out the contents of the new file you created: 


$ cat hello.txt 
Hello, world 


This trick will come in handy when you play with the file-based interface to 
the Raspberry Pi's hardware pins. 


Python Programming 


You can write programs just like any other text file. Write the first Python 
program, Hello, world”: 


$ nano hello.py 


For the contents of the hello. py file, type just this line: 
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print("Hello, world") 


Press Ctrl-X, type “y, then press Enter to save it. 


Now you can run your first Python program with the command python hel- 
lo.py. It should print the text “Hello, world:” 


$ python hello.py 
Hello, world 


Did you get the text to appear in the window’ If so, you just ran some Python 
code. 


Rootly Powers 


One of the cornerstones of Linux security and stability is user separation. A 
normal user is only allowed to do things that only affect him. Just try it out: 


$ raspi-config 
Script must be run as root. Try ‘sudo raspi-config' 


You can t change system-wide settings as a normal user. 


But luckily, your user “pi” is a member of the “sudo” group, so he can tem- 
porarily gain these root powers: 


$ sudo raspi-config 


You get the same configuration menu you used earlier to change the pass- 
word and enable the graphical desktop. Use the Tab and arrow keys to select 
<Finish> and press Enter (or Return) to get back to command prompt. 


Welcome to the Command Line 


You have now played with the command-line interface. If you earn your living 
running Linux servers, you probably knew most of this already. Even on Linux 
desktops, you might have used the same commands. If not, welcome to the 
command-line interface! 


The most important commands are those that allow you to move around (Ls, 
pwd, cd) and manipulate text files (nano, cat). 


As you ll soon try out yourself, all Linux configuration is in human readable 
text files. So by adding sudo, you can modify anything on the system. 


The commands you just learned are surprisingly useful. Most of them work 
on all Linux system (Debian, Red Hat, Ubuntu, and others), all Unix systems, 
and even on OS X (which is based on Unix). They have stood the test of time. 
Many commands (1s, cd, pwd) have been in use before Linux, before the Web, 
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and even before the Internet protocol suite. So you can likely keep using these 
commands far into the future. 


Take Over an Onboard LED 


Hello, hardware! Using this exercise, you will: 


e Control the ACT onboard LED 


e Meet the GPIO header, the main way to connect hardware to the Rasp- 
berry Pi 


e Modify the system using virtual files in the /sys/ directory 


Install the operating system (see Appendix C) if you haven't done so already. 
To use the command-line interface, open LX Terminal. 


There are five LEDs near the USB connector: ACT, PWR, FDX, LNK, and 100. 
Could it be possible to take over one of these built-in LEDs? 


Luckily, one of the LEDs can be programmatically controlled. The ACT LED 
is showing SD card activity by default, but we can disable this behavior. Have 
a look at the current setting: 


$ cat /sys/class/leds/ledo/trigger 
none [mmco] 


The trigger file you just read shows that currently, the ACT LED (ledQ) is 
controlled by mmco0, so it’s just showing SD card use. The brackets “[ ]” show 
the current selection. The other option is “none, so you will want to select 
that to control the LED: 


$ echo "none" |sudo tee /sys/class/leds/ledo/trigger 
none 


In Linux, all configuration is in plain-text files. All permanent, 
system-wide configuration is under /etc/. And even the ever- 
changing state of the system can be read and modified trough 
virtual files in /sys/ and /proc/. Linux gurus can usually guess 
the location of the configuration files for any aspect of the 
system, and then modify the files with just a text editor. 


The first part of the command echo "none" just prints the word none. The 
second part writes this word to the trigger file. You can see that none is now 
selected, as It's Surrounded by square brackets: 


$ cat /sys/class/leds/ledo/trigger 
[none] mmco 
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So now it's time to take control! Write “O” to the “brightness” file to turn lights 
out: 


$ echo "o" |sudo tee /sys/class/leds/ledo/brightness 


Look at the Raspberry Pi board to see that the ACT LED is off. Then it’s time 
for lights on: 


$ echo "1" |sudo tee /sys/class/leds/ledo/brightness 


And you can see the green ACT LED light up. 


The ACT light will revert to its default purpose after the next reboot. But if 
you want to change it back now, you can: 


$ echo "mmco"|sudo tee /sys/class/leds/ledo/trigger 


Did you succeed in controlling the light? Well done! You are well on your way 
to connecting the Raspberry Pi with the physical world. 


As you gained control over the onboard LED, you: 


e Manipulated the /sys/ virtual filesystem 
e Had some hands-on experience with the command-line interface 
e Succeeded in controlling some of the Raspberry Pi hardware 


Now that you can manipulate the LED built in to the Raspberry Pi, it’s time 
to connect your own. 


Hello, GPIO: Connecting an External 
LED 


Hello, external hardware! Soon you'll connect an external LED to your Rasp- 
berry Pi. This is the very first external hardware component you add. 


Working trough this exercise, you Il control Linux trough virtual text files, and 
you ll get your first touch to the GPIO pin header. 


This is the “Hello, world” for GPIO hardware. If you ever run into problems 
with any sensors, it's a good idea to repeat this exercise to solve any problems 
with this simple setup. 


Parts 


You need the following parts for this project: 


e Raspberry Pi 


e Female-male jumper wires, black and green 
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e Breadboard 


e 470 Q resistor (five-band: yellow-violet-black-black-any; four-band: 
yellow-violet-brown-any) 


e An LED 


Raspberry Pi has a GPIO pin header for connecting external components. 
The GPIO pin header has 26 pins (see Figure C-3). Most pins can have mul- 
tiple functions, and you can choose which one you use. In this experiment, 
you learn the “out” mode to turn the pin on (3.3 V) and off. 


5D CARD 


Figure C-3. [he GPIO pin header 


The Raspberry Pi Model B+ features more input/output pins, 
but the first 26 pins of the B+ header are compatible with ear- 


lier models. This means that you can follow the instructions in 
this book on the B+ without modification. 


The circuit (see Figure 4-4) starts from the GPIO 27 pin that you control. 
When you want to turn on the LED, this pin is +3.3 V, the HIGH of Raspberry 
Pi. Then it has a resistor-limiting current, to protect both the LED and the 
more expensive Raspberry Pi. After the resistor, there is an LED in series. 
Finally, the minus leg of the LED is connected to ground (GND, O V). 


Building the Circuit 
Now it's time to build the circuit (see Figure C-4). 
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Unlike Arduino, Raspberry Pi is very sensitive to mistakes. You 
must be careful to only connect the pins you want to use, so 
you dont mistakenly short-circuit random pins together. 


It is possible to build the circuit while the Raspberry Pi is on. 
Of course, mistakenly shorting two pins could then immedi- 
ately break your Raspberry. The safer option is to shut down 
Raspberry Pi before connecting the wires. You can find the 
Shutdown in the main menu, the menu on the bottom left of 
the desktop (Main Menu > Logout —> Shutdown). After the 
shutdown, disconnect the powering USB cable. 


Find the correct pins on the GPIO header. The pin number one is marked with 
a small white box on the board. The numbering diagram (see Figure C-3) 
shows both the human-friendly name (GPIO 27) and the running number of 
the pin (13). The pins are: 


e GPIO 27 is pin number 13 
e GND is pin number 14 
Connect the female end of the green jumper wire to GPIO 27 and push the 


male end to a free row in the breadboard. Push one leg of the resistor to the 
same row with the jumper wire. 


Push the free leg of the resistor to a free row on the breadboard. Push the 
plus leg of the LED to this row. 


Push the male end of a black jumper wire into the row with the LED minus 
leg. Connect the female end of the black jumper wire to the GND pin on the 
GPIO header. 
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Verify that you got the same kind of connections as in Figure C-4. After you 
have double-checked the connections, power up the Raspberry Pi if it was 
off while making the connections. 


Commands to Control GPIO 


Open LX Terminal by double-clicking the LXTerminal icon on the desktop. 
Then take control of your GPIO pin. 


In /sys/ you have text files that have information about the state of the sys- 
tem. These files are virtual, so they only exist in computer's memory. 


Export the GPIO 27 pin, so we can use it: 
$ echo 27|sudo tee /sys/class/gpio/export 


This created a new folder gpio27. Turn the pin to “out” mode, so you can 
control it: 


$ echo out|sudo tee /sys/class/gpio/gpio27/direction 
Turn the pin on (+3.3 V, HIGH): 
$ echo 1|sudo tee /sys/class/gpio/gpio27/value 


The LED lights up. Did you get it to light up? Well done! You can now connect 
some hardware to your Raspberry Pi! 


You can shut down the light, too: 


$ echo O|sudo tee /sys/class/gpio/gpio27/value 


Troubleshooting 


The LED is not lit, even though all commands seem to run. Check the LED 
polarity. The long plus leg goes to the plus side, the side of the GPIO 27 pin. 
On the minus side of the LED, there is a flat cut in the plastic. The minus side 
goes toward the black wire, GND. If this doesn't help, check the connections. 


Hello, GPIO world! As you have learned, every project starts with a “Hello, 
world. If you ever run into problems with sensors, it could be a good idea to 
build and run this “Hello, GPIO” project again. That way, you get to solve the 
simple problems with a simple setup. 


For us, Hello, world” is usually the hardest project. It's not just an LED! Your 
“Hello, GPIO world” proves that: 


e You have successfully installed Linux on your Raspberry Pi. 


e You can use the command line. 
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e You can manipulate the state of the GPIO pins. 
e You have obtained components that work with the Raspberry Pi. 


e You have built a circuit that works with the Raspberry Pi (and did not fry 
it). 


If there is a time for a break, a successful “Hello, world” might 
be it. Reward you brain with a cup of coffee, some jogging, or 
staring out of the window for a while. 


Using GPIO Without Root 


By default, you need to invoke root user privileges on your Raspberry Pi to 
access the GPIO pins in your code. This section shows you how to configure 
your Raspberry Pi to avoid that. You only need to go through this process 
once after you install your Raspberry Pi operating system. 


Avoiding root privileges will make the system more secure and more stable. 
For example, think about a program that serves sensor data to the Web. 
Would you run a program that strangers can connect to as root? 


In Linux, devices attached to your system are controlled by udev. Udev is a 
rule-based system that can run scripts when devices are plugged in. 


Linux lets you control GPIO pins by manipulating files in /sys/class/gpio/. By 
default, these files are owned by the user “root” and the group ‘root,’ which 
is why you can't change them without invoking root's superuser privileges. 
In this section, you'll see how to write a udev rule to change the group to 
“dialout.” You'll then allow that group to read and write the files under /sys/ 
class/gpio/. Finally, you'll make the folders’ group sticky, so that any newly 
created files and folders under it will also be owned by the “dialout” group. 


All system-wide configuration in Linux is under /etc/. Not surprisingly, udev 
configuration is in /etc/udev/. Power up your Raspberry Pi, and open the 
terminal (LX Terminal). Next, open an editor with the sudoedit command so 
you can create a new rule file (don't type the $; that indicates the shell prompt 
that you see in the terminal window): 


$ sudoedit /etc/udev/rules.d/88-gpio-without-root.rules 
Add the text shown in Example C-1 to the file. Be sure to type each line as 


shown (don't type the numeric symbols; those are there to explain to you 
what is going on in this file). Udev rules are very sensitive to typos. 
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A JUNK-BOX HT CHARGER 


Wouldn't it be nice to have a charger for the Wilson HT on the 
bedside stand, in the living room, garage, or wherever else you 
might like to monitor? This would allow you to listen and still keep 
your batteries charged so you could pick it up and go. 

I decided that I would like one, so I checked the spare parts 
department (junk box) for necessaries and home brewed a cheap 
charger that works as well or better than the factory model. 

Its features include: 

Q Constant charge rate in both high and low mode; 

O Low charge rate adjustable so batteries will stay charged 
while monitoring; 

O Use of voltmeters and milliammeters if desired and avail- 
able, but they are not necessary (more on this later). 


Construction 

Any small box will hold the parts; I prefer the 54” x 6” x 3” 
box from Radio Shack. The transformer should deliver about 25 
volts at the secondary. I found one with 48 volts center-tapped and 
used one side for 24 volts. A bridge rectifier is used. The capacitor 
value is not critical; infact, you can even leave the capacitor out and 
the charger will work. I measured the current drain of my Wilson 
(in standby) and found it to be 25 mA instead of the 14 mA stated in 
the specs, so I adjusted resistance to give 30 mA on low charge and 
55 mA on high charge. This is about the correct rate (50-60 mA) for 
slow-charging AA nicads. You could fastcharge at 150-200 mA 
without any problems, but I think it is easier on the cells to use the 
slow rate of about one-tenth the amp-hour capacity. 

A 0-15-volt dc meter is a helpful option across the output 
terminals to determine the condition of the cells. At full charge, the 
meter will show approximately 14 volts with the HT in the charger. 
Also the condition of the cells is determined by the voltage drop 
observed by transmitting with the Wilson in the charger. If the 
cells are good, a 242-watt HT will cause a voltage drop of Ye to 1 
volt. If the voltage drop is much greater, it is probably caused by a 


Fig. 8-9. Current regulator. 
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Want to save typing? Download the code, unzip it, and copy 
to /home/pi on your Raspberry Pi SD card. 


If you dont have permission to read the directory on Rasp- 
berry Pi, use sudo chown -R pi.pi code/. 


Example C-1. 88-gpio-without-root.rules 


# /etc/udev/rules.d/88-gpio-without-root.rules - GPIO without root on Raspberry 
Pi #0 

# Copyright http://BotBook.com 

*@ 

SUBSYSTEM=="gpio", RUN+="/bin/chown -R root.dialout /sys/class/gpio/" 
SUBSYSTEM=="gpio", RUN+="/bin/chown -R root.dialout /sys/devices/virtual/gpio/" 
10 

SUBSYSTEM=="gpio", RUN+="/bin/chmod g+s /sys/class/gpio/" 

SUBSYSTEM=="gpio", RUN+="/bin/chmod g+s /sys/devices/virtual/gpio/" 

*@ 

SUBSYSTEM=="gpio", RUN+="/bin/chmod -R ug+rw /sys/class/gpio/" 
SUBSYSTEM=="gpio", RUN+="/bin/chmod -R ug+rw /sys/devices/virtual/gpio/" 


O This comment explains the purpose of the file. 


Sets the owner of the two directories to be root, and the group to be 
dialout. 


2 
O — Sets the sticky bit flag on these two directories. 
o 


Configures the permissions on the directories to give members of the 
dialout group read and write permission. 


The rules are processed in numeric order, but this is probably the only rule 
affecting the GPIO directories, sothe number does not matter. In Morse code 
(CW), 88 is short for hugs and kisses. We prefer it over the often-picked 
number 99, which means “get lost”. 


To avoid typing and inevitable typos, you can download a copy of the 88-gpio- 
without-root.rules file from http://botbook.com and copy it in place with sudo 
cp 88-gpio-without-root.rules /etc/udev/rules.d/. To edit the file, you can use 
sudoedit, which opens the file as root in the nano text editor: 


$ sudoedit /etc/udev/rules.d/88-gpio-without-root.rules 


save the file (Ctrl-X, press y, and then press Enter). 


To use your new rules, restart the udev daemon and trigger your new rule 
with these commands: 


$ sudo service udev restart 
$ sudo udevadm trigger --subsystem-match=gpio 
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Next, check whether the ownership on the files was set correctly: 
$ ls -1R /sys/class/gpio/ 


The listing should mention the “dialout” group many times. The parameter 
-l means to display a long listing (with owner, group, and permissions), and 
-R means recursively list directory contents, too. If you don't see dialout in 
the listing, restart your Raspberry Pi and check again with the 1s -1R /sys/ 
class/gpio/ commana. If it still doesn't work, go through the steps to con- 
figure the udev rule again. 


Once you have the new udev rule in place, you won't need to go through the 
preceding steps again unless you reinstall the operating system on your 
Raspberry Pi. 
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D/Bill of Materials 


This section lists the parts you'll need to complete the projects in this book. 


Chapter 1 


The parts for “Project 1: Photoresistor to Measure Light” on page 3 are as 
follows: 


e Photoresistor 


e Dmm red LED (different LEDs will work differently with this circuit; later, 
you'll learn a more sophisticated way to fade LEDs) 


e 470 O resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistor's tolerance) 


e Breadboard 
e 9 V battery clip 
e OV battery 


Chapter 2 


The parts for “Project 2: A Simple Switch” on page 9 are as follows: 


e A switch 

e A wire with alligator clips 

Two 1.5 V batteries 

Battery holder with wire leads 
e LED 


e 470 O resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistor's tolerance) 


Breadboard 
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All of these except the 9 V battery and 470 Q resistor are avail- 
able inthe Maker Shed Mintronics: Survival Pack, partnumber 
MSTIN2. You can use two of the 220 Q resistors in series or 
one 1 KQ resistor in place of the 4/70 © resistor; both of these 
are available from electronics retailers such as RadioShack. 


The parts for “Project 3: Buzzer Volume Control” on page 12 are as follows: 


e DC piezo buzzer (Maker Shed part number MSPTO01) 
e 10 K potentiometer 

e OV battery 

e Battery clip 

e Breadboard 


All of these except the 9 V battery and piezo buzzer are avail- 
able inthe Maker Shed Mintronics: Survival Pack, part number 
MSTIN2. 


The parts for “Project 4: Hall Effect” on page 14 are as follows: 


e DC piezo buzzer 

e OV battery 

e Battery clip 

e Breadboard 

e NJK-5002A Hall effect switch 


The parts for “Project 5: Firefly” on page 17 are as follows: 


Two BC547 transistors 
Light-dependent resistor (LDR) 


470 Q resistor (four-band resistor: yellow-violet-brown; five-band resis- 
tor: yellow-violet-black-black; the last band will vary depending on the 
resistor's tolerance) 


10 KO resistor (four-band resistor: brown-black-orange; five-band resis- 
tor: brown-black-black-red; the last band will vary depending on the re- 
sistor’s tolerance) 


5mm red LED 
9 V battery 
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e 9V battery clip 

e Breadboard 

e CAD55E timer integrated circuit 
e 10 kQ potentiometer 

e 100 uF capacitor 


All of these parts, except the 9 V battery, 470 Q resistor, and 

CG BC547/, are available in the Maker Shed Mintronics: Survival 
Pack, part number MSTIN2. You can use two of the 220 O 
resistors in series or one 1 kQ resistor in place of the 470 O 
resistor; these are both available from electronics retailers 
such as RadioShack. 


Chapter 3 


Chapter 3 requires an Arduino to interface with your sensors. If you need to 
buy one, purchase an Arduino Uno or an Arduino Leonardo. 


The parts for “Project 6: Momentary Push-Button and Pull-Up Resistors” on 
page 34 are as follows: 


e Momentary push button 
e Arduino Uno 

e Jumper wires 

e Breadboard 


The parts for “Project 7: Infrared Proximity to Detect Objects” on page 40 are 
as follows: 

e Infrared sensor switch 

e Arduino Uno 


e Jumper wires 
The parts for “Project 8: Rotation (Pot)” on page 43 are as follows: 


e Potentiometer (around 10 kQ recommended) 
e Arduino Uno 

e Jumper wires 

e Breadboard 
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The parts for “Project 9: Photoresistor to Measure Light” on page 47 are as 
follows: 


Photoresistor (10 K recommended) 


10 kO resistor (four-band resistor: brown-black-orange; five-band resis- 
tor: brown-black-black-red; the fourth or fifth band will vary depending 
on the resistor's tolerance) 


Arduino Uno 


Jumper wires 
Breadboard 


The parts for “Project 10: FlexiForce to Measure Pressure” on page 49 are as 
follows: 


e Force-sensitive resistor (FSR) 


e 1MQ resistor (four-band resistor: brown-black-green; five-band resistor: 
Brown-black-black-yellow; the fourth or fifth band will vary depending 
on the resistor’s tolerance) 


e Arduino Uno 
e Jumper wires 
e Breadboard 


The parts for “Project 11: Measuring Temperature (LM35)” on page 52 are as 
follows: 


e LM35 temperature sensor 
e Arduino UNO 

e Jumper wires 

e Breadboard 


The parts for “Project 12: Ultrasonic Distance Measuring (HC-SRO4)” on 
page 56 are as follows: 


e HC-SRO4 ultrasonic distance sensor 
e Arduino UNO 
e Breadboard 


e Jumper wires 


Chapter 4 


The parts for “Project 13: Momentary Push Button” on page 64 are as follows: 
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e Momentary Push Button 

e Raspberry Pi 

e Female-male jumper wires (Maker Shed part FMKKND), black and green 
e A breadboard 


The parts for “Project 14: Blink an LED with Python” on page 69 are as follows: 


e Raspberry Pi 
e Female-male jumper wires (Maker Shed part F#MKKN5), black and green 
An LED 


470 Q Resistor (four-band resistor: yellow-violet-brown; five-band re- 
sistor: yellow-violet-black-black; the last band will vary depending on the 
resistor's tolerance) 


e A breadboard 


The parts for “Project 15: Adjustable Infrared Switch” on page 73 are as fol- 
lows: 


e Infrared sensor switch 


e Two 1 kQ resistors (five band: brown-black-red-brown-any, four band: 
brown-black-red-any) 


e Raspberry Pi 


The parts for “Project 16: Potentiometer to Measure Rotation” on page // 
are as follows: 


e Potentiometer 
e MCP3002 (analog-to-digital integrated circuit) 


e Raspberry Pi 


e Jumper wires (male-to-female and male-to-male, which are Maker Shed 
parts FMKKN5 and #MKSEEED3) 


e Breadboard 
The parts for “Project 17: Photoresistor” on page 82 are as follows: 


e Photoresistor (10 kQ suggested) 

e Resistor (10 kQ, or choose a value that matches the photoresistor) 
e MCP3002 

e Raspberry Pi 
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e Jumper wires (male-to-female and male-to-male, which are Maker Shed 
parts FMKKN5 and #MKSEEED3) 


e Breadboard 


The parts for “Project 18: FlexiForce” on page 85 are as follows: 


Flexiforce (11 kg, 25 pound version recommended) 


Resistor (1 MQ, five band: brown-black-black-yellow-any, four band: 
brown-black-green-any) 


MCP3002 
Raspberry Pi 


Jumper wires (male-to-female and male-to-male, which are Maker Shed 
parts FMKKN5 and #MKSEEED3) 


Breadboard 


The parts for “Project 19: Temperature Measurements (LM35)” on page 86 
are as follows: 


e LM35 temperature sensor 
e MCP3002 
e Raspberry Pi 


e Jumper Wires (male-to-female and male-to-male, which are Maker Shed 
parts FMKKN5 and #MKSEEED3) 


e Breadboard 


The parts for “Project 20: Ultrasonic Distance” on page 89 are as follows: 


HC-SRO4 sensor 


Two 10 KQ resistors (four band: brown-black-orange-any, five band: 
brown-black-black-red-any) 


Raspberry Pi 


Jumper wires (male-to-female and male-to-male, which are Maker Shed 
parts FMKKN5 and #MKSEEED3) 


Breadboard 
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$ prompt, 66 

999 
astable mode, 18, 26 
bistable mode, 18 
input pins, 26 
modes of operation, 18 
monostable mode, 18 
output, 26 

555 timer, 17, 26 


A 


actuator, 9 

ADC (see analog-to-digital converter) 

amplifier, 21 

analog resistance sensors (see sen- 
sors, analog) 


analog-to-digital converter (ADC), 63, 


717,78 
analogRead() function, 44 
apt-get command, /8 
Arduino, 8, 24, 33 
analog input, 46 
analogRead() function, 44 
assigning variables, 37 
blink test, 99 
digital input, 36 
digitalRead() function, 36 
equality comparison, 37 
HIGH, 37 
input pins, 36 
installation, 97-99 
installation on Linux, 97-98 
installation on Mac, 98 
installation on Windows, 98 
loop() function, 36 
LOW, 37 
OS X setup, 98 
output pins, 36 
programming, 19 
serial port, 50 
Serial.printin() function, 52 
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setup() function, 36 
timing, 34 
vs Raspberry Pi, 92 


base, 23 
bimetallic coil, / 
books 
Getting Started with Arduino, 1 
Getting Started with Raspberry Pi, 1 
Make a Mind-Controlled Arduino 
Robot, 50, 93 
Make: Arduino Bots and Gadgets, 1, 
50,52, 77,93 
Make: Sensors, 1, 93 
breadboard, 5, 20, 26 
gap, 6 
Broadcom, 18, 65 
button, 9 
buying parts, vili-ix 


C 


capacitor, 23-28 

cat command, 66 

cd command, 68 

cold temperatures 
measuring, 54 

collector, 23 

command-line interface (CLI) 
in Linux, 97 

converting raw values 
to percentage, 55, 84 
to voltage, 84 
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digitalRead() function, 36 
documentation, 96 


E 


echo command, 66 
emitter, 23 
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F 

files, writing, 72 
FlexiForce, 43 
floating pin, 37, 66 
floating point, 60 
force, 49, 85 


G 


general-purpose input/output (GPIO), 


34, 63, 65, 78 
getting help, x 


H 


Hello, world (blink test), 99 
hookup wires, 20 


infrared, 40, 73 

input devices, 2 

input pin, floating, 37, 66 

integrated circuits, 17, 29 
identifying, 29 


J 


jumper wires, 20 
color, 20 


L 


LDR, 19, 21 (see photoresistor) 
light, 2, 7,17, 47 


light-emitting diode (LED), 3, 4, 6, 7, 9, 


14,21 24, 20, 29,39; 09 
choosing a resistor, 12 
polarity, 5 
Linux, 63 
Arduino setup, 97 
loop) function, 36 
Is command, 66, 80, 116 


M 

magnetism, 14, 16 

MCP3002..78,52, 505,500 

MCP3200 analog-to-digital converter, 
63 

movement, 43, 77 


N 


nano text editor, 63, 115 
NJK-5002A, 15 
NJK-5002C, 15 
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O 


oscillator, 27 


E 
photoresistor, 3, 5, 6, 47, 82 
potentiometer, 43, 46, 77, 82 
pressure, 49, 85 
projects 
555 firefly, 17-31 
Arduino distance measurement, 
90-00 89-392 
Arduino force sensing, 49-52 
Arduino infrared proximity, 40-43 
Arduino light measurement, 4/-49 
Arduino potentiometer, 43-47 
Arduino pushbutton, 34-39 
Arduino temperature measurement, 
52-90 
Hall effect, 14-17 
measure light, 3-7 
Raspberry Pi force sensing, 85-86 
Raspberry Pi infrared proximity, 73- 
I7 
Raspberry Pi LED blink, 69-73 
Raspberry Pi light measurement, 
82-83 
Raspberry Pi potentiometer, 77-82 
Raspberry Pi push button, 64-68 
Raspberry Pi temperature measure- 
ment, 86-89 
simple switch, 9-12 
volume control, 12-14 
prototyping, 23 
pull-up resistor, 12 
Python, 68 
GPIO library, 75 
importing libraries, /1 


R 

Raspberry Pi, 8,18, 63 
configuring GPIO, 114-116 
configuring SPI, 78 
installation, 101-116 
programming, 19 
reading GPIO pins, 66-67 
shutting down, 64 
vs Arduino, 92 

resistance, 3, / 

resistor, 3, 4, 10-29, 48, 50, 69, 73, 82, 
85 
force-sensitive, 50 
pull-down, 38 
pull-up, 12, 36-39, 66 
selecting, 12 
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Fig. 8-10. Junk-box HT charger. 


weak or dead cell. A milliammeter is an option, but one should be 
used to adjust the values of resistance to set the proper charge rate 
when constructing the charger. 

The problem of contacts for the charge terminals on the 
bottom of the Wilson is solved by using a barrier terminal strip and 
spade lugs bent to 90 degrees with a short length of #12 solid 
copper wire soldered into the spade lugs. The hole in the top of the 
case is cut with tin snips and the edges are smoothed and covered 
with rubber molding or tape. Pop rivets are handy for mounting the 
barrier strip and transformer, and a hot-melt glue gun can be used 
to hold some small parts. The 100-ohm voltage divider makes 
adjustment of high-low charge rates simpler. Be careful to handle 
the 110-volt primary side of the circuit with care. I advise grounded 
plug and chassis, a fuse at one amp, and the use of a microswitch to 
turn the primary on/off when the charger is in or out of use. 

It is also a good idea to insulate or cover all 110-volt connec- 
tions inside the case. Don't forget the rubber grommet to protect 
the power cord and to provide some sort of strain relief (a knot will 
do). 

Summary 

The fourth charger 1 built was completed in about two hours 
from mostly junk parts, and it works like a charm. So get busy and 
have some fun building one or more. They are not critical; just 
watch the milliamp charge rate. Considering that the commercial 
version is about $40, these are very nice at about $5, depending on 
what you find in your junk box. 1 found the box, which 1 bought, to 
be the most costly item at about $4. See Fig. 8-10. 


A CHARGER WITH AUTOMATIC SHUTOFF 


While operating mobile on occasion, I have found it necessary 
to recharge a run-down battery. This is particularly true when the 
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risks 
component burnout, 12 
damaging Arduino, 34 
damaging components, 34 
damaging Raspberry Pi, 66, 87, 90 
overheating, 12 


S 


seasonal affective disorder, 3 
senses 
human, vil 
robotic, vii 
sensing 
force, 49-52, 56-60, 85-86, 89- 
Se 
light, 3-7, 1/-31, 47-49, 82-83 
magnetism, 14-17 
proximity, 40-43, 73-77 
rotation, 43-47, 77-82 
temperature, 52-56, 86-89 
sensors, 9 
analog, 43, 49, 77 
connecting, 41 
digital resistance, 43 
distance, 5/ 
electro-mechanical, / 
FlexiForce, 85 
infrared proximity, 41, 73 
resistive, / 
temperature, 53, 86 
serial port, 50 
speed, 52 
Serial.printin() function, 52 
setup() function, 36 
shopping for components, vili-ix 
sketches, 33, 38 
example, 38 
smart devices, 1 
smartphone, 1 
sound, 14, 16, 56, 89 
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speed of sound, 59 
PL 25 
spidev, 78 
sudo command, 115 
sudoedit command, 115 
switch, 10 
closed, 37 
on/off, 9,34, 64 
open, 37 
single pole double throw (SPDT), 10 
single pole single throw (SPST), 10 


T 


temperature, 52, 86 
effect on speed of sound, 59 
testing, 95 
timer, 555 (see 555 timer) 
transducer, 9 
transduction, 9 
transistor, 21-22, 53 
bipolar junction, 23 
BJT,23 
NPN, 23 
twisted-wire connection technique, 11 
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Ubuntu, 97 
udev, /9 
ugly key, 97 


V 


variables, 36, 71 
global, 52 
voltage divider, 21, 43, 50, 76-77, 82 
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Windows 7/8, 98 
Windows key, 97 
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ham rig was left on inadvertently all night. Contemplating the need 
for a battery charger, but not wanting to pay the price for a new one, 
I decided the junk box could be put to good use. I already had a 12.6 
V ac, 10 amp transformer available and I thought a simple rectifier 
circuit would make a real simple battery charger. However, as long 
as I was going to the trouble of making a battery charger from 
scratch, I decided to add another dimension to the typical battery 
charger circuit design. An automatic turn-off feature was designed 
into the charger so a maximum charge voltage could be obtained. 
After the predetermined battery voltage level was reached, the 
charger circuit would automatically turn itself off. Thus, overvolt- 
age protection would be inherent in this design. Since I had already 
thought of other applications for the hefty dc power source in the 
ham shack, I put in an override circuit to the over-voltage sense 
circuit. By using a Variac at the input of the transformer, an 
adjustable dc voltage was possible at the output when the manual 
override was enabled. Figure 8-11 shows the basic block diagram 
of the power supply with the automatic cut-off feature. The trip 
voltage for the cut-off is adjustable with a variable resistor. Under 
normal circumstances, the trip point is pre-set with a good, fully- 
charged battery connected across the output terminals. 

Figure 8-12 shows the schematic diagram of the battery 
charger. With the output voltage below the trip point level, transis- 
tor Q2 is turned on and the relay RL1 is closed, applying full output 
voltage to the charger’s terminal. As the battery is charging, its 
voltage increases. When the battery voltage reaches the pre-set 
level, zener diode D1 conducts, turning on transistor Q2 and the 
relay. The charger’s dc power source is then disconnected from the 
battery, preventing overcharging. If the battery voltage goes 


z = $ 
II7VAC INPUT H i2¥, 104 OUTPUT 


HIGH CURRENT 
POWER SUPPLY 


VOLTAGE SENSITIVE SWITCH 
WITH HYSTERESIS 


Fig. 8-11. Block diagram of the battery charger with auto-turn-off feature. 
Power supply canstand alone for general use. High current power supply is 
a standard design. Relay interrupts output when the battery voltage 
reaches the pre-set threshold. 
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Make: Electronics 


All of the text from the first edition of this book has been 
rewritten, and most of the photographs and schematics 
have been replaced. 


Single-bus breadboards are now used throughout (as in 
Make: More Electronics) to reduce the risk of wiring er- 
rors. This change entailed rebuilding the circuits, but | 
believe it was worthwhile. 


Diagrams showing component placement are now used 
instead of photographs of breadboarded circuits. | think 
the diagrams are clearer. 


Internal views of breadboard connections have been re- 
drawn to match the revisions noted above. 


New photographs of tools and supplies have been in- 
cluded. For small items, | have used a ruled background 
to indicate the scale. 


Where possible, | have substituted components that cost 
less. | have also reduced the range that you need to buy. 


Three experiments have been completely revised: 


e The Nice Dice project that used LS-series 74xx 
chips in the first edition now uses 74HCxx chips, 


to be consistent with the rest of the book and 
with modern usage. 


e The project using a unijunction transistor has 
been replaced with an astable multivibrator cir- 
cuit using two bipolar transistors. 


e The section on microcontrollers now recognizes 
that the Arduino has become the most popular 
choice in the Maker community. 


In addition, two projects involving workshop fabrication 
using ABS plastic have been omitted, as many readers 
did not seem to find them useful. 


All the page layouts have been changed to make them 
easily adaptable for handheld devices. The formatting is 
controlled by a plaintext markup language, so that fu- 
ture revisions will be simpler and quicker. We want the 
book to remain relevant and useful for many more years 
to come. 


--Charles Platt, 2015 
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Preface: How to Have Fun 


Everyone uses electronic devices, but most of us don't 
really know what goes on inside them. 


You may feel that you don't need to know. You can drive 
a car without understanding the workings of an internal 
combustion engine, so why should you learn about elec- 
tricity and electronics? 


| think there are three reasons: 


e By learning how technology works, you be- 
come better able to control your world instead 
of being controlled by it. When you run into 
problems, you can solve them instead of feeling 
frustrated by them. 


e Learning about electronics can be fun, so long 
as you approach the process in the right way. It 
is also very affordable. 


e Knowledge of electronics can enhance your val- 
ue as an employee, or perhaps even lead to a 
whole new career. 


Learning by Discovery 


Most introductory guides begin by using definitions and 
theory to explain some fundamental concepts. Circuits 
are included to demonstrate what you have been told. 


Science education in schools often follows a similar plan. 
I think of this as learning by explanation. 


This book works the other way around. | want you to 
dive right in and start putting components together 
without necessarily knowing what to expect. As you see 
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what happens, you will figure out what's going on. This 
is Learning by Discovery, which | believe is more fun, 
more interesting, and more memorable. 


Working on an exploratory basis, you run the risk of 
making mistakes. But | don't see this as a bad thing, be- 
cause mistakes are a valuable way to learn. | want you to 
burn things out and mess things up, to see for yourself 
the behavior and limitations of the parts that you are 
dealing with. The very low voltages used throughout 
this book may damage sensitive components, but will 
not damage you. 


The key requirement of Learning by Discovery is that it 
has to be hands-on. You can derive some value from this 
book merely by reading it, but you will enjoy a much 
more valuable experience if you perform the experi- 
ments yourself. 


Fortunately, the tools and components that you need 
are inexpensive. Hobby electronics should not cost sig- 
nificantly more than a recreation such as needlepoint, 
and you don't need a workshop. Everything can be done 
on a tabletop. 


Will It Be Difficult? 


| assume that you're beginning with no prior knowledge. 
Consequently, the first few experiments will be extreme- 
ly simple, and you won't even use prototyping boards or 
a soldering iron. 


| don't believe that the concepts will be hard to under- 
stand. Of course, if you want to study electronics more 
formally and do your own circuit design, that can be 


challenging. But in this book | have kept theory to a min- 
imum, and the only math you'll need will be addition, 
subtraction, multiplication, and division. You may also 
find it helpful (but not absolutely necessary) if you can 
move decimal points from one position to another. 


How This Book Is Organized 


An introductory book can present information in two 
ways: in tutorials or in reference sections. | decided to 
use both of these methods. 


You'll find the tutorials in sections headed as follows: 


e Experiments 
e What You Will Need 


e Cautions 


Experiments are the heart of the book, and they have 
been sequenced so that the knowledge you gain at the 
beginning can be applied to subsequent projects. | sug- 
gest that you perform the experiments in numerical or- 
der, skipping as few as possible. 


You'll find reference sections under the following head- 
ings: 


e Fundamentals 
e Theory 
e Background 


| think the reference sections are important (otherwise, | 
would not have included them), but if you're impatient, 
you can dip into them at random or skip them and come 
back to them later. 


If Something Doesn't Work 


Usually there is only one way to build a circuit that 
works, while there are hundreds of ways to make mis- 
takes that will prevent it from working. Therefore the 
odds are against you, unless you proceed in a really care- 
ful and methodical manner. 


| know how frustrating it is when components just sit 
there doing nothing, but if you build a circuit that 
doesn't work, please begin by following the fault-tracing 
procedure that | have recommended (see “Fundamen- 
tals: Fault Tracing” on page 73). | will do my best to an- 
swer emails from readers who run into problems, but it's 
only fair for you to try to solve your problems first. 


Writer—Reader Communication 


There are three situations where you and | may want to 
communicate with each other. 


e | may want to tell you if it turns out that the 
book contains a mistake which will prevent you 
from building a project successfully. | may also 
want to tell you if a parts kit, sold in association 
with the book, has something wrong with it. 
This is me-informing-you feedback. 


You may want to tell me if you think you found 
an error in the book, or in a parts kit. This is you- 
informing-me feedback. 


You may be having trouble making something 
work, and you don't know whether | made a 
mistake or you made a mistake. You would like 
some help. This is you-asking-me feedback. 


| will explain how to deal with each of these situations. 


Me Informing You 


If you already registered with me in connection with 
Make: More Electronics, you don't need to register again 
for updates relating to Make: Electronics. But if you have 
not already registered, here's how it works. 


| can’t notify you if there's an error in the book or in a 
parts kit unless | have your contact information. There- 
fore | am asking you to send me your email address for 
the following purposes. Your email will not be used or 
abused for any other purpose. 


e | will notify you if any significant errors are 
found in this book or in its successor, Make: 
More Electronics, and | will provide a work- 
around. 


| will notify you of any errors or problems relat- 
ing to kits of components sold in association 
with this book or in Make: More Electronics. 


| will notify you if there is a completely new edi- 
tion of this book, or of Make: More Electronics, or 
of my other books. These notifications will be 
very rare. 


We've all seen registration cards that promise to enter 
you for a prize drawing. I’m going to offer you a much 
better deal. If you submit your email address, which may 
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only be used for the three purposes listed above, | will 
send you an unpublished electronics project with com- 
plete construction plans as a two-page PDF. It will be 
fun, it will be unique, and it will be relatively easy. You 
won't be able to get this in any other way. 


The reason | am encouraging you to participate is that if 
an error is found, and | have no way to tell you, and you 
discover it later on your own, your're likely to get an- 
noyed. This will be bad for my reputation and the repu- 
tation of my work. It is very much in my interest to avoid 
a situation where you have a complaint. 


e Simply send a blank email (or include some 
comments in it, if you like) to make.electron- 
ics@gmail.com. Please put REGISTER in the sub- 
ject line. 


You Informing Me 


If you only want to notify me of an error that you have 
found, it's really better to use the “errata” system main- 
tained by my publisher. The publisher uses the “errata” 
information to fix the error in updates of the book. 


If you are sure that you found an error, please visit: 


http://shop.oreilly.com/category/customer-service/faq-er- 
rata.do 


The web page will tell you how to submit errata. 


You Asking Me 


My time is obviously limited, but if you attach a photo- 
graph of a project that doesn't work, | may have a sug- 
gestion. The photograph is essential. 


You can use make.electronics@gmail.com for this pur- 
pose. Please put the word HELP in the subject line. 


Going Public 

There are dozens of forums online where you can dis- 
cuss this book and mention any problems you are hav- 
ing, but please be aware of the power that you have as a 
reader, and use it fairly. A single negative review can cre- 
ate a bigger effect than you may realize. It can certainly 
outweigh half-a-dozen positive reviews. 


The responses that | receive are generally very positive, 
but in a couple of cases people have been annoyed over 
small issues such as being unable to find a part online. | 


would have been happy to help these people if they had 
asked me. 


| do read my reviews on Amazon about once each 
month, and will always provide a response if necessary. 


Of course, if you simply don't like the way in which | 
have written this book, you should feel free to say so. 


Going Further 


After you work your way through this book, you will 
have grasped many of the basic principles in electronics. 
| like to think that if you want to know more, my own 
Make: More Electronics is the ideal next step. It is slightly 
more difficult, but uses the same “Learning by Discov- 
ery” method that | have used here. My intention is that 
you will end up with what | consider an “intermediate” 
understanding of electronics. 


| am not qualified to write an “advanced” guide, and 
consequently | don’t expect to create a third book with a 
title such as “Make: Even More Electronics.” 


If you want to know more electrical theory, Practical Elec- 
tronics for Inventors by Paul Scherz is still the book that | 
recommend most often. You don't have to be an inven- 
tor to find it useful. 


Safari® Books Online 


Safari Books Online is an on-de- 
mand digital library that delivers ex- 
pert content in both book and video 
form from the world’s leading 
authors in technology and business. 


A Safari 


Technology professionals, software developers, web de- 
signers, and business and creative professionals use Sa- 
fari Books Online as their primary resource for research, 
problem solving, learning, and certification training. 


Safari Books Online offers a range of plans and pricing 
for enterprise, government, education, and individuals. 


Members have access to thousands of books, training 
videos, and prepublication manuscripts in one fully 
searchable database from publishers like O'Reilly Media, 
Prentice Hall Professional, Addison-Wesley Professional, 
Microsoft Press, Sams, Que, Peachpit Press, Focal Press, 
Cisco Press, John Wiley & Sons, Syngress, Morgan Kauf- 
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mann, IBM Redbooks, Packt, Adobe Press, FT Press, Apr- 
ess, Manning, New Riders, McGraw-Hill, Jones €: Bartlett, 
Course Technology, and hundreds more. For more infor- 
mation about Safari Books Online, please visit us online. 


How to Contact Us 


Please address comments and questions concerning this 
book to the publisher: 


Make: 

1160 Battery Street East, Suite 125 

San Francisco, CA 94111 

877-306-6253 (in the United States or Canada) 
707-829-0515 (international or local) 


Make: unites, inspires, informs, and entertains a growing 
community of resourceful people who undertake amaz- 
ing projects in their backyards, basements, and garages. 
Make: celebrates your right to tweak, hack, and bend 
any technology to your will. The Make: audience contin- 


ues to be a growing culture and community that be- 
lieves in bettering ourselves, our environment, our edu- 
cational system—our entire world. This is much more 
than an audience, it's a worldwide movement that Make: 
is leading—we call it the Maker Movement. 


For more information about Make:, visit us online: 


Make: magazine: http://makezine.com/ 
magazine/ 

Maker Faire: http://makerfaire.com 
Makezine.com: http://makezine.com 
Maker Shed: http://makershed.com/ 


We have a web page for this book, where we list errata, 
examples, and any additional information. You can ac- 
cess this page at http://bit.ly/make_elect_2e. 


To comment or ask technical questions about this book, 
send email to bookquestions@oreilly.com. 
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Chapter One of this book contains Experiments 1 
through 5. 


In Experiment 1, | want you to get a taste for electricity 
—literally! You'll experience electric current and discover 
the nature of electrical resistance, not just in wires and 
components but in the world around you. 


Experiments 2 through 5 will show you how to measure 
and understand the pressure and flow of electricity— 
and finally, how to generate electricity with everyday 
items on a tabletop. 


Even if you have prior knowledge of electronics, | en- 
courage you to try these experiments before venturing 
into subsequent parts of the book. They're fun, and they 
clarify some basic concepts. 


Necessary Items for Chapter One 


Each chapter of this book begins with pictures and de- 
scriptions of the tools, equipment, components, and 
supplies that will be required. After you have learned 
about them, you can flip to the back of the book where 
your buying options are summarized for quick reference. 


« To buy tools and equipment, see “Buying Tools 
and Equipment” on page 324. 


e For components, see “Components” on page 
317. 


« For supplies, see “Supplies” on page 316. 


- If you prefer to get a prepackaged set of the 
components that you need, you have a choice 


of kits. See “Kits” on page 311 for more informa- 
tion. 


| classify tools and equipment as items that should be 
useful indefinitely. They range from pliers to a multime- 
ter. Supplies, such as wire and solder, will gradually be 
consumed in a variety of projects, but the quantities that 
| am recommending should be sufficient for all the ex- 
periments in the book. Components will be listed for in- 
dividual projects, and will become part of those projects. 


The Multimeter 


Figure 1-1 This kind of analog meter is inadequate for your 
purposes. You need a digital meter. 


I'm beginning my instructional overview of tools and 
equipment with the multimeter, because | consider it 
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the most essential piece of equipment. It will tell you 
how much voltage exists between any two points in a 
circuit, or how much current is passing through the cir- 
cuit. It will help you to find a wiring error, and can also 
evaluate a component to determine its electrical resist- 
ance—or its capacitance, which is the ability to store an 
electrical charge. 


If you're starting with little or no knowledge, these terms 
may seem confusing, and you may feel that a multime- 
ter looks complicated and difficult to use. This is not the 
case. It makes the learning process easier, because it re- 
veals what you cannot see. 


Before | discuss which meter to buy, | can tell you what 
not to buy. You don’t want an old-school meter with a 
needle that moves across a scale, as shown in Figure 1-1. 
That is an analog meter. 


You want a digital meter that displays values numerically 
—and to give you an idea of the equipment available, | 
have selected four examples. 


Figure 1-2 shows the cheapest digital meter that | could 
find, costing less than a paperback novel or a six-pack of 
soda. It cannot measure very high resistances or very 
low voltages, its accuracy is poor, and it does not meas- 
ure capacitance at all. However, if your budget is very 
tight, it will probably see you through the experiments 
in this book. 


Figure 1-2 The cheapest meter that | could find. 


The meter in Figure 1-3 offers more accuracy and more 
features. This meter, or one similar to it, is a good basic 
choice while you are learning electronics. 


Figure 1-3 Any meter similar to this one is a good basic choice. 


The example in Figure 1-4 is slightly more expensive but 
much better made. This particular model has been dis- 
continued, but you can find many like it, probably cost- 
ing two to three times as much as the NT brand in Fig- 
ure 1-3. Extech is a well-established company trying to 
maintain its standards in the face of cut-price competi- 
tors. 


Figure 1-4 A better-made meter at a somewhat higher price. 


Figure 1-5 shows my personal preferred meter at the 
time of writing. It is physically rugged, has all the fea- 
tures | could want, and measures a wide range of values 
with extremely good accuracy. However, it costs more 
than twenty times as much as the lowest-priced, bar- 
gain-basement product. | regard it as a long-term invest- 
ment. 
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Figure 1-5 A high-quality product. 


How do you decide which meter to buy? Well, if you 
were learning to drive, you wouldn't necessarily need a 
high-priced car. Similarly, you don't need a high-priced 
meter while you are learning electronics. On the other 
hand, the absolute cheapest meter may have some 
drawbacks, such as an internal fuse that is not easily re- 
placeable, or a rotary switch with contacts that wear out 
quickly. So here's a rule of thumb if you want something 
that | would regard as inexpensive but acceptable: 


e Search eBay for the absolute cheapest model 
you can find, then double the price, and use 
that as your guideline. 


Regardless of how much you spend, the following at- 
tributes and capabilities are important. 


Ranging 

A meter can measure so many values, it has to have a 
way to narrow the range. Some meters have manual 
ranging, meaning that you turn a dial to choose a ball- 
park for the quantity that interests you. A range could be 
from 2 to 20 volts, for instance. 


Other meters have autoranging, which is more conve- 
nient, because you just connect the meter and wait for it 
to figure everything out. The key word, however, is 
“wait.” Every time you make a measurement with an au- 
toranging meter, you will wait a couple of seconds while 
it performs an internal evaluation. Personally | tend to be 
impatient, so | prefer manual meters. 


Another problem with autoranging is that because you 
have not selected a range yourself, you must pay atten- 
tion to little letters in the display where the meter is tell- 
ing you which units it has decided to use. For example, 
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the difference between a “K” or an “M” when measuring 
electrical resistance is a factor of 1,000. This leads me to 
my personal recommendation: 


e | suggest you use a manual-ranging meter for 
your initial adventures. You'll have fewer chan- 
ces to make errors, and it should cost slightly 
less. 


A vendor's description of a meter should say whether it 
uses manual ranging or autoranging, but if not, you can 
tell by looking at a photograph of its selector dial. If you 
don't see any numbers around the dial, it's an autorang- 
ing meter. The meter in Figure 1-4 does autoranging. 
The others that | pictured do not. 


Values 


The dial will also reveal what types of measurements are 
possible. At the very least, you should expect: 


Volts, amps, and ohms, often abbreviated with the letter 
V, the letter A, and the ohm symbol, which is the Greek 
letter omega, shown in Figure 1-6. You may not know 
what these attributes mean right now, but they are fun- 
damental. 


Your meter should also be capable of measuring milli- 
amps (abbreviated mA) and millivolts (abbreviated mV). 
This may not be immediately clear from the dial on the 
meter, but will be listed in its specification. 


Figure 1-6 Three samples of the Greek symbol omega, used to 
represent electrical resistance. 


DC/AC, meaning direct current and alternating current. 
These options may be selected with a DC/AC pushbut- 
ton, or they may be chosen on the main selector dial. A 
pushbutton is probably more convenient. 


Continuity testing. This useful feature enables you to 
check for bad connections or breaks in an electrical cir- 
cuit. Ideally it should create an audible alert, in which 
case it will be represented symbolically with a little dot 
that has semicircular lines radiating from it, as shown in 
Figure 1-7. 
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Fig. 8-12. Schematic diagram of the battery charger and high current 
power supply with the automatic cut-off feature. A manual override per- 
mits use of the power supply by itself for general bench use. 

below the threshold voltage by a small amount, the relay will 
automatically connect across the battery, again charging it. Thus, 
the charger may be left connected to the battery without fear of 
overcharging. Resistor R, is used to provide some hysteresis so 
the relay does not chatter when the threshold voltage is reached. R, 
is chosen for about 0.5 volt hysteresis. A 12 volt lamp is used to 
show when the charger is charging the battery. 

To furnish the power source at all times across the charger’s 
terminals, switch S2 grounds the threshold potentiometer so the 
output voltage does not have any effect on the operation of the 
relay. 

If the ripple is too great, a full wave bridge rectifier may be 
substituted for the 15 Amp diode. The meter may be left out if it is 
not necessary to monitor the charging current from the charger. 

This charging technique may also be used to charge nicad 
batteries. A resistor should be connected in series with the bat- 
teries however, to prevent excessive currents during the initial 
charge process. The resistor should have a value to correspond to 
the maximum charging current permitted. As the nicad batteries 
come up to voltage, the charging current will drop accordingly. 
When the predetermined battery voltage is reached, the current 
will go to zero as the circuit is automatically disconnected. The 
batteries will be thus protected from excess currents and destruc- 
tion. 
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Figure 1-7 This symbol indicates the option to test a circuit for 
continuity, with audible feedback. It's a very useful feature. 


For a small additional sum, you should be able to buy a 
meter that makes the following measurements. In order 
of importance: 


Capacitance. Capacitors are small components that are 
needed in the majority of electronic circuits. Because 
small ones usually don't have their values printed on 
them, the ability to measure their values can be impor- 
tant, especially if some of them get mixed up or (worse) 
fall on the floor. Very cheap meters usually cannot meas- 
ure capacitance. When the feature exists, it is usually in- 
dicated with a letter F, meaning farads, which are the 
units of measurement. The abbreviation CAP may also 
be used. 


Transistor testing, indicated by little holes labeled E, B, C, 
and E. You plug the transistor into the holes. This ena- 
bles you to verify which way up the transistor should be 
placed in a circuit, or if you have burned it out. 


Frequency, abbreviated Hz. This is unimportant in the ex- 
periments in this book, but may be useful if you go fur- 
ther. 


Any features beyond these are not significant. 


If you still feel unsure about which meter to buy, read 
ahead a little to get an idea of how you will be using a 
meter in Experiments 1, 2, 3, and 4. 


Safety Glasses 


For Experiment 2, you may want to use safety glasses. 
The cheapest plastic type is satisfactory for this little ad- 
venture, as the risk of a battery bursting is almost non- 
existent, and probably would not occur with much force. 


Regular eyeglasses would be an acceptable substitute, 
or you could view the experiment through a little piece 
of transparent plastic (for instance, you can cut out a 
piece of a water bottle). 


Batteries and Connectors 


Because batteries and connectors become part of a cir- 
cuit, | am categorizing them as components. See “Other 
Components” on page 319 for details about ordering 
these parts. 


Almost all the experiments in this book will use a power 
source of 9 volts. You can obtain this from a basic nine- 
volt battery sold in supermarkets and convenience 
stores. Later I'll suggest an upgrade to an AC adapter, 
but you don't need that right now. 


For Experiment 2, you will need a couple of 1.5-volt AA 
batteries. These have to be the alkaline type. You must 
not perform this experiment with any kind of rechargea- 
ble battery. 


To transfer the power from a battery into a circuit, you 
need a connector for the 9-volt battery, as shown in Fig- 
ure 1-8, and a carrier for a single AA battery, as shown in 
Figure 1-9. One carrier will be enough, but | suggest you 
get at least three 9-volt connectors for future use. 


Figure 1-8 Connector to deliver power from a 9-volt battery. 
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Figure 1-9 You need a carrier like this for a single AA battery. 
Don't buy the type of carrier that holds two batteries (or three, or 
four). 


Test Leads 


You will use test leads (pronounced “leeds”) to connect 
components with each other in the first few experi- 
ments. The type of leads | mean are double-ended. Sure- 
ly, any piece of wire has two ends, so why should it be 
called “double-ended”? The term usually means that 
each end is fitted with an alligator clip as shown in Fig- 
ure 1-10. Each clip can make a connection by grabbing 
something and gripping it securely, freeing you to use 
your hands elsewhere. 


You don't want the kind of test leads that have a plug at 
each end. Those are sometimes known as jumper wires. 


Figure 1-10 Double-ended test leads with an alligator clip at 
each end. 


Test leads are classified as equipment for the purposes 
of this book. See “Buying Tools and Equipment” on page 
324 for more information. 
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Potentiometer 


A potentiometer functions like the volume control on an 
old-fashioned stereo. The kinds shown in Figure 1-11 are 
considered large by modern standards, but large is what 
you need, because you'll be gripping the terminals with 
the alligator clips on your test leads. A 1” diameter po- 
tentiometer is preferred. Its resistance should be listed 
as 1K. If you are buying your own, see “Other Compo- 
nents” on page 319 for details. 


Figure 1-11 Potentiometers of the general type required for your 
first experiments. 


Fuse 


A fuse interrupts a circuit if too much electricity passes 
through it. Ideally you'll buy the type of 3-amp automo- 
tive fuse shown in Figure 1-12, which is easy to grip with 
test leads, and clearly reveals the element inside it. Auto- 
motive fuses are sold in a variety of physical sizes, but so 
long as you use one rated for 3 amps, the dimensions 
don't matter. Buy three to allow for destroying them in- 
tentionally or accidentally. If you don’t want to use an 
auto parts supplier, a 2AG-size 3-amp glass cartridge 
fuse of the kind shown in Figure 1-13 will be available 
from electronics component suppliers, although it is not 
quite so easy to use. 
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Figure 1-12 This type of automotive fuse is easier to handle than 
the cartridge fuses used in electronics hardware. 


Figure 1-13 You can use a cartridge fuse like this, although your 
alligator clips won't grip it so easily. 


Light-Emitting Diodes 

More commonly known as LEDs, they come in various 
shapes and forms. The ones we will be using are proper- 
ly known as LED indicators, and are often described as 
standard through-hole LEDs in catalogs. A sample in Fig- 
ure 1-14 is 5mm in diameter, but 3mm is sometimes eas- 
ier to fit into a circuit when space is limited. Either 
will do. 


Figure 1-14 A light-emitting diode (LED) approximately 5mm in 
diameter. 


Throughout this book | will refer to generic LEDs, by 
which | mean the cheapest ones that don't emit a high- 
intensity light and are commonly available in red, yellow, 
or green. They are often sold in bulk quantities, and are 
used in so many applications that | suggest you buy at 
least a dozen of each color. 


Some generic LEDs are encapsulated in “water clear” 
plastic or resin, but emit a color when power is applied. 
Other LEDs are encapsulated in plastic or resin tinted 
with the same color that they will display. Either type is 
acceptable. 


In a few experiments, low-current LEDs are preferred. 
They cost slightly more, but are more sensitive. For ex- 
ample, in Experiment 5, where you will generate a small 
amount of current with an improvised battery, you'll get 
better results with a low-current LED. See “Other Com- 
ponents” on page 319 for additional guidance, if you are 
not using components that were supplied in a kit. 


Resistors 


You'll need a variety of resistors to restrict the voltage 
and current in various parts of a circuit. They should look 
something like the ones in Figure 1-15. The color of the 
body of the resistor doesn’t matter. Later | will explain 
how the colored stripes tell you the value of the 
component. 
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Experiment 1: Taste the Power! 


Procedure 

Moisten your tongue and touch the tip of it to the metal 
terminals of a 9-volt battery, as shown in Figure 1-16. 
(Maybe your tongue isn't quite as big as the one in the 
picture. Mine certainly isn't. But this experiment will 
work regardless of how big or small your tongue may 


Figure 1-15 Two resistors of the type you need, all rated for 1/4 
watt. 


If you are buying your own resistors, they are so small 
and cheap, you would be foolish to select just the values 
listed in each experiment. Get a prepackaged selection 
in bulk from surplus or discount sources, or eBay. For 
more information about resistors, including a complete 
list of all the values used throughout this book, see 
“Components” on page 317. 


You don't need any other components to take you 
through Experiments 1 through 5. So let's get started! 


Experiment 1: Taste the Power! 
Can you taste electricity? It feels as if you can. 
What You Will Need 


« 9-volt battery (1) 
e Multimeter (1) 


That's all! 


Caution: No More than Nine Volts 


This experiment should only use a 9-volt battery. Do not 
try it with a higher voltage, and do not use a bigger bat- 
tery that can deliver more current. Also, if you have met- 
al braces on your teeth, be careful not to touch them 
with the battery. Most important, never apply electric 
current from any size of battery through a break in your 
skin. 
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Figure 1-16 An intrepid Maker tests the characteristics of an 
alkaline battery. 


Do you feel that tingle? Now set aside the battery, stick 
out your tongue, and dry the tip of it very thoroughly 
with a tissue. Touch the battery to your tongue again, 
and you should feel less of a tingle. 


What's happening here? You can use a meter to find out. 


Setting Up Your Meter 

Does your meter have a battery preinstalled? Select any 
function with the dial, and wait to see if the display 
shows a number. If nothing is visible, you may have to 
open the meter and put in a battery before you can use 
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it. To find out how to do this, check the instructions that 
came with the meter. 


Meters are supplied with a red lead and a black lead. 
Each lead has a plug on one end, and a steel probe on 
the other end. You insert the plugs into the meter, then 
touch the probes on locations where you want to know 
what's going on. See . The probes detect 
electricity; they don't emit it in significant quantities. 
When you are dealing with the small currents and vol- 
tages in the experiments in this book, the probes cannot 
hurt you (unless you poke yourself with their sharp 
ends). 


Leads for a meter, terminating in metal probes. 


Most meters have three sockets, but some have four. See 
, and for examples. 
Here are the general rules: 


e One socket should be labelled COM. This is 
to all your measurements. Plug the 
black lead into this socket, and leave it there. 


e Another socket should be identified with the 
ohm (omega) symbol, and the letter V for volts. 
It can measure either resistance or voltage. Plug 
the red lead into this socket. 


The voltage/ohms socket may also be used for 
measuring small currents in mA (milliamps) .. . 
or you may see a separate socket for this, which 
will require you to move the red lead some- 
times. We'll get to that later. 


e An additional socket may be labelled 2A, 5A, 
10A, 20A, or something similar, to indicate a 
maximum number of amps. This is used for 


measuring high currents. We won't be needing 
it for projects in this book. 
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Sockets on one more meter. 


You're going to evaluate the resistance of your tongue, 
in ohms. But what is an ohm? 
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We measure distance in miles or kilometers, mass in 
pounds or kilograms, and temperature in Fahrenheit or 
Centigrade. We measure electrical resistance in ohms, 
which is an international unit named after Georg Simon 
Ohm, who was an electrical pioneer. 


The Greek omega symbol indicates ohms, but for resis- 
tances above 999 ohms the uppercase letter K is used, 
which means kilohm, equivalent to a thousand ohms. 
For example, a resistance of 1,500 ohms will be referred 
to as 1.5K. 


Above 999,999 ohms, the uppercase letter M is used, 
meaning megohm, which is a million ohms. In everyday 
speech, a megohm is often referred to as a “meg.” If 
someone is using a “two-point-two meg resistor,’ its val- 
ue will be 2.2M. 


A conversion table for ohms, kilohms, and megohms is 
shown in Figure 1-21. 


| ohms | Kilohms | Megohms 
10 


0.001K 0.000001M 
10.4 0.01K 0.00001M 
100 A 0.1K 0.0001M 
1,000 Q 1K 0.001M 
10,000 8 10K 0.01M 
100,000 QU 100K 0.1M 
1,000,000 A 1,000K 1M 


Figure 1-21 Conversion table for the most common multiples of 
ohms. 


e In Europe, the letter R, K, or M is substituted for 
a decimal point, to reduce the risk of errors. 
Thus, 5K6 in a European circuit diagram means 
5.6K, 6M8 means 6.8M, and 6R8 means 6.8 
ohms. | won't be using the European style here, 
but you may find it in some circuit diagrams 
elsewhere. 


A material that has very high resistance to electricity is 
known as an insulator. Most plastics, including the col- 
ored sheaths around wires, are insulators. 


A material with very low resistance is a conductor. Metals 
such as copper, aluminum, silver, and gold are excellent 
conductors. 


Experiment 1: Taste the Power! 


Measuring Your Tongue 


Inspect the dial on the front of your meter, and you'll 
find at least one position identified with the ohm sym- 
bol. On an autoranging meter, turn the dial to point to 
the ohm symbol as shown in Figure 1-22, touch the 
probes gently to your tongue, and wait for the meter to 
choose a range automatically. Watch for the letter K in 
the numeric display. Never stick the probes into your 
tongue! 


Figure 1-22 On an autoranging meter, just turn the dial to the 
ohm (omega) symbol. 


On a manual meter, you must choose a range of values. 
For a tongue measurement, probably 200K (200,000 
ohms) would be about right. Note that the numbers be- 
side the dial are maximums, so 200K means “no more 
than 200,000 ohms” while 20K means “no more than 
20,000 ohms.” See the close-ups of the manual meters in 
Figure 1-23 and Figure 1-24. 
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Figure 1-23 A manual meter requires you to select the range. 
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Figure 1-24 A different manual meter dial, but the principle is 
the same. 


Touch the probes to your tongue about one inch apart. 
Note the meter reading, which should be around 50K. 
Put aside the probes, stick out your tongue, and use a 
tissue to dry it carefully and thoroughly, as you did be- 
fore. Without allowing your tongue to become moist 
again, repeat the test, and the reading should be higher. 
Using a manual ranging meter, you may have to select a 
higher range to see a resistance value. 


e When your skin is moist (for instance, if you per- 
spire), its electrical resistance decreases. This 
principle is used in lie detectors, because some- 
one who knowingly tells a lie, under conditions 
of stress, may tend to perspire. 


Here's the conclusion that your test may suggest. A low- 
er resistance allows more electric current to flow, and in 
your initial tongue test, more current created a bigger 
tingle. 


Fundamentals: Inside a Battery 


When you used a battery for the original tongue test, | 
didn't bother to mention how a battery works. Now is 
the time to rectify that omission. 


A 9-volt battery contains chemicals that liberate elec- 
trons (particles of electricity), which want to flow from 
one terminal to the other as a result of a chemical reac- 
tion. Think of the cells inside a battery as being like two 
water tanks—one of them full, the other empty. If the 
tanks are connected with each other by a pipe and a 
valve, and you open the valve, water will flow between 
them until their levels are equal. Figure 1-25 may help 
you to visualize this. Similarly, when you open up an 
electrical pathway between the two sides of a battery, 


electrons flow between them, even if the pathway con- 
sists only of the moisture on your tongue. 


Electrons flow more easily through some substances 
(such as a moist tongue) than others (such as a dry 
tongue). 


Figure 1-25 You can think of a battery as being like a pair of 
interconnected water reservoirs. 


Further Investigation 


The tongue test was not a very well-controlled experi- 
ment, because the distance between the probes might 
have varied a little between one trial and the next. Do 
you think that may be significant? Let's find out. 


Hold the meter probes so that their tips are only 1/4” 
apart. Touch them to your moist tongue. Now separate 
the probes by 1” and try again. What readings do you 
get? 


When electricity travels through a shorter distance, it en- 
counters less resistance. As a result, the current will in- 
crease. 


Try a similar experiment on your arm, as shown in Fig- 
ure 1-26. You can vary the distance between the probes 
in fixed steps, such as 1/4” and note the resistance 
shown by your meter. Do you think that doubling the 
distance between the probes doubles the resistance 
shown by the meter? How can you prove or disprove 
this? 
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Figure 1-26 Vary the distance between the probes, and note the 
reading on your meter. 


If the resistance is too high for your meter to measure, 
you will see an error message, such as L, instead of some 
numbers. Try moistening your skin, then repeat the test, 
and you should get a result. The only problem is, as the 
moisture on your skin evaporates, the resistance will 
change. You see how difficult it is to control all the fac- 
tors in an experiment. The random factors are properly 
known as uncontrolled variables. 


There is still one more variable that | haven't discussed, 
which is the amount of pressure between each probe 
and the skin. If you press harder, | suspect that the resist- 
ance will diminish. Can you prove this? How could you 
design an experiment to eliminate this variable? 


If you're tired of measuring skin resistance, you can try 
dunking the probes into a glass of water. Then dissolve 
some salt in the water, and test it again. No doubt you've 
heard that water conducts electricity, but the full story is 
not so simple. Impurities in water play an important 
part. 
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What do you think will happen if you try to measure the 
resistance of water that contains no impurities at all? 
Your first step would be to obtain some pure water. So- 
called purified water usually has minerals added after it 
was purified, so, that’s not what you want. Similarly, 
spring water is not totally pure. What you need is distilled 
water, also known as deionized water. This is often sold in 
supermarkets. | think you'll find that its resistance, per 
inch between the meter probes, is higher than the resist- 
ance of your tongue. Try it to find out. 


Those are all the experiments relating to resistance that | 
can think of, right now. But | still have a little background 
information for you. 


Background: The Man Who Discovered 
Resistance 


Georg Simon Ohm, pictured in Figure 1-27, was born in 
Bavaria in 1787 and worked in obscurity for much of his 
life, studying the nature of electricity using metal wire 
that he had to make for himself (you couldn't truck on 
down to Home Depot for a spool of hookup wire back in 
the early 1800s). 


Despite his limited resources and inadequate mathe- 
matical abilities, Ohm was able to demonstrate in 1827 
that the electrical resistance of a conductor such as cop- 
per varied in inverse proportion with its area of cross- 
section, and the current flowing through it is propor- 
tional to the voltage applied to it, so long as tempera- 
ture is held constant. Fourteen years later, the Royal So- 
ciety in London finally recognized the significance of his 
contribution and awarded him the Copley Medal. Today, 
his discovery is known as Ohm's Law. I'll explain more 
about this in Experiment 4. 
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Figure 1-27 Georg Simon Ohm, after being honored for his 
pioneering work, most of which he pursued in relative obscurity. 


Cleanup and Recycling 


Your battery should not have been damaged or signifi- 
cantly discharged by this experiment. You can use it 
again. 


Remember to switch off your meter before putting it 
away. Many meters will beep to remind you to switch 
them off if you don't use them for a while, but some 
don't. A meter consumes a very small amount of elec- 
tricity while it is switched on, even when you are not us- 
ing it to measure anything. 


Experiment 2: Let’s Abuse a 
Battery! 


To get a better feeling for electrical power, you're going 
to do what most books tell you not to do. You're going 
to short out a battery. (A short circuit is a shortcut be- 
tween two sides of a power source.) 


Caution: Use a Small Battery 


The experiment that | am going to describe is safe, but 
some short circuits can be dangerous. Never short out a 
power outlet in your home: there'll be a loud bang, a 
bright flash, and the wire or tool that you use will be par- 
tially melted, while flying particles of melted metal can 
burn you or blind you. 


If you short out a car battery, the flow of current is so 
huge that the battery might even explode, drenching 
you in acid. Just ask the guy in Figure 1-28 (if he is able 
to answer). 


Figure 1-28 Dropping a wrench between the terminals of a car 
battery will be bad for your health. Short circuits can be dramatic, 
even ata “mere” 12 volts, if the battery is big enough. 


Lithium batteries are often found in power tools, laptop 
computers, and other portable devices. Never short-cir- 
cuit a lithium battery: it can catch fire and burn you. Lith- 
ium batteries have been known to catch fire even if you 
don't short them out, as shown in Figure 1-29. After 
some early laptops self-destructed, lithium battery packs 
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were modified to prevent this kind of thing. But short- 
circuiting them is still a very bad idea. 


Figure 1-29 Never fool around with lithium batteries. 


Use only an alkaline battery in this experiment, and only 
a single AA cell. You may also want to wear safety 
glasses in case you happen to have a defective battery. 


What You Will Need 


e 1.5-volt AA battery (2) 
e Battery carrier (1) 
e 3-amp fuse (2) 


e Safety glasses (regular eyeglasses or sunglasses 
will do) 


e Test leads with alligator clips at each end (2) 


Generating Heat with Current 


Use an alkaline battery. Do not use any kind of recharge- 
able battery. 


Put the battery into a battery carrier that terminates in 
two thin wires, as shown in Figure 1-9. Twist the bare 
ends of the wires together, as shown in Figure 1-30. At 
first it seems that nothing happens. But wait one minute, 
and you'll find that the wires are getting hot. Wait anoth- 
er minute, and the battery, too, will be hot. 


Experiment 2: Let’s Abuse a Battery! 


Figure 1-30 Shorting out an alkaline battery can be safe if you 
follow the directions precisely. 


The heat is caused by electricity flowing through the 
wires and through the electrolyte (the conductive fluid) 
inside the battery. If you've ever used a hand pump to 
force air into a bicycle tire, you know that the pump gets 
warm. Electricity behaves in much the same way. You 
can imagine the electricity being composed of particles 
(electrons) that make the wire hot as they push through 
it. This isn’t a perfect analogy, but it’s close enough for 
our purposes. 


Where do the electrons come from? Chemical reactions 
inside the battery liberate them, creating electrical pres- 
sure. The correct name for this pressure is voltage, which 
is measured in volts and is named after Alessandro Volta, 
another electrical pioneer. 


Going back to the water analogy: the height of the water 
in a tank is proportional with the pressure of the water, 
and is similar to voltage. Figure 1-31 may help you to vis- 
ualize this. 
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All of the part values are not critical, and should be changed 
accordingly to agree with one's requirements and junk box. Sub- 
stitutions should be made to keep the cost to a minimum. The 
transistors should be NPN types with reasonable current gains. 
Most general purpose types will work. The 3.9 volt zener diode 
can be replaced with a zener diode in the range of 2 to 6 volts. Its 
only purpose is to furnish a relatively sharp voltage threshold. The 
value of the potentiometer may have to be adjusted if the zener 
voltage is changed drastically. The relay was a 24 volt de surplus 
type capable of 15 amps of current, but other types should work 
equally well. Most 24 volt relays will work in a 12 volt circuit. 


A BATTERY VOLTAGE MONITOR 


A device introduced by Litronix, Inc., has wide application as 
a voltage monitor in all types of battery-operated equipment. The 
RCL-400 Battery Status Indicator is a current-controlled LED 
which has a voltage sensing integrated circuit incorporated into a 
small LED package. 

The only additional circuit component necessary to build a 
voltage monitor is a suitable zener diode, or string of forward 
biased diodes, to bring the device into its normal operating range. 
The RCL-400 is designed to turn on at 3 V and off at 2 V; thus 
normal operation can be provided by selecting Vz = Vcc-3 V (See 
Fig. 8-13). When Vcc drops to Vz + 2 V, the LED is switched off by 
the internal IC voltage sensing circuit to give a low voltage indica- 
tion. Since the device has a relatively constant current demand in 
the on region ( ~ 10 mA), the zener power rating need only be Ys 
W for most battery-powered equipment. One precaution is neces- 
sary: You must be sure that the voltage across the LED does not 
exceed 5 V (its maximum rating). 

For low voltage IC circuits using a nominal 4.5 V battery pack, 
the required value of Vz is only 1.5 V. It is easy to obtain this value 
by simply substituting a pair of silicon diodes in series with the 
LED See Fig. 8-13. 


STORAGE BATTERIES 


Storage batteries have been with us a long time. The Babylo- 
nians used them, but Allesandro Volta rediscovered the galvanic 
battery in 1800, and Gaston Plante came up with the first lead acid 
storage battery in 1859. 


380 


Experiment 2: Let's Abuse a Battery! 


Voltage Amperage 
(pressure) (rate of flow) 
Resistance N 
(diameter of N 

the hole) 


Figure 1-31 The pressure in a source of water is analogous to the 
voltage in a source of electricity. 


But volts are only half of the story. When electrons flow 
through a wire, the amount of flow during a period of 
time is known as amperage, named after yet another 
electrical pioneer, André-Marie Ampère. That flow is also 
generally known as current. The current—the amperage 
—generates the heat. 


« Think of voltage as pressure. 


e Think of amperes as the rate of flow, properly 
known as current. 


Background: Why Didn’t Your Tongue 
Get Hot? 


When you touched the 9-volt battery to your tongue, 
you felt a tingle, but no perceptible heat. When you 
shorted out a battery, you generated a noticeable 
amount of heat, even though you only used a 1.5-volt 
battery. How can you explain this? 


Your meter showed you that the electrical resistance of 
your tongue is very high. This high resistance reduced 
the flow of electrons. 


The resistance of a wire is very low, so if there's a wire 
connecting the two terminals of the battery, more cur- 
rent will pass through it than passed through your 
tongue, and it will create more heat. If all other factors 
remain constant: 


e Lower resistance allows more current to flow. 


e The heat generated by electricity is proportion- 
al with the amount of electricity (the current) 
passing through a conductor in a period of 
time. (This relationship is no longer exactly true 
if the resistance of the wire changes as the wire 
gets hot. But it remains approximately true.) 


Here are some other basic concepts: 


e The flow of electricity per second is measured 
in amperes, very commonly abbreviated as 
amps. 


e The pressure of electricity that causes the flow 
is measured in volts. 


¢ The resistance to the flow is measured in ohms. 
« A higher resistance restricts the current. 


« A higher voltage is better able to overcome re- 
sistance and increase the current. 


The relationship between voltage, resistance, and am- 
perage (pressure, resistance, and flow) is illustrated in 
Figure 1-32. 


RESISTANCE 


Figure 1-32 Resistance blocks pressure and reduces flow—in 
water, and in electricity. 


Fundamentals: Volt Basics 


The volt is an international unit, represented by an up- 
percase letter V. In the United States and much of Eu- 
rope, AC power for domestic use is supplied at 110V, 
115V, or 120V, with separate circuits for heavy-duty ap- 
pliances delivering 220V, 230V, or 240V. Solid-state elec- 
tronic components traditionally required DC power 
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ranging from 5V to about 20V, although modern sur- 
face-mount devices may use less than 2V. Some compo- 
nents, such as a microphone, deliver voltage measured 
in millivolts, abbreviated mV, each millivolt being 
1/1,000th of a volt. When electricity is distributed over 
long distances, it is measured in kilovolts, abbreviated 
kV. A few long-distance lines use megavolts. A conver- 
sion table for millivolts, volts, and kilovolts is shown in 
Figure 1-33. 


| Millivoits [Vos | Kilovolts 


1mV 0.001V 0.000001kV 
10mV 0.01V 0.00001kV 
100mV 0.1V 0.0001kV 
1,000mV 1V 0.001kV 
10,000mV 10V 0.01kV 
100,000mV 100V 0.1kV 
1,000,000mV 1,000V 1kV 


Figure 1-33 Conversion table for the most common multiples of 
volts. 


Fundamentals: Ampere Basics 


The ampere is an international unit, represented by an 
uppercase letter A. Household appliances may draw sev- 
eral amps, and a typical circuit breaker in the United 
States is rated for 20A. Electronic components often are 
rated in milliamps, abbreviated mA, each milliamp being 
1/1,000th of an amp. Devices such as liquid-crystal dis- 
plays may draw microamps, abbreviated uA, each micro- 
amp being 1/1,1000th of a milliamp. A conversion table 
for amps, milliamps, and microamps is shown in Fig- 
ure 1-34, 


METE TS Amps 


11A 0.001mA 0.000001A 
10pA 0.01mA 0.00001A 
100pA 0.1mA 0.0001A 
1,000uA 1mA 0.0014 
10,000pA 10mA 0.01A 
100,000pA 100mA 0.1A 
1,000,000pA 1,000mA 1A 


Figure 1-34 Conversion table for the most common multiples of 
amps. 
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How to Blow a Fuse 


Exactly how much current flowed through the wires of 
the battery carrier, when you shorted out the battery? 
Could we have measured it? 


Not easily, because if you try to use your multimeter to 
measure high current, you may blow the fuse inside the 
meter. So set aside the meter, and we'll use your 3-amp 
fuse, which we can sacrifice because it didn't cost very 
much. 


First inspect the fuse, using a magnifying glass, if you 
have one. In an automotive fuse, you should see a tiny S- 
shape in the transparent window at the center. That S is 
a thin section of metal that melts easily. You saw it in Fig- 
ure 1-12, In a glass cartridge fuse, there's a thin piece of 
wire that serves the same purpose. 


Remove the 1.5-volt battery from its carrier. The battery 
is no longer useful for anything, and should be recycled 
if possible. Separate the two wires that you twisted to- 
gether, and use two test leads to connect the carrier 
with a fuse, as shown in Figure 1-35 or Figure 1-36. 
Watch the fuse as you insert a new battery in the carrier. 
A break should occur in the center of the fuse element, 
where the metal melted. Figure 1-37 and Figure 1-38 
show what | mean. 


Figure 1-35 How to short out an automotive fuse. 


Some 3-amp fuses blow more easily than others, even 
though they all have the same rating. If you think your 
fuse has not been affected, try applying the wires from 
the battery to it directly, instead of passing the current 
through the test leads. If you are not using a fresh AA 
battery, you may have to wait a few seconds for the fuse 
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to respond. If all else fails, you can apply a C cell or a D 
cell, which have the same voltage as an AA battery but 
can deliver more current. But this shouldn't be 
necessary. 


Figure 1-36 How to apply your test leads to a small cartridge 
fuse. 


Figure 1-37 Note the break in the element. 
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Figure 1-38 In a shorted cartridge fuse, a similar break appears. 


This is how a fuse works: it melts to protect the rest of 
the circuit. That tiny break inside the fuse stops any 
more current from flowing. 


Fundamentals: Direct and Alternating 
Current 


The flow of current that you get from a battery is known 
as direct current, or DC. Like the flow of water from a fau- 
cet, it is a steady stream that flows in one direction. 


The flow of current that you get from the power outlet in 
your home is very different. The “live” side of the outlet 
changes from positive to negative, relative to the “neu- 
tral” side, at a rate of 60 times each second (in many for- 
eign countries, including Europe, 50 times per second). 
This is known as alternating current, or AC, which is more 
like the pulsing flow you get when you use a power 
washer to wash a car. 


Alternating current is essential for some purposes, such 
as cranking up voltage so that electricity can be dis- 
tributed over long distances. AC is also useful in motors 
and domestic appliances. The parts of a power outlet are 
shown in Figure 1-39. This style of outlet is found in 
North America, South America, Japan, and some other 
nations. European outlets look different, but the princi- 
ple remains the same. 


In the figure, socket A is the “hot” or “live” side of the 
outlet, supplying voltage that alternates between posi- 
tive and negative relative to socket B, which is the “neu- 
tral” side. If an appliance develops a fault such as an in- 
ternal loose wire, it should protect you by sinking the 
voltage through socket C, the ground. 
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Figure 1-39 The parts of a power outlet. 


In the United States, the outlet shown in the diagram is 
rated for 110 to 120 volts. Other configurations of outlet 
are used for higher voltages, but they still have live, neu- 
tral, and ground wires—with the exception of three- 
phase outlets, which are used primarily in industry. 


For most of this book I’m going to be talking about DC, 
for two reasons: first, most simple electronic circuits are 
powered with DC, and second, the way it behaves is 
much easier to understand. 


e | won't bother to mention repeatedly that l'm 
dealing with DC. Just assume that everything is 
DC unless otherwise noted. 


Background: Inventor of the Battery 


Alessandro Volta, shown in Figure 1-40, was born in Italy 
in 1745, long before science was broken up into special- 
ties. After studying chemistry (he discovered methane in 
1776) he became a professor of physics and developed 
an interest in the so-called galvanic response, whereby a 
frog’s leg will twitch in response to a jolt of static elec- 
tricity. 


Using a wine glass full of salt water, Volta demonstrated 
that the chemical reaction between two electrodes (one 
made of copper, the other of zinc) will generate a steady 
electric current. In 1800, he refined his apparatus by 
stacking plates of copper and zinc, separated by card- 
board soaked in salt and water. This “voltaic pile” was 
the first electric battery in Western civilization. 
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Figure 1-40 Alessandro Volta discovered that chemical 
reactions can create electricity. 


Background: Father of 
Electromagnetism 


Born in 1775 in France, André-Marie Ampère (shown in 
Figure 1-41) was a mathematical prodigy who became a 
science teacher, despite being largely self-educated in 
his father’s library. His best-known work was to derive a 
theory of electromagnetism in 1820, describing the way 
that an electric current generates a magnetic field. He al- 
so built the first instrument to measure the flow of elec- 
tricity (now known as a galvanometer), and discovered 
the element fluorine. 
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Figure 1-41 André-Marie Ampère found that an electric current 
running through a wire creates a magnetic field around it. He used 
this principle to make the first reliable measurements of what 
came to be known as amperage. 


Cleanup and Recycling 


You can dispose of the battery that you damaged when 
you shorted it. Putting batteries in the trash is not a 
great idea, because they contain heavy metals that 
should be kept out of the ecosystem. Your state or town 
may include batteries in a local recycling scheme. (Cali- 
fornia requires that almost all batteries be recycled.) 
Check your local regulations for details. 


The blown fuse is of no further use, and can be thrown 
away. 


The second battery, which was protected by the fuse, 
should still be OK. 


The battery carrier can be reused later. 


Experiment 3: Your First Circuit 


Now it's time to make electricity do something more 
useful. To achieve this, you'll be experimenting with 
components known as resistors, and a light-emitting di- 
ode, or LED. 


What You Will Need 


« 9-volt battery (1) 

e Resistors: 470 ohm (1), 1K (1), 2.2K (1) 

e Generic LED (1) 

e Test leads with alligator clips at each end (3) 


e Multimeter (1) 


Setup 


Its time to get acquainted with the most fundamental 
component we'll be using in electronic circuits: the 
humble resistor. As its name implies, it resists the flow of 
electricity. As you might expect, its value is measured in 
ohms. 


If you bought a bargain-basement assortment of resis- 
tors, they may be delivered to you in unmarked bags. No 
problem; we can determine their values easily enough. 
In fact, even if the packages are clearly labeled, | want 
you to check the resistors as we go along, because it's 
easy to get them mixed up. You have two alternatives: 


e Use your multimeter, after setting it to measure 
ohms. 


e Learn the color codes that are printed on most 
resistors. l'Il explain them immediately below. 


After you check the values of resistors, it’s a good idea to 
sort them into labeled compartments in little plastic 
parts boxes. Personally, | like the boxes sold at the Mi- 
chael's chain of crafts stores in the United States, but 
there are many alternatives. You can also use miniature 
plastic bags, which you can find by searching eBay for: 


plastic bags parts 


Fundamentals: Decoding Resistors 


Some resistors have a value clearly stated on them in mi- 
croscopic print that you can read with a magnifying 
glass, as shown in Figure 1-42. 
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Figure 1-42 Only a minority of resistors have their values printed 
on them. 


However, most resistors are color-coded with stripes. 
Figure 1-43 shows the coding scheme. 


E | 1, 5, and five zeros 
lm 5, 6, and one zero 
L I i 4, 7, and two zeros 
MJ ) 6, 5, 5, and two zeros 


Figure 1-43 The coding scheme that shows the value of a 
resistor. Some resistors have four stripes on the left instead of 
three, as explained in the text. 


Figure 1-44 shows you some examples. From top to bot- 
tom: 1,500,000 ohms (1.5M) at 10% tolerance, 560 ohms 
at 5%, 4,700 ohms (4.7K) at 10%, and 65,500 ohms 
(65.5K) at 5%. 
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A RS EL TE AT AE ISE, 


First Second 
digit digit 


Gap 
between 
bands 


Number of 
zeros following Tolerance 
the first two (silver = 10% 
digits gold = 5%) 


A 2 3° 4.5 6 7 8 38 


Figure 1-44 Four examples of color-coded resistors. 


The code can be summarized in words like this: 


Ignore the color of the body of the resistor. (The 
exception to this rule would be a white resistor 
that may be fireproof or fused, and must be re- 
placed with the same type. But you are unlikely 
to encounter one of these.) 


Look for a silver or gold stripe. If you find it, turn 
the resistor so that the stripe is on the right- 
hand side. Silver means that the value of the re- 
sistor is accurate within 10%, while gold means 
that the value is accurate within 5%. This is 
known as the tolerance of the resistor. 


If you don't find a silver or gold stripe, turn the 
resistor so that the colored stripes are clustered 
at the left end. Usually there are three of them. 
If there are four, l'Il deal with those in a mo- 
ment. 


The colors of the first two stripes, from left to 
right, tell you the first two digits in the value of 
the resistor. The color of the third stripe from 
the left tells you how many zeros follow the two 
numbers. The color values are shown in Fig- 
ure 1-43. 
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If you run across a resistor with four stripes instead of 
three, the first three stripes are digits and the fourth 
stripe is the number of zeros. The third numeric stripe al- 
lows a resistor to have an intermediate value. 


Confusing? Well, you can still use your meter to check 
the values. Just be aware that the meter reading may be 
Slightly different from the claimed value of the resistor. 
This can happen because your meter isn't absolutely ac- 
curate, or because the resistor is not absolutely accurate, 
or both. Small variations don't matter in the projects in 
this book. 


Lighting an LED 

Now take a look at one of your generic LEDs. Old-fash- 
ioned lightbulbs used to waste power by converting a 
lot of the power into heat. LEDs are much smarter: they 
convert almost all their power into light, and they last al- 
most indefinitely—provided you treat them right! 


An LED is quite fussy about the amount of power it gets, 
and the way it gets it. Always follow these rules: 


e The longer wire sticking out of the LED must re- 
ceive a more positive voltage relative to the 
shorter wire. 


e The positive voltage difference that you apply 
between the long wire and the short wire must 
not exceed the limit stated by the manufactur- 
er. This is known as the forward voltage. 


The current passing into the LED through the 
long wire and out through the short wire must 
not exceed the limit stated by the manufactur- 
er. This is known as the forward current. 


What happens if you break these rules? You'll see for 
yourself in Experiment 4. 


Make sure you have a fresh 9-volt battery. You could use 
a connector with the battery, as shown in Figure 1-8, but 
| think it’s easier just to clip a couple of test leads directly 
to the battery terminals, as in Figure 1-45. 


Select a 2.2K resistor. Remember, 2.2K means 2,200 
ohms. Why is it 2,200 and not a nice round amount such 
as 2,000? I'll explain that shortly. See “Background: Puz- 
zling Numbers” on page 21 if you want to know right 
now. 


The colored stripes on your 2.2K resistor should be red- 
red-red, meaning 2 followed by another 2 and two more 
zeros. You will also need a 1K resistor (brown-black-red) 
and a 470-ohm resistor (yellow-violet-brown), so have 
them ready. 


Wire the 2.2K resistor into the circuit shown in Fig- 
ure 1-45. Make sure you get the battery the right way 
around, with its positive terminal on the right. 


« The “plus” symbol always means “positive.” 
e The “minus” symbol always means “negative.” 
Be sure that the long lead of the LED is on the right, and 


be careful that none of the alligator clips touches each 
other. You should see the LED glow dimly. 


Figure 1-45 Your first circuit, to light an LED. 


Now swap out your 2.2K resistor and substitute the 1K 
resistor. The LED should glow more brightly. 


Swap out the 1K resistor and substitute a 470-ohm resis- 
tor, and the LED should be brighter still. 


This may seem obvious, but it makes an important point. 
The resistor blocks a percentage of the current in the 
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circuit. A higher-value resistor blocks more current, leav- 
ing less for the LED. 


Checking a Resistor 


| mentioned that you can use your meter to check the 
value of a resistor. This is really very easy. The procedure 
is shown in Figure 1-46. First, don't forget to set your me- 
ter to ohms. Disconnect the resistor from any other com- 
ponents, and apply the probes of your meter. If you have 
a manual-ranging meter, you must set the meter to a 
higher value than you expect to find. Otherwise, you'll 
get an error message. 


Figure 1-46 Testing the value of a resistor. 


One thing to bear in mind is that you will get a more ac- 
curate reading if you press the probes firmly against the 
leads of the resistor. Don't hold the resistors and probes 
between your fingers—you don't want to measure the 
resistance of your body along with the resistance of the 
resistor. Place the resistor on an insulating surface, such 
as a nonmetallic desktop. Hold the probes by their plas- 
tic handles, and press down hard with the metal tips. 


Alternatively, you can use a couple of test leads. Clip one 
end of each lead to each end of the resistor, and clip the 
other ends of the leads to the meter probes. Now you 
can do hands-free resistor testing, which is much easier. 


Background: Puzzling Numbers 


After you check a few resistors (or shop for them online) 
you'll notice that the same pairs of digits keep recurring. 
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In thousands of ohms, we often find 1.0K, 1.5K, 2.2K, 
3.3K, 4.7K, and 6.8K. In tens of thousands, we find 10K, 
15K, 22K, 33K, 47K, and 68K. 


The pairs of digits are known as multipliers, because you 
can multiply them by 1, or 1,000, or 10,000, or 100, or 10 
to get basic resistor values in ohms. 


There is a logical reason for this. Long ago, many resis- 
tors had an accuracy of plus-or-minus 20%, and there- 
fore a 1.0K resistor could have an actual resistance as 
high as 1 + 20% = 1.2K while a 1.5K resistor could have a 
resistance as low as 1.5 — 20% = 1.2K. Therefore, it was 
pointless to have any values between 1K and 1.5K. Simi- 
larly, a 68 ohm resistor could have a value as high as 68 + 
20% = just over 80 ohms, while a 100 ohm resistor could 
have a value as low as 100 - 20% = 80 ohms; so, it was 
unnecessary to have a value between 68 and 100. 


In the top row of the table in Figure 1-47, the white 
numbers were the original multipliers for resistors. These 
numbers are still the most widely used today, even 
though modern resistor values are plus-or-minus 10% or 
better. 


If you include the numbers in black type with the num- 
bers in white type, you get all the possible multipliers for 
10% resistors. If you then include the values in blue type, 
you have all the possible multipliers for 5% resistors. 


Pao las | 22 | ss | ar | os 
1.1 1.6 2.4 3.6 5,1 7.5 


1.2 1.8 2T 3.9 5.6 8.2 
1.3 2.0 3.0 43 6.2 9.1 


Figure 1-47 Traditional multipliers for resistor and capacitor 
values. See text for details. 


| have only used the original six multipliers for the 
projects in this book, to minimize the range of resistors 
that you will require. If accuracy is important (in Experi- 
ment 19, for example, where a circuit measures the 
speed of your reflexes) you can use a potentiometer to 
fine-tune the output—as | will show you in the very next 
experiment. 


Cleanup and Recycling 


You'll use the battery and the LED in the next experi- 
ment. The resistors can be reused in the future. 
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Experiment 4: Variable Resistance 


You can vary the resistance in a circuit by inserting a po- 
tentiometer, which will control the current. The potenti- 
ometer in this experiment will enable you to learn more 
about voltage, amperage, and the relationship between 
them. You'll also learn how to read a manufacturer's da- 
tasheet. 


What You Will Need 


« 9-volt battery (1) 

e Resistors: 470 ohms (1) and 1K (1) 

e Generic LEDs (2) 

e Test leads with alligator clips at each end (4) 
e Potentiometer, 1K linear (2) 


e Multimeter (1) 


Look Inside Your Potentiometer 


The first thing | want you to do is see for yourself how a 
potentiometer works, and the best way to accomplish 
this is to open it. This is why | asked you to acquire two 
potentiometers for this experiment—in case you can't 
put the first one back together again. 


Some readers of the first edition of this book com- 
plained that it’s wasteful to risk destroying a potentiom- 
eter by prying it open. But almost any learning experi- 
ence consumes some resources, from pens and paper to 
whiteboard markers. If you really don't want to risk the 
future of your potentiometer, you can leave it un- 
touched while you study the photographs that follow. 


Most potentiometers are held together with little metal 
tabs. You need to bend the tabs upward. One way to do 
this is to slide in a knife and use it as a lever. Another way 
is to use a screwdriver—or maybe some pliers. | haven't 
specified any tools for this experiment, because | am 
hoping you already have a knife, or a screwdriver, or pli- 
ers in your home. 


Figure 1-48 shows the tabs circled in red. (A fourth one is 
hidden behind the shaft of the component.) Figure 1-49 
shows the tabs bent upward and outward. 


Figure 1-49 The tabs have been bent upward and outward. 


After you have pried up the tabs, very carefully pull up 
on the shaft while holding the body of the potentiome- 
ter in your other hand. It should come apart as shown in 
Figure 1-50. 
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Figure 1-50 The wiper of the potentiometer is circled. 


Inside the shell you will find a circular track. Depending 
on whether you have a really cheap potentiometer or a 
slightly more high-class version, the track will be made 
of conductive plastic or will have thin wire wrapped 
around it, as shown in the photograph. Either way, the 
principle is the same. The wire or the plastic possesses 
some resistance (a total of 1,000 ohms in a 1K potenti- 
ometer), and as you turn the shaft, a wiper rubs against 
the resistance, giving you a shortcut to any point from 
the center terminal. The wiper is circled red in Fig- 
ure 1-50. 


You can probably put it back together, but if necessary, 
use your backup potentiometer. 


Testing the Potentiometer 


Set your meter to measure resistance (at least 1K, on a 
manual-ranging meter) and touch the probes to the two 
adjacent terminals shown in Figure 1-51. You should find 
that when you turn the shaft of the potentiometer clock- 
wise (seen from above), the resistance diminishes to al- 
most zero. When you turn the shaft counterclockwise, 
the resistance increases to about 1K. Now keep the black 
probe where it is, and touch the red probe on the oppo- 
site terminal. The behavior of the potentiometer will be 
reversed. 


Do you think, maybe, the middle terminal connects with 
the wiper inside the potentiometer? Do you think the 
other two terminals connect with the ends of the track? 
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Figure 1-51 Procedure for testing the behavior of a 
potentiometer. 


If you move the red probe to where the black probe is, 
and move the black probe to where the red probe was, 
the resistance between them will not change. It’s the 
same in both directions. Unlike an LED, which has to be 
connected the right way around, a potentiometer has no 
polarity. 


Caution: Don’t Add Power 


Don't apply power to a circuit while trying to measure 
resistance. Your meter uses a small amount of voltage 
from its internal battery when you are measuring resist- 
ance. You don't want that voltage to fight with voltage 
that you are applying from a battery. 


Caution: Destructive Experiment Ahead 
| have performed the next procedure many times un- 
eventfully, but one reader reports that his LED fractured. 
You may wish to use safety glasses, if you want to be 
cautious. Regular eyeglasses will be acceptable. 


Dimming Your LED 


Now you can use the potentiometer to control the 
brightness of your LED. Connect everything exactly as 
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Until the advent of the solid state age, amateur use of storage 
batteries was usually limited to trying to re-charge the family car 
battery, or a once a year cumbersome field day exercise. Inexpen- 
sive surplus storage batteries have made really portable operation 
not only within the means of the average ham, but a real pleasure. 

Two types of storage batteries are generally encountered on 
the surplus market: Lead acid, similar to your car battery, and 
alkaline storage batteries. The most common alkaline batteries are 
the nickel-cadmium and the nickel-iron (Edison) cells. 

When buying a surplus battery carefully inspect the case for 
cracks. Check the terminal posts for looseness or signs of internal 
damage. Remember, there may be a good reason for Uncle Sam to 
sell the battery! Buy the most recent battery possible (if they are 
dated). The negative plates of dry charged lead-acid batteries tend 
to oxidize rapidly on exposure to moist air, so look for the ones that 
still have the seals over the filler plugs. 

To get the best performance and life out of storage batteries 
requires careful maintenance and charging techniques. Dirt, corro- 
sion and mechanical damage all shorten the life of a battery. 

Terminal corrosion is best removed with a stiff fiber brush. 
After the corrosion is removed, wash the battery with water 
containing a mild detergent, and rinse with plain water. After 
replacing the connectors, coat the connectors and terminals with a 
light coat of cup grease or petroleum jelly to prevent further 
corrosion. 

Connectors should be the proper size to provide maximum 
contact area with the battery terminals. Remember, lead has about 
12 times the resistivity of copper! Always loosen and spread the 
connector for easy fitting. Never drive connectors on with a ham- 
mer or mallet as this may cause internal battery damage if it doesn't 
crack the case. 

It is necessary to use completely separate sets of hydro- 
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shown in Figure 1-52. Make sure the two alligator clips 
are on the terminals shown. You are now using a vari- 
able resistance (the potentiometer) where the fixed re- 
sistor was in Experiment 3 (see Figure 1-45). 


Begin with the shaft turned all the way counterclockwise 
(seen from above), otherwise you'll burn out the LED be- 
fore we even get started. Now turn the shaft clockwise, 
very slowly, as shown by the blue arrow. You'll notice the 
LED glowing brighter, and brighter, and brighter—until, 
oops, it just went dark! You see how easy it is to destroy 
modern electronics? When | titled this procedure “Dim- 
ming your LED,’ you probably didn't realize | was talking 
about dimming it permanently. 


Set aside that LED. I’m sorry to say, it will never glow 
again. 


Og, Brighter 
D 


| 
| 


Figure 1-52 Adjusting the brightness of an LED with a 
potentiometer. 


Substitute a new LED, and this time, let's protect it. Add 
a 470-ohm resistor, as shown in Figure 1-53. Electricity 
now passes through the 470-ohm resistor as well as the 
potentiometer, so that the LED will be protected even if 
the potentiometer's resistance diminishes to zero. You 


can turn the shaft of the potentiometer without worry- 
ing about destroying anything. 


e, Brighter 


Figure 1-53 Protecting the LED. 


The lesson that | hope you have learned is that an LED is 
too sensitive to be connected directly with a 9-volt bat- 
tery. It must always be protected by some extra resist- 
ance in the circuit. 


Could you power an LED directly from a single 1.5-volt 
battery? Try it. You may get a dim glow, but 1.5 volts is 
below the threshold for the LED. Let's find out how much 
voltage an LED needs. 


Measuring Potential Difference 


While the battery is connected in the circuit, set the dial 
of your meter to measure volts DC. You can leave the red 
lead plugged into the meter where it was before, be- 
cause the socket for measuring volts is the same as the 
socket for measuring ohms. 


If your meter uses manual ranging, set the voltage high- 
er then 9 volts. Remember, the numbers beside the dial 
on the meter are the maximum in each range. 
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Now touch the probes to the terminals of the potenti- 
ometer that you are using, as shown in Figure 1-54. Try 
to hold the probes in place while you turn the potenti- 
ometer up a little, and down a little. You should see the 
voltage changing accordingly. We call this the potential 
difference between the two probes. 


e “Potential difference” means the same as volt- 
age between two points. 


Figure 1-54 Measuring the potential difference across an LED. 


If you measure the potential across the LED, this will also 
change when you adjust the potentiometer, although 
not as much as you might expect. An LED self-adjusts to 
some extent, modifying its resistance as the voltage and 
current fluctuate. 
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What if you swap the positions of the red and black 
probes? A minus sign should appear in the meter's dis- 
play. You won't damage the meter this way, but it’s less 
confusing if you always measure voltage with the red 
probe more positive than the black probe. 


Lastly, touch the probes across the fixed-value resistor, 
and once again the potential difference will change 
when you adjust the potentiometer. Voltage from the 
battery is shared by all the components in this simple 
circuit. When the potentiometer reduces its share, a larg- 
er voltage difference is available for the fixed-value resis- 
tor and the LED. In addition, when the potentiometer 
has a lower resistance, the total resistance in the circuit 
is lower, allowing more current to flow. 


A few things to keep in mind: 


« If you add up the potential differences across all 
the devices in the circuit, the total will be the 
same as the voltage supplied by the battery. 


e You measure voltage relatively between two 
points in a circuit. This is what their potential 
difference means. 


e When measuring voltage, apply your meter like 
a stethoscope, without disturbing or breaking 
the connections in the circuit. 


Checking the Flow 


Now | want you to make a different measurement. | want 
you to check the amperage in the circuit, using your me- 
ter set to mA (milliamps). When measuring current, you 
must observe these rules: 


You can only measure current (amperage) when 
it passes through the meter. 


e You have to insert your meter into the circuit. 


« Too much current will blow the fuse inside your 
meter. 


e You will have to use a socket on the meter label- 
led mA. This may be the same as the socket that 
you have used so far, or it may be different. 


Make sure you turn the dial on your meter to measure 
mA, not volts, before you try this. 
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Caution: Meter Overload 


Be careful when measuring current. For instance, if you 
put the probes of your meter directly against the termi- 
nals of a battery, and the meter is set to measure mA, 
you will create an instant overload, and the meter will 
blow its internal fuse. A cheap meter will not have any 
fuses supplied with it, so you'll have to open the case, 
check the value of the fuse, and search around online 
until you find an exact replacement. This is really annoy- 
ing (| have been through it myself, more than once). A 
really cheap meter may not even have an easily replaca- 
ble fuse. 


« Always measure current when there are compo- 
nents in the circuit to restrict the flow. 


e As a precaution, if your meter has a separate 
socket for measuring current, plug the red lead 
into that socket only while you are actually per- 
forming that task. Move the red lead back to 
the volts/ohms socket afterward. 


Checking the Current 


Insert the meter between the LED and the potentiome- 
ter, as shown in Figure 1-55. As you adjust the potenti- 
ometer up and down a little, you should find that the 
varying resistance in the circuit changes the flow of cur- 
rent—the amperage. The LED burned out in the previ- 
ous experiment because too much current made it hot, 
and the heat melted it inside, just like a fuse. A higher re- 
sistance limits the amperage. 


Now here’s an interesting test. Turn the potentiometer 
all the way counterclockwise. Make a note of the current 
that you measure. 


Figure 1-55 Current passes through the meter on its way around 
the circuit. 


Without readjusting the potentiometer, move the meter 
and insert it between the battery and the LED, as shown 
in Figure 1-56. What's the value of the current now? It 
should be exactly the same as before—or very nearly 
the same, allowing for tiny changes in resistance that re- 
sulted from shifting the alligator clips. 


e The current is the same at all points in a simple 
circuit. lt has to be, because the flow of elec- 
trons has no place else to go. 
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Figure 1-56 The current flowing through a simple circuit is 
always the same throughout the circuit, regardless of where you 
measure it. 


Making Measurements 


It's time now to nail this down with some numbers. This 
will enable you to establish the most fundamental rule 
in all of electronics. 


Remove the LED from the circuit, and put the meter di- 
rectly between the battery and the potentiometer. Re- 
move the 470-ohm resistor, and substitute a 1K resistor 
(with colors brown-black-red), as shown in Figure 1-57. 
Now the only resistance in the circuit is provided by the 
1K potentiometer plus the 1K resistor. (Your meter also 
has some resistance, but it's so low, we can ignore it. The 
wires and alligator clips also have some tiny amount of 
resistance, but this is even lower than the resistance of 
the meter.) 
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Milliamps | 


Figure 1-57 In this final LED test, you get rid of the LED. 


Turn the potentiometer all the way clockwise, so that it 
provides almost-zero resistance. You now have only 
1,000 ohms in the circuit, from the resistor. How much 
current does your meter show flowing? 


Turn the potentiometer halfway, so it creates about 500 
ohms resistance. The total resistance in the circuit is now 
1,500 ohms, approximately. How much current does 
your meter show, now? 


Turn the potentiometer all the way counterclockwise, so 
its full value is in the circuit, plus the resistor, making 
2,000 ohms total. What’s the amperage now? 


When | tried this, | got the values shown below. Yours 
should be about the same. 


9mA with 1K total resistance 
6mA with 1.5K total resistance 
4.5mA with 2K total resistance 


Do you notice something interesting? On each line, if 
you multiply the number on the left by the number on 
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the right, the result is always 9. And 9 volts just happens 
to be the voltage of the battery. 


We only have three measurements, but if you ran a more 
detailed test using a series of resistors with fixed values, 
I'll bet that the result would be the same. | can summa- 
rize it like this: 


battery voltage = milliamps x kilohms 


But wait a minute: 1K is 1,000 ohms, and 1mA is 1/1,000 
of an amp. Therefore, using the fundamental units of 
volts, amps, and ohms, our formula should really look 
like this: 


voltage = (amps / 1,000) x (ohms x 1,000) 


(Um using the / symbol, which is often referred to as the 
“slash” symbol, to mean “divide by”) 


The two factors of 1,000 cancel each other out, so we get 
this: 


volts = amps x ohms 


This is known as Ohm' Law. It is absolutely fundamental. 


Fundamentals: Ohm's Law 
The general way to express Ohm's Law is: 


voltage = current x resistance 
which is usually abbreviated like this: 
V=IxR 


Letter | represents the flow of current, because originally 
current was measured by its inductance, meaning the 
ability to induce magnetic effects. Perhaps it would be 
more helpful if some other letter, such as C, was used to 
represent current, but it's too late to persuade everyone 
to do that. You just have to remember that | means cur- 
rent. 


By shifting the terms around, you get these versions of 
the formula: 


I 


V/R 
R=V/I 


To apply the formula, you have to make sure that the 
units are consistent. If V is measured in volts, and | is 
measured in amps, then R must be measured in ohms. 


What if you have measured a current in milliamps? You 
must express it in amps. For instance, a current of 30mA 


must be written as 0.03 in the formula, because 0.03A = 
30mA. If you get confused, use a calculator to divide mil- 
liamps by 1,000 to get a value in amps. Likewise, divide 
millivolts by 1,000 to get a value in volts. 


To minimize the risk of errors, you can memorize Ohm's 
Law using the actual units, like this: 


volts = amps x ohms 


amps = volts / ohms 


ohms = volts / amps 


But remember: 


e Volts are measured as a difference in voltage be- 
tween two points in a simple circuit. Ohms are 
the resistance between the same two points. 
Amps are the current flowing through the cir- 
cuit. 


Fundamentals: Series and Parallel 


In your test circuit, the resistor and the potentiometer 
have been connected in series, meaning that the elec- 
tricity had to go through one before it went through the 
other. The alternative would have been to put them side 
by side, in parallel. 


e Resistors in series are positioned so that one fol- 
lows the other. 


e Resistors in parallel are positioned side by side. 


When you put two equal-valued resistors in series, you 
double the total resistance, because electricity has to 
pass through two barriers in succession. This is shown in 
Figure 1-58. 


When you put two equal-valued resistors in parallel, you 
cut the total resistance in half, because you're giving the 
electricity two paths of equal resistance instead of one. 
This is shown in Figure 1-59, 
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Potential 
across this 
4.5VDC resistor 


Potential 
across this 
resistor 


Total resistance 2,000 ohms. 
Potential difference 9V. 
Current = 9/2,000 = 4.5mA 


Resistance 500 ohms. 
Potential difference 9 volts. 
Current = 9/500 = 18mA 


Figure 1-59 Two resistors of the same value in parallel. 


In both figures, the current in milliamps has been calcu- 
lated using Ohm's Law. 


In reality we don't normally need to put resistors in par- 
allel, but we often put other types of components in par- 
allel. All the lightbulbs in your house, for instance, are 
wired in parallel across the main supply. So, it’s useful to 
understand that resistance in a circuit goes down if you 
keep adding components in parallel. At the same time, 
as you add more pathways for electricity to follow, the 
total current through the circuit goes up. 


Using Ohm’s Law 


Ohm' Law is extremely useful. For example, it can tell 
you precisely what resistance to put in series with an 
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LED, to protect it adequately while generating as much 
light as possible. 


The first step is to discover the specification for the LED 
established by its manufacturer. This information is easi- 
ly available in a datasheet that you can locate online. 
Suppose you have an LED made by Vishay Semiconduc- 
tors. You know that its part number is TLHR5400, be- 
cause the number was printed on a label when you re- 
ceived a bag of LEDs in the mail, and you snipped out 
the label and stored it with the LEDs. (At least, that's 
what you should have done.) 


All you have to do is Google the part number and the 
manufacturer’s name: 


vishay tlhr5400 


The very first hit is the datasheet maintained by Vishay. 
Scroll down, and you see the information that you need. 
I’ve included the left side and right side of a screen cap- 
ture in Figure 1-60. | outlined the part number of the 
component in red on the left, and | outlined two types of 
forward voltage on the right. “Typ” means typical and 
“Max,” as l'm sure you guessed, is maximum. So, the LED 
typically should run with a 2V potential difference. But 
what does “at Ip (mA)” mean? Well, remember that the 
letter | is used to represent the current passing through 
a circuit. The letter F means “Forward.” So the forward 
voltage in the table is measured at a forward current of 
20mA, which is the recommended value for this LED. 


PRODUCT GROUP AND PACKAGE DA” 
* Product group: LED 

* Package: 5 mm 

* Product series: standard 

* Angle of half intensity: + 30° 


PARTS TABLE 


i FORWAR = VOLTAGE 
hak 


en a ea e 


Tl HOSANA 4291 


Figure 1-60 Screen capture from an LED datasheet. 


How about if you have a Kingbright WP7113SGC? This 
time, the second hit from a Google search takes you to 
the appropriate datasheet, where the second page 
specifies a typical forward voltage of 2.2V, maximum 
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2.5V, and a maximum forward current of 25mA. The lay- 
out of the Kingbright datasheet is different from that of 
the Vishay datasheet, but the information is still easy to 
find. 

Let's go with the Vishay LED. Now that you know that it 
works well with 2V and 20mA, Ohm' Law can tell you 
the rest. 


How Big a Resistor? 
In the simple circuit shown in Figure 1-61, you want to 
know the correct value for the resistor. Begin by recalling 
the rule | mentioned before: 
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Figure 1-61 This basic circuit enables you to calculate the value 
of the resistor. 


« If you add up the potential differences across all 
the devices in the circuit, the total will be the 
same as the voltage supplied by the battery. 


The battery is 9V, of which we want the LED to take 2V. 
Therefore, the resistor must drop the voltage by 7V. 
What about the current? Remember another rule that | 
mentioned previously: 


e The current in a simple circuit is the same at all 
locations in the circuit. 


Therefore, the current through the resistor will be the 
Same as the current through the LED. Your target is 
20mA, but Ohm's Law requires you to make all the units 
match. If you are dealing with volts and ohms, you have 
to express the current in amps. Well, 20mA is 20 / 1,000 
amps, which is 0.02 amps. 


Now you can write down what you know, which is al- 
ways the first step: 


V=7 
0.02 


Which version of the Ohm's Law formula should you 
use? The one where the value that you don't know, and 
want to know, is on the left. That would be this one: 


I = 


R=V/I 


Now plug the values for V and | into the formula, like 
this: 


R=7 / 0.02 


There's a trick that I will tell you for doing calculations in- 
volving decimal points, but to save time, use your calcu- 
lator to show you the answer: 


7 / 0.02 = 350 ohms 


That is not a standard value for resistors, but 330 ohms 
is. Alternatively, just in case you use a more sensitive 
LED, you could move up to the next higher standard re- 
sistance value, which is 470 ohms. You may remember, | 
used a 470-ohm resistor in Experiment 3. Now you know 
why: | did the math. 


Some people make the mistake of thinking that when 
they divide volts by amps to find the correct value for a 
series resistor, they should use the supply voltage (9V in 
this case). This is not correct, because the supply voltage 
is being applied to the resistor and the LED. To find the 
value for the resistor, you have to consider just the po- 
tential difference across it alone, which is 7V. 


What happens if you use a different power supply? Later 
in the book, you'll be using a 5V supply in several experi- 
ments. How will this change the appropriate value of the 
resistor? 
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The LED still has to take 2V. The power supply is 5V, so 
the resistor has to drop 3V. The current should still be 
the same, and the calculation now looks like this: 


R=3 / 0.02 


Therefore the resistance value is 150 ohms. But you 
don't need the LED to deliver its maximum light output, 
and you might happen to use an LED that has a lower 
limit than 20mA. Also, if a battery is powering the circuit, 
you might want to reduce the power consumption to 
make the battery last longer. Bearing this in mind, you 
could use the next higher standard value for the resistor, 
which would be 220 ohms. 


Background: Hot Wires 


| mentioned that wires have a very low resistance. Is it so 
low that you can always ignore it? Actually, no. If a large 
current is flowing through a wire, the wire will get hot, 
as you saw yourself when the 1.5-volt battery was shor- 
ted out in Experiment 2. And if the wire gets hot, you 
can be sure that some voltage is being blocked by the 
wire, leaving less voltage available for any device attach- 
ed to the wire. 


Once again, you can use Ohm's Law to establish some 
numbers. 


Suppose that a very long piece of wire has a resistance 
of 0.2 ohms. You want to run 15 amps through it, to run 
a device that consumes a lot of power. 


You begin by writing down what you know: 


R 


0.2 (resistance of the wire) 
I = 15 (amperage through the circuit) 


You want to know V, the voltage drop between one end 
of the wire and the other. So you should use the version 
of Ohm's Law that places V on the left side: 


V=IxR 
Now plug in the values: 
V = 15 x 0.2 = 3 volts 


Three volts is not a big deal if you have a high-voltage 
power supply, but if you are using a 12-volt car battery, 
this length of wire will take one-quarter of the available 
voltage. 
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Now you know why the wiring in automobiles is rela- 
tively thick—to waste as little of the 12V power as possi- 
ble. 


Fundamentals: Decimals 


Legendary British politician Sir Winston Churchill is fa- 
mous for complaining about “those damned dots” He 
was referring to decimal points. Because Churchill was 
Chancellor of the Exchequer at the time, supervising all 
government expenditures, his difficulty with decimals 
was a bit of a problem. Still, he muddled through in 
time-honored British fashion, and so can you. 


Suppose you have decimals in a division sum. You can 
make it easier by moving the decimal points in the top 
half and the bottom half of the division by the same 
number of places. So, when you wanted to know the an- 
swer to 7 / 0.02 to find the series resistor for the LED, you 
could move the decimals two spaces to the right: 


7 / 0.02 = 700 / 2 


This is much easier. Notice that if you move a decimal 
point to the right beyond a digit, you add a zero for each 
extra place. So, when you move the decimal in 7.0 two 
places to the right, you get 700. 


What if you have decimals in a multiplication sum? For 
example, you need to multiply 0.03 by 0.002. Because 
you are now multiplying instead of dividing, you have to 
move the decimal points in opposite directions. Like 
this: 


0.03 x 0.002 = 3 x 0.00002 


So the answer is 0.00006. Again, if you find this too con- 
fusing, you can use a calculator. But sometimes it’s 
quicker to use a pen and paper—or even do it in your 
head. 


Theory: The Math on Your Tongue 


I'm going back to the question | asked in the previous 
experiment: why didn’t your tongue get hot? 


Now that you know Ohms Law, you can figure out the 
answer in numbers. Let’s suppose the battery delivered 
its rated 9 volts, and your tongue had a resistance of 
50K, which is 50,000 ohms. As always, begin by writing 
down what you know: 


V=9 


R = 50,000 
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You want to know the current, |, so you use the version 
of Ohm's Law that puts this on the left: 


I=V/R 
Plug in the numbers: 
I = 9 / 50,000 = 0.00018 amps 


Move the decimal point three places to convert from 
amps to milliamps: 


I = 0.18 mA 


That’s a very small current. It will not produce much 
heat. 


What about when you shorted out the battery? How 
much current made the wires get hot? Well, suppose the 
wires had a resistance of 0.1 ohms (probably it’s less, but 
l'Il start with 0.1 as a guess). Write down what you know: 


V= 1.5 

R=0.1 

Once again l'm trying to find I, the current, so | use: 
I=V/R 

Plug in the numbers: 

I=1.5 / 0.1 = 15 amps 


That's almost 100,000 times the current that may have 
passed through your tongue. It generated substantial 
heat in a thin wire. 


A room heater or a large power tool, such as a table saw, 
might draw 15 amps. Maybe you're wondering if that lit- 
tle AA battery really could deliver as much current as 
that. The answer is... I'm not sure. | couldn't measure 
the current with my meter, because 15A would blow the 
meter's fuse, even if | plug the probe into the high-cur- 
rent socket labeled 10A. But | did try the experiment 
with a 10-amp fuse instead of a 3-amp fuse, and the 10- 
amp fuse survived. 


Now, why was that? Ohm's Law says that the current 
should be 15A, but for some reason it was less. Maybe 
the resistance of the wire on the battery carrier was ac- 
tually higher than 0.1 ohms? No, | think it was probably 
lower. So—what was restricting the current to a lower 
value than Ohm's Law predicted? 


The answer is that everything in the everyday world has 
some electrical resistance, even including a battery. Al- 


ways remember that a battery is an active part of a cir- 
cuit. 


Do you remember that when you shorted out the bat- 
tery, it became hot, as well as the wires? Definitely, the 
battery has some internal resistance. You can ignore it 
when you are dealing with small currents in milliamps, 
but for large currents, the battery is actively involved. 


This is why | cautioned against using a larger battery (es- 
pecially a car battery). Larger batteries have a much low- 
er internal resistance, allowing much higher currents, 
which can generate explosive amounts of heat. A car 
battery is designed to deliver literally hundreds of amps 
when it turns a starter motor. That’s quite enough cur- 
rent to melt wires and cause nasty burns. In fact, you can 
weld metal using a car battery. 


Lithium batteries also have low internal resistance, mak- 
ing them very dangerous when they're shorted out. 
Here's the take-home message: 


e High current is not dangerous in the same way 
as high voltage. But it is still dangerous. 


Background: The Watt 


So far | haven't mentioned a unit that everyone is famili- 
ar with: watts. 


A watt is a unit of power, and when power is applied 
throughout a period of time, it performs work. An engi- 
neer might say that work is done when a person, an ani- 
mal, or a machine pushes something to overcome me- 
chanical resistance. Examples would be a car cruising 
along a level stretch of road (overcoming friction and air 
resistance) or a person walking upstairs (overcoming the 
force of gravity). 


When one watt of power is applied for one second, the 
work done is one joule, usually represented by letter J. If 
P is used to represent power: 


J=Pxs 
Or if the formula is turned around: 
P=J/s 


When electrons push their way through a circuit, they 
are overcoming a kind of resistance, and so they are do- 
ing work. 


The electrical definition of a watt is easy: 
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watts = volts x amps 


Or, using the units customarily assigned, with W mean- 
ing watts, these three formulas all mean the same thing: 


W = Vx I (watts = volts x amps) 


V=W/I 


I 


W/V 


The terms milliwatts (mW), kilowatts (kW), and mega- 
watts (MW) are commonly used in different situations— 
megawatts being usually reserved for heavy-duty equip- 
ment such as generators in power stations. Be careful 
not to confuse the lowercase m in the abbreviation for 
milliwatts with the uppercase M in the abbreviation for 
megawatts. A conversion table for milliwatts, watts, and 
kilowatts is shown in Figure 1-62. 


1mWwW 0.001W 0.000001kW 
1OmW 0.01W 0.00001kKW 
100mW 0.1W 0.0001kKW 
1,000mW 1W 0.001kW 
10,000mW 10W 0.01kW 
100,000mW 100W 0.1kW 
1,000,000mW 1,000W 1kW 


Figure 1-62 Conversion table for the most common multiples of 
watts. 


Old-style incandescent light bulbs are calibrated in 
watts. So are stereo systems. The watt is named after 
James Watt, inventor of the steam engine. Incidentally, 
watts can be converted to horsepower, and vice versa. 


Resistors are commonly rated as being capable of deal- 
ing with 1/4 watt, 1/2 watt, 1 watt, and up. For all of the 
projects in this book, you can use 1/4-watt resistors. 
How do | know this? 


Go back to the first LED circuit, using a 9V battery. Re- 
member you wanted the resistor to drop the voltage by 
7 volts, at a current of 20mA. How many watts of power 
would the resistor have to deal with? 


Write down what you know: 


V = 7 (potential difference at the resistor) 


I 


20mA = 0.02 amps 
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You want to know W, so use this version of the formula: 
W=VxI 

Plug in the numbers: 

W= 7 x 0.02 = 0.14 watts 

This is the power being dissipated by the resistor. 


Because 1/4 watt is 0.25 watts, a 1/4 watt resistor will 
have no trouble dealing with 0.14 watts. In fact you 
could almost use a 1/8 watt resistor, but in future experi- 
ments we may need resistors that can handle 1/4 watt, 
and there’s no penalty for using a resistor that is rated 
for more watts than necessary. They just cost slightly 
more and are slightly larger. 


Background: The Origins of Wattage 


James Watt, shown in Figure 1-63, is known as the inven- 
tor of the steam engine. Born in 1736 in Scotland, he set 
up a small workshop in the University of Glasgow, where 
he struggled to perfect an efficient design for using 
steam to move a piston in a cylinder. Financial problems 
and the primitive state of the art of metal working de- 
layed practical applications until 1776. 


Figure 1-63 James Watt's development of steam power enabled 
the industrial revolution. After his death, he was honored by 
having his name applied to the basic unit of power in electricity. 
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meters and syringes for lead-acid and alkaline batteries. The al- 
kaline cells are readily damaged by impurities, especially acid. The 
Army even insists that completely separate sets of tools be used. 

The electrolyte should be kept at the recommended level. If 
electrolyte is lost by spilling, replace it with electrolyte. If the loss 
is due to evaporation or electrolytic decomposition bring the level 
up with distilled water. Don't use tap water as it may contain 
mineral impurities harmful to the battery. 


Lead Acid Batteries 

These are by far the most common surplus batteries. The 
small 6 volt Sniper Scope units, and the cased 4 volt Marine Corps 
walkie-talkie units are most desirable. Most of these batteries 
come dry charged. Dry charged batteries are activated by addition 
of sulphuric acid electrolyte. This is usually available at local 
battery shops. The most common specific gravity is 1.280. The 
electrolyte should be at least 60 degrees F before filling. Fill 
slowly until the electrolyte fills about half the battery. Allow the 
battery to stand for 15 minutes. Tap it gently several times during 
this period to release the trapped gas. Continue to fill with electro- 
lyte to the operating level. The battery should then be placed on a 
constant voltage charge (2.5 V/cell) until it is fully charged. 

Battery life is largely determined by the charge-discharge 
cycle, charging at too high a rate will cause the battery to heat up 
rapidly and gas excessively. This can damage the separators and 
buckle the plates destroying the battery. A temperature corrected 
hydrometer is desirable for checking electrolyte specific gravity 
during operation and charging. An approximate state of charge can 
be found from the specific gravity. For most high discharge rate 
batteries, a specific gravity of 1.280 represents full charge, and 
1.110 completely discharged. 

For constant voltage charging, the voltage should not exceed 
2.75 volts per cell. For constant current charging the current 
should be approximately 10% of the rated battery capacity. See 
Fig. 8-14. 
Alkaline Batteries 

Nickel-cadmium and nickel-iron (Edison) are the two alkaline 
cells commonly found on the surplus market. They have the same 
positive plate material and use the same electrolyte (Potassium 
Hydroxide). 

Unfortunately, all of the Edison cells I have found in surplus 
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Despite difficulties in obtaining patents (which could 
only be granted by an Act of Parliament in those times), 
Watt and his business partner eventually made a lot of 
money from his innovations. Although he predated the 
pioneers in electricity, in 1889 (70 years after his death) 
his name was assigned to the basic unit of electric pow- 
er that can be defined by multiplying amperes by volts. 


Cleanup and Recycling 


The dead LED can be thrown away. Everything else is re- 
usable. 


Experiment 5: Let's Make a 
Battery 


Long ago, before the Web existed, kids were so horribly 
deprived, they tried to amuse themselves with kitchen- 
table experiments such as making a battery by pushing 
a nail and a penny into a lemon. Hard to believe, but 
true! 


Now that modern LEDs will emit light when just a few 
milliamps flow through them, the old lemon-battery ex- 
periment is more interesting. If you've never tried it, the 
time is right. 


What You Will Need 


e Lemons (2) or squeeze-bottle of pure lemon 
juice (1) 


Copper-plated coins, such as US pennies (4) 


One-inch (or larger) zinc-plated steel brackets 
from a hardware store (4) 


Test leads with alligator clips at each end (5) 


Multimeter (1) 


Low-current LED (1). (See “Light-Emitting Di- 
odes” on page 6 for a reminder of the difference 
between generic and low-current LEDs) 


Setup 


A battery is an electrochemical device, meaning that 
chemical reactions create electricity. Naturally, this only 
works if you have the right chemicals working for you, 
and the ones I’m going to use are copper, zinc, and lem- 
on juice. 


The juice should be no problem. Lemons are cheap, or 
you can buy one of those little yellow plastic squeeze- 
bottles of concentrated juice. Either will work. 


Pennies are not made of copper anymore, but they are 
still plated with a thin layer of copper, which is good 
enough. Just make sure that your pennies are new and 
bright. If the copper has oxidized, it will be a dull brown, 
and the experiment won't work as well. 


Zinc is a bit more of a problem. What you need is a metal 
part that is galvanized, meaning it is coated in zinc to 
prevent rust. Small galvanized steel brackets should be 
available at your local hardware store, and they don't 
cost much. Brackets that measure about one inch along 
each side will be fine. 


Lemon Test: Part One 


Cut a lemon in half, and push a penny into it. As close as 
possible to the penny (but not touching it), push in your 
galvanized bracket. Now set your multimeter so that it 
can measure up to 2V DC, and hold one probe against 
the penny while you hold the other probe against the 
bracket. You should find that your meter detects be- 
tween 0.8V and 1V. 


To power a typical LED, you need more voltage. How can 
you get it? By putting batteries in series. In other words, 
more lemons! You'll use test leads to link the batteries, as 
shown in Figure 1-64. Notice that each lead connects a 
bracket to a penny. Do not connect pennies to pennies 
or brackets to brackets. 


If you set things up carefully, keeping the pennies and 
brackets close to each other but making sure they don't 
actually touch each other, you should be able to illumi- 
nate your LED with three lemon-juice batteries in series. 


Another option is to use a little parts box divided into 
small sections, as shown in Figure 1-65. When every- 
thing is nicely aligned, squeeze in some concentrated 
lemon juice. Vinegar or grapefruit juice may also work. 
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Figure 1-64 A three-lemon battery should generate just enough 
voltage to drive a low-current LED. 
li | 
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Figure 1-65 Lemon juice, either from lemons or from a squeeze- 
bottle, will produce reliable results, even though the equipment 
doesn't look so nice. Here a box intended for parts has been 
repurposed as a four-cell juice battery. 


| decided to have four cells in my juice battery, because 
the LED pulls the voltage down somewhat, and the bat- 
tery is not capable of delivering enough current to dam- 
age the LED. The setup in the photograph worked im- 
mediately. 
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Theory: The Nature of Electricity 


To understand why the lemon battery works, you have 
to start with some basic information about atoms. Each 
atom consists of a nucleus at the center, containing par- 
ticles called protons, which have a positive charge. The 
nucleus is surrounded by electrons, which carry a nega- 
tive charge. 


Breaking up the nucleus of an atom requires a lot of en- 
ergy, and can also liberate a lot of energy—as happens 
in a nuclear explosion. But persuading a couple of elec- 
trons to leave an atom (or join an atom) can take very lit- 
tle energy. For instance, when zinc reacts chemically 
with an acid, this can liberate electrons. 


The reaction soon stops if the zinc-plated part isn't con- 
nected with anything, as electrons accumulate with no- 
where to go. They have a mutual force of repulsion, and 
you can imagine them like a crowd of hostile people, 
each one wanting the others to leave, and refusing to al- 
low new ones to join them, as shown in Figure 1-66. 


Figure 1-66 Electrons on an electrode have a bad attitude 
known as mutual repulsion. 


Now consider what happens when a wire connects the 
zinc electrode, which has a surplus of electrons, to an- 
other electrode, made from a different material (such as 
copper), which contains “holes” for the electrons to oc- 
cupy. The electrons can pass through the wire very easily 
by jumping from one atom to the next. As soon as we 
open up this pathway, mutual repulsion makes the elec- 
trons try to escape from each other to their new home 


Chapter 1: The Basics 35 


Experiment 5: Let's Make a Battery 


as quickly as possible. This is how an electric current is 
created. See Figure 1-67. 


Figure 1-67 Electrons escaping from a zinc electrode to a copper 
electrode. 


Now that the population of electrons on the zinc elec- 
trode has been reduced, the zinc-acid reaction can con- 
tinue, replacing the missing electrons with new ones— 
which promptly imitate their predecessors and try to get 
away from each other by running away down the wire. 
They move with such force, we can divert them through 
an LED, and they will liberate some of their energy by 
making it light up. 


The process continues until the zinc-acid reaction 
grinds to a halt, usually because it creates a layer of a 
compound such as zinc oxide, which won't react with 
acid and prevents the acid from reacting with the zinc 
underneath. (This is why your zinc electrode may have 
looked sooty when you pulled it out of the acidic elec- 
trolyte.) 


This description applies to a primary battery, meaning 
one that is ready to generate electricity as soon as a con- 
nection between its terminals allows electrons to trans- 
fer from one electrode to the other. The amount of cur- 


rent that a primary battery can generate is determined 
by the speed at which chemical reactions inside the bat- 
tery can liberate electrons. When the raw metal in the 
electrodes has all been used up in chemical reactions, 
the battery can’t generate any more electricity and is 
dead. It cannot easily be recharged, because the chemi- 
cal reactions are not easily reversible, and the electrodes 
may have oxidized. 


In a rechargeable battery, also known as a secondary bat- 
tery, a smarter choice of electrodes and electrolyte does 
allow the chemical reactions to be reversed. 


Background: Positive and Negative 


I’ve told you that electricity is a flow of electrons, which 
have a negative charge. In that case, why have | been 
talking as if electricity flows from the positive terminal to 
the negative terminal of a battery, in the experiments 
that you have performed so far? 


The story started with an embarrassment in the history 
of research into electricity. When Benjamin Franklin was 
trying to understand the nature of electric current by 
studying phenomena such as lightning during thunder- 
storms, he believed he observed a flow of “electrical flu- 
id” from positive to negative. He proposed this concept 
in 1747. 


In fact, Franklin had made an unfortunate error that re- 
mained uncorrected until physicist J. J. Thomson an- 
nounced his discovery of the electron in 1897. Electricity 
really is a flow of negatively charged particles, from an 
area of greater negative charge to some other location 
that is “less negative” or “more positive.” In a battery, 
electrons originate from the negative terminal and flow 
to the positive terminal. 


You might think that when this fact was established, ev- 
eryone should have discarded Ben Franklin's idea of a 
flow from positive to negative. But people had been 
thinking in those terms for 150 years. Also, when an 
electron moves through a wire, you can think of an 
equal positive charge flowing in the opposite direction. 
When the electron leaves home, it takes a small negative 
charge with it; therefore, its home becomes a bit more 
positive. When the electron arrives at its destination, its 
negative charge makes the destination a bit less posi- 
tive. This is pretty much what would happen if an imagi- 
nary positive particle traveled in the opposite direction. 
Moreover, all of the mathematics describing electrical 
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behavior are still valid if you apply them to the imagina- 
ry flow of positive charges. 


As a matter of tradition and convenience, Ben Franklin's 
erroneous concept of flow from positive to negative sur- 
vived, because in the end, it makes no difference. 


Figure 1-68 In some weather conditions, the flow of electrons 
during a lightning strike can be from the ground, through your 
feet, out of the top of your head, and up to the clouds. Benjamin 
Franklin would have been surprised. 


In the symbols that represent components such as di- 
odes and transistors, you will find arrows reminding you 
which way these components should be placed—and 
the arrows all point from positive to negative, even 
though that's not the way things work at all. 


When Ben Franklin studied lightning, he saw this as an 
electric charge moving from a positive domain (the 
clouds in the sky) to a negative reservoir (the planet 
Earth). Well, it’s true that the clouds are more positive, 
but this simply means that in reality, lightning is a trans- 
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fer of electrons from the ground up to the sky. That's 
right: someone who is “struck by lightning” may be hurt 
by emitting electrons rather than by receiving them, as 
shown in Figure 1-68. 


Theory: Basic Measurements 


lm going to backtrack, now, to the kinds of definitions 
you would normally find at the beginning of an elec- 
tronics text. 


Electrical potential is measured by adding up the charg- 
es on individual electrons. The basic unit is the coulomb, 
equal to the total charge on 6,241,509,629,152,650,000 
electrons. 


If you know how many electrons pass through a piece of 
wire each second, you can calculate the flow of electrici- 
ty, which can be expressed in amperes. In fact: 


1 ampere = 1 coulomb/second 
(about 6.24 quintillion electrons/second) 


Even if you could see inside a wire carrying electric cur- 
rent, electrons are smaller than the wavelength of visible 
light, so you would have no way to observe them, and 
there are far too many, moving much too fast. However, 
we have indirect ways of detecting them. For instance, 
the motion of an electron creates a wave of electromag- 
netic force. More electrons create more force, and this 
force can be measured. We can calculate the amperage 
from that. The electric meter installed at your home by 
the utility company functions on this principle. 


The force required to push electrons through a conduc- 
tor is voltage, and it creates a flow that can create heat, 
as you saw when you shorted out a battery. (If the wire 
that you used had zero resistance, the electricity running 
through it would not have created any heat.) We can use 
the heat directly, as in an electric stove, or we can use 
the electrical energy in other ways—to run a motor, for 
instance. Either way, we are taking energy from the elec- 
trons to do some work. 


One volt can be defined as the amount of pressure that 
you need to create a flow of 1 ampere, which does 1 
watt of work. As previously defined, 1 watt = 1 volt x 1 
ampere, but the definition actually originated the other 
way around: 


1 volt = 1 watt / 1 ampere 
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Its more meaningful this way, because a watt can be de- 
fined in nonelectrical terms. Just in case you're interes- 
ted, we can work backward through the units of the 
metric system like this: 


1 watt = 1 joule / second 
1 joule = 1 newton force acting through 1 meter 
1 newton accelerates ikg by 1m / sec each second 


On this basis, the electrical units can all be anchored 
with observations of mass, time, and the charge on elec- 
trons. 


Practically Speaking 


For practical purposes, | think an intuitive understanding 
of electricity can be more useful than the theory. | like to 
go back to the water analogies that have been used for 
decades in guides to electricity. 


In Figure 1-31 | showed how the rate at which water 
leaks from a hole in a tank can be compared to amper- 
age, while the height of the water in the tank creates 
pressure, comparable to voltage, and the size of the hole 
is equivalent to resistance. 


Where's the wattage in this picture? Suppose you place a 
little water wheel where it is hit by the flow from the 
hole, as shown in Figure 1-69. You could attach some 
machinery to the water wheel. Now the flow would be 
doing some work. (Remember, wattage is a measure- 
ment of the rate at which work is done.) 


Maybe this looks as if you would be getting something 
for nothing, extracting work from the flow of water 
without putting any energy back into the system. But re- 
member, the water level in the tank is falling. As soon as 
| include some helpers hauling the waste water back up 
to the top of the tank, it becomes obvious that you have 
to put work in to get work out. See Figure 1-70. 


Figure 1-69 /f a wheel extracts energy from the flow of water, the 
flow is now doing some work, which could be measured in watts 
during a period of time. 


Similarly, a battery may seem to be giving power out 
without taking anything in, but the chemical reactions 
inside it are changing pure metals into metallic com- 
pounds, and the power we get out of a battery is en- 
abled by this change of state. If it’s a rechargeable bat- 
tery, we have to push power back into it during the 
charging process, to reverse the chemical reactions. 


Going back to the tank of water, suppose we can't get 
enough power out of it to turn the wheel. One answer 
could be to increase the height of the water, to create 
more force, as in Figure 1-71. 
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Figure 1-70 To continue getting work out of the system, we have 
to put work into it. 


This would be the same as putting two batteries end to 
end, positive to negative, in series (as | suggested with 
lemons, in the lemon battery). Two batteries in series will 
double the voltage, as shown in Figure 1-72. As long as 
the resistance in the circuit remains the same, greater 
voltage will create more amperage, because amperage 
= voltage / resistance. 


Thinking again about the tank analogy, what if we want 
to run a wheel for twice as long, and we've run out of 
tank capacity? Maybe we should build a second tank, 
and pipe their outputs through the same hole. Similarly, 
if you wire two batteries side by side, in parallel, you get 
the same voltage, but the batteries should last twice as 
long. Alternatively, the two batteries may be able to de- 
liver more current than if you just used one. See Fig- 
ure 1-73. 
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Figure 1-71 The amount of available work will increase with 
greater water pressure. 


i 1.5 volts =I n 1.5 volts =i 
to 3 volts AA 


Figure 1-72 Two batteries in series provide twice the voltage of a 


single battery, provided they are both fully charged. 
Summing up: 


e Two batteries in series deliver twice the voltage. 


e Two batteries in parallel can deliver the same 
current for twice as long, or twice the current 
for the same amount of time. 
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Figure 1-73 Batteries in parallel, powering the same load as 
before, will run it for about twice as long. Alternatively, they can 
provide twice the current for the same time as a single battery. 


That's enough theory for now. In the next chapter, I'll 
continue with some experiments that will build on the 
foundations of knowledge about electricity, to take you 
gradually toward gadgets that can be fun and useful. 


Cleanup and Recycling 


The hardware that you immersed in lemons or lemon 
juice may be discolored, but it is reusable. Bearing in 
mind that some zinc ions may have been deposited in 
the lemons, eating them might not be such a good idea. 
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This chapter of the book contains Experiments 6 
through 11, which explore the seemingly simple topic of 
switching—by which | mean not just manual control, 
but using one flow of electricity to switch, or control, an- 
other. It's such an important principle, no digital device 
can exist without it. 


Today, switching is mostly done with transistors. | will 
deal with them in detail, but before that l'Il back up and 
illustrate the concept by introducing you to relays, 
which are easier to understand, because you can see 
what's going on inside them. And before | get to relays, 
I'll show how manually activated switches can demon- 
strate some of the concepts that will follow. So, the se- 
quence will be switches—relays—transistors. 


Also in this chapter, l'Il deal with capacitance, because 
Capacitance is almost as fundamental as resistance in 
electronic circuits. 
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As before, when buying tools and equipment, see “Buy- 
ing Tools and Equipment” on page 324 for a shopping 
list. If you want kits containing components and sup- 
plies, see “Kits” on page 311. If you prefer to buy your 
own components and supplies from online sources, see 
“Components” on page 317. 


Essential: Small Screwdrivers 


A set such as the one made by Stanley (part number 
66-052) is shown in Figure 2-1. Screwdrivers that you 
may already have in your home will be too big for most 
of the little screws that you find on components. 


You can buy cheaper screwdriver sets that look very sim- 
ilar to the one in Figure 2-1, but | think the quality of 


il 
| 
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steel is better in name-brand screwdrivers. 
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Figure 2-1 Miniature screwdrivers, with both flat blades and 
Phillips blades. The white lines are spaced at intervals of 1” 


Essential: Small Long-Nosed Pliers 


The type of /ong-nosed pliers that you need are no more 
than five inches from end to end. You'll be using them to 
bend wire precisely, or to pick up small parts where a fin- 
ger and thumb are too big and clumsy. For these kinds 
of operations | don't think you benefit much from 
spending extra money on high-quality tools, so feel free 
to buy the cheapest. An example is shown in Figure 2-2. 
These have spring-loaded handles, which some people 
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don't like, but you can pull out the springs—if you have 
a second pair of pliers to do so. 


Figure 2-2 Appropriate pliers for electronics work should be no 
more than 5” long. 


Optional: Sharp-Nosed Pliers 


These are like small long-nosed pliers, but with very pre- 
cise, pointed jaws. | like them for accessing tightly 
packed components on a breadboard. Your best source 
is a website or store that specializes in craft work such as 
beading. Be careful, however, that you don't buy bead- 
ing pliers that have rounded noses for making loops in 
wire. For our purposes, the inner surfaces of the jaws 
should be flat, as shown in Figure 2-3. 


Figure 2-3 Sharp-nosed pliers enable very precise work on a 
small scale. 


Essential: Wire Cutters 


Pliers usually have cutting edges near the joint, which 
you can use for chopping wire. Often, however, a piece 


of wire will be attached to something else, and you 
won't be able to reach it with your pliers. You really need 
wire cutters such as those shown in Figure 2-4. They 
should be no longer than five inches. So long as you use 
them to cut thin, soft copper wire, they do not have to 
be of high quality. 


Figure 2-4 Wire cutters should be no more than 5” long. 


Optional: Flush Cutters 


Flush cutters, shown in Figure 2-5, are similar to wire cut- 
ters, and do the same job, but they are thinner, smaller, 
and better able to get into small spaces. However, they 
are less robust. Whether you use them or wire cutters is 
a matter of personal preference. Personally | like wire 
cutters. 


Figure 2-5 Flush cutters can get into smaller spaces than wire 
cutters. 
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Essential: Wire Strippers 


Wire of the type that you will be using has a coating of 
plastic insulation. Wire strippers are specifically designed 
to remove a short section of insulation to expose the 
conductor inside it. Macho hobbyists may claim that 
they don't need any tool to do this job, but | have two 
corners missing from the insides of my front teeth to tes- 
tify that this is a really bad idea (see Figure 2-6). 


Figure 2-6 Ina hurry? Can't find your wire strippers? The 
temptation is obvious, but not a good idea. 


Another option is to use wire cutters, as shown in Fig- 
ure 2-7. You hold the wire in one hand, close the jaws of 
the cutters gently with the other hand, and lever your 
two hands apart. However, this is a skill that requires 
practice. Sometimes the cutters slip off without doing 
anything, or they may cut the wire instead of stripping it. 


A 


Figure 2-7 How to use wire cutters to strip insulation. Wire 
strippers are easier to use. 


For a few extra dollars, a pair of wire strippers makes the 
job so much easier. 


The first edition of this book included an option to buy 
so-called automatic wire strippers, which can be used 
with only one hand. Unfortunately they are significantly 
more expensive than other types of wire strippers, and 
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many brands don't work well with the 22-gauge hookup 
wire required for all the circuits in this book. Therefore, | 
don't recommend them anymore. 


The type of tool shown in Figure 2-8 is available from 
many manufacturers. Some brands have angled handles, 
some have straight handles, and some have curved han- 
dles. | don't think it matters. They all work the same way: 
you insert the wire in a hole of appropriate size, close 
the jaws, and pull away the insulation. 


Figure 2-8 The recommended wire strippers are designed for 
20-gauge to 30-gauge wire. 


You do have to be careful, though, that they are suitable 
for the right size of wire. 


Wire gauge is a measure of the thickness of a conductor. 
A higher number indicates a thinner wire. As it happens, 
20-gauge wire is slightly too thick for our purposes, 
while 24-gauge wire is slightly too thin. The optimal 
thickness is 22 gauge, and you will have a much easier 
time if you buy a tool that is calibrated for that specific 
size. As you can see in Figure 2-8, a range from 20 gauge 
to 30 gauge includes a little hole for 22 gauge. This is the 
right tool for the job. 


Essential: Breadboards 


Breadboards are not required until Experiment 8, but | 
will provide a brief introduction here. The breadboard is 
a little plastic slab perforated with holes at intervals of 
0.1”. You push components and wires into the holes. Hid- 
den beneath the plastic are conductors that make con- 
nections along the rows of holes. 


A breadboard allows components to be connected to- 
gether more neatly than with the test leads that you 


Chapter 2: Switching 43 


oe: (eee, mec al 


DISCHARGE cue || Fig. 8-14. Charge and discharge 
i curves for lead-acid cells. 


stores have been badly damaged. Thanks to design changes in 
certain anti-aircraft missile systems there is a good supply of small 
nickel-cadmium cells. These cells are of two types, the hermetri- 
cally sealed type containing electrolyte, and the dry charged type. 
If you get the dry charged type you will have to obtain vent plugs to 
replace the shipping plugs or you will rupture the cases on charg- 
ing. Vent plugs are packed in the carton with the cells, but they 
have a habit of getting lost in surplus stores. 

The potassium hydroxide electrolyte can be obtained from 
three sources: 1, Surplus. The electrolyte is packed in cartons 
ready for use. 2, Chemical supply houses. It can be ordered as a 
powder or in tablet form. Order potassium hydroxide, reagent 
grade and specify that it is for batteries. You will need distilled 
water to dilute it to the proper specific gravity. WARNING: 
Always add the potassium hydroxide to the water, never the water 
to the potassium hydroxide! Proceed slowly. The chemical reac- 
tion liberates heat which can cause the solution to splatter if you 
aren't careful. Both the chemical and the solution are highly caus- 
tic. They will do a fine job of dissolving skin. It is quite poisonous 
so store it carefully out of the kids reach. Mix according to the 
directions, or approximately 9 ounces of the powder to a quart of 
distilled water. The specific gravity of the solution should be 1.32, 
Check it with a hydrometer, but not the one you use for lead acid 
batteries! 3. Your local druggist can make up small quantities for 
you. 

Fill the cells to the level mark, or just above the top of the 
plates using an electrolyte syringe or a large eye dropper. Tap and 
squeeze the cells to release the trapped air. Allow the cells to stand 
for at least 15 minutes before charging them. 
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have used so far, and more easily (and reversibly) than if 
you join them with solder. 


« A breadboard is properly known as a solderless 
breadboard and is sometimes referred to as a 
prototyping board. 


The brand or source is not important, but you should be 
careful to buy the same configuration that | have used 
throughout this book. You have three options, only one 
of which is correct: 


Breadboard Option 1: The Mini, shown in Figure 2-9. 
Often sold as being “suitable for Arduino,’ it doesn't 
have enough holes in it for our purposes, so, don’t buy 
one of those. 


Figure 2-9 A mini-board is not big enough for many of the 
projects in this book. 


Breadboard Option 2: Single-Bus, shown in Fig- 
ure 2-10. The term “bus” refers to a long column of holes 
alongside the short, numbered rows of holes. There is a 
single bus on each side, outlined in red in the photo- 
graph. This is the kind of board that you want. Check a 
photograph of the product that you are buying, to make 
sure. Also, note that it should have 60 rows of holes and 
700 connection points (also known as tie points). If you 
are buying your own, search Amazon or eBay for: 


solderless breadboard 700 


If you prefer, you can use a dual-bus breadboard and just 
ignore the extra holes. 


holes along each side. 


Breadboard Option 3: Dual Bus, shown in Figure 2-11. 
This has two long rows of holes on each side, which are 
the dual buses, outlined in red in the photograph. | used 
this type of board in the first edition of this book, be- 
cause it can be more convenient. Then | saw how it en- 
couraged wiring errors when people used it for the first 
time, so | don't recommend dual-bus breadboards any- 
more. 


Figure 2-11 A dual-bus breadboard has two pairs of long rows of 
holes, outlined in red in this photograph. This style of board is no 
longer recommended. 


Now that I’ve established the type of board that | recom- 
mend, how many of them do you need? | used to say, 
“Only one,’ bearing in mind that they are reusable, but 
their price has been driven down to the point where | 
think you should consider buying two or three. This way, 
you can prototype new circuits without having to disas- 
semble old ones first. 
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Supplies 

If you want to buy a kit containing components and sup- 
plies, see “Kits” on page 311. When buying your own 
supplies, see “Supplies” on page 316. 


Essential: Hookup Wire 


The type of wire you need for making connections on a 
breadboard is often called hookup wire although it can 
be found, sometimes, under the general category of bulk 
wire. Either way, it must have a solid core (not stranded), 
and must be 22 gauge in size. 


Often it is sold in 25-foot and 100-foot lengths on plastic 
spools, as shown in Figure 2-12. 


Figure 2-12 Hookup wire is available on spools holding 25 feet 
and 100 feet, shown here. 


Wire is cheaper, per foot, if you buy a 100-foot spool, but 
| suggest you should buy smaller quantities in at least 
three different colors of insulation. The reason is that 
wire colors are helpful when you are trying to find an er- 
ror in a circuit that you have built. Red and blue can be 
used for connections with positive and negative power, 
and one other color for other connections. 


When the insulation is stripped away, it reveals a solid 
conductor, as shown in Figure 2-13. Compare this with 
stranded wire, shown in Figure 2-14. Stranded wire does 
have some uses, which | will talk about in a moment, but 
if you try to push it into holes in a breadboard, you are 
likely to become frustrated quite quickly. You really need 
solid wire. 
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Figure 2-13 Inside the plastic insulation, there should be a single 
conductor of solid wire. 


Figure 2-14 For specific purposes (described in the text) 
stranded wire can be a useful option. 


Just as | emphasized the need for wire strippers that are 
specifically designed for 22-gauge wire, | will now em- 
phasize that the wire should be 22-gauge, not 20-gauge, 
and not 24-gauge. You will find that the 24-gauge wire 
doesn't fit tightly in a breadboard, and may not make a 
reliable connection, while 20-gauge wire is just a little 
too thick, so that when you try to push it in, it can bend 
instead of sliding into place—and if you do manage to 
insert it, pulling it out can be difficult. 


Some copper wire has a silver-colored coating, when 
you strip the insulation away. This is said to be “tinned.” 
Other wire is plain copper, and | don't have any opinion 
about which type is better. 


How much will you need? For assembling the circuits in 
this book, 25 feet of each color will be more than 
enough. However, Experiments 26, 28, and 29 require 
you to make coils of wire, to explore the relationship be- 
tween electricity and magnetism, and to build your own 
crystal-set radio. If you want to pursue these projects 
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(which | think are worthwhile), you'll need 200 feet of 
wire. This is your choice, as none of the kits for this book 
contains that much wire. See “Supplies” on page 316 for 
information about buying wire. 


Jumpers 


If you cut a section of wire, strip at least 1/4” but no 
more than 3/8” insulation from each end, bend the ends 
down, and push them into holes in a breadboard, you 
have just made a jumper, which creates a connection by 
jumping across some intervening holes in the board. 
Jumpers of this type result in a neat circuit where you 
can find errors relatively easily. 


The trouble is, stripping insulation and making right-an- 
gle bends is tedious, even with the right tools for the 
job. Therefore you may be inclined to purchase precut 
wire which has been made into jumpers for you. An as- 
sortment looks like the one shown in Figure 2-15. For 
guidance about finding a selection like this, see “Sup- 
plies” on page 316. 


Figure 2-15 Anassortment of precut wire, stripped and bent for 
use in a breadboard. 


| used to use precut wire myself, but gave up on it be- 
cause the wire segments are colored according to their 
length rather than their function. Red wires are all 0.2” 
long, yellow wires are all 0.3” long, and so on. 


| want wires to be colored according to what they do in a 
circuit. Thus, red wires should always be connected to 
the positive side of the power supply, regardless of how 
long they are. 


The only way to achieve this is to cut your own, which is 
what | do. You are welcome to use the precut wire if you 
so choose—but in addition to being confusingly col- 
ored, it costs more. 


There is one more issue | have to clarify regarding jump- 
ers. Many people like to use a different type of jumper 
wire that has a little plug at each end, just the right size 
to push into holes in a breadboard. These “plugged 
jumpers” are sold in bundles, and are probably the first 
thing you will find if you search for jumper wires online. 


Because they are flexible, and they are usually about 
three inches long, you can use them to make almost any 
connection you are likely to need on a breadboarded cir- 
cuit. They are reusable, and appear to be the simplest, 
quickest, cheapest option. 


So far, so good; but if you make a mistake, you are going 
to have a problem finding it. Figure 2-16 shows a small 
circuit for an application outside of this book, using flexi- 
ble jumpers that have plugs on each end. Figure 2-17 
shows exactly the same circuit with hand-cut jumper 
connections using solid-core 22-gauge wire. Each of 
these circuits contains one wiring error. On the one us- 
ing hand-cut wire, | can see it within a few seconds. On 
the one using flexible jumpers, | would have to dig 
around for quite a while, probably using a meter to 
search for the fault. 


Figure 2-16 A circuit on two mini-breadboards using flexible 
jumper wires with a plug at each end. 
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Figure 2-17 The same circuit as in the previous figure, using 
hand-cut solid jumper wires. 


To make matters worse, the plugs on flexible jumpers 
are sometimes defective, and may contain loose connec- 
tions. This can make fault-tracing almost impossible. 
Therefore: 


e | don't recommend flexible jumpers that have 
plugs on each end. 


Optional: Stranded Wire 


Getting back to stranded hookup wire, it does have one 
advantage. It is much more flexible than solid wire, 
which is useful if you are running it out from a circuit 
board to a switch or a potentiometer. Flexibility can be 
essential if the wire is making a connection with an ob- 
ject that moves or vibrates. 


While flexible wire is not essential for any of the projects 
in this book, 25 feet of 22-gauge stranded will come in 
handy occasionally. If you buy some, | suggest you 
choose a color that is different from your colors of solid 
wire, so that you won't confuse it with them. 


Components 


Again | must remind you that component kits for the 
projects in this book are available. See “Kits” on page 
311. If you prefer to buy your own components from on- 
line sources, see “Components” on page 317. 


Essential: Toggle Switch 

A full-size toggle switch is an old-fashioned device, but 
useful for your switching experiments. You will need 
two. They should be described as SPDT, meaning single- 
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pole double-throw. I'll explain this in detail a little later. 
Double-pole double-throw, described as DPDT, can also 
be used, but may cost slightly more. 


A toggle switch with screw terminals will reduce the in- 
convenience of attaching it to hookup wire, but other 
types of terminals are acceptable. 


A typical full-size toggle switch is shown in Figure 2-18. 
E-Switch ST16DD00 is an example, but cheaper generic 
alternatives can be found on eBay. 


Figure 2-18 A full-size toggle switch. 


Essential: Tactile Switch 


Confusingly, a tactile switch is not what you would think 
of as a switch. It is a very tiny pushbutton. If you plug it 
into your breadboard, it provides a convenient way for a 
circuit to receive user input. 


The most commonly used tactile switches have four lit- 
tle legs to push into a board, and can be annoying, be- 
cause the legs often don't engage properly. The compo- 
nent is liable to spring out like a baby grasshopper at 
unexpected moments. | suggest you use a tactile switch 
with two pins spaced 0.2” apart. The Alps SKRGAFD-010 
will be used in projects throughout this book, and is 
shown in Figure 2-19. Any other tactile switch with two 
pins spaced 0.2” apart can be substituted, such as the 
Panasonic EVQ-11 series. 
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Figure 2-19 The recommended tactile switch for breadboarded 
projects in this book. 


Essential: Relay 


Because pin functions are not standardized among man- 
ufacturers, you have to be cautious about making sub- 
stitutions when you buy a relay. l am recommending the 
Omron G5V-2-H1-DC9, shown in Figure 2-20, which 
should minimize confusion, because it has its pin func- 
tions printed on it. 
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Figure 2-20 The relay recommended for use with this book. 


Omron is a large manufacturer of relays, so | have some 
hope that the one | am recommending will be around 
for a while. You may also use the Axicom V23105-A5006- 
A201 or the Fujitsu RY-9W-K. All of them are are 9VDC 
DPDT relays, with pins spaced as shown on the left side 
of Figure 2-21. If the spacing is shown in millimeters, 
5mm or 5.08mm are acceptable substitutes for 0.2” and 
7.5mm or 7.62mm can substitute for 0.3”. 


If a diagram is printed on the relay, it should look like the 
one on the right side of Figure 2-21. Datasheets for re- 
lays almost always contain this information. You can use 
relays with different pin functions, but they will cause 
you some inconvenience, because they won't match the 
schematics that | will be providing. 


The relays | have recommended are high-sensitivity 
type, meaning that they consume less current. You can 
substitute others, but they will draw more current. 
Whichever type of relay you use, it must have the same 
9VDC coil voltage and pin spacing. 


Figure 2-21 Pin spacing and internal connections in a relay 
should be as shown. 


One thing to watch out for, when buying relays, is their 
polarity, meaning a requirement to apply current in one 
specified direction, because the relay won't work when 
current flows through its coil in the other direction. | 
have recommended relays that do not require polarity. 
Many Panasonic relays do, so read the datasheet careful- 
ly before buying one of them. 


Lastly, any relay that you buy must be of the nonlatching 
type. 


If this seems confusing and overly technical, you can put 
off buying the relay until you read Experiment 7, which 
describes how to use it. You will need two relays to carry 
out that experiment fully. 


Essential: Trimmer Potentiometer 

Instead of the big clunky potentiometer that you used in 
Experiment 4, you'll be using a trimmer potentiometer, 
which is smaller, cheaper, and plugs into a breadboard. 
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Examples (with various arbitrary values) are shown in 
Figure 2-22. 


Figure 2-22 Trimmer potentiometers. 


The trimmers at left and at right in this photograph are 
the type that | have chosen to use in this book. They will 
sit flush with a breadboard when their leads are pushed 
down into it. The only difference between these two 
samples is that one is slightly larger than the other. They 
are also available in variants that stand up at an angle of 
90 degrees with the breadboard, but these are less ac- 
cessible. 


The one in the center of the photograph is a multi-turn 
trimmer, which allows much finer adjustment via a brass 
screw connected with a worm gear inside the compo- 
nent. This is less convenient, more expensive, and is not 
necessary for our purposes, as you won't require that de- 
gree of accuracy. 


Essential: Transistors 


Only one type of transistor is used in this book. The 
generic part number is 2N2222, but unfortunately, not 
all 2N2222 transistors are alike. 


If you are using a kit, you should have no problems. If 
you do your own shopping, you absolutely must avoid 
any part that has P2N preceding the 2222 number. 
When the P2N2222 was introduced, the manufacturers 
reversed the pin functions of the 2N2222 that had been 
standardized for decades. (Why would they do this? | do 
not know.) 


Here’s the rule. 


Necessary Items for Chapter Two 


e Part numbers 2N2222 or PN2222 or PN2222A 
are okay. PN2222 has become a more common 
designation than 2N2222, but either will work. 


e Part numbers P2N2222 or P2N2222A are not 
Okay. 


The trap is that if you are searching for 2N2222, you will 
be offered a P2N2222 because the search engine will 
help you out by showing parts that have extra letters 
preceding the number. So—shop with care! And if you 
have a meter that tests transistors, check each one. If the 
transistor has the traditional pin functions, the meter 
should tell you that it has an amplification ratio exceed- 
ing 200. If you have the wrong type of transistor, your 
meter will show an error or an amplification value lower 
than 50. 


2N2222 transistors used to be packaged in tiny metal 
cans. These days, they are almost always packaged in 
black plastic. Examples of both types are shown in Fig- 
ure 2-23. Plastic and metal packages both work equally 
well—so long as the transistor’s part number does not 
begin with P2N. 


Figure 2-23 Two 2N2222 transistors. Either can be used. 


Essential: Capacitors 


Capacitors are not quite as cheap as resistors, but still 
cheap enough for you to consider buying an assortment 
of small ones in bulk. Capacitor values in the range that 
we will be using are most often measured in microfar- 
ads, abbreviated uF. I'll explain this in detail when you 
start using capacitors in your circuits. 
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For small values, ceramic capacitors are recommended. 
For larger values, electrolytics are cheaper. For additional 
guidance about purchasing them, see “Components” on 
page 317. Various capacitors are shown in Figure 2-24. 
The cylindrical ones are electrolytic, while the others are 
ceramic. 
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Figure 2-24 A variety of capacitors. 


Essential: Resistors 


If you are shopping for your own components, | am as- 
suming that you bought a good selection of resistors as | 
suggested for Experiment 1. 


Essential: Loudspeaker 


Minimum size for a loudspeaker is 1” diameter, but 2” di- 
ameter is good. A 3” diameter is maximum. The impe- 
dance should be 8 ohms or higher. When searching for a 
loudspeaker, bear in mind that some suppliers call them 
“speakers.” This may cause a search for “loudspeaker” to 
yield no results. 


We will not be dealing with high-fidelity sound, so any 
cheap loudspeaker will do. A couple of samples are 
shown in Figure 2-25. 
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Figure 2-25 Two speakers, one measuring 1” diameter, the other 
measuring 2”. 


And More? 


By now you may be thinking that | have specified quite a 
lot of components. Rest assured that almost everything 
that | have listed here will be reusable, and you will not 
need many additional parts for the remaining chapters 
of the book. 


Experiment 6: Very Simple 
Switching 

This experiment will acquaint you with the function of 
manually operated switches. You may feel that you al- 
ready know how to use a switch, but when two double- 


throw switches are combined in a circuit, the subject be- 
comes a little more interesting. 


What You Will Need 


e Screwdriver, wire cutters, wire strippers 

e Hookup wire, 22-gauge, no more than 12” 
e 9-volt battery (1) 

e Generic LED (1) 

e Toggle switches, SPDT or DPDT (2) 

e 470-ohm resistor (1) 


e Test leads with alligator clips at each end (2) 
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Assemble the parts as shown in Figure 2-26. You'll need 
to practice your abilities at wire stripping, here, to bare 
the ends of the two sections of black wire. To secure 
them in the screw terminals of the switches, try using 
your pliers to curl the end of each wire so that it looks 
like a letter J. Then feed it under the screw from the left, 
so that the screw will draw in the wire when tightened in 
a clockwise direction. 
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Figure 2-26 Your very first experiment in switch connections. 


The long lead on the LED also fits one of the screw ter- 
minals. Don't use the short lead of the LED by mistake. 
Remember, the long lead must always be more positive 
than the short lead. 


If your switches don't terminate in screw terminals, you 
will have to use a couple of alligator test leads instead of 
the black wires, and one more test lead to connect the 
LED with the center terminal of the lefthand switch. 


After you connect the battery, experiment, flipping the 
switches. What do you find? 
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If the LED is on, flipping either of the switches will turn it 
off. If the LED is off, either of the switches will turn it on. 
I'll explain this interesting behavior shortly (see “Intro- 
ducing Schematics” on page 55), but | have to tell you 
some fundamentals and background information first. 


Fundamentals: All About Switches 


The toggle in a toggle switch is the part that you flip with 
your finger. In the type of switch shown in Figure 2-26, 
flipping the toggle connects the center terminal with 
one of the terminals on either side of it, as shown in Fig- 
ure 2-27, 


Figure 2-27 Usually, but not absolutely always, toggle switches 
work like this. 


The center terminal is called the pole of the switch. Be- 
cause you can flip, or throw, this switch to make two 
possible connections, it is called a double-throw switch, 
abbreviated DT (or, sometimes, 2T). A single-pole, dou- 
ble-throw switch is abbreviated SPDT (or, sometimes, 
1P2T). 


Some switches only have two terminals instead of three. 
They are on/off, meaning that if you throw them in one 
direction they make a contact, but in the other direction 
they make no contact at all. Most of the light switches in 
your house are like this. They are known as single-throw 
switches. A single-pole, single-throw switch is abbrevi- 
ated SPST (or, sometimes, 1P1T). 


Some switches have two entirely separate poles, so you 
can make two separate connections simultaneously 
when you flip the switch. These are called double-pole 
switches, abbreviated DP (or, sometimes, 2P). Check Fig- 
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ure 2-28, Figure 2-29, and Figure 2-30 for photographs of 
old-fashioned “knife” switches, which are still used 
sometimes to teach electronics to kids in school. You 
wouldn't use a switch like this for any practical purpose, 
but they illustrate very clearly the differences between 
SPST, SPDT, and DPST connections. 


Figure 2-28 Manufactured for educational use, this is a single- 
pole, single-throw (SPST) switch. 


The only place you're likely to see a knife switch being 
used for serious purposes is in a horror movie. In Fig- 
ure 2-31, a mad scientist is powering up his experiment 
with a single-pole, double-throw knife switch, conven- 
iently mounted on the wall of his basement laboratory. 
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Figure 2-29 A single-pole, double-throw (SPDT) switch 
connects one pole with a choice of contacts. 
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Figure 2-30 A double-pole, single-throw (DPST) switch has two 
poles that are completely isolated from each other. Each pole can 
connect with only one contact. 
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Figure 2-31 Left: Mad scientist. Right: SPDT knife switch. 


To make things more interesting, you can buy switches 
that have three or four poles. (Some rotary switches 
have even more, but we won't be using them.) Also, 
some double-throw toggle switches have an additional 
“center off” position. 


Putting all this together, | made a table showing some 
possible types of switches and the abbreviations that 
describe them. Pushbuttons use the same abbreviations. 
See Figure 2-32. If you're reading a parts catalog, you can 
check this table to remind yourself what the abbrevia- 
tions mean. 


Single Double Three Four 
Pole Pole Pole Pole 


Single SPST DPST 3PST APST 

8 (or 1P1T) (or 2P1T) (or 3P1T) (or 4P1T) 
Throw | | 

on-off on-off on-off on-off 

Double SPDT DPDT 3PDT APDT 
Throw (or 1P2T) (or2P2T) (or3P2T) (or 4P2T) 

on-on on-on on-on on-on 

Double SPDT DPDT 3PDT APDT 
Throw with (or 1P2T) (or 2P2T) (or 3P2T) (or 4P2T) 
Center Off on-off-on on-off-on on-off-on on-off-on 


Figure 2-32 This table summarizes various options for toggle 
switches (and pushbuttons). 


Some switches are spring-loaded, so that they snap back 
to a default position when you release pressure on 
them. When you see ON or OFF in parentheses, you 
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know that you have to maintain pressure on the switch 
to keep it in that position. 


Here are some examples: 


e OFF-(ON): Because the ON state is in parenthe- 
ses, it's the momentary state. Therefore, this is a 
single-pole switch that makes contact only 
when you push it, and flips back to make no 
contact when you let it go. It is also known as a 
“normally open” momentary switch, abbrevi- 
ated “NO.” Most pushbuttons also work this 
way. 


e ON-(OFF): The opposite kind of momentary 
switch. It’s normally ON, but when you push it, 
you break the connection. So, the OFF state is 
momentary. It is known as a “normally closed” 
momentary switch, abbreviated “NC” 


e (ON)-OFF-(ON): This switch has a center-off po- 
sition. When you push it either way, it makes a 
momentary contact, and returns to the center 
when you let it go. 


Other variations are possible, such as ON-OFF-(ON) or 
ON-(ON). As long as you remember that parentheses in- 
dicate the momentary state, you should be able to fig- 
ure out how these switches behave. 


Sparking 

When you make and break an electrical connection, it 
tends to create a spark. Sparking is bad for switch con- 
tacts. It erodes them until the switch doesn't make a reli- 
able connection anymore. For this reason, you must use 
a switch that is appropriate for the voltage and amper- 
age that you are dealing with. 


The electronic circuits in this book are low-current and 
low-voltage, so you can use almost any switch; but if you 
are switching a motor, it will tend to suck an initial surge 
of current that is at least double the rating of the motor 
when it is running constantly. For instance, you should 
probably use a 4-amp switch to turn a 2-amp motor on 
and off. 


Checking Continuity 


You can use your meter to check a switch. Doing this en- 
ables you to find out which contacts are connected 
when you turn a switch one way or the other. It’s also 
useful if you have a pushbutton and you can't remember 
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A rule of thumb is to charge the cells for 15 hours at a rate 
equal to 10% of their rated service capacity (for a 10 amp cell the 
charging rate would be 1 amp for 15 hours). The final charging 
voltage will be 1.45-1.50 volts. 

Since it is very difficult to determine the state of charge of 
these cells it is advisable to charge used cells in this manner before 
use. After charging the cells let them stand two to four hours before 
adding distilled water (if necessary) to adjust the electrolyte level. 

The cells are rated at 1.25 volts under nominal load. Open 
circuit voltage of fully charged cells runs about 1.33 volts. The 
voltage when loaded to the ten hour discharge rate ranges from 
1.2-1.35 volts depending on state of charge. The state of charge 
cannot be determined by measuring the specific gravity of the 
electrolyte. One method is to measure the cell voltage under load. 
The standard ten hour discharge rate is normally used. Figure 8-15 
shows the approximate relation of cell charge to cell voltage. As 
you can see from Fig. 8-15 this is a very flat discharge curve. A 
more accurate way is to measure the current flowing into the cell 
when it is connected to a constant 1.50 volt source. If the current is 
less than 5% of the 10 hour rating you can assume that the cell is 
fully charged. 

Paralleling of nickel-cadmium cells to increase the current 
capacity of the battery is not recommended. The internal resis- 
tance varies sufficiently so that it is difficult to prevent cells from 
over charging, failing to charge, and from reversing polarity. 
Charging 

Two methods of charging are commonly used for either lead- 
acid or alkaline batteries. They are the constant voltage and con- 
stant current methods. 


The constant voltage method is the easiest to use providing 
the charger has adequate capacity. Initial charging rates for a fully 


Fig. 8-15, Typical discharge curve 
for nickel-cadmium cell, | 
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whether it's the type that is normally open (you press it 
to make a connection) or normally closed (you press it to 
break the connection). 


It's convenient to set your meter to measure “continuity” 
when checking a switch. The meter will beep (or show a 
visual indication) if it finds a connection, and will do 
nothing if it doesn't. See Figure 2-33, Figure 2-34, and 
Figure 2-35 for examples of meters that are set to meas- 
ure continuity. Remember that in Experiment 1, | 
showed you the symbol that is used on meters to repre- 
sent continuity. See Figure 1-7. 


Figure 2-33 A meter dial that has been turned to measure 
continuity. 


Figure 2-34 Another meter dial set to measure continuity. 
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Figure 2-35 A third meter measuring continuity. 


Background: Early Switching Systems 


Switches seem to be such a fundamental feature of our 
world, and their concept is so simple that we can easily 
forget that they went through a gradual process of evo- 
lution. Primitive knife switches were quite adequate for 
pioneers of electricity who simply wanted to connect 
and disconnect some apparatus in a laboratory, but a 
more sophisticated approach was needed when tele- 
phone systems began to proliferate. Typically, an opera- 
tor at a “switchboard” needed to connect any pair of 
10,000 lines on the board. How could it be done? 


In 1878, Charles E. Scribner (shown in Figure 2-36) devel- 
oped the “jack-knife switch,” so called because the part 
of it that the operator held looked like the handle of a 
jack knife. Protruding from it was a plug, and when the 
plug was pushed into a socket, it made contact inside 
the socket. The socket, in fact, contained the switch con- 
tacts. 
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Figure 2-36 Charles E. Scribner invented the “jack-knife switch” 
to satisfy the switching needs of telephone systems in the late 
1800s. Today's audio jacks still work on the same principle. 


Audio connectors on guitars and amplifiers still work on 
the same principle, and when we speak of them as being 
“jacks,” the term dates back to Scribner's invention. 
Switch contacts are still mounted inside a jack socket. 


Today, of course, telephone switchboards have become 
as rare as telephone operators. First they were replaced 
with relays—electrically operated switches, which I'll 
talk about later in this chapter. And then the relays were 
superceded by transistors, which made everything hap- 
pen without any moving parts. In Experiment 10, you'll 
be switching current with transistors. 


Introducing Schematics 


In Figure 2-37, I've redrawn the circuit from Figure 2-26 
in a simplified style known as a “schematic.” From this 
point onward, | will be illustrating circuits with schemat- 
ics, because they make the connections easier to under- 
stand. You only need to know a few symbols to interpret 
them. 
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Figure 2-37 The circuit with two switches is redrawn here as a 
schematic. 


Figure 2-26 and Figure 2-37 both show the same com- 
ponents and connections between them. In the sche- 
matic, the zigzag thing is the resistor, the symbol with 
two diagonal arrows is the LED, and the battery is shown 
as two parallel lines of unequal length. 


The large triangle in the LED symbol indicates the direc- 
tion of flow of conventional current, meaning the imagi- 
nary flow that runs from positive to negative. The pair of 
diagonal arrows tells you that this is the type of diode 
that is /ight-emitting (I'll get to other kinds of diodes lat- 
er). In the battery symbol, the longer of the two lines 
identifies the positive side. 


Trace the path that electricity can take through the cir- 
cuit and imagine the switches turning one way or the 
other. You should see clearly, now, why either switch will 
reverse the state of the LED from on to off or off to on. 


Figure 2-38 shows the same schematic cleaned up a bit. 
The lines are straight, and the power supply is now 
shown with the positive side at top-left, and the nega- 
tive side at bottom-right. You tend to see conventional 
current moving from top to bottom, in schematics, while 
signals of some kind (such as the audio input to an am- 
plifier) move from left to right. The top-down organiza- 
tion of a circuit makes it easier to understand. 


Chapter 2: Switching 55 


Experiment 6: Very Simple Switching 


O-—_—— 


9VDC 


Figure 2-38 The previous schematic has been reorganized along 
more conventional lines. 


The important thing to grasp is that the two schematics 
show exactly the same circuit, even though they look 
different. The type of components, and the way in which 
they are connected, are all that matters. The exact loca- 
tions of the components are irrelevant. 


e A schematic doesn't tell you where to put the 
components. It just tells you how to join them 
together. 


Incidentally, you probably have an example of the circuit 
in Figure 2-38 in your home, especially where two light 
switches are placed at the top and at the bottom of a 
flight of stairs, and either switch can be used to turn a 
light on and off. This is shown in Figure 2-39, where the 
live and neutral wires of the AC supply enter the picture 
at bottom-left. The live wire is switched, while the neu- 
tral wire runs alongside it to the lightbulb (the white cir- 
cle with a curly line representing the element of an old- 
fashioned incandescent bulb). 


The only problem with schematics is that some symbols 
are not standardized. You may see several variants that 
all mean the same thing. | will be explaining them as we 
go along. 


Neutral 


Figure 2-39 Thesame circuit as shown in the previous figure is 
used in homes where two switches control a single light. 


Fundamentals: Basic Schematic 
Symbols 


1. The Switch. Figure 2-40 shows five variations of that 
most basic component, a single-pole, single-throw 
switch. In each case, the pole happens to be on the 
right, while the contact is on the left—although with a 
SPST switch, this does not make a significant difference. 
In this book | have chosen to include a white rectangle 
around each switch, to emphasize that although it has 
two parts, they constitute one component. 


See ES a 
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Figure 2-40 Five variations in the schematic symbol for a SPST 
switch. They are all functionally identical. 


Figure 2-41 shows how things get a little more compli- 
cated when you have a double-throw, double-pole 
switch. A dashed line indicates that both segments of 
the switch move together when the switch is turned, 
even though each pole and set of contacts is electrically 
isolated from the other. The variation at center is some- 
times found in large schematics where the layout makes 
it difficult to put the sections of a switch close to each 
other. Each set of contacts is identified by an abbrevia- 
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tion ending in A, B,C...and you are expected to under- 
stand that the contacts are actually contained in one 
switch. 
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Figure 2-41 Three variations on a DPDT switch symbol. 


2. Power Supply. The power supply for a DC (direct-cur- 
rent) circuit can be indicated in several ways. The top 
section of Figure 2-42 shows symbols for a battery. A 
short line indicates the negative end, while a longer line 
indicates the positive end. Traditionally, a single pair of 
lines represented a single 1.5-volt cell, two pairs indica- 
ted a 3-volt cell, and so on. But when circuits used high 
voltage with vacuum tubes, the person drawing the 
schematic would usually show a dashed line between 
cells instead of drawing dozens of them in a row. 
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Figure 2-42 Various ways to show positive and negative DC 
power in a circuit. 


A battery symbol may still be used in a simple schemat- 
ic, but more often positive and negative DC power is in- 
dicated by separate symbols, shown in the center sec- 
tion and the bottom section of Figure 2-42. Positive is 
applied in one location of a circuit labelled Vcc, Vcc, or 
V+, or +V, or +V with a number added to indicate the 
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voltage. Originally the term Vc referred to the voltage at 
the collector of a transistor. Vcc meant the supply volt- 
age for the whole circuit, and is now used regardless of 
whether the circuit has any transistors in it. Many people 
say “vee cee cee” without knowing its derivation. 


In this book, because | have the luxury of full-color re- 
production, | have used a plus symbol in a red circle to 
indicate positive power input. 


The negative side of the power supply can be shown 
with any of the symbols in the bottom section of Fig- 
ure 2-42. It may be referred to as “negative ground” or 
simply “ground.” Because many parts of a circuit may 
share a negative potential, multiple ground symbols 
may be found scattered around a schematic. This is 
more convenient than drawing lines linking them all to- 
gether. 


In this book, | have chosen to use the minus sign in a 
blue circle because it is so intuitively obvious. You will 
not see it used often in schematics generally. 


My discussion so far has referred to battery-powered de- 
vices. In a gadget that uses AC power from a wall outlet, 
the situation is more complicated, because the outlet 
has three sockets in it for live, neutral, and ground con- 
nections. A schematic typically shows the AC source as 
an S shape turned on its side, as in Figure 2-43. Often the 
value of the power supply is shown, and in the US it is 
usually 110, 115, or 120 volts. Elsewhere in the circuit, 
the symbols shown on the righthand side of Figure 2-43 
refer to the chassis of the device in which the electronics 
are mounted. 
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Figure 2-43 Symbolic representation of AC power (left) and 
chassis in an AC device (right). 


Note that the ground pin in an AC power outlet in the 
home really does connect with the ground outside the 
building. An electronic device with a metal chassis that 
connects with that pin is “grounded.” In a battery-pow- 
ered circuit without any high voltages, grounding “in the 
ground” is unnecessary, but a ground symbol may still 
be used. 
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In the UK, a grounded device is sometimes referred to as 
being “earthed” 


3. Resistor. Only two variants of the symbol for a resis- 
tor exist, shown in Figure 2-44. The symbol on the left is 
used in the United States, with a number beside it indi- 
cating its resistance in ohms. Alternatively the resistor 
may be identified as R1, R2, R3 ... with a separate parts 
list showing the values. The righthand symbol in Fig- 
ure 2-44 originated in Europe, and here again the num- 
ber is the value of the resistor in ohms. The value of 220 
ohms in the figure was selected arbitrarily. 


220 


WW 220 


Figure 2-44 Symbol! for a resistor in the United States (left) and 
Europe (right). 


Remember that where a resistance value includes a deci- 
mal point, Europeans omit the point and substitute a K 
or M, while resistances less than 1K are shown as one or 
more digits followed by letter R. 


4. Potentiometer. In Figure 2-45 the lefthand symbol is 
used in the United States, while the righthand symbol 
originated in Europe. In both symbols, the arrow identi- 
fies the wiper in the potentiometer. The value of 470 
ohms was selected arbitrarily. 
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Figure 2-45 The lefthand symbol for a potentiometer is used in 
the United States, while the righthand symbol originated in 
Europe. 


5. Pushbutton. Three possible pushbutton symbols are 
shown in Figure 2-46. These symbols represent the most 
common type of normally open pushbutton or momen- 
tary switch, where pressure closes two contacts and re- 
lease of the pressure opens the circuit. In more complex 
pushbuttons, where a single button press closes or 
opens numerous contacts, the symbol for a multi-pole 
switch may be used. 


H 


Figure 2-46 Three variants of the pushbutton symbol. The white 
rectangle is added in this book for clarity, but is not used 
elsewhere. 


6. Light-Emitting Diode (LED). Figure 2-47 shows four 
variants of a symbol representing an LED. The meaning 
is the same, regardless of whether a circle is included, 
and regardless of whether the triangle is solid or open. 
The white highlight in the circle is added in this book for 
clarity, but is not used elsewhere. LED symbols may be 
oriented in any direction, for convenience in drawing a 
circuit. Arrows also may point in any direction. 
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Figure 2-47 Four ways of representing an LED. They are 
functionally identical. 


lIl explore other symbol variants later in the book. 
Meanwhile, the most important things to remember are: 


e The positions of components in a schematic do 
not affect the functionality. 


e The styles of symbols used in a schematic are 
not important. 


e The connections between the components are 
extremely important. 


Schematic Layout 


| mentioned previously that schematics commonly show 
positive power at the top and negative at the bottom. 
This convention is a great help in understanding how 
the circuit works, but is not helpful at all when you ac- 
tually want to build the circuit, because almost certainly 
you will begin by using a breadboard that imposes a 
completely different geometry. 


Almost all the electronics books that | have seen expect 
you to change a circuit from the way it looks as a sche- 
matic to the way it has to be on a breadboard. This can 
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be challenging, and may be a significant barrier to learn- 
ing electronics. Therefore, the schematics in this book 
are all laid out in a pattern that is similar to that of a 
breadboard. This will make more sense after you en- 
counter a breadboard yourself in Experiment 8. 


Crossovers 


The last topic | have to mention about schematics con- 
cerns the way in which they show two wires crossing 
each other. In the simple circuits that you have built so 
far, no crossovers occurred, but as circuits become more 
complicated, wires must pass over each other without 
making an electrical connection. How can a schematic il- 
lustrate this? 


In the first edition of this book, | used a style in which 
one wire crossing another had a little semicircular 
“jump” in it. This is identified as the “Old Style” in Fig- 
ure 2-48. | still prefer this style, because you can see so 
clearly that the wires are not making an electrical con- 
nection. However, a few decades ago, rendering the lit- 
tle jump became more troublesome as circuits were cre- 
ated with graphics software instead of pen and ink. At 
that point, jumps were used less frequently. 


An alternative, identified as “Newer Style” in Figure 2-48, 
showed one of the wires with a break in it. This was con- 
fusing, and was not easily rendered by automated cir- 
cuit-drawing software. Consequently it, too, has become 
rare. 


The third style, labelled “Conventional,” is now extremely 
common. In this edition of Make: Electronics | decided | 
should conform with the conventional style that is used 
in the rest of the world, even though | think it isn’t as 
clear as the old style. 


Perhaps you are wondering—if two lines crossing each 
other are not electrically connected, how do you draw 
them when they are connected? The answer is, you use 
a dot, and to avoid confusion, the dot should be large, 
not just a little pin-prick. The lower half of Figure 2-48 
shows what | mean. This leads to the general rule: 


e Two lines crossing each other do not indicate 
an electrical connection. 


e Where lines intersect in a dot, there is an electri- 
cal connection. 
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Old Style 
When wires 
| cross each 
other without 
making an 
| Newer Style electrical 
connection. 
| 
| Conventional 
| Yes | 
When wires 
do make an 
electrical 
Yes connection 
with each 
other. 


| Too Confusing 


Figure 2-48 Various styles for depicting wires that do or do not 
connect. See text for details. 


There's still one more note to add. In the interests of 
clarity, | think it's good practice to avoid the style shown 
at the bottom of Figure 2-48. It’s too confusing. If we 
avoid that configuration, and use the one immediately 
above it instead, then we know that wires crossing each 
other never make a connection under any circumstan- 
ces. 


Colored Conductors 


Did | say that crossovers would be my last topic about 
schematics? Actually there is one more small matter. Be- 
cause | never want you to get confused between the 
positive and negative sides of a power supply, I’m going 
to be coloring all the positive conductors red in sche- 
matic drawings in the rest of the book, while the nega- 
tive/ground side will be blue. Readers have told me that 
this was very helpful where | used it occasionally in the 
past, so, now l'm going to use it consistently throughout. 
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Black is a more commonly used color for negative/ 
ground (as in the black wire on your meter, or the black 
wire from a battery connector). But blue is still some- 
times used, and is more distinctive. 


Just bear in mind that schematics that you encounter in 
the world outside of this book will not use this helpful 
coloring convention. All the wires will be black, and you 
will have to figure out which ones are connected with 
the power supply. 


Experiment 7: Investigating a 
Relay 


The next step in your exploration of switching is to use a 
remote-controlled switch. By “remote-controlled, | 
mean that it turns on or off in response to a signal that 
you send to it. This kind of switch is known as a relay, be- 
cause it relays an instruction from one part of a circuit to 
another. 


e Often a relay is controlled by a low voltage or 
small current, and switches a larger voltage or 
higher current. 


This can be very useful. When you start your car, for in- 
stance, a relatively small, cheap ignition switch sends a 
small signal down a thin, inexpensive piece of wire to a 
relay that is near the starter motor. The relay activates 
the motor through a shorter, much thicker, more expen- 
sive piece of wire, capable of carrying as much as 100 
amps. 


Similarly, if you raise the lid on an old-fashioned top- 
loading washing machine during its spin cycle, you close 
a small switch that sends a small signal down a thin wire 
to a relay. The relay handles the bigger task of switching 
off the large motor spinning the drum full of wet 
clothes. 


What You Will Need: 


e 9-volt battery (1) 

e DPDT 9VDC relays (2) 

e Tactile switch, SPST (1) 

e Test leads with alligator clips at each end (5) 


e Utility knife (1) 


e Multimeter (1) 


The Relay 


The type of relay that | want you to use has two pins at 
one end and six at the other. The six are clustered in two 
lines of three, as in Figure 2-49 (where the relay is up- 
side-down with its pins in the air). If you buy two relays, 
you can use one for investigational purposes, meaning 
that you'll be cutting it open to take a look inside. If you 
do this very, very carefully, the relay should still be usa- 
ble afterward. If not—well, you will have a spare. 


Caution: Polarity Problems 


Some relays are fussy about the way that you apply volt- 
age to the coil that’s hidden inside. Everything works 
fine with the electricity flowing one way through the 
coil, but if you reverse the positive and negative connec- 
tions (in other words, if you reverse the polarity) the re- 
lay stops working. 


This is especially annoying when the relay datasheet 
doesn't make it clear. The relays that | have recommend- 
ed do not require a particular polarity. See “Essential: Re- 
lay” on page 48. 


Procedure 


Attach test leads and a tactile switch (pushbutton) as 
shown in Figure 2-49. (Note that the parts in these draw- 
ings are not drawn to scale.) When you press the button 
to apply 9 volts to the pair of pins that are separate from 
the others, you should hear a very faint click. Let go of 
the button, and you may hear another click. (If your 
hearing is not good, touch the relay gently with your fin- 
gertip, and you should feel a faint vibration when the 
click occurs.) 


What's happening here? Your meter will help you to in- 
vestigate. Set it to measure continuity, and verify that it’s 
working by touching the two probes together. If it 
doesn't beep, you haven't set it to measure continuity, or 
the battery is dead, or one of the probes is plugged into 
the wrong socket. 


Now hold the probes against the pins as shown in Fig- 
ure 2-50, and press the button. The meter should beep 
while the button is pressed. 
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=) 


Tactile 
Switch 


Figure 2-49 The first step in figuring out what's happening 
inside a relay. 


This test tells you that some contacts must close inside 
the relay when you apply voltage to the pair of terminals 
at the end nearest you. But maybe you're having difficul- 
ty holding the meter probes against the pins at the same 
time as you press the button. In that case, try using a 
couple of test leads as shown in Figure 2-51. With one 
end of each lead clipped to a meter probe, and the other 
end of each lead clipped to a relay pin, you have your 
hands free. 


Figure 2-50 Step 2: Measuring continuity. 
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Figure 2-51 You can extend your meter probes with test leads, to 
free yourself from holding the probes. 


Now try moving the red test lead from the relay pin far- 
thest away from you to the vacant pin next to it. You 
should find that the behavior of the meter is reversed, so 
that it beeps when you don't press the button, and then 
stops beeping when you do press it. 


What’s Going On Inside 


Figure 2-52 shows an x-ray view of the interior of the re- 
lay when you pressed the button. The relay contains a 
coil at the bottom, which generates a magnetic field, 
which moves a pair of internal switches. The coil moved 
the switch on the right to connect pins A and C internal- 
ly, so the meter beeped. 


Button is 


pressed \ 


Figure 2-52 Inside the relay, when the button is pressed, the 
meter starts beeping. 


You may be wondering why the coil in the relay seems 
to push the internal switch away from it. The reason is 
that there is a mechanical linkage inside the relay which 
converts a pulling force to a pushing force. You'll be able 
to inspect this when | get to the point of opening up the 
relay, later in this experiment. 


Figure 2-53 shows what happened when you were not 
pressing the button. The switch contacts relaxed into 
their opposite state, breaking the connection between A 
and B and making the connection between B and C. The 
contacts remain in this position when no power is flow- 
ing through the relay coil. 


Button is not ; E 


pressed \ 


-L 


+ 


Figure 2-53 Inside the relay, when the button is not pressed and 
the meter is not beeping. 
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Other Relays 


| believe that the pin functions that | have described are 
the most common for this size of relay, but | know there 
are some exceptions that do things differently. In fact, 
the first edition of this book used a relay that had differ- 
ent pin functions. 


When you encounter a double-pole, double-throw 
(DPDT) relay for the first time, how can you determine 
what's going on inside it? You test different pairs of pins 
with your meter while you apply voltage to the coil. By a 
process of elimination, you can figure out how the pins 
are connected. 


You can also read the manufacturer’s datasheet. It 
should contain diagrams such as the one in Figure 2-21. 


Is this all you need to know about relays? No, I've hardly 
scratched the surface. 


e Some relays are latching, meaning that the in- 
ternal switches remain in either position when 
the power is off. Latching relays usually have 
two coils to move the switches each way. | will 
not be using them in this book. 


Some relays have two poles, some have only 
one; some are double-throw, and some are sin- 
gle-throw. 


Some coils switch with AC, some switch with 
DC, and as l've mentioned previously, some DC 
coils require you to apply DC voltage with cor- 
rect polarity. 


As always, datasheets should provide the necessary in- 
formation. 


Figure 2-54 shows a selection of schematic symbols for 
various types of relays. Type A is single-pole, single- 
throw. Type B is single-pole, double-throw. Type C is sin- 
gle-pole, single-throw, drawn in the style that | like to 
use, with a white rectangle reminding you that the parts 
are enclosed in a single component. Type D is single- 
pole, double-throw. Type E is double-pole, double 
throw. Type F is single-pole, double-throw, latching. 


Relay schematics are always drawn with the internal 
switch in its relaxed position, when power is not applied 
—with the exception of the latching relay, where the po- 
sition of the switch is arbitrary. 
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Figure 2-54 Various schematic symbols for relays. See text for 
details. 


The type of relay you have been testing is a small-signal 
relay, meaning that it can’t switch a lot of current. Larger 
relays may be capable of switching many amperes. It’s 
important to choose a relay that is rated for the maxi- 
mum current in your circuit (or higher), because over- 
loading a relay will cause sparking that quickly erodes its 
contacts. 


In future experiments you'll discover some practical uses 
for a relay—for example, in a home security system. Be- 
fore you get to that, l'm going to show you how to turn a 
relay into an oscillator that buzzes. But first, | think it’s 
time to take a look inside. 


Opening It Up 

If you have an impatient disposition, you can open your 
relay using methods such as those in Figure 2-55 and 
Figure 2-56. Generally, though, you may be better off us- 
ing a most mundane piece of equipment: a box cutter or 
utility knife. 
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O-120V, .3 kVA 
(SUPERIOR 108) 


CR 100 PIV, 104 


Ru MUST BE CALCULATED FOR 
INDIVIDUAL METER 


Fig.8-16. Battery charger schematic. 


discharged battery are high, running from 3-5 times the 10 hour 
rate for nickel-cadmium batteries, and 6 times the finishing rate for 
lead-acid batteries. The advantage of constant voltage method is 
that it is difficult to over charge the battery. 

When using the constant voltage method on lead acid batteries 
you can take advantage of the “quick charge” technique used by 
service stations. A high percentage of the charge can be put back 
into the battery in a short period of time—if you are careful. The 
rule is to keep the charging rate (in amperes) less than the number 
of ampere-hours out of the battery. For example, if you have used 
the battery for two hours at a five amp rate you can charge it at the 
10 amp rate. 

When using the constant current method care must be taken to 
prevent over charging. For lead acid cells this can be done by 
checking specific gravity of the electrolyte. For nickel-cadmium 
cells charge at the rated current until the cell voltage reaches 
1.45-1.50 volts. 

Figure 8-16 is the schematic diagram of the battery charged. It 
is a simple bridge rectifier device built into a case made from a 
BC-375-E tuning unit. A Variac provides continuous voltage ad- 
justment, while the transformer provides isolation and voltage step 
down. All components except the rectifiers are mounted to the 
front panel. The rectifiers, on insulated heat sinks, are mounted to 


385 


Experiment 7: Investigating a Relay 


eling them until you see just a hair-thin opening. Don't 
go any farther; the parts inside are very, very close to 
your knife blade. Now pop the top off. Repeat this pro- 
cedure with the remaining edges of the shell, and if you 
were really careful, the relay will be exposed but will still 
work when you energize its coil. 


Figure 2-55 Option 1 for opening a relay (probably not 
recommended). 


| | Figure 2-57 Shaving the edges of the plastic box of a relay is a 
(0) | first step to opening it. Always cut away from you and downward 


toward your work bench. 


Figure 2-56 Option 2 for opening a relay (definitely not 
recommended). 


Figure 2-58 After shaving the edges, you should be able to pry 
open one section of the case. 


Figure 2-57 and Figure 2-58 illustrate the technique that 
| like to use. You shave the edges of the plastic shell, bev- 
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What's Inside? 


Figure 2-59 shows a simplified view of the parts in a typi- 
cal relay. The coil, A, generates a magnetic attraction 
pulling lever B downward. A plastic extension, C, pushes 
outward against flexible metal strips and moves the 
poles of the relay, D, between the contacts. (This is a 
slightly different configuration from the relay recom- 
mended for experiments in this book, but the general 
principle is the same.) 


Figure 2-59 Simplified view of the interior of a relay. See text for 
details. 


You can compare the diagram with an actual relay that | 
opened up, in Figure 2-60. 


Various sizes of relays are shown with their cases re- 
moved in Figure 2-61. All of them happen to be de- 
signed for 12 volts DC. The automotive relay at far left is 
the simplest and easiest to understand, because it is de- 
signed without much concern for the size of the pack- 
age. Smaller relays are more ingeniously designed, more 
complex, and more difficult to figure out. Usually, but 
not always, a smaller relay is designed to switch less cur- 
rent than a larger one. 


Experiment 7: Investigating a Relay 


Figure 2-60 An actual relay, exposed. The squares on the 
cutting mat are 1” x 1" 


Figure 2-61 A variety of 12-volt relays. See text for details. 


Fundamentals: Relay Terminology 


Coil voltage is the voltage that the relay is supposed to 
receive when you energize it. This may be AC or DC. 


Set voltage is the minimum that the relay will accept, to 
close its switch. This will be a bit less than the ideal coil 
voltage. In practice, a relay will probably work with even 
less power than the set voltage, but the set voltage tells 
you the minimum at which it is guaranteed to work. 


Operating current is the power consumption of the coil, 
usually in milliamps, when the relay is energized. Some- 
times the power is expressed in milliwatts. 
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Switching capacity is the maximum amount of current 
that the contacts inside the relay can switch without 
damage. Usually this is specified for a resistive load, 
meaning a passive device such as an incandescent light- 
bulb. When you use a relay to switch on a motor, it im- 
poses an inductive load, which takes a big initial surge of 
current before it gets up to speed. Switching the motor 
off creates another surge. If the datasheet for a relay 
doesn't rate its ability to handle an inductive load, a rule 
of thumb is to assume that a motor may draw twice as 
much current when it starts, compared with when it is 
running. 
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When you used test leads with alligator clips in previous 
experiments, they had two big advantages: you could 
assemble a circuit quickly, and you could see its connec- 
tions easily. 


Sooner or later, though, you have to get acquainted with 
a quicker, more convenient, more compact, and more 
versatile method for building circuits, and that time has 
come. l'm referring to the most widely used prototyping 
device: a solderless breadboard. 


In the 1940s, circuits were built on a platform that really 
did look like a board that could be used for slicing bread. 
Wires and components were nailed, stapled, or screwed 
into place, because this was a whole lot easier than the 
alternative, which was mounting them on pieces of 
sheet metal. Remember, plastic barely existed back then. 
(A world without plastic—can you imagine it?) 


Today the term “breadboard” is used for a little slab 
measuring about 2” by 7", and no more than 1/2” thick, 
as pictured in Figure 2-10. This is a wonderfully quick 
and easy system for assembling components. The only 
problem is that it creates internal connections between 
the components that are difficult to visualize—although 
| have ways to help you deal with that. 


The best way to learn breadboarding is to assemble a 
circuit, which is exactly what you are about to do, taking 
the previous experiment with a relay one step further. 


What You Will Need 


e 9-volt battery (1) 


Battery connector (1) 
Breadboard (1) 
DPDT 9VDC relay (1) 
Generic LEDs (2) 


Tactile switch (1) 


Resistor, 470 ohms (1) 
Capacitor, 1,000uF (1) 


Pliers, wire cutters, wire strippers (1 each) 


Hookup wire, at least two colors, no more than 
12” each 


A Beginner’s Board 


Figure 2-62 shows the top part of your breadboard with 
the components that | would like you to plug into it. 
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Figure 2-62 A relay test circuit mounted in a breadboard. 


In case you're wondering exactly what some of these 
components are, Figure 2-63 shows all the pictorial sym- 
bols that will be used in the rest of the book in bread- 
board diagrams. You have not encountered most of 
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these components yet, but you can refer back to this di- 
agram for reference. 


Slider 
Switch 
(with 
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view of pins 
beneath and 
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Figure 2-63 Representation of breadboarded components. 
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In Figure 2-62 the relay from the previous experiment is 
in the center. You won't be able to see the pins from 
above, because they are inserted into the board under- 
neath. | have shown their positions so that you know 
which way around the relay should be (that is, with its 
coil pins at the bottom). | have also shown the connec- 
tions that exist inside the relay, just to remind you how 
they are configured. The switch is in the position where 
it rests when there is no power. This is the “relaxed” posi- 
tion. 


The gray circular object is your pushbutton, more prop- 
erly known as a tactile switch. | have shown an x-ray 
view of its pin positions, too, so you know how it should 
be oriented. 


The two red circular objects are LEDs. Make sure the 
long lead of each one is on the side where the plus sign 
is shown. 


The resistor value is 470 ohms—but you could have fig- 
ured that out by looking at the colors of its stripes. 


The red, green, and blue segments that look like pieces 
of wire, plugged into the breadboard, really are pieces of 
wire, plugged into the breadboard. My next task is to tell 
you how to make them. 


Making Jumpers 


If you bought an assortment of precut hookup wires, al- 
so known as jumpers, you can just go ahead and push 
them into the breadboard in the positions shown, al- 
though they won't be the same colors as the ones in my 
illustration. 


As | mentioned previously, | advocate making your own. 
The exact procedure that | use is shown in Figure 2-64. 
First, strip off a couple of inches of insulation from some 
hookup wire. To do this, hold the wire in your left hand 
(or your right hand, if you are lefthanded). Hold the wire 
strippers in your other hand. Close the wire strippers so 
that they grip the wire in the hole marked “22” on the 
blade of the strippers. Pull the strippers away from your 
other hand, and they should take the insulation with 
them. (If you are wondering why you use the hole 
marked “22,” it's because you are using 22-gauge wire. 
At least, | hope that’s the size you are using.) 
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Step 1: 
Remove a 
couple of 
inches of 
insulation. 


Step 2: 

Strip the desired 
length of insulation. 
Slide it down 

the wire. 


Step 3: 
Cut the wire. 


Step 4: 
Bend the ends. 


Figure 2-64 Procedure for making jumper wires. See text for 
details. 


Next assess how long the visible part of your wire is sup- 
posed to be when it is installed on the board. | will call 
that distance X inches. Measure X inches of the insula- 
tion that remains on your hookup wire. Drag a section of 
insulation that is X” long until it is about 3/8” from the 
end of the wire. 


Using your wire cutters, or the blades built into your wire 
strippers, snip the wire 3/8” behind the X” section of in- 
sulation that you just dragged along the wire. 


Finally, use your pliers to make a neat right-angle bend 
at each end, and push it into the board. Wait—does it 
not quite fit? If you practice a little, you'll soon get to the 
point where you can make jumpers of the right length 
just by visual estimation. 


Power Up 


Lastly you need to apply power from your 9-volt battery. 
You should find that the wires attached to the connector 
terminate in little bare soldered ends that will poke into 
the holes in the breadboard. If you have trouble with 
them, try feeding them in with the tips of your pliers. If 
you still have trouble, you may need to strip off a couple 
more millimeters of insulation, using your wire strippers. 


After inserting the wires into the breadboard, snap the 
connector onto the battery, as suggested in Figure 2-62. 
As soon as you have power on the breadboard, the LED 
on the left should light up. When you press the button, 
the switch inside the relay will close and the LED on the 
right will light up. Congratulations! You just breadboar- 
ded your first circuit. 


Now, why does it work? 


Inside the Board 


Figure 2-65 reveals the copper strips that are hidden in- 
side the breadboard. The little squares show where each 
lead of a component can poke through and make con- 
tact with the strips inside. 


Each of the two long, vertical strips is known as a bus 
(plural: buses). This type of bus does not transport peo- 
ple, but does transport electrons, as the positive and 
negative sides of the power supply are typically connec- 
ted with the buses. 


e In this book, | am consistently placing the posi- 
tive side of the supply on the left bus and nega- 
tive ground on the right bus. 


An important thing to notice is that each bus has two 
breaks in it. Not all breadboards have this feature, but 
many do. The purpose is to allow you to use multiple 
power supplies of different voltages at different loca- 
tions on the board. In practice this doesn’t happen often, 
and the breaks in the buses are annoying, because you 
may tend to forget that they’re there. When you build a 
circuit that extends down the board, and you find a mys- 
terious lack of power around the halfway mark, you may 
realize eventually that you forgot to add jumper wires 
bridging the gaps in the buses. 


Where necessary, | will be reminding you to take care of 
this little detail. 
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Figure 2-65 A single-bus breadboard contains copper 
connecting strips in this configuration. 


Relay Circuit, Revealed 


Figure 2-66 shows you the copper strips hidden inside 
your breadboard. They make connections between com- 
ponents plugged into the breadboard. The electricity 
takes a zigzag path, but the resistance of the copper 
strips is so low, the length of the path doesn't matter. 
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Figure 2-66 Components on the breadboard are connected 
through the copper strips inside it. 


Maybe the diagram is easier to understand if | hide the 
copper strips that aren't doing anything, and just show 
the ones that are part of the circuit, as shown in Fig- 
ure 2-67, 


Figure 2-67 The previous diagram is modified so that strips in 
the breadboard that are not an active part of the circuit have been 
omitted. 


Now take a look at the schematic for the same circuit, in 
Figure 2-68. | laid out the schematic to resemble the 
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breadboard, to emphasize the similarity. As you contin- 
ue through the book I'm going to rely on schematics 
more, and will expect that you can create your own 
breadboard layouts. But l'Il take a while to get to that 
point. 


Gs 9VDC from Battery — 


A470 | 
wR 


Y 


rcs 


Figure 2-68 A schematic that corresponds with the breadboard 
connections already shown. 


If you're wondering why there is only one 470-ohm resis- 
tor to protect two LEDs, it’s because the LEDs only light 
up one ata time. 


Making It Buzz 


The next step is to modify your circuit, to make it more 
interesting. Look at the new schematic in Figure 2-69. 
Compare it with the previous version in Figure 2-68. Can 
you spot the difference? In the old version, the pushbut- 
ton that energized the coil received its power directly 
from the 9V supply. In the new version, the pushbutton 
gets its power through the lower contact of the relay. 
What effect will this have? 


| + 9VDC from Battery — 


470 | 


Figure 2-69 A revised version of the previous schematic now 
delivers power to the pushbutton through the lower contact of the 
relay. 


Figure 2-70 shows how you can adapt your previous 
breadboarded circuit to match the new schematic. All 
you have to do is rotate the pushbutton by 90 degrees, 
and use an extra jumper wire (colored green in the fig- 
ure) to link it with the same relay pin that energizes the 
lefthand LED. 


Push the button—briefly!—and what happens? The re- 
lay makes a buzzing sound. (If your hearing is not good, 
touch the relay to feel it vibrating.) 


Can you see what's happening, here? In its relaxed state, 
the switch inside the relay rests against the lower con- 
tact. This feeds positive voltage to the lefthand LED, and 
also to the pushbutton. Consequently, when you press 
the button, the power connects with the relay coil. The 
coil pushes the internal switch upbward—but as soon as 
it does that, it breaks the connection feeding voltage to 
the coil. So, the switch falls back to its relaxed position. 
But this energizes the coil again, so the cycle repeats. 
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Figure 2-70 The previous breadboarded circuit has been 
modified to match the revised schematic. 


The relay is oscillating between its two states. 


Because you're using a small relay, it switches on and off 
quite fast. In fact, it oscillates perhaps 20 times per sec- 
ond (too fast for the LEDs to show what's really happen- 


ing). 


e When you force a relay to behave like this, it’s li- 
able to burn itself out or destroy its contacts. 
You are also controlling a bit more current than 
your tactile switch is designed to handle. So 
don't hold down the button for long! To make 
the circuit less self-destructive, we need to 
make everything happen more slowly. lm go- 
ing to achieve this by using a capacitor. 


Adding Capacitance 


Add a 1,000uF electrolytic capacitor in parallel with the 
coil of the relay as shown in the diagram in Figure 2-71, 
making sure that the capacitor's short wire is connected 
to the negative side of the circuit; otherwise, it won't 
work. In addition to the short wire, you should find a mi- 
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nus sign on the body of the capacitor, which is there to 
remind you which side should be more negative. In the 
diagram, | used a plus symbol, because it's more obvious 
than a minus symbol, and | wanted to be consistent with 
the style | used for LEDs. 


e Electrolytic capacitors react very badly to being 
connected the wrong way around. They may 
self-destruct. Double-check the polarity. 


EEEE 


BE g 
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1,000uF capacitor 


Figure 2-71 With the addition of a large capacitor, the behavior 
of the circuit slows down. 


When you press the button now, the relay should click 
intermittently instead of buzzing. 


A capacitor is like a tiny rechargeable battery. It’s so 
small that it charges in a fraction of a second, before the 
relay has time to open its lower pair of contacts. Then, 
when the contacts are open, the capacitor releases its 
power to the relay (and to the lefthand LED). This keeps 
the coil of the relay energized for a moment. After the 
capacitor exhausts its power reserve, the relay relaxes 
and the process repeats. 
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During this process, the capacitor is charging and dis- 
charging. 


Disconnect the righthand LED, and you should find that 
the lefthand LED pulses in a pleasing manner, gradually 
fading as the voltage from the capacitor diminishes. 


Because the capacitor takes a big surge of current when 
it charges, your tactile switch may overheat if you hold it 
down for too long during this experiment. 


Fundamentals: Farad Basics 


The storage ability of a capacitor is measured in farads, 
represented by an uppercase letter F. The term is named 
after Michael Faraday, another in the pantheon of elec- 
trical pioneers. 


The farad is a large unit, and is divided into microfarads 
(abbreviated uF, each being 1/1,000,000th of a farad), 
nanofarads (abbreviated nF, each being 1/1,000th of a 
microfarad), and picofarads (abbreviated pF, each being 
1/1,000th of a nanofarad). In the United States, the 
nanofarad is used less often than in Europe. Instead, val- 
ues may be expressed using picofarads and fractions of 
a microfarad. 


A conversion table for picofarads, nanofarads, microfar- 
ads, and farads is shown in Figure 2-72. 


0.001nF 0.000001uF 
10pF 0.01nF 0.00001yF 
100pF 0.1nF 0.0001yF 
1,000pF 1nF 0.001yF 
10,000pF 10nF 0.01yF 
100,000pF 100nF 0.14F 
1,000,000pF = 1,000nF 1uF  0,000004F 
10uF  0.00001F 
100uF  0.0001F 
1,0004F  0.001F 
10,0004F  0.01F 


100,000u4F O.1F 
1,000,000uF 1F 


Figure 2-72 Conversion table for fractions of farads. 


Caution: Getting Zapped by Capacitors 


Ifa large capacitor is charged with a high voltage, it can 
retain that voltage for minutes or even hours. Because 
the circuits in this book use low voltages, you don't have 
to be concerned about this here, but if you are reckless 
enough to open an old TV set and start digging around 
inside (which | do not recommend), you may have a nas- 
ty surprise. A large charged capacitor can kill you as easi- 
ly as if you stick your finger into an electrical outlet. 


Fundamentals: Capacitor Basics 


No electrical connection exists inside a capacitor. lts two 
leads are connected internally with p/ates that are a tiny 
distance apart, separated by an insulator known as the 
dielectric. Consequently, DC current cannot flow through 
a capacitor. However, if you connect a capacitor across a 
battery, it will charge itself as suggested in Figure 2-73, 
because the charge on one plate attracts an opposite 
charge on the other plate. 


Figure 2-73 A capacitor connected across a battery will 
accumulate equal and opposite charges, as suggested here. 


In modern capacitors, the plates have been reduced to 
strips of very thin, flexible, metallic film. 


The two most common varieties of capacitors are ceram- 
ic (usually small, to store a relatively small charge) and 
electrolytic (which can be much larger). Electrolytics are 
usually shaped like miniature tin cans and may be any 
color, although black is most common. Older ceramics 
are often disc-shaped, while newer ones are little roun- 
ded blobs. 


Ceramic capacitors have no polarity, meaning that you 
don't have to worry about which way around they are in 
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a circuit. Electrolytics do have polarity, and won't work 
unless you connect them the right way around. 


The schematic symbol for a capacitor contains two lines 
representing the two plates inside it. If both of the lines 
are straight, the capacitor does not have a polarity—it 
can be used either way around. If one of the lines is 
curved, that side of the capacitor must be more negative 
than the other. A + sign may be included to remind you 
of the polarity. The variants are shown in Figure 2-74. 


de y 


Figure 2-74 Two variants of the symbol representing a capacitor. 
See text for details. 


The symbol with the curved plate is not used so much 
anymore. People assume that if you have an electrolytic 
capacitor, you'll be smart enough to connect it the right 
way around. Also, multilayer ceramic capacitors have be- 
come available in higher values, and may be substituted 
for electrolytics. 


e My schematic diagrams will only use the non- 
polarized capacitor symbol. Whether you use an 
electrolytic capacitor or a ceramic capacitor is 
your choice. 


e My breadboard diagrams will show electrolytic 
capacitors where | think you are most likely to 
use them. Still, you can substitute ceramic ca- 
pacitors if you wish. 


Caution: Observe Capacitor Polarity! 


The most common type of electrolytic capacitor uses 
aluminum plates. Two other types use tantalum and 
niobium, respectively. All of these capacitors are fussy 
about polarity. In Figure 2-75, a tantalum capacitor was 
plugged into this breadboard, connected the wrong 
way to a power source capable of delivering a lot of cur- 
rent. After a minute or so of this abuse, the capacitor re- 
belled by popping open and scattering small flaming 
pieces, which burned their way into the breadboard. 
Lesson learned: observe polarity! 


Experiment 8: A Relay Oscillator 


Figure 2-75 The aftermath of an error in which a polarized 
tantalum capacitor was connected the wrong way around to a 
power source capable of supplying substantial current. 


Fundamentals: Fault Tracing 


As you build more circuits on breadboards, and they be- 
come more complex, errors become more likely. No one 
is exempt from this unfortunate fact. 


One frequent breadboarding error is to plug a wire into 
the wrong row on a breadboard. This is especially easy 
when you have a component such as a relay, where the 
pins are hidden. Often | pull that component out, take 
another look, and push it back in, just to make sure. 


A more subtle error occurs when you forget the connec- 
tions made by the strips hidden inside the board. Take a 
look at Figure 2-76. What could be simpler? Clearly, the 
positive source of power feeds current through the LED, 
through a jumper, and then through a resistor to the 
negative bus. But if you assemble the components as | 
have shown them, | absolutely, positively guarantee that 
they won't work. 


Figure 2-76 This breadboarded circuit won't work. Can you see 
why? 
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the cabinet. The meter serves a dual purpose, reading either 
voltage or current. 

A three wire power cable is used to provide added safety. This 
unit was built for less than half the cost of a 10 amp commercially 
built home type charger. 


386 


Experiment 8: A Relay Oscillator 


The situation will get much worse if you swap the posi- 
tions of the resistor and the LED. Now the circuit will im- 
mediately burn out the LED. 


The explanation becomes apparent when you check the 
x-ray view in Figure 2-77. The problem is that both leads 
of the LED are plugged into the same strip inside the 
board. The electricity has the option to run through the 
LED, or run through the copper strip instead—and since 
the resistance of the strip is a tiny fraction of the resist- 
ance of the LED, most of the electrons prefer the strip, 
and the LED remains dark. 


Figure 2-77 An x-ray view helps to explain why this won't work. 


Many other kinds of errors are possible. How can you 
find them most quickly and efficiently? You simply have 
to be methodical. Try to follow these steps: 


1. Check voltages. Attach the red lead from your 
meter to a connection near the top of the posi- 
tive bus on your breadboard. Set the meter to 
measure volts (DC volts, unless an experiment 
suggests otherwise). Make sure the power to 
your circuit is switched on. Now touch the black 
probe from your meter to various locations 
down the negative bus. The meter reading 
should be close to the supply voltage. If you 
find a value close to zero, you probably forgot 
to include a jumper to bridge one of the gaps in 
the negative bus. If you find a value of a few 
volts, but it is significantly lower than the sup- 
ply voltage, you may have a short circuit some- 
where, pulling down the voltage from the bat- 
tery (if you are using a battery). 


Now secure the black probe to a connection 
near the top of the negative bus, and check the 
positive bus from top to bottom. 


Finally, with the black probe still attached near 
the top of the negative bus, use the red probe 
to check voltages at random locations in your 
circuit. If you find a voltage close to zero, proba- 
bly a connection is missing somewhere, or a 
component or wire is not making contact inside 
the breadboard. 


. Check placement. Make sure that all the jump- 


er wires and component leads are exactly 
where they should be on the breadboard. 


. Check component orientation. Diodes, tran- 


sistors, and capacitors that have polarity must 
be the right way around. When you start to use 
integrated circuit chips, later in this book, check 
that they are the right way up, and make sure 
that none of the pins on a chip has been bent 
so that it is hidden underneath the chip. 


. Check connections. Sometimes (seldom, but it 


can happen) a component may make a bad 
connection inside the breadboard. If you have 
an inexplicable intermittent fault or zero volt- 
age, try relocating some of the components. In 
my experience this problem is more likely to oc- 
cur if you buy very cheap breadboards. It is also 
more likely if you use wire that has a smaller di- 
ameter than 22 gauge. (Remember, a higher 
gauge number means a thinner wire.) 


. Check component values. Verify that all the 


resistor and capacitor values are correct. My 
standard procedure is to check each resistor 
with a meter before | plug it in. This is time-con- 
suming but can actually save time in the long 
run. 


. Check for damage. Integrated circuits and 


transistors can be damaged by incorrect voltag- 
es, wrong polarity, or static electricity. Keep 
spares on hand so that you can make substitu- 
tions. 


. Check yourself! When all else fails, take a 


break. Working obsessively for long periods can 
create tunnel vision, which prevents you from 
seeing what's wrong. If you move your atten- 
tion to something else for a while, then come 
back to your problem, the answer may sudden- 
ly appear obvious. 
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You may want to bookmark this list of fault-tracing pro- 
cedures and come back to it later if something doesn't 
work. 


Background: Michael Faraday and 
Capacitors 


As previously noted, the farad is named after Michael 
Faraday. He was an English chemist and physicist who 
lived from 1791 to 1867. See Figure 2-78. 


Figure 2-78 Michael Faraday, after whom the farad is named. 


Although Faraday was relatively uneducated and had lit- 
tle knowledge of mathematics, he had an opportunity 
to read a wide variety of books while working for seven 
years as a bookbinder's apprentice, and thus was able to 
educate himself. Also, he lived at a time when relatively 
simple experiments could reveal fundamental proper- 
ties of electricity. He made major discoveries including 
electromagnetic induction, which led to the develop- 
ment of electric motors. He also discovered that mag- 
netism could affect rays of light. 


His work earned him numerous honors, and his picture 
was printed on English bank notes denominated in 20 
pounds sterling, from 1991 through 2001. 
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Experiment 9: Time and 
Capacitors 


Electrons travel almost at the speed of light, yet we can 
use them to measure time in seconds, minutes, or even 
hours. This experiment will show you how. 


What You Will Need 


e Breadboard, hookup wire, wire cutters, wire 
strippers, test leads, multimeter 


e 9-volt battery and connector (1) 

e Tactile switches (2) 

e Generic LED (1) 

e Resistors: 470 ohms, 1K, 10K (one of each) 


e Capacitors: 0.1uF, 1uF, 10uF, 100uF, 1,000uF 
(one of each) 


Charging a Capacitor 


First set your meter to measure volts DC, and measure 
the voltage of a 9-volt battery with your meter. If it’s less 
than 9.2V, you need a newer battery for this particular 
experiment. 


Install two tactile switches, a 1K resistor, and a 1,000uF 
capacitor on your breadboard as shown in Figure 2-79. 
Use a couple of test leads to connect your meter so that 
you can measure the voltage across the leads of the ca- 
pacitor while keeping your hands free. 


Snap a connector on your battery, and plug the wires in- 
to the breadboard to provide the 9VDC supply on the 
two buses of the breadboard, with positive on the left, 
as shown in the figure. 


If the meter measures more than 0.1V, discharge the ca- 
pacitor by pressing button B, which shorts together the 
two sides of the capacitor. 
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Figure 2-79 A simple setup for timing the charging of a 
capacitor. The capacitor is 1,000uF and the resistor is 1K. 


A schematic in Figure 2-80 shows the same circuit, and 
may help you to see what's going on. 


Now hold down button A while you use a watch, a clock, 
or a smartphone to count how many seconds the capac- 
itor takes to charge to 9.0V. If you have an autoranging 
meter, it should automatically switch from measuring 
millivolts, at first, to measuring volts as the charge in- 
creases. When | performed this experiment, the meter 
took just over three seconds. 


Figure 2-80 This schematic shows the same circuit as the 
preceding figure, which shows the breadboarded version. 


The positive side of the capacitor has become “more 
positive” and the negative side has become “more 
negative” as electron-holes and electrons have been at- 
tracted to each other on the plates. The potential differ- 
ence between the leads of the capacitor has increased, 
while current has not passed through it. One of the first 
statements you will ind, when you read any introducto- 
ry electronics text, is: 


e A capacitor blocks DC (direct current). 


So long as you apply a steady electrical potential to the 
capacitor, this is true. 


An RC Network 


Remove the 1K resistor and substitute a 10K resistor. If 
the meter shows that there is still some voltage across 
the capacitor, discharge it by pressing button B. 


Now repeat the test. How long does the capacitor take 
to reach 9.0V, charging through a 10K resistor? 


This simple combination of a capacitor and a resistor is 
known as an RC network (R for resistor, C for capacitor). 
It’s a very important concept in electronics. Before | ex- 
plain what it does, here are some questions to consider: 


e Did the capacitor take exactly 10 times as long 
to reach 9 volts when you used the 10K resistor 
instead of the 1K resistor? 


e Did the voltage across the capacitor rise at a 
steady rate, or did it increase faster at the be- 
ginning of the experiment—or toward the end? 
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« If you wait long enough, will the capacitor ever 
reach the initial value that you measured as the 
voltage of your battery? 


Voltage, Resistance, and Capacitance 


Think of the resistor as a faucet restricting the flow of 
water, and the capacitor as a balloon that you are trying 
to fill (see Figure 2-81). If you screw down the faucet un- 
til only a trickle comes through, the balloon will take 
longer to fill. But a slow flow of water should still fill the 
balloon if you wait long enough. Assuming that the bal- 
loon doesn't burst, the process will end when the pres- 
sure inside the balloon is equal to the water pressure in 
the pipe supplying the faucet. 


pesis TANE 


PRESSUR 
BALLOON 


"a 


SN )) 


CAPACITANCE 


Figure 2-81 Water flowing into a balloon can be compared with 
electrons flowing into a capacitor. 


But this description leaves out an important factor. As 
the balloon starts to fill, it stretches, exerting more pres- 
sure on its contents. As the pressure inside the balloon 
increases, it pushes back against the incoming flow of 
water. Consequently we may expect the water to flow in 
more slowly as the process continues. 


How does this compare with electrons flowing into a ca- 
pacitor? The concept is similar. Initially, the electrons go 
rushing in, but as they occupy more of the electron- 
holes, the newcomers take longer to find a resting place. 
The charging process gets slower, and slower. In fact, 
theoretically, the charge on the capacitor never quite 
reaches the voltage being applied to it. 
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Background: The Time Constant 


The speed with which a capacitor charges is measured 
with a function known as the “time constant.” The defini- 
tion is very simple: 


T=RxC 


where T is the time constant, in seconds, if a capacitor of 
value C (measured in farads) is being charged through a 
resistor of R ohms. 


Going back to the circuit you first tested, using a 1K re- 
sistor, we can put the values of the components that you 
used into the time-constant formula—but only if we 
convert the units to ohms and farads. Well, 1K is 1,000 
ohms, and 1,000uF is 0.001 farads. So the calculation be- 
comes very easy: 


TC = 1,000 / 0.001 


Therefore, for those values of a resistor and a capacitor, 
TC=1. 


But what exactly does this mean? Does it mean that the 
capacitor will be fully charged in one second? Sorry, it's 
not that simple. 


e T, the time constant, is the number of seconds 
required for a capacitor to acquire 63% of the 
voltage being supplied to it, if it starts with zero 
volts. 


What if the capacitor doesn't start from zero? If we start 
measuring after the capacitor has already acquired some 
voltage, the definition becomes a bit more complicated. 
If Voip is the difference between the voltage on the ca- 
pacitor and the supply voltage, T is the number of sec- 
onds required for a capacitor to add 63% of Vpr to its 
current charge. 


(Why 63%? Why not 62%, or 64%, or 50%? The answer to 
that question is too complicated for this book, and you'll 
have to read about time constants elsewhere if you want 
to know more. Be prepared for differential equations.) 


A comparison may be helpful. Figure 2-82 shows a 
greedy guy who is ready to eat some cake. At first he's 
ravenously hungry, so he takes 63% of the cake and eats 
it in one second, which is his time constant for eating 
cake. In his second bite, he takes another 63% of the 
cake that is left—and because he’s not feeling so hungry 
anymore, he requires one more second (remember, this 
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is his time constant). In his third bite, he takes 63% of 
what still remains, and still ingests it in one second. And 
so on. He is gradually filling up with cake, like a capacitor 
filling up with electrons. But he never quite eats all the 
cake, because he only takes 63% of whatever is left. 


Figure 2-82 If our gourmet always eats just 63% of the cake still 
on the plate, he “charges up” his stomach in the same way that a 
capacitor charges itself. No matter how long he keeps at it, the 
cake is never quite gone and his stomach is never completely 
filled. 


Figure 2-83 shows the process another way. After each 
time constant (which is one second, if we have a 1,000uF 
capacitor and a 1K resistor), the capacitor acquires an- 
other 63% of the difference between the charge it had 
and the voltage being applied. 
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Figure 2-83 Another way of looking at a charging capacitor. 


In a perfect world of perfect components, the charging 
process for a capacitor would continue for an infinite 
time. In the real world, we say rather arbitrarily: 


- After five time constants, the charge on the ca- 
pacitor will be so close to 100 percent, we can 
think of the process as being complete. 
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Background: Graphing lt 

| want to draw a graph showing the voltage in a capaci- 
tor as it charges. To do this, l'm going to calculate the da- 
ta by using the time-constant formula. 


Suppose Vcap is the voltage on a capacitor right now, 
while Vp is the difference between that amount of 
charge and the battery voltage being applied (as be- 
fore). The formula shown below will tell me what the 
new voltage on the capacitor will be after one time con- 
stant. l'Il call the new voltage Vuew. The formula looks 
like this: 


Vnew = Vcap + (0.63 x Vpre) 
The 0.63 value is the same as 63 percent. 


Suppose the battery was supplying exactly 9V and the 
capacitor started with exactly OV. So, Vcap = 0 and Voir = 
9. Plug those values into the formula: 


VNEW = 0 + (0.63 x 9) 


My calculator tells me that 0.63 x 9 = 5.67. So after one 
time constant (one second, with a 1K resistor and a 
1,000pF capacitor) the capacitor acquired 5.67 volts. 


What about the next second? We have to repeat the cal- 
culation, using the new values. The current voltage on 
the capacitor, Vcap, is now 5.67. The battery is still apply- 
ing 9V, so Voip equals 9 minus 5.67, which is 3.33. We 
take those values back to the same formula: 


View = 5.67 + (0.63 x 3.33) 


My calculator tells me that 0.63 times 3.33 equals 2.1, ap- 
proximately. And 2.1 plus 5.67 equals 7.77. So, after two 
seconds, the capacitor has acquired 7.77 volts. 


We can repeat this calculation any number of times, cre- 
ating a sequence of numbers like this (rounded to two 
decimal places), showing the voltage on the capacitor at 
the end of each second, assuming a power supply of 9V: 


After 1 second: 5.67 volts 


After 2 seconds: 7.77 volts 
After 3 seconds: 8.54 volts 
After 4 seconds: 8.83 volts 
After 5 seconds: 8.94 volts 
After 6 seconds: 8.98 volts 
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The graph in Figure 2-84 was created by drawing a 
smooth curve through those values. | didn’t bother to go 
beyond six seconds, because the values climb so close 
to 9V. 


Charging a 1,000uF capacitor 
through a 1K resistor 
from a 9VDC supply 
(predicted from theory) 


Voltage 
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Figure 2-84 A graph can help to show how charge accumulates 
on a capacitor over a period of time. 


Experimental Verification 


I've told you how to calculate the charge on a capacitor 
in an RC network. But—how do you know I'm right? 
Should you just take my word for it? 


Maybe you should test it yourself. In other words, you 
could do some experimental verification, which is a big 
part of Learning by Discovery. 


Go back to the circuit that you used before, and make 
sure you have the 10K resistor in it, not the 1K resistor. 
Ask a friend to sit beside you, keeping track of the time, 
while you watch the display of volts on your multimeter. 
Every 10 seconds, your friend says “Now!” and you write 
down the voltage on the meter at that moment. You fol- 
low this procedure for one minute. 


Because you're using a 10K resistor, not a 1K resistor, the 
time constant is now 10 seconds instead of 1 second. So, 
your readings should look like the series of voltages that 
| tabulated above at 1-second intervals, except that 
yours will be at 10-second intervals. 


The voltages that you measure should be close to mine, 
but they won't match precisely. Why? | can think of many 
reasons. 
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e Your battery doesn't provide exactly the same 
voltage as mine. 


e Your resistor isn't precisely 10,000 ohms. 
e Your capacitor is not exactly 1,000 microfarads. 
e Your meter is not totally accurate. 


e You will take a few microseconds to read the 
meter. 


e Your friend may not prompt you precisely every 
10 seconds. 


There are two other factors that you might not think of. 
First, capacitors don't store electricity perfectly. They suf- 
fer from leakage, in which the charge gradually leaks 
away. This happens even while the capacitor is gaining 
charge. Toward the end of the charging process, the 
electrons are trickling in so slowly, the leakage (the rate 
at which they are trickling out) becomes significant by 
comparison. 


Additionally, your meter has an internal resistance. It’s 
very high, but still, it’s there. This means that the meter is 
stealing a little bit of the charge from your capacitor 
while you are measuring the voltage. Yes, the process of 
making a measurement changes the value that you are 
trying to measure! This is actually a common problem in 
physics and engineering. 


| can think of ways to minimize all of these factors, but | 
can't imagine a way to eliminate them completely. There 
will always be some experimental error. This is the chal- 
lenge when you use an experiment to verify a theory. 
Verification can be a very lengthy process, requiring a lot 
of patience—which is why theorists tend to have differ- 
ent personalities from experimentalists. 


Capacitive Coupling 
Now that I’ve told you how capacitors become charged 


and discharged, | have to go back to the statement | 
made before: 


e A capacitor blocks DC (direct current). 


You may remember, | also said, “So long as you apply a 
steady electrical potential to the capacitor, this is true” 


But what if there isn't a steady electrical potential? What 
happens at the moment when a capacitor goes from 


having no charge on it to connecting suddenly to a 
source of voltage? 


Ahhh, that's a different matter. Under those circumstan- 
ces, the capacitor allows a signal to pass through. 


How can this be? The plates inside a capacitor don't 
touch each other, so, how can a pulse of electricity jump 
from one to the other? 


I'll deal with the “how” and “why” in a moment. First you 
need to make sure that what I’m talking about actually 
happens. 


Take a look at the components on the breadboard in Fig- 
ure 2-85. The layout is similar to the circuit in Fig- 
ure 2-79, but the 10K resistor has moved from the left 
side to the right side, and an LED and a 470-ohm resistor 
have been added. 
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Figure 2-85 The flashing of a red LED shows how the behavior of 
a capacitor changes when there is a quick change in voltage. 


The breadboarded circuit is redrawn as a schematic in 
Figure 2-86, which may help to clarify it. 
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Figure 2-86 This schematic shows the same circuit as in the 
preceding figure depicting a breadboarded version. 


And just to make sure there is no confusion, I’m showing 
the component values in Figure 2-87. 
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Figure 2-87 Component values for the breadboarded circuit. 


After you assemble the circuit, first remember to press 
button B to discharge the capacitor. Now press button A, 
and—why did the LED just flash and slowly fade away? 


Press button A again. This time, little or nothing hap- 
pens. Evidently, the capacitor has to begin in a dis- 
charged state for this to work. So, press button B to dis- 
charge it. Now press button A again, and the LED flashes 
again. 


We know that the capacitor started with almost no posi- 
tive voltage on its lower pin, because it was connected 
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to negative ground through the 10K resistor. We also 
know that the capacitor started with almost no positive 
voltage on its upper pin, because button B shorted both 
sides of the capacitor together. (That was why | asked 
you to discharge it.) 


Then you pressed button A, which applied a sudden 
positive pulse, and the LED lit up on the other side of the 
capacitor. The current through the LED had to come 
from somewhere, and the only explanation is that it 
came through the capacitor. 


Displacement Current 


Let's try this again, using your meter instead of the LED 
and its series resistor. Figure 2-89 shows the breadboard 
layout, while Figure 2-88 shows the schematic. Dis- 
charge the capacitor by pressing button B, and then 
check the reading on your meter. It should be near 0V. 


al 1,000uF 


Meter 
(volts) 


Figure 2-88 The schematic version of the preceding 
breadboarded circult. 


Watch your meter very carefully while you press button 
A. A digital meter does not respond very quickly, but still 
you will see a sudden rise in the voltage, after which the 
voltage gradually diminishes. 


When | connected this circuit with an oscilloscope, 
which can measure and display very rapid changes in 
voltage, the trace looked look like the curve that | added 
at the bottom of Figure 2-89. The rise in voltage was so 
fast, it appeared to be instant. 


The way that a capacitor allows a sudden fluctuation in 
voltage to pass through is well known, and is often used 
in electronics. But how can it happen? 
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Figure 2-89 A meter has been substituted for the LED and 470- 
ohm series resistor that were used in the previous version of this 


circuit. 


This question interested an early experimenter named 
James Maxwell, who felt it shouldn't happen; so he de- 
veloped a theory and invented a phrase to describe 
what he saw. He called it displacement current. This con- 
formed with some theories that he was developing at 
the time. 


Today, there are other theories. Apparently an inrush of 
current creates a field effect inside the capacitor, and the 
field effect can induce voltage on the opposite plate. But 
this concept becomes complicated very quickly, and 
most books simply say something like, “a capacitor will 
block DC but will pass fluctuations in voltage” 


If you substitute a smaller capacitor, you'll find that it 
passes a briefer pulse. Remove the meter, put the LED 
and its 470-ohm resistor back into the circuit, and try 
100pF, 10pF, 1uF, and 0.1uF capacitors. By the end of the 
series, the LED barely flickers. 


Alternating Current 


If you reverse the circuit, it still works, although current 
flows in the opposite direction. Figure 2-91 shows the 
circuit, with the 10K resistor moved to the left, and but- 
ton A moved to the right. The meter still measures the 
voltage from the point between the resistor and the ca- 
pacitor. The schematic in Figure 2-90 shows the same re- 
vision. 


Figure 2-90 A schematic of the preceding breadboarded circuit. 
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Figure 2-91 The previous circuit has been modified, with the 
voltages reversed. 


After you press and release button B to discharge the ca- 
pacitor, the meter measures approximately 9VDC, be- 
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cause the upper pin of the capacitor is connected with 
the positive bus through the 10K resistor. The capacitor 
is blocking DC, so it appears to have infinite resistance, 
and the positive charge has “nowhere to go” This is illus- 
trated in Figure 2-92, which shows how the voltage be- 
tween a pair of resistors increases when the resistance 
increases between that point and ground. 


about 8.7 volts about 0.3 volts 


68K 33K 
a 


9VDC 


68K ; 330K 
9VDC | A 
about 1.5 volts about 7.5 volts 
infinite 
apparent 
10K y resistance 
tt tt 
O volts 3 volts 


Figure 2-92 When you have a pair of resistors in series, and the 
left one is connected with the power supply while the right one is 
connected with negative ground, the voltage between the 
resistors increases as the value of the righthand resistor 
increases. A capacitor has an almost infinite effective resistance 
to DC current. 


However, when you press button A in your breadboar- 
ded circuit, this creates a negative pulse. The effective 
resistance of the capacitor disappears momentarily as 
the pulse passes through, causing your meter reading to 
fall. Then the capacitor slowly recharges, just as it did in 
your very first test in this experiment. 
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Chapter 9 
Various Electronic 
Devices and Gadgets 


Here's a real variety of electronics projects! From an automatic 
thermostat to a junk box anemometer and even special projects to 
aid the visually and hearing impaired, this chapter contains quite an 
assortment. Want to make your own crystal filters or build a 
counter? Well, these projects and more are just begging to be built! 
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The graph in Figure 2-91 gives a rough idea of how the 
charge on the capacitor changes. 


e A capacitor does block direct current (DC). 


e The same capacitor will allow a brief fluctuation 
to pass through, regardless of which way the 
current is flowing. 


e The capacitor then accumulates a charge, as | 
described at the beginning of this experiment. 


This leads to an important conclusion. Because alternat- 
ing current (AC) is a rapid series of relatively negative 
and relatively positive pulses, a capacitor will allow them 
through. 


The size of the capacitor will be important. When you 
substituted smaller values, you saw that they would only 
respond briefly. A smaller capacitor will pass high-fre- 
quency fluctuations, but will block low-frequency fluctu- 
ations—and this behavior is useful in many applications, 
including audio. You'll see this for yourself in Experiment 
29. Bear in mind that audio signals are a form of alternat- 
ing current, because they fluctuate rapidly. 


When a capacitor is positioned in a circuit to pass AC 
while blocking DC, we call it a coupling capacitor. It can 
allow a signal to travel from one part of a circuit to an- 
other, while blocking their DC voltages, which can be 
completely different. l'Il be using this concept when we 
get to Experiment 11. 


Experiment 10: Transistor 
Switching 


Now that you've seen the behavior of capacitors, l'm go- 
ing to move on to another fundamental component: the 
transistor. After you learn how that works, you'll see how 
capacitors and transistors can be used together. 


What You Will Need 


e Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


e Transistor, 2N2222 (1) 
« 9-volt battery and connector (1) 


e Resistors: 470 ohms (2), 1M (1) 


e Trimmer potentiometer, 500K (1) 


e Generic LED (1) 


The Finger Test 


I'm going to be using the 2N2222 transistor, which is the 
most widely used semiconductor of all time (it was intro- 
duced by Motorola in 1962 and has been in production 
ever since, in one form or another). 


Because Motorola’s patents on the 2N2222 ran out long 
ago, any company can manufacture their own version of 
it. Some versions are packaged in a little piece of black 
plastic, while others are enclosed in a little metal “can.” | 
showed these two versions in Figure 2-23. For our pur- 
poses, either will do. However, note the warning that | 
included previously about part numbers (see “Essential: 
Transistors” on page 49). Some 2N2222s are not the 
same as others, and you need to use the right type. 


Plug your transistor into your breadboard with an LED 
and a 470-ohm resistor, as shown in Figure 2-93. Make 
sure that the longer lead on your LED is facing to the 
left, as indicated by the + sign. Also, check that the tran- 
sistor has its flat side facing to the right. In the unlikely 
event that you are using a transistor in a metal can, the 
tab sticking out from the can should point down and to 
the left. 


From 9V Battery 


: =D> 


Figure 2-93 Breadboard setup for your first transistor test. 


Notice that the wires that | have shown as green and or- 
ange have had some extra insulation removed. If you are 
using precut jumpers, you'll have to bend out one leg of 
each, so that they rest flat on the breadboard. 
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Now for the fun part. Press your finger to the exposed 
metal of the green and orange jumpers as shown in Fig- 
ure 2-94, while you watch the LED. If nothing happens, 
moisten your finger slightly and try again. The harder 
you press, the brighter the LED becomes. The transistor 
is amplifying the tiny amount of current flowing through 
your finger. 


From 9V Battery 


Figure 2-94 Adding your finger makes the experiment work. 


Caution: Never Use Two Hands 


The fingertip switching demo is safe if the electricity on- 
ly passes through your finger. You won't even feel it, be- 
cause it's 9 volts DC from a small battery. But it's not a 
good idea to put the finger of one hand on one wire, 
and the finger of your other hand on the other wire. This 
would allow the electricity to pass through your body. 
Although there is no chance of hurting yourself in this 
circuit because the current is so small, you should never 
get into the habit of allowing electricity to run through you 
from one hand to the other. Also, when touching the 
wires, don't allow them to penetrate your skin. This also 
means that you shouldn't apply voltage to any body or- 
naments that already pierce your skin. 


Inside the Finger Test 


Take a look at Figure 2-95, which reveals the connectors 
inside the breadboard, omitting the ones that are not 
connected in this experiment. Notice that the bottom 
lead of the transistor is connected through the bread- 
board to the LED, and then through the 470-ohm resis- 
tor to the negative bus. So, enough current flowed out 
of the transistor to light the LED. 
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==) From 9V Battery 


Figure 2-95 X-ray view of the breadboard from the previous 
figure. 


Where did this current come from? Well, some electricity 
flowed in through the skin of your finger, to the center 
lead of the transistor. But this wasn't enough to light an 
LED. 


There's only one other explanation. The transistor has a 
third lead, at the top, which is connected to the positive 
bus. Electricity entered the transistor through this lead. 
And then, somehow, this flow of current was controlled 
by the smaller amount of current that flowed through 
your finger into the center lead of the transistor. 


This principle is illustrated in Figure 2-96. 


Current flows in 


Va 


Small amount of current 
controls the flow 


`~ Current flows out 


Figure 2-96 The basic function of an NPN transistor. 


Incidentally, this phenomenon is very different from the 
behavior of the capacitor that you saw in the previous 
experiment. A capacitor just passed a quick pulse of 
electricity. A transistor controls a steady flow. 
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Fundamentals: Transistor Variants 


The component that you're using in this experiment is a 
bipolar transistor. lt comes in two variants named NPN 
and PNP. The NPN type, which you have been using, 
contains three layers of silicon, of which two “N” layers 
have a surplus of negative charge carriers. A third layer, 
sandwiched between the other two, is the “P” layer, with 
a surplus of positive charge carriers. | won't be going in- 
to a lot of detail about how the transistor works on an 
atomic level, because in this book I’m more interested in 
what a transistor does than in the theory that explains 
how it does it. You can find that information in any tech- 
nical book, or in many sources online. 


The three leads on an NPN bipolar transistor are named 
the collector, base, and emitter, as shown in Figure 2-97. 


WA, Collector 


Base 


Emitter 


Figure 2-97 The names of the three leads of an NPN bipolar 
transistor, supplied in a plastic body (left) and metal can (right). 


e When the base of an NPN transistor is slightly 
more positive than its emitter, the transistor al- 
lows positive current to flow in through the col- 
lector and out through the emitter. 


e In this way, a very small current entering 
through the base of the transistor can control a 
larger current entering through the collector. 


A PNP transistor functions oppositely to an NPN transis- 
tor. It allows negative current to flow in through the col- 
lector and out through the emitter when the base is 
slightly more negative than the emitter. PNP transistors 
are sometimes more convenient in a circuit, but are less 
commonly used. | will not be using them in Make: Elec- 
tronics. 


Four variants of the schematic symbol for an NPN tran- 
sistor are shown in Figure 2-98. They all function the 


same way. The letters C, B, and E remind you that these 
connections are for the collector, base, and emitter. 


C C 
B B 

E E 

C C 
B B 

E E 


Figure 2-98 Any of these symbols may be used to represent an 
NPN transistor. 


Four variants of the schematic symbol for a PNP transis- 
tor are shown in Figure 2-99. They all function the same 
way. 


E E 
B L B + 

C C 

E E 

C C 
Figure 2-99 Any of these symbols may be used to represent a 
PNP transistor. 


Its easy to get the symbols for PNP and NPN transistors 
mixed up, but there's a simple way to remind yourself 
which is which. The arrow in the NPN symbol points out- 
ward, never in. So, think of “NPN” as being short for 
“never pointing in.’ 


Adding a Potentiometer 


To learn more about the way in which a transistor works, 
we need a component that is a little more controllable 
than the tip of your finger. | think a potentiometer will 
do the job, but not the large type that you used previ- 
ously. A trimmer potentiometer is what | have in mind, as 
pictured in Figure 2-22. 
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Even though they are dissimilar in shape and size, they 
all have three pins. These pins are functionally the same 
as the three tags that stick out of a large potentiometer 
of the kind that you used previously. The middle pin al- 
ways connects with the wiper inside the trimmer, while 
the other two pins connect with each end of the resis- 
tive track inside it. Here is the basic rule that you must 
always follow: 


e When you plug a trimmer into your breadboard, 
each pin must connect with a separate row of 
holes on the breadboard. 


This rule is illustrated in Figure 2-100. At the top of the 
figure | have drawn a plan view of three types of trim- 
mers, including the multi-turn type, because even 
though | am not recommending it, you may find yourself 
using one, some day. The pins are not visible from 
above, but | have shown their positions as if you can see 
them through the component. The positioning varies, 
but there are always three pins, and they should be 
1/10” apart vertically. 


In the lower part of the figure, the two “Yes” examples 
will work because each pin connects with a different row 
of holes in the breadboard. The two “No” examples are 
unacceptable, because a pair of pins will be shorted to- 
gether by a conductor inside the board. 


Having dealt with the trimmer basics, | want you to add 
a 500K trimmer to your transistor circuit. This is shown in 
Figure 2-101. Connect the power and use a small screw- 
driver to rotate your trimmer all the way clockwise, and 
all the way counterclockwise. Notice that if you start 
with the LED completely dark, you have to turn the 
screw on the trimmer a little way before the LED begins 
to glow. 
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Figure 2-100 Three types of trimmers, and the correct 
orientation of their pins. 


From 9V Battery 
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Figure 2-101 The previous circuit now has a trimmer 
potentiometer so that you can control the transistor more 
precisely than was possible with your finger. 
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Take a look at the schematic in Figure 2-102, which 
shows the same connections that you made on the 
breadboard, but in a format that is easier to understand. 


Figure 2-102 This schematic shows the same breadboard 
circuit that you built using a trimmer. 


The component values are also shown in Figure 2-103. 


2N2222 
transistor 
Generic 
E 


€ o- 


470 


500K. 
trimmer 


Figure 2-103 Values for the breadboarded components. 


The potentiometer is connected between the positive 
bus and the negative bus. In this orientation we call it a 
voltage divider. When the wiper is at one end of the 
track, it connects directly with the positive side of the 
power supply. At the other end of the track, it connects 
directly with negative ground. At positions in between, 
it divides the voltage. Potentiometers are often used in 
this way, to provide a full range of voltages. 


| mentioned that the LED didn't light up when you first 
started moving the wiper of the potentiometer from 
negative to positive. Is this just because the LED isn't 
getting enough power? Not exactly. The bipolar transis- 


tor deducts some of the power as its fee for providing a 
service. It won't respond unless the voltage at its base is 
higher than the voltage at its emitter (usually by around 
0.7V). In this mode, the transistor is positively biased. 


The general concept is illustrated in Figure 2-104. 


More 
positive 
Cc 
Somewhere B 
in between 

E 

Base must be approx. 

0.7V more positive than More 

the emitter, to get results. negative 


Figure 2-104 Rule of thumb for using an NPN transistor. 


Voltage and Current 


You've seen that the voltage at the base of a bipolar 
transistor controls the output from the transistor. Does 
that mean the transistor is amplifying the voltage? 


You can discover this for yourself. Take your meter, set it 
to measure volts, and use a test lead to anchor the nega- 
tive probe to the negative bus on the breadboard, as 
shown in Figure 2-105. Touch the red probe to the emit- 
ter pin of the transistor, make a note of the voltage, and 
move the probe to the base pin. | guarantee that the 
voltage at the emitter will be lower than the voltage on 
the base. 


Readjust the trimmer to a different position, and try 
again. Regardless of how you change the voltage on the 
base pin, the emitter pin will always be lower. 


Could this be because the 470-ohm resistor doesn't pro- 
vide much resistance between the emitter of the transis- 
tor and the negative bus? Could it be pulling the voltage 
down? 
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A 


Figure 2-105 Testing to discover if a transistor amplifies voltage. 


Let's find out. Remove the LED and the 470-ohm resistor, 
and substitute a 1M resistor between the emitter of the 
transistor and negative ground. It won't make much dif- 
ference. The voltage on the emitter will still be lower 
than the voltage on the base. 


If you have the patience to test the current into the base 
and out of the emitter, you would find something very 
different. This would entail setting your meter to meas- 
ure milliamps and inserting it into the circuit in each lo- 
cation. Remember, current must pass through the meter 
to be measurable. 


But l'Il tell you what you would find. This particular tran- 
sistor amplifies the current entering its base by a factor 
of more than 200:1. This is called the beta value of a tran- 
sistor, and leads me to a fundamental fact: 


e A bipolar transistor amplifies current, not 
voltage. 
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In Make: More Electronics you can find a lot more on this 
topic. I’m keeping it brief, here, because this is an intro- 
ductory book. 


Now l'Il summarize the facts about bipolar transistors, 
for your future reference. 


Fundamentals: All About NPN and PNP 
Transistors 


A transistor is a semiconductor, midway between being a 
conductor and an insulator. Its effective internal resist- 
ance varies, depending on the power that you apply to 
its base. 


All bipolar transistors have three connections: Collector, 
Base, and Emitter, abbreviated as C, B, and E on the man- 
ufacturer's data sheet, which will identify the pins for 
you. 


e NPN transistors are activated by positive voltage 
on the base relative to the emitter. 


e PNP transistors are activated by negative volt- 
age on the base relative to the emitter. 


In their passive state, both types block the flow of elec- 
tricity between the collector and emitter, just like an 
SPST relay in which the contacts are normally open. (Ac- 
tually a transistor allows a tiny bit of current known as 
leakage.) 


In a schematic, the orientation of a transistor may vary. 
The emitter may be at the top and the collector at the 
bottom, or vice versa. The base may be on the left, or on 
the right, depending on what was most convenient for 
the person drawing the schematic. Be careful to look at 
the arrow in the transistor to see which way up it is, and 
whether the component is NPN type or PNP type. You 
can damage a transistor by connecting it incorrectly. 


Transistors come in many different sizes and configura- 
tions. In a lot of them, there is no way to tell which wires 
connect to the emitter, the collector, or the base. You 
may need to check the manufacturer's datasheet to find 
out. 


If you forget which lead is which, many multimeters 
have a function that will identify the emitter, collector, 
and base for you. Typically there are four holes labeled E, 
B, C, and E. When you have the emitter lead of your tran- 
sistor inserted in either of the holes marked E, the base 
lead in B, and the collector lead in C, the meter will dis- 
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play the beta value of the transistor. In any other orienta- 
tion, the meter reading will be unstable, or blank, or 
zero, or much lower than it should be (almost always be- 
low 50, and usually below 5). 


Caution: Fragile Component! 


Transistors are easily damaged, and the damage will be 
permanent. 


e Never apply a power supply directly between 
any two pins of a transistor. You can burn it out 
with too much current. 


e Always limit the current flowing between the 
collector and the emitter of a transistor by using 
another component such as a resistor, in the 
same way you would protect an LED. 


e Don't apply voltage in reverse orientation. The 
collector of an NPN transistor should always be 
more positive than the base, which should be 
more positive than the emitter. 


Background: Transistor Origins 


Although some historians trace the origins of the tran- 
sistor back to the invention of diodes (which allow elec- 
tricity to flow in one direction while preventing reversal 
of the flow), the first practical and fully functional tran- 
sistor was developed at Bell Laboratories in 1948 by 
John Bardeen, William Shockley, and Walter Brattain. 


Shockley was the leader of the team, and had the fore- 
sight to see how potentially important a solid-state 
switch could be. Bardeen was the theorist, and Brattain 
actually made it work. This was a hugely productive col- 
laboration—until it succeeded. At that point, Shockley 
started maneuvering to have the transistor patented ex- 
clusively under his own name. When he notified his col- 
laborators, they were naturally unhappy about this. 


A widely circulated publicity photograph didn't help, in 
that it showed Shockley sitting at the center in front of a 
microscope, as if he had done the hands-on work, while 
the other two stood behind him, implying that they had 
played a lesser role. A copy of this picture appeared on 
the cover of Electronics magazine (see Figure 2-106). In 
fact Shockley, as the supervisor, was seldom present in 
the laboratory where the real work was done. 
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Figure 2-106 Front, William Shockley. Rear, John Bardeen. 
Right, Walter Brattain. For their collaboration in development of 
the world's first working transistor in 1948, they shared a Nobel 
prize in 1956. 


The productive collaboration quickly disintegrated. Brat- 
tain asked to be transferred to a different lab at AT&T. 
Bardeen moved to the University of Illinois to pursue 
theoretical physics. Shockley eventually left Bell Labs 
and founded Shockley Semiconductor in what was later 
to become Silicon Valley, but his ambitions outstripped 
the capabilities of the technology of his time. His com- 
pany never manufactured a profitable product. 


Eight of Shockley’s coworkers in his company eventually 
betrayed him by quitting and establishing their own 
business, Fairchild Semiconductor, which became huge- 
ly successful as a manufacturer of transistors and, later, 
integrated circuit chips. 


Fundamentals: Transistors and Relays 


One limitation of NPN and PNP transistors is that they 
require power to perform their function, unlike a relay, 
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which can be passively on or off without any power in- 
put at all. 


Relays also offer more switching options. Different ver- 
sions can be normally open, normally closed, or can 
latch in either position. A relay can contain a double- 
throw switch, which gives you a choice of two “on” posi- 
tions. It can also contain a double-pole switch, which 
makes (or breaks) two entirely separate connections. 
Single-transistor devices cannot provide the double- 
throw or double-pole features, although you can design 
more complex circuits that emulate this behavior. 


A table comparing the attributes of transistors and re- 
lays appears in Figure 2-107. 


P| Transistor | Reay 


Long-term 


reliability Excellent Limited 
Can switch in No vee 
DP or DT mode 
Can switch ‘Ge vee 
large currents 
Can switch ee 
alternating current Usually not Yes 
Triggerable by | E 
alternating current Usually not Optional 
Suitable for = 


Able to switch 
at very high speed Yes Ne 
Price advantage for 
high voltage/current No les 
Price advantage for 
low voltage; current Yes No 
Current leakage 


when nonconducting Yes No 


Figure 2-107 Principal attributes of relays and transistors, 
compared. 


The decision to use a relay or a transistor will depend on 
each particular application. 


So much for the theory. Now what can we do with a 
transistor that's fun, or useful, or both? We can do Ex- 
periment 11! 


Experiment 11: Light and Sound 


Experiment 11: Light and Sound 


It is time now for your first project that has a function 
and a purpose. It will culminate with an ultra-simple 
sound synthesizer. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


9-volt battery and connector (1) 


Resistors: 470 (2), 1K (1), 4.7K (4), 100K (2), 220K 
(2), 470K (4) 


Capacitors: 0.01uF (2), 0.1uF (2), 0.33uF (2), 1uF 
(1), 3.3uF (2), 33uF (1), 100pF (1), 220uF (1) 


Transistors: 2N2222 (6) 
Generic LED (1) 


Loudspeaker, 8-ohm, 1” or (preferably) 2” (1) 


Fluctuations 


Figure 2-108 shows the new circuit that l'd like you to 
create on your breadboard. There's not a lot of room 
among the components, so you may find that it's easier 
to install them using your pliers instead of your fingers. 
Count the holes in the board carefully, and double- 
check to make sure that everything is in exactly the right 
place. 


9V from battery 


Figure 2-108 Breadboard layout for an oscillator circuit. 
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The component values are shown in Figure 2-109. 


| 
G 


O 


2N2222 Generic LED 


Figure 2-109 Component values in the breadboarded circuit. 


Apply power, and the LED should flash on for approxi- 
mately one second, and off for approximately one sec- 
ond. 


Is that all? No, we've just begun. First, however, you have 
to understand how it works. Check the layout in Fig- 
ure 2-110 if you have difficulty visualizing how the com- 
ponents are connected inside the board. Then look at 
the schematic in Figure 2-111, and you'll see that the 
connections between components are the same. I’m go- 
ing to be using the schematic to explain what's going 
on. 


Figure 2-110 This x-ray view may help to elucidate the 
interconnections between components. 


Figure 2-111 The components in this schematic are in similar 
locations in the breadboard layout. 


The first thing you'll notice is that it is somewhat sym- 
metrical. Does that mean that the left half and the right 
half are both doing the same thing? Yes, but not at the 
same time. In effect, one half turns the LED on, and the 
other half turns it off. 


Understanding this in detail is tricky, because the voltag- 
es are constantly fluctuating, and more than one thing is 
happening at any given moment. However, | have cre- 
ated four snapshots showing the inner workings at inter- 
vals, and I’m hoping they will make everything clear. 


| have omitted the third transistor and the LED from 
each snapshot, as they have no role in creating the oscil- 
lation in the circuit. 


The first snapshot is in Figure 2-112. | have color-coded 
the wires like this: 
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Snapshot 1 


Figure 2-112 The first of four snapshots showing voltages in the 
LED-flasher circuit. See text for details. 


e Black conductors and components have an un- 
known or indeterminate voltage. 


e Blue conductors are at a near-zero voltage. 


e Red conductors are rising toward positive sup- 
ply voltage. 


e White conductors are briefly pulled down to a 
more negative voltage (below negative 
ground), for reasons I'll get to in a moment. 


As for the transistors: 


e A gray transistor is not conducting electricity 
from collector to emitter. You can think of it as 
“switched off.” 


e A pink transistor is conducting. 


The transistors are labeled Q1 and Q2, because this is a 
common way to identify semiconductors. The little tab 
sticking out of an old-fashioned metal-can transistor 
made it look like a letter Q when seen from above, and 
people got into the habit of identifying transistors this 
way. 


To distinguish between the two sides of the circuit, r1 
and R1 are on the left, and r2 and R2 are on the right. 
Lowercase letters identify the lower-value resistors. 


One last note before | begin the explanation. Bear in 
mind the fundamental behavior of a transistor: 
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e When current into its base switches it “on,” its 
effective internal resistance drops very low. 
Consequently, if its emitter is grounded at ap- 
proximately O volts, its collector will also be 
near 0 volts, and so will anything connected di- 
rectly to the collector. The base can also be at a 
relatively low voltage, so long as it is not quite 
as low as the emitter. You can see this happen- 
ing to Q2 in Snapshot 1. 


e When it switches “off,” the effective internal re- 
sistance of the transistor rises to at least 5K. 
Consequently, any component attached to its 
collector isn't grounded through the transistor 
anymore, and can accumulate a positive charge. 


Step by Step 

I'm going to begin at an arbitrary moment while the cir- 
cuit is already running. After | proceed through the se- 
quence of events, I'll get to the issue of how it begins to 
oscillate initially. 


In Snapshot 1, let's suppose that Q1 has just switched off 
and Q2 has just switched on. The bottom end of r1 was 
being grounded through Q1, but now that Q1 is off, the 
voltage on its collector starts to rise, and this increases 
the voltage on the left side of C1. The voltage on the 
base of Q1 also starts to rise, but not as rapidly, because 
R2 has a higher value. Meanwhile, because Q2 is on, it is 
sinking current from r2, pulling the voltage down. The 
base of Q2 is also sinking current through the transistor 
to negative ground. 


That's the setup. What next? 


In Snapshot 2, shown in Figure 2-113, the voltage on the 
base of Q1 increased enough to start it conducting. It is 
now sinking current from C1 and also through its base, 
which is why those wires are now blue. The sudden 
change in the voltage on the left side of C1 momentarily 
induces an equal drop on its righthand side, as a result 
of the field effect that can also be described as displace- 
ment current, described in Experiment 9. This actually 
pulls the voltage on the righthand side of C1 below zero, 
represented by the white wire. This immediately 
switches off Q2 by inflicting negative bias on its base. 
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AN AUTOMATIC THERMOSTAT 


It is common knowledge that heating bills can be reduced by 
setting the heat lower at night. As a matter of fact, most heating 
engineers will tell you that a savings of up to 16% can be realized by 
lowering the nighttime temperature in a home by 10 degrees 
Fahrenheit for at least 8 hours every day during the winter heating 
season. While it is very easy to use your index finger to push the 
thermostat back 10 degrees every night, this manual method does 
not turn out to be very reliable. Either someone forgets or the 
attitude of “I’m not getting up in the cold to turn up the heat” seems 
to prevail. Thus, the use of an automatic “day/night” type of 
thermostat is a better way to cut down on heat bills. This type of 
thermostat, however, is usually rather expensive ($50-75) and 
must be used in place of each thermostat in the house. In a dwelling 
with multiple zones and multiple thermostats, this can be quite 
expensive. 

Here we describe a “day/night” heating control which will 
automatically turn the heat down at night and back up again in the 
morning. While this device sounds like a “day/night” thermostat, it 
is different in that it connects to the 24 V ac electrical system of the 
furnace and will control all of the thermostats in a typical house. It 
is easy and economical to build and can be installed quite simply on 
either a hot water or hot air heating system. It has been designed so 
that an inexperienced experimenter can build, install, and maintain 
it. 


Principles of Operation 

A typical heating system has a circuit diagram similar to the 
diagrams in Figs. 9-1 and 9-2. Note that, in these diagrams, all 
thermostats have one side connected to a common point or com- 
mon wire. The entire heating system (except for the control for hot 
water reservoir) is disabled if the connection between the 24 V ac 
transformer and this common point is broken. The “day/night” 
heating control has a 117 V ac relay connected to a cyclic timer. 
The “normally on” contacts of this relay are used to provide the 
connection between the transformer and the common point. At 
night, when it is time to set the heat back, the timer turns on the 
117 V ac breaking the connection between the thermostats and the 
transformer disabling the heating system. 

When I was building my first unit, I asked a neighbor who was 
a heating engineer if there was any reason why I should not let the 
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+ Snapshot 2 — 


Figure 2-113 The second snapshot. 


In Snapshot 3, shown in Figure 2-114, Q1 is still switched 
on while Q2 is still off. This is the mirror image condition 
of Snapshot 1. C1 has started to charge in the opposite 
direction, through R1. Gradually this is increasing the 
voltage on the base of Q2. 


+ Snapshot 3 — 


Figure 2-114 The third snapshot. 


In Snapshot 4, shown in Figure 2-115, Q2 has started 
conducting, grounding the right side of C2. This transi- 
tion pulls down the voltage of the left side of C2 below 
zero, and switches off Q1 by grounding its base. This is 
the mirror image of Snapshot 2. 


Snapshot 4 


Figure 2-115 The fourth snapshot. After this, the sequence 
repeats. 


After the fourth snapshot, the sequence repeats from 
Snapshot 1. If the extra transistor and LED are connected 
as in Figure 2-111, the LED should light up during snap- 
shots 1 and 4. 


Coupling Capacitor 

As you can see, oscillators can be difficult to understand. 
This particular circuit is extremely common. In fact, if 
you search Google Images for “oscillator, this is proba- 
bly what you'll find. Still, many people have difficulty 
with it. 


The key is that in Snapshots 2 and 4, a sudden voltage 
drop on one side of a capacitor creates an equal voltage 
drop on the other side—the coupling effect that you 
saw for yourself in Experiment 9. 


But How Does It Start? 


Bear in mind that the circuit is basically symmetrical. 
When you first power it up, why shouldn't both of the 
transistors be on, or both of them off? 


In a perfect world, where two transistors or two resistors 
can be absolutely identical, the circuit would initialize it- 
self symmetrically. But in reality, there’s always a tiny 
manufacturing difference among resistors and capaci- 
tors, causing one transistor to start conducting before 
the other. As soon as that happens, the circuit is out of 
balance, and it starts to oscillate as | described above. 


Another issue to explain would be, how did | decide 
where to take an output from the oscillator circuit? In 
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the original schematic, notice that r1 and r2 have much 
lower values than R1 and R2. This will allow the left side 
of C1 to charge quickly, almost to the full value of the 
supply voltage—and the right side of C2 behaves the 
same way. So, we can get a nice wide voltage range from 
either of those locations. | chose the one on the left, sim- 
ply because it enabled an easier layout of additional 
components in the schematic. 


Ifthe circuit is tapped for too much current, this will slow 
down the process of charging the capacitor, and will af- 
fect the timing and balance of the oscillator. Therefore, | 
fed the signal through a 100K resistor to the base of an- 
other transistor. That transistor will draw very little cur- 
rent through its base but will amplify the signal so that 
you can do something useful with it. 


Why So Complicated? 


In the first edition of this book, | suggested a flashing- 
LED project using a component called a Programmable 
Unijunction Transistor (PUT). Its behavior is much easier 
to understand, and you only need one of them to get a 
result. But PUTs are not used much anymore, and some 
readers complained that you can't buy them easily, 
while others said that using a PUT was just too old- 
school. 


Really you can still buy PUTs, but they are almost obso- 
lete. Bipolar transistors are still widely used, so | listened 
to my reader feedback and abandoned the PUT. | consid- 
ered various alternative oscillator schematics before set- 
tling on this one, mainly because this circuit is more 
common than any of the others. Also, | think all oscillator 
circuits can be somewhat difficult to understand. 


A Processed Pulse 


You've learned that two transistors can create a signal 
that pulses on and off, and a third transistor can amplify 
it to power an LED. Think back for a moment to the pre- 
vious experiments. What have you learned from them 
that you might be able to apply to this one? 


We have an output that is fluctuating quite slowly. So, 
we can make it more interesting by adding an RC net- 
work. (See “An RC Network” on page 76 if you need to 
refresh your memory regarding this concept.) 


Take a look at Figure 2-116. The new RC section is at the 
bottom. 
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Figure 2-116 The previous schematic has been modified with 
one additional resistor and a 220uF capacitor at the bottom, 
making an RC network. 


In Figure 2-117 the components that have been added 
or repositioned are in color at bottom-right, while the 
components that are unchanged have been grayed out. 


a 
PoE 
Oð) 


Figure 2-117 Components in color have been added or 
repositioned. The new capacitor is a 220uF electrolytic. 
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Now when you run the circuit, the LED pulses gently in- 
stead of flashing on and off. Can you see why? The ca- 
pacitor charges through the first 470-ohm resistor, then 
discharges through the other. Why does this matter? 
Well, let's suppose you were thinking of making some 
electronic jewelry. Adjusting the way that it flickers or 
pulses could be an important aesthetic factor. On old 
Apple laptops, the logo used to pulse instead of flashing. 


Upping the Speed 

What else can you do with this circuit? You can easily ad- 
just the speed. Remove the two 3.3uF capacitors, and 
substitute two 0.33uF capacitors. They should charge 
about 10 times faster, so the LED should flash 10 times 
faster, too. Is that what happens? 


What if you reduce the capacitor values even more, to 
0.01uF? Beyond 50 flashes per second, you have moved 
from a frequency that you can see to a frequency that 
you can hear. 


How can you change the output of this circuit to be au- 
dible instead of visible? Easily! Remove the LED, the 470- 
ohm resistors, and the 220uF capacitor, and substitute a 
little loudspeaker, a 100u4F coupling capacitor, and a 1K 
resistor as shown in Figure 2-118. The resistor grounds 
the emitter of the transistor, because a transistor will on- 
ly work if its emitter has a defined voltage lower than 
the voltage at its base. The capacitor blocks the DC com- 
ponent of the signal, while allowing the alternating cur- 
rent through. In the schematic, | only included the parts 
that have changed. How should they be installed on the 
breadboard? | think you can figure that out. 


Figure 2-118 Modifying the circuit to generate audio. 


Still More Mods 


Now that you have sound, how about raising the pitch 
of the sound? Just substitute smaller resistors or capaci- 
tors in the oscillator circuit. You could remove the 470K 
resistors and substitute 220K resistors (or a value in be- 
tween). Transistors can switch a signal more than a mil- 


lion times per second, so you certainly won't push their 
limits by making your oscillator run faster. A signal that 
oscillates 10,000 times per second sounds extremely 
high-pitched. If you push it to 20,000 times per second, 
it's above the hearing range of almost all human ears. 


How about changing the character of the sound? 


In the upper half of Figure 2-119 I’ve substituted a 1uF 
coupling capacitor in series with the loudspeaker, in- 
stead of the 100uF capacitor that was there previously. 
The lower value for the capacitor will only pass high fre- 
quencies (short pulses), and will deprive the sound of 
some of its lower resonance. 


Figure 2-119 Substituting a smaller value for the coupling 
capacitor blocks the lower audio frequencies, so that you only 
hear the higher frequencies. Placing a capacitor so that it 
bypasses the speaker reroutes the higher frequencies to negative 
ground, so that you only hear the lower frequencies. 


What if you put a capacitor across the loudspeaker, as 
shown in the lower part of Figure 2-119? Now the oppo- 
site effect occurs, because the capacitor is still passing 
higher frequencies, but routes them past the loudspeak- 
er. In this orientation, you have a bypass capacitor. 


These are all simple ways to modify a circuit. If you feel a 
little more ambitious, you could duplicate the circuit and 
use one section to control the other. 


Restore the original component values from Fig- 
ure 2-109, so that it runs at the slow original speed. Then 
use its output to power the duplicate section below it on 
the breadboard with 0.01uF capacitors to generate an 
audio frequency. This is shown in Figure 2-120, where 
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the part that you built originally in this project has been 
grayed out, and the audio section is at the bottom. 


The red piece of wire labeled A has been repositioned so 
that the lower section of the circuit now gets its power 
from the output of the upper section. The red and blue 
wire segments labeled B have been added to bridge the 
gaps that you may have in the buses of your bread- 
board. 


SEEN 


d 


Figure 2-120 Driving the audio section of the circuit by using a 
slower-running duplicate to provide fluctuating power. 


Experiment 11: Light and Sound 


What happens if you change the capacitor or resistor 
values in the top half of the circuit, to switch the bottom 
half faster? 


What would happen if you take a 220uF capacitor and 
apply it between various points (either in the top half of 
the circuit, or the bottom half) and negative ground? 
You won't damage any components, so feel free to ex- 
periment. 


Another option is to go back to the “processed pulse” of 
light created in Figure 2-116, and change the way in 
which the components are physically joined together. 
You can remove them from the breadboard and rebuild 
them into a small wearable object. 


I'm going to show you how to do that in Experiment 14. 
Of course, this will entail some soldering, but learning to 
solder components together is what | want you to do in 
Experiment 12, which is next. 


Background: Mounting a Loudspeaker 


Figure 2-121 A paper or cardboard tube increases the perceived 
volume from a loudspeaker. 
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The diaphragm of a loudspeaker, also known as its cone, 
is designed to radiate sound. However, as it oscillates up 
and down, it emits sound from its back side as well as its 
front side. Because the sounds are opposite in phase, 
they tend to cancel each other out. 


The perceived output from a loudspeaker can increase 
dramatically if you add a horn around it in the form of a 


tube that focuses the output from the front. For a minia- 
ture 1-inch loudspeaker, you can bend and tape a large 
file card around it. See Figure 2-121. 


Better still, mount it in a box with holes drilled in it to al- 
low sound from the front of the speaker to radiate, while 
the closed back side of the box absorbs sound from the 
rear of the speaker. 
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Getting Somewhat More 


This third chapter of the book applies what you have 
learned so far to some finished projects. l'Il show you 
how to make a wearable version of the “pulsing glow” 
project from Experiment 11, and will take you through 
the initial development process of an intrusion alarm. 
Looking further ahead, in Chapter Four you'll move into 
the world of integrated circuit chips. 


The tools, equipment, components, and supplies de- 
scribed below will be useful in Experiments 12 through 
15, in addition to items that have been recommended 
previously. 


Necessary Items for Chapter 
Three 


As before, when buying tools and equipment, see “Buy- 
ing Tools and Equipment” on page 324 for a shopping 
list. If you want kits containing components and sup- 
plies, see “Kits” on page 311. If you prefer to buy your 
own components from online sources, see “Compo- 
nents” on page 317. For supplies, see “Supplies” on page 
316. 


Essential: Power Supply 


You could continue to use 9-volt batteries for all the 
projects in the book, but | am now classifying an AC 
adapter as essential, because it's so much more conve- 
nient. Also, | think it should turn out to be cheaper than 
buying batteries, as you start to build circuits that take 
more power. 


P. 
ud 


Serious 


To convert AC current from an outlet in your home, you 
have three options: 


A universal adapter such as the one in Figure 3-1 is the 
most versatile option, providing a switchable range of 
outputs. Typically these will include 3V, 4.5V or 5V, 6V, 
9V, and 12V. Universal adapters are intended to power 
small devices such as voice recorders, phones, and me- 
dia players. They may not deliver a perfectly smooth or 
accurate DC output, but you should be able to smooth 
the power yourself with a couple of capacitors, as | will 
illustrate when we get to a project that uses the adapter. 


Figure 3-1 This AC adapter plugs into the wall and allows you a 
choice of DC voltages by moving a small switch. 


Alternatively you can buy a single voltage AC adapter to 
deliver 9 volts DC, as shown in Figure 3-2. When you 
start using digital logic chips that require 5 volts, you 
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can convert the 9 volts with a small, cheap component 
called a voltage regulator. (The regulator will also work 
with power from a 9-volt battery.) 


Figure 3-2 An AC adapter that delivers a fixed 9-volt DC output. 


Your third option is to soend much more money on a 
proper benchtop power supply that provides variable DC 
outputs of OV to +15V and OV to —15V, plus a fixed 5V 
output. It should also have several breadboards moun- 
ted conveniently on top of its box. There is no doubt 
that this will be very useful if you continue into the field 
of electronics, but you may not feel sure about that yet. 


If you decide to buy a universal adapter, see “Other 
Components” on page 319 and scroll down to the part 
referring to Chapter Three of the book, for search in- 
structions. 


Whichever kind of adapter you buy, it must have these 
attributes: 


e The output must be DC, not AC. Almost all AC 
adapters give you a DC output, but there are a 
few exceptions. 


e Outputs must be rated for at least 500mA 
(which may be written as 0.5A). 


e It doesn't matter what kind of plug is on the 
end of the DC power-output wire, because 
you'll be cutting it off anyway. 


e For the same reason, if a universal adapter of- 
fers you a range of output plug adapters, don't 
worry about what type they are, as you won't 
be using them. 


e Very cheap AC adapters may become unreliable 
if you draw current up to their rated limit. In the 
United States, look for the UL symbol indicating 
certification from Underwriters Laboratories. 


Essential: Low-Power Soldering Iron 


While a breadboard is indispensable for putting togeth- 
er a circuit quickly to understand how it works, a solder- 
ing iron is necessary for making permanent electrical 
connections in a circuit that you want to keep. The sol- 
dering iron works by melting a thin wire composed of an 
alloy called so/der until it forms a blob around the cop- 
per wires or components that you wish to join. When the 
solder cools, the joint becomes durable. 


You don't absolutely have to have a soldering iron. You 
can complete all the projects in this book just by bread- 
boarding them. However, there is a special pleasure in 
building something durable, and soldering is a useful 
skill. For these reasons, | have categorized a soldering 
iron as “essential.” 


Personally | like to have a low-power soldering iron for 
small parts that are vulnerable to excessive heat, and a 
separate general-duty soldering iron for heavier tasks 
(described immediately below). Some people prefer to 
use just one thermostatically controlled soldering iron 
for everything, but if it’s small, | don’t think it delivers the 
heat capacity that is sometimes required, and if it’s me- 
dium-sized, it isn’t so easy to use for delicate work. Also, 
a thermostatically controlled unit can be expensive. 


A low-power soldering iron should be rated at 15W, and 
the smaller it is, the easier it is to handle. The tip should 
taper to a slender but rounded point, like a newly sharp- 
ened pencil. A plated tip is preferable, although the 
manufacturer may not state that the tip is plated. A well- 
used 15W soldering iron is shown in Figure 3-3. The dis- 
coloration is a normal consequence of heat, and does 
not degrade function. 
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Figure 3-3 A low-wattage soldering iron designed for precise 
electronics work. 


Essential: General Duty Soldering Iron 


The limited heat capacity of a 15W soldering iron will be 
insufficient if you need to connect thicker wires, espe- 
cially to components such as heavy-duty switches with 
terminals designed to handle substantial current. The 
terminals may sink heat so rapidly, the low-wattage iron 
will be unable to create a temperature high enough to 
melt solder. You may run into a similar situation when 
you try to attach a wire to a solder tab on a full-size po- 
tentiometer. 


For these situations, you will need a soldering iron rated 
for 30 to 40 watts. While it is not required for most of the 
projects in this book, | do recommend it when you are 
creating your first solder joints, because the greater heat 
capacity will make the joints easier. A 30W iron is usually 
cheaper than a 15W iron, and represents a relatively 
small additional expense. | think a chisel-shaped tip ena- 
bles better heat transfer, and since you will not be using 
this iron for delicate work, you don't really need a poin- 
ted tip. 


Soldering iron Terminology 


Some soldering irons have a desoldering pump built in, 
to help you undo a solder joint. This is a plunger which 
you pull with your fingers to suck a little air in through 
the tip of the iron. | don’t think it works very well. In any 
case, | have only seen it on 30W irons, which are too 
powerful to be used in many electronics applications. 


A soldering iron may have the term “welding” in its 
product description. You can ignore the inaccurate use 
of this term, because soldering irons do not do welding 
in the usual sense. 
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A few soldering irons are packaged with a Helping Hand 
device that can hold small parts while you are working 
on them. This combination is worth considering, as it 
should cost less than if you buy the items separately. The 
Helping Hand device is described below. 


If a soldering iron is sold with some solder included, 
don't use it unless it is described as electrical solder that 
has arosin core. 


Many soldering irons are described as pencil type. The 
term is not very informative, because it can be applied 
either to a 15W or a 30W iron. 


However, a pencil-type soldering iron is different in 
appearance from a pistol-grip soldering iron, such as the 
Weller Therma-Boost, shown in Figure 3-4. Some people 
prefer the ergonomics of this kind of grip, and the Ther- 
ma-Boost has a nice quick-start feature that enables it to 
reach working temperature in less than a minute, mak- 
ing it ideal for someone who tends to be impatient. 
However, pistol-grip irons are all rated at 30W or higher, 
and tend to be more expensive than the ordinary pencil- 


type. 


eller 


Figure 3-4 A Weller Therma-Boost 30W soldering iron can be 
useful when working with heavier wire and larger components. 


Essential: Helping Hand 


The so-called Helping Hand (sometimes known as a third 
hand) has two alligator clips that can hold components 
or pieces of wire precisely in position while you join 
them with solder. Some versions of the Helping Hand al- 
so feature a magnifying lens, a wire spiral in which you 
can rest your soldering iron, and a little sponge that you 
may use to clean the tip of your iron when it becomes 
dirty. These additional features are nice but not essen- 
tial. See Figure 3-5. 
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Figure 3-5 The Helping Hand, with additional accessories. 


Essential: Magnifying Lens 


Figure 3-6 Handheld magnification is essential for inspecting 
solder joints. 


No matter how good your eyes are, a small, handheld, 
powerful magnifying lens is essential when you are 
checking solder joints on perforated board. The three- 
lens set in Figure 3-6 is designed to be held close to your 
eye, and is more powerful than the large lens on a Help- 
ing Hand, which | do not find very useful. The folding 
lens in Figure 3-7 stands on your workbench for hands- 
free operation. Both are available from hobby stores or 


sources such as eBay and Amazon. Plastic lenses are 
quite acceptable if you are gentle with them. 


Figure 3-7 This kind of folding magnifier can stand on your 
desktop. 


Optional: Clip-on Meter Test Leads 


In previous experiments | have suggested that you can 
grab one of your meter probes with the alligator clip on 
a test lead, and use the alligator at the other end of the 
lead to grip a wire or a component. 


A more elegant alternative is to buy a pair of “minigrab- 
ber” probes with little spring-loaded clips at the end. 
The Pomona model 6244-48-0 (shown in Figure 3-8) will 
do the job. However, this is a relatively expensive choice. 
You may prefer to look for meter leads that terminate in 
small alligator clips, such as those in Figure 3-9. These 
are usually the cheapest option. Or, you can just contin- 
ue to use test leads in the manner that | suggested pre- 
viously. 
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Figure 3-8 These “minigrabbers” on meter leads will grip wires 
or component leads. 


Figure 3-9 Meter leads that terminate in miniature alligator 
clips. 


Optional: Heat Gun 


If you join two wires with solder, you often need to insu- 
late them. You can use electrical tape (sometimes called 
insulating tape), but it tends to come unstuck. A better 
option is heat-shrink tubing, which forms a safe, perma- 
nent sheath around a bare-metal joint. To make the tub- 
ing shrink, you use a heat gun, which is like a very pow- 
erful hair dryer. See Figure 3-10. They're available from 
any hardware supply source, and | suggest you buy the 
cheapest one you can find. 
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Figure 3-10 When a heat gun Is applied to heat-shrink tubing, 
the tubing can create a snug, insulated sheath around bare wire. 


For precise work, you may prefer to use a miniature heat 
gun, such as the one shown in Figure 3-11. 


Figure 3-11 A miniature heat gun is slightly easier to handle than 
the full-sized type. 


Optional: Desoldering Equipment 


A desoldering pump is supposed to suck up hot, melted 
solder when you are trying to remove a solder joint that 
you made in the wrong place. See Figure 3-12. Some of 
my readers insist that this should be essential, not op- 
tional, but it’s a matter of taste. Personally if | make a sol- 
dering error, | prefer to snip it out and do it over. 
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house get as cold as possible during the night. His answer was a 
definite, “Yes, there's a very good reason.” It turns out that a very 
complex relationship exists between the outside temperature, the 
day/night setback temperature differential, and the amount of fuel 
needed to bring the house up to temperature the next day. Because 
of this relationship, there is an optimum “setback” temperature, 
which for the average house is about 10 degrees for a maximum 
savings of 16%. If you exceed this setback temperature by very 
much, your savings will decline and it is possible to reach the point 
where you are ultimately using extra fuel rather than saving fuel. 
For this reason, an additional thermostat was included in the 
system to provide an overall nighttime temperature for the house. 
This additional thermostat uses the 24 V ac transformer on the 
furnace for power and is connected to a 24 V ac relay. This 
thermostat is set at a temperature which is 10 degrees less than the 
daytime temperature. When the house temperature falls belowthis 
nighttime setting, the thermostat closes, turning the 24 V ac relay 
on. Since the power leads for the 117 V ac relay go through the 
normally closed contacts of the 24 V acrelay, the 117 V ac relay will 
be inactivated and the system will go back to normal. At this point, 
all of the daytime thermostats take control and call for heat as 
required. When the temperature rises above the nighttime tem- 
perature, the heating system is once again disabled. Note that the 
nightime thermostat does not turn on all zones automatically but 
merely puts the heating system back to daytime or normal. This 
was done to allow a given maximum temperature in a particular 
zone and to permit a zone to be turned off. If a zone is turned off 
during the day, it will not be activated at night by this system. I 
wanted this feature for my own house where the basement zone is 
off except for rare occasions. If I had used the nighttime thermostat 
to turn on all zones, I would be wasting heat in the basement. 
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Necessary Items for Chapter Three 


To remove a Solder joint, you can suck melted solder 
into this squeezable rubber bulb. 


, also known as , is in- 
tended to soak up solder in conjunction with the solder 
pump. See 


An additional option for removing liquid solder is to 
Soak it up in this copper braid. 


You place your hot soldering iron into a stand when you 
are not using it, in the same way that you would put a 
kitchen knife into a rack. See . If you don't 
want to spend the money on a stand, you can improvise 
a substitute, such as a piece of steel electrical conduit or 
even an old tin can nailed to a piece of wood. Or, you 
can rest the soldering iron on the edge of your work 
bench, and promise yourself to be veeery careful not to 
dislodge it. (Been there, done that.) When—not if—the 
soldering iron falls onto the floor, it will melt synthetic 
carpet or plastic floor tiles. Knowing this, you may at- 


tempt to catch it when you see it fall. If you grab it by 
the hot end, you will let go of it, so you might as well let 
it fall on the floor without the intermediate step of burn- 
ing yourself. 


Perhaps a soldering stand should be considered essen- 
tial. 


A safe and simple stand for a hot soldering iron. The 
yellow sponge can be wetted with water to clean the tip of the 
iron. 


Sooner or later, you may want to mount a finished elec- 
tronics project in a decent-looking enclosure. For this 
purpose, you are likely to need tools to cut, shape, and 
trim thin plastic. For example, you may want to cut a 
square hole so that you can mount a square power 
switch in it. 


Power tools are overkill for this kind of delicate work. A 
miniature handsaw (a.k.a. a “hobby saw”) is ideal for 
trimming things to fit. X-Acto makes a range of tiny saw 
blades. See 
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Figure 3-15 Useful for cutting small holes to mount components 
in plastic boxes. 


Optional: Deburring Tool 


A deburring tool instantly smooths and bevels any 
rough-sawn plastic or aluminum edge, and also can en- 
large holes slightly. This may be necessary because 
some components are manufactured to metric sizes, 
which don't fit in the holes that you drill with American 
bits. See Figure 3-16. 


Figure 3-16 A deburring tool. 


Necessary ltems for Chapter Three 


Optional: Calipers 

These may seem like a luxury, but are very useful for 
measuring the external diameter of a round object (such 
as the screw thread on a switch or a potentiometer) or 
the internal diameter of a hole (into which you may 
want a switch or potentiometer to fit). See Figure 3-17. If 
you choose one that has a digital output powered by a 
button battery, it will be switchable between metric and 
inches. 


Figure 3-17 Calipers can measure internal and external 
diameters. 


Supplies 

While many of the tools that | listed are optional, sup- 
plies tend to be essential—unless you are absolutely 
positive that you never want to build a permanent ver- 
sion of a device. The tools and materials to build perma- 
nent projects will cost about the same as a month of ca- 
ble TV. | think they're a worthwhile investment. 


Essential: Solder 


This is the stuff that you will melt to join components to- 
gether on a permanent (we hope) basis. Its good to 
have very thin solder, 0.02” to 0.04” (0.5mm to 1mm) in 
diameter, for very small components. A range of solder 
thicknesses is shown in Figure 3-18. For projects in this 
book, a minimal amount of solder (half an ounce, or 
maybe three feet) will be sufficient. 


Avoid buying solder that is intended for plumbers, or for 
craft purposes such as creating jewelry. The word “elec- 
tronics” should appear in the manufacturer's description 
of suitable purposes for the solder. 
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Figure 3-18 Spools of solder in various thicknesses. 


There is some controversy about using solder that has 
lead in it. An experienced machinist assures me that this 
older type of solder makes better, easier joints at a lower 
temperature, and entails minimal health risk if used 
sparingly. He points out that lead-free solder has its own 
problems, as it contains more rosin, which creates more 
fumes. The issue has roused significant debate online, as 
you can see if you try this search: 


lead tin solder safety 


Personally, | lack the specialized knowledge to make a 
judgment call. | do know that if you live in the European 
Union, you're not supposed to use solder with lead in it, 
for environmental reasons. 


What you do definitely need is rosin-core solder intend- 
ed for electronics use. Whether it contains lead is your 
choice. 


Optional: Heat-Shrink Tubing 


For use in conjunction with your heat gun, described 
previously. It’s good to have a range of sizes in any colors 
of your choice. See Figure 3-19. You slide heat-shrink 
tubing over a solder joint and then apply heat from a 
heat gun. The tube shrinks around the joint, insulating it. 
The diameter after shrinking is typically half of the origi- 
nal diameter, but some tubing has a higher shrink ratio. 
Different materials offer varying characteristics relating 
to insulation, abrasion resistance, and other factors. An 
amazing range of heat-shrink tubing will be found at 


McMaster-Carr, with details about the various proper- 
ties. For our purposes, the cheapest tubing should be 
satisfactory, so long as it is rated for 240 volts (or higher). 
One bag or box containing an assortment of five or six 
diameters will be sufficient. You are more likely to use 
the small sizes than the large sizes. 


Figure 3-19 A variety of heat-shrink tubing. 


Essential: Copper Alligator Clips 


These absorb heat when you are soldering delicate com- 
ponents. Don't be deceived by steel clips that are cop- 
per-plated; you should really get the solid copper type. 
Buy as few as possible, as you can reuse them indefinite- 
ly. Just two will be enough. 


Figure 3-20 These small copper clips absorb heat to protect 
components when you're soldering them. 
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Optional: Perforated Board 


When you're ready to move your circuit from a bread- 
board to a more permanent location, you'll want to sol- 
der it to a piece of perforated board, often known as 
“prototyping board” and also called “perf board.” 


The easiest type to use is plated with copper strips on 
the back in exactly the same layout as the conductors 
hidden inside a breadboard. This enables you to mini- 
mize errors by keeping the same layout of your compo- 
nents when they migrate to the perforated board. See 
Figure 3-21. Just buy one board, initially. 


Figure 3-21 This perforated board has a pattern of copper 
traces identical to the pattern of conductors inside a breadboard. 


The disadvantage of using the breadboard component 
layout is that it is not very space-efficient. To compress a 
circuit to minimal size, you can try point-to-point wiring 
on a plain perforated board—and l'Il show you how this 
is done in Experiment 14. You may only require a small 
piece of board, but you can buy a larger piece and cut as 
much as you need. See Figure 3-22. 


Another possibility is to use perforated board with a dif- 
ferent pattern of copper traces. Cut-board, for instance, 
features parallel traces that you can cut with a knife 
where you want to break a connection. Everyone who 
does much soldering seems to have a favorite type of 
board configuration, but | think you'll need to get ac- 
quainted with the soldering process before you start ex- 
ploring the options. 
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Figure 3-22 Plain perforated board (with no copper traces) for 
point-to-point wiring. 


Optional: Plywood 

When you use a soldering iron, hot drops of solder tend 
to fall onto your table or workbench. The solder solidi- 
fies almost instantly, can be difficult to remove, and will 
leave a scar. Consider using a two-foot square of half- 
inch plywood to provide disposable protection. You can 
buy it precut at any big-box hardware store. 


Optional: Machine Screws 


To mount components behind a panel, you need small 
machine screws (more commonly referred to as “bolts”). 
They look nice if they have flat heads that fit flush 
against the panel, provided you coutersink the holes. | 
suggest stainless-steel machine screws, #4 size, in 
lengths of 3/8” and 1/2”, with #4 locknuts of the type 
that have nylon inserts, so that they won't work loose. 


Essential: Project Boxes 


A project box is just a small box (usually plastic) with a 
removable lid. As its name implies, its purpose is to hold 
one of your electronic projects. You mount your 
switches, potentiometers, and LEDs in holes that you 
drill in the lid, and you attach your circuit on a perfora- 
ted board that goes inside the box. You can also use a 
project box to contain a small loudspeaker. 


For the intrusion alarm project in Experiment 15, you 
can use a box measuring approximately 6 inches long, 3 
inches wide, and 2 inches high. 
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Essential: Power Connectors 


After you finish a project and put it in a box, you'll need 
a convenient way to supply it with power. You can buy 
the kind of low-voltage DC plug-and-socket pair pic- 
tured in Figure 3-23. They are properly known as “barrel 
plugs” and “barrel sockets” but you may also find them 
described as “6VDC plug” and “6VDC socket.” They are 
available in various sizes, but this is unimportant, so long 
as your connectors are the same size as each other. 


Figure 3-23 The socket on the right can be mounted on a 
project box to receive power from the plug on the left, which you 
can attach to the wire from an AC adapter. 


Optional: Headers 


After you have soldered a circuit to perforated board, 
you will need to connect it with separate switches or 
pushbuttons. An unpluggable connection is preferable, 
in case you ever need to fix a fault on the board. 


Sometimes known as single inline sockets and headers, 
but also known as boardmount sockets and pinstrip head- 
ers, small connectors come in strips of 36 or more, and 
you can snap off as many as you need. 


Figure 3-24 shows headers before and after being snap- 
ped into small sections. Make sure that the intercon- 
nects have a terminal spacing of 0.1 inch, to match your 
perforated board. (Some interconnects have metric 
spacing.) 


Figure 3-24 Miniature interconnects are often referred to as 
“headers.” 


Components 


Again | must remind you that component kits are avail- 
able. See “Kits” on page 311. If you prefer to buy your 
own components from online sources, see “Compo- 
nents” on page 317. In addition to the components that 
| described at the beginning of Chapter Two (see “Com- 
ponents” on page 47), you're going to need the follow- 


ing. 


Diodes 


A diode passes electric current in one direction, while 
blocking it in the opposite direction. The end of the di- 
ode that should be more negative is known as the cath- 
ode. It is marked with a line, as shown in Figure 3-25. The 
diode on the right, in this photograph, is a 1N4001, 
which is rated for slightly more current than the 1N4148 
on the left. They’re cheap, and likely to be useful in the 
future, so buy 10 of each. The manufacturer is irrelevant. 


Figure 3-25 Two diodes. The more-negative end is marked. 
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Experiment 12: Joining Two Wires 
Together 


Now you're ready to begin using everything that | have 
just described, and the first item has to be a soldering 
iron. 


Your adventure into soldering begins with the prosaic 
task of joining one wire to another, but will lead quickly 
to creating a full electronic circuit on perforated board. 
So let's get started! 


What You Will Need 


Hookup wire, wire cutters, wire strippers 


30-watt or 40-watt soldering iron 


15-watt soldering iron 


Thin solder 


Optional: medium solder 


“Helping Hand” to hold your work 


Optional: shrink-wrap tubing, assorted 


Optional: heat gun 


Optional: a piece of heavy cardboard or ply- 
wood to protect your work area from drops of 
solder 


Caution: Soldering Irons Do Get Hot! 
Please take these basic precautions: 


Use a proper stand (such as the one incorporated in a 
Helping Hand) to hold your soldering iron. Don't leave 
the iron lying on a workbench. 


If you have infants or pets, remember that they may play 
with, grab, or snag the wire to your soldering iron. They 
could injure themselves (or you). 


Be careful never to rest the hot tip of the iron on the 
power cord that supplies electricity to the iron. It can 
melt the plastic in seconds and cause a dramatic short 
circuit. 


If you drop a soldering iron, don’t be a hero and try to 
catch it. 


Most soldering irons have no warning lights to tell you 
that they’re plugged in. As a general rule, always assume 
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that a soldering iron is hot, even if it's unplugged. It may 
retain sufficient heat to burn you for longer than you ex- 
pect. 


Your First Solder Joint 


We'll start with your general-duty soldering iron—the 
one rated for 30 or 40 watts. Plug it in, leave it safely in 
its holder, and find something else to do for five mi- 
nutes. If you try to use a soldering iron without giving it 
time to get fully hot, you will not make good joints, be- 
cause the solder may not melt completely. 


Strip the insulation from the ends of two pieces of 22- 
gauge solid hookup wire and clamp them in your Help- 
ing Hand so that they cross each other and touch each 
other, as shown in Figure 3-26. 


Figure 3-26 Ready for your first soldering adventure. 


To make sure that the iron is ready, touch a thin piece of 
solder on the tip of it. The solder should melt instantly. If 
it melts slowly, the iron isn’t hot enough yet. 


If the tip of your soldering iron is dirty, you should clean 
it. The usual procedure is to wet the sponge that is built 
into your soldering iron stand, and rub the tip of the iron 
in the sponge. Personally | prefer not to do this, as | be- 
lieve that getting moisture on the tip causes thermal ex- 
pansion and contraction, which may open small cracks 
in the plating of the tip. | rub a piece of crumpled paper 
over the hot tip of the soldering iron, quickly enough to 
avoid charring the paper. Then | apply a tiny amount of 
solder and rub the tip again, until it is uniformly shiny. 
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When the tip of your soldering iron is clean. follow the 
steps shown in Figure 3-27, Figure 3-28, Figure 3-29, Fig- 
ure 3-30, and Figure 3-31. 


Step 1. Touch the hot tip of the iron against the inter- 
section of the wires steadily for three seconds to heat 
them. 


Figure 3-27 Step 1. 


Step 2. While maintaining the iron in this position, feed 
a little solder to the intersection of the wires, also touch- 
ing the tip of the soldering iron. Thus, the two wires, the 
solder, and the tip of the iron should all come together 
at one point. 


Figure 3-28 Step 2. 


Step 3. At first, the solder may melt slowly. Be patient. 


Figure 3-29 Step 3. 


Step 4. Now you see the solder forming a nice round 
blob. 


Figure 3-30 Step 4. 


Step 5. Remove the iron and the solder. Blow on the 
joint to cool it. Within 10 seconds, it should be cool 
enough to touch. The completed joint should be shiny, 
uniform, and rounded in shape 


Figure 3-31 Step 5. 
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When the joint has cooled, unclamp the wires and try to 
tug them apart. Tug hard! If they defeat your best at- 
tempts to separate them, the wires are electrically joined 
and should stay joined. If you didn't make a good joint, 
you will be able to separate the wires relatively easily, 
probably because you didn't apply enough heat or 
enough solder. Figure 3-32 gives you the general idea. 


Figure 3-32 Telling the difference between a bad solder joint 
(left) and a good one (right) is really not very difficult. 


The reason | asked you to begin by using the higher- 
powered soldering iron is that it delivers more heat, 
which makes it easier to use. 


The soldering steps can be summarized like this: apply 
heat to the wires, bring in the solder while maintaining 
the heat, wait for the solder to start to melt, wait a mo- 
ment longer for it to form a completely molten bead, 
and then remove the heat. The whole process should 
take between four and six seconds. 


Background: Soldering Myths 


Myth #1: Soldering is very difficult. Millions of peo- 
ple have learned how to do it, and they can't all be more 
competent than you. | have a lifelong problem with a 
tremor in my hands that makes it difficult for me to hold 
small things steadily. | also get impatient with repetitive 
detail work. If | can solder components, almost anyone 
should be able to do it. 


Myth #2: Soldering endangers your health with poi- 
sonous chemicals. You should avoid inhaling the 
fumes, but that also applies to everyday products such 
as bleach and paint. You should wash your hands after 
handling solder, and to do a really thorough job, use a 
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nail brush. But if soldering was a significant health haz- 
ard, we should have seen a high death rate among elec- 
tronics hobbyists decades ago. 


Myth #3: Soldering irons are dangerous. A soldering 
iron is less hazardous than the kind of iron that you 
might use to iron a shirt, because it delivers less heat. In 
fact, in my experience, soldering is safer than most activ- 
ities in a typical home or basement workshop. Of course, 
that doesn’t mean you can be careless. The iron is hot 
enough to burn your skin if you touch it. 


Fundamentals: Eight Soldering Errors 


Not enough heat. The joint looks OK, but because you 
didn't apply quite enough heat, the solder didn't melt 
sufficiently to realign its internal molecular structure. It 
remained granular instead of becoming a solid, uniform 
blob, and you end up with a dry joint, also known as a 
cold joint, which will come apart when you pull the wires 
away from each other. Reheat the joint thoroughly and 
apply new solder. 


Carrying solder to the joint. A leading cause of under- 
heated solder is the temptation to melt some solder on- 
to the iron alone, and then carry the solder to the loca- 
tion where you want to apply it. This means that the 
wires will be cold when you try to make the solder stick 
to them. What you should do is touch the soldering iron 
to heat the wires first, and then apply the solder. This 
way, the wires are hot and help to melt the solder. 


e Because this is such a universal problem, l'Il re- 
peat myself. You don’t want to put hot solder on 
cold wires. You want to put cold solder on hot 
wires. 


Too much heat. This may not hurt the joint, but can 
damage everything around it. Vinyl insulation will melt, 
exposing too much wire and raising the risk of short cir- 
cuits. You can easily damage semiconductors, and may 
even melt the internal plastic parts of switches and con- 
nectors. Damaged components must be desoldered and 
replaced, which will take time and is a big hassle. If your 
attempt at soldering isn’t working for some reason, pull 
back, pause, and allow everything to cool down a little 
before you try again. 


Not enough solder. A thin connection between two 
conductors may not be strong enough. When joining 
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two wires, always check the underside of the joint to see 
whether the solder penetrated completely. 


Moving the joint before the solder solidifies. This 
may create a fracture that you won't necessarily see. lt 
may not stop your circuit from working, but at some 
point in the future, as a result of vibration or thermal 
stresses, the fracture can separate just enough to break 
electrical contact. Tracking it down will then be a chore. 
If you clamp components before you join them, or use 
perforated board to hold the components steady, you 
can avoid this problem. 


Dirt or grease. Electrical solder contains rosin that 
cleans the metal that you're working with, but contami- 
nants can still prevent solder from sticking. If any com- 
ponent looks dirty, clean it with fine sandpaper before 
joining it. 

Carbon on the tip of your soldering iron. The iron 
gradually accumulates flecks of black carbon during use, 
and they can act as a barrier to heat transfer. Clean the 
tip, as described previously. 


Inappropriate materials. Electrical solder is designed 
for electronic components. It will not work with alumi- 
num, stainless steel, or various other metals. You may be 
able to make it stick to chrome-plated items, but only 
with difficulty. 


Failure to test the joint. Don't just assume that it’s OK. 
Always test it by applying manual force. If you can’t get a 
grip on the joint, slip a screwdriver blade under it and 
flex it just a little, or use small pliers to try to pull it apart. 
Don't be concerned about ruining your work. If your 
joint doesn't survive rough treatment, it wasn’t a good 
joint. 

Of the eight errors, dry/cold joints are by far the worst, 
because they are easy to make and can look OK. 


Background: Soldering Alternatives 


As recently as the 1950s, connections inside electronic 
appliances such as radio sets were still being hand-sol- 
dered by workers on production lines. But the growth of 
telephone exchanges created a need for a faster way to 
make large numbers of rapid, reliable point-to-point wir- 
ing connections, and wire wrap became a viable alterna- 
tive. 


In a wire-wrapped electronics project, components are 
mounted on a circuit board that has long, gold-plated, 


sharp-cornered square pins sticking out of the rear. Spe- 
cial silver-plated wire is used, with an inch of insulation 
stripped from its ends. A manual or power-driven wire- 
wrap tool twirls the end of a wire around one of the pins, 
applying sufficient tension to “cold-weld” the soft silver 
plating of the wire to the pin. The wrapping process ex- 
erts sufficient pressure to make a very reliable joint, es- 
pecially as seven to nine turns of wire are applied, each 
turn touching all four corners of the pin. 


During the 1970s and 1980s, this system was adopted by 
hobbyists who built their own home computers. A wire- 
wrapped circuit board from a hand-built computer is 
shown in Figure 3-33. The technique was used by NASA 
to wire the computer in the Apollo spacecraft that went 
to the Moon, but today, wire-wrapping has few commer- 
cial applications. 


Figure 3-33 This picture shows some of the wire-wrapping in 
Steve Chamberlin’s custom-built, retro 8-bit CPU and computer. 
Connecting such a network of wires with hand soldering would 
have been unduly time-consuming and prone to faults. Photo 
credit: Steve Chamberlin. 


The widespread industrial use of “through-hole” compo- 
nents, such as the chips on early desktop computers, en- 
couraged development of wave soldering, in which a 
wave or waterfall of molten solder is applied mechani- 
cally to the underside of a preheated circuit board where 
chips have been inserted. A masking technique prevents 
the solder from sticking where it isn’t wanted. 


Today, surface-mount components (which are signifi- 
cantly smaller than their through-hole counterparts) are 
glued to a circuit board with a solder paste, and the en- 
tire assembly is then heated, melting the paste to create 
a permanent connection. 
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Your Second Solder Joint 


Time now to try your 15W soldering iron. Once again, 
you must leave it plugged in for a good five minutes to 
make sure it's hot enough. In the meantime, don't forget 
to unplug your other soldering iron, and put it some- 
where safe while it cools. 


Use thin solder to make this joint. It will take less heat 
from the less-powerful soldering iron. 


This time I’d like you to align the wires parallel with each 
other. Joining them this way is a little more difficult than 
joining them when they cross each other, but it’s a nec- 
essary skill. Otherwise, you won't be able to slide heat- 
shrink tubing over the finished joint to insulate it. 


Five steps to create this joint are shown in Figure 3-34, 
Figure 3-35, Figure 3-36, Figure 3-37, and Figure 3-38. At 
the beginning, the two wires do not have to make per- 
fect contact with each other; the solder will fill any small 
gaps. But as before, the wires must be hot enough for 
the solder to flow, and this can take an extra few sec- 
onds when you use the low-wattage iron. 


Be sure to feed the solder in as shown in the pictures. 
Remember: don't try to carry the solder to the joint on 
the tip of the iron. Heat the wires first, and then touch 
the solder to the wires and the tip of the iron, while 
keeping it in contact with the wires. Wait until the solder 
liquifies, and you will see it running eagerly into the 
joint. If this doesn’t happen, be more patient and apply 
the heat for a little longer. 


Figure 3-34 Step 1: Align the wires. 


Experiment 12: Joining Two Wires Together 


Figure 3-35 Step 2: Heat the wires. 


Figure 3-36 Step 3: While continuing to heat the wires, apply the 
solder. Wait for it to start melting. Be patient. 


Figure 3-37 The solder is now melting into the joint. 
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Fig. 9-2. Typical hot air heating system. 


Construction 

Simple, quick construction was one of the design goals of the 
system since many neighbors expressed interest in this device and 
contemplated building it for their homes. Reliability was another 
goal, since few of the neighbors had an electronics background and 
thus could not troubleshoot the system should a malfunction occur. 
Consequently, parts were chosen on the basis of ease of construc- 
tion and reliability, rather than on a minimum cost basis. Those 
readers with a good junk box and electronics knowledge can impro- 
vise and substitute, possibly saving a few dollars here and there. 

I might mention that an all solid state version of this unit was 
built and tested; however, since it was not totally reliable and was 
expensive to build, it was abandoned. It is difficult to beat the relay 
in regard to reliability and cost. 

A small metal box with dimensions of 3” x 4” x 5” or larger is 
used to hold the two relays. Top mounting sockets are used for the 
relays so that it will not be necessary to punch large holes in the 
box. A small quarter inch electric drill and a screwdriver are the 
only tools needed for the project. After assembling the unit, both 
the timer and the control unit are mounted on a wooden board 
which can be nailed to the cellar wall or any other convenient place. 
I originally mounted lights on the box, but since they have no real 
value and add unnecessarily to the cost of the unit, they were 
omitted in all subsequent units. Hence the circuit has no lights 
shown. 

All connections made inside the box are brought out through a 
Yo” grommet in a Y” hole. Connections should be labeled as shown 
in Fig. 9-3, using masking or adhesive tape. 

The timer used is a heavy duty industrial timer and is very 
inexpensive for its quality. 
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Figure 3-38 The finished joint is shiny, and the solder has 
spread across the copper wires. 


The finished joint has enough solder for strength, but 
not so much solder that it will prevent heat-shrink tub- 
ing from sliding over it. I'll get to that in a moment. 


Theory: Heat Transfer 


The better you understand the process of soldering, the 
easier it should be for you to make good solder joints. 


The tip of the soldering iron is hot, and you want to 
transfer that heat into the joint that you are trying to 
make. For this reason, you should adjust the angle of the 
soldering iron so that it makes the widest possible con- 
tact. See Figure 3-39 and Figure 3-40. 


Figure 3-39 A small contact area between the iron and the 
working surface allows insufficient heat transfer. 


Figure 3-40 A larger area of contact increases the heat transfer. 


Once the solder starts to melt, it broadens the area of 
contact, which helps to transfer more heat, so the pro- 
cess accelerates naturally. Initiating it is the tricky part. 


The other aspect of heat flow that you should consider is 
that it can suck heat away from the places where you 
want it, and deliver it to places where you don't want it. 
If you're trying to solder a very heavy piece of copper 
wire, the joint may never get hot enough to melt the sol- 
der, because the heavy wire conducts heat away from 
the joint. You may find that even a 40-watt iron isn't 
powerful enough to overcome this problem. At the 
same time, while the copper doesn't get hot enough to 
melt the solder, it can be quite hot enough to melt insu- 
lation off the wire. 


As a general rule, if you can't complete a solder joint in 
10 seconds, you aren't applying enough heat. 


Insulating the Solder Joint 


After you've succeeded in making a good inline solder 
connection between two wires, it’s time for the easy 
part. Choose some heat-shrink tubing that is just big 
enough to slide over the joint with a little bit of room to 
Spare. 


Of course, you do need to plan ahead. Usually you need 
to slip some tubing over one of the wires before you join 
them together. You'll see how this works when | get to 
the step-by-step procedure, below. 


Assuming you have heat-shrink tubing on one of the 
wires, slide it along until the joint is centered under it. 
Hold it in front of your heat gun, and switch on the gun 
(keeping your fingers away from the blast of superhea- 
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ted air). Turn the wire so that you heat both sides. The 
tubing should shrink tight around the joint within half a 
minute. lf you overheat the tubing, it may shrink so 
much that it splits, at which point you must remove it 
and start over. As soon as the tubing is tight, your job is 
done, and there's no point in making it any hotter. Note 
that while tubing mostly shrinks at right angles to its 
length, a little shrinkage also occurs along its length. 


Figure 3-41, Figure 3-42, and Figure 3-43 show the de- 
sired result. | used white tubing because it shows up well 
in photographs. Different colors of heat-shrink tubing all 
perform the same way. 


Figure 3-41 Slip the tubing over your wire joint. 


Figure 3-42 Apply heat to the tubing. 


Experiment 12: Joining Two Wires Together 


Figure 3-43 Leave the heat on the tubing until it shrinks to firmly 
cover the joint. 


Caution: Heat Guns Do Get Hot! 


Notice the chromed steel tube at the business end of a 
full-sized heat gun. Steel costs more than plastic, so the 
manufacturer must have put it there for a good reason 
—and the reason is that the air flowing through it be- 
comes so hot that it would melt a plastic tube. 


The metal tube stays hot enough to burn you for several 
minutes after you've used it. And, as in the case of sol- 
dering irons, other people (and pets) are vulnerable, be- 
cause they won't necessarily know that the heat gun is a 
hazard. Most of all, make sure that no one in your home 
ever makes the mistake of using a heat gun as a hair dry- 
er (see Figure 3-44). 
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Figure 3-44 Members of your family should understand that a 
heat gun isn't quite the same as a hair dryer. 


This tool is just a little more hazardous than it appears. A 
mini heat gun may entail slightly less risk, but still 
should be treated with respect. 


Wiring Your Power Source 


The next application for your soldering skills will be 
more practical. You can add color-coded, solid-core 
wires to your AC adapter—or if you don't have an adapt- 
er, you can add extensions to the thin wires from a 9V 
battery connector. Either way, your extended 22-gauge 
wires will plug conveniently into a breadboard. 


You can use your larger soldering iron for this, as no 
heat-sensitive components are involved. 


If you have acquired an AC adapter, lm assuming it is a 
little plastic module that plugs straight into the wall. A 
pair of wires emerges from it, carrying the low DC volt- 
age that you need, and they terminate in some kind of 
miniature plug. The plug is suitable for a device such as a 
media player or a phone that has a matching socket, but 
for the purposes of this book, the plug is not useful, be- 
cause you will want to apply the power to a breadboard. 


How can this be done? | will show you. 


Step One: Cut and Measure 


First, lets make sure your AC adapter is doing what it's 
supposed to do. 


Do not plug the adapter into the wall just yet. Begin by 
cutting the little plug off the end of the low-voltage 
wire, as shown in Figure 3-45. (You may notice that this 
photograph is of a RadioShack adapter. Ah, memories.) 


Separate the two conductors, using wire cutters or a util- 
ity knife, and strip about 1/4” of insulation off each one. 
See Figure 3-46. The wires should be of unequal lengths, 
to reduce the risk of them touching. 
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Figure 3-46 The stripped wires. 


If the bare ends do touch each other while the adapter is 
plugged in, they may overload it or blow a fuse inside it. 
You may also get a spark that will be disconcerting, al- 
though | doubt it will hurt you. Not a big deal, but incon- 
venient. 


Now set your meter to measure volts DC and attach it to 
the two wires from the AC adapter, preferably using alli- 
gator test leads to keep everything under control. After 
double-checking to make sure that your red meter lead 
is in the volts socket on the meter, not the mA socket, 
plug the AC adapter into the wall and measure how 
much voltage it is providing. 


If you get a confusingly high reading, it could be be- 
cause the voltage delivered by AC adapters is often 
greater when the adapter is not powering anything. The 
internal resistance of your meter is so high, the adapter 
will behave as if it isn’t being loaded at all. 


For a more meaningful test, select a resistor with a value 
of 680 ohms and clip it across the output from the 
adapter, in parallel with your meter. This will pull the 
voltage from the adapter down to a more appropriate 
level. Now you should get a value that makes sense. 


It's not a good idea to use a resistor of much less than 
680 ohms because the resistors on your shopping list are 
only rated at 1/4 watt, and if you try to push more power 
through them than that, they will overheat. If the 680- 
ohm resistor is attached to a 9-volt supply, Ohm's Law 
tells us that the current flowing through it will be about 
13mA, and therefore the power dissipation will be about 
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120mW, or 0.12W, which is well within the rated maxi- 
mum of a 0.25W resistor. 


If you want to see how the voltage output from your AC 
adapter varies with a load of lower resistance, you can 
clip several 680-ohm resistors together in parallel. This 
could be an interesting test—but let’s get back to the 
primary purpose here, which is to obtain power for your 
breadboard. 


Step Two: Soldering 


Use your meter to make absolutely sure there is no mi- 
nus sign in front of the voltage that it measures on the 
wires from your AC adapter. If there is a minus sign, re- 
verse the leads from your meter. 


If the reading on your meter is positive, not negative, 
you know that the red wire from your meter is clipped to 
the positive side of your AC adapter. This is important, as 
you don't want your adapter to destroy components in 
your circuits by applying power to them the wrong way 
around. 


The next steps will be the same regardless of whether 
you are adding solid 22-gauge wires to an AC adapter or 
a 9V battery connector. 


Cut two pieces of solid-conductor 22-gauge wire—one 
of them red, the other black or blue. Each should be 
about 2 inches long. Strip 1/4” of insulation from both 
ends of each piece of wire. 


Solder the 22-gauge wires to the wires from the AC 
adapter or the battery connector, using the technique 
that you practiced previously. Naturally, you attach the 
red wire to the positive side of your power supply. 


If you have heat-shrink tubing and a heat gun, use it as 
you did in the practice session. The result should look 
like Figure 3-47. Once again the wires should be of un- 
equal lengths, to reduce the risk of them touching each 
other. When the job is done, you can plug the ends of 
the 22-gauge wires into your breadboard. 
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Figure 3-47 The 22-gauge wires can be plugged into a 
breadboard, to supply it with power. 


Pruning a Power Cord 


What else can you do with your newly acquired solder- 
ing skills? Here's a suggestion. Those of us who don't use 
Apple products may find ourselves with a laptop power 
supply that has a detachable AC power cord for plug- 
ging into the wall, in addition to the low-voltage DC wire 
that plugs into the computer. A typical power cord is 
shown in Figure 3-48. 


Figure 3-48 A detachable AC power cord for a non-Apple laptop 
computer. 


What if you are an Apple fan? Maybe you have detacha- 
ble power cords for other devices, such as a printer or a 
scanner. The purpose of this exercise is to reduce the 
length of a power cord so that it is exactly what you 
want, instead of lying around in a tangle. And if, like me, 
you have a laptop power cord that is longer than it 


needs to be, and you like to travel as light as possible, 
this exercise could be useful. 


Twelve Steps to a Shorter Cord 


In Figure 3-49 we see the first step, in which you boldly 
apply your wire cutters to chop a power cord. Needless 
to say, all of these steps require that the power cord 
should not be plugged in while you are working on it. 


Figure 3-49 Step 1 of 12, to shorten a power cord. 


Figure 3-50 shows the ends that you want to keep. You 
can store the rejected middle section of the power cord 
for some other purpose in the future. 


Figure 3-50 Step 2 of 12, to shorten a power cord. 


In Figure 3-51, a utility knife on a cutting mat is an easy 
way to separate the two conductors in each segment of 
the power cord. 
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Figure 3-51 Step 3 of 12, to shorten a power cord. 


In Figure 3-52, the segments of the power cord have 
been trimmed so that the conductors are of matching 
but unequal lengths. This way they will take up less 
room when you rejoin them, and there will be less risk of 
a short circuit if one of the joints fails for some reason. 


Note that one conductor will be always marked, either 
with print or with molded ridges. Be sure that the 
marked conductors match each other when you join 
them. 


Figure 3-52 Step 4 of 12, to shorten a power cord. 


Strip off a minimal amount of insulation. Just 1/8” (3mm) 
will be enough. Then cut some pieces of heat-shrink 
tubing, if you have it. Each smaller piece must be just 
large enough to slide over each individual conductor in 
the power cord, while the bigger piece, about 2” long, 
will cover the whole joint. See Figure 3-53. 


Note that some heat-shrink tubing is rated only for low 
voltages. It should not be used for this project. 
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Figure 3-53 Step 5 of 12, to shorten a power cord. 


Now for the most difficult part: activating your human 
memory. You have to remember to slide the tubing onto 
the wire before you make your solder joint, because the 
plugs on the ends of the wires will prevent you from 
adding any heat-shrink tubing later. If you're as impa- 
tient as | am, it’s very difficult to remember to do this 
every time. See Figure 3-54. 


Figure 3-54 Step 6 of 12, to shorten a power cord. 


Use your Helping Hand to align the first joint. Push the 
two pieces of wire together so that the strands intermin- 
gle, and then squeeze them tight between finger and 
thumb, so that there are no little bits sticking out. A stray 
strand of wire can puncture heat-shrink tubing when the 
tubing is hot and soft and is shrinking around the joint. 
See Figure 3-55. 
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Figure 3-55 Step 7 of 12, to shorten a power cord. 


The wire that you're joining is much heavier than the 22- 
gauge wire that you worked with previously, so it will 
suck up more heat, and you must touch the soldering 
iron to it for a longer time. Make sure that the solder 
flows all the way into the joint, and check the underside 
after the joint is cool. Most likely you'll find some bare 
copper strands there. The joint should become a nice 
solid, rounded, shiny blob. See Figure 3-56. 


Be careful to keep the heat-shrink tubing as far away 
from the joint as possible while you're using the solder- 
ing iron, so that heat from the iron doesn't shrink the 
tubing prematurely, preventing you from sliding it over 
the joint later. 


Figure 3-56 Step 8 of 12, to shorten a power cord. 


Slide a section of heat-shrink tubing over the solder 
joint, and apply the heat gun, as shown in Figure 3-57. 
Don't allow the other pieces of heat-shrink tubing to 
pick up stray heat. 


Figure 3-57 Step 9 of 12, to shorten a power cord. 


In Figure 3-58, the heat-shrink tubing has now shrunk. 


Figure 3-58 Step 10 of 12, to shorten a power cord. 


Get ready to solder the other pair of conductors. See Fig- 
ure 3-59. 


Figure 3-60 shows that the second joint has been made. 
After you protect it with its own piece of heat-shrink 
tubing, you'll be ready to slide the larger section of tub- 
ing over the whole assembly. Er—you did remember to 
put the large tubing onto the wire at the beginning, 
didn't you? 
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Figure 3-59 Step 11 of 12, to shorten a power cord. 


Figure 3-60 Step 12 of 12, to shorten a power cord. 


Figure 3-60 shows the finished shortened power cord. 


Figure 3-61 The power cord, shortened. 
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What's Next? 


If you have completed the soldering exercises so far, you 
have sufficient basic skills to build your first soldered 
electronic circuit. Although—maybe first we should just 
run through a quick demonstration of the consequences 
of unintentionally excessive heat. l'd hate for you to take 
a lot of trouble soldering things together, only to discov- 
er that you melted a transistor or an LED. Unsoldering 
damaged parts is much less fun than soldering them. 


Experiment 13: Roasting an LED 


In Experiment 4, you discovered how easy it is to burn 
out an LED. What really happened, in that little adven- 
ture, is that excessive current passing through the LED 
created excessive heat, and the heat killed the compo- 
nent. 


If heat caused by electricity can destroy an LED, do you 
think heat from a soldering iron can do the same thing? 
It sounds plausible, but there’s only one way to make ab- 
solutely sure. 


What You Will Need 


9V battery and connector, or 9V AC-DC adapter 


Long-nosed or sharp-nosed pliers 


30-watt or 40-watt soldering iron 


15-watt soldering iron 


LEDs, generic (2) 
470-ohm resistor (1) 


Helping Hand to hold your work 


One large or two small pure-copper alligator 
clips 


The purpose of the experiment is to study the effects of 
heat. This means we need to know where the heat is go- 


ing. 


For this reason, you're not going to use a breadboard. 
The contacts inside the board would absorb an un- 
known amount of heat. | don't want you to use test 
leads, either, because they too will absorb heat. 
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Instead, please use some sharp-nosed pliers to bend 
each of the leads from an LED into little hooks, and do 
the same thing with the wires on a 470-ohm resistor. See 
Figure 3-62, where you will see that the wires from a 9- 
volt battery have been bent the same way. To make 
them maintain the hook shape, you may need to strip 
off a little extra insulation and apply a little solder. 


Figure 3-62 Measuring the heat tolerance of an LED. An AC 
adapter can substitute for the 9-volt battery. 


To minimize heat loss through conduction, the resistor 
dangles from one of the leads on the LED, and the pow- 
er-supply wire hangs from that, a little farther down. 
Gravity should be sufficient to make this work. 


Grip the plastic body of the LED in your Helping Hand. 
Plastic is not a good thermal conductor, so the lens of 
the LED should not allow much heat to be conducted 
away through the Helping Hand. 


Apply the 9 volts, and your LED should be shining 
brightly. | used a white LED in this experiment, because 
it's easier to photograph. 


You'll need your low-powered 15W soldering iron, and 
the higher-powered one, too. Plug them in and wait at 
least five minutes, to make sure they are really hot. Now 
hold the tip of the 15W iron firmly against one of the 
leads on your glowing LED, while you check the time 
with a watch. Figure 3-63 shows the setup. 


Figure 3-63 Applying heat with a 15-watt soldering iron. 


'm betting that you can sustain this contact for a full 
three minutes without burning out the LED. Now you 
know why a 15-watt soldering iron is recommended for 
delicate electronics work. 


Allow your LED wire to cool, and then apply your more 
powerful soldering iron in the same location as before. | 
think you'll find that the LED will go dark after as little as 
10 seconds (note that some LEDs can survive higher 
temperatures than others). This is why you don’t use a 
30-watt soldering iron for delicate electronics work. 


The large iron doesn't necessarily reach a higher temper- 
ature than the small one. It just has a larger heat capaci- 
ty. In other words, a greater quantity of heat can flow 
out of it, at a faster rate. 


Your LED has been sacrificed to satisfy the need for 
knowledge. It was an honorable death. Lay it to rest in 
your trash, and substitute a new LED, which we will try 
to treat more kindly. Connect it as before, but this time 
add a full-size copper alligator clip (or two small clips) to 
one of the leads near the body of the LED, as shown in 
Figure 3-64. Press the tip of your 30-watt or 40-watt 
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soldering iron against the lead just below the alligator 
clip. This time, you should be able to hold the powerful 
soldering iron in place for a full two minutes without 
burning out the LED. 


Figure 3-64 Using a copper alligator clip as a heat sink to 
protect an LED. 


Where the Heat Goes 


At the end of your experiment, if you touch the clip, 
you'll find that it’s relatively hot, while the LED remains 
not so hot. Imagine the heat flowing out through the tip 
of your soldering iron, into the wire that leads to the LED 
—except that the heat meets the alligator clip along the 
way, as shown in Figure 3-65. The clip is like an empty 
container waiting to be filled. The heat prefers to flow in- 
to the copper clip, leaving the LED unharmed. 


The alligator clip functioned as a heat sink. It works bet- 
ter than an everyday nickel-plated steel alligator clip, be- 
cause copper is such a good conductor of heat. 


Going back to the first part of this experiment, you saw 
that a 15-watt soldering iron failed to harm the LED, with 
no heat sink needed. Does this mean that a 15-watt iron 
is completely safe? 
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Figure 3-65 A copper alligator clip conducts heat away from an 
LED. 


Heat Flow 


Soldering Iron 


Well, maybe. The problem is, you don't really know 
whether some semiconductors may be more heat-sensi- 
tive than LEDs. 


Because the consequences of burning out a component 
can be so annoying, | suggest you should consider play- 
ing it safe and use a heat sink in these circumstances: 


« If you apply a 15-watt iron extremely close to a 
semiconductor for 20 seconds or more. 


« If you apply a 30-watt iron within half an inch of 
resistors or capacitors for 10 seconds or more. 
(Never use it near semiconductors.) 


« If you apply a 30-watt iron near anything melta- 
ble for 20 seconds or more. Meltable items in- 
clude insulation on wires, plastic connectors, 
and plastic components inside switches. 


Rules for Heat Sinking 


e Full-size copper alligator clips work best, but 
may not fit into tight corners. Ideally you should 
have small ones available too. 


e Clamp the alligator clip as close as possible to 
the component and as far as possible from the 
solder joint that you are trying to make. The 
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installation 


Install the nighttime thermostat in a central part of the house. 
Do not mount the thermostat on an outside wall or a wall that gets 
cold. Use twisted pair, solid thermostat wire or equivalent for the 
run from the thermostat to the control. 

After the control box and timer are mounted on the board, 
connect the timer and control together as shown. (If you use a timer 
other than the Tork timer, then connect the 117 V ac timer leads to 
the terminals marked “load” on the timer.) Plug the timer into an 
outlet and test the unit as follows: Throw the lever in the timer to 
“on” and the 117 V ac relay should pull in. Throw the lever to “off” 
and the relay should drop out. Unplug the timer, cut the wire going 
from the “common thermostat point” to the transformer, and con- 
nect the two ends to the control box leads marked “day therms.” 
Turn on one of the thermostats in your house and the heat should go 
on. Leave the thermostat on, plug the timer in and turn the lever to 
“on.” The heat should go off. Connect the leads marked “24 V ac” to 
the 24 V ac transformer and connect the “night therm” leads to your 
night thermostat. Turn the timer on so that the 117 V ac relay turns 
on. Turn the nighttime thermostat to ten degrees or so below the 
actual house temperature. The heat should stay off. Click the night 
thermostat on. The relays should click and the heat will go on. At 
this point the system is installed and ready for operation. 

Note that all connections should be made with the appropriate 
circuits de-energized. Never work on a “live” circuit. When mak- 
ing connections to the 24 V ac transformer, be sure that the circuit 
to the furnace is turned off. In some cases, it may take two to three 
minutes for the heat to come on due to inherent delays in the 
controls for the furnace and the zone valves. 


Operation and Use 
In our household, the timer is set so that the heat is turned off 
Ye hour before bedtime and turned on ¥% hour before rising. With 
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joint does need to get hot. Divert heat from the 
component, not from the joint. 


e Make sure there is a metal-to-metal connection 
between the alligator clip and the wire to pro- 
mote good heat transfer. 


If you keep these points in mind, we can proceed with 
the fascinating challenge of point-to-point wiring. 


Experiment 14: A Wearable 
Pulsing Glow 


Until now, I’ve encouraged you to start putting things 
together without much of a theory or a plan. That’s what 
Learning by Discovery tends to be like. Sometimes, 
though, a plan can be essential, and this is one of those 
times. I’m going to outline the requirements of this 
project, and then | will take you step by step through the 
process of building it. 


What You Will Need 


9V battery and connector, or 9V AC-DC adapter 


Hookup wire, wire cutters, wire strippers, multi- 
meter 


15-watt soldering iron 


Thin solder (0.022 inches) 


Plain perforated board (no copper plating nec- 
essary) 


Helping Hand 

Resistors: 470 (2), 100K (1), 4.7K (2), 470K (2) 
Capacitors: 3.3uF (2), 220uF (1) 

Transistors: 2N2222 (3) 

Generic LED (1) 


Fluctuations Revisited 


Please turn back to Figure 2-116 to refresh your memory 
of that circuit. The task, now, is to make it as small as 
possible, so that someone could wear it. 


Imagine that the leads of the components are intercon- 
nected with rubber bands, allowing you to shuffle them 
around on a tabletop without them losing their connec- 


tions with each other. When the rubber bands are 
stretched as little as possible, the circuit is as small as 
possible, and you can link the parts with bare wires, sup- 
porting everything with a piece of perforated board. 


The only problem is that bare wires under the board 
cannot cross each other. The idea is that after you have 
verified the function of your circuit, you could send the 
specification to a service that etches circuit boards. 


Of course, modern printed circuits are double-sided, at 
the very least, and many have intermediate layers, allow- 
ing multiple conductors to cross each other without 
making electrical contact. But it's always good to start 
ona simple, traditional basis, and the simplest board has 
components on one side and connections on the other. 
Components on top of the board can bridge the con- 
ductors beneath, because the insulating material of the 
board separates them. But conductors cannot cross each 
other. 


My best attempt to reduce the size of this circuit is 
shown in Figure 3-66, on a piece of plain perforated 
board measuring 0.9” x 1.3”. If you can come up with a 
design that is significantly smaller, I'd love to see it. Here 
are some ideas: 


e Use smaller resistors rated for 1/8 watt instead 
of 1/4 watt. 


e Mount resistors vertically. 


e Thread two leads through one hole, if the holes 
in your board are big enough. 
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Figure 3-66 The oscillator circuit, reduced to occupy minimal 
space on perforated board. 


Where are the connections between the components? 
They're under the board. In Figure 3-67 | grayed out the 
components and disappeared the board, so that you can 
see the wiring. 
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Figure 3-67 Connections in black are wires beneath the circuit 
board, which is transparent in this view. 


If you compare this diagram very carefully with the sche- 
matic in Figure 2-116, you should find that the connec- 
tions between components are the same—unless | 
made an error. (I sure hope not. | don't want to have to 
redraw everything.) 


Figure 3-68 shows yet another view, this time omitting 
the components while including the board, so that you 
can see how the connections fit the 0.1” x 0.1” grid of 
holes in the board. 
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Figure 3-68 In this view, only the board and the connections are 
shown. Every circular dot indicates a connection that comes 
through a hole in the board. 


Finally, Figure 3-69 shows the board flipped over, left to 
right, so that you are viewing it from behind. This will 
help you to make the connections when you're putting 
the components together. You are going to give this a 
try, aren't you? 


2 


Figure 3-69 The previously shown connections are flipped left 
to right, so that this is the way the board should look from the 
underside. 


Bend Wires, Add Solder 


Now that you've seen the plan for this project, how are 
you supposed to make all those connections? 


It's not so difficult. Resistors, capacitors, and transistors 
have wire leads that are usually at least 1/2” long. So, 
you can push them through the holes in the perforated 
board, and then bend the leads over to touch each oth- 
er. While they are touching, you solder them together. 
Snip off any surplus, add a battery connection, and 
you're done. 
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There are three main issues to watch out for. 


e Holding the board steady while you work on it 
requires some care and patience. Your Helping 
Hand will be necessary. 


The components and the solder joints that you 
make will be very close together. Use your cop- 
per alligator clips to provide heat protection. 


Flipping between the top side of the board and 
the bottom side is confusing. You can easily put 
a wire in the wrong place. | think this is actually 
the hardest part. 


Perhaps you have seen perforated board on which a lit- 
tle circle of copper has been added around each hole. 
Would that be suitable for this project? The copper cir- 
cles have the advantage of anchoring components se- 
curely, but they can also create a short circuit between 
wires that are close together. | think bare board is easier 
for a small project like this. A sample was shown in Fig- 
ure 3-22. Some perforated board has holes that are larg- 
er, but this does not make a significant difference. 


Step by Step 


Here's the specific procedure for building the circuit: 


Cut a piece of perfboard measuring 0.9” by 1.3” out of a 
plain sheet. (You don't need a ruler calibrated in tenths 
of an inch. Just count the rows of holes in the board.) 
You can use a miniature hobby saw, or you may be able 
to snap the board along its lines of holes, if you're care- 
ful. A hacksaw will also work. | suggest you should not 
use a good wood saw, because perforated board often 
has glass fibers in it, and they can blunt a saw. 


Gather all the components and carefully insert three or 
four of them through holes in the board, counting the 
holes to make sure everything is in the right place. Flip 
the board over and bend the wires from the compo- 
nents to anchor them to the board and create the con- 
nections shown in Figure 3-69. If any of the wires isn't 
long enough, you'll have to supplement it with an extra 
piece of 22-gauge wire from your supply. Remove the in- 
sulation, which just gets in the way. 


Trim the wires approximately with your wire cutters. 


Make the joints with your soldering iron. 
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Now, the important part: check each joint using a close- 
up magnifying glass, and wiggle the wires with pointed- 
nosed pliers. If there isn’t enough solder for a really se- 
cure joint, reheat it and add more. If solder has created a 
connection that shouldn't be there, use a utility knife to 
make two parallel cuts in the solder, and scrape away 
the little section between them. 


Generally, | deal with just three or four components ata 
time, because | get confused if there are more than that. 
If | solder one component in the wrong location, undo- 
ing the error is not too difficult—unless | have already 
added more components to it by the time | discover the 
error. 


Caution: Flying Wire Segments 


The jaws of your wire cutters exert a powerful force that 
peaks and then is suddenly released when they cut 
through wire. This force can be translated into sudden 
motion of the snipped wire segment. Some wires are rel- 
atively soft, and don't pose a risk, but transistors and 
LEDs tend to have harder wires. Little segments can fly in 
unpredictable directions at high speed, creating a real 
hazard for your eyes when you are doing close-up work. 


Everyday eyeglasses can protect you when trimming 
wires. If you don't use eyeglasses, plastic safety glasses 
are really a good idea. 


Finishing the Job 


| always use bright illumination. This is not a luxury; it is 
a necessity. Buy a desk lamp, if you don’t already have 
one. It doesn't have to be expensive; a thrift-store item is 
Okay. 


| use a daylight-spectrum LED desk lamp, because it 
helps me to identify the colored bands on resistors more 
reliably. | stopped using a fluorescent desk lamp when | 
discovered that any small imperfection in the coating in- 
side the tube can allow ultraviolet light to escape. This 
constitutes a hazard when you are working so close to 
the light. 


No matter how good your vision is, you need to examine 
each joint with a magnifier. You'll be surprised how im- 
perfect some of them are. Hold the magnifier as close as 
possible to your eye, then pick up the board and bring it 
closer until the joint that you are inspecting comes into 
focus. 
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Finally, you should end up with a working circuit that 
pulses like a heartbeat. Or does it? If you have difficulty 
making it work, retrace every connection and compare it 
with the schematic. If you don't find an error, apply pow- 
er to the circuit, attach the black lead from your meter to 
the negative side, and then go around the circuit with 
the red lead, checking the presence of voltage. Every 
part of this circuit should show at least some voltage 
while it’s working. If you find a dead connection, you 
may have made a bad solder joint, or missed one entire- 


ly. 


When you're done, now what? Well, now you can stop 
being an electronics hobbyist and become a crafts hob- 
byist. You can try to figure out a way to make this thing 
wearable. 


First you have to consider the power supply. Because of 
the components that | used, you really need 9 volts to 
make this work well. How are you going to make this 9- 
volt circuit wearable, with a bulky 9-volt battery? 


| can think of three answers: 


e You can put the battery in a pocket, and mount 
the flasher on the outside of the pocket, with a 
thin wire penetrating the fabric. 


e You could mount the battery inside the crown 
of a baseball cap, with the flasher on the front. 


e You can put three 3-volt button batteries in a 
stack, held in some kind of plastic clip. I'm not 
sure how long they'll last, though. 


| have to note that the 2N 2222 transistors in this project 
are not ideal, because they tend to use more power than 
field-effect transistors, also known as MOSFETS. Howev- 
er, | made a decision in this book that | only had space 
for one transistor family, and bipolar NPNs are the most 
fundamental type. 


Regarding your choice of LED, those with a clear lens 
create a defined beam of light, which may not be appro- 
priate for this project. Those that are diffused create a 
more pleasing glow. You can diffuse the light more by 
embedding the LED in a piece of transparent acrylic 
plastic, at least 1/4 inch thick, as shown in Figure 3-70. 
Roughen the front of the acrylic with fine sandpaper, 
ideally using an orbital sander that won't make an obvi- 
ous pattern. This will make the acrylic translucent rather 
than transparent. 


Figure 3-70 This cross-sectional view shows a sheet of 
transparent acrylic in which a hole has been drilled part of the 
way from the back toward the front. Because a drill bit creates a 
hole with a conical shape at the bottom, and because the LED has 
rounded contours, transparent epoxy or silicone caulking can be 
injected into the hole before mounting the LED. 


Drill a hole slightly larger than the LED in the back of the 
acrylic. Don't drill all the way through the plastic. Re- 
move all fragments and dust from the hole by blasting 
some compressed air into it, or by washing it if you don't 
have an air compressor. After the cavity is completely 
dry, get some transparent silicone caulking or mix some 
clear five-minute epoxy and put a drop in the bottom of 
the hole. Then insert the LED, pushing it in so that it 
forces the epoxy to ooze around it, making a tight seal. 


Try illuminating the LED, and sand the acrylic some 
more if necessary. Finally, you can decide whether to 
mount the circuit on the back of the acrylic, or whether 
you want to run a wire to it elsewhere. 


You can choose the resistors in the oscillator circuit to 
make the LED flash at about the speed of a human heart 
while the person is resting. This may make it look as if it’s 
measuring your pulse, especially if you mount it on the 
center of your chest or in a strap around your wrist. If 
you enjoy hoaxing people, you can suggest that you're 
in such amazingly good shape, your pulse rate remains 
constant even when you're taking strenuous exercise. 


To make a good-looking enclosure for the circuit, | can 
think of options ranging from embedding the whole 
thing in clear epoxy to finding a Victorian-style locket. I'll 
leave you to consider alternatives, because this is a book 
about electronics rather than craft projects. However, 
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there is one craft-related issue that | want to mention, 
and this is a good moment to do so. 


Background: Maddened by 
Measurement 


Throughout this book, I've mostly used measurements 
in inches. Sometimes, though, I’ve ventured into the 
metric system, as when referring to “Smm LEDs.” This 
isn't inconsistency on my part; it reflects the conflicted 
state of the electronics industry, where you'll find inches 
and millimeters both in daily use, often in the very same 
datasheet. For instance, the pin spacing of surface- 
mount chips tends to be measured in millimeters, but 
through-hole chips still have pins 0.1” apart, and proba- 
bly always will. 


To complicate matters further, where inches are used, 
there are two different systems for dividing them into 
fractional amounts. Drill bits, for instance, are measured 
in multiples of 1/64ths of an inch. Metal shims are gra- 
ded in 1/1,000ths of an inch (0.001”, 0.002” and so on). 
To make things even more confusing, the thickness of 
sheet metal is often measured by “gauge,” as in 16- 
gauge steel, which happens to be about 1/16” thick. 


Why doesn't the US move to the metric system, since it's 
so much more rational? 


We can debate whether it really is rational. When it was 
formally introduced in 1875, the meter was defined as 
being 1/10,000,000 of the distance between the North 
Pole and the equator, along a line passing through Paris. 
Why Paris? Because the French came up with the idea. 
Since then, the meter has been redefined three times, in 
a series of efforts to achieve greater accuracy in scientific 
applications. 


As for the usefulness of a 10-based system, moving a 
decimal point is certainly simpler than doing calcula- 
tions in 1/64ths of an inch, but the only reason we count 
in tens is because we happen to have evolved with that 
number of digits on our hands. A 12-based system 
would really be more convenient, as numbers would be 
evenly divisible by 2 and 3. 


This is all very hypothetical. The fact is, we're stuck with 
conflicts in length measurement, so l've created four 
charts to assist you in converting from one system to an- 
other. From these you will see that when you need to 
drill a hole for a 5mm LED, a 3/16-inch bit is about right. 
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(In fact, it results in a tighter fit than if you drill an actual 
5mm hole.) 


Figure 3-71 will help you to convert between 1/64ths 
and 1/100ths of an inch. The gray column is divided into 
1/64ths, the blue column is in 1/32nds, the green col- 
umn is in 1/16ths, and the orange column is in 1/8ths. 
Customarily, if a value can be precisely expressed in larg- 
er units, we use that option; thus instead of referring to 
8/64ths of an inch, we would express this as 1/8th of an 
inch. This causes some confusion when you're trying to 
figure out whether one measurement is larger than an- 
other—for instance, are 11/32nds of an inch larger than 
5/8ths of an inch? Check the diagram to make sure. 


Because datasheets often express dimensions using 
decimal fractions of an inch, a second chart in Fig- 
ure 3-72 converts between decimals and 64ths. | think 
you're quite likely to find a measurement such as 0.375”, 
and if you know that this is the same as 3/8”, the knowl- 
edge can be useful. 


Many datasheets provide measurements in both milli- 
meters and inches, but some now use millimeters only. If 
you are still thinking in inches, or if you want to know if a 
component will fit the 1/10” hole spacing in a bread- 
board or perforated board, it's helpful to remember that 
1/10” is equivalent to 2.54mm. Provided a component is 
small, pin spacing in multiples of 2.5mm is acceptable. 
However, when pins are 25mm or more apart, they may 
not fit into holes that are 25.4mm apart (that is, one inch 
or more). 


Figure 3-73 enables conversion between millimeters, 
1/100ths of an inch, and 1/64ths of an inch. 


Figure 3-74 is a magnified version of the previous chart, 
showing tenths of millimeters and 1/1,000ths of an inch. 


Some progress has been made during the past four dec- 
ades toward adopting the metric system in the United 
States, but more decades will pass before this transition 
is complete. In the meantime, anyone using parts or 
tools manufactured or sold in the United States should 
be familiar with both systems. There's no way around it. 
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Experiment 15: Intrusion Alarm, 
Part One 


Time now for an experiment that takes the knowledge 
you have acquired and applies it to a simplified but 
workable consumer product. You may not feel you need 
an intrusion alarm, but figuring out how to build one 
will be an excellent introduction to the process of creat- 
ing circuits to perform tasks in the real world. 


| should warn you that designing a circuit from scratch 
usually leads to unexpected problems and errors. It 
would be misleading to pretend otherwise. Consequent- 
ly, in the sequence of steps described below, you'll find 
at least one setback and reversal—until we finally end 
up with a solid, workable system. 


What You Will Need 


« 9V battery and connector, or 9V AC-DC adapter 
(your choice) 


Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


Generic LED (1) 

Transistor, 2N2222 (1) 

e DPDT 9VDC relay (1) 

e 1N4001 diode (1) 

Resistors: 470 ohms (1), 1K (1), 10K (1) 


Wish List 


This experiment is sufficiently complex; it requires a 
plan. But before | can develop a plan, | need to know 
what | want. This entails writing what | call a “wish list.’ 
Along the way, | will also try to visualize how each re- 
quirement can be satisfied with the components that 
have been mentioned in previous experiments. 


So, what does an intrusion alarm require? 


1. Triggering system. The device has to detect if some- 
one has entered the property. A sophisticated system 
using laser beams or ultrasound would be cool—but too 
difficult. Because this is a first attempt, I'll stick with 
widely available magnetic sensor switches for windows 
and doors. 


2. Sound. The alarm should make some kind of distinc- 
tive, attention-getting, fluctuating sound. 


3. Tamper-proof. No one should be able to kill the 
alarm by cutting a wire. In fact, tampering should actual- 
ly make the alarm go off. 


4. Sensors in series. To tamper-proof the system | can 
run a very small but constant current through a lot of 
sensor switches that are normally closed, and are wired 
in series. If any one switch opens, or if the wire itself is 
broken, this interrupts the current, which will start the 
alarm. | think most wired alarms are designed on this 
principle. 


5. Off-to-on. If | use sensors in series, an “off” event, 
caused by opening a switch or breaking the circuit, has 
to turn the alarm on. Maybe a double-throw relay could 
do this. Current through the relay coil holds a pair of 
contacts open, until the flow of current stops, at which 
point the contacts close by default. But the relay would 
draw significant power while ¡it's holding its contacts 
open. | want my alarm system to draw very little current 
while it's in “ready” mode, so that it can be powered by a 
battery. Alarm systems should never depend entirely on 
AC house current. 


6. Maybe use a transistor? If | don't use a relay, a tran- 
sistor could switch on the alarm when the circuit is inter- 
rupted. The base of the transistor can be held at a rela- 
tively low voltage until the circuit is broken. Then the 
voltage goes up, and the transistor switches on. 


7. Arming the alarm. | need a little light that comes on 
when all the doors and windows are closed. This tells me 
that the alarm can be used. Then | want to press a but- 
ton that starts a one-minute countdown, giving me time 
to leave. After a minute, the alarm is armed. 


8. Self-sustaining. Once the alarm starts, | don't want it 
to stop easily. If someone opens a window, the alarm 
should continue to make a noise even if the person 
closes the window again. Maybe the transistor can trig- 
ger a relay, and when the relay switches on, it keeps it- 
self powered? Or can a transistor do this? 


9. Initial delay. | don't want the alarm to start whoop- 
ing immediately, each time | walk into the protected 
area. | want it to wait for a minute, to give me time to 
reach it and switch it off. If | fail to deactivate it within 
that time window, then it can start making noise. 
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10. Deactivation with a code. Some kind of secret- 
code keypad would be good, to switch off the alarm. 


Implementing the Wish List 


This wish list sounds a bit ambitious, bearing in mind 
that the only thing you have built so far is a small oscilla- 
tor using three transistors. But in fact most of the func- 
tions can be implemented fairly easily. | will leave some 
of the harder ones until later in the book, when | have 
established a broader knowledge base. In the end, | will 
be able to deal with everything on the list, and the com- 
ponents will all fit on a single breadboard (with the ex- 
ception of a noisemaking circuit, which will be optional). 


Magnetic Sensor Switches 


Let's start with the component that triggers the alarm. A 
typical sensor switch consists of two modules: the mag- 
netic module and the switch module. These are shown 
side by side in Figure 3-75. 


Figure 3-75 A typical alarm sensor consists of a magnet in a 
plastic pod (bottom left), and a magnetically activated reed 
switch in a similar pod (top right). 


The magnetic module contains a permanent magnet, 
and nothing else. The switch module contains a reed 
switch, which makes or breaks a connection (like a con- 
tact inside a relay) under the influence of the magnet. 


You attach the magnetic module to the moving part of a 
door or window, and attach the switch module to the 
window frame or door frame. When the window or door 
is closed, the magnetic module is almost touching the 
switch module. The magnet keeps the switch closed— 
until the door or window is opened, at which point the 
switch opens. See Figure 3-76 for a cutaway diagram of 
the magnet-switch combination. 
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Figure 3-76 This cutaway diagram shows the two components 
in a typical sensor for an alarm system: a reed switch (bottom) 
and the magnet that activates it (top). 


The switch consists of two flexible magnetized strips ter- 
minating in electrical contacts. Each strip connects with 
an external screw to which a wire can be attached. 


When the magnet approaches the switch, it magnetizes 
the flexible strips, causing them to attract each other un- 
til the contacts close. 


From my description, you can see that the reed switch is 
normally open (abbreviated NO), but is kept closed by 
the magnetic field. If you decide to buy alarm sensors, 
you should know that some of them contain reed 
switches that work the other way around. They are nor- 
mally closed (abbreviated NC), but are opened by the 
magnetic field. Those are not the ones you want for this 
project. 


A Break-to-Make Transistor Circuit 


Now, how can we switch on the noisemaking part of the 
alarm? Remember, we will have a series of switches that 
are all normally closed, and when any one of them 
opens, the alarm must start. 


Recall how an NPN transistor works. When the base is 
not so positive, the transistor blocks current between its 
collector and emitter. When the base is more positive, 
the transistor passes current. 


Take a look at the schematic in Figure 3-77, which is built 
around our old friend the 2N2222 NPN transistor. For 
testing purposes, | have shown a normally closed push- 
button to represent an alarm sensor. | realize that you 
don't have a normally closed pushbutton in your supply 
of parts to build this circuit, but just use your imagina- 
tion until we're ready to breadboard it. 
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these settings, our house remains comfortable before going to bed 
and warms up before rising. In cases where we will be staying up 
late beyond normal bedtime, we merely turn the nighttime ther- 
mostat way up until it “clicks in.” This puts the system back to 
normal without having to change the timer. In this case we turn the 
thermostat down before retiring and the nighttime system takes 
control. 

It should be noted that when you set the trippers on your 
timer, the trippers are set to turn “the control on” and “the control 
off.” This corresponds to disabling the thermostats and enabling 
the thermostats. In cases where no one is at home because of 
school or work, additional trippers may be added to turn the control 
on at 8:30 am and off at 4 pm or any other time. By doing this, the 
heating system would be in “nighttime” mode from 8:30 to 4. In 
this example, an additional fuel savings would occur for 7Y2 day- 
time hours. Additional trippers cannot be added to the inexpensive 
timer noted in the parts list (see Table 9-1). 

This system has been working for several years now and has 
saved us a real 10% in fuel utilization. We are quite pleased with 
the system; however, 1 will admit that it did take a while to get used 
to it. First of all, the bedroom does get cold at night, which means 
that we had to learn to sleep with three blankets and a quilt. 
Second, visiting the “head” in the middle of the night can be a 
chilling experience. Third, the temperature throughout the house 
at night is not as uniform as when the system is in normal. This is of 
little consequence since you should be asleep at this time. 

Very obviously, the advantage of this system is fuel savings 
for the individual homeowner. It would not be unreasonable to save 
twice the cost of the unit during the first winter. From the savings 
that our family is seeing right now, we may do considerably better. 
Aside from the savings experienced in the individual household, 
this unit could have an impact on nationwide fuel economy if it were 
used on a national basis. It could help us conserve our scarce 
national fuel resources. 


JUNK-BOX ANEMOMETER 

While most are worrying about their antennas, my 
concern is my newly hewn wind generator propeller. Since my 
garage doesn't come close to a machine shop, and my frugal nature 
abhors expenditure for an air brake or complex feathering device, 
the natural thing to do is crank down the tower or immobilize the 
prop for the high winds. But, when you can't spend all of your time 
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So long as the pushbutton remains closed, it connects 
the base of the transistor to the negative side of the 
power supply through a 1K resistor. At the same time, 
the base is connected with the positive side of the pow- 
er supply through a 10K resistor. Because of the differ- 
ence in resistances, the base is closer to zero volts than 
nine volts, holding the transistor below its turn-on 
threshold. As a result, the transistor will not pass much 
current, and the LED should not have enough voltage to 
light up. 


2N2222 


Figure 3-77 A basic circuit in which an LED lights up when a 
normally closed pushbutton is opened. 


Now what happens when the pushbutton is opened? 
The base of the transistor loses its negative power sup- 
ply and has only a positive power supply. It becomes 
much more positive, and tells the transistor to lower its 
resistance and pass more current. The LED now glows 
brightly. Thus, when the pushbutton breaks the connec- 
tion, the LED is turned on. 


This seems to be a workable system. Multiple sensors 
will be needed, for various doors and windows, but 
that's OK—we can wire as many as we like in series, as 
shown in Figure 3-78, where an alarm sensor can be sub- 
stituted for each pushbutton. The wiring can be laid all 
around the house, as its total resistance should be low 
relative to the 10K resistor. 
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Figure 3-78 Ina network of sensors, wired in series, any one 
sensor will break continuity and trigger the transistor. 


While all the sensors remain closed, the transistor is 
drawing very little current—probably about 1mA. For 
development and demonstration purposes, you can run 
it with a 9-volt battery. For actual use, you would really 
want a 12-volt alarm battery that is maintained by an au- 
tomatic charging system. That's outside the scope of this 
book, but bear in mind that alarm batteries and chargers 
are widely available if you ever want them. 


Now suppose we swap out the LED and put a relay in 
there instead, as shown in Figure 3-79. (I've shown a 
double-pole relay, even though we have no use for the 
second pole right now.) So long as all the pushbuttons 
remain closed, the base of the transistor is held at a rela- 
tively low voltage, so the transistor does not apply pow- 
er to the coil of the relay, and its contacts remain in the 
state shown. 


When any sensor is opened, the higher voltage on the 
base of the transistor causes it to conduct current to the 
relay coil, which starts the alarm, as in Figure 3-80. (It's 
OK to use a relay in this mode, because the relay will not 
be “always on.” It will normally be off, and will draw pow- 
er only when the alarm is triggered.) Note that | elimina- 
ted the 470-ohm resistor from the circuit, because the 
relay doesn't need any protection from the power 


supply. 
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Figure 3-79 In this circuit, the relay will be activated when any 
switch in the sensor network is opened. 


Figure 3-80 Now that a sensor in the circuit is open, the relay is 
activated by the transistor. 


You can build this circuit yourself, using the same relay 
that you used in Experiment 7 (see “Experiment 7: Inves- 
tigating a Relay” on page 60). But maybe you should 
wait until | develop it a little further. 


A couple of things that you may want to consider: 
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e Will the relay overload the transistor? You can 
find the answer by looking at the datasheets for 
these two components. 


e Remember that a transistor imposes a small 
voltage drop, even when it is “on.” Will the volt- 
age still be sufficient to activate a 9-volt relay? 
The datasheet for the relay will tell you the min- 
imum operating voltage for its coil. You can ver- 
ify this by testing it. 


Self-Locking Relay 


The circuit that | have developed so far will activate the 
alarm when any sensor is opened. That's good, but what 
happens if the sensor goes back into its closed state? 
The low voltage is reapplied to the base of the transistor, 
so it switches off the alarm. This is not good. 


According to item #8 on my wish list, the alarm should 
be self-sustaining. It must continue making noise even 
after someone who has opened a door or window closes 
it again quickly. Therefore, the relay must lock itself on, 
somehow. 


One way to do this would be by using a /atching relay, 
which remains in either of two states, and only requires 
power to flip from one to the other. But a latching relay 
has two coils, and would require extra circuitry to un- 
latch it when you want to turn the alarm off. Really, it’s 
easier to use a nonlatching relay, and | can think of a way 
to keep the relay switched on indefinitely, after it has re- 
ceived just one jolt of power. 


The secret is revealed in Figure 3-81. In this view, the far- 
right pushbutton has closed again after being open, so 
the transistor has switched off—but the relay is still on, 
because a wire now connects its contacts back to its 
own coil. When the relay activates the alarm, it also acti- 
vates itself. 
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+ 9VDC 


This additional wire 
keeps the relay on after 
the transistor is off. 


Transistor is 
10K now off 


$ 


2N2222 
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closed again. 
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Figure 3-81 The sensor has closed again. The transistor is no 
longer active, but the alarm is locked on. 


Figure 3-82 clarifies this concept by showing the path 
that current can take. So long as the contacts of the relay 
are closed, the coil of the relay is energized via its own 
contacts. In this way, it keeps itself switched on. 


When the transistor 
is off, current can 
still reach the alarm 
and the coil of 

the relay. 


Current can follow 
this path through 
the contacts of the 

relay, to its own coil. 


Figure 3-82 Close-up from the previous schematic, showing 
how the relay keeps itself switched on. 


Blocking Bad Voltage 


This looks promising, but there’s a problem. The picture 
in Figure 3-81 was not totally accurate. Take a look at 
Figure 3-83. The top part of this figure is another close- 
up of the relevant part of the circuit. When the alarm has 
locked itself on, but the transistor has turned off, current 


can run back from the relay coil to the emitter of the 
transistor. | should have colored this section of wire red, 
as it will be relatively positive. 


Applying power backward through a transistor is not a 
nice thing to do. It can cause damage. What should be 
done about this? Maybe | can use something to block 
this reverse flow: a rectifier diode. This is shown in the 
bottom half of Figure 3-83. 


Current can run back 
through this connection. 


A diode stops the current. 


Figure 3-83 A diode can be added to prevent current from 
forcing its way back into the transistor when the alarm has locked 
itself on and the transistor switches off. 


A new version of the full circuit, including the diode, is 
shown in Figure 3-84. 


But what exactly is a diode? Is it the same as a light-emit- 
ting diode (LED)? Well, yes and no. 
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Figure 3-84 The full circuit, now including the diode. 


Fundamentals: All About Diodes 


A diode is a very early type of semiconductor. It allows 
electricity to flow in one direction, but blocks it in the 
opposite direction. Like its more recent cousin, the LED, 
a diode can be damaged by reversing the voltage and 
applying excessive power, but most diodes generally 
have a much greater tolerance for this than LEDs. In fact, 
they are designed to block reverse voltage, up to a limit 
specified by the manufacturer. 


The end of the diode that stops positive voltage is al- 
ways marked, usually with a circular band, as shown in 
Figure 3-25. The marked end is called the cathode. The 
other end is the anode, and remains unmarked. Diodes 
are sometimes useful in logic circuits, and can also con- 
vert alternating current (AC) into direct current (DC). If a 
diode isn't strong enough to withstand the current that 
you want it to block, you simply use a bigger diode. They 
come in many sizes. 


It's good practice to use diodes at less than their rated 
capacity. Like any semiconductor, they can overheat and 
burn out if they are subjected to mistreatment. 


The symbol for a diode looks like the heart of an LED, 
with the circle and the arrows removed. Three variants 
are shown in Figure 3-85. 
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A 


Figure 3-85 Three schematic symbols that are used to 
represent a diode. They are functionally identical. 


One Problem Creates Another 


Previously, | had to solve the problem of how to make 
the relay keep itself switched on. | solved that problem 
by adding an extra wire, but the wire created a new 
problem, in which current could flow back to the transis- 
tor. | solved that problem by adding a diode, but this 
creates yet another problem. 


We have to pay a fee for the service that the diode pro- 
vides, just as we have to pay a fee for the service that the 
transistor provides. In fact, because both of these com- 
ponents are semiconductors, the fee is very similar. It 
consists of a reduction in voltage. 


When the relay is off, current must switch it on by pass- 
ing through the transistor and then through the diode. 
After the relay is on, it keeps itself on, and that's not a 
problem. But a transistor imposes a penalty of around 
0.7V, and the diode imposes an additional penalty of 
about 0.7V, making 1.4V total. This voltage penalty is 
fixed, regardless of the supply voltage. 


| think 9-volt relays should work reliably at 7.6V. My Om- 
ron datasheet tells me that the G5V-2 series, which | 
have recommended, needs 75% of its supply voltage, 
which would be only 6.75V. That seems like a reasonable 
margin of error. 


But what if someone substitutes a different relay? Some 
have narrower specifications than others. Or what if 
someone is using a battery to power the circuit, and its 
voltage drops below 9V? A designer should always ex- 
pect the unexpected, and as a general principle, should 
use components as close to their rated values as possi- 
ble. 


A couple of readers wrote to me about the issue of volt- 
age reduction when the circuit appeared in the first edi- 
tion of the book. (Yes, | do pay attention to reader feed- 
back.) At that time, | had specified a 12VDC power 
source, and felt that the 1.4V penalty imposed by the 
transistor and the diode would be acceptable. But in this 
edition, | decided that all the experiments should work 
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with 9VDC power supplies, so that you don't have to buy 
an AC adapter and can just use 9V batteries if that's what 
you prefer. Unfortunately a deduction of 1.4V from 9V is 
not so acceptable. 


You see how a decision leads to consequences. Now that 
| am using a 9VDC power supply, | think | need a better 
way to make the relay lock itself on. 


Solving the Problem 


The first step to solving a problem is to be very clear 
about what's happening. 


The task of controlling the alarm is shared by two com- 
ponents: the transistor and the relay. The transistor 
starts the alarm. After that, the transistor doesn't do any- 
thing. It switches off, and the relay has the task of keep- 
ing itself locked on. The weakness in this system is that 
when a task is shared by two components, they can in- 
terfere with each other. A better plan would be to have 
one component in charge of everything. | should main- 
tain the transistor in a controlling role. It should keep it- 
self turned on, and so long as it is on, it will keep the re- 
lay on. 


Ah—now | see how to fix it. All | need is to use the sec- 
ond pole of the relay (which is the same relay that you 
already used in Experiment 7). | can use the contacts in 
the second pole, which are normally closed, to ground 
the chain of sensors, as shown in Figure 3-86. 


a) 9VDC _— 


Figure 3-86 The chain of sensors is now grounded through the 
right-hand contacts in the relay, which are normally closed. 


Here's how it will work: 


The base of the transistor now connects to the negative 
side of the power supply through all the sensors, and 
the 1K resistor, and the right-hand relay contacts (which 
are normally closed). So long as this chain of connec- 
tions is unbroken, the base of the transistor is at a low 
enough voltage to stop the transistor from passing cur- 
rent. 


Now someone opens a sensor. The base of the transistor 
isn't grounded anymore, so the transistor activates the 
relay. The relay closes the left-hand contacts, which start 
the alarm. But the relay also opens the right-hand con- 
tacts. 


Now if someone re-closes the sensor, it makes no differ- 
ence anymore, because the right-hand contacts of the 
relay are open, and have cut off the connection to the 
negative side of the power supply. The transistor contin- 
ues to pass current, and the relay remains active. This is 
shown in Figure 3-87. 


Figure 3-87 Now that a sensor has been opened, the transistor 
remains energized even if the sensor is subsequently closed. 


This solves the problem. 


Protection Diode 

As you saw above, | eliminated the diode from the cir- 
cuit. But if you take a look at Figure 3-88 (which | 
promise is the last version, at least for now) you will no- 
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tice that the diode has found its way back in again, al- 
though it's doing something very different. It is now in 
parallel with the coil of the relay. What's it doing there, of 
all places? 


Figure 3-88 The diode has returned, now serving a function as a 
protection diode. 


Much later in the book, l'Il be discussing coils. One thing 
| can tell you right now is that a coil of wire stores energy 
when you apply power, and releases the energy when 
you disconnect the power. The release of energy creates 
a surge of current that can harm some types of compo- 
nents, especially semiconductors. 


Therefore, it is standard procedure to add a protection di- 
ode across a relay coil. The diode is oriented so that it 
blocks the normal flow of current, forcing it to go 
through the coil, which is where we want it. But when 
the flow stops, and the coil tries to release its energy, the 
diode is there, saying to the relay, “I have a very low re- 
sistance in that direction. Why don’t you shunt the cur- 
rent through me, instead of hassling the other compo- 
nents with it?” 


And that is precisely what happens. 


If you're only using a small relay with a small coil that 
doesn't take much current, you can get by without using 
a protection diode. Still, it's good practice, and you 
should always be in the habit of using one. 
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Time to Breadboard 


I've given you a lot of explanations in this experiment, 
which is not what | normally like to do. But | had to show 
how a circuit is developed from the ground up. Now, fi- 
nally, ld like you to build it—otherwise, how will you 
know if it really works? 


Figure 3-89 shows a breadboard layout. Instead of a 
noisemaker for the alarm, I've used an LED for demon- 
stration purposes. I'll discuss noisemaking options in a 
moment. 
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Figure 3-89 Breadboarded alarm circuit, final version. 


Figure 3-90 shows an x-ray view of the breadboarded cir- 
cuit 


To simulate the alarm sensors on the breadboard, | 
should have used normally closed pushbuttons. But | 
wanted to minimize the component costs, and if you ac- 
tually decide to use this alarm circuit, you'll want mag- 
netic sensors, not pushbuttons. Consequently, as a sub- 
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stitute, | used two normally closed pieces of wire. This is 
adequate for testing. | will call them the “sensor wires.” 
You can see them crossing over each other below the re- 


Figure 3-90 X-ray view of the breadboarded alarm circuit. 


Make sure the wires are touching each other when you 
apply power to the circuit. Initially, nothing should hap- 
pen. 


Now disconnect the sensor wires. The LED comes on, 
and if you build the next version of this circuit, a noise- 
maker will sound, showing that the alarm has been trig- 
gered. 


Now reconnect the sensor wires, imitating a situation 
where an intruder opened a window, heard the alarm, 
and quickly closed the window again. If you wired your 
circuit correctly, the LED will stay on. 


So far so good. We have a functional circuit here. The 
alarm locks itself on. 


But in that case—how do you ever get it to stop? 


No problem. Just disconnect the power. The relay re- 
laxes back to its default position, and the next time you 
apply the power, it will be in standby mode again. In a 
finished version of this project, you should have to enter 


some kind of secret code on a keypad to turn the alarm 
off. In Experiment 21, l'Il be suggesting a way to create a 
passcode-protected system. You'll need to use logic 
chips, which we haven't dealt with yet. 


Adding the Sound 


For the alarm sound, you could use the oscillator circuit 
and loudspeaker from Experiment 11. Really, though, 
there is a better way. A little integrated circuit chip 
known as a 555 timer is a better tool for the job—and it 
just happens to be the next thing that | want to tell you 
about, in Experiment 16. 


The 555 timer can also satisfy items #7 and #9 on my 
wish list, which require a delay before the alarm starts. 
Therefore, I’m going to put the alarm project on hold, 
and we'll finish it completely in Experiment 18. 


Reference: Take-Home Messages 


Even though the alarm project isn't finished yet, it raised 
several important points. lm going to summarize them 
here, for future reference. 


e You can use a transistor to provide a high out- 
put in response to a low input, and vice versa. 


e You can wire a relay to lock itself into “on” 
mode, simply by feeding current back to its 
own coil. 


e A diode can stop current from flowing into 
places where you don't want it to go. 


e When forward current passes through a diode, 
the voltage is reduced by about 0.7V. 


A transistor also reduces voltage by about 0.7V. 


e Voltage reduction imposed by semiconductors 
remains the same regardless of the supply volt- 
age. Consequently, the reduction is more signif- 
icant when the supply voltage is lower. 


e A relay coil can create back-EMF (a pulse of re- 
verse current) when it is switched off. 


e A protection diode in parallel with a relay coil 
can suppress back-EMF. The diode should be 
oriented so that it blocks the normal flow of 
current but passes the reverse pulse created by 
the coil. 
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Before | get into the fascinating topic of integrated cir- 
cuit chips (often referred to as /Cs or simply chips), | have 
to make a confession. Some of the things | asked you to 
do in previous experiments could have been done a bit 
more simply, if we had used chips. 


Does this mean you have been wasting your time? Abso- 
lutely not! | firmly believe that by building circuits with 
individual components such as transistors and diodes, 
you acquire the best possible understanding of the prin- 
ciples of electronics. Still, you are going to find that chips 
containing dozens, hundreds, or thousands of transistor 
junctions will enable some shortcuts. 


You may also find chips curiously addictive to play with 
—although you may not become quite as excited as the 
character in Figure 4-1. 


The tools, equipment, components, and supplies de- 
scribed below will be useful in Experiments 16 through 
24, in addition to items that have been recommended 
previously. 


Figure 4-1 My role model. 
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The only new tool that you might consider using in con- 
junction with chips is a logic probe. This tells you wheth- 
er a single pin on a chip has a high or low voltage, which 
can be helpful in figuring out what your circuit is doing. 
The probe has a memory function so that it will light its 
LED, and keep it lit, in response to a pulse that may have 
been too quick for the eye to see. 


Some of my readers disagree with me, but | regard the 
logic probe as optional, not essential. Search online and 
buy the cheapest one you can find. | don’t have any spe- 
cific brand recommendations. 


Components 


As before, if you want kits containing components, see 
“Kits” on page 311. If you prefer to buy your own compo- 
nents from online sources, see “Components” on page 
317. For supplies, see “Supplies” on page 316. 


Fundamentals: Choosing Chips 


Figure 4-2 shows two integrated circuit chips. The one at 
the top is of the old-school, through-hole design, with 
pins spaced at 1/10” so that they will fit through the 
holes in your breadboard or perforated board. These are 
the chips | will be using exclusively, because they're easy 
to handle. The smaller chip is a surface-mount design, 
which | will not be using, because they don't fit bread- 
boards or perforated boards and are difficult to handle. 


Many through-hole and surface-mount chips are func- 
tionally identical. The only difference is the size (al- 
though some surface-mount versions use a lower volt- 
age). 


The body of a chip is usually made of plastic or resin and 
is often referred to as the package. The traditional chip is 
usually sold in a dual-inline package, meaning that it has 
two (i.e., dual) rows of pins. The acronym for this pack- 
age is D/P or (when it is made of plastic) PDIP. 


Figure 4-2 A through-hole chip (top) and surface-mount chip 
(bottom). 


Surface-mount packages often are identified with acro- 
nyms beginning with letter S, as in SOIC, meaning small- 
outline integrated circuit. Numerous surface-mount var- 
iants exist, with different pin spacing and other specifi- 
cations. They are all outside the scope of this book, and 
if you buy your own components, you should be careful 
not to select them by mistake. 


Inside the package, the circuit is etched on a tiny wafer 
of silicon, which is where the term “chip” comes from, al- 
though the whole component is now usually referred to 
as a chip, and | will follow that convention here. Tiny 
wires inside the package link the circuit with the rows of 
pins that protrude on either side. 


The PDIP chip in Figure 4-2 has seven pins in each row, 
making a total of 14. Other chips may have 4, 6, 8, 16, or 
more pins. 


Just about every chip has a part number printed on it. 
Notice in the photograph that even though the chips 
look quite different from each other, they both have “74” 
in their part numbers. This is because both of them are 
members of the family of logic chips that were assigned 
part numbers from 7400 and upward when they were 
introduced several decades ago. This is often referred to 
as the 74xx family, and l'Il be using these chips a lot. 


Take a look at Figure 4-3. The initial letters identify the 
manufacturer, which you can ignore, as it really makes 
no difference for our purposes. (If you are wondering 
why “SN” identifies Texas Instruments, it’s because the 
company used to call their chips “semiconductor net- 
works” in the early days.) 
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Skip the letters until you get to the “74.” After that, you 
find two more letters, which are important. The 7400 
family has evolved through many generations, and the 
letter(s) inserted after the “74” tell you which generation 
you're dealing with. Generations have included: 74L, 
74LS, 74C, 74HC, and 74AHC. There are many more. 


Type of chip 
7400 NAND gate 


suda i a ah 


Generation -T chip 
High Speed CMOS 


Manufacturer 
Texas Instruments 


Package format 
Dual in-line pin 


Figure 4-3 How to decode the part number of a chip in the 74xx 
family. 


Generally speaking, later generations tend to be faster 
or more versatile than earlier generations. In this book, | 
am using the HC generation of the 7400 family exclu- 
sively, because almost all 7400 chips are available in it, 
the cost is moderate, and the chips don't use a lot of 
power. For our purposes, the extra speed offered by later 
generations is not relevant—although you can certainly 
use the HCT generation if you prefer. 


Following the letters identifying the generation, you'll 
find a sequence of two, three, four, or (sometimes) five 
digits. These identify the specific function of the chip. 
Following the digits is another letter, or two letters, or 
more. For our purposes, those terminating letters are not 
important. 


Looking back at Figure 4-2, the DIP chip part number, 
M74HC00B1, tells you that it is a chip made by STMicroe- 
lectronics, in the 74xx family, HC generation, with its 
function identified by numerals 00. 


The purpose of this long explanation is to enable you to 
interpret catalog listings if you go chip shopping. You 
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can search for “74HC00” and the search engines at on- 
line vendors are usually smart enough to show you ap- 
propriate chips from multiple manufacturers, even 
though there are letters preceding and following the 
term that you're searched for. 


Just be sure that they will fit your breadboard. Limit your 
search results to DIP, PDIP, or through-hole packages. If 
the part number begins with SS, SO, or TSS, it’s absolute- 
ly definitely surface-mount, and you don't want it. For a 
lot more information on searching and shopping, see 
“Searching and Shopping Online” on page 311. 


All the chips needed for the experiments in this chapter 
of the book are listed in Figure 6-7. You will need a few 
other types of components, which | will list here. 


Optional: IC Sockets 


If you plan to immortalize any of your circuits in solder, | 
suggest you avoid soldering chips directly, because if 
you make a wiring error or damage the chip, you have to 
desolder multiple pins in order to remove it. This is very 
difficult. To avoid the problem, buy some DIP sockets, 
solder the sockets onto the board, and then plug the 
chips into the sockets. You can use the cheapest sockets 
you can find (you don’t need gold-plated contacts for 
our purposes). You will need 8-pin, 14-pin, and 16-pin 
sockets. Quantity of each: 5 minimum. Two sockets are 
shown in Figure 4-4. 


Figure 4-4 To avoid the risk of damaging a chip by soldering it 
directly, it can be mounted in an IC socket after the socket has 
been soldered into a circuit board. 


Essential: Subminiature Slide Switch 


A slide switch has a tiny lever that you slide to and fro 
with the tip of your finger, making and breaking an elec- 
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Table 9-1. Recommended Parts List for Thermostat. 


Quantity Description Supplier 


1 120 V ac relay Hatry’s 
Line Electric Co. 


Model MKH2A 
or 
HI-G, 115 V ac See notes 
Model 4SLRP-215 


1 24 V ac relay Hatry 
Line Electric Co. 
Model MKH1A 


Dor 


HI-G, 26.5 V ac See notes 
Model 4SLRP-126 


Sockets for Line Electric Hatry 
Co. relays — Potter and 
Brumfield 4275122 


or 
HI-G H4SLRP See motes 


1 Tork Time Switch Gray bar 
Model 1101 


or 
Sears 234H5870 
or 
Sears F34H6442 


1 Thermostat Sears 
Sears #42H9235 
Thermostat wire Sears 
as required 


Sears 742H9151 


in the yard watching the weather or stay awake all night listening, 
the first step is a wind indicator. Then, if you have a counter and an 
alarm circuit, you've got the system down pat. Well, the counter 
alarm comes next, but here's my answer to the indicator. This is an 
adaptation of one by Hank Olson W6GXN. Almost any small signal 
NPN transistors will do, and Olson's Electronics (Akron, Ohio) has 
the Fairchild 4L914 (part TR 297). The RTL circuit is a little 
antiquated but very effective. It is easily mounted on the small 
printed circuit board from Radio Shack that accommodates the 914 
and most of the smaller parts nicely. In case you are thinking of 
adapting to TTL, the circuit for the ~L914 is in Fig. 9-4. 

The wind spinner is made from three small kitchen funnels 
(49¢ each) attached using a pop-rivet tool. The spinner plate may 
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trical contact inside the switch, as shown in Figure 4-5. It 
has three pins spaced 0.1” apart (2.54mm in metric). If 
you buy your own components, see “Other Compo- 
nents” on page 319 and go down to the subhead “Com- 
ponents for Chapter Four” for more information about 
switches. 


Figure 4-5 The subminiature slide switch recommended for 
projects in this book. 


Caution: Switching Overload 


A very small slide switch is not designed to switch signif- 
icant currents or voltages. It is designed for low-powered 
circuits. A limit may be as low as 100mA at 12VDC. This is 
sufficient for our purposes. Check the manufacturer's da- 
tasheet if you want a slide switch to do more than this. 


Essential: Low-Current LEDs 


HC series logic chips are not designed to deliver current 
much beyond 5mA. You can take as much as 20mA from 
them to drive an LED, but this will pull down the output 
voltage, making it unsuitable as an input to other logic 
chips. | am suggesting low-current LEDs for all your ex- 
periments with logic chips. 


Remember that low-current LEDs require higher-value 
series resistors, because they don't tolerate as much cur- 
rent as generic LEDs. | will mention this wherever it is im- 
portant. 


Essential: Numeric Displays 

One of the chip projects will display its output using sev- 
en-segment numeric displays—the simple kind of digits 
that you still find on digital clocks and microwave ovens. 


See Figure 4-6. For purchasing information, see “Other 
Components” on page 319 and go down to the subhead 
“Components for Chapter Four.’ 


Figure 4-6 Seven-segment displays are the cheapest way to 
show a numeric output and can be driven directly by some CMOS 
chips. 


Essential: Voltage Regulator 


Because many logic chips require precisely 5 volts DC, 
you need a voltage regulator to guarantee this. The 
LM7805 does the job. The chip number will be preceded 
or followed with an abbreviation identifying the manu- 
facturer and package style, as in the LM7805CT from 
Fairchild. Any manufacturer will do, but the regulator 
should look like the one in Figure 4-7. (This is known as 
the TO220 package style.) You need them in any logic 
circuit, so five would be a good number to have avail- 
able. 


Optional Extras 


To complete the alarm system in Experiment 18, you will 
require magnetic sensors that you can apply to doors or 
windows, such as the Directed model 8601, available 
from dozens of sources online. 


If you expect to move a project from a breadboard to a 
permanent enclosure, the tactile switches that you have 
been using will be insufficiently sturdy or accessible. For 
Experiment 18, you will need a full-size DPDT pushbut- 
ton switch, ON-(ON) type, with solder terminals. If you 
search eBay for “DPDT pushbutton” there will be no 
shortage of options. 
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Figure 4-7 Many integrated circuit chips require a controlled 
power supply of 5 volts, which can be delivered by this regulator 
from a supply of 7.5 to 12 volts. 


Background: How Chips Came to Be 


The concept of integrating solid-state components into 
one little package originated with British radar scientist 
Geoffrey W. A. Dummer, who talked about it for years 
before he attempted, unsuccessfully, to build one in 
1956. The first true integrated circuit wasn't fabricated 
until 1958 by Jack Kilby, working at Texas Instruments. 
Kilby's version used germanium, as this element was al- 
ready in use as a semiconductor. (You'll encounter a ger- 
manium diode when | deal with crystal radios in Experi- 
ment 31.) But Robert Noyce, pictured in Figure 4-8, had a 
better idea. 


Figure 4-8 Robert Noyce, who patented the integrated circuit 
chip and cofounded Intel. 
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Born in 1927 in lowa, Noyce moved to California in the 
1950s, where he found a job working for William Shock- 
ley. This was shortly after Shockley had set up a business 
based around the transistor, which he had coinvented at 
Bell Labs. 


Noyce was one of eight employees who became frustra- 
ted with Shockley's management and left to establish 
Fairchild Semiconductor. While he was the general man- 
ager of Fairchild, Noyce invented a silicon-based integra- 
ted circuit that avoided the manufacturing problems as- 
sociated with germanium. He is generally credited as the 
man who made integrated circuits possible. 


Early applications were for military use, as Minuteman 
missiles required small, light components in their guid- 
ance systems. These applications consumed almost all 
chips produced from 1960 through 1963, during which 
time the unit price fell from around $1,000 to $25 each, 
in 1963 dollars. 


In the late 1960s, MSI (medium-scale integration) chips 
emerged, each containing hundreds of transistors. LSI 
(large-scale integration) enabled tens of thousands of 
transistors on one chip by the mid-1970s, and today’s 
computer chips can contain several billion transistors. 


Robert Noyce eventually cofounded Intel with Gordon 
Moore, but died unexpectedly of a heart attack in 1990. 
You can learn more about the fascinating early history of 
chip design and fabrication at the Silicon Valley Histori- 
cal Association. 


Experiment 16: Emitting a Pulse 


I'm going to begin our experiments with chips by intro- 
ducting you to the most successful one ever made: the 
555 timer. You can find numerous guides to it online, so 
why do | need to discuss it here? | have three reasons for 
doing so: 


It’s unavoidable. You simply have to know about this 
chip. Some sources estimate that more than 1 billion are 
still being manufactured annually. It will be used in one 
way or another in most of the remaining circuits in this 
book. 


It’s useful. The 555 is probably the most versatile chip 
that exists, with endless applications. Its relatively pow- 
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erful output (rated at up to 200mA) is extremely useful, 
and the chip itself is hard to damage. 


It's misunderstood. After reading literally dozens of 
guides, beginning with an early Signetics datasheet and 
making my way through various hobby texts, | conclu- 
ded that the inner workings of the chip are seldom ex- 
plained on an introductory level. | want to give you a 
graphic understanding of what's happening inside it, 
because if you don't have this, you won't be in a good 
position to use the chip creatively. 


What You Will Need 


e Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


e 9VDC power supply (battery or AC adapter) 
e Resistors: 470 ohms (1), 10K (3) 
e Capacitors: 0.01uF (1), 15uF (1) 


e Trimmer potentiometers: 20K or 25K (1), 500K 
(1) 


e 555 timer chip (1) 
e Tactile switches (2) 


e Generic LED (1) 


Know Your Chips 


The pins of a 555 timer are numbered counterclockwise 
(seen from above), as shown in Figure 4-9. The package 
has a notch, or a dimple, or both, at the end which is 
considered the top. The pin spacing is 1/10”. 


All other through-hole chips have the same specifica- 
tion, although they may have more pins. Usually (not al- 
ways) the horizontal spacing between the two rows of 
pins is 3/10", which means that the chip neatly straddles 
the channel down the middle of a breadboard, and the 
conductors inside the breadboard allow you to have ac- 
cess to each pin of the chip. Yes, that’s why the bread- 
board is designed that way. 


Dimple 
(always beside pin 1) 


Notch 
(always at the top) 


Pins | Part Number 
(spaced 0.1" and always (unique to each 
numbered counter-clockwise) manufacturer) 


Figure 4-9 The package design of an eight-pin chip. While 
virtually all chips have a semicircular notch at the top, some do 
not have a dimple beside pin 1. 


Monostable Test 

The pins on a 555 timer also have names, as shown in 
Figure 4-10. A diagram like this tells you the pinouts of 
the chip. I'll be explaining the function of each pin—but 
as usual, | prefer you to make a preliminary investigation 
of your own. 


Jou gos (| 


Input Discharge 
Output Threshold 
Reset — — Control 


Figure 4-10 The pinouts of the 555 timer chip. 


The schematic of a test circuit for the timer is shown in 
Figure 4-11. 
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Figure 4-11 A circuit to assist in your investigation of the 555 
timer chip. 


You can set up this circuit on a breadboard as shown in 
Figure 4-12. Note that near the bottom-left corner there 
is a short red jumper connecting the top section of the 
positive bus to the section immediately below it. The 
jumper is there in case your breadboard is the type that 
has a break in its bus. 


The component values are shown in Figure 4-13. To as- 
sist you in visualizing the connections, an x-ray version is 
shown in Figure 4-14. 


Apply some power, and nothing happens. The timer is 
waiting for you to trigger it. Set it up by turning the 500K 
trimmer to the middle of its range. 


Now rotate the 20K trimmer all the way counterclock- 
wise, and press button A. If still nothing happens, rotate 
the 20K trimmer all the way clockwise, and try again. 
One of these settings or the other should create a pulse 
from the LED, depending on which way around you 
plugged in your trimmer. If you don’t get anything, there 
is an error in your circuit. 


Check the schematic, and you see that pin 2 of the timer 
—the trigger pin—is hardwired through a 10K resistor 
to the positive side of the power supply. But a purple 
wire also connects with the trigger pin, and runs down, 
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through a tactile switch, to the trimmer. If the trimmer is 
rotated so that the wiper connects directly to the nega- 
tive ground side of the power supply, this will allow the 
tactile switch to overwhelm the 10K resistor and apply 
low voltage to pin 2. This triggers the timer. 


Figure 4-12 Breadboarded version of the timer test circuit. 


If the 20K trimmer is turned all the way in the opposite 
direction, button A will apply positive voltage directly to 
pin 2, and because pin 2 already has positive voltage 
through the 10K resistor, an additional positive voltage 
through button A makes no difference. 


e Positive voltage on the trigger pin is ignored by 
the chip. 


« A drop in voltage on the trigger pin will trigger 
the chip. 


But, how positive is positive, and how much of a drop 
will be low enough to act as a trigger? Let's find out. 
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10K 


500K 
trimmer 


555 timer 


Generic LED O 


Ta © 


switch 


20K 
or 25K 
trimmer | 


Figure 4-13 Component values for the timer test circuit. 


Get out your meter, set it to measure DC volts, and 
measure the voltage between pin 2 and negative 
ground while you adjust the 20K trimmer to various set- 
tings and press button A. I'm betting that when you 
press the button to apply a voltage below 3 volts to pin 
2, the timer will flash the LED. Above 3 volts, | doubt that 
anything will happen. 


e The timer is triggered by a voltage on its trigger 
pin that is one-third of the supply voltage (or 
less). 


e The LED will continue to glow after you release 
the button. 


e You can press the button for any length of time 
that is less than the timer's cycle time, and the 
LED always emits the same length of pulse. 


Figure 4-14 Connections inside the breadboard wired for the 
timer test. 


Figure 4-15 shows how the timer is behaving, in graphi- 
cal format. The 555 converts the imperfect world around 
it into a precise and dependable output. It doesn't 
switch on and off absolutely instantly, but is fast enough 
to appear instant. 


Now try triggering the timer while you turn the 500K 
trimmer to different positions. You will find that this ad- 
justs the length of the pulse. 


e The resistance between pin 7 and the positive 
side of the power supply determines how long 
the pulse from the timer will last (in conjunction 
with the capacitor on pin 6). 
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Pressing and releasing the button for varying intervals 
while adjusting the voltage with the potentiometer. 


Trigger 
Pin 2 


Output 
Pin 3 


Pulse width remains 
fixed at a constant duration. 


Figure 4-15 How a 555 timer responds to different durations 
and voltages on its trigger pin. 


Here's another thing to try. Set the 500K trimmer to give 
a long pulse. Press button A, and then quickly press but- 
ton B, which will stop the pulse before it completes. 
Hold down button B while you try to trigger the timer 
again with button A, and nothing happens. 


e Pin 4 is the reset pin. When you ground it, you 
force the timer to interrupt whatever it is doing, 
and it is immobilized until you release pin 4 
from its connection with negative ground. 


Lastly, let go of button B, hold down button A, and con- 
tinue to hold it down. This prolongs the pulse from the 
timer, until you let go of button A. 


e Maintaining a low voltage on the trigger pin of 
the timer will retrigger it indefinitely. 


Regarding the 10K resistors attached to pins 2 and 4— 
these are known as pullup resistors, because they hold 
the pins at a positive level. A more direct connection to 
negative ground will overwhelm the pullup resistor. 


The concept of a pullup resistor is important when you 
are dealing with chips, because you must never allow an 
input pin to remain unconnected. An unconnected pin 
is said to be floating, and can cause trouble, as it may 
pick up stray electromagnetic fields, and we won't know 
what voltage is on it from one moment to the next. 


Is there such a thing as a pulldown resistor? Absolutely. 
But the 555 timer needs pullup resistors, because pin 2 
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or pin 4 is kept in a normal state by positive voltage, and 
is activated by a low voltage. 


e The 555 timer is triggered or reset by negative 
voltages on pins 2 and 4 respectively. 


Timing the Pulse 


If you study the schematic in Figure 4-11, you can see 
that positive current reaches pin 7 (the discharge pin) by 
passing through a 10K resistor and a 500K trimmer. (The 
10K resistor is there because pin 7 should not be con- 
nected directly to the positive side of the power supply.) 


You can also see that after passing through the 500K 
trimmer, the current can reach a 15uF capacitor. 
Hmmmm, a resistor followed by a capacitor—does this 
look like an RC network? Is the timer using the combina- 
tion of the resistance and the 15uF capacitor to deter- 
mine the length of the output pulse? 


Yes, that's exactly what is going on. Inside the timer chip, 
some clever electronics are sensing the voltage on the 
15uF capacitor, and the timer uses this to terminate its 
output pulse. 


You can measure this yourself. Set the 500K trimmer to 
create a long pulse, and use your meter to measure the 
voltage on the left side of the 15uF capacitor. You should 
see it climbing up— until it reaches about 6 volts. The 
timer uses this as a signal to stop its output pulse, and 
the voltage quickly goes down again, because the timer 
is grounding it internally. This is why pin 7 is known as 
the discharge pin: the timer discharges the capacitor 
through it. 


e When the voltage on the timing capacitor rea- 
ches two-thirds of the supply voltage, the timer 
ends its output pulse. 


But why are the discharge pin and the threshold pin tied 
together? You'll learn about that in the next experiment, 
when the timer is rewired to deliver a series of pulses, in- 
stead of just one. At that time, the timer will be running 
in astable mode. Currently, you are using it in monosta- 
ble mode. 


e In monostable mode, the timer delivers only 
one pulse in response to a triggering event. 


« In astable mode, the timer delivers a continuing 
series of pulses. 
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Finally, you may be wondering about the purpose of the 
0.01uF capacitor attached to pin 5. This pin is the “con- 
trol” pin, which means that if you apply a voltage to it, 
you can control the sensitivity of the timer. Because we 
are not using this function yet, it’s good practice to puta 
capacitor on pin 5 to protect it from voltage fluctuations 
and prevent it from interfering with normal functioning. 


Caution: Beware of Pin-Shuffling! 


In all of the schematics in this book, chips are shown ex- 
actly as you would see them on a breadboard, with the 
pins in numerical sequence. 


Other schematics that you may find, on websites or in 
books, do things differently. For convenience in drawing 
circuits, people often resequence the pin numbers. Also, 
there is no attempt to replicate a breadboard layout 
with a positive bus and a negative bus at each side. To 
give you an example, in Figure 4-16 the circuit is identi- 
cal to that in Figure 4-11, but the pins have been shuf- 
fled to simplify connections and minimize wiring cross- 
overs. 


Vcc 


10K 


“7 


Figure 4-16 This circuit is identical in function to the test circuit 
shown previously, but pins on the chip have been resequenced to 
simplify the schematic. 


Pin shuffling can create a circuit that is easier to under- 
stand in some ways (especially if positive power is at the 
top and ground at the bottom), but you have to convert 
the layout, often using pen and paper, before you can 
build it on a breadboard. 


Fundamentals: Timer Duration 


aor | 22K | are |s00K | 220K | s701 | am 

11 24 52 110 240 520 1100 
P 11 24 52 110 240 520 
2.4 5.2 11 24 52 110 240 
1.1 2.4 5.2 11 24 52 110 
0.52 11 2.4 5.2 11 24 52 
0.24 0.53 1.1 2.4 5.3 11 24 
0.11 0.24 0.52 1.1 2.4 Bee 11 


0.052 0.11 0.24 052 11 2.4 5.2 
0.024 0.052 0.11 0.24 0.53 1.1 2.4 
0.011 0.024 0.052 011 0.24 0.52 11 


e Resistor values below 1K should not be used. 


e Resistor values below 10K are undesirable, as 
they increase power consumption. 


e Capacitor values above 100uF may produce in- 
accurate results because leakage in the capaci- 
tor becomes comparable with its charging rate. 


What if you want a time longer than 1,100 seconds or 
shorter then 0.01 seconds? Or what if you want a pulse 
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duration that falls somewhere between the values in the 
table? 


You can use this simple formula, where T is the pulse 
time in seconds, R is the resistance in kilohms, and C is 
the capacitance is microfarads. 


T=Rx C x 0.0011 


Bear in mind that the result may not be exact, because 
resistor and capacitor values can be inaccurate, and be- 
cause of other factors such as ambient temperature. 


Theory: Inside the 555 in Monostable 
Mode 


The plastic body of the 555 timer contains a wafer of sili- 
con on which are etched dozens of transistor junctions 
in a pattern that is too complex to be explained here. 
However, | can summarize their function by dividing 
them into groups, as shown in Figure 4-18. 


© — Power supply: 5VDC to 146vDc — ÉS) 


Timing 
Low input resistor 
triggers 
timer => 
2 

ine 
pulse Timing 

des Capacitor 


O to enable timer or @ to reset (—) 


Figure 4-18 Simplified representation of internal functions of a 
555 timer, wired in monostable mode. 


The negative and positive symbols inside the chip are 
power sources that actually come from pins 1 and 8, re- 
spectively. | omitted the internal connections to those 
pins for the sake of clarity. 
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The two yellow triangles are comparators. Each compa- 
rator compares two inputs (at the base of the triangle) 
and delivers an output (from the apex of the triangle) 
depending on whether the inputs are similar or differ- 
ent. FF is a flip-flop, a logic component that can rest in 
one state or the other. | have depicted it as a double- 
throw switch, although in reality it is solid-state. 


Initially when you power up the chip, the flip-flop is in its 
“up” position, which delivers low voltage through the 
output, pin 3. If the flip-flop receives a signal from com- 
parator A, it flips to its “down” state, and flops there. 
When it receives a signal from comparator B, it flips back 
to its “up” state, and flops there. The “Up” and “Down” la- 
bels on the comparators will remind you how each one 
changes the switch when it is activated. Some people 
feel that the term “flip-flop” is derived from it having two 
states named “flip” and “flop.” But | prefer to think of it 
flipping and flopping. 


Notice the external wire that connects pin 7 with capaci- 
tor C. As long as the flip-flop is “up,” it sinks the positive 
voltage coming through resistor R to pin 7, and prevents 
the capacitor from charging positively. 


If the voltage on pin 2 drops to 1/3 of the supply, com- 
parator A notices this, and flips the flip-flop to its “down” 
position. This sends a positive pulse from pin 3, the out- 
put pin, and also disconnects the negative power from 
pin 7. Now the capacitor can start charging through the 
resistor. While this is happening, the positive output 
from the timer continues. 


As the voltage increases on the capacitor, comparator B 
monitors it through pin 6. When the capacitor accumu- 
lates 2/3 of the supply voltage, comparator B sends a 
pulse to the flip-flop, flipping it back into its original “up” 
state. This discharges the capacitor through pin 7. Also, 
the flip-flop ends the positive output through pin 3 and 
replaces it with a negative voltage. This way, the 555 re- 
turns to its original state. 


I'll sum up this sequence of events: 


e Initially, the flip-flop grounds the capacitor and 
grounds the output (pin 3). 


« A drop in voltage on pin 2 to 1/3 of the supply 
voltage or less makes the output (pin 3) positive 
and allows capacitor C to start charging 
through resistor R. 
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e When the capacitor reaches 2/3 of the supply 
voltage, the chip discharges the capacitor, and 
the output at pin 3 goes low again. 


Fundamentals: Pulse Suppression 


When power is first applied to a timer that is configured 
in monostable mode, the timer tends to emit one pulse 
spontaneously before going dormant and waiting to be 
triggered again. This can be annoying in many circuits. 


One way to prevent it is by putting a 1uF capacitor be- 
tween the Reset pin and negative ground. The capacitor 
sinks current from the Reset pin when the power is first 
turned on, and holds the pin low for a fraction of a sec- 
ond—just long enough to stop the timer from emitting 
its waking-up pulse. After the capacitor is charged, it 
doesn't do anything more, and a 10K resistor holds the 
reset pin positive, so it won't interfere with the running 
of the timer. 


l'Il be using the pulse-suppression concept in subse- 
quent experiments. 


Fundamentals: Why the 555 Is Useful 


In its monostable mode, the 555 will emit a single pulse 
of fixed (but programmable) length. Can you imagine 
some applications? Think in terms of the pulse from the 
555 controlling some other component. A motion sen- 
sor on an outdoor light, perhaps. When an infrared de- 
tector “sees” something moving, the light comes on, but 
only for a specific period—which can be controlled by a 
555. 


Another application could be a toaster. When someone 
lowers a slice of bread, a switch will close, triggering the 
toasting cycle. To change the length of the cycle, you 
could use a potentiometer and attach it to the external 
lever that determines how dark you want your toast. At 
the end of the toasting cycle, the output from the 555 
would pass through a power transistor, to activate a sol- 
enoid (which is like a relay, except that it has no switch 
contacts) to release the toast. 


Intermittent windshield wipers could be controlled by a 
555 timer—and on earlier models of cars, they were. The 
repeat rate of keys on a rather basic computer keyboard 
could be controlled by a 555 timer—and on the Apple Il, 
it was. 


What about the intrusion alarm in Experiment 15? One 
of the features on my wish list was that it should wait 


long enough for you to shut it off, before it starts to 
make a noise. The output from a 555 timer can take care 
of that. 


The experiment that you just performed seemed trivial, 
but it implies a huge range of possibilities. 


Fundamentals: Bistable Mode 


There's another way to use the timer, known as bistable 
mode. This entails disabling its fundamental features. 
Why would you want to do this? | will explain. 


Figure 4-19 shows a circuit that you can build in just a 
few minutes. Give it a try. The two resistors on the left 
are pullup resistors, 10K each. The resistor at the bottom 
is 470 ohms, to protect the LED. Add two tactile 
switches, and the timer chip itself, and you're done. 


Figure 4-19 Breadboard circuit to make the 555 timer function 
as a flip-flop. 


Once you have it on your breadboard, press and release 
the top button, and the LED lights up. For how long? For 
as long as you supply power to the circuit. The output 
from the timer continues indefinitely. 


Now press and release the bottom button, and the LED 
goes off. For how long? For as long as you like. It won't 
come back on until you press the top button again. 


| mentioned that there is a flip-flop inside the timer. This 
circuit makes the timer into one big flip-flop. It flips into 
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its “on” state when you ground pin 2—and it flops there. 
It flips into its “off” state when you ground pin 4—and it 
flops there. Flip-flops are very important in digital cir- 
cuits, as | will explain a bit later, but right now, how does 
this work, and why would you need it? 


Take a look at the schematic in Figure 4-20. You may no- 
tice that there is no resistor or capacitor on the right- 
hand side. The RC network is missing. So—this timer cir- 
cuit has no timing components! Normally, when you 
trigger the timer, its output pulse ends when the timing 
capacitor on pin 6 accumulates 2/3 of supply voltage. 
But pin 6 is grounded, so it can never reach the 2/3 val- 
ue. Consequently, when you trigger the timer, the out- 
put pulse will never end. 


Figure 4-20 A test circuit for the 555 timer in bistable mode. 


Of course, you can stop the output by applying a low 
voltage to the reset pin. But once the output stops, it will 
remain stopped, so long as you don't trigger the timer 
again. 


This configuration is called bistable because it is stable 
when the output is high, and it is stable when the out- 
put is low. A simple flip-flop like this can also be called a 
latch. 


« A negative pulse to pin 2 turns the output posi- 
tive, and latches it. 


« A negative pulse to pin 4 turns the output neg- 
ative, and latches it. 
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You do have to keep pins 2 and 4 high when you are not 
triggering them. That's what the pullup resistors in the 
schematic are for. 


It’s OK to leave pin 5 of the timer unconnected, because 
we're pushing it into extreme states where any random 
signals from those pins will be ignored. 


As for why you would need to use a timer in this way— 
you'll be surprised how useful it can be. I’m going to use 
it in three experiments in the remainder of this book. 
The 555 was not really designed to function in bistable 
mode, but it can be convenient. 


Background: How the Timer Was Born 


Back in 1970, when barely a half-dozen corporate seed- 
lings had taken root in the fertile ground of Silicon Val- 
ley, a company named Signetics bought an idea from an 
engineer named Hans Camenzind (pictured in Fig- 
ure 4-21). It wasn't a huge breakthrough concept—just 
23 transistors and a bunch of resistors that would func- 
tion as a programmable timer. The circuit would be ver- 
satile, stable, and simple, but these virtues paled in com- 
parison with its primary selling point. Using the emerg- 
ing technology of integrated circuits, Signetics could re- 
produce the whole thing on a silicon chip. 


Figure 4-21 Hans Camenzind, inventor, designer, and developer 
of the 555 timer chip for Signetics. 


This entailed some trial and error. Camenzind worked 
alone, building the whole thing initially on a large scale, 
using off-the-shelf transistors, resistors, and diodes on a 
breadboard. It worked, so then he started substituting 
Slightly different values for the various components to 
see whether the circuit would tolerate variations during 
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be cut from 1/16” aluminum plate. A layout drawing (NTS) is in 
Fig. 9-5. 

The mast can be any type you choose, but aluminum is best 
since it will not affect the field of the small magnets that pulse the 
reed switch. This was a small worry for me, however. 

The reed switch was mounted in a hole through an expired 
felt-tip pen. It is offset mounted from the spinner pipe shaft by a 
bracket to be under and 4" below the magnets. 

Silicone compound from the hardware store filled the holes in 
the funnels (tips cut off) and weatherproofed the reed switch in its 
pen mounting. Silicone was found to be better than epoxy for 
holding the magnets tothe aluminum spinner. Epoxy kept weather- 
ing loose no matter how clean the aluminum spinner was. An 
overall mounting detail is provided in Fig. 9-6. 

Try several NPN transistors from your junk box, since some 
are more responsive than others. The wire connecting the reed 
switch is your own choice, though coax is probably best. I used 
speaker wire, expecting to replace it every year or so. Rf induction 
did not appear to be a problem with the choke inside a 4” x 4” x 5” 
minibox along with the circuit. 


Parts and Assembly 

The single greatest problem in this design is the bearing. The 
original concept was to use a simple teflon bearing similar to the 
drill stop used for 34-inch drills. This idea was not satisfactory. A 
perfect solution was the discovery that a standard (114") thin-wall 
chrome-plated drop pipe for a bathroom sink drain (about 6” long) 
would accept the standard roller bearing used in the bottom of 
sliding glass patio doors. Two of these bearings with 14” center 
holes fit exactly into the drop pipe. The bottom one stops inside 
about 34" down. The top one is held in place with a stainless pipe 


Fig. 9-4. «L914 detail (or Motorola 
HEP584). 
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production, and other factors such as changes in tem- 
perature when the chip was in use. He made at least 10 
different versions of the circuit. This took months. 


Next came the crafts work. Camenzind sat at a drafting 
table and used a specially mounted X-Acto knife to 
scribe his circuit into a large sheet of plastic. Signetics 
then reduced this image photographically by a ratio of 
about 300:1. They etched it into tiny wafers, and embed- 
ded each of them in a half-inch rectangle of black plastic 
with the product number printed on top. Thus, the 555 
timer was born. 


It turned out to be the most successful chip in history, 
both in the number of units sold (tens of billions and 
counting) and the longevity of its design (not signifi- 
cantly changed in almost 40 years). The 555 has been 
used in everything from toys to spacecraft. It can make 
lights flash, activate alarm systems, put spaces between 
beeps, and create the beeps themselves. 


Today, chips are designed by large teams and tested by 
simulating their behavior using computer software. 
Thus, the chips inside a computer enable the design of 
new chips. The heyday of solo designers such as Hans 
Camenzind is long gone, but his genius lives inside 
every 555 timer that emerges from a fabrication facility. 
If you'd like to know more about chip history, visit the 
Transistor Museum. 


A personal note: in 2010, when | was writing Make: Elec- 
tronics, | looked up Hans Camenzind online and found 
that he maintained his own website, which included a 
phone number. On impulse, | called him. This was a 
strange moment, to be talking to the man whose chip 
design | had used for more than 30 years. He was friend- 
ly (although he didn't waste words), and readily agreed 
to review the text of my book. Even more kindly, after he 
read it, he gave it a strong endorsement. 


Subsequently | bought his own short history of electron- 
ics, Much Ado About Almost Nothing, which is still avail- 
able online, and which | highly recommend. | felt honor- 
ed to have had the opportunity to talk to one of the pio- 
neers in integrated circuit design. | was sad when I heard 
of his death in 2012. 


Fundamentals: 555 Timer 
Specifications 


The 555 can run from a reasonably stable volt- 
age source ranging from 5VDC to 16VDC. The 
absolute maximum is 18VDC. Many datasheet 
specifications are measured at 15VDC. The volt- 
age does not have to be controlled by a voltage 
regulator. 


Most manufacturers recommend a range from 
1K to 1M for the resistor attached to pin 7, but 
values below 10K draw a more significant 
amount of current. It’s a better idea to reduce 
the value of the capacitor than to reduce the 
value of the resistor. 


The capacitor value can go as high as you like, if 
you want to time really long intervals, but the 
accuracy of the timer will diminish because 
leakage in the capacitor becomes comparable 
with its charge rate. 


The timer imposes a voltage drop that is greater 
than the drop created by a transistor or a diode. 
The difference between supply voltage and 
output voltage will be 1V or more. 


The output is rated to source or sink 200mA, 
but an output current above 100mA will pull 
down the voltage and can affect the timing ac- 
curacy. 


Caution: Not All Timers Are Equal 


Everything | have said so far applies to the old original 
“TTL’ version of the 555 timer. TTL is an acronym for 
transistor-transistor logic, which preceded modern 
CMOS chips that use much less power. The TTL version 
of the timer is also referred to as the bipolar version, as it 
contains bipolar transistors. 


The advantage of the original 555 is that it is cheap and 
robust. You can’t damage it easily, and its output is pow- 
erful enough to connect directly with a relay coil or a 
small loudspeaker. However, the 555 is not efficient, and 
tends to generate voltage spikes that sometimes inter- 
fere with the operation of other chips. 


To address these disadvantages, a newer version of the 
555 timer was developed using CMOS transistors, which 
draw less power. This chip also doesn't create voltage 
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spikes. But its output is more limited. How much more? 
That depends on the particular manufacturer. 


Unfortunately, there is a lack of standardization among 
CMOS versions of the 555 timer. Some claim to deliver 
100mA while others are limited to 10mA. 


Confusingly, the CMOS versions have a variety of part 
numbers. The 7555 is clearly identified as a CMOS chip, 
but others merely precede the 555 number with a differ- 
ent group of letters, and it's up to you to notice, and to 
understand what they mean. 


In this book, to avoid confusion and keep things simple, 
| am only using the TTL version of the 555 timer, also 
known as the bipolar version. If you are buying your 
own, see “Other Components” on page 319 and go 
down to the subhead “Components for Chapter Four” 
where you will find timer buying advice. 


Experiment 17: Set Your Tone 


Now that you're familiar with the 555 timer in monosta- 
ble mode and bistable mode, | want you to get acquain- 
ted with it in astable mode—so called because the out- 
put fluctuates constantly between high and low, and 
does not remain stable in either of those states. 


This resembles the output of the transistor oscillator that 
you built in Experiment 11, except that it is much more 
versatile and easier to control, and instead of requiring 
two transistors, four resistors, and two capacitors to cre- 
ate the oscillation, you only need one chip, two resistors, 
and one capacitor. 


What You Will Need 


e Breadboard, hookup wire, wire cutters, wire 
Strippers, multimeter 


« 9-volt power supply (battery or AC adapter) 
e 555 timer chips (4) 


Miniature loudspeaker (1) 


Resistors: 47 ohms (1), 470 ohms (4), 1K (2), 10K 
(12), 100K (1) 


Capacitors: 0.01uF (8), 0.022uUF (1), 0.1uF (1), 1uF 
(3), 3.3uF (1), 10uF (4), 100uF (2) 


1N4148 diode (1) 
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¢ Trimmer potentiometer, 100K (1) 
e Tactile switch (1) 
e Generic LEDs (4) 


Astable Test 


A generic astable circuit is shown in Figure 4-22. I've put 
a loudspeaker on the output, because the timer will be 
running at an audio frequency. The loudspeaker is driv- 
en through a resistor, to limit the current, and a coupling 
capacitor, which passes audio frequencies while block- 
ing DC. You'll see the values for these components in the 
next schematic. Right now | just want you to see the 
general layout. 


G 9VDC 


Figure 4-22 A basic, generic circuit that runs a 555 timer in 
astable mode. 


The components labeled R1, R2, and C1 control the 
speed of the timer. These labels are always used in man- 
ufacturers’ datasheets and other sources, so I’m follow- 
ing the same convention. 


C1 does the same thing as the timing capacitor in the 
monostable circuit in Figure 4-11. The need for two resis- 
tors, instead of one, will be explained below. 


See if you can get a sense of how this circuit may work, 
using the knowledge that you gained in Experiment 16. 
The first thing you may notice is that there’s no input. Pin 
2 (the trigger pin) is connected back to pin 6 (the thresh- 
old pin). Can you see how that's going to work? C1 will 
accumulate a charge, as it did when the timer was in 
monostable mode, until it reaches 2/3 of the power sup- 
ply, at which point it will discharge through R2 into pin 
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7, and its voltage will drop. Its connection with pin 2 will 
mean that the trigger pin senses the drop in voltage on 
C1. And what does the trigger pin do when the voltage 
on it drops suddenly? It triggers the timer. So, in this 
configuration, the timer will retrigger itself. 


How fast will that happen? | think you should build a test 
version of the circuit to find out. In Figure 4-23 | have 
suggested values for the components and have redrawn 
the schematic to include a trimmer potentiometer, so 
that you'll see (or, rather, hear) the effect of varying this 
resistance. The trimmer, plus the 10K resistor that pre- 
cedes it, add up to R2. The timing capacitor, C1, is 
0.022uF, and R1 is 10K. 


Figure 4-24 shows the breadboard layout, while Fig- 
ure 4-25 shows the component values. 


= a OVDC — 


47 


100uF 


Figure 4-23 This test circuit allows you to adjust the 
performance of the timer in astable mode. 


Now what happens when you apply power? Immediate- 
ly, you should hear noise through the loudspeaker. If you 
don't hear anything, you almost certainly made a wiring 
error. 


Notice that you don't have to activate the chip with a 
pushbutton anymore. The 555 timer is triggering itself, 
as predicted. 
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Figure 4-25 Component values for the astable timer test. 


Rotate the screw on the trimmer potentiometer, and the 
pitch of the sound varies. The trimmer adjusts how 


156 Make: Electronics 


quickly C1 charges and discharges, and this determines 
the length of one “on” cycle relative to the next “off” cy- 
cle in the audio signal. With these component values, 
the stream varies between approximately 300 and 1,200 
pulses each second. These pulses are sent by the timer 
to the loudspeaker. They move its cone up and down, 
creating pressure waves in the air, and your ear responds 
to those waves, hearing them as sound. 


Theory: Output Frequency 


The frequency of a sound is its number of full cycles per 
second, including the high-pressure pulse and the low- 
pressure pulse that follows. 


The term hertz is a unit of frequency, meaning the same 
thing as “cycles per second.” It was introduced in Europe, 
named after yet another electrical pioneer, Heinrich 
Hertz. The abbreviation for hertz is Hz, so the output of 
your 555 timer in its test circuit will range approximately 
between 300Hz and 1,200Hz. 


As in most standard units, a k can be inserted to mean 
“kilo,” so 1,200Hz is normally written as 1.2kHz. 


How do the values for the timing capacitor and the resis- 
tors determine the frequency of the timer? If R1 and R2 
are measured in kilohms, and C1 is measured in microfar- 
ads, the frequency f, in hertz, is given by: 


f = 1,440 /(((2xR2)+R1)xC1) 


Doing this calculation is a hassle, so | have provided you 
with a lookup table in Figure 4-26. In this table, / am as- 
suming that the value for the resistor labeled R1 in the 
schematic is fixed at 10K. The values across the top of the 
table are for R2. The values on the left side of the table 
are for the timing capacitor, C1. 


You may remember than the abbreviation pF means “pi- 
cofarad,” which is one-millionth of a microfarad. Nano- 
farads are halfway between microfarads and picofards, 
but the term is not used so frequently in the US, so | 
didn't use it in the table. 
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Pao] 22 ar] 20002200 700 am 
1 057 03 0.15 0.068 0.032 0.015 
METEO 22 12 063 031 0.15 0.069 0.033 
48 27 14 069 0.32 0.15 0.072 
10 57 30 15 068 0.32 0.45 
WPT 2 12 63 31 15 069 033 
a AO Res EN ten oa 
oy | or | em | ae Jas | ee | ae 
RETI 220 10 6 a 15 69 33 
480 270 140 69 32 15 72 
4K 570 300 150 68 32 15 
2.2K 12K 630 310 150 69 33 
48K 2.7K 14K 690 320 150 72 
10K 5.7K 3K 15K 680 320 150 
22K 12K 63K 31K 15K 690 330 
48K 27K 14K 69K 3.2K 15K 720 
100K 57K 30K 15K 68K 3.2K 15K 
DEPTO 220K 120K 63K 31K 15K 6.9K 3.3K 
480K 270K 140K 69K 32K 15K 7.2K 
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© — Power supply: 5VDC to 16vDC — (Y 


Retriggered 2 | 
by feedback 
from pin 6 


Timing resistors 


Fluctuating > 
output 


Timing 
cı T capacitor 


(+) to enable timer or =) to reset 


Figure 4-27 Internal view of the 555 timer with external 
connections running it in astable mode. 


Initially, the flip-flop grounds C1, the timing capacitor, as 
before. But now the low voltage on the capacitor is con- 
nected from pin 6 to pin 2 through an external wire. The 
low voltage tells the chip to trigger itself. The flip-flop 
obediently flips to its “on” position and sends a positive 
pulse to the loudspeaker, while removing the negative 
voltage from pin 6. 


Now C1 starts charging, as it did when the timer was in 
monostable mode, except that it is being charged 
through R1 + R2 in series. Because C1 has a low value, it 
charges quickly. When it reaches two-thirds of full volt- 
age, comparator B takes action as before, discharging 
the capacitor and ending the output pulse from pin 3. 


The capacitor discharges through R2 to pin 7, the dis- 
charge pin. While the capacitor is discharging, its volt- 
age diminishes. The voltage is still linked to pin 2. When 
it drops to one-third of full power or less, comparator A 
kicks in and sends another pulse to the flip-flop, starting 
the process all over again. 


Fundamentals: Unequal On-Off Cycles 


When the timer is running in astable mode, C1 charges 
through R1 and R2 in series. But when C1 discharges, it 


dumps its voltage into the chip through R2 only. Be- 
cause the capacitor charges through two resistors but 
discharges through only one of them, it charges more 
slowly than it discharges. While it is charging, the output 
on pin 3 is high; while it is discharging, the output on pin 
3 is low. Consequently the “on” cycle is always longer 
than the “off” cycle. Figure 4-28 shows this as a simple 


graph. 


Duration of each On cycle 
is proportional to R1 + R2 


Output 
Pin 3 


Duration of each Off cycle 
is proportional to R2 only 


Figure 4-28 High pulses are always longer than gaps between 
them in the output from a 555 timer chip, when the chip is wired 
in the standard way for astable operation. 


If you want the on and off cycles to be equal, or if you 
want to adjust the on and off cycles independently (for 
example, because you want to send a very brief pulse to 
another chip, followed by a longer gap until the next 
pulse), all you need to do is add a diode, as shown in Fig- 
ure 4-29, (Because a diode deducts some voltage, this 
circuit works best with a supply voltage greater than 
5VDC.) 


= a OVDC = 


1N4148 


Figure 4-29 Adding a diode to bypass R2 allows the high and 
low output cycles of a timer to be adjusted independently. 
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Now when C1 charges, the electricity flows through R1 
as before but takes a shortcut around R2, through the di- 
ode. When C1 discharges, the diode blocks the flow of 
electricity in that direction, and so the discharge goes 
back through R2. 


R1 now controls the charge time on its own, while R2 
controls the discharge time. The formula for calculating 
the frequency is now approximately: 


Frequency = 1,440 / ( ( R1 + R2 ) x C1 ) 


where R1 and R2 are in kilohms and C1 is in microfarads. 
(l use the word “approximately” because the diode adds 
a small amount of effective resistance to the circuit, 
which is not factored into the formula.) 


If you set R1 = R2, you should get almost equal on/off 
cycles. 


Astable Modifications 


Instead of using a potentiometer to vary the value of R2, 
the frequency of the timer can be changed to a limited 
extent by using pin 5, the control pin. This is shown in 
Figure 4-30. 


100K 


Figure 4-30 Acircuit that demonstrates the function of pin 5, 
the control pin, on the 555 timer. 


Disconnect the capacitor that was attached to that pin 
and substitute the series of resistors shown. They ensure 
that pin 5 always has at least 1K between it and the posi- 
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tive side or the negative side of the power supply. Con- 
necting it directly to the power supply won't damage 
the timer, but will prevent it from generating audible 
tones. As you turn the potentiometer, the frequency will 
vary. This happens because you are changing the refer- 
ence voltage on comparator B inside the chip. 


Chaining Chips 

Timer chips can be chained together in four possible 
ways. Note that these configurations are workable re- 
gardless of whether each timer is running in monostable 
or astable mode, except where noted. 


e If you are using 9V to power a 555 timer, the 
output from that timer can be sufficient to pow- 
er another 555 timer. 


« The output from one timer can trigger the input 
of another timer. This only works if the second 
timer is running in monostable mode. In astable 
mode, it would be self-triggering. 


e The output from one timer can unlock the reset 
pin of another timer. 


e The output from one timer can be connected 
through a suitable resistor to the control pin of 
another timer. 


These options are illustrated in Figure 4-31, Figure 4-32, 


Figure 4-33, and Figure 4-34. 


/ That's still 
high enough to 
power me! 


Figure 4-31 One timer powering another. 
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.. trigger me! 


Figure 4-32 One timer triggering another. 


B 


Now you 
can set or 
reset me! 


Figure 4-33 One timer setting or resetting another. 


Now you 
can control 
me! 


Figure 4-34 One timer controlling the frequency of another. 


Why would you want to chain timers together? Well, you 
might want to have a couple of them running in mono- 
stable mode, so that the end of a high pulse from the 
first one triggers the start of a high pulse in the second 
one, and vice versa. In fact, you could chain together as 
many timers as you like, with the last one feeding back 
and triggering the first one, and they could flash a series 
of LEDs in sequence, like Christmas lights. 


Figure 4-35 shows four timers chained in this way. They 
are linked through coupling capacitors, because we only 
want a brief pulse from one to trigger the next. Without 
the capacitors, the end of the pulse from the first timer 
in the chain would trigger the second timer, but the out- 
put from the first timer would remain in its low state, 
which would continue triggering the second timer in- 
definitely. 


In addition, each timer must have a 10K pullup resistor 
on its trigger pin to hold it normally high. 
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Figure 4-35 Four timers wired to trigger each other ina 
recirculating sequence. 
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An interesting question comes to mind when monosta- 
ble timers are chained together. That is: how do they 
start? | mentioned in Experiment 16 that a 555 timer in 
monostable mode will usually emit one spontaneous 
pulse when it is first powered up. When multiple timers 
are chained together, they will all try to do this at about 
the same time, and because of small manufacturing dif- 
ferences, the outcome will be unpredictable. Sometimes 
they will settle down to a nice orderly sequence, but 
other times they will end up flashing in pairs. 


The way to deal with this is to use the concept of pulse 
suppression that | mentioned in Experiment 16 (see 
“Fundamentals: Pulse Suppression” on page 152). 


A 1uF capacitor between the reset pin and negative 
ground will hold the reset pin in a low state just long 
enough to suppress the timer's initial pulse. A 10K pull- 
up resistor sharing the reset pin will then keep it stable 
while the timer is running. 


In my experience, this works well, although timers from 
a different manufacturer could conceivably behave dif- 
ferently, as the behavior of the reset pin is not well docu- 
mented. If you have trouble with pulse suppression, try 
substituting a larger or smaller capacitor. 


In a chain of timers, the only remaining problem is that 
pulse suppression works too well. You apply power, and 
—nothing happens, because all the timer outputs have 
been suppressed. 


The way around this is to omit pulse suppression from 
just one timer. It will almost certainly emit an initial 
pulse when it receives power, and that will trigger the 
rest in sequence. This setup is illustrated in Figure 4-35. 


But—wait a minute. What is this “almost certainly” 
phrase? Electronic circuits should always work, all the 
time, not “almost” all the time. 


| agree. But | can't control the tendency of 555 timers to 
do unpredictable things when they are powered up. 
Therefore | also added a button, at the top of the circuit, 
that can be used to start the cascade if it doesn't start it- 
self. 


There is an alternative, which is for the first timer in the 
chain to run in astable mode. It sends a series of pulses 
that ripple down through the others configured in 
monostable mode, and the last one does not feed back 
to the first. In electronics terms, we say that the first one 
is the master and the others are the slaves. 
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| like this arrangement because it is totally predictable. 
The trouble is, you have to adjust the speed of the mas- 
ter timer so that it emits its next pulse exactly when the 
last slave in the chain has just finished emitting its pulse. 
Otherwise, the first timer will emit another pulse before 
the last pulse has ended, or there will be a gap between 
the last pulse and the next first pulse. 


Whether this is important will depend on the applica- 
tion. Flashing lights won't be a problem, but if you in- 
crease the speed to drive a stepper motor, getting the 
timing right will be difficult. 


Sounding Like a Siren 


The fourth option that | listed for chaining chips, in Fig- 
ure 4-34, is of special interest, because it can create a si- 
ren sound very like the noise made by a typical burglar 
alarm. In fact, this could be used for the audio output in 
the alarm project that | left unfinished in Experiment 15. 


The circuit is shown in Figure 4-36. Timer 1 is wired in a 
basic astable circuit, which you can recognize as being 
similar to the circuit in Figure 4-22. The component val- 
ues are larger, so the timer oscillates more slowly, 
around 1Hz. You can compare this circuit with the one 
that | suggested in Figure 2-120. The principle is similar. 


Timer 2 is also wired in a basic astable circuit, running 
around 1kHz. The idea is that the slow fluctuations in 
voltage from Timer 1 are applied to the control pin of 
Timer 2, forcing it to modulate its sound up and down in 
that annoying way which we associate with alarm sys- 
tems. 


| encourage you to build this circuit, because you may 
want to use it in the final version of the intrusion alarm 
coming right up in Experiment 18. The breadboard lay- 
out for the siren circuit is in Figure 4-37, and the compo- 
nent values for the layout are shown in Figure 4-38. 


Once you get it running, you may find it interesting to 
remove and then replace the 100uF capacitor connected 
between pin 6 and ground. The capacitor makes the fre- 
quency slide higher and lower instead of switching 
sharply up and down. I’m using it in the same way that | 
used a capacitor to make an LED fade smoothly in and 
out in Experiment 11. 


le a | O.F ii 
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Figure 4-36 When one timer runs relatively slowly, modulating 
another through its control pin (pin 5), the result is a wavering 
sound like an alarm siren. 


You can modify the sound in other ways. Here are some 
suggestions: 


e Vary the 0.1uF timing capacitor to raise or lower 
the pitch of the basic sound. 


e Double the value of the 100uF capacitor on pin 
6, or divide it by two. 


e Substitute a 10K potentiometer for the 1K resis- 
tor. 


e Change the value of the 3.3uF capacitor. 


Part of the pleasure of building things is to customize 
them, to make them your own. Once your siren sound 
satisfies you, make a note of the component values for 
future reference. 
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Incidentally, you can reduce the chip count (the number 
of chips) by using a 556 timer instead of two 555 timers. 
The 556 contains a pair of 555 timers in one package. 
Because you still have to make the same number of ex- 
ternal connections (other than the power supply), | 
haven't bothered to use this variant. 


9VDC 
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Figure 4-37 The siren circuit, breadboarded. 
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Figure 4-38 Component values for the siren circuit. 


Experiment 18: Intrusion Alarm 
(Almost) Completed 


Now that you've seen what the 555 timer can do, you 
can fulfill the remaining requirements on the intrusion- 
alarm wish list. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


9-volt power supply (battery or AC adapter). 
555 timers (2) 

DPDT 9VDC relay (1) 

Transistors, 2N2222 (2) 


LEDs: Red, green, yellow (1 of each) 
Slide switch, SPDT, for breadboard (2) 


Tactile switch (1) 
Capacitors: 0.01uF (1), 10uF (2), 68uF (2) 
Resistors: 470 ohms (4), 10K (4), 100K (1), 1M (2) 
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Fig. 9-5. Spinner details layout. 


clamp tightened to hold. These bearings come in a brass version 
and an aluminum-teflon version. I used the teflon at the bottom and 
the brass one at the top. A Ys” shaft for the spinner was attached 
with a sheet metal screw and “Lock Tite” compound. You may 
want to use a hole and cotter pin in the bottom of the spinner shaft 
to keep the spinner from crawling out of the bearing holes at higher 
speeds. 


Calibration 

I used Hank's technique of a calm Sunday morning, family in 
auto, father with anemometer protruding over the top of the car 
from the rear of the station wagon, pencil and paper in hand, and 
mother driving and calling mph at speeds of 10, 20, 30, 40, 50, and 
60. I stopped at 55 and found the relationship linear, and, with the 
plots for the five points, I extrapolated a curve on some of my 
daughter’s school graph paper. I use the graph, but a scale could be 
drawn and glued to the meter face. 

I'm really pleased with my creation and use it quite often, 
since the meter sits on top of my antenna coupler. To read it, I just 
flip the switch, read the meter, and turn off the switch to conserve 
batteries. It's been in service for more than a year now. See Figs. 
9-7 and 9-8. 
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e Diode, 1N4001 (1) 
Optional (for audio output): 
e Components shown in Figure 4-36 
Optional (for permanent fabrication of this project): 


e 15-watt soldering iron 


Thin solder 


Perforated board plated with copper in a bread- 
board layout 


SPDT or DPDT toggle switch (1) 
Pushbutton, SPST (1) 


Project box, at least 6” x 3” x 2” (1) 


Power jack and matching power socket (1 each) 


Magnetic sensor switches, in pairs, quantity suf- 
ficient for your home 


Alarm network wiring, sufficient for your home 


Three Steps to a Functional Device 


This is a larger and more complicated circuit than any- 
thing you have tackled so far, but it’s relatively easy to 
build, because you can assemble it in three parts that 
you can test individually. Eventually you'll end up with a 
breadboard looking like Figure 4-45, with component 
values in Figure 4-46. The equivalent schematic is shown 
in Figure 4-47. But we'll begin with just a small timer cir- 
cuit. 


Step 1 

Take a careful look at Figure 4-39. Notice there are no 
timing components on the righthand side of the 555 
timer. You may conclude that this is a version of the bi- 
Stable circuit that | described in Experiment 16 (see Fig- 
ure 4-20). When the timer is triggered, its output will go 
on indefinitely—which seems appropriate for an alarm 
system. 


470 


Figure 4-39 Schematic equivalent of the bottom section of the 
breadboard layout. 


But there’s more to it than that. This circuit also gives 
you a one-minute grace period in which to disable the 
alarm before it starts to sound, when you enter the area. 
(You may remember that this was #9 on the wish list of 
features that | compiled in Experiment 15.) 


To see how it works, you can assemble the components 
shown in Figure 4-40. Their values are shown in Fig- 
ure 4-46, and you'll see their placement at the bottom of 
the board in Figure 4-45. 


The placement is important, because you have to leave 
room for the additional sections of the circuit that you'll 
be adding. One of those sections will be switching on 
the power to this one. 


To make sure that you have everything in the right 
place, the 1M resistor on the right is on the 29th row in 
the board, counting down from the top. Also note that 
power is being applied near the components, not at the 
top of the board, and the positive bus is not being used, 
yet. 


Don’t power up the circuit just yet. Set your meter to 
measure at least 10VDC and attach it at the points 
shown in Figure 4-40, with the negative probe on the 
negative bus and the positive probe at the left end of 
the 1M resistor. 
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Figure 4-40 Placement of components at the bottom of the 
breadboard for testing. 


Now apply power to the circuit, and you should see your 
meter slowly counting down from 9V. When it gets to 
one-third of the supply voltage, this triggers the 555 
timer, and the red LED comes on. The LED is included for 
testing purposes; in the final version, you would substi- 
tute a noisemaking circuit. 


The large 68uF capacitor delays the response of the tim- 
er. When you first apply power to the circuit, the capaci- 
tor passes the initial pulse to the point between it and 
the 1M resistor. The green wire runs from this point to 
the trigger pin of the timer. So, the pin starts off high, 
and you'll remember (I hope) that the timer does noth- 
ing until the trigger pin goes low. 


Voltage on the righthand side of the capacitor leaks out 
very slowly through the 1M resistor. Eventually, it goes 
low enough to trigger the timer. 


As for the rest of the circuit, in Experiments 16 and 17 | 
explained how to do “pulse suppression” to stop the 
timer from emitting a pulse when it is first powered up. 
This is why | have a 10uF capacitor and a 10K resistor ap- 
plied to pin 4, the reset pin. I’m using a 10uF capacitor 
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this time, instead of a 1uF capacitor, because this circuit 
reacts a bit more slowly than the one in Experiment 17. 


e You can use a 555 timer with these components 
any time you want to delay the timer output in 
response to a trigger pulse. 


e Use a larger or smaller value for the 68uF capac- 
itor if you want to make the delay longer or 
shorter. 


So far, so good. This part of the circuit will introduce a 
delay when it is powered up, and after the delay, it will 
activate the alarm for an indefinite period. 


Step 2 

Figure 4-41 and Figure 4-42 show the next step in build- 
ing the circuit. The components that you placed previ- 
ously are still there, but they have been grayed out to fo- 
cus your attention on the new additions. 


Don't forget to install S2, the slide switch at the bottom, 
and the 470-ohm resistor beside it, and the two long yel- 
low wires. This slide switch is included for testing pur- 
poses. It represents the alarm sensors that you would 
use in an actual application. 


The relay has the same function as in Experiment 15. In 
fact if you trace the connections in the circuit, you'll find 
that it works the same way as the one in Figure 3-88, 
with a couple of minor revisions. The only differences 
are that a 470-ohm resistor has been substituted for a 1K 
resistor, and | have added switch S1 at the top, with a 
green LED. Why? I'll get to that in a moment. 


Place all the components carefully. Don’t overlook the 
three red wires on the left and the three blue wires on 
the right. Make sure the pins of the relay are aligned 
with the wires that serve them. 


Double-check that S1 is in the down position, and S2 is 
in the up position. For testing purposes, remove the 
68uF capacitor so that the red LED will respond right 
away instead of waiting for a minute. 


Attach power—and if you made all the connections cor- 
rectly, nothing should happen. Switch S2 represents the 
alarm sensors, and in its up position, it simulates them 
being closed. Slide it down to simulate a sensor being 
opened, and the test LED at the bottom of the circuit 
should light up immediately. Slide the switch up, and 
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the LED stays on. The circuit has locked the alarm on, re- 
gardless of a sensor being reset. 
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Figure 4-41 The second step in building this circuit incorporates 
the relay configuration that was used in Experiment 15. 


sm 9VDC 


Circuit testing switch. 
In the up position: 
lights the green LED 
if all Sensors are closed. 
In the down position: 
arms the alarm. 


This switch simulates 
the alarm sensors. 


Figure 4-42 Schematic equivalent of the breadboarded second 
stage in the circuit. 


Disconnect the power, keep S2 in its up position (simu- 
lating the sensors being closed), and reapply the power. 
Now move S1, at the top, to its up position, and the 
green LED comes on. This is a circuit-testing feature. It 
checks that all the sensors are closed. When you use the 
alarm, you will want to conduct this test before you 
leave the area. This satisfies the first part of item #7 in 
the wish list from Experiment 15. 


Keep S1 in its up position while you move S2 to its down 
position, to simulate an open sensor. The green LED 
goes out. Move S2 to its up position, and the green LED 
comes back on. So, the testing procedure works. 
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Here's how you would actually use this circuit. You leave 
S1 in the up (test) position. When you are ready to leave 
the area, you apply power to the circuit. If the green LED 
doesn't come on, there is a door or window open some- 
where. Find the source of the problem, and correct it. 
When the green LED is on, you know that all the sensors 
are closed. Now you can arm the alarm. Move S1 down. 
The green LED goes out, and the alarm is now armed. 
When you come home, the 555 timer gives you one mi- 
nute to disable the alarm, to prevent it from going off 
(so long as you have replaced the 68uF capacitor in the 
circuit). You can disable the alarm by moving S1 to its up 
(test) position. 


Now, how and why does the circuit work? 


The 10K resistor at top-left connects with the base of 
transistor Q1 through switch S1, when the switch is in its 
down position. Meanwhile, the righthand pole contact 
inside the relay is connected to negative ground. This 
connection runs through the yellow wire on the right, 
through a 470-ohm resistor, through switch S2 (which 
simulates the sensors), and back up through the other 
long yellow wire. It holds the base of the resistor at a low 
voltage (through the orange wire). So long as the base is 
low, the transistor doesn’t conduct. 


If a sensor opens, the base of the transistor isn't held low 
anymore, and the 10K resistor pulls it up so that the tran- 
sistor starts to conduct. It triggers the relay, through the 
long curving orange wire. The relay will supply power to 
the bistable timer, which will eventually activate the 
alarm. At the same time, the relay breaks the negative- 
ground connection on the right, so now the transistor is 
going to continue conducting even if the sensor is 
closed again. 


This is exactly the same circuit concept that | ended up 
with in Figure 3-88. The significant difference is the 
green LED. When you move S1 to its “test” position, it 
cuts off positive power to the transistor (so that the tran- 
sistor cannot start the alarm). If all the sensors are 
closed, the LED connects through them, and the 470- 
ohm resistor, to negative ground, and it lights up to tell 
you that the system is ready. 


Step 3 

What else could we need in this project? Well, imagine 
you are using the alarm system. You want to set it before 
leaving the area. At this point, you suddenly realize that 
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if you set it, and then open a door to leave, you will trig- 
ger the alarm. 


The bistable timer with its 68uF capacitor added a fea- 
ture to suppress the alarm for a minute, to give you time 
to turn it off when you arrive. Now we need another tim- 
er to suppress the alarm for a minute when you leave. 


This is a little more difficult to arrange. The key is to have 
the extra timer pull down the voltage on transistor Q1, 
so that it can't trigger the relay. 


The problem is, a timer output goes high, not low, dur- 
ing its “on” cycle. l'Il have to add another transistor to 
convert the high output so that it pulls down the volt- 
age on the base of transistor Q1. 


Figure 4-43 and Figure 4-44 show the components that 
will make it happen. Once again | have grayed out the 
components that you placed previously. 


Figure 4-43 Third and final step in building the alarm circuit. 
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Figure 4-44 The schematic version of the third step in building 
the circuit. 


The new 555 timer, labeled T1, has a pulse-suppression 
circuit on pin 4, its reset pin, like the other timer, so that 
it won't emit a pulse when you power up the circuit. You 
press the button to start T1. The button works by 
grounding the trigger pin of the timer. 


While the output of the timer is high, the current flows 
out of pin 3 (the output pin) and lights up the yellow 
LED. This tells you that the alarm system is counting 
down to being armed. So long as you see the LED, the 
alarm will ignore any activity that opens a sensor switch. 


Pin 3 also connects through a green wire, on the left, 
which is like an elongated letter C. This curls around to a 
100K resistor, which is attached to the base of Q2, a sec- 
ond transistor. The output from the timer, through the 
100K resistor, is enough to make Q2 conduct. Its emitter 
is grounded through a 470-ohm resistor, while its collec- 
tor is attached to the base of Q1. So long as Q2 is con- 
ducting, it grounds the base of Q1, and prevents Q1 
from triggering the relay and starting the alarm. 


In this way, timer T1 stops the alarm from going off. 
When the one-minute grace period ends, T1 stops con- 
ducting, doesn't pull down the voltage on the first tran- 
sistor anymore, and the alarm can go off—provided you 


remembered to move the switch at the top out of “test” 
mode, of course. 


You would now use the circuit like this. 


1. First put switch S1 into its “test” position and 
close all the doors and windows until the green 
LED comes on. 


2. Move S1 into its lower position, so that the 
alarm is ready. 


3. Press the button, and leave, closing the door 
behind you, while the yellow LED is on. 


Does your version do what it is supposed to do? It 
should, so long as you wired it carefully. Timer T1 should 
light the yellow LED under any circumstances, making it 
easy to test. You can also touch your meter probe on the 
base of Q1, to verify whether the voltage is relatively 
high or low. So long as the voltage is relatively low, the 
alarm will not be triggered. When the voltage goes high, 
the alarm is triggered. 


Don't forget to replace the 68uF capacitor in the circuit, 
just below the relay, to reactivate the delay timer, when 
your alarm is ready for prime time. 


The complete breadboarded circuit is shown in Fig- 
ure 4-45, the component values are in Figure 4-46, and 
the schematic is in Figure 4-47. 


168 Make: Electronics 


Experiment 18: Intrusion Alarm (Almost) Completed 


Generic green LED 


2N2222 


2N2222 


555 timer 
H 
= Generic yellow LED 470 
wE = (i 
E E 
EE 
a a DPDT 
= EE 9VDC 
= a relay 
= EE 
= . 
| E 
E E 1N4001 
n . 
= > 
= EE E LS 
E eqD 68uF 
Li 
LL. 555 timer 
. 
a E E 
. O j| E E 
E ap E E 10uF 
in SPDT @ 
al w slider | 
e| pa J] E switch 470 
= X 
. de || E . o 
. N aa a E E Generic red LED 


co © i io 
Figure 4-46 Component values in the breadboard layout. 


Figure 4-45 Breadboard layout for the complete alarm circuit. 


Chapter 4: Chips, Ahoy! 169 


Experiment 18: Intrusion Alarm (Almost) Completed 


ap 9VDC — 


Figure 4-47 Schematic equivalent of the breadboarded alarm 
circuit. 


What About the Noise? 

When you want the alarm to make noise, you'll need to 
substitute an audio circuit or device for the red LED that 
you have been using for testing purposes. 


The easy way to do this is to use an off-the-shelf item. 
Hundreds of sirens are available cheaply, ready to make 
an annoying sound if you simply apply power. Many of 
them require 12VDC, but they deliver almost as much 
noise at 9VDC. Just remember that timer T2 cannot de- 
liver much more than 150mA. 


If you prefer to have a sound that's all your own, you can 
use the circuit that | showed in Figure 4-36. Just use the 
output from your relay to power this circuit, and you 
have your own sound. 


What About On and Off? 


You've been testing the circuit by applying and remov- 
ing power. You can add an on-off switch, but a numeric 
code to switch off the alarm would be more desirable. 


Right now, | can't show you how to implement that, be- 
cause it requires logic chips that | have not dealt with 
yet. But Experiment 21 will show you how it can be 
done. 


Finalizing 

Meanwhile, since the alarm circuit does actually work in 
its current form, | want to talk about finalizing it. By this | 
mean soldering it to a board, mounting the board in a 
box, and making everything look nice. My main concern 
in this book is electronics, but still, finalizing a project is 
an important part of the making experience, so I'll give 
you some suggestions. 


Soldering the circuit can be easier than the procedure in 
Experiment 14, where | explained point-to-point wiring. 
You can mount the components on the type of perfora- 
ted board that has copper traces on the back, in a con- 
figuration identical to the connectors inside a bread- 
board. Simply move each component to its comparable 
position, and solder it to the copper conductor under- 
neath. No wire-to-wire soldering is necessary. 


Guidance for finding and buying this kind of board is in 
“Supplies” on page 316 near the end of the book. 


Now, how to proceed: 


Carefully note the position of a component on your 
breadboard, then move it to the same relative position 
on the perforated board, poking its wires through the lit- 
tle holes. 


Turn the perforated board upside down, make sure that 
it’s stable, and examine the hole where the wire is pok- 
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ing through, as shown in , which shows the 

of the board (the component is on the other 
side). A copper trace surrounds this hole and links it with 
others. Your task is to melt solder so that it sticks to the 
copper and also to the wire, forming a solid, reliable con- 
nection between the two of them. 


The underside of perforated board, with a wire 
sticking through. 


Clamp the perforated board or rest it on a surface where 
it won't skid around easily. Take your low-wattage sol- 
dering iron in one hand and some solder in your other 
hand. Hold the tip of the iron against the wire and the 
copper, and feed some thin solder to their intersection. 
After two to four seconds, the solder should start flow- 


ing. 


Allow enough solder to form a rounded bump sealing 
the wire and the copper, as shown in . Wait 
for the solder to harden thoroughly, and then grab the 
wire with pointed-nosed pliers and wiggle it to make 
sure you have a strong connection. If all is well, snip the 
protruding wire with your cutters. See 
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Ideally, your solder joint should look something like 
this. 


After the solder has cooled and hardened, you snip 
off the projecting wire. 


Because solder joints are difficult to photograph, I’m us- 
ing drawings to show the wire before and after making a 
reasonably good joint. The solder is shown in pure 
white, outlined with a black line. 
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The process of actually soldering components into per- 
forated board is illustrated in Figure 4-51 and Fig- 
ure 4-52, 


Figure 4-51 This photograph was taken during the process of 
transferring components from breadboard to perforated board. 
Two or three components at a time are inserted from the other 
side of the board, and their leads are bent over to prevent them 
from falling out. 


Figure 4-52 After soldering, the leads are snipped short and the 
joints are inspected under a magnifying glass. Another two or 
three components can now be inserted, and the process can be 
repeated. 


Most Common Perfboarding Errors 


1. Too much solder. Before you know it, solder creeps 
across the board, touches the next copper trace, and 
Sticks to it, as depicted in Figure 4-53. When this hap- 
pens, you can either try to suck it up with a desoldering 
kit, or carve it away with a knife. Personally | prefer to 


use a knife, because if you suck it up with a rubber bulb 
or solder wick, some of it will tend to remain. 


Figure 4-53 /f you use too much solder, it will tend to end up in 
places where you don't want it. 


Even a microscopic trace of solder is enough to create a 
short circuit. Check the wiring with a magnifying glass 
while turning the perforated board so that the light 
strikes it from different angles. 


2. Not enough solder. If the joint is thin, the wire can 
break free from the solder as it cools. Even a microscopic 
crack is sufficient to stop the circuit from working. In ex- 
treme cases, the solder sticks to the wire, and sticks to 
the copper trace around the wire, yet doesn't make a sol- 
id bridge connecting the two, leaving the wire encircled 
by solder yet untouched by it, as shown in Figure 4-54. 
You may find this undetectable unless you observe it 
with magnification. 
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Figure 4-54 Too little solder (or insufficient heat) can allow a 
soldered wire to remain separate from the soldered copper on the 
perforated board. Even a hair-thin gap is sufficient to prevent an 
electrical connection. 


You can add more solder to any joint that may have in- 
sufficient solder, but be sure to reheat the joint thor- 
oughly. 


3. Components incorrectly placed. It’s very easy to 
put a component one hole away from the position 
where it should be. It’s also easy to forget to make a con- 
nection. 


| suggest that you print a copy of the schematic, and 
each time you make a connection on the perforated 
board, you eliminate that wire on your hardcopy, using a 
highlighter. 


4. Debris. When you're trimming wires, the little frag- 
ments that you cut don’t disappear. They start to clutter 
your work area, and one of them can easily get trapped 
under your perforated board, creating an electrical con- 
nection where you don't want it. 


Clean the underside of your board with an old tooth- 
brush before you apply power to it. Dip the toothbrush 
in rubbing alcohol to remove flux residues. Keep your 
work area as neat as possible. The more meticulous you 
are, the fewer problems you'll have later. 
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Once again, be sure to check every joint with a magnify- 
ing glass. 


Fundamentals: Perforated Board Fault 
Tracing 


If the circuit that worked on your breadboard doesn't 
work after you solder it to perforated board, your fault 
tracing procedure is a little different from that which | 
outlined previously. 


First look at component placement, because this is the 
easiest thing to verify. 


If all the components are placed correctly, flex the board 
gently while applying power. If you now get an intermit- 
tent response from the circuit, you can be virtually cer- 
tain that solder didn’t stick where it was supposed to 
stick, or a joint has a tiny crack in it. 


Anchor the black lead of your meter to the negative side 
of the power supply, then switch on the power and go 
through the circuit point by point, from top to bottom, 
checking the voltage at each point with the red lead of 
the meter while you continue to flex the board. In most 
circuits, almost every part should show at least some 
voltage. If there is a dead zone, or if your meter responds 
intermittently, you can zero in on a joint that has some- 
thing wrong with it, even though it looks good superfi- 
cially. 


A bright desk lamp and a magnifier are indispensable for 
this procedure. A gap of 1/1,000” or less is quite suffi- 
cient to stop your circuit from working. But you'll have 
difficulty detecting it without magnification, and even 
then, sometimes the light has to be exactly right. 


Dirt, water, or grease can prevent solder from sticking 
properly to wires or copper traces. This is just another 
reason to be as meticulous as possible in your work hab- 
its. 


The Project Box 


The easiest way to enclose your perforated board is to 
put it in a project box. (I mentioned this item in the list 
of components and supplies at the beginning of Chap- 
ter 3). Hundreds of variants are available. Aluminum box- 
es look cool and professional, but you have to protect 
the circuit board from short-circuiting itself on the inside 
of the box. Plastic boxes are easier, and cheaper, too. 
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BUILD A 60-Hz FREQUENCY MONITOR 


How many times have you needed a simple, cheap, 60-Hz 
frequency indicator? Sure, a commercial reed-type meter is nice, 
but it never seems to be available when you need it. The other 
alternative, the station frequency counter, is bulky and expensive. 

Here is another device—a circuit—which can resolve cycles 
per minute and costs only a few dollars to build. The circuit is 
basically a frequency comparator, and the idea can be extended to 
almost any frequency you wish. Figure 9-9 shows the schematic. 
The reference frequency (60 Hz) is derived by using a color-T'V 
crystal and an MM5369 programmed divider (integrated circuit). 
Both crystal and IC are very reasonably priced and useful for many 
digital clock/timer projects as well. The input frequency is taken 
from the low-voltage secondary of the power transformer. The 
power supply is straightforward, using a bridge rectifier and a 
5-volt IC regulator, U6. 

The reference and the input frequencies are processed by the 
Schmitt trigger, U2, and fed to the comparator circuit, U3, U4, and 
U5. U3 provides identical pulse shapes to U4. U4 is a 4-bit counter 
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Fig. 9-6. Anemometer assembly detail. 
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To make everything look professional, you should not 
just start drilling holes arbitrarily for your switches and 
LEDs. You should draw a layout on paper (or use a draw- 
ing program, and then print the image on paper). Just 
make sure there's room for the components to fit to- 
gether, and try to place them similarly to the schematic, 
to minimize the risk of confusion. 


Tape your sketch to the inside of the top panel, as shown 
in Figure 4-55, and then use a sharp, pointed tool (such 
as an awl or a needle) to press through and mark the 
plastic at the center of each hole. The indentations will 
help to center your bit when you drill the holes. 


Figure 4-55 A printed layout for the switches, LEDs, and other 
components has been taped to the underside of the lid of the 
project box. An awl is pressed through the paper to mark the 
center of each hole to be drilled in the lid. 


If you're using an audio circuit driving a loudspeaker (in- 
stead of a ready-made siren) you'll need to make multi- 
ple holes to vent the sound from the loudspeaker, which 
will be beneath the top panel of the box. The panel that 
| made is shown in Figure 4-56. 


Figure 4-56 The exterior of the panel after drilling. A small 
handheld cordless drill can create a neat result if the holes were 
marked carefully. 


| placed all the switches and LEDs on the top panel. The 
power input jack is positioned at one end of the box. 
Naturally, each hole has to be sized to fit its component, 
and if you have calipers, they'll be very useful for taking 
measurements and selecting the right drill bit. Other- 
wise, make your best guess, too small being better than 
too large. A deburring tool is ideal for slightly enlarging a 
hole so that a component fits snugly. This may be neces- 
sary if you drill 3/16-inch holes for your 5-inch mm LEDs. 
Fractionally enlarge each hole, and the LEDs should 
push in very snugly. 


If your loudspeaker lacks mounting holes, you'll have to 
glue it in place. | used five-minute epoxy to do this. Be 
careful not to use too much. You don't want any of the 
glue to touch the speaker cone. 


Drilling large holes in the thin, soft plastic of a project 
box can be a problem. The drill bit tends to dig in and 
create a mess. You can approach this problem in one of 
three ways: 


e Use a Forstner drill bit if you have one. It creates 
a very clean hole. A hole saw can also be used. 


e Drill a series of holes of increasing size. 


e Drill a smaller hole than you need, and enlarge 
it with a deburring tool. 


Regardless of which approach you use, you'll need to 
clamp or hold the top panel of the project box with its 
outside surface face-down on a piece of scrap wood. 
Then drill from the inside, so that your bit will pass 
through the plastic and into the wood. 
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Finally, mount the components in the panel, as shown in 
Figure 4-57, and turn your attention to the underneath 
part of the box. 


Soldering the Switches 


Your first step is to decide which way up the switch 
should be. Use your meter to find out which terminals 
are connected when the switch is flipped. You'll proba- 
bly want the switch to be on when the toggle is flipped 
upward. The underside of my control panel is shown in 
Figure 4-57. | used a DPDT switch because | just hap- 
pened to have one. You only need a SPST switch for the 
project. 


Figure 4-57 Components have been added to the control panel 
of the project box (seen from the underside). The loudspeaker 
has been glued in place. Spare glue was dabbed onto the LEDs, 
just in case. 


Remember, the center terminal of any double-throw 
switch is almost always the pole of the switch. 


Stranded wire is appropriate to connect the circuit 
board with the components in the top panel, because 
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the strands flex easily and impose less stress on solder 
joints. Twisting each pair of wires together helps to mini- 
mize the mess. 


When you connect wires or components with the lugs 
on the switches, your pencil-style soldering iron may not 
deliver enough heat to make good joints. You can use 
your higher-powered soldering iron in these locations, 
but you absolutely must apply a good heat sink to pro- 
tect the LEDs when you attach them, and don't allow the 
iron to remain in contact with anything for more than 10 
seconds. It will quickly melt insulation, and may even 
damage the internal parts of the switches. 


In projects that are more complex than this one, it would 
be good practice to link the top panel with the circuit 
board more neatly. Multicolored ribbon cable is ideal for 
this purpose, with plug-and-socket connectors that at- 
tach to the board. For this introductory project, | didn't 
bother. The wires just straggle around, as shown in Fig- 
ure 4-58. 


i 


Figure 4-58 Twisted wire pairs have been connected on a point- 
to-point basis, without much concern over neatness, as this is a 
relatively small project. 
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Fixing the Board 


The circuit board will sit on the bottom of the box, held 
in place with four #4-size machine screws (bolts) with 
washers and nylon-insert locknuts. | prefer using nuts 
and bolts, rather than glue, in case | ever need to remove 
the circuit to make a repair. You need to use locknuts to 
eliminate the risk of a nut working loose and falling 
among components, where it can cause a short circuit. 


You'll have to cut the perforated board to fit, taking care 
not to damage any of the components on it. | use a band 
saw for cutting, but a hacksaw will work. Remember that 
perforated board often contains glass fibers that can 
blunt a wood saw. 


Check the underside the board for loose fragments of 
copper traces after you finish cutting. 


Drill bolt holes in the board, taking care again not to 
damage any components. Then mark through the holes 
to the plastic bottom of the box, and drill the box. Coun- 
tersink the holes (i.e., bevel the edges of a hole so that a 
flat-headed screw will fit into it flush with the surround- 
ing surface), push the little bolts up from underneath, 
and install the circuit board. Because you're using lock- 
nuts, which will not loosen, there's no need to make 
them especially tight. Indeed, excessive tightness must 
be avoided. 


After mounting the board, test the circuit again, just in 
case. 


Caution: Avoid Board Stress 


Be extremely careful not to attach the circuit board too 
tightly to the project box. This can impose bending 
stresses, which may break a joint or a copper trace on 
the board. 


Final Test 


When you've completed the circuit, if you don't have 
your network of magnetic sensor switches set up yet, 
you can just use a piece of wire instead. | used a pair of 
binding posts on my box, just for convenience. You can 
equally well run a pair of wires from the circuit board out 
through a small hole in the lid of the box. 


If everything works the way it should, it’s time to screw 
the top of the box in place, pushing the wires inside. Be- 
cause you're using a large box, you should have no risk 
of metal parts touching each other accidentally, but still, 


proceed carefully. My finished product is shown in Fig- 
ure 4-59. 


Figure 4-59 The completed alarm box. 


Alarm Installation 


If you are going to complete this project with magnetic 
sensor switches, you should test each one by moving 
the magnetic module near the switch module and then 
away from it, while you use your meter to test continuity 
between the switch terminals. The switch should close 
when it's next to the magnet, and open when the mag- 
net is removed. 


Now draw a sketch of how you'll wire your switches to- 
gether. Always remember that they have to be in series, 
not in parallel! Figure 4-60 shows the concept in theory. 
The two terminals are the binding posts on top of your 
control box (which is shown in green), and the dark red 
rectangles are the magnetic sensor switches on win- 
dows and doors. Because the wire for this kind of instal- 
lation usually has two conductors, you can lay it as I’ve 
indicated but cut and solder it to create branches. The 
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solder joints are shown as orange dots. Note how cur- 
rent flows through all the switches in series before it 


gets back to the control box. 


Figure 4-60 Dual-conductor, white insulated wire can be used to 
connect the terminals on the alarm control box with magnetic 
sensors (shown in dark red). Because the sensors must be in 
series, the wire is cut and joined at positions marked with orange 
dots. 


Figure 4-61 shows the same network as you might ac- 
tually install it in a situation where you have two win- 
dows and a door. The blue rectangles are the magnetic 
modules that activate the switch modules. 


You'll need a large quantity of wire, obviously. The type 
of white, stranded wire that is sold for doorbells or fur- 
nace thermostats is good. Typically, it is 20-gauge or 
larger. 


After you install all the switches, clip your meter leads to 
the wires that would normally attach to the alarm box. 
Set your meter to test continuity, and open each win- 
dow or door, one at a time, to check whether you're 
breaking the continuity. If everything is OK, attach the 
alarm wires to the binding posts on your project box. 


Now deal with the power supply. Use your AC adapter, 
with its output set to 9 volts, hooked up to your DC pow- 
er plug, or attach the power plug to a 9-volt battery. The 
circuit will run off a 12-volt alarm battery too, but you 
will have to substitute a 12-volt relay for the one that | 
specified. 
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Figure 4-61 In an installation involving two windows and a door, 
the magnetic components of the sensors (blue rectangles) could 
be placed as shown, while the switches (dark red) are located 
alongside them. 


The only remaining task is to label the switch, button, 
power socket, and binding posts on the alarm box. You 
know that the switch puts the alarm in and out of con- 
tinuity testing mode, and the button gives you a minute 
to leave before the system alarms itself, but no one else 
knows, and you might want to allow a guest to use your 
alarm while you're away. For that matter, months or 
years from now, you may forget some details yourself. 


Conclusion 


The alarm project has taken you through the basic steps 
that you will usually follow any time you develop some- 
thing: 


e Make a wish list. 


e Decide which types of components are appro- 
priate. 


e Draw a schematic and make sure that you un- 
derstand it. 
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Modify it to fit the pattern of conductors on a 
breadboard. 


Install components on the breadboard and test 
the basic functions. 


Modify or enhance the circuit, and retest. 


Transfer to perforated board, test, and trace 
faults if necessary. 


Add switches, buttons, a power jack, and plugs 
or sockets to connect the circuit with the out- 
side world. 


Mount everything in a box (and add labeling). 
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Because the 555 timer can run at thousands of cycles 
per second, you can use it to measure human reflexes. 
You can compete with friends to see who has the fastest 
response—and note how your response changes de- 
pending on your mood, the time of day, or how much 
sleep you got last night. 


This circuit is not conceptually difficult, but requires 
quite a lot of wiring, and will only just fit on a bread- 
board that has 60 rows of holes (or more). Still, it can be 
tested in sections, like the circuit in Experiment 18. If you 
avoid making errors, the whole project can be assem- 
bled in a couple of hours. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


9-volt power supply (battery or AC adapter) 
4026B chips (3) 
555 timers (3) 


Resistors: 470 ohms (2), 680 ohms (3), 10K (6), 
47K (1), 100K (1), 330K (1) 


Capacitors: 0.01uF (2), 0.047uF (1), 0.1uF (1), 
3.3uF (1), 22uF (1), 100uUF (1) 


Tactile switches (3) 


Generic LEDs: one red, one yellow 


Trimmer potentiometer, 20K or 25K (1) 


e Single-digit numeric LED displays, height 0.56”; 
low-current red preferred, able to function at 2V 
forward voltage and 5mA forward current (3) 
(Avago HDSP-513A preferred, or Lite-On 
LTS-546AWC, or Kingbright SC56-11EWA, or 
similar) 


Caution: Protecting Chips from Static 


The 555 timer is not easily damaged, but in this experi- 
ment you will also be using a CMOS chip (the 4026B 
counter), which is more vulnerable to static electricity. 


Whether you are likely to zap a chip by handling it de- 
pends on factors such as the humidity in your location, 
the type of shoes you wear, and the type of floor cover- 
ing in your work area. Some people seem to accumulate 
a Charge of static more easily than others, and | don't 
have an explanation for this. Personally, | have never 
damaged a chip with static, but | know people who 
have. 


If static is a risk for you, you'll probably know about it, 
because you'll suffer from sudden little jolts when you 
reach for a metal door handle or a steel faucet. If you 
really feel you need to protect chips from this kind of 
discharge, the most thorough precaution is to ground 
yourself. The best way to do this is by using an anti-static 
wrist strap. The conductive strap is secured to your wrist 
with velcro and connects through a high-value resistor 
(typically 1M) to an alligator clip that can be attached to 
any large metal object. 


When you receive chips via mail order, they are usually 
shipped in channels of conductive plastic, or with their 
legs embedded in conductive foam. The plastic or the 
foam protects the chips by insuring that all the pins 
have an approximately equal electrical potential. If you 
want to repackage your chips, but you don’t have any 
conductive foam, you can poke their legs through alumi- 
num foil. 


Caution: Be Careful When Grounded 


The resistor built into an anti-static wrist strap protects 
you from electrocuting yourself if you happen to touch a 
source of relatively high voltage with your other hand. 
This is an important feature, as an electric shock that 
travels from one hand to the other will pass through 
your chest and can stop the heart. 
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If you use just a plain piece of wire to ground yourself, 
you lose this protection. The small cost of a proper wrist KB ovoc — 
strap is a sensible investment. 


Now, back to the experiment. = 
-E g g = 

= E EEEE qu. E 

A Quick Demo E anni - 

In the previous edition of this book | suggested using a tis a E W 

single three-digit display for this project. In this edition, | a Ye 

have switched to three individual digits. The cost is frac- E ....u. E 

tionally higher, but the wiring is much simpler, and the = See . 

project can be built more easily. Also, | believe there is a E SESE al 

better chance of single LED digits remaining available = Maa a 

for many years to come. m = Seen 

| am specifying digits that are 0.56” high because this is E Qu 

an industry standard, with pinouts that are also standar- = a 

dized. If you use a smaller size, the pinouts will be differ- E y 

ent. If you use a larger size, they won't fit with the other = = 

components on the breadboard. | = 

Let's begin by getting acquainted with one of the nu- _ E 

merals, and the 4026B chip that will be driving it. — 

The first module of this circuit is shown in Figure 4-62. (If E E 

you feel that a schematic is easier to understand, see Fig- cs | 


ure 4-63, which shows the same components.) 


LE EO E E 


Ejio ooo oO| ff 


Figure 4-62 The first module of the reflex tester demonstrates 
how a timer can run a counter chip that powers a single-digit LED 
display. 
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Figure 4-63 The first module shown in schematic form. 


In addition, component values are shown in Figure 4-64. 


You're going to be adding a lot more components to the 
board (in fact, it will be packed full by the time you're 
finished), so you need to position everything exactly as | 
have shown it in the figure. Count the rows of holes 
carefully! You'll see some wires that don't make sense 
right now (all those red pieces—what are they for?) but 
they will enable you to add and activate a couple more 
555 timers as you proceed. 


555 Timer ge 
(bipolar version) WT, 
3.3uF 


100K 
<Q, 


0.01uF 


4026B counter 
(outputs decoded 
for 7-segment 
display) 


Tactile 
switch 


10K 


0.56" 
display (low 
current 
version 
preferred) 


Figure 4-64 Component values for the first module of the 
circuit. 


Apply power from a 9-volt battery or AC adapter, and 
you should see the numeric display counting repeatedly 
from O through 9. 


If you don't see any numerals at all, set your meter to 
measure DC volts, clip the black probe to the negative 
side of the power supply, and use the red probe to test 
for voltages at key locations in the circuit, such as the 
power input pins of the chips. If the voltages look okay, 
make sure the resistor at bottom-right is 680 ohms (not 
68K or 680K, which are colored similarly). 


If the display shows fragments of numerals, or numerals 
that are not counting sequentially, you made an error in 
the green wires connecting with the 4026B chip. 


If the display shows a O that does not change, you wired 
the 555 timer wrongly, or failed to connect the timer 
with the 4026B chip correctly. 


Once you have the numbers counting upward, hold 
down the tactile switch, and notice that it forces the 
counter back to 0. As soon as you let go of the tactile 
switch, the numbers start counting again. 


We have the basis for a reflex tester right here. We just 
need to add a couple more digits, increase the counting 
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speed, and make some more refinements. First, however, 
I'll explain what's going on. 


Fundamentals: LED Displays 


The term “LED” is slightly confusing. The type of compo- 
nent that you have used in previous experiments is 
properly known as a standard LED, a through-hole LED, or 
an LED indicator: a little rounded component with two 
long leads sticking out of the base. These became so 
common, people started calling them simply “LEDs.” But 
LEDs are used in other components, too, such as the 
glowing numeral currently plugged into your bread- 
board. It is properly known as an LED display. More pre- 
cisely, it is a seven-segment single-digit LED display. 


In Figure 4-65 the dimensions of the display are shown, 
along with the pin positions that are hidden underneath 
it. The important things to notice are that the numeral 
does consist of seven segments, plus a decimal point; 
and the pin spacings are all measured in multiples of 
0.1” which is helpful for your breadboard. 


Numeral 
height 
0.56" 

(14.22mm) 


Pins spaced 
0.1" apart 


Figure 4-65 Dimensions and pin locations of a standard 0.56” 
seven-segment LED display. 


Now take a look at Figure 4-66. This shows you the inter- 
nal connections between the pins and the segments of 
the digit. Notice that pins 3 and 8 have blue centers, in- 
dicating that they should be connected with negative 
ground. All the other pins are designed to receive posi- 
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tive power to activate the LED segments. This is called a 
common cathode type of LED, because the negative 
sides of the internal diodes (the cathodes) are all tied to- 
gether. 


WB) 9 8 F7 E 


Figure 4-66 The scheme that is used for pin numbering, and the 
internal connections that are hidden inside the component. 


In a common anode display, the situation is reversed, and 
you activate the segments by applying negative power 
to each one, while they all share a positive internal con- 
nection. You can choose whichever type of display is 
convenient in a circuit, but common cathode displays 
are more widely used. 


Note that the segments are identifed with lowercase 
letters a through g, plus dp for the decimal point. This 
system is common on almost all datasheets (although a 
few use the letter h for the decimal point). 


So far so good, but I have left out a crucial piece of infor- 
mation: like all LEDs, the segments in the numeral must 
be protected with series resistors. This is a hassle, and 
you may wonder why the manufacturer doesn't build re- 
sistors in. The answer is that the display must be usable 
on a wide variety of voltages, and the values of the resis- 
tors will depend on the voltage. 


Well—why can't we use just one resistor that all the seg- 
ments share, perhaps between pin 3 and negative 
ground? Actually we can do that, but the resistor will be 
dropping the voltage and restricting the current for dif- 
ferent numbers of segments, depending on which nu- 
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meral is being displayed. A numeral 1 lights up only two 
segments, while a numeral 8 uses all seven of them. 
Consequently, some numerals will be brighter than oth- 
ers. 


Does this really matter? I'm thinking that for this demo, 
simplicity may be more important than perfection. If 
you look at Figure 4-62 you'll see that | have, in fact, put 
just one 680-ohm resistor at bottom-right, between the 
LED display and the negative bus. This is not the correct 
procedure, but you are going to install three of the sev- 
en-segment displays in this project, and | think you'll be 
happy to use only three series resistors instead of 21. 


Fundamentals: The Counter 


The 4026B chip is known as a decade counter, because it 
counts in tens. Most counters have a coded output, 
meaning that they output the numbers in binary-coded 
format (which | will discuss in a later project). This 
counter doesn't do things this way. It has seven output 
pins, and it powers them in patterns that just happen to 
be correct for a seven-segment display. While other 
counters require a driver to convert a binary output to 
the seven-segment patterns, the 4026B gives you every- 
thing in one package. 


This is very convenient, except that the 4026B is an old- 
fashioned CMOS chip that has limited power. The data- 
sheet advises you to draw less than 5mA from any one 
pin when powering the chip with 9 volts. 


Ideally you should pass the outputs from the counter 
through an array of transistors, to amplify them. You can 
buy a chip containing seven transistor pairs for exactly 
this purpose. It's called a Darlington array. (What if you 
want to display the decimal point? No problem. You can 
buy a different Darlington array containing eight transis- 
tor pairs.) 


| could have used three Darlington-array chips to drive 
the three LED displays in this project, but that would 
have added to the complexity and expense, and | would 
have needed two breadboards. Therefore | decided it 
was acceptable to use low-current LED displays that can 
be driven directly by a counter. They’re not as bright, but 
they do the job. | chose the 680-ohm resistor because it 
should limit the current to less than 5mA from any single 
pin on the counter chip, and it imposes a voltage drop of 
around 2V across the LEDs (which varies depending how 
many segments are lit up). 


Now I'll give you some details about the internal work- 
ings of the 4026B. Counter chips always have several 
useful features built in. Take a look at Figure 4-67, which 
shows the pinouts of the chip. The pins with labels such 
as “To segment a” are easy to understand. You simply 
run a wire from each pin to the appropriate pin on your 
LED display. If you look at Figure 4-62 you'll see each of 
the green wires connecting the output pins from the 
counter with the input pins on the numeral. 


Clock Input apa 
Clock Disable Reset 
Display Enable — - Ungated c Seg. 

Disp. Enable Out To Segment c 
Carry Out To Segment b 
To Segment f - To Segment e 
To Segment g — = To Segment a 
- To Segment d 


Active-high outputs will create numerals on a 7-segment display. 
Each output sources or sinks up to 5mA with a 9V power supply. 
Outputs are active only when Display Enable is high. 
Counter advances when Clock Input transitions from low to high. 
Clock Disable (pin 2) and Reset (pin 15) are active-high. 
Carry out (pin 5) transitions from low to high when 
counter output rolls over from 9 to O, 

Carry Out and Ungated C Segment outputs are active 
regardless of the Display Enable input status. 


Figure 4-67 Pinouts for a 4026B counter chip, which has 
decoded outputs to drive a seven-segment single-digit LED 
display. 


Pins 8 and 16 of the chip are for negative-ground and 
positive power, respectively. Almost all digital chips ap- 
ply power to opposite corners in this way (with the ex- 
ception of the 555 timer—although, really, it is classified 
as an analog chip). 


Because Figure 4-67 contains information that you may 
not need and is just included for future reference, | have 
also created a simplified view of the counter and the dis- 
play in Figure 4-68, ignoring the pins that we won't be 
using, and showing the relationship of output pins with 
the pins on the display. 
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Clock pulses in 


+ 


Stop counting Reset to 0 
© To segment c 
Carry to next counter To segment b 
To segment f To segmente 
To segment ¢ To segment a 
© To segment d 


All chip functions are active-high. 
Unlabelled pins can be ignored. 


Figure 4-68 A simplified view of the chip and the display, in the 
style that they will be shown on the breadboard. 


Look at pin 15, the reset pin. Now look at Figure 4-62. 
The pushbutton, more properly known as a tactile 
switch, is placed so that it will apply positive voltage to 
pin 15 when you press the button. (The voltage makes 
its way across the board to the pushbutton via the red 
segments of wire that | mentioned a moment ago.) 


When you're not pressing the button, no positive volt- 
age is applied to the reset pin of the counter. However, a 
10K resistor permanently connects pin 15 to the nega- 
tive bus on the breadboard. This is a pulldown resistor. It 
pulls the voltage on the pin to near zero—until you 
press the button, at which point the positive input over- 
whelms the negative power supplied through the resis- 
tor. Remember, if you don't apply a defined voltage to 
each input pin of a digital chip, you will get random, in- 
explicable, and confusing results. I've mentioned this be- 
fore, but | have to emphasize the topic, because it’s such 
a common cause of errors. 


e To keep an input pin normally high, connect it 
to the positive bus through a 10K resistor (at 
least, for the circuits in this book). When you 
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need to pull it low, use a switch or other device 
that overrides the resistor by making a more di- 
rect connection to the negative bus. 


To keep an input pin normally low, connect it to 
the negative bus through a 10K resistor. When 
you need to push it high, use a switch or other 
device that overrides the resistor by making a 
more direct connection to the positive bus. 


All the inputs on a counter chip must have 
some kind of connection. Never allow any float- 
ing input pins! 


Unused output pins should be left unconnec- 
ted. 


One more thing. Sometimes a chip has an input that we 
won't need at all. The 4026B, for instance, tells us that 
pin 3 is a display enable input. | want the display to be 
enabled all the time, so | connected pin 3 directly to the 
positive bus on a set-it-and-forget-it basis. 


e If you won't be using an input pin, it must still 
have a defined state. You can deal with it by wir- 
ing it directly to the positive or negative side of 
the power supply. 


Now I'll run through the remaining features of the 
4026B. 


The clock input (pin 1) accepts a stream of high and low 
pulses. The chip doesn’t care how long the pulses are. It 
just responds by adding 1 to its count, each time it 
senses the input voltage rising from low to high. 


The clock disable (pin 2) tells the counter to block the 
clock input. Like all the other pins on the chip, this one is 
active-high, meaning it performs its function when it has 
a high state. On your breadboard, | ran in a temporary 
blue wire and yellow wire to hold pin 2 low. In other 
words, | disabled the clock disable pin. This is confusing, 
so | will summarize the situation: 


e When the clock disable pin is in a high state, it 
stops the counter from counting. 


e When the clock disable pin is pulled down to 
negative ground, it allows the counter to count. 


The display enable (pin 3) | already mentioned. 
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which counts up with one input and down with the other. The 
counter contents are decoded by U5 and used to light D5 to D8, in 
sequence. The direction of the sequence will indicate whether the 
input frequency is fast or slow. For the display, I used a 7-segment 
readout with a defective segment, but four standard LEDs work as 
well. 

The PC artwork I used is shown in Fig. 9-10, and parts 
placement in Fig. 9-11. Any method of construction you find con- 
venient to use with ICs is okay. Nothing is particularly critical, but 
you may need 0.01-uF bypass capacitors for the 7400-series ICs, 
U6 should have a small heat sink. 

It's simple to use. Plug it in and watch the rotation of the 
LEDs. For the most part, the oscillator trimmer doesn't really 
have to be adjustable. If you're a purist, the oscillator can be set to 
3.579545 MHz with a frequency counter on U1 pin 7, buffered 
output. 

Plug it into your local power company, and you will see a very 
slow rotation, once every five minutes or so, corresponding to a 
frequency difference of perhaps four cycles in five minutes. Most 
power companies rarely hit 60 Hz on a short-term basis because of 
adjustments needed for demand, etc., but over the long term, all 
the clocks stay on time. This is why the rotation will be fast 
(clockwise) at some times while slow (counterclockwise) at 
others. On an emergency or standby power system, you will see 
quite wide changes of frequency with load variations. 


AMAGNETS 


i TANNER 
REED FITCH 
5] 


Fig. 9-7. Circuit schematic. 


397 


Experiment 19: Reflex Tester 


The display enable out (pin 4) will not be used here. It 
takes the state of pin 3 and connects it with pin 4 so that 
you can pass it along to other 4026B timers. 


The carry out (pin 5) is essential if you want to count 
higher than 9. The pin state shifts from low to high when 
the counter has reached 9 and goes back to 0. If you take 
this output and connect it with the clock input pin of a 
second 4026B timer, the second timer will count in tens. 
You can use its carry output pin to signal a third timer, 
which will count in hundreds. | will be using this feature 
at the end of this project. 


Lastly, Pin 14 can be used to restart the counter after it 
counts through 0, 1, and 2. This is useful in a digital clock 
that only counts up to 12 hours, but not relevant to us 
here. It is an output pin that we will not use, so it can be 
left unconnected. 


Perhaps all the features seem confusing, but if you ever 
find yourself confronted with a counter chip that you've 
never seen before, you can figure it out (if you are pa- 
tient and methodical) by looking up the manufacturer's 
datasheet. Then you can test it with LEDs and tactile 
switches, to make sure there are no misunderstandings. 
In fact, this is how | figured out the 4026B, myself. 


Pulse Generation 


Because the 555 timer accepts a power supply ranging 
from 5 to 15 volts, just like the 4026B, the output from 
the timer, on pin 3, can be connected directly to the in- 
put of the 4026B. That's the function of the purple wire 
in the breadboard layout. The 555 supplies pulses, and 
the 4026B counts them. 


The rest of the wiring around the 555 timer should look 
familiar to you by now. You can see that it's running in 
astable mode. Your only question may be why it's run- 
ning so slowly. We're not going to measure someone's 
reflexes at that speed. 


True, but for this demo, | didn't want the digits to look 
like a featureless blur. We'll crank up the speed a bit later. 


Time for a Plan 
How should the reflex timer work? Here's my wish list: 


1. | need a start button. 


2. After the start button is pressed, there is a delay 
in which nothing happens. Suddenly there is a 
visual prompt, asking the player to respond. 


3. Simultaneously, the count starts from 000, in 
1/1,000ths of a second. 


4. The user has to press a button to stop the 
counting process. 


5. The count freezes, showing how much time 
elapsed between the prompt and the stop time. 
This measures the user's reflexes. 


6. Areset button sets the count back to 000. 


You already installed a reset button on the breadboard, 
which is necessary. But before that, we need a button 
that stops the counting process. 


The counter's clock disable pin will freeze the display, 
but if you want to keep the display frozen, the pin has to 
be held in a continuing high state. In other words, it has 
to be latched. 


Hmmm, that sounds as if we could use another 555 tim- 
er, wired in bistable mode. 


A Control System 


In Figure 4-69 the bistable timer has been added, with 
two new buttons. The diagonal blue wire in Figure 4-62 
has been removed (to make room for the new timer). 
The other parts that you installed previously are still 
there, but are shown in gray. 


Figure 4-70 shows the new part of the circuit in sche- 
matic form, and values of the additional parts are shown 
in Figure 4-71. 
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dá — Stop button 


nun 


Figure 4-70 This schematic shows the second timer and its 
associated components. Previous components are grayed out. 


E | 


Benne Hee 
E EEN 


Tactile 
Figure 4-69 A bistable 555 timer has been added. Previously switch 


wired components are grayed out. Tactile 
switch 555 Timer 
(bipolar version) 


Figure 4-71 Values of the parts that have been added in this 
module of the project. 
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After you build this new section of the circuit, you can 
try it. You should find that the two new buttons start 
and stop the counting process. Do you see how they 
work? 


Press the start button, and it grounds the reset pin of the 
bistable timer. The timer output on pin 3 goes low, and 
is connected to the clock disable pin on the counter. Re- 
member, a low state on the disable pin means that the 
counter is not disabled. So, the counter starts counting. 
And it goes on counting, because once you trigger the 
bistable timer, its output is latched, and continues indef- 
initely. 


But, you can stop it. Just press the stop button. This 
grounds the input pin of the bistable timer, triggering it. 
Consequently, the output from the timer goes high, and 
because the timer is working in bistable mode, the out- 
put is latched and stays high indefinitely. The high out- 
put goes to the clock disable pin, which stops the 
counter. 


When you press the button at lower-right, which you in- 
stalled initially, it still resets the timer to 000. But the tim- 
er remains latched in its disabled mode until you restart 
it with the start button. 


The bistable 555 was exactly what we needed to run this 
circuit. 


Progress Report 


Let's see how far we've proceeded in satisfying the wish- 
list. It looks to me as if we're almost there. You press a 
button to start it, press a second button to stop it, and 
then once it’s stopped, you press another button to set it 
to zero. 


The only thing missing is the element of surprise. Really 
the person using it shouldn’t know when the count will 
start. The idea is to measure the speed of his reflexes 
when he responds. 


Why not add yet another timer, in monostable mode, to 
insert a delay before the action begins? This way, the 
start will be unexpected. 


The Delay 


First remove the start button, and the diagonal piece of 
blue wire connecting it with the negative bus. Leave the 
vertical yellow piece of wire where it is. 


Now assemble some additional components as shown 
in Figure 4-72. The start button has been relocated to 
trigger the input of a third timer, which will insert a pre- 
liminary delay. The output from this timer will go high 
for 5 or 10 seconds, and then when it goes low it triggers 
the bistable timer, sending its output low, to suppress 
the clock disable feature of the 4026B, so that it starts 
counting. 


New start 


Figure 4-72 The upper part of the reflex timer circuit is now 
complete. 
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Be careful when installing the red and yellow LEDs. The 
red one is the opposite way around from what you 
might expect, because it is tied in to a positive source. 
So, its long, positive lead is at the bottom, not the top. 


A schematic version of the new part of the circuit ap- 
pears in Figure 4-73. 


-+ 9VDC = 


New start 
button L 


Stop button 


0.iuF | | 


Figure 4-73 Schematic for the new and final addition to the 
control circuit. 


The values of the parts that you added to the bread- 
board are shown in Figure 4-74. 
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LEDs 


Figure 4-74 The values of parts that have been added to the 
breadboard. 


Testing 


When you apply power to this circuit, the counter imme- 
diately starts counting, without you asking it to. This is 
annoying, but easily dealt with. Press the stop button to 
stop the count. Press the bottom-right pushbutton to re- 
set the timer to zero. Now you're ready for action. 


Press the new start button, which creates an initial delay. 
During this delay, the yellow LED lights up. The delay 
lasts for about seven seconds, at which point the yellow 
LED goes out and the red LED comes on. Simultaneous- 
ly, the counter starts counting— until you press the stop 
button. 


The 100uF capacitor at the top of the breadboard looks 
like an afterthought, but is actually quite important. The 
555 timer has a bad habit of creating voltage spikes 
when it switches its output, and in this circuit, the spikes 
can trigger the second timer without waiting for the de- 
lay. The 100uF capacitor suppresses this unfortunate 
tendency. 


We now have all the features installed, except for the 
need to increase the counter speed and add a couple 
more counters and displays for fractions of a second. 


How Does It Work? 


Figure 4-75 shows you how the components are com- 
municating with each other. 
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Start button 
at input pin 


Timer 3 


| (monostable) 


Output 
to Timer 2 


Incoming 
pulse at 
reset pin 


Stop button 
at input pin 


Timer 2 
(bistable) 


Output to 
counter 


Reset button «©... 
at counter 
Numeric l 


display 


Timer 3 
(astable) 


Runs 
constantly 


To counter 
clock input 


Figure 4-75 Interaction between the components in the timer 
control circuit. 


l'Il describe this figure from top to bottom. The start but- 
ton (at the top, connected with Timer 3) pulls the input 
of the timer low to trigger it. 


The output of Timer 3 goes high for about seven sec- 
onds. This creates your initial delay. 


At the end of the delay, the output from Timer 3 drops 
back down. This transition passes through a 0.1uF cou- 
pling capacitor to Timer 2, which is bistable. The capaci- 
tor allows only a brief pulse to reach the reset pin of Tim- 
er 2. The pulse sends the output of Timer 2 low. This low 
output goes to the clock disable pin of the 4026B 
counter. A low state enables the counter, and the count 
begins. 


Now we wait for the user to respond. The user presses 
the stop button for Timer 2, connected with its input on 
pin 2. The brief low input to Timer 2 sends its output 


high, which enables the clock disable pin on the 
counter, and stops the count. 


Background: Development Issues 


This project created a problem. When | built the original 
circuit several years ago, it ran fine. When some interns 
at Make: magazine built the circuit, it ran fine. Little did 
we know that the reset pin of a 555 timer behaves slight- 
ly differently on different brands. This is not document- 
ed on the datasheet. 


After my book had been in print for literally years, | re- 
ceived notification from a reader that his version of the 
circuit functioned erratically, and sometimes not at all. | 
rebuilt the circuit, connected it with an oscilloscope, and 
saw that the coupling capacitor was transmitting a pulse 
faithfully from Timer 3 to the reset pin of Timer 2. But, 
sure enough, Timer 2 sometimes didn’t recognize the 
pulse. 


What was the problem? Either the pulse was too brief, or 
it didn’t go low enough. Either way, the solution was to 
apply a lower pullup voltage to pin 4 of Timer 2. This is 
why you see two resistors attached to pin 4. They func- 
tion as a voltage divider, applying slightly less than 2V to 
pin 4. This is enough to keep it functional, but allows the 
reset voltage to go down lower to enable the reset. 


This now works fine—for me. We'll test the circuit again 
before this edition of the book goes into print. If it 
doesn't work for you, try applying a different voltage to 
pin 4 of Timer 2, using a substitute for the 47K resistor, 
either lower or higher. You can also try a larger coupling 
capacitor. And let me know. Obviously | want all the cir- 
cuits in this book to work properly, every time. But | can't 
foresee all the manufacturing variations that may affect 
the outcome. 


Extra Digits 


Adding two more digits is pretty easy, as each will be 
controlled by its own 4026B counter, and all the coun- 
ters and digits will be wired in basically the same way. 
This is shown in Figure 4-76. 
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Figure 4-76 The completed reflex timer barely fits on one 60- 
row breadboard. 


Experiment 19: Reflex Tester 


Notice the purple wires on the left. Each of them con- 
nects the carry output from one counter to the clock in- 
put of the next. 


The yellow wires down the right side connect all the re- 
set inputs of the counters together, so that when you re- 
set one, you reset them all. 


In the second and third counters, blue wires have been 
added to ground pin 2 of each. Remember, pin 2 is the 
clock disable pin. We never need to stop the second and 
third counters from counting, because they are com- 
pletely under the control of the first counter. When it 
stops, they stop. 


Don't forget to supply positive voltage to pin 16 (the 
power input pin) of the second counter and the third 
counter, by running a red wire across each chip, as 
shown. 


Calibration 
How do you make the circuit run at the right speed? 


Begin by substituting a 10K resistor for the 100K resistor 
on the first timer that you installed, and replace the 
3.3uF capacitor with a 47nF capacitor (0.047uF). In theo- 
ry this should create a timer frequency of 1,023Hz, which 
is very close to the 1,000Hz that you want. 


To fine-tune it, you'll have to substitute a trimmer poten- 
tiometer for one of the 10K resistors on the first timer 
that you installed. This circuit is so densely packed, 
there’s barely enough room, but | figured out a way to 
squeeze in a trimmer. This is shown in Figure 4-77, which 
is a close-up of the immediate area around the lowest of 
the three timers. 
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Figure 4-77 How to squeeze in a trimmer to enable adjustment 
of your reflex tester. 


First move the blue wires up by one row. Snake the verti- 
cal red wire around the righthand side. Extend the lead 
from the remaining 10K resistor, taking care not to allow 
it to touch any other exposed conductors. You can now 
insert a trimmer, with its wiper pin making contact with 
the positive supply and another pin connecting with pin 
7 of the timer. The third trimmer pin plugs into a vacant 
row on the breadboard, and can be ignored. 


You should use a trimmer rated at 20K or 25K and start 
with it around the middle of its range. You now have 
three options to fine-tune the circuit so that it runs at 
1kHz. 


If you happen to have a multimeter with a setting on its 
dial to measure kHz, simply ground the black meter 
probe, touch the red probe to pin 3 of the first timer that 
you installed, and turn the trimmer until the meter 
shows 1kHz. Job done! 


If you don't have a meter than measures frequency, per- 
haps you have a digital guitar tuner. They only cost a few 
dollars on eBay. Attach a loudspeaker to the output from 
the 555 timer (including a 10uF coupling capacitor and a 
47-ohm series resistor), and the tuner should tell you the 
frequency of the note being generated by the timer. 


If you don't have a suitable meter or guitar tuner, you 
can use any watch, clock, or phone that will display 
whole seconds. When the timer is running at 1kHz, the 


second counter will advance every 1/100th of a second, 
and the third counter will advance every 1/10th of a sec- 
ond. The third counter goes through 10 digits before re- 
peating, which means it will display a zero once each 
second. 


The problem is, each digit is illuminated so briefly, you'll 
have a hard time seeing precisely when the zero comes 
up. So here’s what you do. 


Cover all the segments of the slowest display except the 
segment at its bottom-right corner. This is illuminated all 
the time except when a 2 is displayed, at which point it 
blinks off. You'll have a much easier time counting the 
blinks of this single segment than if you try to recognize 
whole numbers. Adjust the trimmer potentiometer that 
you added, and gradually you should be able to syn- 
chronize the slowest display with a timekeeping device. 


Enhancements 


Whenever | finish a project, | see opportunities to im- 
prove it. Here are some ideas: 


No counting at power-up. It would be nice if the circuit 
begins in its “ready” state, rather than already counting. 
I'm going to leave you to think about this. 


Audible feedback when the red LED lights up. Not essen- 
tial, but might be a nice feature. 


A random delay interval before the count begins. Making 
electronic components behave randomly is very diffi- 
cult, but one way to do it would be to require the user to 
hold his finger on a couple of metal contacts. The skin 
resistance of the finger would determine the delay. Be- 
cause the finger pressure would not be exactly the same 
each time, the delay would vary. 


Next? 


A counter such as the 4026B is technically a logic chip. It 
contains /ogic gates that enable it to count. Every digital 
computer works on similar principles. 


Because logic is so fundamental in electronics, I’m going 
to delve into it at much greater depth, beginning with 
the next experiment. The magic words AND, OR, NAND, 
NOR, XOR, and XNOR will open a whole new world of 
digital intrigue. 


190 Make: Electronics 


Experiment 20: Learning Logic 


When you deal with logic gates individually, they're ex- 
tremely easy to understand. When you chain them to- 
gether, they become more challenging. So lIl start with 
them one at a time. 


This experiment contains a significant amount of ex- 
planation. | don't expect you to remember it all. The pur- 
pose here is to provide a store of information that you 
can refer back to, later. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
strippers, test leads, multimeter 


9-volt power supply (battery or AC adapter) 
SPDT slide switch (1) 

74HCOO quad 2-input NAND chip (1) 
74HC08 quad 2-input AND chip (1) 


Low-current LEDs (2) 


Tactile switches (2) 


LM7805 voltage regulator (1) 
Resistors: 680 ohms (1), 2.2K (1), 10K (2) 
Capacitors: 0.1uF (1), 0.33pF (1) 


The Regulator 


Logic gates are much fussier than the 555 timer or the 
4026B counter that you used previously. The versions 
that we will be using demand a precise 5VDC, with no 
fluctuations or “spikes” in the flow of current. 


This is easy and inexpensive to achieve. Just set up your 
breadboard with an LM7805 voltage regulator. It deliv- 
ers a well-controlled voltage of 5 volts if you supply it 
with a DC voltage of 7 volts or more. 


For a diagram of the regulator showing its three pin 
functions, see Figure 4-78. For a schematic showing how 
to use the regulator, see Figure 4-79. For a suggestion of 
how to place the regulator and its two capacitors at the 
top of a breadboard, to occupy minimum space, see Fig- 
ure 4-80. | have added a miniature on-off slide switch at 
top-left, and a low-current LED to show when power is 
connected. | think a visual indicator is useful to provide 
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assurance that the power is on, especially when you're 
searching for a fault in a circuit. The high-value 2.2K re- 
sistor for the LED is chosen to consume as little current 
as possible, in case you are still using a 9-volt battery as 
your power supply. 


Higher 
positive 
input 


Common 
ground 


5VDC A 


positive 
output, regulated 


Figure 4-78 Pin functions of the LM7805 voltage regulator, 
shown with the metal back facing away from you. 


9VDC 


LM7805 2 
footprint 


current 
5VDC regulated LED 


Figure 4-79 How to use the LM7805 voltage regulator. The 
capacitors are mandatory. 
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slider switch  LM7805 
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now carries 


Figure 4-80 Placing a voltage regulator at the top of a 
breadboard, to occupy minimal room while also allowing for an 
on-off slide switch and a low-current LED to show that power is 
switched on. 


Caution: Inappropriate Inputs 


DC, not AC. Remember that the LM7805 is a DC-to-DC 
converter. Do not confuse it with an AC adapter, which 
uses alternating current from an outlet in your home, 
and converts it to DC. Do not apply AC to the input of 
your voltage regulator. 


Maximum Current. The LM7805 does a wonderful job 
of maintaining its output at an almost constant voltage, 
regardless of how much current you draw through it— 
so long as you stay within its rated range. Don't try to 
pull more than one amp through the voltage regulator. 


Maximum Voltage. Although the voltage regulator is a 
solid-state device, it behaves a little like a resistor in that 
it radiates heat in the process of reducing a voltage. The 
higher the voltage you put into the regulator, and the 
more current that passes through it, the more heat it 
must get rid of. Theoretically you could use an input of 
24VDC and still get a regulated output of 5VDC, but this 
would not be a good idea. A good input range would be 
7VDC to 12VDC. 


Minimum Voltage. Like all semiconductor devices, the 
regulator delivers a voltage that is lower than its input 
voltage. This is why | suggest a minimum input of 7VDC. 


Heat Sinking. The purpose of the metal back with a 
hole in the top is to radiate heat, which it will do more 
effectively if you bolt it to a piece of aluminum, since 
aluminum conducts heat very effectively. The aluminum 
functions as a heat sink, and you can buy fancy ones 
that have multiple cooling fins. If you're not planning to 


draw more than 200mA through the regulator, a heat 
sink is unnecessary. The circuits in this book will require 
less than that. 


Usage 

When building circuits using 5-volt logic chips, you want 
5VDC to be available down the positive bus of your 
breadboard. Note very carefully that the 9-volt input to 
the circuit in Figure 4-80 is not on the positive bus, but is 
applied only to the upper pin on the voltage regulator. 
The 5VDC output from the lower pin of the voltage regu- 
lator is connected with the positive bus. 


The negative bus on the breadboard is shared by the 
voltage regulator and your external voltage supply. This 
is known as a “common ground.” 


After you install your voltage regulator, set your meter to 
measure DC volts and measure the voltage between the 
two buses on the breadboard, just to make sure. Logic 
chips will be easily damaged by incorrect or reversed 
voltage. 


Your First Logic Gate 


Now that you have your 5VDC breadboard ready, take a 
couple of tactile switches, two 10K resistors, a low-cur- 
rent LED, and a 680-ohm resistor, and set them around a 
74HCOO logic chip as shown in Figure 4-81. (Because you 
are using a low-current LED, a 680-ohm resistor is appro- 
priate.) 


You may notice that many of the pins of the chip are 
shorted together and connected to the negative side of 
the power supply. l'Il explain that in a moment. 


When you connect power, the LED should light up. Press 
one of the tactile switches, and the LED remains illumi- 
nated. Press the other tactile switch, and again the LED 
stays on. Now press both switches, and the light should 
go out. 


Pins 1 and 2 are logic inputs for the 74HCOO chip. By de- 
fault, the circuit holds them at a low voltage, being con- 
nected to the negative side of the power supply through 
10K pulldown resistors. But each pushbutton overrides 
its resistor and forces the input pin to rise near to the 
value of the 5V positive bus. 


e When an input or output associated with a 5V 
logic chip is near OVDC, we say it is /ogic-low. 
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e When an input or output associated with a 5V 
logic chip is near 5VDC, we say it is logic-high. 


+ 5VDC Regulated ES 


current 
LED 


Figure 4-81 Figuring out the logical function of the NAND gate. 


The logic output from the chip, as you saw, is normally 
high—but not if the first input and the second input are 
high. Because the chip does a “Not AND” operation, we 
say that it contains a NAND logic gate. 


Logic gates can be represented with special symbols 
that are used in a kind of schematic known as a logic dia- 
gram. The logic diagram that corresponds with the cir- 
cuit in Figure 4-81 is shown in Figure 4-82, where the U- 
shaped thing with a circle at the bottom is the logic 
symbol for a NAND gate. No power supply is shown for it 
in a logic diagram, but if you refer back to the schematic 
in Figure 4-81, the chip does in fact require power, at 
pins 7 (negative ground) and 14 (positive). This enables 
the chip to put out more current than its inputs take in. 


« Any time you see a symbol for a logic chip, re- 
member that it needs power to function. 


The 74HC0O0 chip actually contains four separate NAND 
gates, each of which has two logical inputs and one out- 
put. They are arrayed as shown in Figure 4-83, in the dia- 
gram on the right. Because only one gate was needed 
for the simple test, the input pins of the unused gates 
were shorted to the negative side of the power supply, 
to stop them from floating. 
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Figure 4-82 A logic diagram can be easier to understand than a 
schematic showing a logic chip. 


7408 
Quad 2-input AND 


7400 
Quad 2-Input NAND 


Figure 4-83 The arrangement of gates inside two logic chips. 


Many logic chips are interchangable. In fact, let's try that 
right now. First, disconnect the power. Carefully pull out 
the 74HC00 and put it away with its legs embedded in 
conductive foam (or aluminum foil, if you don't have any 
foam). Substitute a 74HC08 chip, which is an AND chip. 
Make sure you have it the right way up, with its notch at 
the top. Reconnect the power and use the pushbuttons 
as you did before. This time, you should find that the 
LED comes on if the first input AND the second input are 
both positive, but it remains dark otherwise. Thus, the 
AND chip functions exactly opposite to the NAND chip. 
Its pinouts are shown in Figure 4-83, on the left. 


You may be wondering why these things are useful. 
Soon you'll see that we can put logic gates together to 
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Fig. 9-8. The completed project. 


That's all there is to it. One of these devices is in use at a local 
radio station. (Opening the throttle on a 30-kW diesel generator 
until the fluorescent lights fire is not the best way to set engine 
speed!) Try one for Field Day. See Fig. 9-12. 


THE SUPER CLOCK 
Here is a really unique digital clock. Using the Cal-Tex 
CT7001 MOS/LSI integrated circuit gives you a 12 or 24 hour 
clock, four year calendar, 24 hour alarm, 9 hour 59 minute timer, 
50/60 Hz operation, failsafe battery operation, and will drive either 
common cathode or common anode seven segment LEDs. The 
basic circuit is built on a PC board only 3.3” by 5” and will fit in 
Radio Shack’s wood grain utility cabinet. By using a larger enclo- 
sure, a back-up battery pack may be added, along with a relay to 
operate external loads with the timer. Construction cost should be 
around forty dollars with careful shopping. 

The schematic shown in Fig. 9-13 is adapted from both the 
Cal-Tex and Radio Shack data sheets, plus my own ideas from past 
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do things such as create an electronic combination lock, 
or a pair of electronic dice, or a computerized version of 
a TV quiz show where users compete to answer a ques- 
tion. If you were insanely ambitious, you could build an 
entire computer out of logic gates. A hobbyist named 
Bill Buzbee actually built a web server from vintage logic 
chips—see Figure 4-84, 
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Figure 4-84 This computer motherboard hand-made by Bill 
Buzbee is built from 74xx series logic chips, and functions as the 
hearts of a web server. 


Background: Logical Origins 


George Boole was a British mathematician, born in 1815, 
who did something that few people are ever lucky 
enough or smart enough to do: he invented an entirely 
new branch of mathematics. 


Interestingly, it was not based on numbers. Boole had a 
relentlessly logical mind, and he wanted to reduce the 
world to a series of true-or-false statements that could 
overlap in interesting ways. 


Venn diagrams, conceived around 1880 by a man 
named John Venn, can be used to illustrate some logical 
relationships of this type. Figure 4-85 shows the simplest 
possible Venn diagram, where | have established one 
very large group (all the creatures in the world) and have 
defined a subgroup (consisting only of those creatures 
that live in the water). The Venn diagram illustrates that 
all creatures that live in water also live in the world, but 
only a subset of creatures in the world live in the water. 


Creatures 


that live in 
the water 


Creatures 
in the world 


Figure 4-85 The simplest possible relationship between a group 
and the larger world that contains it. 


Now l'Il introduce another group: creatures that live on 
land. But wait—some creatures are able to live on both 
land and water. Frogs, for instance. These amphibians 
are members of both groups, and | can show this with 
another Venn diagram in Figure 4-86, where the groups 
overlap. 


Creatures 
that live 
on the land 


Amphibians 


Creatures 
that live in 
the water 


Creatures 
in the world 


Figure 4-86 This Venn diagram is a way of showing that some 
creatures in the world live on land, some live in water, and some 
inhabit both land and water. 


However, not all groups overlap. In Figure 4-87 | have 
created one group of creatures with hooves, and anoth- 
er group of creatures with claws. Are there any creatures 
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that have hooves and claws? | don't think so. | could ex- 
press this by creating a truth table, as in Figure 4-88. 


Creatures 
with hooves 


Creatures 
with hooves 
and claws? 


Creatures 
with claws 


Creatures 
in the world 


Figure 4-87 Some subgroups do not overlap. | don't think any 
creatures have claws as well as hooves. 


pes re eis re Urs 
aly i n combination 
| can be 
hooves claws 
NO NO TRUE 
NO YES TRUE 
YES NO TRUE 
YES YES FALSE 


Figure 4-88 The simplest form of a truth table tabulates the 
validity of pairs of inputs, each of which can have one of two 
states. 


A NAND gate could be used to represent this table, be- 
cause its pattern of inputs and outputs is exactly the 
same, as shown in Figure 4-89, 
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If NAND And if NAND Then NAND 
input A is: input B is: output will be: 
LOW LOW HIGH 
LOW HIGH HIGH 
HIGH LOW HIGH 
HIGH HIGH LOW 


Figure 4-89 This truth table for a NAND gate has exactly the 
same pattern as the previous table. 


Beginning with these very simple concepts, Boole devel- 
oped his logic language to a very high level. He publish- 
ed a treatise on it in 1854, long before it could be ap- 
plied to electrical or electronic devices. In fact, during his 
lifetime, his work seemed to have no practical applica- 
tions at all. But a man named Claude Shannon encoun- 
tered Boolean logic while studying at MIT in the 1930s, 
and in 1938 he published a paper describing how 
Boolean analysis could be applied to circuits using re- 
lays. This had immediate practical applications, as tele- 
phone networks were growing rapidly, creating compli- 
cated switching problems. 


A very simple telephone problem could be expressed 
like this. Long ago, it was common for two customers liv- 
ing in separate homes in a rural area to share one tele- 
phone line. If one of them wanted to use the line, or the 
other wanted to use it, or neither of them wanted to use 
it, there was no problem. But they could not both use it 
simultaneously. Once again, this is the same logical pat- 
tern as described in Figure 4-89, if we interpret “high” to 
mean that one person wants to use the line, and “low” 
meaning that the person doesn't want to use it. 


But now there’s an important difference. The NAND gate 
doesn't just illustrate the network. Because the tele- 
phone network uses electrical states, a NAND gate can 
control the network. (Actually, in the early days of net- 
works, everything was done by relays; but an assembly 
of relays can still function as a logic gate.) 


After Shannon application of Boolean logic to the tele- 
phone system, the next step was to see that if you used 
an “on” condition to represent numeral 1 and an “off” 
condition to represent numeral 0, you could build a sys- 
tem of logic gates that could count. And if it could 
count, it could do arithmetic. 
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When vacuum tubes were substituted for relays, the first 
practical digital computers were built. Then transistors 
took the place of vacuum tubes, and integrated circuit 
chips replaced transistors, leading to the desktop com- 
puters that we now take for granted. But deep down, at 
the lowest levels of these incredibly complex devices, 
they still use the laws of logic discovered by George 
Boole. 


Incidentally, when you use a search engine online, if you 
use the words AND and OR to refine your search, you're 
actually using Boolean operators. 


Fundamentals: Logic Gate Basics 


The NAND gate is the most fundamental building block 
of digital computers, because you can do addition sums 
using nothing but NANDs. If you want to learn more 
about this, search online for topics such as “binary arith- 
metic” and “half-adder.” You can also find circuits that do 
addition sums using logical operators in my book Make: 
More Electronics. 


Generally, there are seven types of logic gates: 
AND, NAND, OR, NOR, XOR, XNOR, NOT 


Their names are usually printed entirely in capital letters. 
Of the first six, XNOR is hardly ever used. 


All of the gates have two inputs and one output, except 
for the NOT gate, which has only one input and one out- 
put, and is more often referred to as an inverter. If it has a 
high input, it gives a low output, and if it has a low input, 
it gives a high output. 


Symbols that represent the seven types of gates are 
shown in Figure 4-90. Notice that the little circles at the 
bottom of some of the gates invert the output. (These 
circles are called bubbles.) Thus, the output of a NAND 
gate is the inverse of an AND gate. 


Outputs 


Figure 4-90 Symbols for the six two-input logic gates, plus the 
NOT gate. 


What do | mean by “inverse”? This should become clear 
if you look at the truth tables for logic gates that | have 
drawn in Figure 4-91, Figure 4-92, and Figure 4-93. In 
each of the tables, two inputs are shown on the left fol- 
lowed by an output on the right, with red meaning a 
high-logic state and blue meaning a low-logic state. 
Compare the outputs of each pair of gates, and you'll 
see how the patterns are inverted. 


Figure 4-91 The inputs shown on the left produce the outputs 
shown on the right. 


Figure 4-92 The inputs shown on the left produce the outputs 
shown on the right. 
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Figure 4-93 The inputs shown on the left produce the outputs 
shown on the right. 


Background: The Confusing World of 
TTL and CMOS 


Back in the 1960s, the first logic gates were built with 
transistor-transistor logic, abbreviated TTL, meaning 
that tiny bipolar transistors were etched into a single 
wafer of silicon. Soon, these were followed by comple- 
mentary metal oxide semiconductors, abbreviated 
CMOS. The 4026B chip that you used in Experiment 19 is 
an old CMOS chip. 


You may remember that bipolar transistors amplify cur- 
rent. Thus, TTL circuits require a significant flow of elec- 
tricity to function. But CMOS chips are voltage-sensitive, 
enabling them to draw hardly any current while they are 
waiting for a signal, or while they are pausing after emit- 
ting a signal. 


The table in Figure 4-94 summarizes the original advan- 
tages and disadvantages of the two types of chips. The 
CMOS series, with part numbers from 4000 upward, 
were slower and more easily damaged by static electrici- 
ty, but were valuable because of their meager power 
consumption. The TTL series, with part numbers from 
7400 upward, used much more power but were less sen- 
sitive and very fast. So, if you wanted to build a comput- 
er, you used the TTL family, but if you wanted to build a 
little gizmo that would run for weeks on a small battery, 
you used the CMOS family. 
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TTL CMOS 
7400 series 4000 series 
(Later used (Later used 
CMOS) 7400 
numbering) 
Vulnerable 
to static /,’ Less More? 
electricity 4” 
Speed © Faster Slower? 
Power i : 
High Very L 
Consumption € gner o 
Power Narrow Wider 
Supply Range A|II 5v 5V- 15V? 
LEUE AAVA L Very High 
Impedance pd Mie 


Figure 4-94 In this table comparing early CMOS and TTL chips, 
the CMOS attributes with a question mark were eventually 
reconciled with the TTL attributes. 


From this point on everything became confusing, be- 
cause CMOS manufacturers wanted to grab market 
share by emulating the advantages of TTL chips. Newer 
generations of CMOS chips even changed their part 
numbers to begin with “74” to emphasize their compati- 
bility, and the functions of pins on CMOS chips were 
swapped around to match the functions of pins on TTL 
chips. The voltage requirements of CMOS were also 
changed to match TTL. 


Today, you can still find some of the old TTL chips 
around, especially in the LS series (with part numbers 
such as 74LS00 and 74LS08). However, they have be- 
come uncommon. 


It's more common to find the 4000 series CMOS chips— 
such as the 4026B that you used in the previous experi- 
ment. They are still being made because their wide 
range of acceptable power-supply voltages is useful. 


Over the years, CMOS chips became faster and less vul- 
nerable to static electricity, which explains why | added a 
question mark in these categories in Figure 4-94. 
Modern CMOS chips also mostly reduced their maxi- 
mum power supply voltages to 5VDC—which is why | 
added a question mark in this category, too. 
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The situation can be summed up like this: 


e Any logic chips still available in the old 4000 
series will have the features | have listed in Fig- 
ure 4-94, You are quite likely to find a use for the 
4000 series of chips. 


e You are unlikely to use old TTL chips in the 7400 
series, because they have no significant advan- 
tages. 


You may still find schematics that specify 74LSxx chips. 
You can substitute the 74HCTxx chips, which are de- 
signed to function identically. 


The 74HCxx generation is by far the most popular in 
through-hole format. They have the high input impe- 
dance of CMOS, which is useful, and they are cheaper 
than some of the more modern, exotic versions. All of 
the logic chips in this book are of the HC type. 


Now for the part numbering. Where you see a letter “x” 
in the list that follows, it means that various letters and 
numbers may appear in that location. Thus “74xx” in- 
cludes the 7400 NAND gate, the 7402 NOR gate, the 
74150 16-bit data selector, and so on. A combination of 
letters preceding the “74” identifies the chip manufac- 
turer, while letters following the part number may iden- 
tify the style of package, may indicate whether it con- 
tains heavy metals that are environmentally toxic, and 
other details. This is explained visually in Figure 4-3. 


Here’s the history of the TTL family: 
e 74xx: The old original generation, now obso- 
lete. 


e 74Sxx: Higher speed “Schottky” series, now ob- 
solete. 


e 74LSxx: Lower power Schottky series, still used 
occasionally. 


The CMOS family: 


e 40xx: The old original generation, now obso- 
lete. 


e 40xxB: The 4000B series was improved but still 
susceptible to damage from static electricity. 
These chips are still commonly used, especially 
in hobby-electronics applications. 


e 74HCxx: Higher-speed CMOS, with part num- 
bers matching the TTL family, and pinouts 
matching the TTL family. I’ve used this genera- 
tion extensively in this book, because it’s widely 
available, and the circuits here have no need for 
greater speed or power. 


74HCTxx: Like the HC series but matching the 
old TTL standard for maximum and minimum 
logic-low and logic-high voltages, respectively. 


e 74xx series with other letters in the middle of 
the part number: More modern, faster, usually 
surface-mount, often designed for lower oper- 
ating voltages. 


What You Don’t Need 


Speed differences are irrelevant from our point of view, 
as we're not going to be building circuits running at mil- 
lions of cycles per second. 


Price differences between chip families are usually mi- 
nor when purchased in low quantities. 


Lower-voltage chips are not appropriate for our purpos- 
es, as they are almost all surface-mount format, and we 
would have to create a lower-voltage power supply. Be- 
cause surface-mount chips are so much more difficult to 
deal with, and their only major advantage is miniaturiza- 
tion, | won't be using them. Through-hole equivalents 
have the same logic functions. 


Fundamentals: Part Numbers and 
Functions 

The interior connections of currently available through- 
hole 14-pin logic chips in the HC series are shown in Fig- 
ure 4-83, Figure 4-95, Figure 4-96, Figure 4-97, Fig- 
ure 4-98, Figure 4-99, Figure 4-100, and Figure 4-101. 
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7432 7402 744075 1427 
Quad 2-Input OR Quad 2-Input NOR Triple 3-input OR Triple 3-input NOR 
Figure 4-95 Standardized configuration of gates in the 74xx Figure 4-98 Standardized configuration of gates in the 74xx 
family of logic chips. family of logic chips. 


1486 747266 /421 7420 


Quad 2-Input XOR Quad 2-Input XNOR Dual 4-input AND DUal 4-Input NAND 
Figure 4-96 Standardized configuration of gates in the 74xx Figure 4-99 Standardized configuration of gates in the 74xx 
family of logic chips. family of logic chips. 


7411 7410 144002 7404 


Triple 3-Input AND Triple 3-Input NAND Dual 4-Input NOR Hex Inverter 
Figure 4-97 Standardized configuration of gates in the 74xx Figure 4-100 Standardized configuration of gates in the 74xx 
family of logic chips. family of logic chips. 
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7430 744078 
Single 8-input NAND Single 8-input OR and NOR 


Figure 4-101 Standardized configuration of gates in the 74xx 
family of logic chips. 


All the part numbers in these chips are shown in their 
minimal form. Thus the 7400 chip may have actual part 
numbers such as 74HC00, 74HCTOO, and so on, and will 
be preceded and followed by other letter codes; but it is 
generically referred to as a 7400 chip, so that's how | 
present it here. 


It's very important to check the pin functions of logic 
chips against the diagrams here or a manufacturer's da- 
tasheet before using them. Interior connections may 
seem to follow similar patterns, but there are exceptions. 


Fundamentals: Rules for Connecting 
Logic Gates 


Permitted: 


e You can connect the input of a gate directly to 
your regulated power supply, either positive 
side or negative side. 


You can connect the output from one gate di- 
rectly to the input of another gate. 


The output from one gate can power the inputs 
of many other gates (this is known as “fanout”). 
The exact ratio depends on the chip, but in the 
74HCxx series, you can always power at least 
ten inputs with one logic output. 


The output from a logic chip can drive the trig- 
ger (pin 2) of a 555 timer, so long as the timer 
shares the same 5VDC power supply. 


e Low input doesn't have to be zero. A 74HCxx 
logic gate will recognize any voltage up to 1 
volt as “low.” 


e High input doesn't have to be 5 volts. A 74HCxx 
logic gate will recognize any voltage above 3.5 
volts as “high” 


The acceptable ranges for inputs, and the minimum 
guarantees for outputs, are shown in Figure 4-102. 


Each input pin will not sink or source more than 1uA 
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Output values are only valid for output current 
ranging from 4mA (source) to 4mA (sink). 


Figure 4-102 To avoid errors, stay within the recommended 
input ranges for logic chips. 


Not permitted: 


« No floating inputs! On CMOS chips, such as the 
HC family, you must always connect all input 
pins with a known voltage. This includes the in- 
put pins of gates that are unused on a chip. 


« Any single-throw switch or pushbutton should 
be used with a pullup or pulldown resistor, so 
that when the contacts are open, the input to 
the chip is not floating. 
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Don’t use an unregulated power supply, or 
more than 5 volts, or less than 5 volts, to power 
74HCxx logic gates. 


Be careful when using the output from a 
74HCxx logic chip to power an LED. You can 
draw as much as 20mA from the chip, but this 
will pull down the output voltage. If you are al- 
so connecting that voltage to the input of a sec- 
ond chip, the voltage may be pulled down so 
much by the LED that the second chip doesn't 
recognize it as “high” anymore. Generally, try 
not to use a logic output to power an LED at the 
same time as another logic chip. Always check 
currents and voltages when modifying a circuit 
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the computer can be switched on. I'll call it a “combina- 
tion lock,” even though it won't actually lock anything. It 
will disable the power-on button that you normally use 
to switch on your computer. 


Caution: The Warranty Issue 


If you follow this project all the way to its conclusion, 
you'll open your desktop computer, cut a wire, and in- 
sert your own little circuit. You won't be going near any 
of the boards inside the computer, and you will only ac- 
cess the wire to the computer's “power on” button, but 
still, if you bought your computer new, you will void 
your warranty. | don't take this too seriously, myself, but 
if that makes you uneasy, here are three options: 


or designing a new one. 


Throughout this book, | am using low-current 
LEDs in conjunction with logic-chip outputs, 
because | think this is a good habit to acquire, in 
case an Output powering an LED is also used as 
a logic input for another chip at some point in 
the future. 


Never apply a significant voltage or current to 
the output pin of a logic gate. In other words, 
don't force an output into another output. 


For this reason, don't tie the outputs together 
from two or more logic gates. 


So much for the dos and don'ts. Now it’s time for your 
first real logic-chip project. 


Experiment 21: A Powerful 
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Suppose you want to prevent other people from using 
your computer. | can think of two ways to do this: using 
software, or using hardware. The software would be 
some kind of startup program that intercepts the normal 
boot sequence and requests a password. It would be a 
little more secure than the password protection that is a 
standard feature of Windows and Mac operating sys- 
tems. 


You could certainly do it that way, but | think it would be 
more fun (and more relevant to this book) to do it with 
hardware. What I’m imagining is a numeric keypad re- 
quiring the user to enter a secret combination before 


Breadboard the circuit for fun, and leave it at 
that. 


Use the circuit on some other device. 


Use it on an old computer. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


9-volt power supply (battery or AC adapter) 
Low-current LED (1) 

Generic LED (1) 

LM7805 voltage regulator (1) 

74HC08 logic chip (1) 

555 timer chip (1) 

2N2222 transistor (1) 

DPDT 9VDC relay (1) 

Diodes: 1N4001 (1), 1N4148 (3) 


Resistors: 330 ohms (1), 470 ohms (1), 1K (1), 
2.2K (1), 10K (6), 1M (1) 

Capacitors: 0.01uF (1), 0.1uF (1), 0.33 uF (1), 10uF 
(2) 


Tactile switches (8) 


Optional: Tools to open your computer, drill 
four holes, and make saw cuts between the 
holes, to create a rectangular opening for the 
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keypad (if you want to take this project to its 
conclusion). Also, four small bolts to attach the 
keypad to the computer cabinet after you cre- 
ate the opening for it 


A Three-Part Circuit 


The entire breadboarded circuit is shown in Fig- 
ure 4-107, but before you start to build it, let's take a 
look at the schematics. 


The circuit is divided into three sections: 


1. Power supply and three dummy pushbuttons. 
2. Active pushbuttons and logic. 
3. Output. 


The schematic in Figure 4-103 shows part 1. This is sim- 
ple enough. When you press button A, this supplies 
9VDC to the voltage regulator, which delivers 5VDC 
down the lefthand bus. The button also supplies 9VDC 
down a magenta-colored wire on the right, for reasons 
which l'Il get to in a moment. 


In addition you will notice buttons B, C, and D, any one 
of which makes a connection with negative ground. 


o 9VDC D 
E A r 


To logic chips 
power input _ 
pins 


9VDC 


5VDC 


AN 


Wy, Low-current LED 


(a E ©L 


SVDC 


Figure 4-103 The top section of the circuit. 


Now take a look at Figure 4-104, which shows the center 
section of the circuit using logic symbols. Imagine this 
attached to the top part of the circuit in Figure 4-103. 
Each of the buttons E through H can supply positive 
voltage to an AND gate, whose lefthand input is normal- 


ly held low through a 10K pulldown resistor. The output 
from each gate feeds an input of the next gate. 


5VDC = 
y 5 
10K 
svoo  —L © | ANA 
1N4148 
soc  —L © 
5VDC 
1N4148 | 
sc  —L o 


Figure 4-104 The middle section of the circuit, using logic 
symbols. 


Lastly, Figure 4-105 shows the bottom section of the cir- 
cuit, where the output from the last of the AND gates ac- 
tivates a transistor, which triggers a 555 timer. The timer 
controls a relay, and the relay will be used to lock and 
unlock your computer (or any other device that uses a 
simple on-off button). 
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9VDC 


To computer 


Figure 4-105 The bottom section of the circuit. 


How It Works 


| have set this up so that you have to hold down button 
A to activate the circuit, and you have to continue press- 
ing it while you enter a secret sequence on the pushbut- 
tons. This satisfies two purposes: the circuit draws no 
power while you're not using it, and you can't leave it 
switched on by mistake. 


The secret sequence consists of pressing buttons E, F, G, 
and H in that order, while you are holding down button 
A. Of course if you actually install the circuit, you can 
scramble the positions of the buttons. | laid them out 
like this on the breadboard for the sake of simplicity. 


Suppose you are holding down button A, and you press 
button E as the first in the sequence to unlock the cir- 
cuit. In Figure 4-104 you can see that button E conducts 
5 volts directly to the left input of the first AND gate. This 
overcomes the pulldown resistor, so the left input is now 
logic-high. 


The righthand input of the AND gate is being held high 
through a 10K resistor. So, now both inputs of the AND 
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gate are high, and consequently its output changes 
from low to high. 


Current from the output circulates around through a di- 
ode, to the lefthand input. Consequently, you can let go 
of button E, and the output from the AND gate will 
maintain the lefthand input in a high state. The gate has 
latched itself, like the relay in Experiment 15. It is able to 
do this because it has its own power supply (not shown 
in the logic schematic) which sustains the output volt- 
age regardless of small reductions in the input voltage. 


The high output from the first AND gate also connects 
with the righthand input of the second AND gate. Now 
that the second AND gate has a high righthand input, if 
you press the button to pull up the lefthand input, the 
output from the second AND gate goes high. Note that 
the button wouldn't have worked before, because you 
needed a high output from the first AND gate to feed 
the second AND gate. 


e After you press each button, the AND gate be- 
side it latches itself, and you can release the 
button. 


e You have to press the buttons in sequence. If 
you press four buttons out of sequence, noth- 
ing happens. 


e You have to hold down button A throughout 
the whole procedure. 


Now take a look at buttons C, D, and E. What happens if 
you press any of these buttons while you are entering 
the code to unlock the circuit? Any of the buttons will 
pull down the voltage on the righthand input of the first 
AND gate. Consequently, the output from the AND gate 
will go low. If the gate had latched itself, it comes un- 
latched. Moreover, the low output from the first AND 
gate will unlatch the second AND gate, and the low out- 
put from the second AND gate will unlatch the third 
AND gate. 


Any of buttons C, D, and E will reset the whole circuit. | 
included them just to make entering the correct combi- 
nation more difficult. Naturally | am assuming that if you 
install this system, all the buttons will look the same. 


More than One Button? 


What if someone presses more than one button simulta- 
neously (while holding down button A)? The results will 
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be unpredictable. If all the buttons E, F, G, and H are 
pressed together, the relay will be activated—except 
that if any of the buttons B, C, or D is also pressed, this 
will stop anything from happening. The possibility of si- 
multaneous button presses can be seen as a flaw in this 
circuit, but the chance of someone pressing A, E, F, G, 
and H while not pressing B, C, or D is small. To reduce 
this risk further, you could add more “reset” buttons in 
parallel with B, C, and D. 


Triggering the Relay 


Suppose you enter the correct combination. The last 
AND gate applies about 5 volts to the base of transistor 
in Figure 4-105. The transistor turns on and starts con- 
ducting. This reduces the resistance between pin 2 of 
the 555 timer and negative ground, so the voltage on 
pin 2 is pulled down, and the timer is triggered. 


The timer is being powered by 9 volts, which reaches it 
down the magenta-colored wire on the right. The timer 
output should be sufficient to activate the relay. Now 
see what the relay does: its righthand set of contacts 
provides an alternate source of power to the 9-volt bus. 


So long as the pulse from the 555 timer continues, it 
holds the relay contacts closed. So long as the relay is 
closed, it powers the circuit—including the timer. Yes, 
the timer is energizing the relay, and the relay is power- 
ing the timer. 


You can let go of button A now, and the relay will remain 
latched, so long as the pulse from the timer lasts. The 
pulse will end after about 30 seconds, cutting off power 
to the relay, so its contacts open. This turns off the timer, 
and also the rest of the circuit. The circuit now consumes 
no power at all. 


The set of contacts on the left side of the relay are in- 
tended to provide power for the “on” button on your 
computer. So, during the brief time while the timer ener- 
gizes the relay, you'll be able to switch on your comput- 
er. The rest of the time, the “on” button won't work. 


The Logic Chip 


Now take a look at Figure 4-106. This is the center sec- 
tion of the circuit, redrawn with an actual 74HC08 logic 
chip containing four two-input AND gates. It performs 
exactly the same function as the logic schematic in Fig- 
ure 4-104. You can compare the two schematics to see 
how their functions are identical. The big difference is 


that the circuit showing the chip tells you how the com- 
ponent actually has to be installed—but, you are likely 
to find this diagram much harder to understand. Logic 
diagrams have their uses. 


10K 


9VDC 


All diodes 
1N4148. 


Figure 4-106 The middle section of the circuit, showing actual 
components. 


Time to Build! 


The fully breadboarded circuit is shown in Figure 4-107. 
For this project, you cannot really test it in stages; you 
have to build the whole thing. Component values are 
shown in Figure 4-108. 
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Figure 4-107 The complete breadboarded circuit for the 
electronic combination lock. 
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current 
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Quantity: 8 


Generic 
Green LED 


1N4001 


Figure 4-108 The component values for the breadboard layout. 
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Setup 


Be careful to keep the two voltages in this circuit sepa- 
rate from each other. The 5VDC supply is insufficient to 
operate the relay, but 9VDC will burn out your logic chip. 
The lefthand bus on the breadboard is for the 5VDC sup- 
ply. Unswitched 9VDC is taken down to the relay by the 
brown wire on the left of the breadboard in Fig- 
ure 4-107. The purple or magenta wires on the right car- 
ry 9VDC, which is switched on either by button A or by 
the righthand relay contacts. 


e Brown indicates the unswitched 9VDC supply 
from a battery or AC adapter. 


e Magenta or purple is the 9VDC supply, which is 
switched, either by the relay or the button la- 
belled A. 


e Red is 5VDC, delivered by the voltage regulator. 


After you build the circuit, attach your 9VDC power sup- 
ply and hold down button A. The red LED comes on, but 
nothing else happens. 


While you continue to hold down button A, press and 
release each of the buttons labeled E, F, G, and H in suc- 
cession, from top to bottom. When you complete the se- 
quence, the green LED comes on, showing that the relay 
has closed and you successfully unlocked the circuit. 


Let go of button A, and the LED should stay on for about 
30 seconds before the circuit automatically switches it- 
self off. During this 30-second period, if this circuit is in- 
stalled in your computer, you will have the opportunity 
to start the computer. 


After the circuit switches itself off, it consumes no power 
at all. You can run it with a 9-volt battery, and the battery 
should literally last for years. 


Try holding the power button again, and press the same 
buttons in a different sequence. Also, try including some 
of the buttons labeled B, C, and D. The green LED will 
not light up, and the relay will not be activated. 


Suppose you install a finished version of this circuit. To 
crack the code, someone will have to know: 


e You have to hold down button A while entering 
the correct sequence. 


« If you press an incorrect button, the code must 
be re-entered from the start. 


« Only buttons E, F, G, and H are active, and they 
must be pressed in that order. 


That seems a very secure arrangement, to me. But if you 
want even more security, you can always add more but- 
tons! 


Testing 


Set your meter to measure continuity, and attach its 
probes (using alligator test leads) to the lefthand output 
from the relay that is labeled “To Computer” in Fig- 
ure 4-105. These two wires do not carry any voltage, so 
you need your meter in continuity-test mode to verify 
that the contacts inside the relay have closed. 


Enter the correct combination of buttons, and the meter 
should beep. Let go of button A, and the meter should 
continue to beep while the 555 timer energizes the re- 
lay. At the end of the timer cycle, the relay opens and 
the meter stops beeping. 


You can reconfigure your meter to measure current and 
insert it between the positive side of your battery and 
the 9VDC supply entry point on the breadboard. The 
meter should show no power consumption until button 
A is pressed. 


Dealing with Diodes 


This circuit contains two types of latching. The system 
for latching the relay is unusual but satisfies the require- 
ment that the circuit should consume zero current when 
it is not being used. The system by which the AND gates 
latch themselves is another matter. 


The fourth AND gate doesn't need to latch, because only 
a brief pulse (from button H) is needed to start the timer. 
But the first three AND gates have to latch, to keep their 
outputs positive after you release each of the buttons E, 
F, and G. The diodes take care of this by feeding current 
from gate outputs back to their inputs. 


Can you see any problem with this? Remember that a di- 
ode takes about 0.7 volts. Remember that a logic gate 
has to distinguish clearly between a high state and a low 
state on its inputs. If you start to sprinkle diodes through 
a logic circuit without keeping careful track of voltages, 
you may end up with a logic gate that doesn't recognize 
an input that is supposed to be high. This is the same is- 
sue that | was concerned about in Experiment 15, where 
a voltage reduced by a transistor followed by a diode 
might have failed to trigger a relay. 
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When in doubt, verify voltages with your meter and 
check back to the input specifications illustrated in Fig- 
ure 4-102. 


In the combination-lock circuit that I’ve shown here, the 
output from each of the first three AND gates only circu- 
lates back through one diode to the input of the gate, so 
there's no reason why this should not work reliably. Just 
bear in mind that you have to exercise care and discre- 
tion when mixing diodes with logic chips. 


Perhaps this makes you wonder— if a diode isn't the for- 
mally correct method to make a logic gate latch itself, 
what ¡s the ideal way to do things? 


One option might seem to be, replace each diode with a 
piece of wire, to feed the signal back to the gate input. 
What are the diodes really for, anyway? 


They serve an important purpose. lf a diode was re- 
placed with a piece of wire, the positive voltage being 
applied through a pushbutton could also flow through 
that wire, down and around to the output of the logic 
gate. 


e It is absolutely not a good idea to push voltage 
into any output of a gate. 


The correct option for latching a logic state in a circuit is 
with a flip-flop. Previously | have used a 555 timer wired 
in bistable mode as a flip-flop, because we were already 
working with timers, and | wanted to demonstrate this 
application. But in this circuit, it wouldn't make sense to 
add four 555 timers just to serve that function. You can 
buy chips containing several flip-flops, and you can also 
make a flip-flop by combining two NAND gates or two 
NOR gates, as | will show you in Experiment 22. 


For this little circuit creating a combination lock, | want- 
ed to minimize the chip count and the complexity. Di- 
odes were the simplest, easiest way to achieve this. 


Questions 


The output from the fourth AND gate was a single posi- 
tive pulse. Why didn't | use that to activate the relay di- 
rectly, instead of introducing a timer? 


One reason is that the relay draws an initial surge of cur- 
rent exceeding the maximum 20mA that an AND gate 
can supply. Also of course | wanted a fixed-length pulse 
from the timer. 
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All right, but why did | add a transistor to the circuit? Be- 
cause the AND gate gives a positive pulse, and the timer 
needs a negative transition on its trigger pin. The tran- 
sistor provided a way to convert a positive to a negative. 
Adding a NOT gate (that is, an inverter) could have 
achieved the same goal, but would have increased the 
chip count. 


In that case, why didn't | use NAND gates instead of AND 
gates? A NAND has a normally positive output that goes 
low when both of its inputs are high. That seems to be 
exactly what the 555 timer wants. With a NAND gate, | 
could have omitted the transistor. 


This is true, but the preceding AND gates require posi- 
tive outputs to feed back and sustain their positive in- 
puts. So, | must retain those AND gates for the first three 
pushbuttons. | could only substitute a NAND gate for the 
last one, to create the right output for the timer. This 
means you would have still needed the 74HC08 chip, 
and you would have had to add a 74HC0O0 chip, just to 
use one of its gates. A transistor is easier and takes less 
room. 


Here's another question. Why did | include two LEDs in 
the circuit? Because when you're punching buttons to 
unlock your computer, you need to know what's going 
on. The Power On LED reassures you that your battery 
isn't dead. The Relay Active LED tells you that the system 
is now unlocked, in case you are unable to hear the relay 
click. 


Lastly, the big question: how can you actually install this 
circuit in a computer, assuming you are willing to give 
that a try? It's a lot easier than it sounds, as | will explain. 


The Computer Interface 


First, make sure you have wired the combination lock 
circuit correctly. A single wiring error can cause your cir- 
cuit to deliver 9VDC through the lefthand relay contacts 
instead of merely closing a switch. This is important! 


To make absolutely sure, change your meter to measure 
volts DC, and enter the correct combination on the tac- 
tile switches. If the green LED lights up but your meter 
measures no voltage, this is good. Anything else, and 
you have a wiring error. 


Now let's consider how your computer normally func- 
tions when you want to switch it on. 
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Old computers used to have a big switch at the back, at- 
tached to the heavy metal box inside the computer that 
transformed house current to regulated DC voltages 
that a computer needs. Most modern computers are not 
designed this way; you leave the computer plugged in, 
and you touch a little button on the front of the comput- 
er (if it’s not a Mac) or the keyboard (if it is a Mac). The 
button is connected by an internal wire to the mother- 
board. 


This is ideal from our point of view, because we don't 
have to mess with high voltages. Inside your computer, 
don't even think of opening that metal box with the fan 
mounted in it, containing the computer power supply. 
Just look for the wire that runs from the “power up” but- 
ton to the motherboard. Most often this wire will con- 
tain just two conductors, but on some computers it will 
be part of a ribbon cable. The key is to look at the con- 
tacts for the pushbutton, which will be attached to the 
conductors that you want. 


First make sure that your computer is unplugged, ground 
yourself (because computers contain CMOS chips that 
are sensitive to static electricity), and very carefully snip 
just one of the two conductors from the pushbutton. 
Now plug in your computer and try to use the “power 
up” button. If nothing happens, you've probably cut the 
right wire. Even if you cut the wrong wire, it still preven- 
ted your computer from booting, which is what you 
want, so you can use it anyway. 


Remember, we are not going to introduce any voltage to 
this wire. We're just going to use the relay as a switch to 
reconnect the conductor that you cut. You should have 
no problem if you maintain a cool and calm demeanor, 
and look for that single wire that starts everything. 
Check online for the maintenance manual for your com- 
puter if you're really concerned about making an error. 


After you find the wire and cut just one of its conduc- 
tors, keep your computer unplugged during the next 
steps. 


Find where the wire attaches to the motherboard. Usual- 
ly there's a small unpluggable connector. First, mark it so 
that you know how to plug it back in the right way 
around. Better still, photograph it. Then disconnect it 
while you follow the next couple of steps. 


Strip insulation from the two ends of the wire that you 
cut, and solder an additional piece of two-conductor 


wire, as shown in Figure 4-109, with heat-shrink tubing 
to protect the solder joints. (This is very important!) 


Power Up —» 
button on 
computer 


Heat-shrink tubing 
(not yet shrunk) 


To your 
latching —— 
relay >= 
Solder Va 


joints 


Connector 


x 


Figure 4-109 The combination lock project can be interfaced 
with a typical desktop computer by cutting one conductor in the 
wire from the “power up” pushbutton, soldering an extension, and 
covering the joints with heat-shrink tubing. 


Run your new piece of wire to the relay, making sure you 
attach it to the pair of contacts that close, inside the re- 
lay, when it is energized by the unlocking operation. You 
don't want to make the mistake of unlocking your com- 
puter when you think you're locking it, and vice versa. 


Reconnect the connector that you disconnected from 
your motherboard, plug in your computer, and press the 
computer's “start” button. If nothing happens, this is 
good! Now enter the secret combination on your key- 
pad (while holding down the power button to provide 
battery power) and watch for the green LED to light up. 
Now try the “start” button again, and everything should 
work—so long as you press the button within the 30 
seconds allowed by your circuit. 
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Having tested your circuit, the only remaining task is in- 
stallation. Just remember to remove the case completely 
from the rest of the computer, if you are contemplating 
something along the lines shown in Figure 4-110. 


Figure 4-110 An option for installing your keypad (not 
necessarily recommended). 


Enhancements 


At the end of any project, there's always more you can 
do. 


Using a Keypad. In the previous edition of this book, | 
suggested using a numeric keypad in this project. Some 
people felt that the keypad cost too much, and others 
had difficulty finding the right kind of keypad. After 
some thought, | decided just to use tactile switches this 
time around. They're easy to install on your breadboard, 
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and if you decide to make a more permanent version of 
the circuit, you can simply mount eight pushbuttons on 
a square of metal or plastic. But a keypad is still an op- 
tion, so long as it is not matrix encoded. That kind of key- 
pad is really designed for use with a microcontroller. The 
kind you want will have as many pins as there are but- 
tons, plus one. 


Powering the Relay. You may be wondering if the volt- 
age from the output of a 555 timer is sufficient to work 
the relay reliably. This is the same question that | dis- 
cussed in Experiment 15, where | decided not to power a 
relay through a transistor-diode combination. The prob- 
lem is, the voltage from a 555 timer varies depending on 
how heavily you load the output. This is why | recom- 
mended a high-sensitivity relay for this experiment. Typ- 
ically it will draw less than one-third of the current of a 
standard type, which | felt was satisfactory for demon- 
stration purposes. Bear in mind, | wanted to specify just 
one type of relay for all the experiments in this book. 
However, if you plan to install the circuit, and it absolute- 
ly positively has to work every time, even when your 9V 
battery is running low—you could consider substituting 
a 6VDC relay. Really? Won't the timer output overload it? 
Not necessarily. Some relays are designed to tolerate 
overvoltage. For instance, the datasheet for the Omron 
G5V-2-H1-DC6 6-volt relay allows a maximum voltage of 
180% of the rated voltage. As always, the best recom- 
mendation is to test a circuit thoroughly, consider op- 
tions, and read datasheets. 


Safeguarding the Computer. To make this project 
more secure, you could remove the usual screws that se- 
cure the case of the computer, and replace them with 
tamper-proof screws. Naturally, you will also need the 
special tool that fits the screws, so that you can install 
them (or remove them, if your security system malfunc- 
tions for any reason). 


Code Update. Another enhancement would be a way 
to facilitate changing your secret code if you feel the 
need. This will be difficult if you make a soldered version 
of the circuit, but you can install miniature plugs and 
sockets known as “headers” to allow you to swap the 
wires around. 


Destructive Security. For those who are absolutely, 
positively, totally paranoid, you could fix things so that 
entering a wrong code flips a second high-amperage re- 
lay which supplies a massive power overload, melting 
your CPU and sending a big pulse through the hard 
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drive. For a solid-state drive, you could consider instal- 
ling a “suicide relay” that will apply a higher voltage to 
the 5VDC input. But | wouldn't recommend this myself. 


There’s no doubt about it. Messing up the hardware has 
major advantages compared with trying to erase data 
using software. It’s faster, difficult to stop, and tends to 
be permanent. So, when the Recording Industry Associa- 
tion of America comes to your home and asks to switch 
on your computer so that they can search for illegal file 
sharing, just accidentally give them an incorrect unlock- 
ing code, sit back, and wait for the pungent smell of 
melting insulation—or a burst of gamma rays, if you go 
for the nuclear option (see Figure 4-111). 


< 


Figure 4-111 For those who are absolutely, positively, totally 
paranoid: a meltdown/self-destruct system controlled by a secret 
key combination provides enhanced protection against data theft 
or intrusions by RIAA investigators asking annoying questions 
about file sharing. 


On a more realistic level, no system is totally secure. The 
value of a hardware locking device is that if someone 


does defeat it (for instance, by figuring out how to un- 
screw your tamper-proof screws, or simply ripping your 
keypad out of the computer case with metal shears), at 
least you'll know that something happened—especially 
if you put little dabs of paint over the screws to reveal 
whether they've been messed with. By comparison, if 
you use password-protection software and someone de- 
feats it, you may never know that your system has been 
compromised. 
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The next project using digital logic is going to get us in- 
to the concept of feedback, where the output is piped 
back to affect the inout—in this case, blocking it. It’s a 
small project, but quite subtle, and the concepts will be 
useful to you in the future. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
Strippers, multimeter 


9-volt power supply (battery or AC adapter) 
74HC32 logic chip (1) 

555 timers (2) 

SPDT slide switches (2) 


Tactile switches (2) 
Resistors: 220 ohms (1), 2.2K (1), 10K (3) 
Capacitors: 0.01uF (2), 0.1uF (1), 0.33uF (1) 


LM7805 voltage regulator (1) 
Generic LEDs (2) 


e Low-current LED (1) 


The Goal 


On quiz shows such as Jeopardy!, contestants race to an- 
swer each question. The first person who hits an answer 
button automatically locks out the other contestants, so 
that their buttons become inactive. How can we make a 
circuit that will do the same thing? 


If you search online, you'll find several hobby sites where 
other people have suggested circuits to work this way, 
but they lack features that | think are necessary. The ap- 
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proach I’m going to use here is both simpler and more 
elaborate. It's simpler because it has a very low chip 
count, but it’s more elaborate in that it incorporates 
“quizmaster control” to make a more realistic game. 


I'll suggest some initial ideas for a two-player version. Af- 
ter | develop that idea, l'Il show how it could be expan- 
ded to four or even more players. 


A Conceptual Experiment 


| want to show how this kind of project grows from an 
initial idea. By going through the steps of developing a 
circuit, lm hoping | may inspire you to develop ideas of 
your own in the future, which is much more valuable 
than just replicating someone else's work. 


First consider the basic concept: there are two people, 
each with a button to press, and whoever goes first locks 
out the other person. 


Sometimes it helps me to visualize this kind of thing if | 
draw a sketch, so that's where l'Il begin. In Figure 4-112, 
the signal from each button passes through an imagina- 
ry component that I'll call a “button blocker,’ activated 
by the other person's button. I’m not exactly sure what 
the button blocker will be or how it will work, yet, but it 
will be activated by one player going first, and it will 
block the other player. 


Button 
Blocker 


Figure 4-112 The basic concept: whoever goes first blocks the 
other player. 


Now that I’m looking at it, | see a problem here. If | want 
to expand this to three players, it will get complicated, 
because each player must activate the “button blockers” 
of two opponents, and if there are four players, each 
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much activate the “button blockers” of three opponents. 
The number of connections will become unmanageable. 
Figure 4-113 shows this. 


LL E E 
— — 
| Button leg | Button Button 
Blocker | Blocker Blocker 
X K E 


Figure 4-113 Increasing the number of participants from two to 
three more than doubles the number of connections. 


Any time | see this kind of complexity, | think there has 
to be a better way. 


Also, there's another problem. After a player lets his fin- 
ger off the button, the other players’ buttons will be un- 
blocked again. This suggests to me that as in Experi- 
ments 15, 19, and 21, | need ...a flip-flop, also known as 
a latch. lts purpose will be to hold the signal from the 
first player's button and continue to block the other 
players, even after the first player has released his but- 
ton. 


This now sounds even more complicated. But wait a mi- 
nute. If the winning player's button triggers a latch, the 
latch now keeps the winning circuit energized, and the 
winner's button becomes irrelevant. So, the latch can 
block all the buttons. This makes things much simpler. | 
can summarize it as a sequence of events: 


- First player presses his button. 
e His signal is latched. 


e The latched signal feeds back and blocks all the 
buttons. 


The new sketch in Figure 4-114 shows this. Now the con- 
figuration is modular, and can be expanded to almost 
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any number of players, just by adding more modules, 
without increasing in complexity. 


i E E = is 


—e 
Button 
Blocker 


© 


Figure 4-114 Any latch now blocks all the buttons. 


Button Button 
Blocker Blocker 


wR 


$) 


There's something important missing, though: a reset 
switch, to put the system back to its starting mode after 
the players have had time to press their buttons and see 
who won. Also, | need a way to prevent players from 
pressing their buttons too soon, before the quizmaster 
has finished asking the question. Maybe | can combine 
this function in just one switch, which will be under the 
quizmaster's control. 


See Figure 4-115. In its Reset position, the quizmaster 
switch can reset the system and remove power to the 
buttons. In its Set position, the switch stops holding the 
system in reset mode, and provides power to the but- 
tons. lve gone back to showing just two players, to 
make everything as simple as possible, but the concept 
is still easily expandable. 


Now | have to deal with a logic problem in the diagram. 
The way I’ve drawn it, everything is joined together. I've 
used arrows to show the direction of signals, but | don’t 
know how | could actually stop signals from going the 
wrong way. If | don't deal with this, the signal from either 
player will light up both LEDs. How can | stop this from 
happening? 


| could put diodes in the “up” wires to block current from 
running down them. But | have a more elegant idea: I'll 
add an OR gate, because the inputs to an OR gate are 


separated from each other electrically. Figure 4-116 
shows this. 


Button 
Blocker 


set Button 
Blocker 


Reset 


Figure 4-115 Quizmaster control has now been added. 


Button Button | 
Blocker Blocker 


Figure 4-116 Adding an OR gate isolates one player's circuit 
from the other. 
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The basic OR gate has only two logical inputs. Will this 
prevent me from adding more players? No, because you 
can buy an OR that has three, four, or even eight inputs. 
If any one of them is high, the output is high. For fewer 
players than a gate can handle, you tie the unused in- 
puts to ground and ignore them. 


Now I'm getting a clearer idea of what the thing I’ve 
called a “button blocker” should actually be. | think it 
should be another logic gate. It should say, “If there’s on- 
ly one input, from a button, I'll let it through. But if there 
are any additional inputs, | won't let them through.’ 


Before | start choosing gates, though, | have to decide 
what the latch will be. | can buy an off-the-shelf flip-flop, 
which flips “on” if it gets one signal and “off” if it gets an- 
other, but chips containing flip-flops tend to have more 
features than | need for a simple circuit like this. There- 
fore I’m going to use 555 timers again, in bistable mode. 
They require very few connections, work very simply, 
and can deliver a good amount of current to drive bright 
LEDs. The only problem with them is that 555s in bista- 
ble mode require: 


e Negative trigger input to create a high output 


e Negative reset input to create a low output 


All right, so, each player's button will have to generate a 
negative pulse instead of a positive pulse. That will suit 
the requirements of the timers. 


Finally, here’s a simplified schematic, in Figure 4-117. | 
like to show the pins of the 555 timers in their correct 
positions, so | had to move the components around a lit- 
tle to minimize wire crossovers, but you can see that log- 
ically, it’s the same basic idea. 


| didn't have enough room to add positive and negative 
symbols to show which timer pins are being held in each 
state, so a red circle means that the pin is being held in a 
high state, and a blue circle shows that it is being held in 
a low state. Black circles mean that the pin states may 
change. White circles mean that the states of these pins 
are not important, and the pins can be left unconnected. 
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Reset 


Figure 4-117 A preliminary logic diagram. Blue pins on the 
timers are held in a low state, red pins are held in a high state, and 
white pins are not relevant. 


Before you try to build it, just run through the theory of 
it, because that's the final step, to make sure there are no 
mistakes. The important thing to bear in mind is the 555 
needs a negative input on its trigger pin to create a posi- 
tive output. This means that when any of the players 
presses a button, the button has to create a negative 
“flow” through the circuit. 


This is a bit counterintuitive, so l'm including a four-step 
visualization in Figure 4-118, Figure 4-119, Figure 4-120, 
and Figure 4-121, showing how it will work. 
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Fig. 9-10. PC board layout. 


(unsuccessful) experience. The alarm circuit shown, Q14, 15, and 
16, is quite annoying in the early hours of the morning. (Anyone 
want to beat my record of 5 seconds hitting the snooze from across 
the room?) I’m using an earphone element from an old telephone for 
the speaker, and it's loud. The display drive circuit can be pro- 
grammed with jumpers for either type of LED. Figure 9-14 is the 
board layout for multiplexed common anode, and Fig. 9-15 is for 
common cathode. 

The power supply is simple and straightforward. However, 
use a heavy duty nicad battery pack, as the displays are wired to be 
on all the time. Ac is sampled from one side of the secondary of the 
transformer through a resistor and diode to drive the chip timers 
and counters. The power supply also supplies current for the timer 
relay. Use a low current 12 volt relay with contacts rated at at least 
3 amps for driving external loads. 

The am and pm indicators will only operate in the 12 hour 


400 
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Figure 4-118 Step 1 in the circuit visualization. Reset mode. 


In Step 1, the quizmaster's switch is in reset mode. The 
low voltage on the reset pins of the timers has forced 
them both to create negative outputs. These outputs 
keep the LEDs dark and also go to the OR1 gate. Because 
it has negative inputs, it creates a negative output, al- 
though OR2 and OR3 ignore that because one input on 
each of these gates is high, provided by pullup resistors 
beside the buttons. Remember, if either of the inputs to 
an OR gate is high, the output is high. And so long as the 
trigger pin on a timer in bistable mode is high, the timer 
will not be triggered. So, the circuit is stable. 


In Step 2, the quizmaster has asked a question and flip- 
ped his switch to the right, to supply (negative) power to 
the players’ buttons. However, neither of the players has 
responded yet, so the pullup resistors maintain the cir- 
cuit in a stable state with negative outputs from the 
timers. 


Reset 


Step 2 = 


Figure 4-119 Step 2 in the circuit visualization. Players’ buttons 
are active, but no one has pressed a button yet. 


In Step 3, Player 1 has pressed the lefthand button. This 
sends a low pulse to OR2. Now that OR2 has two low in- 
puts, its output goes low. The low pulse goes to the trig- 
ger pin of the lefthand timer. But components do not re- 
spond instantaneously, and the timer has not processed 
the signal yet. 


In Step 4, a few microseconds later, the timer has pro- 
cessed the negative input signal and created a positive 
output pulse that lights the LED and also circulates back 
to OR1. Now that OR1 has a positive input, it also has a 
positive output. This goes to the inputs of OR2 and OR3, 
and so their outputs become positive. As a result, both 
of the timers now have positive inputs on their trigger 
pins. Any button press by either player will now be ig- 
nored, because OR1 continues to supply positive current 
in the circuit. 
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Figure 4-120 Step 3 in the circuit visualization. The left player 
has pressed a button, but the 555 timer has not responded yet. 


e Remember, when a 555 is running in flip-flop 
mode, a low input on its trigger pin will flip it in- 
to having a high output, and the output will 
persist even if the trigger pin goes high again. 


e The only thing that will end the 555's high out- 
put is a low state on its reset pin. That will only 
happen when the game master turns his switch 
back to reset mode. 


There's only one situation that can upset this happy sce- 
nario. What if both players press their buttons absolutely 
simultaneously? In the world of digital electronics, this is 
highly unlikely. But if it somehow happens, both of the 
timers should react, and both of the LEDs will light up, 
showing that there has been a tie. 
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Figure 4-121 Step 4 in the circuit visualization. The left player’s 
action has flowed through the circuit and now blocks the right 
player. 


On the Jeopardy! TV show, you never see a tie. Absolute- 
ly never! I'm wondering, if the electronic system on the 
show registers a simultaneous response from two play- 
ers, maybe it has a randomizing feature to select one of 
them. Just speculating, of course. 


To demonstrate how a two-player circuit can be upgra- 
ded to handle extra players, I’ve included a simplified 
three-player schematic in Figure 4-122. The circuit could 
be extended outward indefinitely, the only limit being 
the number of inputs available on OR1. 
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Figure 4-122 The circuit can be expanded easily for more 
players. 


Breadboarding It 

In Figure 4-123 | have revised the schematic using an ac- 
tual OR chip, in a layout as close to a breadboard config- 
uration as possible, so that you can build this thing easi- 
ly. A breadboarded version is shown in Figure 4-124, and 
the component values are shown in Figure 4-125. 


Figure 4-123 The two-player schematic has been redrawn here, 
using a quad two-input OR chip. 
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Figure 4-125 Component values for the breadboard layout. 
Figure 4-124 Breadboard layout, equivalent to the schematic. Because the only logic gates that I’ve used are OR gates, 


and only three are needed, | just need one logic chip: the 
74HC32, which contains four two-input OR gates. (I’ve 
grounded the inputs to the fourth). The two OR gates on 
the left side of the chip have the same functions as OR2 
and OR3 in my simplified schematic, and the OR gate at 
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the bottom-right side of the chip works as ORI, receiv- 
ing input from pin 3 of each 555 timer. If you have all the 
components, you should be able to put this together 
and test it quite quickly. 


You may notice that I’ve added a 0.01uF capacitor be- 
tween pin 2 of each 555 timer (the input) and negative 
ground. Why? Because when | tested the circuit without 
the capacitors, sometimes | found that one or both of 
the 555 timers would be triggered simply by flipping the 
quizmaster switch, without anyone pressing a button. 


At first this puzzled me. How were the timers getting 
triggered, without anyone doing anything? Maybe they 
were responding to “bounce” in the quizmaster switch 
—meaning tiny and very rapid vibrations in the contacts 
when the switch is moved. Sure enough, this was hap- 
pening, and small capacitors solved the problem. They 
may also slow the response of the 555 timers fractional- 
ly, but not enough to interfere with slow human reflexes. 


As for the buttons, it doesn't matter if they “bounce,” be- 
cause each timer locks itself on at the very first impulse 
and ignores any hesitations that follow. 


You can experiment building the circuit, disconnecting 
the 0.01uF capacitors, and flipping the quizmaster 
switch to and fro a dozen times. Because | am recom- 
mending a small, cheap slide switch, | think you will see 
a number of “false positives.” I'm going to explain more 
about switch bounce, and how to get rid of it, in the 
next experiment. 


Enhancements 


After you breadboard the circuit, if you proceed to build 
a permanent version, | suggest that you expand it so 
that at least four players can participate. This will require 
an OR gate capable of receiving four inputs. The 
74HC4078 is the obvious choice, as it allows up to eight. 
Just connect any unused inputs to negative ground. 


Alternatively, if you already have a couple of 74HC32 
chips and you don’t want to bother ordering a 
74HC4078, you can gang together three of the gates in- 
side a single 74HC32 so that they function like a four-in- 
put OR. Look at the simple logic diagram in Figure 4-126 
showing three ORs, and remember that the output from 
each OR will go high if at least one input is high. 


Figure 4-126 Three two-input ORs can emulate a single four- 
input OR. 


And while you're thinking about this, can you figure out 
how to combine three two-input ANDs that will substi- 
tute for a four-input AND gate? 


For a four-player game, you'll need two additional 555 
timers, of course, and two more LEDs, and two more 
pushbuttons. 


As for creating a schematic for the four-player game— 
lm going to leave that to you. Begin by sketching a sim- 
plified version, just showing the logic symbols. Then 
convert that to a breadboard layout (which is the hard 
part). And here’s a suggestion: pencil, paper, and an 
eraser can still be quicker, initially, than circuit-design 
software or graphic-design software, in my opinion. 


Experiment 23: Flipping and 
Bouncing 


In three experiments, now, I've used 555 timers in bista- 
ble mode. The time has come to deal with “real” flip- 
flops, including an explanation of how they work. | will 
also show how they can deal with the phenomenon that 
| mentioned briefly in the previous experiment: switch 
bounce. 


When a switch is flipped from one position to another, 
its contacts vibrate very briefly. This is the “bounce” of 
which | speak, and it can be a problem in circuits where 
digital components respond so quickly, they interpret 
every tiny vibration as a separate input. If you connect a 
pushbutton to the input of a counter chip, for instance, 
the counter may register 10 or more input pulses from a 
single press of the button. A sample of actual switch 
bounce is shown in Figure 4-127. 
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Contact bounce when switching from off to on. 
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Figure 4-127 Fluctuations created by vibrating contacts when a 
switch is closed. (Derived from a datasheet at Maxim Integrated 
corporation.) 


There are many techniques for debouncing a switch, but 
using a flip-flop is probably the most fundamental. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


9-volt power supply (battery or AC adapter) 
e 74HC02 logic chip (1), 74HC0O0 logic chip (1) 
e SPDT slide switches (2) 

e Low-current LEDs (3) 

e Resistors: 680 ohms (2), 10K (2), 2.2K (1) 

e Capacitors: 0.1uF (1), 0.33uF (1) 

e LM7805 voltage regulator (1) 


Assemble the components on your breadboard, as 
shown in Figure 4-128. The same circuit is shown as a 
schematic in Figure 4-129, and the component values 
are shown in Figure 4-130. When you apply power, one 
of the LEDs at the bottom should be lit. 


Now | want you to do something odd. Please disconnect 
the wire labeled A in Figure 4-128. Just pull it out of the 
board. If you refer to the schematic in Figure 4-129, you'll 
see that you have disconnected power to the pole of the 
switch, leaving the two NOR gates connected only with 
their pulldown resistors. 
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Figure 4-128 Breadboarded flip-flop circuit using NOR gates. 


You may be surprised to find that the LED remains lit. 


Push the wire back into the board, slide the switch to its 
opposite position, and the first LED should go out, while 
the other LED should come on. Once again, pull out the 
wire, and once again, the LED should remain lit. 


Here’s the take-home message: 
« A flip-flop requires only an initial input pulse— 
for example, from a switch. 


e After that, it ignores that input. 
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Figure 4-129 Flip-flop schematic using NOR gates. 


How It Works 


Two NOR gates or two NAND gates can function as a 
flip-flop. 


e Use NOR gates when a double-throw switch de- 
livers a positive input. 


e Use NAND gates when a double-throw switch 
delivers a negative input. 


Either way, you have to use a double-throw switch. 


I've mentioned the double-throw switch three times (ac- 
tually, four times if you count this sentence) because for 
some strange reason, most introductory books fail to 
emphasize this point. When | first started learning elec- 
tronics, | went crazy trying to understand how two NORs 
or two NANDs could debounce a simple SPST pushbut- 
ton—until finally | realized that they can't. The reason is 
that when you power up the circuit, the NOR gates (or 
NAND gates) need to be told in which state they should 
begin. Their initial orientation comes from the switch 
being in one state or the other. A SPST pushbutton can- 
not do that, when it is not being pushed. So you have to 


use a double-throw switch. (Now I’ve mentioned it five 
times.) 


LM7805 


Low-current LED —O- 


SPDT a 
switch 


Low-current O 
LEDs a 


Figure 4-130 Component values for the breadboarded NOR- 
based flip-flop. 


Debouncing with NORs 


I've created a multiple-step schematic in Figure 4-131 
and Figure 4-132 to show the changes that occur as a 
switch flips to and fro with two NOR gates. To refresh 
your memory, I've also included a truth table in Fig- 
ure 4-133 showing the logical outputs from NOR gates 
for each combination of inputs. 


Referring initially to Figure 4-131, in Step 1, the switch is 
supplying positive current to the lefthand side of the cir- 
cuit, overwhelming the negative supply from the pull- 
down resistor, so we can be sure that the NOR gate on 
the left has one positive logical input. Because any posi- 
tive logical input will make the NOR give a negative out- 
put (as shown in the truth table in Figure 4-133), the 
negative output crosses over to the righthand NOR, so 
that it now has two negative inputs, which make it give 
a positive output. This crosses back to the lefthand NOR 
gate. So, in this configuration everything is stable. 
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Figure 4-131 When the switch moves to a neutral center 
position, the status of the NOR gates remains unchanged. 


Figure 4-132 After the states of the NOR gates are reversed, 
they remain that way when the switch moves back to ¡ts neutral 
center position. 
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Figure 4-133 A reminder of the truth table for a NOR gate. 


Now comes the clever part. In Step 2, suppose that you 
move the switch so that it doesn't touch either of its 
contacts. (Or suppose that the switch contacts are 
bouncing, and failing to make a good contact. Or sup- 
pose you disconnect the switch entirely.) Without a posi- 
tive supply from the switch, the lefthand input of the left 
NOR gate goes from positive to negative, as a result of 
the pulldown resistor. But the righthand input of this 
gate is still positive, and one positive is all it takes to 
make the NOR maintain its negative output, so nothing 
changes. In other words, the circuit has “flopped” in this 
state, regardless of whether the switch is disconnected. 


Referring to Figure 4-133, if the switch turns fully to the 
right and supplies positive power to the righthand pin of 
the right NOR gate, that NOR recognizes that it now has 
a positive logical input, so it changes its logical output to 
negative. That goes across to the other NOR gate, which 
now has two negative inputs, so its output goes positive, 
and runs back to the right NOR. 


In this way, the output states of the two NOR gates 
change places. They flip, and then flop there, even if the 
switch breaks contact or is disconnected again, as in 
Step 4. 


If a switch bounces so severely that the pole connection 
fluctuates all the way between one contact and the oth- 
er, this circuit won't work. It only works if the output al- 
ternates between one connection, and no connection at 
all. But this is generally the case with a SPDT switch. 
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Debouncing with NANDs 


The drawings in Figure 4-134 and Figure 4-135 show a 
similar sequence of events if you use a negatively pow- 
ered switch with two NAND gates. To refresh your mem- 
ory of NAND behavior, | am including Figure 4-136. 


2 


Figure 4-134 Two NAND gates can be used as a flip-flop with 
pullup resistors and a switch providing negative power. 


Figure 4-135 Once again, the gate states remain unchanged 
when the switch is unconnected with either of them. 


Figure 4-136 A reminder of the truth table for a NAND gate. 


If you want to verify the function of the NAND circuit, 
you can use your 74HCO0 chip, specified in the parts list 
for this experiment, to test it yourself. Be careful, though: 
the gates inside the NOR chip are upside-down com- 
pared with the gates inside the NAND chip. You will have 
to move some wires around on your breadboard, be- 
cause the two chips are not swappable. Refer back to 
Figure 4-83 and Figure 4-95 for the specifications. 


Jamming Versus Clocking 


The NOR and the NAND circuits are examples of a jam- 
type flip-flop, so called because the switch forces it to re- 
spond immediately, and jams it into that state. You can 
use this circuit anytime you need to debounce a switch 
(as long as it’s a double-throw switch). 


A more sophisticated version is a clocked flip-flop, which 
requires you to set the state of each input first and then 
supply a clock pulse to make the flip-flop respond. The 
pulse has to be clean and precise, which means that if 
you supply it from a switch, the switch must be de- 
bounced—probably by using another jam-type flip-flop! 
Considerations of this type have made me reluctant to 
use clocked flip-flops in this book. They add a layer of 
complexity that | prefer to avoid in an introductory text. 
If you want to know more about flip-flops, | explore 
them in greater detail in Make: More Electronics. It's not a 
simple topic. 


What if you want to debounce a single-throw button or 
switch? Well, you have a problem! One solution is to buy 
a special-purpose chip such as the 4490 “bounce elimi- 
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nator,’ which contains digital delay circuitry. A specific 
part number is the MC14490 from On Semiconductor. 
This contains six circuits for six separate inputs, each 
with an internal pullup resistor. It’s relatively expensive, 
however—more than 10 times the price of a 74HC02 
containing NOR gates. Really, you will have an easier 
time if you avoid single-throw switches and use double- 
throw switches (or pushbuttons) that are more easily de- 
bounced. 


Or, you could use a 555 timer wired in flip-flop mode. My 
preference for that option now seems to make more 
sense. 


Experiment 24: Nice Dice 


Electronic circuits to simulate the throw of one or two 
dice have been around for decades. However, new con- 
figurations still exist, and this project provides an oppor- 
tunity to learn more about logic while ending up with 
something useful. | especially want to introduce you to 
binary code, the universal language among digital chips. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
Strippers, multimeter 


9-volt power supply (battery or AC adapter) 
555 timer (1) 


74HC08 logic chip (1), 74HC27 logic chip (1), 
74HC32 logic chip (1) 


74HC393 binary counter (1) 


Tactile switch (1) 
SPDT slide switches (2) 


Resistors: 100 ohms (6), 150 ohms (6), 220 ohms 
(7), 330 ohms (2), 680 ohms (4), 2.2K (1), 10K (2), 
1M (1) 


Capacitors: 0.01uF (2), 0.1uF (2), 0.33uF (1), 1uF 
(1), 22pF (1) 


LM7805 voltage regulator (1) 


Low-current LEDs (15) 
Generic LED (1) 
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A Binary Counter 


At the heart of every electronic dice circuit that | have 
ever seen is a counter chip of some kind. Often it’s a dec- 
ade counter with 10 “decoded” output pins that are ener- 
gized one at a time, in sequence. A die only has six faces, 
but if you tie the seventh pin of the counter back to its 
reset pin, the counter will restart after it reaches six. 
(Note that “dice” is really a plural word that should only 
be used for two dice or more, while “die” is the singular 
word, although many people don't realize this.) 


| always like to do things differently, so | decided not to 
use a decade counter, partly because | wanted a binary 
counter to satisfy my desire to demonstrate binary code. 
This added a little complexity to the circuit, but will en- 
rich the learning process—and when all is said and 
done, you'll have a circuit that runs two dice (not just 
one) with a modest chip count, while still fitting on a 
breadboard. 


The counter chip that I’ve chosen is widely used: the 
74HC393. It actually contains two counters, but the sec- 
ond one can be ignored for the time being. The pinouts 
are shown in Figure 4-137. 


1 Clock ack O| spe: 
1 Reset 1CLR 2CLK | 2 Clock 
1 Output A 2CLR | 2 Reset 
1 Output B 204 | 2 Output A 
1 Output C 3 100 20B E 2 Output B 
1 Output D — 20C | 2 Output C 
Negative 20D | 2 Output D 
Ground 


Clock is falling-edge triggered. 
Reset is active-high. 


Figure 4-137 Pin functions of the /4HC393 binary counter. 


Manufacturers have an odd habit of identifying the pin 
functions of digital chips using as few letters as possible. 
These cryptic abbreviations can be difficult to under- 
stand. To give you an example, in Figure 4-137 the pin la- 
bels inside the outline of the chip are the ones | found in 
a datasheet from Texas Instruments. (To make things 
even more confusing, other manufacturers use different 
abbreviations of their own. There is no standardization.) 
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mode. They may be omitted if you wire for a 24 hour clock. 

Figure 9-16 is the parts layout for the main board. Please note 
that an insulated washer must be used at the mounting hole next to 
Q13 if you use common anode displays. It is not needed for common 
cathode. 

Figure 9-17 is a full size negative layout for the main board. 
Single-sided G-10 is best, but bakelite may be used. 

Be very careful with the IC as it can be damaged by static 
discharges. Once in the circuit it is relatively safe, but can still be 
destroyed by excessive charges (1 found out the hard way). 

Figure 9-18 is the front and back panel layout for the clock and 
should be followed if the same cabinet is used; otherwise things 
just don't fit. The only one that's not critical is the size of the front 
panel cutout for the display. It may be slightly smaller or larger. 
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Outside the outline of the counter | have restated the 
pin functions in relatively plain English, in green letter- 
ing. The number preceding each pin function refers to 
counter +1 or counter +2, packaged separately in the 
chip. 


Counter Testing 


The best way to understand this chip is to bench-test it. 
Figure 4-138 shows the schematic, and Figure 4-139 
shows iton a breadboard. Figure 4-140 shows the bread- 
boarded component values. 


Remember: 


e This is a 5V logic chip. Don't leave out the volt- 
age regulator. 


e Note there is a 0.1uF capacitor between the 
power-supply pin of the timer, and ground. This 
is to suppress little voltage spikes that the timer 
tends to generate. They can confuse the 
counter if they are uncontrolled. 


The capacitor and resistors that | have specified with the 
timer will run at about 0.75Hz. In other words, the begin- 
ning of one pulse, and the beginning of the next pulse, 
will be slightly more than one second apart. You can see 
this by watching the yellow LED on the timer output. (If 
the yellow LED does not behave this way, you made a 
wiring error somewhere.) 


+ 5WDC regulated 


Generic 
LED 


Counter 2 
in the chip 
is not used 


E6EOHPL 


Low-current 


Series 
resistors 

for LEDs: 
680 each 


Figure 4-138 Schematic for observing the output and the reset 
function of the /4HC393 decade counter. 
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Figure 4-140 Component values in the breadboarded circuit. 
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Figure 4-139 The breadboarded test circuit. 
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The four red LEDs labeled A, B, C, and D will display the 
output states of the counter. If your connections are cor- 
rect, they will run through the sequence shown in Fig- 
ure 4-141, where a black circle indicates that an LED is 
not lit, and a red circle indicates that it is lit. 
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Figure 4-141 The full sequence of outputs from a binary counter. 


I'm going to tell you some more, now, about binary and 
decimal arithmetic. Do you really need to know this? Yes, 
it’s useful. A variety of chips such as decoders, encoders, 
multiplexers, and shift registers use binary arithmetic, 
and of course it is absolutely fundamental in almost 
every digital computer that has ever been made. 


Fundamentals: Binary Code 


As you can see in Figure 4-141, every time the LED in col- 
umn A goes out, the LED in column B reverses its state— 
from on to off, or off to on. Every time the LED in column 
B goes out, it reverses the LED in column C, and so on. 


One consequence of this rule is that each LED flashes 
twice as fast as the one to its left. 


The row of LEDs represents a binary number, meaning a 
number written in only two digits: O and 1, as shown in 
the white font in Figure 4-141. The equivalent decimal 
number is shown in the black font on the left. 


The LEDs can be considered binary digits, commonly 
known as bits. 


The rule for counting in binary is very simple. In the 
rightmost column, start with 0, then add 1—and then, 
because you can only count in ones and zeroes, the next 
time you want to add 1, you have to revert to 0 and carry 
1 to the next column to the left. 


What if the numeral in the next column to the left is al- 
ready a 1? Change it back to 0 and carry 1 to the next 
column after that. And so on. 


The rightmost LED represents the /east significant bit of a 
four-bit binary number. The leftmost LED is showing us 
the most significant bit. 


Rising Edge, Falling Edge 

When you run the test, notice that each transition of the 
rightmost red LED (either from on to off, or off to on) al- 
ways occurs when the yellow LED goes out. Why is this? 


Most counters are edge triggered, meaning that the ris- 
ing edge or the falling edge of a high pulse nudges the 
counter along to the next value in its series, when the 
pulse is applied to the clock input pin. The behavior of 
the LEDs clearly shows you that the 74HC393 is falling- 
edge triggered. In Experiment 19, we used a counter 
that was rising-edge triggered. The type that you use 
depends on your application. 


The 74HC393 counter also has a reset pin, just like the 
4026B chip from Experiment 19. 


e Some datasheets describe a reset pin as a “mas- 
ter reset” pin, which may be abbreviated MR. 
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e Some manufacturers call a “reset” pin a “clear’ 
pin, which may be abbreviated CLR on a data- 
sheet. 


Whatever it's called, the reset pin will always have the 
same end result. It forces all the outputs of the counter 
to go low—which in this case means 0000 binary. 
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A reset pin requires a separate pulse. But does the reset 
occur when the pulse begins, or when it ends? 


Let's find out. If you built the circuit carefully, the reset 
pin is held in a low state through a 10K resistor. But there 
is also a tactile switch that can connect the reset pin di- 
rectly to the positive bus. This overwhelms the 10K resis- 
tor, and forces the reset pin to go high. 


As soon as you press the tactile switch, all the outputs 
go dark, and they stay dark until you let go of the tactile 
switch. Evidently, the reset function of the 74HC393 is 
triggered and held by a high state. 


The Modulus 


Switch off the power, disconnect the pullup resistor and 
the tactile switch from the reset pin (pin 2), and substi- 
tute a wire as shown in Figure 4-142. All the previous 
connections have been grayed out. The new wire, in sol- 
id black, connects the fourth digit, from output D, to the 
reset pin. Figure 4-143 shows the revision on the bread- 
board; the new connection is colored green. 


What do you think will happen? 


Vit 
This 
connection 
replaces the 
tactile switch 
and pulldown 
resistor from 
the previous 
schematic. 


Figure 4-142 Adding an automatic reset to the timer. 
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Figure 4-143 Close-up of the revision on the breadboard. The 
pulldown resistor, the tactile switch, and associated connections 
have been removed. The green wire has been inserted. 


Run the counter again. It counts from 0000 up to 0111. 
The very next binary output should be 1000, but as soon 
as the fourth digit transitions from 0 to 1, the high state 
is sensed by the reset pin, forcing the counter back to 
0000. 


Can you see the leftmost LED flicker, before the counter 
resets? | doubt it, because the counter responds in less 
than a millionth of a second. 


The counter now runs from 0000 through 0111 before 
automatically repeating itself. Because counting from 
0000 through 0111 binary is equivalent to counting 
from O to 7 in decimal, we now have a divide-by-8 
counter. (Previously, it was a divide-by-16 counter.) 


Suppose you move your reset wire from the fourth digit 
to the third digit. Now you have a divide-by-4 counter. 


e You can easily wire almost any 4-bit binary 
counter so that it resets after 2, 4, or 8 input pul- 
ses. 


The number of states in the output of a counter, before 
it repeats, is known as the modulus, often abbreviated as 
“mod.” A mod-8 counter repeats after eight pulses 
(which are numbered from 0 through 7). 


Converting to Modulus 6 


What about the project that we are supposed to be 
working on here, to generate electronic dice patterns? 
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lm getting to it. Because a die has six sides, | have a feel- 
ing that we may need to rewire the counter so that it re- 
peats after six states. 


In binary code, the output sequence will look like this: 
000, 001, 010, 011, 100, 101. (We can ignore the most 
significant bit, in column D, because we don't need it for 
just six states.) | need to make the counter reset after its 
output of 5 decimal, which is 101 binary. 


(Why 5 decimal, and not 6 decimal? Because we are 
counting upward from 0. It would be more convenient 
in this project if the counter would start from 1, but it 
doesn't do that.) 


What's the next output after 101 binary? The answer is 
110 binary. 


Is there something distinctive about 110? If you study 
the sequence, you'll see that 110 is the first in the series 
that begins with two high bits. 


How can we tell the counter, “When you have a 1 in col- 
umn B, and a 1 in column C, reset to 0000?” The word 
“and” in the last sentence should give you a clue. An 
AND gate has a high output when, and only when, its 
two inputs are high. Just what we need. 


Can we drop it right in? Absolutely, because all the 
members of the 74HCxx chip family are designed to talk 
to each other. In Figure 4-144 you will see that | have 
added an AND gate. Of course, to use it on your bread- 
board, you'll have to add an appropriate chip, which is a 
74HC08. It contains four AND gates, of which we only 
need one. Therefore, in addition to power connections, 
its unused inputs must be grounded. This is a bit of a 
hassle, but l'Il show you how to do it, as soon as | make a 
few more additions and modifications. (The unused out- 
puts must be left unconnected.) 


pd 


Adding 
an AND 
gate 


Figure 4-144 An AND gate has been added, to adjust the 
counter so that it only cycles through six output states instead of 
its usual 16. 


Meanwhile, please remember this take-home message: 


e You can use logic chip(s) with a counter to 
change the modulus of the counter by looking 
for a distinctive pattern in the output states, 
and feeding back a signal to the reset pin. 


Not Using a Seven-Segment Display 


For the dice display, | could just use a seven-segment nu- 
meral that counts from 1 to 6. But this is a problem, be- 
cause the counter runs from 0 through 5. | don't see an 
easy way to convert 000 binary to a seven-segment nu- 
meral 1, 001 binary to a seven-segment numeral 2, and 
so on. 


Could we make the counter skip 000 binary somehow? 
Er, maybe, but I’m not sure how. Perhaps by using a 
three-input OR gate that would feed back to the clock 
input to advance the counter to the next state—but 
then this would conflict with the usual clock signals, and 
it all sounds like a lot of trouble to me. 


In any case, l'm not very excited by using a seven-seg- 
ment numeral in this project, because it’s not visually 
appealing. Why not use LEDs that emulate the pattern of 
spots on an actual die? The sequence is shown in Fig- 
ure 4-145. 
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Figure 4-145 The series of spot patterns to be reproduced by 
LEDs. 


Can you figure out a way to convert the binary output 
from the counter to illuminate the LEDs in those pat- 
terns? 


Choosing the Gates 


l'Il start with the easiest option. If | connect output A 
from the counter (see Figure 4-138) to the LED that rep- 
resents the center spot of the die, that will work out well, 
because the center spot is only illuminated for patterns 
1, 3, and 5, and goes out for patterns 2, 4, and 6. This is 
exactly the way that output A behaves. 


Then things get a little tricky. | need to illuminate a diag- 
onal pair of spots for patterns 4, 5, and 6, and the other 
diagonal pair for 2, 3, 4,5, and 6. But how? 


Figure 4-146 shows my answer to the problem. You'll see 
| have added a couple more logic gates: a three-input 
NOR, and a two-input OR. Alongside | have shown the 
sequence of binary numbers, and the spot patterns that 
each number creates on the die. 


To make things work, | had to begin with the die show- 
ing a 6 pattern when the counter starts at 000 binary. 
The sequence of patterns really doesn't matter, so long 
as they are all represented. They’re going to be selected 
at random anyway. 


Figure 4-147 shows how the counter outputs light up 
the different patterns of spots. And just in case this still 
isn't entirely clear, | have created a snapshot sequence 
showing high and low states in the circuit as the counter 
increments from 000 through 101. The snapshots are 
shown in Figure 4-148, Figure 4-149, and Figure 4-150. 
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Figure 4-146 A logic network to create the sequence of spots on 
a die. 


| squeezed the snapshots so that | could fit two into the 
width of a column, and | omitted the AND gate, because 
it doesn't do anything during the counting range of 000 
through 101. It responds only when the counter tries to 
advance to 110—at which point, the AND sets it back to 
000. 
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Figure 4-149 The logic for generating patterns 2 and 3. 


Figure 4-147 How the outputs from the binary counter are used 
to light the patterns of spots. 
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| 000 


Figure 4-148 The logic for generating patterns 6 and 1. 
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If you're wondering how | came up with this selection of 
logic gates to translate the counter output into the dice 
patterns, lm not sure | know how to tell you. There's a 
certain amount of trial and error, and some intuitive 
guesses involved in creating this kind of logic diagram. 
At least, that's the way it is for me. There are more rigor- 
ous and formal ways of doing it, but personally | don't 
find them so easy. 


The Finished Circuit 


The schematic in Figure 4-151 was derived from the log- 
ic diagram in Figure 4-146. The breadboarded version is 
shown in Figure 4-152. 


The component values are shown in Figure 4-153. Note 
that | changed the timing resistor and timing capacitor 
for the 555 timer, so that it now runs around 5kHz. The 
idea of this circuit is that you will stop the timer at an ar- 
bitrary moment, after it has gone through hundreds of 
cycles. This way, you should end up with a random num- 
ber. 


| have added a switchable 22uF capacitor that can make 
the timer run slowly (about 2Hz) if you want to demon- 
strate how the counting works, to anyone who is skepti- 
cal. 


| haven't bothered to show the values for the lower half 
of the breadboard, because the only components there 
are the chips. That’s a nice aspect of building circuits 
based on logic: you don't have to worry about squeez- 
ing in resistors and capacitors. Chips and wires do most 
of the work. 


The numbered outputs at the bottom of the circuit in 
Figure 4-151 and Figure 4-152 correspond with the in- 
puts to the pattern of LEDs shown in Figure 4-154. There 
isn't room on the breadboard to add the LEDs, so you 
will either need a second breadboard, or you can drill 
some holes to mount the LEDs in a piece of plywood or 
plastic. 
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Figure 4-151 A complete circuit for emulating the roll of a 
single die. 
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Figure 4-152 Breadboarded version of the single-die circuit. 
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Figure 4-153 Values for the components in the control section 
of the dice simulation. 


Three pairs of the LEDs are wired in series, because a log- 
ic chip isn't powerful enough to drive a pair of LEDs in 
parallel. Putting them in series will require you to use a 
lower-value resistor than usual. The way to do this is to 
apply 5VDC to one of the pairs of LEDs through your me- 
ter, set to measure milliamps. Try a 220-ohm series resis- 
tor, and see how much current you measure. If you aim 
for a maximum of 15mA, that will be within the specifi- 
cations of HC chip outputs. You may need a resistor with 
a value of 150 ohms or 100 ohms, depending on the 
characteristics of the LEDs that you are using. 


Finally apply 5VDC through a 330-ohm resistor to the 
center LED, and compare its brightness to the LEDs 
wired in pairs. You may have to increase the resistor val- 
ue to make the center LED visually equivalent to the oth- 
ers. 


Hook up the LEDs to the logic circuit, hold down the 
button, release it, and you have your dice value (or, to be 
semantically correct, your die value). 
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Figure 4-154 Wiring seven LEDs (six of them in pairs, in series) 
to display the spot patterns of a single die. 


How do you know that it gives you a really random re- 
sult? Really, the only way to be sure is to use it repeated- 
ly and note how many times each number comes up. 
You might need to run it maybe 1,000 times to get de- 
cent verification. Because the circuit relies on the behav- 
ior of a human being pressing a button, there is no way 
to automate the testing process. All | can say is, the re- 
sult really should be random. 


Good News 


There are more chips in this circuit than you've used in 
previous circuits in the book, but in the immortal words 
of Professor Farnsworth, in one of my favorite TV shows, 
Futurama: “Good news, everyone!” 


The good news is that you can modify this circuit to sim- 
ulate two dice instead of one, simply by adding some 
more wires and LEDs. You don't need any more chips at 
all. 


We have a lot of unused logic gates in the AND, NOR, 
and OR chips. Three ANDs are left over, two NORs, and 
two ORs. In addition, there is also an entirely separate 
counter in the 74HC393 chip. This is exactly what you 
need. 


The question is, how to create a second series of random 
numbers, different from the first. Maybe add another 
555 timer, running at a different speed? 


Experiment 24: Nice Dice 


| don't like this idea, because the two timers will go in 
and out of phase with each other, and some pairs of val- 
ues may come up more than others. | think it would be a 
better idea if the first counter runs from 000 through 101 
binary, and then triggers the second counter to advance 
from 000 to 001. The first counter goes from 000 
through 101 again, and triggers the second counter to 
move on to 010. And so on. 


The second counter will run at one-sixth the speed of 
the first, but if you drive them fast enough, the patterns 
will still be too fast to see. The great advantage of this 
arrangement is that every possible combination of val- 
ues will be displayed an equal number of times, so they 
should all have an almost-equal chance of coming up, 
just as if you were using two real dice. 


Why do | say “almost equal”? Because, bear in mind 
there is a tiny delay when a counter resets itself from 101 
binary to 000 binary. But if the lefthand counter is run- 
ning at around 5kHz, a delay of less than one-millionth 
of a second seems trivial. 


Chained Counters 


The last remaining question is how the first counter can 
advance the second counter when it reaches 101 and 
flips back to 000. 


This is easy. Consider what happens when the output 
from the first counter changes from 011 to 101 to 110, 
the last value lasting only for an instant before it resets 
to 000. After the C output reaches a high state, it drops 
low. 


What does the clock input of the second counter need, 
to make it advance by one count? You already know 
that. It needs a high state that drops low. All you have to 
do is to connect the C output, from the first timer, to the 
clock input of the second timer. Indeed, the chip is de- 
signed to work this way, so that the falling state from 
one timer acts as a “carry” signal to advance the next 
timer. 


The schematic in Figure 4-155 shows the circuit for two 
dice. I'm not including another breadboard picture, be- 
cause you should be able to add the new wiring your- 
self. It is almost exactly a mirror image of the wiring that 
you already installed, but don't forget to move it down 
by one row of holes on the breadboard, to allow room 
for the positive power supply to each chip. 
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Fig. 9-12, 60-Hz comparator. 


Setting the Clock 


First, before installing the IC, check for approximately 15 
volts at pins 1 and 22. If you don't get 15 volts, look for a bad diode 
in the power supply. Disconnect the line cord and carefully plug the 
IC in the socket. Set the switches on the back as follows: 
Function-Run, Time Set-Off, Timer Enable-Off, Alarm Enable- 
Off, Time/Date-Center position. Plug the line cord in. The display 
should show all 8s. Set the Function to Clock Set and Time Set to 
Minutes/Days. Momentarily depress the Advance push-button. 
The display should change to all 0s. Don't worry if one or more 
digits are blank. Depress the Advance switch again and the minutes 
should start counting. Switch to Hours/Months and repeat to set 
hours. When the time you have set corresponds with the actual 
time, turn the Function to Run and the clock should start counting. 
Pay attention to the am and pm indicators when setting the time, as 
the calendar changes days at midnight. Set the Alarm, Calendar and 
Timer in the same manner. The Alarm may sound as you rotate the 
Function switch, but will stop as the times are set. 

The Alarm Time pushbutton is a normally open switch that is 
wired in parallel with the Function switch so that you can check the 


402 


Experiment 24: Nice Dice 


+ 5VDC regulated 


Figure 4-155 Complete circuit to run two LED dice. 
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Going Further 


Could the circuit be simplified? As | mentioned at the 
beginning, a decade counter would require simpler logic 
than a binary counter. You wouldn't need an AND gate 
to make it count with a modulus of six, because just the 
seventh output pin on the decade counter could be con- 
nected back to the reset. 


However, if you want to run two dice, you would need 
two decade counters, and that would mean two sepa- 
rate chips. Also, you would still need two chips to handle 
the logic for the two displays. To see why, search online 
for digital dice. At this point, you should be able to un- 
derstand the schematics that will be displayed in Google 
Images. 


The only simplification | can see, in the circuit that | have 
described, would be to substitute two diodes for each 
OR gate. The circuits that you'll find online often do this, 
but you will end up with a signal passing through two 
diodes in succession, which will drop the voltage below 
a level that | feel is acceptable. 


The Slowdown Problem 


The version of this project that | included in the first edi- 
tion of Make: Electronics included a nice extra feature. 
When you took your finger off the “run” button, the die 
pattern display gradually slowed before it stopped. This 
increased the suspense of waiting to see what the final 
number would be. 


The feature was enabled by splitting the power supply 
to the 555 timer. The timer was “always on” but voltage 
to its RC network was shut off when the player stopped 
pressing the “run” button. At that point, a large capacitor 
slowly discharged into the network, and the timer 
slowed as the voltage diminished. 


A reader named Jasmin Patry sent email telling me that 
when he used the circuit, the value 1 came up dispro- 
portionately often, and he suspected that this had 
something to do with the slowdown feature. 


Jasmin turned out to be a video game designer who un- 
derstands much more about randomicity than | do. He 
had the polite, patient style of a man who really knew 
what he was talking about, and he seemed interested in 
helping to fix the problem that he had identified. 


After he sent me graphs showing the relative frequency 
of each number in the simulation, | had to agree that the 
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problem existed. | suggested many possible explana- 
tions, all of which turned out to be wrong. In the end 
Jasmin successfully proved that the lower power con- 
sumption of a single LED, relative to the higher power 
consumption of six LEDs, allowed the timer to keep run- 
ning for a little longer when the voltage was marginal. 
This increased the odds that it would stop during that 
period. 


Eventually Jasmin suggested a substitute circuit, in 
which a second 555 timer was added, and the outputs 
from the two timers were merged through an XOR gate. 
He successfully proved that this eliminated the bias to- 
ward one number. | was delighted that one of my read- 
ers had learned so much from reading my book, he was 
able to identify and fix a mistake that he found in it. 


In this new edition, | have omitted the slowdown capaci- 
tor that caused the trouble in the first edition. But | 
haven't adopted Jasmin's circuit, because it was quite 
complicated. A single die would have needed its own 
pair of 555 timers, plus the XOR gate that he wanted. He 
also used diodes that | would have replaced with OR 
gates, and there wasn’t nearly enough room on the 
breadboard. 


With his permission, | will send his circuit as a freebie to 
anyone who registers with me (using the procedure de- 
scribed in the Preface—see “Me Informing You” on page 
10). | cannot easily reprint it here, because | would have 
to redraw it completely to fit the two-column format. 


Slowdown Alternatives 


You'd think there must be a simpler way to make the dis- 
play slow down, without affecting the randomicity. 
When | looked online, | found that someone had used an 
NPN transistor with its emitter connected to pin 7 of the 
timer, and a capacitor between its base and its collector, 
so that when power was disconnected, the transistor 
output would gradually diminish. Several other people 
had done the same thing in their dice circuits. However, | 
suspect that this configuration may be subject to the 
same problems that Jasmin found. 


| have also seen circuits using exactly the same slow- 
down capacitor configuration that | used (for example, 
on the Doctronics website). | think they are almost cer- 
tainly susceptible to the problem that | have described. 


My final answer on this topic may be dissatisfying: | don't 
know how to achieve a slowing effect without adding 
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more components that will greatly complicate the cir- 
cuit. 


However—just before the text of this book was finalized, 
my friend and fact-checker Fredrik Jansson suggested 
powering the 555 timer from a separate voltage regula- 
tor, to isolate it from power fluctuations in the rest of the 
circuit. | like this idea, but there wasn't time to try it be- 
fore the book went into production. 


| built a completely different dice circuit using a PICAXE 
microcontroller, but discovered that this had its own ran- 
domicity issues because of the imperfect random-num- 
ber generator built into the chip. 


In Experiment 34 (the last one in this book), you'll find 
that | have created yet another dice simulation, using an 
Arduino. But here again, | had to depend on the built-in 
random-number generator, and | am skeptical that it 
creates an evenly distributed range of numbers. 


Figure 4-156 This electronic dice display uses 10mm LEDs 
embedded in a box of sanded polycarbonate plastic. 


The issue of randomness is really not simple at all. | be- 
came so interested in it after my emails with Jasmin Pa- 
try, | explored it at length in Make: More Electronics, and 
also wrote a column about it in Make: magazine (volume 
45) in collaboration with Aaron Logue, who runs his own 
little website describing projects that he builds. He intro- 
duced me to the concept of using a reverse-biased tran- 
sistor to generate random noise, which is then pro- 
cessed with a clever algorithm attributed to the great 
computer scientist, John von Neumann. This, | think, is 


Chapter 4: Chips, Ahoy! 235 


Experiment 24: Nice Dice 


as close to a perfect random-number generator as you 
can get—but the chip count is not trivial. 


All of these enhancements go beyond the range of an 
introductory-level book. If any readers have a really sim- 
ple enhancement to the dice circuit presented here, to 
add the slowdown effect, my email inbox is always open, 
and yes, | do read the messages. 


Meanwhile, l'm including a couple of photographs of fin- 
ished electronic-dice projects. The one in Figure 4-156 
was included in the first edition of this book, in 2009. 
Figure 4-157 shows one that | built around 1975, after 
Don Lancaster's amazing TTL Cookbook told me how | 
could use 74xx logic chips. Forty years later, the LEDs still 
light up randomly. (At least, I think they're random.) 


Figure 4-157 Electronic dice designed and built around 1975, in 
a box of Lucite and black-painted plywood. 
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What Next? am 


At this point, we can branch out in numerous directions. 
Here are some possibilities: 


Audio: This is a large field including hobby projects 
such as amplifiers and “stomp boxes,” to modify guitar 
sound. 


Electromagnetism: This is a topic that | haven't even 
mentioned yet, but it has some fascinating applications. 


Radio-frequency devices: Anything that receives or 
transmits radio waves, from an ultra-simple AM radio on- 
ward. 


Programmable microcontrollers: These are tiny com- 
puters on a single chip. You write a little program on 
your desktop computer, and load it into the chip. The 
program tells the chip to follow a sequence of proce- 
dures, such as receiving input from a sensor, waiting for 
a fixed period, and sending output to a motor. Popular 
controllers include the Arduino, PICAXE, BASIC Stamp, 
and many more. 


| don't have space to develop all of these topics fully, so 
what I’m going to do is introduce you to them by de- 
scribing just a few projects in each category. You can de- 
cide which interests you the most, and then proceed be- 
yond this book by reading other guides that specialize in 
that interest. 


lm also going to make some suggestions about setting 
up a productive work area, reading relevant books, cata- 
logs, and other printed sources, and generally proceed- 
ing further into hobby electronics. 


Tools, Equipment, Components, 
and Supplies 


No additional tools or equipment are needed for this fi- 
nal chapter of the book. For a summary of all the com- 
ponents, see Figure 6-8. See “Supplies” on page 316 for a 
list of additional supplies (primarily wire, for the coils in 
Experiments 25, 26, 28, 29, and 31). 


Customizing Your Work Area 


At this point, if you're getting hooked on the fun of cre- 
ating hardware but haven't allocated a permanent cor- 
ner to your new hobby, | have some suggestions. Having 
tried many different options over the years, my main 
piece of advice is this: don't build a workbench! 


Many hobby electronics books want you to go shopping 
for 2 x 4s and plywood, as if a workbench has to be cus- 
tom-fabricated to satisfy strict criteria about size and 
shape. | find this puzzling. To me, the size and shape is 
not very important. | think the most important issue is 
storage. 


| want tools and parts to be easily accessible, whether 
they’re tiny transistors or big spools of wire. | certainly 
don't want to go digging around on shelves that require 
me to get up and walk across the room. 
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This leads me to two conclusions: 


e You need storage around the workbench. 


« You need storage below the workbench. 


Many DIY workbench projects allow little or no storage 
underneath. Or, they suggest open shelves, which will 
be vulnerable to dust. My minimum configuration 
would be a pair of two-drawer file cabinets with a slab of 
3/4-inch plywood or a Formica-clad kitchen countertop 
placed across them. File cabinets are ideal for storing all 
kinds of objects, not just files, and you can often find 
cheap ones at yard sales and thrift stores. 


Of all the workbenches I've used, the one | liked best was 
an old-fashioned steel office desk—the kind of monster 
that dates back to the 1950s. They’re difficult to move 
(because of their weight) and don't look beautiful, but 
you can buy them cheaply from used office furniture 
dealers, they’re generous in size, they withstand abuse, 
and they last forever. The drawers are deep and usually 
slide in and out smoothly, like good file-cabinet drawers. 
Best of all, the desk has so much steel in it that you can 
use it to ground yourself before touching components 
that are sensitive to static electricity. If you use an anti- 
Static wrist strap, you can simply attach it to a sheet-met- 
al screw that you drive into one corner of the desk. 


What will you put in the deep drawers of your desk or 
file cabinets? Some paperwork may be useful, perhaps 
including the following documents: 


e Product datasheets 
e Parts catalogs 


e Sketches and plans that you draw yourself 


The remaining capacity of each drawer can be filled with 
plastic storage boxes. The boxes can contain tools that 
you don't use so often (such as a heat gun or a high-ca- 
pacity soldering iron), and larger-sized components 
(such as loudspeakers, AC adapters, project boxes, and 
circuit boards). You should look for storage boxes that 
measure around 11 inches long, 8 inches wide, and 5 in- 
ches deep, with straight sides. Boxes that you can buy at 
Walmart will be cheaper, but they often have tapering 
sides, which are not space-efficient. 


The boxes that I like best are Akro-Grids, made by Akro- 
Mils (see Figure 5-1 and Figure 5-2). These are very rug- 


ged, with optional transparent snap-on lids. Perspective 
in the photographs make the boxes look as if they taper 
downward, but they don’t. You can download the full 
Akro-Mills catalog online and then search online for re- 
tail suppliers. You'll find that Akro-Mils also sells an in- 
credible variety of parts bins, but | don’t like open bins 
because their contents are vulnerable to dust and dirt. 


Figure 5-1 Akro-Grid boxes contain grooves allowing them to be 
partitioned into numerous compartments for convenient parts 
storage. The height of the box in this photograph allows three to 
be stacked in a typical file-cabinet drawer. 


Figure 5-2 Lids are sold separately for Akro-Grid boxes to keep 
the contents dust-free. The taller box shown here allows two to be 
stacked in a file-cabinet drawer. 


For medium-size components, such as potentiometers, 
power connectors, control knobs, and toggle switches, | 
like storage containers measuring about 11 inches long, 
8 inches wide, and 2 inches deep, divided into four to six 
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sections. You can buy these from Michaels (the craft 
store), but | prefer to shop online for the Plano brand, as 
they seem more durably constructed. The Plano prod- 
ucts that are most suitable for medium-size electronic 
parts are classified as fishing-tackle boxes. 


For undivided, flat-format storage boxes, the Prolatch 
23600-00 is ideally sized to fit a file-cabinet drawer, and 
the latches are sufficiently secure that you could stack a 
series of them on their long edges. See Figure 5-3. 


Figure 5-3 This Plano brand box is undivided, making it useful 
for storing spools of wire or medium-size tools. When stacked 
upright on its long edge, three will fit precisely in a file-cabinet 
drawer. 


Plano also sells some really nicely designed toolboxes, 
one of which you can place on your desktop. It will have 
small drawers for easy access to screwdrivers, pliers, and 
other basics. Because you need a work area that's only 
about three feet square for most electronics projects, 
surrendering some desk space to a toolbox is not a big 
sacrifice. 


If you have a steel desk with relatively shallow drawers, 
one of them can be allocated for printed catalogs. Don't 
underrate the usefulness of hardcopy, just because you 
can buy everything online. The Mouser catalog, for in- 
stance, has an index, which is more useful in some re- 
spects than their online search feature, and the catalog 
is divided into helpful categories. Many times I've found 
useful parts that | never knew existed, just by browsing, 
which is much quicker than flipping through PDF pages 
online, even with a broadband connection. Currently, 
Mouser is still quite generous about sending out their 
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catalogs, which contain over 2,000 pages. McMaster- 
Carr will also send you a catalog, but only after you've 
ordered from them, and only once a year. It is probably 
the most comprehensive, most wonderful catalog of 
tools and hardware in the world. 


Now, the big question: how to store all the dinky little 
parts, such as resistors, capacitors, and chips? I've tried 
various solutions to this problem. The most obvious is to 
buy a case of small drawers, each of which is removable, 
so you can place it on your desk while you access its 
contents. But | don't like this system, for two reasons. 
First, for very small components, you need to subdivide 
the drawers, and the dividers are never secure. And sec- 
ond, the removability of the drawers creates the risk of 
accidentally emptying the contents on the floor. Maybe 
you're too careful to allow this to happen, but I’m not. In 
fact, on one occasion | tipped the entire case of drawers 
onto the floor. 


My personal preference is to use Darice Mini-Storage 
boxes, shown in Figure 5-4. You can find these at Mi- 
chaels in small quantities, or buy them more economi- 
cally in bulk online—just search for: 


darice mini storage box 


The blue boxes are subdivided into five compartments 
that are exactly the right size and shape for resistors. The 
yellow boxes are subdivided into 10 compartments, 
which are ideal for semiconductors. The purple boxes 
aren't divided at all, and the red boxes have a mix of divi- 
sions. All the boxes share the same stock number: 
2505-12. 


The dividers are molded into the boxes, so you don't 
have the annoyance associated with removable dividers 
that slip out of position, allowing components to mix to- 
gether. The box lids fit tightly, so that even if you drop 
one of the boxes, it probably won't open. The lids have 
metal hinges, and a ridge around the edge that makes 
the boxes securely stackable. 
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Figure 5-4 Darice Mini-Storage boxes are ideal for components 
such as resistors, capacitors, and semiconductors. The boxes can 
be stacked stably, stored on shelves, or grouped in larger boxes. 
The brand sticker is easily removed after being warmed with a 
heat gun. 


After considerable searching, | found cheap plastic bins, 
with lids, measuring about 8 inches by 13 inches by 5 in- 
ches deep. Each bin will hold nine Darice parts boxes. 
The bins can then be categorized and stored on shelves. 


Labeling 


No matter which way you choose to store your parts, la- 
beling them is essential. Any ink-jet printer will produce 
neat-looking labels, and if you use peelable (nonperma- 
nent) labels, you'll be able to reorganize your parts in the 
future, as always seems to become necessary. | use col- 
or-coded labels for my collection of resistors, so that | 
can compare the stripes on a resistor with the code on 
the label, and see immediately if the resistor has been 
put in the wrong place. See Figure 5-5. 


Even more important: you need to place a second (non- 
adhesive) label inside each compartment with the com- 
ponents. This label tells you the manufacturer's part 
number and the source, so that reordering is easy. | buy 
a lot of items from Mouser, and whenever | open their 
little plastic bags of parts, | snip out the section of the 
bag that has the identifying label on it, and slide it into 
the compartment of my parts box before | put the parts 
on top of it. This saves frustration later. 


Figure 5-5 To check that resistors are not placed in the wrong 
compartments, print the color code on each label. 


If | were really well organized, | would also keep a data- 
base on my computer listing everything that | buy, in- 
cluding the date, the source, the type of component, 
and the quantity. But I’m not that well organized. 


On the Bench 


Some items are so essential that they should sit on the 
bench or desktop on a permanent basis. These include 
your soldering iron(s), Helping Hand with magnifier, 
desk lamp, breadboard, power strip, and power supply. 
For a desk lamp, | prefer to use one that contains an LED 
bulb, for reasons explained in Experiment 14. 


A power supply for your projects is a matter of personal 
preference. If you're serious about electronics, you can 
buy a unit that delivers properly smoothed current at a 
variety of properly regulated and calibrated voltages. 
Your little wall-plug AC adapter cannot do this, and its 
output may vary depending on how heavily you load it. 
Still, as you've seen, it is sufficient for basic experiments, 
and when you're working with logic chips, you need to 
mount a 5-volt regulator on your breadboard anyway. 
Overall, | consider a good power supply optional. 


Another optional item is an oscilloscope. This will show 
you, graphically, the electrical fluctuations inside your 
wires and components, and by applying probes at differ- 
ent points, you can track down errors in your circuit. It’s a 
neat gadget to own, but it will cost a few hundred dol- 
lars, and for our tasks so far, it has not been necessary. If 
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you plan to get seriously into audio circuits, an oscillo- 
scope becomes far more important, because you'll want 
to see the shapes of the waveforms that you generate. 


You can try to economize on an oscilloscope by buying a 
unit that plugs into the USB port of your computer and 
uses your computer monitor to display the signal. | have 
tried one of these, and was not entirely happy with the 
results. It worked, but did not seem accurate or reliable 
for low-frequency signals. Maybe | was unlucky, but | de- 
cided not to try any other brands. 


The surface of your desk or workbench will undoubtedly 
become scarred by random scuffs, cut marks, and drops 
of molten solder. | use a piece of half-inch plywood, two 
feet square, to protect my primary work area, and | 
clamp a miniature vise to its edge. In the past | used to 
cover the plywood with a square of conductive foam, to 
reduce the risk of static discharge from me to sensitive 
components. Over the years, though, | realized that my 
particular combination of carpet, chair, and shoes does 
not cause me to suffer from static. This is a matter for 
you to determine by experience. If you see a tiny little 
spark sometimes when you touch a metal object, and 
you feel a little zap of electricity, you need to consider 
grounding yourself and perhaps using anti-static foam 
(or a piece of metal) on your working surface. 


Inevitably, during your work you'll create a mess. Little 
pieces of bent wire, stray screws, fasteners, and frag- 
ments of stripped insulation tend to accumulate, and 
can be a liability. If metal parts or fragments get into a 
project that you're building, they can cause short cir- 
cuits. So you need a trash container. But it has to be easy 
to use. | use a full-size garbage pail, because it’s so big 
that | can't miss it when | throw something toward it, 
and | can never forget that it’s there. 


Last, but most essential: a computer. Now that all data- 
sheets are available online, and all components can be 
ordered online, and many sample circuits are placed on- 
line by hobbyists and educators, | don’t think anyone 
can work efficiently without quick Internet access. To 
avoid wasting space, you can place a tower computer on 
the floor and mount its monitor on the wall—or use a 
tablet, or a small, cheap laptop that has a minimal foot- 
print. 


A possible workbench configuration, using a steel desk, 
is shown in Figure 5-6. A more space-efficient configura- 
tion is suggested in Figure 5-7. 
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Figure 5-6 An old steel office desk can be as good as, if not 
better than, a conventional workbench when building small 
electronics projects. It provides a large work area and ample 
storage, and has sufficient mass for you to ground yourself when 
dealing with components that are sensitive to static electricity. 
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Figure 5-7 For maximum utilization of available space, consider 
walling yourself in. 
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Reference Sources Online 


When people ask me to recommend a website offering 
basic information at entry level, | recommend Doctron- 
ICS. 


| like the way they draw their schematics, and | like the 
way they include many illustrations of circuits on bread- 
boards, as | do myself. They also sell kits, if you're willing 
to pay and wait for shipping from the UK. 


My next favorite hobby site is also British-based: the 
Electronics Club. It’s not as comprehensive as Doctron- 
ics, but very friendly and easy to understand. 


For a more theory-based approach, try ElectronicsTutori- 
als. 


This will go a little farther than the theory sections I’ve 
included here. 


For an idiosyncratic selection of electronics topics, try 
Don Lancaster’s Guru's Lair. 


Lancaster wrote The TTL Cookbook more than 30 years 
ago, which opened up electronics to at least two gener- 
ations of hobbyists and experimenters. He knows what 
he's talking about, and isn't afraid of getting into some 
fairly ambitious areas such as writing his own PostScript 
printer drivers and creating his own serial-port connec- 
tions. You'll find a lot of ideas there. 


Books 


Yes, you do need books. A few of the ones | use are 
stacked up in Figure 5-8. 


As you're already reading this one, | won't recommend 
other beginners’ guides. Instead, I'll suggest some titles 
that will take you farther in various directions, and can 
be used for reference. 


Make: More Electronics is the sequel that | wrote to this 
book, which includes all the topics (such as op-amps) for 
which | did not have space here. Some of the circuits are 
more ambitious. If you read that book, and this book, 
you will cover most aspects of electronics that are acces- 
sible to an individual on a moderate budget. 
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Figure 5-8 A sun-damaged copy of Don Lancaster's classic 
guide to TTL chips remains at the top of my stack of reference 
books. It opened up a whole new era of hobby electronics more 
than 40 years ago. Much of its information is still useful, and 
copies are available from secondhand sources, including Amazon. 


The Encyclopedia of Electronic Components is a project 
that | began before | realized quite how demanding it 
would be. Consequently, its three volumes were repeat- 
edly delayed. Volumes 1 and 2 are in print as | write this. 
By the time you read this, maybe Volume 3 will be in 
print too. The idea of these books is that they are ideal 
for quick reference. They can remind you of what you 
forgot, and they go into a lot of detail. By comparison, 
Make: Electronics is a teaching guide full of hands-on tu- 
torials, in which | try not to get bogged down in detail. 


Now let me list the books that | consider most impor- 
tant, written by other people: 


Practical Electronics for Inventors, by Paul Scherz with Si- 
mon Monk (McGraw-Hill, Second Edition, 2013): This is a 
massive, comprehensive book, well worth the $40 cover 
price. Despite its title, you won't need to invent anything 
to find it useful. It’s my primary reference source, cover- 
ing a wide range of concepts, from the basic properties 
of resistors and capacitors all the way to some fairly 
highend math. 


Getting Started with Arduino, by Massimo Banzi and Mi- 
chael Shiloh (Make, 2014): This is the simplest introduc- 
tion around, and will help to familiarize you with the 
processing language used in Arduino (similar to the C 
language, if you know anything about that). 
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Making Things Talk, by Tom Igoe (Make: Books, 2011): 
This ambitious and comprehensive volume shows how 
to make the most of the Arduino’s ability to communi- 
cate with its environment, even getting it to access sites 
on the Internet. 


TTL Cookbook, by Don Lancaster (Howard W. Sams & Co, 
1974): The 1974 copyright date is not a misprint! You 
may be able to find some later editions, but whichever 
one you buy, it will be secondhand. Lancaster wrote his 
guide before the 74xx series of chips was emulated on a 
pin-for-pin basis by CMOS versions such as the 74HCxx 
series, but it’s still a good reference, because the con- 
cepts and part numbers haven't changed, and his writ- 
ing is so accurate and concise. Just bear in mind that his 
information about high and low logic voltages is no 
longer accurate. 


CMOS Sourcebook, by Newton C. Braga (Sams Technical 
Publishing, 2001): This book is entirely devoted to the 
4000 series of CMOS chips, not the 74HCxx series that 
I've dealt with primarily here. The 4000 series is older 
and must be handled more carefully, because it's more 
vulnerable to static electricity than the generations that 
came later. Still, the chips remain widely available, and 
their great advantage is their willingness to tolerate a 
wide voltage range, typically from 5 to 15 volts. This 
means you can set up a 12-volt circuit that drives a 555 
timer, and use output from the timer to go straight into 
CMOS chips (for example). The book is well organized in 
three sections: CMOS basics, functional diagrams (show- 
ing pinouts for all the main chips), and simple circuits 
showing how to make the chips perform basic functions. 


The Encyclopedia of Electronic Circuits, by Rudolf F. Graf 
(Tab Books, 1985): A totally miscellaneous collection of 
schematics, with minimal explanations. This is a useful 
book to have around if you have an idea and want to see 
how someone else approached the problem. Examples 
are often more valuable than general explanations, and 
this book is a massive compendium of examples. Many 
additional volumes in the series have been published, 
but start with this one, and you may find it has every- 
thing you need. 


The Circuit Designer's Companion, by Tim Williams (New- 
nes, Second Edition, 2005): Much useful information 
about making things work in practical applications, but 
the style is dry and fairly technical. May be useful if 
you're interested in moving your electronics projects in- 
to the real world. 
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The Art of Electronics, by Paul Horowitz and Winfield Hill 
(Cambridge University Press, Second Edition, 1989): The 
fact that this book has been through 20 printings tells 
you two things: (1) many people regard it as a funda- 
mental resource; (2) secondhand copies should be wide- 
ly available, which is an important consideration, as the 
list price is over $100. It's written by two academics, and 
has a more technical approach than Practical Electronics 
for Inventors, but | find it useful when I’m looking for 
backup information. 


Getting Started in Electronics, by Forrest M. Mims III (Mas- 
ter Publishing, Fourth Edition, 2007): Although the origi- 
nal dates back to 1983, this is still a fun book to have. | 
think | have covered many of its topics here, but you 
may benefit by reading explanations and advice from a 
completely different source, and it goes a little farther 
than | have into some electrical theory, on an easy-to- 
understand basis, with cute drawings. Be warned that 
it's a brief book with eclectic coverage. Don't expect it to 
have all the answers. 
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Now that | have surveyed your future options, let me 
deal with a very important topic that has been waiting 
in the background: the relationship between electricity 
and magnetism. Quickly this will lead us into audio re- 
production and radio, and l'Il describe the fundamentals 
of self-inductance, which is the third and final basic 
property of passive components (resistance and capaci- 
tance being the other two). | left self-inductance until 
last because it has limited application to DC circuits. But 
as soon as we start dealing with analog signals that fluc- 
tuate, it becomes fundamental. 


Fundamentals: A Two-Way Relationship 
Electricity can create magnetism: 


e When electricity flows through a wire, the elec- 
tricity creates a magnetic force around the wire. 


This principle is used in almost every electric motor in 
the world. 


Magnetism can create electricity: 


e When a wire moves through a magnetic field, 
the field creates a flow of electricity in the wire. 
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This principle is used in power generation. A diesel en- 
gine, or a water-powered turbine, or a windmill, or some 
other source of energy can turn coils of wire through a 
powerful magnetic field. Electricity is induced in the 
coils. With the exception of solar panels, all practical 
sources of electric power use magnets and coils of wire. 


In the next experiment, you'll see a dramatic mini-demo 
of this effect. It should be a part of any school science 
class, but even if you've done it in the past, | suggest that 
you do it again, because setting it up takes only a matter 
of moments. 


What You Will Need 


e Large screwdriver (1) 
e 22-gauge wire, or thinner (no more than 6 feet) 
« 9-volt battery (1) 


e Paper clip (1) 


Procedure 


This couldn't be simpler. Wind the wire around the shaft 
of the screwdriver, near its tip. The turns should be neat 
and tight and closely spaced, and you'll need to make 
100 of them, within a distance of no more than 2 inches. 
To fit them into this space, you'll have to make turns on 
top of previous turns. If the final turn tends to unwind it- 
self, secure it with a piece of tape. 


Now apply the 9-volt battery. At first sight, this looks like 
a very bad idea, because you're going to short out your 
battery just as you did in Experiment 2. But when you 
pass current through a wire that's coiled instead of 
straight, the flow of current is inhibited (in a way that | 
will explain shortly), and the current does some work 
(such as, it can move a paper clip). 


Put a small paper clip near the screwdriver blade, as 
shown in Figure 5-9, 


S 


Figure 5-9 This most basic electromagnet is just strong enough 
to attract a paper clip. 


The surface should be smooth, so that the paper clip can 
slide across it easily. Because many screwdrivers are al- 
ready magnetic, you may find that the paper clip is natu- 
rally attracted to the tip of the blade. If this happens, 
move the clip just outside the range of attraction. Now 
apply the 9 volts to the circuit, and the clip should jump 
to the tip of the screwdriver. 


Congratulations: you just made an electromagnet. The 
schematic is shown in Figure 5-10. 


Figure 5-10 A schematic can't get much simpler than this. 


Theory: Inductance 


When electricity flows through a wire, it creates a mag- 
netic field around the wire. Because the electricity “indu- 
ces” this effect, it is known as inductance. This is illustra- 
ted in Figure 5-11. 
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Figure 5-11 When the flow of electricity is from left to right along 
this conductor, it induces a magnetic force shown by the green 
arrows. 


The field around a straight wire is very weak, but if we 
bend the wire into a circle, the magnetic force starts to 
accumulate, pointing through the center of the circle, as 
shown in Figure 5-12. If we add more circles, to form a 
coil, the force accumulates even more. And if we put a 
steel or iron object (such as a screwdriver) in the center 
of the coil, the effectiveness increases further. 


Figure 5-12 When the conductor is bent to form a circle, the 
cumulative magnetic force acts through the center of the circle, 
as shown by the large arrow. 


Figure 5-13 shows this graphically, along with a formula 
known as “Wheeler's approximation,’ which allows you 
to calculate the inductance of a coil approximately, as- 
suming you know the inner radius, the outer radius, the 
width, and the number of turns. (The dimensions must 
be in inches, not metric.) The basic unit of inductance is 
the henry, named after American electrical pioneer Jo- 
seph Henry. Because this is a large unit (like the farad), 
the formula expresses inductance in microhenries. 
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N = Number of Turns of Wire 


From Wheeler's approximation formula: 


O.8xAxAXxXNxXWN 
(6 x A) + (9x W) + (10 x D) 


Microhenries = 


Ri + R2 


Where A (average winding radius) = > 


D (radius difference) = R2 - R1 


Figure 5-13 A graphical representation showing how the 
dimensions and number of turns in a coil affect its inductance, 
calculated approximately with a simple formula. 


You'll see from the graphs that if you keep the basic size 
of a coil the same, and double the number of turns (by 
using thinner wire or wire with thinner insulation), the 
reactance of the coil increases by a factor of four. This is 
because the formula includes the factor N x N at the top. 
Here are some take-home messages: 


e Inductance increases with the diameter of the 
coil. 


e Inductance increases approximately with the 
square of the number of turns. (In other words, 
three times as many turns create nine times the 
inductance.) 


« If the number of turns remains the same, induc- 
tance is lower if you wind the coil so that it’s 
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slender and long, but is higher if you wind it so 
that it's fat and short. 


Fundamentals: Coil Schematics and 
Basics 


Check the schematic symbols for coils in Figure 5-14. 
Moving from left to right, either of the first two symbols 
represents a coil with an air core (the first symbol is older 
than the second). The third and fourth symbols indicate 
that the coil is wound around a solid iron core, or a core 
composed of iron particles or ferrite, respectively. 


Figure 5-14 Schematic symbols to represent coils. See text for 
details. 


An iron core will add to the inductance of a coil, because 
it increases the magnetic effect. 


If you measure the magnetic field created by a coil with 
a positive power source at one end and negative ground 
at the other end, the field will reverse if you reverse the 
polarity of the power supply. 


Perhaps the most widespread application of coils is in 
transformers, where alternating current in one coil indu- 
ces alternating current in another, often sharing the 
same iron core. If the primary (input) coil has half as 
many turns as the secondary (output) coil, the voltage 
will be doubled, at half the current—assuming hypo- 
thetically that the transformer is 100% efficient. 


Background: Joseph Henry 


Born in 1797, Joseph Henry was the first to develop and 
demonstrate powerful electromagnets. He also origina- 
ted the concept of “self-inductance,’ meaning the “elec- 
trical inertia” that is a property of a coil of wire. 


Henry started out as the son of a day laborer in Albany, 
New York. He worked in a general store before being ap- 
prenticed to a watchmaker, and was interested in be- 
coming an actor. Friends persuaded him to enroll at the 
Albany Academy, where he turned out to have an apti- 


tude for science. In 1826, he was appointed Professor of 
Mathematics and Natural Philosophy at the Academy, 
even though he was not a college graduate and de- 
scribed himself as being “principally self-educated;” Mi- 
chael Faraday was doing similar work in England, but 
Henry was unaware of it. 


Henry was appointed to Princeton in 1832, where he re- 
ceived $1,000 per year and a free house. When Morse at- 
tempted to patent the telegraph, Henry testified that he 
was already aware of its concept, and indeed had rigged 
a system on similar principles to signal his wife, at home, 
when he was working in his laboratory at the Philosoph- 
ical Hall. 


Henry taught chemistry, astronomy, and architecture, in 
addition to physical science, and because science was 
not divided into strict specialties as it is now, he investi- 
gated phenomena such as phosphorescence, sound, ca- 
pillary action, and ballistics. In 1846, he headed the new- 
ly founded Smithsonian Institution as its secretary. His 
photograph appears in Figure 5-15. 


Figure 5-15 Joseph Henry was an American experimenter who 
pioneered the investigation of electromagnetism. This 
photograph is archived in Wikimedia Commons. 
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Experiment 26: Tabletop Power 
Generation 


In Experiment 5, you saw that chemical reactions can 
generate electricity. Now it's time to see electricity gen- 
erated by a magnet. 


What You Will Need 


Wire cutters, wire strippers, test leads, multime- 
ter 


Cylindrical neodymium magnet, 3/16” diameter 
by 1.5” long, axially magnetized (1) 


Hookup wire, 26-gauge, 24-gauge, or 22-gauge, 
total 200 feet 


Low-current LED (1) 
Capacitor, 1,000uF (1) 
Switching diode, 1N4001 or similar (1) 


Optional extras: 


Cylindrical neodymium magnet, 3/4” diameter 
by 1” long, axially magnetized (1) 


Half-inch diameter wooden dowel, 6” long 
(minimum) 


Steel screw, #6 size with flat head 


PVC water pipe, 3/4” internal diameter, 6” long 
(minimum) 


Two pieces of 1/4” plywood, each about 4” x 4” 
(you will need a 1” hole saw or Forstner bit to 
drill a hole through the plywood) 


Spool of magnet wire, quarter-pound, 26- 
gauge, about 350 feet (1) 


Procedure 


First, you need a magnet. Neodymium magnets are the 
strongest available, and are fairly cheap if you choose 
the small cylindrical type. A magnet of just 3/16” diame- 
ter and 1.5” long will be sufficient. Wrap about 10 turns 
of 22-gauge wire tightly around it, as shown in Fig- 
ure 5-16. Now allow the wire to loosen slightly, so that 
the magnet can slide through the coils. 
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Figure 5-16 Just ten turns of wire can be sufficient to create a 
small electrical potential when a magnet moves through them. 


Set your meter to measure millivolts AC (not DC, be- 
cause we're going to be dealing with alternating pulses 
of electricity). Strip a little insulation from each end of 
the coil, and use alligator test leads to attach the meter. 
Grasp the magnet between finger and thumb, and shut- 
tle it quickly to and fro inside the coil. l'm guessing you'll 
see a value of 3mV to 5mV on your meter. Yes, this small 
magnet, and 10 turns of wire, can generate a few milli- 
volts. 


Try winding a bigger coil, with the layers overlapping, as 
shown in Figure 5-17. Move the magnet quickly again. 
You should find that you are generating more voltage. 


| 


Figure 5-17 Adding more turns of wire will increase the 
measured voltage when the magnet moves through them. 


Remember the formula from the previous experiment, in 
which | showed how passing electricity through more 
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coils of wire would induce a stronger magnetic field. It 
works both ways: 


e More coils of wire will generally induce a higher 
voltage, when a magnet moves through the 
coils. 


This leads me to wonder—if we had a bigger, stronger 
magnet and a lot of turns of wire, could we generate 
enough electricity to power something, such as, maybe, 
an LED? 


Lighting an LED 

I'm going to use 22-gauge wire, because you already 
have it for the other experiments. The trouble is, it is rel- 
atively thick and has thick insulation. Two hundred turns 
of this wire really begin to bulk up. This is why we should 
be using magnet wire, which is pure copper wire with an 
ultra-thin coating of insulation made from shellac or 
plastic film. Magnet wire is designed to pack as densely 
as possible. 


However, you may not feel like spending the money for 
a spool of magnet wire, bearing in mind that you are un- 
likely to find any other use for it. So, | decided to see if 
22-gauge hookup wire would be workable in this experi- 
ment. The answer is yes, but only just. 


You do need 200 feet. That will cost a bit of money, but 
you can always reuse the wire for normal purposes, such 
as creating jumpers for breadboards. 


You can join two or more pieces of wire together when 
you are winding a spool, and so long as you twist the 
stripped ends tightly, you don't need to solder them. 


You also need a more powerful magnet. The smallest 
that worked for me is cylindrical, measures 1” long and 
3/4” in diameter, and is axially magnetized, meaning 
that the north and south poles are at opposite ends of 
its axis. (The axis is an imaginary line that runs through 
the center of the cylinder, parallel with its curved sides. 
You can imagine the cylinder like a shaft rotating around 
its axis.) 


The equipment that | ended up with is shown in Fig- 
ure 5-18. The magnet is at the right-hand side. The spool 
| made from 1/4” plywood, and it is just over four inches 
in diameter. A piece of 3/4” PVC water pipe runs through 
the center, and its inside diameter is just a fraction wider 


than the diameter of the magnet, so that the magnet 
can slide through it freely. 
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Figure 5-18 Two hundred turns of 22-gauge wire on a home- 


made spool, with a magnet that attaches itself to a screw in a 
wooden dowel. 


Push-fit the plywood circles onto the pipe, to create a 
spool. Now you need to wind 200 feet of wire onto the 
spool—taking care to leave access to the inside end of 
the wire. | drilled a small hole in one of the plywood cir- 
cles, near the center, and poked the wire out through 
the hole. 


The width of the coil that you are going to wind should 
be about the same as the length of the magnet, and the 
magnet inside the tube should be able to emerge com- 
pletely on either side of the coil. The cross-section of the 
spool in Figure 5-19 shows what | mean. 


To hold the magnet conveniently, | drilled a hole in one 
end of a piece of 1/2” wooden dowel, and inserted a #6 
1” flat-headed screw. | was then able to hold the dowel 
like a handle, while the magnet attracted itself firmly to 
the screw. 


Now for the big moment. Use a couple of alligator test 
leads to attach the ends of your coil to the inputs of your 
meter, and set the meter to AC volts, as you did before. 
This time, though, set it to measure up to 2 volts. 


With the magnet attached to the dowel, you can push it 
as quickly as possible in and out of the PVC pipe. Alter- 
natively, remove the magnet from the dowel, drop it into 
the pipe, and rattle it up and down with your finger and 
thumb over the ends of the pipe. If you really work hard, 
your meter should show a voltage of around 0.8V. 
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Figure 5-19 Setup for generating just enough power to light an 
LED, 


You took all that trouble, and you got less than a volt? 


Ah, but your meter is averaging the current. Each pulse is 
probably peaking at a higher voltage. 


Disconnect your test leads from the meter, and attach 
them to a low-current LED. Clamp the LED so that it 
doesn't jostle around. Now when you move the magnet 
vigorously, | think you will see the LED flicker. If it 
doesn't, reverse the orientation of the magnet in the 
tube and try again. You really need a low-current LED to 
make this work. 


Optional Extensions 


If you are willing to spend a little more money, you can 
get much more impressive results. 


First, use a bigger magnet. | get excellent results from 
one that is 2” long and 5/8” in diameter. Of course, you'll 
need a larger diameter of PVC pipe to accommodate the 
magnet. 


Second, buy a spool of proper magnet wire. | used about 
500 feet of 26-gauge wire. It’s easy to buy online; there 
are dozens of suppliers. 
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If you're fortunate, your magnet wire will be supplied on 
a plastic spool with a hole in the middle just a little bit 
bigger than the diameter of your magnet. And, better 
still, the spool of magnet wire will allow you access to 
the “tail” of the wire sticking out in the center of the 
spool, as shown circled in red in Figure 5-20. 


A eee ces NA 
Figure 5-20 A spool of magnet wire with the inside end 
accessible, circled in red. 


To remove the thin film of insulation from the ends of 
the magnet wire, you can scrape them very gently with a 
knife blade, or rub them with fine sandpaper. Check with 
a magnifying glass to make sure that some insulation 
has been removed. You can also apply your meter to 
check the resistance, which should be less than 100 
ohms. 


Now you can attach an LED to each end of the magnet 
wire on the spool, and generate voltage by pushing your 
magnet in and out of the center of the spool, as shown 
in Figure 5-21. 


If the spool is the wrong size, or if the tail of the wire isn't 
accessible, you'll just have to rewind the wire from one 
spool to another. Suppose you have 500 feet; that will 
entail rewinding about 2,000 turns. If you can make four 
turns per second, you'll require 500 seconds—a little less 
than 10 minutes, which | think is tolerable. 
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Figure 5-21 Ready for power generation, on a rather small scale. 


Figure 5-22 Demonstration device capable of dazzling results. 


22 shows a larger-scale device that | built for 
den tato purposes. The coil of magnet wire is 
coated with epoxy glue, so that it won't unravel, and | 
mounted the pipe in a block of plastic that holds it se- 


curely. My neodymium magnet attaches itself to a steel 
screw in to the end of an aluminum rod, also visible in 
the photograph. 


| added two high-intensity LEDs to the coil, with their 
polarity in opposite directions. When the magnet shut- 
tles up and down, the LEDs light up the whole room. Al- 
so, their opposite polarity shows that voltage travels 
through the coil in one direction on the sea ane in 
the other direction on the downstroke. See Figure 5-23. 
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5-23 The LED generator in action. 
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You can easily pinch your skin and get blood blisters (or 
worse). Because a magnet pulls with increasing force as 
the distance between it and another object gets smaller, 
it closes the final gap very suddenly and powerfully. 
Ouch! 


Magnets never sleep. In the world of electronics, we tend 
to assume that if something is switched off, we don't 
have to worry about it. Magnets don't work that way. 
They are always sensing the world around them, and if 
they notice a magnetic object, they want it, now. Results 
may be unpleasant, especially if the object has sharp 
edges and your hands are in the way. When using a 
magnet, create a clear area on a nonmagnetic surface, 
and watch out for magnetic objects underneath the sur- 
face. For example, my magnet sensed a steel screw em- 
bedded in the underside of a kitchen countertop, and 
slammed itself into contact with the countertop unex- 
pectedly. 


Its hard to take this seriously until it happens to you. 
But, seriously, neodymium magnets don't fool around. 
Proceed with caution. 


Also, remember that magnets create magnets. When a 
magnetic field passes across an iron or steel object, the 
object picks up some magnetism of its own. If you wear 
a watch, be careful not to magnetize it. If you use a 
smartphone, keep it away from magnets. Likewise, any 
computer or disk drive is vulnerable. The magnetic stripe 
on a credit card is easily erased. Also keep magnets well 
away from TV screens and video monitors (especially 
cathode-ray tubes). Last but not least, powerful magnets 
can interfere with the normal operation of cardiac pace- 
makers. 


Charging a Capacitor 

Here’s another thing to try. Disconnect the LED from 
whatever coil of wire you created, and connect a 
1,000uF electrolytic capacitor in series with a 1N4001 
signal diode, as shown in Figure 5-24. Attach your meter, 
measuring DC volts (not AC, this time), across the 
capacitor. 
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Figure 5-24 A diode enables you to accumulate voltage from 
your coil in a capacitor. 


If your meter has a manual setting for its range, set it to 
at least 2VDC. Make sure the positive (unmarked) side of 
the diode is attached to the negative (marked) side of 
the capacitor, so that positive voltage will pass through 
the capacitor and then through the diode. 


Now move the magnet vigorously up and down in the 
coil. The meter should show that the capacitor is accu- 
mulating charge. When you stop moving the magnet, 
the voltage reading may decline very slowly, mostly be- 
cause the capacitor discharges itself through the inter- 
nal resistance of your meter. 


This experiment is more important than it looks. Bear in 
mind that when you push the magnet into the coil, it in- 
duces current in one direction, and when you pull it 
back out again, it induces current in the opposite direc- 
tion. You are actually generating alternating current. 


The diode only allows current to flow one way through 
the circuit. It blocks the opposite flow, which is how the 
Capacitor accumulates its charge. If you jump to the con- 
clusion that diodes can be used to convert alternating 
current to direct current, you're absolutely correct. We 
say that the diode is “rectifying” the AC power. 
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Next: Audio 


Experiment 25 showed that voltage can create a mag- 
net. Experiment 26 has shown that a magnet can create 
voltage. We're now ready to apply these concepts to the 
detection and reproduction of sound. 


Experiment 27: Loudspeaker 
Destruction 


You saw that electricity running through a coil can cre- 
ate enough magnetic force to pull a small metallic ob- 
ject toward it. What if the coil is very light, and the ob- 
ject is heavier? In that case, the coil can be pulled toward 
the object. This principle is at the heart of a loudspeaker. 


To understand how a loudspeaker works, there's really 
no better way than to disassemble it. Maybe you'd prefer 
not to spend a few dollars on this destructive but educa- 
tional process—in which case, you might consider pick- 
ing Up a piece of nonfunctional audio equipment at a 
yard sale, and pulling a loudspeaker out of that. Or sim- 
ply take a look at my photographs illustrating the pro- 
cess step by step. 


What You Will Need 


e Cheapest possible loudspeaker, 2” minimum (1) 


e Utility knife (1) 


Procedure 


Figure 5-25 shows a small loudspeaker seen from the 
rear. A magnet is hidden in the sealed cylindrical section. 


Figure 5-25 The back of a small loudspeaker. 


Turn the loudspeaker face-up, as shown in Figure 5-26. 
Cut around the perimeter of its cone with a sharp utility 
knife or X-Acto blade. Then cut around the circular cen- 
ter and remove the O-shaped circle of black paper that 
you've created. 


Figure 5-26 A two-inch loudspeaker ready for its fate. 


The unconed speaker is shown in Figure 5-27. The yel- 
low weave at the center is the flexible section that nor- 
mally allows the cone to move in and out, while prevent- 
ing it from deviating from side to side. 
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Figure 5-27 The loudspeaker with its cone removed. 


Cut around the outside edge of the yellow weave, and 
you should be able to pull up a hidden paper cylinder, 
which has a copper coil wound around it, as shown in 
Figure 5-28. In the photograph, I’ve turned it over so that 
it is easily visible. 


Figure 5-28 The copper coil is normally hidden inside the groove 
of the magnet, below. 


The two ends of this copper coil normally receive power 
through flexible wires from two terminals at the back of 
the speaker. When the coil sits in the groove visible in 
the magnet, the coil reacts to voltage fluctuations by ex- 
erting an up-and-down force in reaction to the magnetic 
field. This vibrates the cone of the loudspeaker and cre- 
ates sound waves. 


Large loudspeakers in your stereo system work exactly 
the same way. They just have bigger magnets and coils 
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that can handle more power (typically, as much as 100 
watts). 


Whenever | open up a small component like this, I’m im- 
pressed by the precision and delicacy of its parts, and 
the way it can be mass-produced for such a low cost. | 
imagine how astonished Faraday, Henry and the other 
pioneers of electrical research would be, if they could 
see the components that we take for granted today. 
Henry spent days winding coils by hand to create elec- 
tromagnets that were far less efficient than this cheap 
little loudspeaker. 


Background: Origins of Loudspeakers 


As | mentioned at the beginning of this experiment, a 
coil will move if its magnetic field interacts with a heavy 
or fixed object. If the object is a permanent magnet, the 
coil will interact with it more strongly, creating more vig- 
orous motion. This is how a loudspeaker works. 


The idea was introduced in 1874 by Ernst Siemens, a 
prolific German inventor. (He also built the world's first 
electrically powered elevator in 1880.) Today, Siemens 
AG is one of the largest electronics companies in the 
world. 


When Alexander Graham Bell patented the telephone in 
1876, he used Siemens’ concept to create audible fre- 
quencies in the earpiece. From that point on, sound-re- 
production devices gradually increased in quality and 
power, until Chester Rice and Edward Kellogg at General 
Electric published a paper in 1925 establishing basic 
principles that are still used in loudspeaker design today. 


At sites such as Radiola Guy, you'll find photographs of 
very beautiful early loudspeakers, which used a horn de- 
sign to maximize efficiency, as shown in Figure 5-29. As 
sound amplifiers became more powerful, speaker effi- 
ciency became less important compared with quality re- 
production and low manufacturing costs. Today's loud- 
speakers convert only about 1% of electrical energy into 
acoustical energy. 
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Fig. 9-14. PC board and parts layout for common anode LED display. Board is multiplexed for Monsanto LEDs: MAN 1, 1A, MAN 5, 7, 8, 
MAN 51, 52, 71, 72, 81, 82. Cut pin 6 on LED (decimal point) as it is not used. Board is 1.5” x 5”, 


Experiment 27: Loudspeaker Destruction 


LIO 


Amplion small horn 
radio speaker 
model AR-114 


RadiolaGuy.com 


Figure 5-29 This beautiful Amplion AR-114x illustrates the 
efforts of early designers to maximize efficiency in an era when 
the power of audio amplifiers was very limited. Photos by “Sonny, 
the RadiolaGuy.” Many early speakers are illustrated at http:// 
www.radiolaguy.com. Some are for sale. 


Theory: Sound, Slectricity, and Sound 


Time now to establish a more specific idea of how sound 
is transformed into electricity and back into sound 
again. 


Suppose someone bangs a gong with a stick, as shown 
in Figure 5-30. The flat metal face of the gong vibrates in 
and out, creating pressure waves that the human ear 
perceives as sound. Each wave of high air pressure is fol- 
lowed by a trough of lower air pressure, and the wave- 
length of the sound is the distance (usually ranging from 
meters to millimeters) between one peak of pressure 
and the next. 
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Figure 5-30 Striking a going makes its flat surface vibrate. The 
vibrations create waves of pressure in the air. 


The frequency of the sound is the number of waves per 
second, usually expressed as hertz. 


Suppose we put a very sensitive little membrane of thin 
plastic in the path of the pressure waves. The plastic will 
flutter in response to the waves, like a leaf fluttering in 
the wind. Suppose we attach a tiny coil of very thin wire 
to the back of the membrane so that it moves with the 
membrane. And let's position a stationary magnet inside 
the coil of wire. This configuration is like a tiny, ultra-sen- 
sitive loudspeaker, except that instead of electricity pro- 
ducing sound, the sound will produce electricity. Pres- 
sure waves make the membrane oscillate along the axis 
of the magnet, and the magnetic field creates a fluctuat- 
ing voltage in the wire. The principle is illustrated in Fig- 
ure 5-31. 


This is known as a moving-coil microphone. There are 
other ways to build a microphone, but this is the config- 
uration that is easiest to understand. Of course, the volt- 
age that it generates is very small, but we can amplify it 
using a transistor, or a series of transistors, as suggested 
in Figure 5-32. 
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create the pressure waves in the air, as shown in Fig- 
ure 5-33. 


e s2 s = s., 


+ 


> 


~ O = 
Moving-Coil 
Microphone 


Output 


Voltage 
a 


Time —— 


Figure 5-31 Sound waves entering a moving-coil microphone 
make a membrane vibrate. The membrane is attached to a coil on 
a Sleeve around a magnet. Motion of the coil induces small 


currents. 
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Figure 5-32 Tiny signals from the microphone pass through an 
amplifier, which enlarges their amplitude while retaining their 
frequency and the shape of their waveform. 


Then we can feed the output through the coil around 
the neck of a loudspeaker, and the loudspeaker will re- 
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Figure 5-33 The amplified electrical signal is passed through a 
coil around the neck of a loudspeaker cone. The magnetic field 
induced by the current causes the cone to vibrate, reproducing 
the original sound. 


Somewhere along the way, we may want to record the 
sound and then replay it. But the principle remains the 
same. The hard part is designing the microphone, the 
amplifier, and the loudspeaker so that they reproduce 
the waveforms accurately at each step. It's a significant 
challenge, which is why accurate sound reproduction 
can be elusive. 


Experiment 28: Making a Coil 
React 


You've seen that when you pass current through a coil, 
the current creates a magnetic field. When you discon- 
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nect the current, what happens to the field that it cre- 
ated? 


The energy in the field is converted back into a brief 
pulse of electricity. We say that this happens when the 
field collapses. 


This experiment will enable you to see it for yourself. 
What You Will Need 


e Breadboard, hookup wire, wire cutters, wire 
strippers, multimeter 


e Low-current LEDs (2) 


e Hookup wire, 22 gauge (26 gauge preferred), 
100 feet (1 spool) 


e Resistor, 47 ohms (1) 
e Capacitor, 1,000 uF or larger (1) 
e Tactile switch (1) 


Procedure 

Take a look at the schematic in Figure 5-34. The bread- 
boarded version is shown in Figure 5-35. For the coil, you 
can use a spool of 100 feet of 22-gauge hookup wire. Al- 
ternatively, if you created your own coil of 200 feet of 
wire in Experiment 26, you can use that; and if you 
splurged on a spool of magnet wire, that will be even 
better. 


Coil: 
at least ¢ 
300 turns £ 
of 22 gauge 
hookup wire 


Figure 5-34 A simple circuit to demonstrate the self-inductance 
of a coll. 


Figure 5-35 Breadboarded version of the self-inductance 
experiment. 


When you look at the schematic, it doesn't seem to 
make much sense. The 47-ohm resistor seems too small 
to protect the LED—but why should the LED light up at 
all, when the electricity can go around it through the 
coil? 


Now test the circuit, and | think you'll be surprised. Each 
time you press the button, the LED blinks briefly. Can 
you imagine why that should be? 


Try adding a second LED, the other way up, as in Fig- 
ure 5-36 and Figure 5-37. Press the button again, and the 
first LED flashes, as before. But now when you release 
the button, the second LED flashes. 


9VDC 


Figure 5-36 One LED flashes when a magnetic field is created; 
the other flashes when the field collapses. 
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Figure 5-37 Breadboarded version of the two-LED 
demonstration circuit. 


A Collapsing Field 


Here's what happened during this experiment. At first, 
the coil required a brief amount of time to build up a 
magnetic field. This took a moment, and during that mo- 
ment the coil blocked some of the flow of current. As a 
result, some of the current detoured through the first 
LED. Once the magnetic field was established, current 
flowed through the coil more normally. 


This response of the coil is known as self-inductance. 
Sometimes people use the term inductive reactance, or 
just reactance, but since self-inductance is the correct 
term, l'Il be using it here. 


When you disconnected the power, the magnetic field 
collapsed, and the energy from the field was converted 
back into electricity in a short, brief pulse. This caused 
the second LED to flash when you let go of the button. 


Naturally, different sizes of coil store and release differ- 
ent amounts of energy. 


Perhaps you remember in Experiment 15, | advised you 
to tie a diode across the coil of a relay to absorb the 
surge that occurs when a relay coil is switched on and 
off. You have now seen this effect for yourself. 


Resistors, Capacitors, and Coils 


The three primary types of passive components in elec- 
tronics are resistors, capacitors, and coils. We can now 
list and compare their properties. 


A resistor constrains current flow, and drops voltage. 
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A capacitor allows a pulse of current to flow initially, but 
blocks direct current. 


A coil (often referred to as an inductor) blocks DC current 
initially, but allows a continuing flow of direct current. 


In the circuit that | just showed you, | didn't use a higher- 
value resistor because | knew the coil would allow only a 
very brief pulse. The blinking LEDs would have been less 
easily visible if | had used a more usual 330-ohm or 470- 
ohm resistor. 


Don't try to run the circuit without the coil of wire in- 
cluded. You will quickly burn out one or both of the 
LEDs. The coil may look as if it isn’t doing anything, but it 
is. 


Here’s one last variation on this experiment, to test your 
memory and understanding of electrical fundamentals. 
Build a new circuit shown in Figure 5-38 and Figure 5-39 
using a 1,000uF capacitor instead of a coil (be careful to 
get its polarity the right way around, with the positive 
lead at the top.) Also, use a 470-ohm resistor, because 
the coil isn’t there to block and divert current anymore. 


First hold down button B for a second or two to make 
sure that the capacitor is discharged. Now, what will you 
see when you press button A? Maybe you can guess. Re- 
member, a capacitor will pass an initial pulse of electrici- 
ty. Consequently, the bottom LED lights up—and then 
gradually fades out, because the capacitor accumulates 
a positive charge on its upper plate and a negative 
charge on its lower plate. As this occurs, the potential 
across the lower LED diminishes to zero. 


1,000uF 


Figure 5-38 In many ways, the behavior of a capacitor is 
opposite to the behavior of a coil. 
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Figure 5-39 Breadboarded version of the capacitor demo. 


The capacitor is now charged. Press the right-hand but- 
ton, and the capacitor discharges through the upper 
LED. You can see this as the equivalent of the experi- 
ment in Figure 5-37, but using a capacitor instead of a 
coil. 


Capacitors and inductors both store power. You were 
able to see this more obviously with the capacitor, be- 
cause a high-value capacitor is much smaller than a 
high-value coil. 


Theory: Alternating Current Concepts 


Here's a simple thought experiment. Suppose you set up 
a 555 timer to send a stream of pulses through a coil. 
This will be a primitive form of alternating current. 


Will the self-inductance of the coil interfere with the 
stream of pulses? That will depend on how long each 
pulse is, and how much inductance the coil has. If the 
frequency of pulses is just right, the self-inductance of 
the coil will last just long enough to block each pulse. 
Then the coil will recover in time to block the next one. 
In conjunction with a resistor (or just the resistance of 
the loudspeaker) a coil can suppress some frequencies 
while allowing others to pass through. 


If you have a stereo system that uses a small speaker to 
reproduce high frequencies and a large speaker to re- 
produce low frequencies, almost certainly there is a coil 
somewhere in the speaker cabinet, stopping the higher 
frequencies from reaching the large speaker. 


What happens if you substitute a capacitor for a coil? If 
the AC pulses are long relative to the value of the capaci- 
tor, it will tend to block them. But if the pulses are short- 
er, the capacitor can charge and discharge in rhythm 
with the pulses, and will allow them through. 


| don't have space in this book to get deeply into alter- 
nating current. It’s a vast and complicated field where 
electricity behaves in strange and wonderful ways, and 
the mathematics that describe it can become quite chal- 
lenging, involving differential equations and imaginary 
numbers. (What is an imaginary number? The most ob- 
vious example is the square root of minus-one. How can 
that exist? Well—it can’t, which is why we say that it’s 
imaginary. Yet it crops up in electrical theory. If that 
sounds interesting, you may want to check it out.) 


But | haven't finished with coils yet. The next experiment 
will demonstrate the audio effects that | just described 
above. 


Experiment 29: Filtering 
Frequencies 


In this experiment, you'll change the sound of sound. 
Using coils and capacitors, you can filter sections of the 
audible spectrum to create a rich variety of effects. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
strippers, test leads, multimeter 


9-volt power supply (battery or AC adapter) 


Loudspeaker, 8 ohms impedance, minimum 4 
inches diameter (1) 


Audio amplifier chip, LM386 (1) 


22-gauge hookup wire, 100 feet 


Small plastic storage bin as a loudspeaker en- 
closure (1) 


555 timer (1) 
Resistors, 10K (2) 


Capacitors: 0.01uF (3), 2.2uF (1), 100uF (1), 
220uF (3) 


Trimmer potentiometers: 10K (1), 1M (1) 
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e SPDT slide switches (4) 
e Tactile switch (1) 


A Home for Your Speaker 


The little speaker that | recommended for previous 
projects was adequate when all you needed was a few 
beeps, but small speakers have a limited capability to re- 
produce bass notes. Since | want you to be able to hear 
how electronic components can affect those notes, it’s 
time to consider a larger speaker, such as the one in Fig- 
ure 5-40, which has a cone four inches in diameter. 


Figure 5-40 A loudspeaker that would be suitable for this 
project. 


Bearing in mind my previous comments on the need to 
suppress out-of-phase sound waves from the back of 
the speaker, you'll need a box to contain it. The box will 
also boost the sound by resonating, in the same way 
that the body of an acoustic guitar resonates with the vi- 
brations of its strings. 


If you have time to make a plywood box, that would be 
ideal, but the simplest and cheapest enclosure is proba- 
bly a plastic storage bin with a snap-on lid. Figure 5-41 
shows the speaker bolted into the bottom of a bin. Drill- 
ing holes neatly in thin plastic is quite a challenge, and 
—well, | didn’t try too hard. 
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Figure 5-41 A resonant enclosure is necessary if you want to 
hear some bass (lower frequencies) from your speaker. A cheap 
plastic storage bin is sufficient for demo purposes. 


To improve the attributes of the plastic bin, you can put 
some soft, heavy fabric inside it before you snap the lid 
on. A hand towel or some socks should be sufficient to 
absorb some of the vibration. 


A Single Chip 

Back in the 1950s, you needed vacuum tubes, transform- 
ers, and other power-hungry, heavyweight components 
to build an audio amplifier. Today, you can buy a chip for 
about $1 that will do the job, if you add a few capacitors 
around it, and a volume control. 


One of the simplest, cheapest, and easiest to use is the 
LM386, which is available from multiple manufacturers, 
each of which prefaces or appends some extra identify- 
ing letters and numbers to it. The LM386N-1, LM386N, 
and LM386M-1 are all basically the same for our purpos- 
es. Just make sure you buy the through-hole version, not 
the surface-mount version. Pinouts for this amplifier are 
shown in Figure 5-42. 
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lf this capacitor is omitted, gain is 20:1. 
If a 10uF capacitor is included, gain is 200:1. 
For intermediate gain values, add 
a series resistor with the capacitor. 


Negative audio in 
(can be ground) 


Positive audio in 


Audio out 


Maximum output power 1.25W. 
Operating voltage 4VDC to 12VDC. 

For noise suppression, add 0.01 F capacitor to pin 7. 
Pass the audio output through a 220uF coupling capacitor. 
For volume control, use a grounded 10K potentiometer 
as a voltage divider, with pin 3 attached to the wiper. 


Figure 5-42 Pinouts for the LM386 single-chip amplifier. 


This little chip works with a power supply ranging from 
4VDC to 12VDC, and although it is rated for just 1.25 
watts, you'll be surprised how loud it can sound. It has a 
nominal amplification ratio of 20:1. 


Test, 1-2-3 

For testing purposes, | want a source of frequencies cov- 
ering a large range of the audible spectrum. A simple 
way to achieve this is with a 555 timer. The schematic in 
Figure 5-43 shows the timer at the top, with component 
values that can deliver a range from around 70Hz to 
5KHz when you twiddle the 1M trimmer potentiometer. 
Unfortunately you won't hear this as a linear response, 
by which | mean that a small rotation of the trimmer will 
have a much greater audible effect on high frequencies 
than on low frequences. But, it will be good enough for 
demo purposes, and the lower frequencies provide a 
more dramatic demo of audio filtering anyway. 


100 feet 


22 to 26 gauge 


Figure 5-43 A basic audio experimentation circuit. 


The breadboarded version of the circuit is shown in Fig- 
ure 5-44 and the component values are shown in Fig- 
ure 5-45. 
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Figure 5-44 Breadboarded version of the audio experimentation 
circuit. 
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Figure 5-45 Component values in the audio experimentation 
circuit. 


When you build this circuit, | have to warn you that am- 
plifiers are sensitive to all electrical fluctuations, not just 
the ones you want to hear. Any electrical interference 
will be reproduced as a mess of scratchy, buzzing 
sounds, and this problem will be much worse if you use 
unnecessarily long pieces of wire to connect compo- 
nents. 


The kind of jumper wires with little plugs on the end are 
especially undesirable in an amplifier circuit, as they be- 
have like radio antennas. | have tried to limit the lengths 
of all the wires in the breadboard layout shown in Fig- 
ure 5-44, and | encourage you to do the same. The only 
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locations where wire length doesn't matter too much 
are on the power-output side of the chip, where you 
need to attach wires to your loudspeaker and to a coil. 


For the coil, magnet wire of 22 gauge or thinner is ideal, 
but you will get some audible results from a 100-foot 
spool of 22-gauge hookup wire, and the 200 feet of 
hookup wire that | suggested in the previous experi- 
ment would be better. 


Now, before powering up your breadboard, please pay 
attention to the three slide switches near the bottom of 
the circuit, and make sure that all of them are in the 
“down” position. In other words, slide them toward the 
bottom of the breadboard. Also turn the two trimmer 
potentiometers about halfway through their range. 


You can power this project with an AC adapter or a 9- 
volt battery, with no regulation necessary. However, if 
you use an adapter, it may introduce some hum into the 
circuit. You can reduce this by placing a capacitor of 
1,000uF or more between the two buses of the bread- 
board. If you use a battery, the power consumption of 
the amplifier will limit battery life to two or three hours, 
and some of the sound filters will pull down the voltage 
slightly, affecting the audio frequency created by the 
555 timer. 


As soon as you switch on the power, you should hear a 
tone. If you don't, your first troubleshooting strategy 
should be to disconnect the upper lead of the 220uF ca- 
pacitor from the output pin of the 555 timer, and touch 
your speaker wires very briefly between that pin and the 
negative bus. If you don't hear anything, you made a wir- 
ing error around the timer. lf you do hear something, 
then your error is related to the LM386 amplifier chip. 


Make sure you connected power to the correct pins of 
the LM386. The positive and negative supply pins are 
not in the same positions as on logic chips. 


Still no sound? Detach the top end of the short vertical 
piece of blue wire above the 10K trimmer. Touch the end 
of this piece of wire with your finger, and you should 
hear some whistling and buzzing sounds, because this is 
attached to the input pin of the amplifier (pin 4). Still 
nothing? Try attaching your speaker between the nega- 
tive side of capacitor C6, and the negative power supply 
bus. C6 is a coupling capacitor connecting you directly 
with the output pin of the LM386. 


If none of these attempts is successful, you'll have to go 
around the circuit with your meter, checking voltages. 


Adventures in Audio 


Assuming that your circuit is now up and running, I'll ex- 
plain the functions of the components before | suggest 
some things to try. I’m going to refer to the labels that | 
applied to components in the breadboard layout shown 
in Figure 5-44, 


Capacitor C1 sets the frequency of the timer, in conjunc- 
tion with the 1M trimmer. Just in case you want to hear a 
sound higher in pitch than 5KHz, you can substitute a 
0.0068uF (6.8nF) capacitor. 


C5 is a coupling capacitor. It has a large value so that it 
will be transparent to a wide range of frequencies. Its 
purpose is to block DC from the 555 timer, because you 
only want to amplify the fluctuations, not the basic volt- 
age. 


Capacitor C6 is another coupling capacitor, protecting 
your loudspeaker from the DC coming out of the ampli- 
fier. 


Capacitor C7 couples the amplifier output to negative 
ground when you press the button beside it. The value 
of C7 is chosen so that it takes away the higher frequen- 
cies, shunting them to ground. Without those frequen- 
cies, the sound that goes to the loudspeaker sounds 
more mellow. 


Capacitor C4 is switched in and out of the circuit by slide 
switch S3. When the slide is up, sound from the 555 
passes through C4 on its way to the amplifier. Because 
C4 has a small value, it blocks low frequencies, leaving 
you with a thin, tinny sound. 


The complicated part of the circuit relates to the coil. | 
wanted you to hear the difference when a coil is connec- 
ted in parallel with the loudspeaker, and when it is in 
series with the loudspeaker. Switches S1 and S2 give you 
those options, as shown in Figure 5-46 and Figure 5-47. 
When the coil is in parallel with the speaker, this is some- 
times described as bypassing the speaker. 
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Coil and speaker 
are in series 


Coil bypasses 
speaker 


Figure 5-46 Switches S1 and S2 (identified in the breadboard 
diagram for the circuit) allow you to feed audio to the speaker in 
parallel with an external coil, or in series with it. 


Network is 
disconnected 


Coil is 
disabled 


Figure 5-47 Two other configurations of S1 and S2 allow you 
either to bypass the coil, or mute the output from the amplifier. 


You have quite a lot to play with here, especially bearing 
in mind that you can adjust the frequency and volume 
of the sound while you test the various filters. You can 
also test the effect of using two filters simultaneously. 
For instance, press the button to activate the bypass ca- 
pacitor C7, which cuts the high frequencies, and switch 
C4 into the circuit at the same time, to cut the low fre- 
quencies. Now you have a bandpass filter, so called be- 
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cause you are passing just a narrow band of frequencies 
in the midrange. 


The trimmer at bottom-left functions as a volume con- 
trol, but you'll find that it only works properly in the mid- 
dle part of its range. If you push it too high or too low, 
the circuit starts oscillating. This is a problem with ampli- 
fier circuits. The solution tends to involve adding small 
and large capacitors in various locations. | decided not 
to bother, because the midrange of the trimmer is usa- 
ble. 


The capacitors and coils in this circuit are all operating 
on a passive basis. They block some frequencies, but 
they don't boost any frequencies. A more sophisticated 
audio filtering system uses transistors to provide active 
filtering, but requires a lot more electronics. 


Theory: Waveforms 


If you blow across the top of a bottle, the mellow sound 
that you hear is caused by the air vibrating inside the 
bottle. If you could make a graph of the pressure waves, 
they would have a rounded profile. 


If you could slow down time and draw a graph of the al- 
ternating voltage in any power outlet in your house, it 
would have the same profile. 


If you could measure the speed of a pendulum swinging 
slowly to and fro in a vacuum, and draw a graph of the 
speed relative to time, once again it would have the 
same profile. 


That profile is a sine wave, so called because you can de- 
rive it from basic trigonometry. In a right-angled trian- 
gle, suppose one of the sides adjacent to the right angle 
is called “a” If you divide the length of “a” by the length 
of the sloping side of the triangle (the hypoteneuse), the 
result is the sine of the angle opposite side “a.” 


To make this simpler, imagine a ball on a string rotating 
around a center point, as shown in Figure 5-48. Ignore 
the force of gravity, the resistance of air, and other an- 
noying variables. Just measure the vertical height of the 
ball and divide it by the length of the string, at regular 
instants of time, as the ball moves around the circular 
path at a constant speed. Plot the result as a graph, and 
there’s your sine wave, shown in Figure 5-49. Note that 
when the ball circles below its horizontal starting line, 
we consider its distance negative, so the sine wave be- 
comes negative, too. 
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Figure 5-48 You can draw a sine wave by beginning with simple 
geometry. 


Ratio of a/b 


Figure 5-49 An audio sine wave is generated by any instrument 
that uses a vibrating column of air—such as a flute. It is a gentle, 
harmonious sound. 


Why should this particular curve turn up in so many 
places and so many ways in nature? There are reasons 
for this rooted in physics, but l'Il leave you to dig into 
that topic if it interests you. Getting back to the subject 
of audio reproduction, what matters is this: 


e The static pressure in the air around you is 
called ambient pressure. It results from air being 
pulled down by the force of gravity. (Yes, air 
does have weight.) 


e Almost any sound consists of a wave that is 
higher than ambient pressure, followed by a 
wave that is lower than ambient pressure— just 
like waves in the ocean. 


e We can represent the higher and lower waves 
of pressure by voltages that are relatively high 
and relatively low, which is why | used the red 
and blue background in Figure 5-49, 


e Any sound can be broken down into a mixture 
of sine waves of varying frequency and ampli- 
tude. 


Or, conversely: 


« If you put together the right mix of audio sine 
waves, you can create any sound at all. 


Suppose that there are two sounds playing simultane- 
ously. Figure 5-50 shows one sound as a purple curve 
and the other as a green curve. When the two sounds 
travel either as pressure waves through air or as alternat- 
ing electric currents through a wire, their amplitudes are 
added together to make the more complex curve, which 
is shown in black. Now try to imagine dozens or even 
hundreds of different frequencies being added together, 
and you have an idea of the complex waveform of a 
piece of music. 


Voltage 


Figure 5-50 When two sine waves are generated at the same 
time (for instance, by two musicians, each playing a flute), the 
combined sound creates a compound curve. The purple sine 
wave is twice the frequency of the green sine wave. The 
compound curve (black line) is the sum of the distances of the 
sine waves from the baseline of the graph. 


An astable 555 timer circuit creates a square wave. This is 
because the output from the timer switches abruptly 
from low to high and back again. The result is shown in 
Figure 5-51. A sine wave sounds gentle and melodious, 
as it varies smoothly. A square wave tends to sound 
harsh, and has a “buzz” to it. That buzz is really com- 
posed of harmonics, meaning frequencies that are two 
or more times the basic frequency. 
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Voltage 


Figure 5-51 The square wave that you might obtain from a 
source such as a 555 timer, which switches ¡ts output abruptly on 
and off. 


Because a square wave contains high-frequency har- 
monics, it's a good choice for testing audio filters. A low- 
pass filter, which only allows lower frequencies, will re- 
move the buzz by rounding off the corners of the square 
wave. 


Mangling Some Music 


You may be wondering, if the LM386 is an audio amplifi- 
er, can it amplify music? Yes, and in fact, that’s what it is 
designed to do. You can test this for yourself using any 
audio device with a headphone output. 


Bear in mind that the LM386 is only a mono amplifier, so 
you won't be able to hear both audio channels from 
your music player. To obtain just one of them, use a ca- 
ble with a miniature audio jack at each end. Cut off one 
of them, strip the insulation from the wire, and you will 
find a mesh of fine wires that are the shielding in the ca- 
ble, to be connected with negative ground. Inside the 
shielding will be two conductors, carrying the signals for 
the left channel and the right channel. Snip off one of 
them (it doesn’t matter which one), and throw it away— 
but don't allow the conductor in the residual stub of 
wire to short-circuit with the shielding. 


Strip insulation from the remaining conductor. The wires 
inside are very thin, and you will be able to deal with 
them more easily in this experiment if you add a little 
solder. The desired result is shown in Figure 5-52. 
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Figure 5-52 An audio cable stripped to expose its shielding and 
one conductor. The shielding connects with negative ground. 


Make sure the power to your amplifier circuit is off, and 
push all the slide switches to the down positions. Re- 
move the orange piece of wire that connects pin 3 of the 
555 timer with the 220uF capacitor below it. You are tak- 
ing the 555 timer out of the circuit, and using the posi- 
tive end of capacitor C6 as your input point. 


Use one of your alligator test leads to grab the positive 
capacitor lead, and attach the other end of the test lead 
to the audio conductor in your cable. Use another test 
lead to connect the shielding from the cable to negative 
ground in your circuit. It's essential that your music play- 
er must share negative ground with your amplifier cir- 
cuit. 


Switch on your circuit, then switch on your music player, 
and you should hear music. If it’s too loud and distorted, 
you may need to insert a 1K or 10K resistor between the 
audio wire from the music player and the positive end of 
the capacitor. 


Once you have the volume right, you can play with your 
high-pass and low-pass filters to see how they affect the 
music. They won't make it sound good, but they will 
make it sound different. 


Background: Crossover Networks 


In a traditional audio system, each speaker cabinet con- 
tains two drivers—one of them a small speaker called a 
tweeter, which reproduces high frequencies, the other a 
large speaker known as a woofer, which reproduces low 
frequencies. (Modern systems often remove the woofer 
and place it in a separate box of its own that can be posi- 
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tioned almost anywhere, because the human ear has dif- 
ficulty sensing the direction of low-frequency sounds. In 
this system, the woofer may be referred to as a subwoof- 
er, because it is capable of reproducing very low fre- 
quencies.) 


Audio frequencies are divided between a tweeter and a 
woofer by filtering them, so that the tweeter doesn't try 
to deal with any low frequencies, and the woofer is pro- 
tected from high frequencies. The circuit that takes care 
of this is called a “crossover network,’ and truly hardcore 
audiophiles have been known to make their own (espe- 
cially for use in car systems) to go with speakers of their 
choice in cabinets that they design and build them- 
selves. 


If you want to make a crossover network, you should use 
high-quality polyester capacitors (which have no polari- 
ty, last longer than electrolytics, and are better made) 
and a coil that has the right number of turns of wire and 
is the right size, to cut high frequencies at the appropri- 
ate point. Figure 5-53 shows a polyester capacitor, while 
Figure 5-54 shows an audio crossover coil that | bought 
on eBay for $6. | was curious to find out what was inside 
it, so | took it apart. 


Figure 5-53 Some nonelectrolytic capacitors have no polarity, 
such as this high-quality polyester film capacitor. 


Figure 5-54 What exotic components may we find inside this 
high-end audio component? 


First | peeled away the black vinyl tape that enclosed the 
coil. Inside was some typical magnet wire—copper wire 
thinly coated with shellac or semitransparent plastic, as 
shown in Figure 5-55. | unwound the wire, and as | did 
so, | counted the number of turns. 


Figure 5-55 The black tape is removed, revealing a coil of 
magnet wire. 


Figure 5-56 shows the wire and the spool that it was 
wound around. 
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Figure 5-56 The audio crossover coil consists of a plastic spool 
and some wire. Nothing more. 


So here's the specification for this particular coil in an au- 
dio crossover network. Forty feet of 20-gauge copper 
magnet wire, wrapped in 200 turns around a small plas- 
tic spool. 


Conclusion: there's a lot of mystique attached to audio 
components. They are frequently overpriced, and you 
can make your own coil if you start with these parame- 
ters and adjust them to suit yourself. 


Suppose you want to put some thumping bass speakers 
into your car. Could you build your own filter so that 
they only reproduce the low frequencies? Absolutely — 
you just need to wind a coil, adding more turns until it 
cuts as much of the high frequencies as you choose. Just 
make sure the wire is heavy enough so that it won't 
overheat when you push 100 or more audio watts 
through it. 


Here's another project to think about: a color organ. You 
can tap into the output from your stereo and use filters 
to divide audio frequencies into three sections, each of 
which drives a separate set of colored LEDs. The red 
LEDs will flash in response to bass tones, yellow LEDs in 
response to the midrange, and green LEDs in response 
to high frequencies (or whatever colors you prefer). You 
can put signal diodes in series with the LEDs to rectify 
the alternating current, and series resistors to limit the 
voltage across the LEDs to, say, 2.5 volts (when the music 
volume is turned all the way up). You'll use your meter to 
check the current passing through each resistor, and 
multiply that number by the voltage drop across the re- 
sistor, to find the wattage that it's handling, to make sure 
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the resistor is capable of dissipating that much power 
without burning out. 


Audio is a field offering all kinds of possibilities if you en- 
joy designing and building your own electronics. 


Experiment 30: Make It Fuzzy 


Let’s try one more variation on the circuit in Experiment 
29. This will demonstrate another fundamental audio at- 
tribute: distortion. 


What You Will Need 


e The breadboarded circuit from Experiment 29, 
plus: 


e 2N2222 transistor (1) 
e Resistors: 330 ohms (1), 10K (1) 
e Capacitors: 1uF (2) and 10uF (1) 


Making the Mods 


The modifications to the circuit are very minor. You need 
to add a transistor, two resistors, and three capacitors. 
Figure 5-57 shows the new components at the top end 
of the breadboard, with the preexisting components 
grayed out. 


Figure 5-58 shows the same components, and their val- 
ues, in the relevant section of the schematic, with other 
components omitted. 


The 2N2222 transistor overloads the input of the LM386, 
while the 1uF capacitors, C8 and C9, limit low frequen- 
cies to emphasize the fuzzy effect. 


The purpose of C10 is to boost the LM386. This is a fea- 
ture of the chip: if you add a capacitor between pin 1 
and pin 8, the power of the amplifier can increase from 
20:1 to 200:1. 


Thus, in two separate ways this unfortunate little amplifi- 
er chip is being forced to do more than its designers in- 
tended. Naturally enough, it will complain about this 
cruel treatment. 


Make the modifications, and switch on the power. The 
output previously had some buzz in it, because it was 
basically a square wave. But now if you experiment with 
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the 10K trimmer and the 1M trimmer, you can make the 
output scream, Hendrix-style. 


If the result is too extreme, you can remove the 330-ohm 
resistor and substitute one with a slightly higher value. 
And what exactly is going on here? 


9VDC Al ' ‘A 


22999 NB 330 


1uF 


98€ MW 


Figure 5-58 The additional components, with values. 


Background: Clipping 
In the early days of “hi-fi” (high-fidelity) sound, engi- 
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at the input end, the only difference being that it should 
be bigger, so that it would be powerful enough to drive 
loudspeakers. The slightest distortion of the waveform 
Figure 5-57 Modifications to the circuit from Experiment 29, to was unacceptable. 


add more distortion. 
Little did they realize that their beautifully designed 


tube amplifiers would be abused by a new generation of 
rock guitarists whose intention was to create as much 
distortion as possible. 


If you push a vacuum tube—or a transistor—to amplify 
a sine wave beyond the component's capabilities, it runs 
out of power and “clips” the top and bottom of the 
curve. This makes it look more like a square wave, and as 
| explained Experiment 29, a square wave has a harsh, 
buzzing quality. For rock guitarists trying to add an edge 
to their music, the harshness is a desirable feature. 


The sequence in Figure 5-59 shows what happens. So 
long as the output stays within the voltage limits of the 
amplifier, the signal can be faithfully reproduced. But in 
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the second frame of the sequence, the input to the am- 
plifier has increased to the point where the output 
would exceed the limits (suggested by the gray sections 
of the curve). Because the amplifier only has so much 
power available, it clips the signal, as shown in the third 
frame in the sequence. 


Upper Power Limit 


Lower Power Limit 


Figure 5-59 When a sine wave (top) is passed through an 
amplifier that is turned up beyond the limit of its components, the 
amplifier chops the wave (bottom). 


For rock guitarists, clipping sounded good, and “stomp 
boxes” were introduced to create the effect. A very early 
example is shown in Figure 5-60 
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Figure 5-60 This Vox Wow-Fuzz pedal was one of the early 
stomp boxes, which deliberately induced the kind of distortion 
that audio engineers had been trying to get rid of for decades. 


Background: Stomp-Box Origins 


The Ventures recorded the first single to use a fuzz box, 
titled “The 2,000 Pound Bee,” in 1962. Truly one of the 
most awful instrumentals ever made, it used distortion 
as a gimmick and must have made other musicians con- 
clude that this was a sound destined for oblivion. 


Then Ray Davies of the Kinks started experimenting with 
distortion, initially by plugging the output from one 
amp into the input of another, supposedly during the re- 
cording of his hit “You Really Got Me” This overloaded 
the input and created clipping that sounded more musi- 
cally acceptable. From there it was a short step to Keith 
Richards using a Gibson Maestro Fuzz-Tone when the 
Rolling Stones recorded “(Il Can't Get No) Satisfaction” in 
1965. 


Today, you can find thousands of advocates promoting 
as many different mythologies about “ideal” distortion. 
In Figure 5-61, I’ve included a schematic from Flavio Del- 
lepiane, a circuit designer in Italy who gives away his 
work (with a little help from Google AdSense). 


Flavio is a self-taught Maker, having gained much of his 
knowledge from electronics magazines such as the old 
British publication, Wireless World. In the fuzz circuit that 
I'm including here, he uses a very high-gain amplifier 
consisting of three field-effect transistors (FETs), which 
closely imitate the rounded square wave typical of an 
overdriven tube amp. 
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Figure 5-61 This circuit designed by Flavio Dellepiane uses three 
transistors to simulate the kind of distortion that used to be 
created by overloading the input of a tube amplifier. 


Flavio offers dozens more schematics on his site, devel- 
oped and tested with a dual-trace oscilloscope, low-dis- 
tortion sinewave oscillator (so that he can give audio de- 
vices a “clean” input before he abuses it), distortion me- 
ter, and precision audio voltmeter. This last item, and the 
oscillator, were built from his own designs, and he gives 
away their schematics, too. Thus his site provides one- 
stop shopping for home-audio electronics hobbyists in 
search of a self-administered education. 


Before fuzz, there was tremolo. A lot of people confuse 
this with vibrato, so let's clarify that distinction right 
now: 


e Vibrato applied to a note makes the frequency 
waver up and down, as if a guitarist is bending 
the strings. 


e Tremolo applied to a note makes its volume 
fluctuate, as if someone is turning the volume 
control of an electric guitar up and down very 
quickly. 


Harry DeArmond sold the first tremolo box, which he 
named the Trem-Trol. It looked like an antique portable 


radio, with two dials on the front and a carrying handle 
on top. Perhaps in an effort to cut costs, DeArmond 
didn’t use any electronic components. His steam-punk- 
ish Trem-Trol contained a motor fitted with a tapered 
shaft, with a rubber wheel pressing against it. The speed 
of the wheel varied when you turned a knob to reposi- 
tion the wheel up and down the shaft. The wheel, in 
turn, cranked a little capsule of “hydro-fluid,” in which 
two wires were immersed, carrying the audio signal. As 
the capsule rocked to and fro, the fluid sloshed from side 
to side, and the resistance between the electrodes fluc- 
tuated. This modulated the audio output. 


Today, Trem-Trols are an antique collectible. Johann 
Burkard has posted an MP3 of his DeArmond Trem-Trol 
online so you can actually hear it. 


The idea of using a mechanical source for electronic 
sound mods didn't end there. The original Hammond or- 
gans derived their unique, rich sound from a set of 
toothed wheels turned by a motor. Each wheel created a 
fluctuating inductance in a sensor like the record head 
from a cassette player. 


Its fun to think of other possibilities for motor-driven 
stomp boxes. Going back to tremolo: imagine a trans- 
parent disc masked with black paint, except for a circular 
stripe that tapers at each end. While the disc rotates, if 
you shine a bright LED through the transparent stripe 
toward a phototransistor, you have the basis for a tremo- 
lo device. You could even create never-before-heard 
tremolo effects by keeping a library of discs with differ- 
ent stripe patterns. Figure 5-62 shows what | have in 
mind, while Figure 5-63 suggests some disc patterns. For 
a real fabrication challenge, how about an automatic 
disc changer? 


In the world of solid-state electronics, today's guitarists 
can choose from a smorgasbord of effects, all of which 
can be home-built using plans available online. For ref- 
erence, try these special-interest books: 


Analog Man's Guide to Vintage Effects by Tom Hughes (For 
Musicians Only Publishing, 2004). This is a guide to every 
vintage stomp box and pedal you can imagine. 
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Figure 5-62 A hypothetical neo-electromechanical tremolo 
generator. 


Figure 5-63 Different stripe patterns could be used to create 
various tremolo effects. 


How to Modify Effect Pedals for Guitar and Bass by Brian 
Wampler (Custom Books Publishing, 2007). This is an ex- 
tremely detailed guide for beginners with little or no pri- 
or knowledge. Currently it is available only by download, 
from sites such as Open Library. 


but you may be able to find the previously printed edi- 
tion from secondhand sellers, if you search for the title 
and the author. 
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Of course, you can always take a shortcut by laying 
down a couple hundred dollars for off-the-shelf stomp 
boxes that use digital processing to emulate distortion, 
metal, fuzz, chorus, phaser, flanger, tremolo, delay, re- 
verb, and several more, all in one convenient package. 
Purists, of course, will claim that it “doesn't quite sound 
the same,’ but maybe that's not the point. Some of us 
simply can't get no satisfaction until we build our own 
stomp box and then tweak it, in search of a sound that 
doesn't come off-the-shelf and is wholly our own. 


Experiment 31: One Radio, No 
Solder, No Power 


Getting back to the principle of inductance, | want to 
show you how it can enable a simple circuit that receives 
AM radio signals without a power supply. This is often 
known as a crystal radio, because the earliest examples 
used a natural mineral crystal that functioned as a semi- 
conductor. The idea originated at the dawn of telecom- 
munications, but if you've never tried it, you've missed 
an experience that is truly magical. 


What You Will Need 


Rigid cylindrical object, about three inches in 
diameter, such as a vitamin bottle or water bot- 
tle (1) 


Hookup wire, 22 gauge, 60 feet minimum 


Heavier wire, 16 gauge preferred, 50 to 100 feet 
(this wire may be stranded, and you can try a 
thinner gauge to reduce the cost, although 
your radio may not pull in so many stations) 


Polypropylene rope (“poly rope”) or nylon rope, 
10 feet 


Germanium diode (1) 


High-impedance earphone (1) 


Test lead (1) 


Alligator clips (3) or use extra test leads 
Optional: 


« 9-volt power supply (battery or AC adapter) 
e LM386 single-chip amplifier 
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e Small loudspeaker (2” acceptable) 


The diode and headphone can be ordered from the Sci- 
toys Catalog. A high-impedance earphone is also avail- 
able from amazon.com. 


Step 1: The Coil 


You need to create a coil that will resonate with radio 
transmissions in the AM waveband. The coil will consist 
of 65 turns of 22-gauge hookup wire, measuring approx- 
imately 60 feet. 


You can wind the coil around any empty glass or plastic 
container, so long as it has parallel sides providing a con- 
stant diameter close to 3”. A water bottle will do, if it isn’t 
the type made of extremely thin plastic that will be easi- 
ly squashed or deformed under pressure. 


| just happened to have a vitamin bottle that was exactly 
the right size. In the photographs, you'll notice that it 
has no label. | softened its adhesive with a heat gun 
(lightly, to avoid melting the bottle) and then peeled it 
off. Some remaining adhesive residue was removed with 
a little xylene. 


After you prepare a clean, rigid bottle, use a sharp object 
such as an awl or a nail to punch two pairs of holes in it, 
as shown in Figure 5-64. The holes will be used to an- 
chor the ends of the coil. 


Strip some insulation from the end of your hookup wire, 
and anchor it in one pair of holes, as shown in Fig- 
ure 5-65. Now wrap five turns of wire around the bottle, 
and keep it from unwinding itself by applying a small, 
temporary piece of tape. Duct tape is ideal, or regular 
Scotch tape will do. “Magic” tape isn’t strong enough 
and will be difficult to remove. 


Figure 5-64 The holes will anchor wire wrapped around the 
bottle. 


Figure 5-65 Anchor one end of your wire in a pair of holes. 


Now you need to strip away about half an inch of insula- 
tion from the wire. The idea is that you should be able to 
tap into the coil at this point. Using your wire strippers, 
make an incision in the insulation and then pull the plas- 
tic coating away from your incision. See Figure 5-66. 
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Figure 5-66 Use your wire strippers and your thumbnails to pull 
back about half an inch of insulation. 


The next step is to twist the exposed wire into a loop, to 
make it easily accessible and prevent the insulation from 
closing up. See Figure 5-67. 


Figure 5-67 Create a loop in the section of wire that you 
exposed. 


You just created a tap on your coil. Remove the piece of 
tape that you used to hold your first five turns temporar- 
ily, and wind another five turns around the bottle. Apply 
the tape again, and create another tap. You'll need a to- 
tal of 12 of them, altogether. It doesn’t matter if they 
don't line up with each other precisely. When you have 
made the last tap, wind five more turns around the bot- 
tle and then cut the wire. Bend the end into a U shape 
about a half-inch in diameter, so that you can hook it 
through the pair of holes that you drilled at the far end 
of the bottle. Pull the wire through, then loop it around 
again to make a secure anchor point. 
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My coil wrapped around a vitamin bottle is shown in Fig- 
ure 5-68. 


Figure 5-68 The completed coil, wrapped tightly around the 
bottle. 


Your next step is to set up an antenna, which will be a 
section of wire that is as thick as possible and as long as 
possible. If you live in a house with a yard outside, this is 
easy: just open a window, toss out a reel of 16-gauge 
wire while holding the free end, then go outside and 
string up your antenna by using polypropylene rope 
(“poly rope”) or nylon rope, available from any hardware 
store, to hang the wire from any available trees, gutters, 
or poles. The total length of the wire should be 50 to 100 
feet. Where it comes in through the window, suspend it 
on another length of poly rope. The idea is to keep your 
antenna wire as far away from the ground or from any 
grounded objects as possible. 


If you don’t have an accessible yard, you can string up 
your antenna indoors, hanging it with poly rope or nylon 
rope from window treatments, door knobs, or anything 
else that will keep it off the floor. The antenna doesn't 
have to be in a straight line; in fact you can run it all 
around the room. 


Caution: High Voltage! 

The world around us is full of electricity. Normally we're 
unaware of it, but a thunderstorm is a sudden reminder 
that there's a huge electrical potential between the 
ground below and the clouds above. 


If you put up an outdoor antenna, never use it if there is 
any chance of a lightning strike. This can be extremely 
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Fig. 9-16. Main PC board and parts layout. All resistors Ya W, 10% except 
Ri—680N 2W. D1-D8 are 50 volt, 1 Amp 1N4001 or similar. D9-D22 are 
1N914. Displays are mounted vertically at points marked by arrows, se- 
cured to main board with plastic glue, such as Duco cement. 


time that the Alarm is set for without fumbling around the back. 
The Snooze switch is the same, and both are front panel mounted 
for convenience. The Time/Date switch will force the IC to display 
one or the other. In the center position the time will be displayed 
for 8 seconds and the date for 2 seconds. The Mode switch controls 
how the Timer will function. In the A Off, B Off position, pin 3 will 
be high for the preset time when Timer Enable is closed. 

A On, B Off pin 3 will be high for the preset time and at the 
Alarm time. A On, B On, pin 3 will be high for the preset time at the 
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dangerous. Disconnect the indoor end of your antenna, 
drag it outside, and push the end of the wire into the 
ground to make it safe. 


Antenna and Ground 


Use an alligator test lead to connect the end of your an- 
tenna wire with the top end of the coil that you made. 


Next you need to establish a ground wire. This literally 
has to connect with the ground outside. Ideally, you 
should bury a couple of feet of bare wire in soft, moist 
earth—although this may be problematic if you live in a 
desert area, as | do. If you use a grounding stake of the 
type sold by wholesale electrical supply houses to 
ground welding equipment, be careful where you ham- 
mer it into the ground. You don't want to hit any hidden 
conduits. 


A cold-water pipe is often suggested as a good connec- 
tion with the ground, but (duh!) this will work only if the 
pipe is made of metal. Even if your home is plumbed 
with copper pipes, a section may have been repaired 
and replaced with plastic at some time in the past. 


Probably the most reliable option is to attach the wire to 
the screw in the cover plate of an electrical outlet, as the 
electrical system in your house will be ultimately groun- 
ded. But be sure to anchor the wire securely, so there is 
absolutely no risk of it touching the sockets in the outlet. 
| would prefer not to insert the ground wire in the 
ground socket of the outlet, because there is the risk of 
poking it into the live socket by mistake. 


Now you need a couple of slightly hard-to-find items: a 
germanium diode, which functions like a silicon-based 
diode but is better suited to the tiny voltages and cur- 
rents that you'll be dealing with, and a high-impedance 
earphone. The kind of earphones or ear buds that you 
use with a media player will not work here; this has to be 
an old-school item, like the one shown in Figure 5-69. If 
it has a plug on the end, you'll have to snip it off and 
then carefully strip insulation from the tip of each wire. 


Figure 5-69 This is the type of earphone you need for your no- 
power radio. 


The parts are assembled with test leads and alligator 
clips, as shown in Figure 5-70. The real-world version 
that | built isn’t as neat as the diagram, but the connec- 
tions are still the same, as shown in Figure 5-71. Notice 
that the test lead at the bottom can latch on to any of 
the taps on your coil. This is how you will be tuning your 
radio. 


To Antenna 


To To Ground 
Earphone 


Figure 5-70 The assembled components. 
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Figure 5-71 The real-world version. 


If you followed the instructions, and you live within 20 or 
30 miles of an AM radio station, and your hearing is rea- 
sonably good, you will be able to listen to the faint 
sounds of radio on your earphone—even though you 
are not applying any power to the circuit that you built. 
This project is many decades old, but can still be a 
source of surprise and wonder. (See Figure 5-72.) 


If you live too far from a radio station, or you can't put up 
a very long antenna, or your ground connection isn't 
very good, you may not hear anything. Don't give up; 
wait till sunset. AM radio reception changes radically 
when the sun is no longer exciting the atmosphere with 
its radiation. 


To choose among radio stations, move the alligator clip 
at the end of your test lead from one tap to another on 
your coil. Depending on where you live, you may pick up 
just one station, or several, playing individually or simul- 
taneously. 
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Figure 5-72 The simple pleasure of picking up a radio signal with 
ultra-simple components and no additional power. 


OMN h 


It may seem that you're getting something for nothing 
here, but really you are taking energy from a source of 
power—the transmitter located at a radio station. A 
transmitter pumps power into a broadcasting tower, 
modulating a fixed frequency. When the combination of 
your coil and antenna resonates with that frequency, 
you're sucking in just enough voltage and current to en- 
ergize a high-impedance headphone. 


The reason you had to make a good ground connection 
is that power will only flow through your coil if it has 
somewhere to go. You can think of the ground as being 
an almost infinite power sink, with a reference voltage of 
zero. The transmitter at an AM radio station is also likely 
to have a potential relative to ground. See Figure 5-73. 
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Figure 5-73 Your no-power radio takes just enough energy from 
a distant transmitter to create a barely audible sound in your 
earphone. 


Enhancements 


If you have difficulty hearing anything through your ear- 
phone, try substituting a piezoelectric transducer, also 
known as a piezo beeper. You need the type that does 
not have an oscillator built in, and functions passively, 
like a loudspeaker. Press it tightly against your ear, and 
you may find that it works as well as an earphone, or 
better. 


You can also try amplifying the signal. Ideally you should 
use an op-amp for the first stage, because it has a very 
high impedance. However, | decided to put op-amps in 
Make: More Electronics, where | had room to explore the 
topic more thoroughly. As a substitute, you can feed the 
signal directly into the same LM386 single-chip amplifier 
from Experiment 29. 


Figure 5-74 shows how simple the circuit can be. The 
germanium diode can connect directly with the LM386 
input, as | don't think you'll need a volume control. Be 
sure to include the 10uF capacitor between pins 1 and 8, 
to increase the amplification of the chip to its maximum 
value. Even where | live, about 120 miles from Phoenix, 
Arizona, | was able to pick up a station broadcasting 
from the Phoenix area. 


Germanium 
diode 


Coil consists of 65 
turns of wire on a 3" 
diameter cylinder, 
tapped every 5 turns. 


Figure 5-74 The LM386 single-chip amplifier can make your 
crystal-set radio audible through a loudspeaker. 


If you want to improve the selectivity of your radio, you 
can add a variable capacitor to tune the resonance of 
your circuit more precisely. Variable capacitors are un- 
common today, but you can find one at the same spe- 
cialty source that | recommended for the earphone and 
the germanium diode: the Scitoys Catalog. 


This source is run by a smart man named Simon Quellan 
Field, whose site suggests many fun projects that you 
can pursue at home. One of his clever ideas is to remove 
the germanium diode from your radio circuit and substi- 
tute a low-current LED in series with a 1.5-volt battery. 
This didn't work for me, because | live in a remote loca- 
tion; but if you're close to a transmitter, you may be able 
to see the LED varying in intensity as the broadcast pow- 
er runs through it. 


Theory: How Radio Works 


High-frequency electromagnetic radiation can travel for 
miles. To make a radio transmitter, | could use a 555 tim- 
er chip running at, say, 850 kHz (850,000 cycles per sec- 
ond), and would pass this stream of pulses through an 
extremely powerful amplifier to a transmission tower— 
or maybe just a long piece of wire. If you had some way 
to block out all the other electromagnetic activity in the 
air, you could detect my signal and amplify it. 


This was more or less what Guglielmo Marconi did when 
he performed a groundbreaking experiment in 1901, 
except that he had to use a primitive spark gap, rather 
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than a 555 timer, to create the oscillations. His transmis- 
sions were of limited use, because they had only two 
states: on or off. You could send Morse code messages, 
and that was all. 


Marconi is pictured in Figure 5-75. 


Figure 5-75 Guglielmo Marconi, the great pioneer of radio 
(photograph from Wikimedia Commons). 


Five years later, the first true audio signal was transmit- 
ted by imposing lower audio frequencies on the high- 
frequency carrier wave. In other words, the audio signal 
was “added” to the carrier frequency, so that the power 
of the carrier varied with the peaks and valleys of the au- 
dio. This is shown in Figure 5-76. 
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Carrier frequency. 


Audio signal. 


Combination is amplitude-modulated (AM radio). 


Figure 5-76 Using a carrier wave of fixed frequency to transmit 
an audio signal. 


At the receiving end, a very simple combination of a ca- 
pacitor and a coil detected the carrier frequency out of 
all the other noise in the electromagnetic spectrum. The 
values of the capacitor and the coil were chosen so that 
their circuit would resonate at the same frequency as 
the carrier wave. The basic circuit is shown in Fig- 
ure 5-77, where the variable capacitor is represented by 
a Capacitor symbol with an arrow through it. 


Figure 5-77 When a variable capacitor is added to the previous 
circuit, it enables better discrimination among different signals 
sharing the spectrum. 


The carrier wave fluctuates up and down so rapidly, an 
earphone cannot possibly keep up with the positive- 
negative variations. It will remain hesitating at the 
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midpoint between the highs and lows, producing no 
sound at all. A diode solves this problem by blocking the 
lower half of the signal, leaving just the positive voltage 
spikes. Although these are still very small and rapid, they 
are now all pushing the diaphragm of the earphone in 
the same direction, so that it averages them out, approx- 
imately reconstructing the original sound wave. This is 
shown in Figure 5-78. 


At the Receiver 


An RC network detects the carrier frequency 
and blocks other frequencies. 


A diode blocks the negative half of the signal. 


Mall lla. al 


An earphone reproduces the sound 
by riding the peaks of the transmission 
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Figure 5-78 How a simple AM radio receiver decodes the signal 
and reproduces it on an earphone. 


When a capacitor is added to a receiving circuit, an in- 
coming pulse from the transmitter is initially blocked by 
the self-inductance of the coil, while it charges the ca- 
pacitor. If an equally negative pulse is received after an 
interval that is properly synchronized with the values of 
the coil and the capacitor, it coincides with the capacitor 
discharging and the coil conducting. In this way, the 
right frequency of carrier wave makes the circuit reso- 
nate in sympathy. At the same time, audio-frequency 
fluctuations in the strength of the signal are translated 
into fluctuations in voltage in the circuit. 


If you are wondering what happens to other frequencies 
pulled in by the antenna, the lower ones pass through 
the coil to ground, while the higher ones pass through 
the capacitor to ground. They are just “thrown away.” 


The waveband allocated to AM radio ranges from 
300kHz to 3MHz in carrier frequencies. Many other fre- 


quencies are allocated for special purposes, such as ham 
radio. It’s not so difficult to pass the ham radio exam, 
and with appropriate equipment and a well-situated an- 
tenna, you can talk directly with people in widely scat- 
tered locations—without relying on any communica- 
tions network to connect you. 


Experiment 32: Hardware Meets 
Software 


I'm guessing that many readers of this book—perhaps 
most readers—have heard of the Arduino. This experi- 
ment, and the next two, will show you how you can set 
up an Arduino and then write programs for it, instead of 
just downloading applications that you find online. 


What You Will Need 


« Arduino Uno board, or compatible clone (1) 


e USB cable with A-type and B-type connector at 
opposite ends (1) 


e A desktop or laptop computer with an available 
USB port (1) 


e Generic LED (1) 


Definitions 


A microcontroller is a chip that works like a little com- 
puter. You write a program consisting of instructions 
that the microcontroller can understand, and copy them 
into some memory in the chip. The memory is nonvola- 
tile, meaning that it will preserve its contents even when 
the power is switched off. 


Normally | would suggest jumping right in and writing a 
program, but learning to use a microcontroller entails a 
bigger investment of time and mental energy than was 
required by the components that | have dealt with previ- 
ously. How do you know if you want to get into this, un- 
til you know some more details? Therefore, | must begin 
with an explanation and orientation. After that, this ex- 
periment will take you through the process of setting up 
an Arduino and performing the most basic test. Experi- 
ments 33 and 34 will take you further into programming 
the Arduino and using other components in conjunction 
with it. 
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The setup-and-test procedure may take an hour or two. 
You should allocate the time when you will be able to 
follow the instructions without distraction. Once you 
have gone through this initial process, everything will be 
much easier. 


Real-World Applications 


A typical microcontroller application might run like this: 


e Receive an input from a rotational encoder that 
is functioning as a volume control on a car ster- 
eo. 


e Figure out which way the encoder is rotating. 
e Count the pulses from the encoder. 


« Tell a programmable resistor how many equiva- 
lent steps it should take, to adjust the volume of 
the stereo up or down. 


e Wait for more inputs. 


A microcontroller could also handle a much larger appli- 
cation, such as all the inputs, outputs, and decisions as- 
sociated with the intrusion alarm system in Experiment 
15. It would scan sensors, activate a siren through a relay 
after a delay period, receive and verify a keypad se- 
quence when you want to shut off the alarm—and 
much more. 


All modern cars contain microcontrollers, which deal 
with complex tasks such as timing the ignition in the en- 
gine—and simple matters such as sounding a chime if 
you don't fasten your seat belt. 


A microcontroller can handle small but important tasks 
that | discussed in previous experiments, such as de- 
bouncing a pushbutton or generating an audio frequen- 


cy. 


Bearing in mind that one little chip can do so many dif- 
ferent things, why don't we use it for everything? 


The Right Tool for the Job? 


A microcontroller is versatile and powerful, but is more 
suitable in some situations than others. It is ideal for ap- 
plying logical operations along the lines, “If this hap- 
pens, do that, but if that happens, do something else,’ 
but it adds cost and complexity to a project, and of 
course it entails a major learning process: you have to 
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master the computer language that tells the microcon- 
troller what to do. 


If you don't want to learn the language, you can down- 
load and use programs that other people have written. 
Many Makers use this option, because it provides imme- 
diate results. You can find thousands of Arduino pro- 
grams in libraries online, and they cost nothing. 


But a program probably won't do exactly what you 
want. Inevitably, you will need to modify it—and you 
will be back in a situation where you need to understand 
the language in order to get full use out of the chip. 


Writing a program for the Arduino can be relatively sim- 
ple, depending on the application. However, it is not a 
one-step operation. The code has to be tested, and the 
processes of revision and debugging can be time-con- 
suming. One little error will create unexpected results, or 
can stop anything from happening at all. You have to re- 
read your code, find the mistakes, and try again. 


After you have everything working, the results can be 
impressive. For this reason, personally | think that pro- 
gramming a microcontroller is worthwhile, so long as 
your expectations are realistic. 


You will have to try it for yourself to find out if it's some- 
thing you want to pursue actively. 


One Board, Many Chips 


I'll begin with the most basic question. What is an Ardui- 
no? 


If you think that it’s a chip, you are not quite correct. 
Each product with the Arduino name on it consists of a 
small circuit board designed by Arduino, containing a 
microcontroller chip made by a completely different 
company. The Arduino Uno board uses an Atmel ATme- 
ga 328P-PU microcontroller. The board also includes a 
voltage regulator, some sockets that enable you to plug 
in wires or LEDs, a crystal oscillator, a power-supply con- 
nector, and a USB adapter that enables your computer 
to communicate with the board. See Figure 5-79 for a 
photograph of the board with some of the components 
identified. 
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Figure 5-79 An Arduino Uno board, featuring the Almega 328P- 
PU microcontroller made by Atmel. 


If you buy an ATmega 328P-PU on its own from a com- 
ponent supplier, it will cost you less than one-sixth the 
retail price of an Arduino board containing the chip. 
Why should you have to pay so much more, just to get 
that little circuit board? The answer is that development 
of the board and the clever software that enables you to 
use it was not a trivial matter. 


The clever software is called an IDE, which is an acronym 
for integrated development environment. After you install 
it on your computer, the IDE is a user-friendly place in 
which to write a program and then compile it, meaning 
that it converts the C language instructions (which hu- 
man beings can understand) into machine code (which 
the Atmel chip will understand). You then copy it to the 
ATmega chip. 


In case this is confusing, l'Il summarize the story so far. 


« An Arduino is a circuit board into which is plug- 
ged an Atmel microcontroller. 


e IDE software written by the Arduino company 
enables you to write a program on your com- 
puter. 


e After you write your program, the IDE software 
compiles it, to create code that the chip under- 
stands. 


e The IDE software sends the code to the Atmel 
chip, which stores it. 


Once your code is in the chip, the chip doesn't really 
need the Arduino board anymore. Theoretically, you 
could unplug the ATmega328 and use it somewhere else 
—in a breadboard, or in a circuit that you solder around 
it. The chip will still do what you programmed it to do, 
because the code remains stored in the chip. 


In reality there are some little snags associated with this, 
but you can learn about them by reading a very good 
book titled Make: AVR Programming by Elliot Williams. It 
tells you exactly how to transplant the ATmega chip. 


If you learn how to do this, the implications are signifi- 
cant. You will only need one Arduino board, while you 
can buy a lot of Atmel chips very cheaply. Put one chip 
into the board, program it, remove it, and use it in a 
standalone project. Put another chip into the board, 
transfer a different program into it, and use it in a differ- 
ent project. 


This is relatively easy if you have the version of the Ardu- 
ino Uno where the microcontroller is a through-hole 
chip mounted in a socket. You can pry it out with a mini- 
ature screwdriver, and substitute another chip by push- 
ing itin with your finger and thumb. (Another version of 
the Uno comes with a surface-mounted microcontroller, 
soldered in. This version does not allow you to relocate 
the chip.) 


Beware of Imitations? 


Now that | have explained the basics, l'Il explain how to 
set everything up. 


While various models of Arduino exist, the one I’m going 
to deal with here is the Arduino Uno, and my instruc- 
tions will apply to version R3 or later. 


You can buy the Arduino board from many sources, be- 
cause it was designed and marketed as an “open source” 
product, allowing anyone to create a copy of it, just as 
any manufacturer can make a 555 timer (although for 
slightly different reasons). 


Mouser, Digikey, Maker Shed, Sparkfun, and Adafruit all 
sell genuine Arduino products. On eBay, however, you 
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can find unlicensed copies of the Arduino board for one- 
third of the price. You can see that they are unlicensed, 
because they don't have the Arduino logo printed on 
them. To help you in distinguishing the real boards from 
the imitations, you can see the logo at Figure 5-80. 


ARDUINO 


Figure 5-80 Only the boards manufactured or licensed by 
Arduino are supposed to have this logo on them. 


The unlicensed boards are completely legal. This is not 
like buying pirated software or music. The only feature 
that Arduino chose to control is its trademark, which 
may not be used by other manufacturers. (Actually, 
some scammers use the logo illegally, but you'll know 
they are not genuine Arduino boards, because they're so 
cheap.) Just to make things more complicated, because 
of a dispute between Arduino and its former manufac- 
turer, authentic Arduino boards are marketed under the 
name Genuino outside of the United States. 


If you buy an imitation board, will it be reliable? | would 
trust the ones from Adafruit, Sparkfun, Solarbotics, Evil 
Mad Scientist, and a few others. | can’t buy and test 
them all, so you have to make up your own mind about 
this, based on feedback from other buyers and your gen- 
eral impression of a supplier. But remember, you only 
have to buy one board, after which you can use it to pro- 
gram multiple Atmel chips, using the plan | described 
above. So maybe it’s not such a big deal to pay a little 
extra for the genuine Arduino product. By doing so, you 
help the company to continue its development of new 
products in the future. 


Personally, | bought a genuine Arduino board. 


Setup 


| will assume, now, that you have acquired an Arduino 
Uno, or an imitation that you believe is trustworthy. You 
will also need a standard USB cable with a type A plug 
on one end and a type B plug on the other end, as 
shown in Figure 5-81. This is not usually supplied when 
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you buy the board on its own. If you don't have a spare 
cable, you can borrow one from another device while 
you do your setup and initial test. Cables are cheaply 
available online from sites such as eBay. 


Figure 5-81 You will need this type of USB cable to attach your 
Arduino board to a USB port on your computer. 


You have the board and the cable, so now you need the 
IDE software. Go to the Arduino website and click the 
“download” tab. Then choose the IDE software that is 
appropriate for your computer. It is currently available in 
variants for Mac OS, or Linux, or Windows. | will be using 
version 1.6.3, but my instructions should also apply to 
later versions. You can download the IDE software for 
free. 


Note that you need a computer running Windows XP or 
later, or running Mac OS X 10.7 or later, or Linux 32-bit, 
or Linux 64-bit. (These requirements are valid at the time 
of writing. Arduino may change its requirements in the 
future.) 


The procedure for setup under the three different oper- 
ating systems is described below, primarily based on in- 
structions in the nice little introductory guide titled Get- 
ting Started with Arduino by Massimo Banzi and Michael 
Shiloh. You can also find installation instructions on sites 
such as SparkFun and Adafruit. Lastly, there are instruc- 
tions on the Arduino website as well. 


Unfortunately, all these instructions are slightly differ- 
ent. For instance, Arduino's website tells me to plug in 
my board before running the installer, but the Getting 
Started book tells me to run the installer before plugging 
in my board. This makes my task difficult, because both 
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the Arduino website and the Getting Started book were 
written in collaboration with Arduino developers. 


Below | will give you my best guess about what will work 
on each system. 


Linux Installation 


This is likely to be the most challenging, as there are so 
many variants of the operating system. | will have to re- 
fer you to the Arduino site for guidance. 


| regret that | can’t help you, myself, with Linux. 


Windows Installation 


|I am inclined to use the procedure recommended in Get- 
ting Started with Arduino. This is also recommended at 
the website maintained by Sparkfun. 


Do not plug in the board yet. First, identify the IDE instal- 
lation program that you downloaded. Its name may be 
something like arduino-1.6.3-windows.exe, although by 
the time you read this, the version numbers almost cer- 
tainly will have changed. The .exe at the end of the file 
name may not be visible, depending on the system set- 
tings on your computer. 


e Some guides refer to the installation download 
as being a zipped file, which has to be unzip- 
ped. So far as | can determine, file zipping has 
been discontinued by Arduino. You can run it as 
is. 


Double-click the icon, and you should see an installation 
sequence that is familiar to you from installing other 
software from other vendors. 


You have to agree to the terms of a licensing agreement 
(if you don't agree, you can't run the software). 


You are asked if you want shortcuts on your desktop and 
in your Start menu. Allow the shortcut to be added to 
your desktop. The Start menu is up to you. 


You will be asked to approve the installation folder for 
the IDE software, and you should accept the default that 
is suggested. 


If you are a dinosaur like me, still using Windows XP (and 
actually, there are quite a few million of us), you may see 
a warning such as the one shown in Figure 5-82. The ex- 
act look of this will depend on your version of Windows. 
Ignore the warning by choosing to “continue anyway.” If 


you are asked permission to install device drivers, say 


M n 


yes. 
Hardware Installation 


The software you are installing for this hardware: 


Communications Port 


has not passed Windows Logo testing to verify its compatibility 
with Windows <P. [Tell me why this testing is important.) 


Continuing your installation of this software may impair 
or destabilize the correct operation of your system 
either immediately or in the future. Microsoft strongly 
recommends that you stop this installation now and 
contact the hardware vendor for software that has 
passed Windows Logo testing. 


Continue Anyway | | STOP Installation | 


Figure 5-82 Users of the old WinXP operating system can ignore 
this warning. 


e On Windows 8, a security feature prevents you 
from installing unsigned device drivers. This 
should not be an issue with modern versions of 
the Arduino IDE installer, but if you somehow 
obtain older versions from somewhere else, you 
can Google: 


sparkfun disable driver signing 


which should take you to the section of the 
Sparkfun site that contains helpful advice on 
the topic. 


After installing the IDE software, plug your Arduino into 
your computer with the USB cable. 


You don't need to use the circular power input jack on 
the Arduino board, so long as the board is connected 
with a USB port on your computer. The board receives 
power through the USB cable. Bear in mind that a short- 
er, thicker cable will minimize voltage drop. Also, if you 
are using a laptop computer, especially if it is an older 
one, it may limit the power that you can draw from a 
USB port to 250mA. Even on a desktop computer, which 
is Supposed to deliver 500mA via USB, that power may 
be shared across three or four USB ports. A device such 
as an external hard drive can take a significant amount. 
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Watch the board while it identifies itself to the comput- 
er. You should see a green LED that lights up steadily, 
and a yellow LED that blinks. A couple more LEDs nearby 
on the board, labeled TX and RX, should flicker briefly. 
They show that data is being transmitted and received. 


On your computer, go to the shortcut for the IDE soft- 
ware. It is simply named “Arduino; and the installer 
placed it on your desktop. If you don't want it on the 
desktop, drag it to a different location. Double-click it to 
launch the Arduino IDE software. 


In the window that opens, pull down the Tools menu, go 
to the Ports submenu (which is currently named Serial 
Ports in the Mac version), and you should see a list of se- 
rial ports on your computer. They will be named COM1, 
COM2, and upward. 


What is a serial port? In the early days of Windows (and 
before that, MS-DOS) computers didn’t have USB con- 
nectors. They used “serial protocol” through D-shaped 
connectors, and the computer kept track of the connec- 
tor that it was using by assigning it a “port number.’ This 
system is still buried in Windows, even though decades 
have passed since it was established and the protocol 
has become rare for domestic applications. 


All you need to know is if the Arduino IDE software and 
Windows have agreed on the port number that has 
been assigned to your Uno board. Ideally, when you 
choose Tools > Ports in the IDE software, you will see the 
Uno in the list with a check mark beside it, and every- 
thing is fine. If so, skip the troubleshooting section that 
follows, and go directly to the Old Arduino Blink Test, be- 
low (see “The Old Arduino Blink Test” on page 284). 


Windows Troubleshooting 


There are two bad possibilities that can affect your port 
assignment. 


e In the Port submenu of the Arduino IDE soft- 
ware, you may see the Arduino Uno listed, but it 
is not checkmarked. Another port may be 
checkmarked instead. Try checkmarking the 
correct port. You may see a warning if the IDE 
software doesn't approve of the Uno board that 
you are using. Ignore the warning, click the box 
saying “Don't show me this again,’ and proceed 
to the Old Arduino Blink Test (see “The Old Ar- 
duino Blink Test” on page 284). 
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e You may see no port in the list labeled Arduino 
Uno. In that case, make a note of the COM ports 
that are listed. Close the IDE menus. Unplug the 
Uno board. Wait five seconds. Open the IDE Port 
submenu again, and see which COM port has 
disappeared. Close the submenu. Plug the Uno 
back in. Reopen the submenu. Click the port 
that has reappeared, to checkmark it. Proceed 
to the Old Arduino Blink Test (see “The Old Ar- 
duino Blink Test” on page 284). 


Windows allows you an option to verify your port set- 
tings. Click your Start menu and choose the Help and 
Support service. In the window that opens, type the 
words “Device Manager” as your search term. It should 
be the first hit in the list of search results. Open Device 
Manager. If you are using Windows XP, Device Manager 
shows you a Ports list. On versions of Windows later than 
XP, when you go to Device Manager you may have to se- 
lect View > Show Hidden Devices to reveal the Ports list. 


You should see your Arduino Uno listed there. If there is 
a yellow circle beside it, or an exclamation point, right- 
click it to find out what's wrong. 


If Windows complains that it cannot find the device driv- 
er for your board, tell it to look in the Arduino folder con- 
taining all the files that were extracted by the installer. 


One known issue with the Arduino Uno and Windows 
ports is that the IDE software can get confused if you 
have more than nine ports already assigned. This is un- 
usual, but if you have this problem, try unassigning 
some ports, or manually assign an unused port that has 
a single-digit number. 


If you are still having difficulties, go to “If All Else Fails” 
on page 284 below. 


Mac Installation 


After completing the IDE installer download, locate the 
icon that the computer has created, double-click it, and 
you'll see a disk image that contains the Arduino IDE 
software. You can drag this into your Applications folder. 


Now plug your Arduino into your computer with the 
USB cable. 


e You don't need to use the circular power input 
jack on the Arduino board, so long as the board 
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is connected with your computer. The board 
takes its power through the USB cable. 


Watch the board while it identifies itself to the comput- 
er, and you should see a green LED that lights up steadi- 
ly, and a yellow LED that blinks. A couple more LEDs 
nearby on the board, labelled TX and RX, should flicker 
briefly. They show that data is being transmitted and re- 
ceived. 


If a window opens telling you that a “new network inter- 
face” has been detected, click Network Preferences, and 
then Apply. It doesn’t matter if the Uno is described as 
“not configured.” Close the window. 


Double-click the program icon for the Arduino IDE that 
you dragged into your Applications folder. You need to 
select the correct port for communication with the Uno 
board. In the Tools menu of the IDE software, click the 
Serial Port option, and select /dev/cu.usbmodemfa141 (or 
a similarly named port) from the list that pops up. 


If everything has proceeded as described here, you can 
continue with the Old Arduino Blink Test (see “The Old 
Arduino Blink Test” on page 284). 


If All Else Fails 


This book may stay in print for a while. At least, | hope it 
does! Software, on the other hand, changes frequently. 
My installation instructions for the Arduino IDE may be 
out of date by the time you read this. 


| will try to revise my instructions in each new printing 
and each new ebook version, so that they will be as ac- 
curate as possible. But of course you may happen to be 
reading an older printing or an older ebook. 


What to do? Your best bet is to go to the Arduino site, or 
the Sparkfun site, and follow installation procedures lis- 
ted there. A website is more easily and quickly updated 
than a book. 


The Old Arduino Blink Test 


| am assuming that you have launched the IDE software. 
Its main window should look something like the screen- 
shot in Figure 5-83, although subsequent versions may 
change somewhat. 


File Edt Sketch Took Help 


sketch_may02a 


l koia setup() { = 
f put your setup code here, to run once: 
} 
E woid loop() { 
// put your main code here, to run repeatedly: 


Figure 5-83 Default window that opens when the Arduino IDE is 
launched. 


Before you can make your Arduino do something, you 
have to check that the IDE software has correctly identi- 
fied the version of the board that you connected with 
your computer. 


In the IDE main window, pull down the Tools menu, 
open the Boards submenu, and verify that the Arduino 
Uno has a bullet point beside it, as in Figure 5-84. If it 
doesn't, click it to select it. 


File Edt Sketch | Took Help 


Auto Format Ctr+T 
sketch_may02a 


Archive Sketch 
l woid qe tur Ctrl+Shift+HM 


Fx Encoding 8 Reload 
/ put y co O O O O O O O coords Manager... 
Port b An SVR Boards 


Seral Monitor 
Arduino Yún 


Arduino Duemianove or Diecimita 
Arduino Nano 
Arduino Mega or Mega 2560 

} Arduino Mega ADK 

. Arduino Leonardo 

Arduino Micro 

Arduino Esplora 

Arduino Mini 

Arduino Ethemet 

Arduino Fio 

Arduino BT 

LiyPad Arduino USB 

LiyPad Arduino 

Arduino Pro or Pro Mini 

Arduino NG or older 

Arduino Robot Control 

Arduino Robot Motor 


ak Programmer + 


Burn Bootloader 
void loopt 


f put your main code here, to run E 


Figure 5-84 When you are using the Arduino Uno, it should have 
a bullet point beside it in the Boards Manager submenu. 


Now you are ready to give your Arduino some instruc- 
tions. At the top of the workspace in the main IDE win- 
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dow, you'll see the word “sketch” followed by today’s 
date and the letter “a” What is this “sketch”? Is it a pic- 
ture that you are going to draw? 


No, in the Arduino world, “sketch” means the same thing 
as “program.” Perhaps this is because the developers 
didn't want to make people feel intimidated by the idea 
that they were going to program a computer. Similarly, 
while he was still alive, Steve Jobs seemed to feel that 
users of handheld devices would be more comfortable if 
he referred to programs as “apps.” Jobs was probably 
right, but where Makers are concerned, | don't think they 
are so easily intimidated. In fact | think they want to pro- 
gram computers. Otherwise, why would you be reading 
this? 


“Sketch” means “program” for the Arduino, but | will con- 
tinue to use the word “program” because that is what it 
really is, and | feel silly calling it a “sketch.” When you 
read source materials online, people use the word “pro- 
gram” at least as often as they use the word “sketch.” 


Now | need to remind you of the sequence of events 
that we are going to follow. First, you write a program in 
the IDE window. Then you compile it by selecting a 
menu option, to convert it into instructions that a micro- 
controller can understand. Then you upload it to the Ar- 
duino board, and then the board automatically runs the 
program. 


The IDE window on my computer contains some default 
text shown in Figure 5-83. Future versions of the IDE may 
do things a little differently, but the principle will be the 
same. You will see some lines beginning with two slash 
marks, like this: 


// put your setup code here, to run once. 
This is known as a comment line. It is for human interest, 


to explain what's going on. 


e When the program that you write is compiled 
for the microcontroller, the compiler will ignore 
all lines that begin with // marks. 


The next line reads: 


void setup() { 


This is a line of program code, for the compiler and the 
microcontroller to understand. But you need to know 
what it means, because the setup routine has to be at 
the beginning of every Arduino program, and I'm hop- 
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ing you will start to write your own programs in the fu- 
ture. 


The word void tells the compiler that this procedure 
won't generate any numerical result or output. 


The term setup() says that the following procedure is 
something that has to be done once only, right at the 
beginning. 


Notice that there is a { mark following setup(). 


e Every complete function in C language should 
be contained within a { mark and a } mark. 


Because a { mark must always be followed by a } mark, 
there must be a } mark somewhere on the opening 
screen. Yes, it’s a couple of lines farther down. There's 
nothing between the { mark and the } mark, so there 
are no instructions in this procedure. This is because you 
are going to write them. 


« It doesn’t matter if { and } are on separate lines. 
The compiler for the Arduino ignores line 
breaks and all whitespace larger than a single 
space between words. 


e The {and } are properly known as braces. 


It's time to type something on the empty line beneath 
“put your setup code here.” Try this: 


pinMode(13, OUTPUT); 


You have to type it exactly. The compiler won't tolerate 
typographical errors. Also, because the C language is 
case sensitive, you must distinguish between uppercase 
and lowercase letters. pinMode must be pinMode, not pin 
mode or Pinmode. OUTPUT must be OUTPUT, not output or 
Output. 


The word pinMode is a command to the Uno, telling it 
how to use one of its pins. The pin can receive data as an 
input, or can send data as an output. 13 is the pin num- 
ber, and if you check your board, you'll find one of the 
little connectors is identified as 13, right beside the yel- 
low LED. I have selected 13 as an arbitrary choice. 


A semicolon marks the end of the instruction. 


e A semicolon must be included at the end of 
each instruction. Always. Don't forget! 
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Now move on down to the empty line below the mes- 
sage that says: 


// put your main code here, to run repeatedly. 


You can tell from the double slash marks that this is an- 
other comment line for your information. The compiler 
will ignore it. Below it, carefully type these instructions: 


void loop() { 
digitalWrite(13, HIGH); 
delay(100); 
digitalWrite(13, LOW); 
delay(100); 

} 


If you have any prior familiarity with an Arduino, you'll 
be groaning, now, as you think to yourself, “Oh no, it's 
the old blink test!” Yes indeed, and that's why | subtitled 
this section, “The Old Arduino Blink Test.’ This is the pro- 
gram that almost everyone uses as a preliminary test (al- 
though | have changed the delay values, for reasons that 
will become apparent). Please humor me by typing the 
program into the IDE. | will be getting to some more 
challenging projects soon enough. 


Also, you may be just a little sketchy on what some of 
the statements actually mean. 


void means the same as before. 


loop() is an instruction telling the Arduino to do some- 
thing over and over again. What does it have to do? lt 
has to obey the procedure between the braces. 


digitalWrite is a command to send something out of a 
pin. Which pin? | am specifying 13 because its mode was 
defined previously. 


e You can't use a digital pin unless you have pre- 
viously specified what its mode will be. 


What should the pin do? Go to a HIGH state. 
Don't forget the semicolon at the end of the instruction. 


delay tells the Arduino to wait for a while. How long? 
100 means 100 milliseconds. There are 1,000 millisec- 
onds in a second, so the Arduino is going to wait for 
one-tenth of a second. During that time, pin 13 will stay 
high. 


| think you can figure out what the next two lines mean. 


Ina moment, you can activate the program. But first, go 
to your board and insert the leads of an LED between 


connector 13 and the connector labelled GND, right be- 
side it. 


e Make sure the short lead of the LED is in the 
GND connector. 


e The LED does not need a series resistor, as this is 
built in to connector 13. 


The little yellow LED on my board was already blinking, 
by default, as soon as | plugged in the board. The LED 
that | just inserted also starts blinking, because the yel- 
low surface-mount LED built into the board is wired in 
parallel with pin 13. 


In previous versions of the Uno, the onboard LED did not 
start blinking as soon as you plugged in the board. In fu- 
ture versions, Arduino may disable this “blinking by de- 
fault.” Either way, it doesn’t matter, because your pro- 
gram is going to change the blink rate. 


Verify and Compile 


Next you must check if you made any typographical er- 
rors. Pull down the Sketch menu and choose Verify/ 
Compile, as shown in Figure 5-85. The IDE examines your 
code, and if it sees any problems, it complains about 
them. 


Verify | Compile Ctrl+R 


File Edit | Sketch Tools Help 
EL] Show Sketch Folder Ctri+K 
ies Include Library » 


L voi: Add File... 


// put your setup code here, to run once: 


1) 


void loop() 4 


// put your main code here, to run repeatedly: 


Figure 5-85 Choose the Verify/Compile option before sending 
your program to the Arduino. 


You can test this. In your program listing, change pin 
Mode to piMode, then Verify/Compile, and see what hap- 
pens. 


You get an error message in the black space at the bot- 
tom of the IDE window. You can stretch this black space 
by dragging its upper border with your mouse, so you 
can see more than two lines at a time, without scrolling 
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them. The error message that | get says, "piMode was not 
declared in this scope” 


You see, there are reserved words and defined functions in 
the C language, which have special meanings. You have 
used a couple of them already, such as digitalWrite 
and delay. 


But piMode doesn't exist as a reserved word or defined 
function, so the compiler complains that you have not 
declared it, to say what it is. 


Fix your program text till you can Compile/Verify 
without any errors. 


Upload and Run 


Now pull down the File menu, and choose Upload. Per- 
sonally | always imagine that | am downloading from my 
big computer into the little Arduino, but everyone calls 
it uploading, so | guess that's what it is. 


If the upload is successful, you'll see the message “Done 
Uploading” just above the black error window. 


If it is not successful, and the uploading process never 
quite ends—this is not good. It means you still have 
some communications problems, probably because the 
COM port assignments don't match. Go back to the trou- 
bleshooting section for your type of computer, above. 
But save your program first. Pull down the File menu, 
choose Save, and give your program a name. After you 
fix your COM issues, you will be able to reload the pro- 
gram, if necessary, and try again. 


If everything worked as planned, the onboard yellow 
LED, and your LED, are now blinking rapidly—on for 
1/10th of a second, and off for 1/10th of a second, in ac- 
cordance with the instructions in your program. 


You may feel that this is a small achievement after taking 
SO many steps, but we have to start somewhere, and a 
blinking LED is usually where microcontroller program- 
ming begins. In the next experiment, you will write a 
new program that will do something much more useful. 


Here’s a summary of what you may have learned so far, 
and what you generally have to do, to program the Ar- 
duino: 


e Start a new program (or “sketch” as Arduino 
prefers to call it). 
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Select the New option from the File menu if 
necessary. 


Every program must begin with a setup func- 
tion, which will run once only. 


You must declare the number of a digital pin, 
and its mode, by using the pinMode command, 
before you can do something with the pin later. 


The mode of a pin can be INPUT or OUTPUT. 


Some pin numbers are not valid. Look at your 
Uno board to see the numbering system that is 
used. 


A pair of braces must enclose every function or 
block in a program. But they can be on separate 
lines. 


The compiler ignores line breaks and extra 
whitespace. 


Every instruction in a function or block must 
end in a semicolon. 


Every Arduino program must contain a loop 
function (after the setup function), which will 
run repeatedly. 


digitalWrite is a command to make a pin that 
is set for output have a state that is specified as 
HIGH or LOW, 


delay makes the Arduino do nothing for a 
specified number of milliseconds (thousandths 
of a second). 


The numbers in parentheses after a command 
are parameters telling the Arduino how the 
command must be applied. 


Use the Verify/Compile option in the Sketch 
menu to check your program before you try to 
upload it to the Arduino. 


You must fix any errors found in the Verify/ 
Compile operation. 


Reserved words are a vocabulary of commands 
that the Arduino understands. You have to spell 
them correctly. Uppercase is considered differ- 
ent from lowercase. 


After you upload your program, it will start run- 
ning automatically, and will continue to do so 
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until you disconnect power from the board or 
upload a new program. 


e There is a Reset button (a tactile switch) beside 
the USB connector on the Uno board. When 
you press it, the Arduino restarts your program 
at the beginning, with all the values reset. 


Caution: Lost Code 


If you modify your program and upload it to the micro- 
controller, the new version will overwrite the old version. 
In other words, the old version will be erased. If you 
didn't save it on your computer under a different file- 
name, it may be gone forever. Be very careful when up- 
loading revised programs. Saving each version on your 
computer, under a new name, is a sensible precaution. 


After program instructions have been uploaded into the 
microcontroller, there is no way to read them back out 
again. 


Programming Entails Detail 


| don't know if you noticed, but the summary of points 
to remember, in this experiment, has been much longer 
than the summaries in any experiments where you used 
individual components. Writing a program entails a lot 
of detail, and you have to get everything exactly right. 
Personally | enjoy this, because once you get it right, it 
will always be right, and it will always work the same 
way. Programs never wear out. If you save them in a suit- 
able medium, they can last forever. The software that | 
wrote in the 1980s will still run 30 years later in a DOS 
window on my desktop computer. 


Some people don't enjoy detail work, or they tend to 
make typing errors, or they don't like the way in which a 
computer language makes inflexible demands (such as 
always insisting that you begin a program with a Setup 
function, even if you don't have a setup). Different kinds 
of people enjoy different aspects of electronics, and 
that’s the way it should be. If everyone wanted to write 
programs, and no one ever wanted to touch a piece of 
hardware, we wouldn't have any computers. It’s up to 
you to decide what activity suits you. 


Personally, I’m going to continue with another experi- 
ment that uses the Arduino in a more interesting way. | 
want to show you how a microcontroller can do things 
more easily than individual components in some cases. 


Before | end this experiment, though, you may be won- 
dering what happens if you disconnect the Arduino 
from your computer. 


The Arduino needs power to run your program. 


The Arduino does not need power to store your 
program. The program is stored automatically 
in the microcontroller, like data in a flash drive. 


If you want to run your program when the 
board is not connected with your computer, 
you have to provide power in the round black 
socket next to the USB socket on the board. 


The power supply can range from 7VDC to 
12VDC. It does not have to be regulated, be- 
cause the Arduino board contains its own regu- 
lator, which changes your power input to 5VDC 
on the board. (Some Arduinos use 3.3VDC, but 
not the Uno.) 


The power supply jack is 2.1mm in diameter, 
with center pin positive. You can buy a 9V AC- 
to-DC adapter with that kind of plug on its out- 
put wire. 


If you connect external power while the Ardui- 
no is also connected with a USB cable, the Ardu- 
ino automatically uses the external power. 


You can disconnect your Arduino from the seri- 
al cable anytime, without bothering to use the 
“Safely Remove Hardware” option that exists in 
some versions of Windows. 


Background: Origins and Options 
Among Programmable Chips 


In factories and laboratories, many procedures are repet- 
itive. A flow sensor may have to control a heating ele- 
ment. A motion sensor may have to adjust the speed of 
a motor. Microcontrollers are perfect for this kind of rou- 
tine task. 


A company named General Instrument introduced an 
early line of microcontrollers in 1976, and called them 
PICs, meaning Programmable Intelligent Computer—or 
Programmable Interface Controller, depending on which 
historical source you believe. General Instrument sold 
the PIC brand to another company named Microchip 
Technology, which owns it today. 
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Arduino uses Atmel microcontrollers, but PICs are still an 
alternative, and are used as the basis for a hobby-educa- 
tion version licensed by a British company named Revo- 
lution Education Ltd. They call their range of chips the 
PICAXE, for no apparent rational reason other than they 
must think that it sounds cool. (I’m not so sure that 
they're right about that.) 


The PICAXE comes with its own IDE, which uses a differ- 
ent computer language named BASIC. In some ways this 
is a simpler language than C. Another range of micro- 
controllers, the BASIC Stamp, also uses BASIC, with addi- 
tional, more powerful commands. 


If you search for PICAXE on Wikipedia, you'll find an ex- 
cellent introduction to all the various features. In fact, | 
think it’s a clearer overview than you'll get from the PIC- 
AXE website. 


Unlike the Arduino, you don’t need to buy a special 
board to program PICAXE chips. A customized USB cable 
is all you need—in addition to the appropriate IDE soft- 
ware, which you can download for free. 


The first edition of this book contained some introducto- 
ry information about PICAXE products. You can probably 
find that edition secondhand, if you're interested. 


Fundamentals: Advantages and 
Disadvantages 


Now that you have learned some basics, | need to dis- 
cuss issues that may affect your decision about whether 
to use a microcontroller in a project. 


Longevity 

The flash memory that stores a program in an ATme- 
ga328 is guaranteed by the manufacturer for 10,000 
read-write operations, with provision for automatically 
locking out memory locations that go bad. This would 
seem to be ample, and we may hope that a microcon- 
troller will last almost indefinitely. However, we don't 
know yet if it will really have the same longevity as an 
old-school logic chip, some of which are still working 40 
years after they were manufactured. Does this matter? 
You have to make up your own mind about that. 


Obsolescence 


Microcontrollers are maturing rapidly as a technology. 
When | wrote the first edition of this book, the Arduino 
was relatively new, and its future was uncertain. The Ar- 
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duino now dominates the hobby-electronics field, but 
what will the situation be another five years from now? 
No one knows. A product such as the Raspberry Pi is an 
entire computer on a chip. No one can predict whether 
it, or something else like it, will displace the Arduino. 


Even if the Arduino remains the microcontroller system 
of choice, we have already seen new versions of the 
hardware, and updates to the IDE software that must be 
used when you program the chip. One way or another, 
you may have to keep yourself informed about develop- 
ments in the field as they occur, and you may even have 
to abandon one brand of microcontroller and switch to 
a different brand. 


By comparison, in most cases, individual components in 
through-hole format have reached the end of their de- 
velopment cycle. Some relatively recent innovations 
have been introduced, such as rotational encoders or 
small dot-matrix LED and LCD displays. However, most 
of these new products are designed for use with micro- 
controllers. In the simple world of transistors, diodes, ca- 
pacitors, logic chips, and single-chip amplifiers, the 
knowledge that you acquire today should be valid 10 
years from now. 


Hybrid Circuits 

Last, and perhaps most important, microcontrollers can- 
not be used alone. They always require some other com- 
ponent, even if it’s just a switch, a resistor, or an LED, and 
the other components must be properly compatible 
with the inputs and outputs of the microcontroller. 


Therefore, to make practical use of a microcontroller, you 
still have to be familiar with electronics generally. You 
need to understand basic concepts such as voltage, cur- 
rent, resistance, capacitance, and inductance. You 
should probably know about transistors, diodes, alpha- 
numeric displays, Boolean logic, and other topics that | 
have covered so far in this book. And if you are going to 
build prototypes, you will still need to know how to use 
a breadboard or make solder joints. 


Bearing all this in mind, | can summarize the pros and 
cons. 

Individual Components: Advantages 
Simplicity. 


Instant results. 
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No programming language needed. 

Cheap, for small circuits. 

Today's knowledge will be valid tomorrow. 

Better for analog applications such as audio. 

Still necessary when using microcontrollers. 
Individual Components: Disadvantages 
Capable of performing one function only. 


Circuit design is challenging for applications involving 
digital logic. 


Not easily scalable. Large circuits are difficult to build. 
Revisions to a circuit may be difficult or even impossible. 


More components in a circuit generally require more 
power. 


Microcontrollers: Advantages 
Extremely versatile, able to perform many functions. 


Additions or revisions to a circuit can be easy (just re- 
write the program code). 


Huge online libraries of applications, freely available. 
Ideal for applications involving complex logic. 
Microcontrollers: Disadvantages 
Relatively expensive for small circuits. 

Significant programming skills required. 


Time-consuming development process: write code, in- 
stall code, test, revise-and-debug, reinstall—in addition 
to troubleshooting the circuit hardware. 


Rapidly evolving technology requires a continuing 
learning process. 


Each microcontroller has individual quirks and features, 
requiring study and memorization. 


Greater complexity means more things that can go 
wrong. 


Requires a desktop or laptop computer, and data stor- 
age for programs. Data may be lost accidentally. 


Requires a regulated power supply (usually 5VDC or 
3.3VDC), like a logic chip. Limited output of 40mA per 
pin, or less. Cannot drive a relay or a loudspeaker, as a 


555 timer can. You must buy a separate driver chip if you 
need to deliver more power. 


Summing Up 
Now I am ready to answer the question, “Should | use 
microcontrollers or individual components?” 


My answer is that you need both. That is why | am in- 
cluding microcontrollers in a book that is primarily 
about individual components. 


In the next experiment, l'Il show how a sensor and a mi- 
crocontroller can work together. 


Experiment 33: Checking the Real 
World 


A switch is either “on” or “off,” but most of the inputs we 
receive from the real world tend to vary between those 
extremes. A thermistor, for instance, is a sensor that 
varies its electrical resistance over a wide range, depend- 
ing on its temperature. 


A microcontroller would be very useful if it could pro- 
cess that kind of input. For instance, it could receive the 
input from the thermistor, and then it could function like 
a thermostat, turning on a heater if the temperature falls 
below a minimum value, and turning off the heater 
when the room is warm enough. 


The ATmega328 that is used in the Arduino Uno can do 
this, because six of its pins are classified as “analog in- 
puts,’ meaning that they don't just evaluate an input as 
“logic-high” or “logic-low” on a digital basis. They con- 
vert it internally using what is called an analog-to-digital 
converter, or ADC. 


On the 5-volt version of the Arduino, an analog input 
must range from OVDC to 5VDC. (Actually, the upper lim- 
it can be modified, but that introduces some complexity 
that | will leave until later.) A thermistor doesn’t generate 
any voltage; it just varies its resistance. So, I'll have to 
think of a way in which a change in resistance can deliv- 
er a change in voltage. 


Once that problem has been dealt with, an ADC inside 
the microcontroller will convert the voltage on the ana- 
log pin into a digital value ranging from O through 1023. 
Why that numeric range? Because it can be expressed in 
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10 binary digits, and the ADC isn’t accurate enough to 
justify a wider range with smaller increments. 


After the ADC has supplied a number, your program can 
compare it with a target value, and can take appropriate 
action—such as changing the state of an output pin, 
which can supply voltage to a solid-state relay, which 
can activate a room heater. 


The sequence beginning with the thermistor and end- 
ing with the digital value is shown visually in Fig- 
ure 5-86. 


Inside 
Arduino: 
conversion 
to a digital 
value from 
Oto 1023 


Conversion 


Thermistor: 
variable 
resistance 
10K max. 


to voltage: 
5VDC 
maximum 


Figure 5-86 A simplified view of the plan for processing the 
status of a thermistor. 


The following experiment will show you how to do this. 


What You Will Need 


Breadboard, hookup wire, wire cutters, wire 
strippers, test leads, multimeter 


Thermistor, 10K, 1% or 5% accuracy (1) (This 
must be the NTC type, meaning that its resist- 
ance drops as the temperature increases. A PTC 
thermistor behaves oppositely) 


Arduino Uno board (1) 


Laptop or desktop computer with an available 
USB port (1) 


USB cable with A-type and B-type connector at 
opposite ends (1) 


e 6.8K resistor (1) 


Using a Thermistor 


The first step is to get to know your thermistor. It has 
very thin leads, because they must not conduct heat in- 
to or out of the tip where the temperature-measuring 
junction is located. The leads are probably too thin to 
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plug into your breadboard reliably, so | suggest you grab 
them with a couple of alligator test leads, and use the 
leads to grab the probes of your meter, as shown in Fig- 
ure 5-87, 


Figure 5-87 Testing a thermistor. 


The thermistor that | am recommending is rated at 10K. 
That's its maximum resistance when it gets really cold. 
Its resistance doesn’t change much as the temperature 
rises until around 25 degrees Celsius (77 degrees Fahren- 
heit). After that, the resistance declines more rapidly. 


You can test it with your meter. At room temperature, 
the thermistor should have a resistance around 9.5K. 
Now grip it between your finger and thumb. As it ab- 
sorbs your body heat, its resistance goes down. At body 
temperature (arbitrarily agreed to be 37 degrees Celsius 
or 98.6 degrees Fahrenheit) its resistance is around 6.5K. 


How can you convert this resistance range to the OV to 
5V required by the microcontroller? 


First bear in mind that the maximum value correspond- 
ing with room temperature should actually be lower 
than 5V. The real world is an unpredictable place. What if 
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your thermistor gets much hotter than you expected, for 
some surprising reason? Maybe you place your solder- 
ing iron beside it, or maybe you rest it on a warm piece 
of electronic equipment. 


Here we have the first lesson in analog-digital conver- 
sion: allow for unexpected, extreme values when meas- 
uring the everyday world. 


Range Conversion 


The simplest way to convert the thermistor's resistance 
into a voltage value is to choose a resistor approximately 
equal to the average resistance of the thermistor in the 
temperature range that interests us. Put the resistor and 
the thermistor in series to create a voltage divider, apply 
5VDC at one end and OVDC at the other end, then take 
the voltage at the midpoint between the components, 
as shown in Figure 5-88. 


Thermistor 


Figure 5-88 The simplest circuit for deriving a voltage from the 
changing resistance of a thermistor. 


Normally, to set up this circuit, you would need to install 
a voltage regulator to provide the 5VDC. However, the 
Arduino has its own voltage regulator, and conveniently 
provides a 5VDC output (see Figure 5-79). You can tap 
into this output and take it across to your breadboard 
with a jumper wire. You'll also need to tap one of the 
ground outputs from the Arduino, and take that to your 
breadboard as well. 


When | tried that, and varied the thermistor temperature 
from around 25 to 37 Celsius, my meter measured a volt- 
age from 2.1V to 2.5V. You should try that yourself, to 
check my numbers. 


Obviously we run no risk of endangering the microcon- 
troller with those voltages. But now | see a different 
problem: the range isn't wide enough to achieve opti- 
mal accuracy. 


Figure 5-89 shows the conversion between input volt- 
age and internal digital equivalents. The range from 2.1V 
to 2.5V is defined by the darker blue rectangle. It will be 
converted into digital values from around 430 to 512, 
which is a spread of 82—only a small fraction of the 
complete range from 0 through 1,023. 


1000 


Analog-to-Decimal Conversion Value 


| 


1 2 3 4 5 
Arduino input voltage 


Figure 5-89 Conversion graph from Arduino input voltage to 
ADC values. The blue rectangle identifies approximate voltages 
derived from a 10K thermistor in series with a 6.8K resistor, for 
temperatures between 75 and 95 degrees Fahrenheit. 


Using this limited range will be like using a small num- 
ber of pixels from a high-resolution photograph. Inevita- 
bly, there will be a lack of detail. Wouldn't it be nice if we 
could somehow convert our voltages into a digital range 
covering maybe 500 values instead of 82 values? 


One way to do that would be by amplifying the voltage, 
but that will entail using an additional component, such 
as an op-amp. This is possible, but then we will need re- 
sistors to control feedback, and everything will get com- 
plicated. The whole idea of the microcontroller was to 
keep it simple! 


There is another option, which is to use a feature of the 
Arduino that sets a lower maximum voltage for the 
range. But this requires me to supply a sample of the 
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new maximum voltage to one of the pins. To create that 
voltage, | would need to use another voltage divider, 
and then calculate a new conversion from voltage in- 
puts to ADC values. Really, | want to avoid that kind of 
thing, at least until | have a simple program running. 


After thinking about this a bit more—maybe | can live 
with a range of 82 values to represent a range from ap- 
proximately 75 to 95 degrees Fahrenheit. That's an accu- 
racy of about 1/4 degree for each digital step created by 
the ADC. It's not good enough for a clinical thermome- 
ter, but perfectly adequate for room temperature. 


Connections 


So let's give it a try. But wait—are we still going to use a 
separate breadboard with that funky-looking Uno board 
on which the microcontroller is mounted? 


Yes, that's the plan. There are three ways to hook every- 
thing up: 


e You can buy a gadget called a protoshield, 
which is like a mini-breadboard that sits on top 
of the Uno board and plugs into the connec- 
tors. | am not a fan of this device, because it 
leads us away from an eventual finished circuit 
on a regular breadboard. 


e You can pry the microcontroller off the Uno 
board and plug it into a breadboard, where you 
can connect components with its pins in a nor- 
mal manner. But if you do that, you have no 
way to load a program into the microcontroller, 
and you will need a crystal oscillator to make 
the microcontroller run at the same speed as 
when it was on the Arduino board. 


e You can mount your thermistor and resistor on 
a regular breadboard, and then run the voltage 
across from the thermistor circuit to the Uno 
board on a jumper wire, in the same way that 
you are already supplying positive voltage and 
ground from the Arduino to the breadboard. It’s 
messy, but it is what most people seem to do. If 
you finish a program and mount it permanently 
on the microcontroller, then maybe you can 
move the chip to a more convenient location. 


Figure 5-90 shows the arrangement. Figure 5-91 shows 
how it looks in a photograph. | have to admit, this is one 
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occasion where those little wires with plugs at each end 
are convenient, although | still don’t entirely trust them. 


Figure 5-90 Wiring the thermistor circuit to the Arduino. 
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Figure 5-91 Using jumper wires to connect the thermistor circuit 
with the Arduino. 


What, No Output? 
Now you're all set to convert an analog input to an inter- 
nal digital value. But wait—something is missing, here. 
You don't have an output! 
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Fig. 9-18. Front and back panel layout Snooze and alarm time switches 
may be mounted on either side of display. Display cutout may be larger or 
smaller, but should be 4.5” long. 


Alarm time. The Timer will only function when Timer Enable is 
closed. Opening the switch stops the Timer counting, and disables 
the output. 

This IC also has a back-up oscillator to keep time when 
operating from a battery. If you really want to get it accurate, 
substitute a 25k pot for the 10k resistor and adjust it as close as you 
can. Then wire in a fixed precision resistor of the same value. 


General Information 


Once the clock is working properly and the back-up oscillator 
is fairly accurate, you may get the idea to use the clock in your car. 
That is also the reason for two dc inputs on the back: one plugging 
in a battery to carry it out, and one for operating off the car's 
electrical system. One word of warning: In some states it is illegal 
to use red indicators for anything except an emergency condition, 
so use a different color for the display if you ever plan to use the 
clock mobile. (All you people with digital tachometers, take note.) 

If a larger case is used, the timer relay circuit may be added. 
With it, you can do a number of different things, such as turn a lamp 
on and off, turn the rig on at scheduled time, etc., as long as the 
relay contacts can handle the load. 

If you use a DPDT switch for Alarm Enable, an LED can be 
wired to indicate when the Alarm is active. This could save you 
from jumping through the ceiling on Saturday morning. 


408 
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In an ideal world, the Uno board would be sold with a 
nice little alphanumeric display, so that you could use it 
like a real computer. In fact, you can obtain displays like 
that which will work with the Uno, but once again this 
would entail some complexity. Like almost everything in 
the microcontroller world, it is not plug-and-play. The 
microcontroller has to be programmed to send text to 
the display. 


So, | will keep things simple. | will use the little yellow 
LED on the Uno board as an indicator. | will pretend that 
the indicator represents a room heater, which comes on 
if the temperature is low and switches off when the tem- 
perature is high. 


Hysteresis 


Suppose we're heating a greenhouse where we want the 
temperature to be a toasty 85 degrees Fahrenheit. Sup- 
pose the voltage from the resistor-thermistor combina- 
tion is 2.3V at that temperature. Look it up on the graph 
in Figure 5-89 and you'll see that the ADC inside the mi- 
crocontroller will convert this to a digital value of around 
470. 


So, 470 is our threshold. If the number goes down to 
469, we put on the heat (or simulate it, by lighting the 
LED). If the number goes up to 471, we turn off the heat. 


But wait. Does this make sense? It means a fractional in- 
crease in temperature sensed by the thermistor will trig- 
ger the LED, and a fractional decrease will switch it off. 
The system will be forever fluctuating. 


A real thermostat doesn't respond to every little temper- 
ature variation when someone opens or closes a door. 
When it switches on, it stays on, until the temperature is 
a bit above the target. Then when the heat is off, it stays 
off, until the temperature is a bit below the target. 


This behavior is known as hysteresis, and | discuss it in 
more detail, in relation to a component called a compa- 
rator, in my sequel to this book, Make: More Electronics. 


How can we implement hysteresis in a microcontroller 
program? We need a broader range of values than 469 
through 471. The program could say something like, “If 
the LED is on, keep it on until the temperature value ex- 
ceeds 490. Then switch if off.” And, “If the LED is off, 
keep it off until the temperature value drops below 460. 
Then switch it on” 


Can we do this? Yes, quite easily. The program listed in 
Figure 5-92 uses this logic. | derived it from a screen cap- 
ture of the Arduino IDE, so | have good reason to think 
that it works. 


// Heater Control Simulation 
// by Charles Platt 


int digitemp = 0; 
// digitemp is a variable to store 
// a digitized temperature value. 


int ledstate = 0; 
// Will be O if LED is currrently off. 
// Will be 1 if LED is currently on. 


void setup() 


pinMode (13, OUTPUT); 
// Onboard LED shows the output. 


// (No need to set the analog pin 
// which is input by default.) 
} 


void loop() 
1 


digitemp = analogRead (0); 
// Thermistor is on analog input AO. 


if (ledstate == 1 && digitemp > 490) 


1 

ledstate = 0; 
digitalWrite (13, LOW); 
} 


if (ledstate == 0 && digitemp < 460) 


1 

ledstate = 1; 
digitalWrite (13, HIGH); 
} 


delay (100); 


Figure 5-92 Program listing for control of an imaginary heating 
device. 


The program also introduces some new concepts—but 
first, type it into the IDE. You don't need to include all 
the comment lines, which I just added as explanations. 
You can type the much shorter version in Figure 5-93 
where the comment lines have been omitted. 
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int digitemp 
int ledstate 


void setup() 


pinMode (13, OUTPUT); 
} 


void loop() 
{ 


digitemp = analogRead (0); 
if (ledstate == 1 && digitemp > 490) 


{ 
ledstate = 0; 
digitalWrite (13, LOW); 


} 
if (ledstate == 0 && digitemp < 460) 


{ 
ledstate = 1; 
digitalWrite (13, HIGH); 


y 
delay (100); 
} 


Figure 5-93 Thesame program as before, with the comment 
lines omitted. 


Verify/Compile your program, and fix any typing errors 
(probably there will be a semicolon missing in one place 
or another—that's the most common error). 


Plug in your Arduino, upload the program, and if the 
temperature of your thermistor is below 85 degrees Fah- 
renheit, the yellow LED should switch on. 


Hold the thermistor between your finger and thumb to 
make the thermistor think that the room temperature 
has increased. After a few seconds, the LED goes out. 
Now let go of the thermistor, and it cools down—but 
the LED stays on for a while, because the hysteresis in 
the system is telling it to wait until the temperature is 
sufficiently low. Eventually, the LED switches on again. 
Success! 


But how does the program work? 


Line by Line 

This program introduces the concept of a variable. This is 
a little space in the microcontroller's memory where a 
digital value can be stored. You can think of it as a 
“memory box.” On the outside of the box is a label that 
has the name of the variable. On the inside is a numeric 
value. 


Experiment 33: Checking the Real World 


int digitemp = 0; means | have invented a variable 
named digitemp. It is an integer (a whole number), and 
it starts with a value of zero. 


int ledstate = 0; means | have invented another inte- 
ger variable, to keep track of whether the LED on the 
board is on or off. There's no easy way | can get the mi- 
crocontroller to look at the LED and tell me what its state 
is, so | will have to keep track of it myself. 


The setup of the program just tells the microcontroller 
to use pin 13 as an output. | don't need to tell it to use 
pin AO as an input, because analog pins are inputs by 
default. 


Now comes the heart of the program, in the loop. First, | 
use the command analogRead to tell the microcontroller 
to read the state of an analog port. Which one? | specify 
0, which means analog port AO. This is where the con- 
nection from my breadboard is plugged in. 


What do | do with the information from the ADC after it 
reads the port? There is only one sensible place to put it: 
in the variable named digitemp that | created for this 
purpose. 


Now that digitemp contains a value, | can examine it. 
First | want to say, if the heat is on (the LED is illumina- 
ted) and the temperature value is greater than 490, it's 
time to turn the heat off. The “if” part is tested like this: 


if (ledstate == 1 88 digitemp > 490) 


The double == means, “make a comparison and see if 
these two items are the same” A single equals sign 
means, “assign this value to a variable,” which is a differ- 
ent operation. 


The double && is a “logical AND.” Yes, we have Boolean 
logic here, just as if we were using an AND logic gate. 
But instead of wiring up a chip, we just type a line of 
code. 


The > symbol means, “is greater than” 


The “if” test is contained in parentheses. If the statement 
in the parentheses is true, the microcontroller performs 
the following procedure, between the braces. In that 
procedure, ledstate = 0 records the fact that the LED is 
going to be switched off. digitalWrite (13, LOW); ac- 
tually switches it off. 
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The second “if” test is very similar, except it only applies 
if the LED is off, and the temperature has fallen much 
lower. Then, we switch the LED on. 


Finally there is a delay of 1/10th of a second because we 
don't need to check the temperature more often than 
that. 


And that’s it. 


Additional Details 


| have thrown in some pieces of syntax, such as the “if” 
test, and the double equals sign, and the && logical op- 
erator, without giving you a whole list of all the syntax 
that you can use in C language. You can find that kind of 
list online. | don't have space for it here. 


Notice a couple of things about the program: 


Lines are indented to clarify the logical struc- 
ture. The compiler ignores extra white space, so 
you can feel free to add as much of it as you 
like. 


e The IDE uses color to help you see if you made 
any typing errors. 


e When you make up a name for a variable, you 
can use any combination of letters, numerals, 
and underscore characters—so long as the 
combination is not the same as a word that al- 
ready has a special meaning in the C language. 
For instance, you can't have a variable named 
void. 


e Some people like to begin variable names with 
a Capital letter, and some don't. It’s your choice. 


e Each variable should be declared at the begin- 
ning of the program, so that the compiler 
knows what to expect. 


e An integer (declared with the int term) can 
have a value ranging from -32,768 to +32,767. 
The C language on this microcontroller allows 
you other types of variables that have a wider 
range of values, or that can have fractional val- 
ues. But | won't need to use a larger numeric 
value until Experiment 34. 


For a beginning language reference, go to the main Ar- 
duino website, click the Learning tab, and choose Refer- 
ence from the menu that drops down. You can also pull 


down the Help menu from the Arduino IDE and choose 
the Reference submenu. 


Enhancements 


This program does the job that | set out to do, but it's 
very limited. The biggest limitation is that it uses specific 
numbers for the minimum and maximum temperature 
values. That's like having a thermostat that is glued into 
just one position and can never be adjusted. How could 
the program be enhanced so that the user can adjust 
the threshold temperature for the heat to go on and off? 


| think the way to do it would be to add a potentiometer. 
The ends of the potentiometer's track would be connec- 
ted to 5V and OV, and the wiper would be connected to 
another analog input on the microcontroller. This way, 
the potentiometer functions as a voltage divider and 
supplies the full range from OVDC to 5VDC. 


Then | would add another procedure in the loop where 
the microcontroller would check the potentiometer set- 
ting, and digitize it. 


The result would be a number in the full range from O 
through 1,023. | would have to convert this to a number 
compatible with the likely range of values for the digi 
temp variable. Then | would put the result in a new vari- 
able named, perhaps, usertemp. Then | would see if the 
actual room temperature, measured by the thermistor, is 
significantly above or below usertemp. 


Notice that | skipped over one little detail: exactly how | 
would convert the potentiometer input to the range 
suitable for usertemp. All right, l'Il deal with that now. 


If the likely range of values for the thermistor is 430 
through 512 as | estimated previously, that range can be 
thought of as having a middle value of 471, plus or mi- 
nus 41. The potentiometer has a middle value of 512, 
plus or minus 512 for its full range. Therefore: 


usertemp = 471 + ( (potentiometer - 512) * .08) 


where potentiometer is the value from the potentiome- 
ter input, and the asterisk symbol is used by the C lan- 
guage as a multiplication sign. That would be close 
enough. 


Yes, arithmetic does tend to be involved in program- 
ming, sooner or later, somewhere or other. There is no 
way to pretend otherwise. But it seldom goes beyond 
high-school math. 
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In the enhanced version of the program, | would still 
have to take care of hysteresis. The first “if” statement 
would have to be converted so that it says something 
like, 


if (ledstate == 1 88 digitemp > (usertemp + 10) ) 
then switch off the LED. But 
if (ledstate == 0 88 digitemp < (usertemp - 10) ) 


then switch on the LED. That would give me a hysteresis 
range of plus-or-minus 10, using the values from the 
ADC. 


Now that I’ve described this modification, maybe you 
can consider making it yourself. Just remember to de- 
clare each new variable before you use it in the body of 
the program. 


Experiment 34: Nicer Dice 


In this last experiment, I’m going to revisit Experiment 
24, which used logic chips to create dice patterns. In- 
stead of logic chips, we can now use “if” statements with 
logical operators in a microcontroller program. We can 
replace several pieces of hardware with a dozen lines of 
computer code, and instead of a 555 timer, a counter, 
and three logic chips, we will need just one microcon- 
troller. This is a great example of an appropriate applica- 
tion. (Of course, it does still require some LEDs and series 
resistors.) 


What You Will Need: 


e Breadboard, hookup wire, wire cutters, wire 
strippers, test leads, multimeter. 


Generic LED (7). 


e Series resistor, 330 ohms (7). 
e Arduino Uno board (1). 


e Laptop or desktop computer with an available 
USB port (1). 


e USB cable with A-type and B-type connector at 
opposite ends (1). 
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The Limits to Learning by Discovery 


Learning by discovery works well when you're getting to 
know an electronic component. You can put it on a 
breadboard, apply power, and see what happens. Even 
when you're designing a circuit, you can use some trial 
and error and make modifications as you go along. 


Writing programs is different. You have to be disciplined 
and logical; otherwise, you will tend to write buggy pro- 
gram code that doesn't work reliably. Also, you have to 
plan ahead; otherwise, you will waste a lot of time redo- 
ing previous work or throwing it away entirely. 


| don’t enjoy planning, but | dislike wasting time even 
more. So, | do plan, and in this final project, l'm going to 
describe the planning process. I'm sorry that you won't 
get some immediate pleasure from just putting some 
parts together and seeing what happens, but if | don't 
explain the software development process, | will be cre- 
ating a misleading impression by making programming 
seem simpler than it really is. 


Randomicity 


The first question seems obvious: “What do | really want 
this program to do?” The question is necessary because 
ifyou don't define your goals clearly, there is no way the 
microcontroller can figure them out for you. This is simi- 
lar to the process that | described in Experiment 15, of 
making a “wish list” for the intrusion alarm; but for a mi- 
crocontroller, greater detail is required. 


The basic requirement is very simple. | want a program 
that will choose a random number and display it in 
some LEDs that resemble the spots on a die (the word 
“die” being the singular of “dice,” as | mentioned once 
before). 


Because choosing a random number is fundamental to 
this program, you need to be properly informed on the 
subject. So let's check the Arduino website, where there 
is a language reference section. It is not as comprehen- 
sive as | would like, but is a good starting point. 


To find it, go to the Arduino home page, click the Learn- 
ing tab, and select Reference, and you will find a section 
titled Random Numbers. When you click that, you find 
there is a function specifically created for the Arduino, 
named randon( ). 


This is not entirely surprising, because almost all high- 
level computer languages have some kind of random 
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function built in, and it always works by using mathe- 
matical trickery to generate a stream of numbers that 
are unpredictable to a human observer and continue for 
a very long time before the sequence repeats. The only 
problem is that because they are created mathematical- 
ly, the sequence will start from the same place each time 
you run the program. 


What if you want the sequence to start at a different 
place? There is another Arduino function named random 
Seed() that initializes the number generator by looking 
at the state of a pin on the microcontroller that is not 
connected with anything. As | have mentioned before, a 
floating logic pin picks up any electromagnetic radiation 
that may be around, and you never know what to expect 
from it. So randomSeed() can be genuinely random, and 
sounds like a good idea—although we would have to 
remember not to use that unconnected, floating pin for 
anything else. 


Setting aside the issue of seeding the random number 
generator for the time being, let's suppose | use the Ar- 
duino's random() function to choose a number for the 
output of the dice program. How should this actually 
work? 


| think the player will press a button, at which point the 
randomly selected pattern of dice spots can be dis- 
played. Job done! Then if you need to “throw the die” a 
second time, you just press the button again, and anoth- 
er randomly selected pattern of dice spots will be cre- 
ated. 


That sounds very convenient—but | don’t think it will 
look very interesting. It may not seem very plausible, ei- 
ther. People may wonder if that number is really ran- 
dom. | think the problem is that control of the procedure 
has been taken away from the user. 


Going back to the hardware version of this project, | 
liked the way it displayed a rapid blur of patterns, and | 
liked that the player could press a button to stop the se- 
quence arbitrarily. 


Maybe the program should emulate this, instead of us- 
ing the random() function. It can count through num- 
bers 1 through 6 over and over again, very fast—like the 
counter chip in the hardware version of Nice Dice. 


But this worries me in a different way. When the pro- 
gram counts from 1 to 6, and then repeats, | think the 
microcontroller will take an extra few microseconds to 


go back to the start of the loop. So, a 6 will always be dis- 
played for a fraction longer than the other numbers. 


Maybe | can combine the two concepts. | can use the 
random number generator to create a series of numbers, 
and | will display them in very quick succession, until the 
player presses a button to stop at an arbitrary moment. 


| like that plan. But then what? | could have another but- 
ton to restart the rapid number display. But, no, that’s 
not necessary: the same button can do it. Press to stop, 
press to restart. 


You see, now | am getting a clearer idea of what | want 
this program to do. This will help me to take the next 
step, figuring out the instructions to get the microcon- 
troller to do it. 


Pseudocode 


| like to write pseudocode, which is a series of statements 
in English that will be easily converted into computer 
language. Here is my pseudocode plan for the program 
that | am naming Nicer Dice. Bear in mind that these in- 
structions will be executed extremely fast, so that the 
numbers are a blur. 


Main loop: 


« Step 1. Choose a random number. 


e Step 2. Convert it to a pattern of dice spots, and 
light up the appropriate LEDs. 


e Step 3. Check to see if a button has been press- 
ed. 


e Step 4. If a button has not been pressed, go 
back to Step 1 and choose another random 
number, so that the sequence will repeat rapid- 
ly. Otherwise... 


e Step 5. Freeze the display. 


e Step 6. Wait for the player to press the button a 
second time. Then go back to Step 1 and re- 
peat. 


Do you see any problems with this sequence? Try to vis- 
ualize it from the microcontroller's point of view. If you 
were receiving the instructions in the program, would 
you have everything you need to get the job done? 
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No, you wouldn't, because some instructions are miss- 
ing. Step 2 says, “light up the appropriate LEDs,’ but— 
there is no instruction anywhere to switch them off! 


You always have to remember: 
e The computer only does what you tell it to do. 


If you want the illuminated LEDs to be switched off be- 
fore a new number is displayed, you have to include an 
instruction to do that. 


Where should | put it? Well, | need to blank the display 
immediately before each new number is chosen and dis- 
played. Therefore, the right place to zero the display is at 
the beginning of the main loop. l'Il include it as Step 0. 


e Step 0. Switch off all the LEDs. 


But wait. Depending on the number that was displayed 
in the previous cycle, some of the LEDs in the pattern 
will be on, and some will be off. If we switch off all the 
LEDs to clear the display, this will include some of the 
LEDs that were off already. The microcontroller won't 
care, but it will waste some time executing that instruc- 
tion. Maybe it would be more efficient just to switch off 
the LEDs that were previously on, and ignore the ones 
that are already off. 


That will entail more complexity in the programming, 
and it may not be necessary. In the very early days of 
computing, people had to optimize a program to save 
processor cycles, but | think even a microcontroller is 
fast enough, now, for us not to care about the time that 
will be wasted by switching off two or three LEDs that 
were off already. l'Il use an all-purpose routine to switch 
off all the LEDs, regardless of their current states. 


Button Inputs 


What else is missing from the list of pseudocode instruc- 
tions? 


There is a button issue. 


Once again, | need to visualize what | want the program 
to do. The rapid display is cycling through numbers very 
quickly. The player presses a button to stop it. The dis- 
play freezes, showing the current number. In Step 6 the 
microcontroller waits indefinitely until the player presses 
the button again, to create a new rapid display. 
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Wait a minute. How can the player press the button 
“again” without releasing it first? 


With the pseudocode in its current form, this is what the 
microcontroller will actually do, bearing in mind that it 
performs tasks very, very quickly: 


Program tells the microcontroller to check the 
button. 


Microcontroller finds that the button is pressed. 


The display freezes. Microcontroller waits for 
the button to be pressed again. 


But it finds that the button is still being pressed, 
because the player hasn't had time to stop 
pressing it. 


Microcontroller says, “Oh, the button is pressed, 
so | should resume the rapid display.” 


Consequently the frozen display will only last for an in- 
stant. 


Here's the solution to the problem. An extra step in the 
sequence: 


e Step 5A. Wait for the player to release the but- 
ton. 


This will stop the computer from running ahead and dis- 
playing more numbers, until the player is ready. 


Is this it? Are we done, yet? 


No, I'm afraid not. You may think this is getting a bit la- 
borious, but in that case | have to say, I’m sorry, but this 
is what programming is like. If someone tells you that 
you can just throw some instructions together and see 
them work, l'm afraid this is often not the case. 


One more button problem still exists. Step 6 says, wait 
for the button to be pressed again to restart the rapid 
display. OK, the player presses the button, the display re- 
sumes—but the microcontroller is so fast, it will zip 
through the process of zeroing the current display and 
displaying a new die pattern, and once again it will re- 
check the button before the player has time to stop 
pressing it. Consequently, when the microcontroller gets 
to Step 4, it will find that the button is still being press- 
ed, so it will freeze the display again. 
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Now what? Maybe | should add a new Step 7, telling the 
microcontroller to wait for the button to be released be- 
fore resuming the rapid display. 


That's counter-intuitive. | don't think anyone will under- 
stand that you have to press the button, and release it, 
before the rapid display resumes. We could just say, “Oh, 
you have to do that, because the program requires it” 
But that is a very bad way of thinking. 


« A program has to do what the user expects. We 
should never force the user to do things to sat- 
isfy the program. 


In any case, the idea of waiting for the button to be re- 
leased before the rapid display resumes still won't work. 
There's another issue: contact bounce. This happens 
when the button is pressed, and when the button is re- 
leased. Consequently, if someone lets go of a button and 
the process resumes, and the program checks the but- 
ton again a millisecond later, the contacts may still be vi- 
brating, and they may appear to be open or closed, on 
an unpredictable basis. 


This is the kind of thing we run into when a microcon- 
troller interacts with the physical world. The microcon- 
troller wants everything to be precise and stable, but the 
physical world is imprecise and unstable. 


| had to think carefully about this particular problem be- 
fore | decided how | wanted to solve it. 


One solution would be to go back to having two but- 
tons, one to start the rapid display, and one to stop it. 
This way, as soon as the “start” button is pressed, the mi- 
crocontroller can ignore its status and its contact 
bounce, and just wait for the “stop” button to be press- 
ed. 


But from the player's point of view, | like the simplicity of 
just having one button. Surely, there’s a way to make it 
work? 


| went back to describing what | wanted the program to 
do, as clearly as possible. | said to myself: “I want the pro- 
gram to resume showing the rapid sequence as soon as 
the button is pressed for a second time. But after that, 
the program should ignore the button until after it is re- 
leased, and until the contacts have stopped bouncing.” 


Why not simply lock out the button for a second or two? 
Actually this will be a good idea, because the random 


display should run for a little while before the player can 
stop it again. This will make the display look “more ran- 
dom,’ as it runs through all those numbers. 


Suppose | lock out the button for, say, two seconds after 
the rapid display begins. Step 4 should be rewritten like 
this: 


e Step 4. If a button has not been pressed, OR the 
rapid display has been running for less than two 
seconds, go back to the top and choose anoth- 
er random number. Otherwise... 


Notice the OR word. Those Boolean operators really 
come in handy. 


The System Clock 


| think | have resolved all the button problems, but now | 
have a new problem. | need to measure two seconds. 


Is there a system clock inside the microcontroller? Proba- 
bly there is. Maybe the C language can access it, and ask 
it to measure a time interval. 


Check the language reference. Yes, there is a function 
named millis() that measures milliseconds. It runs like 
a clock, starting from zero each time a program begins. 
This function is capable of reaching such a high number, 
it doesn't reach its limit and restart from zero until about 
50 days have passed. That should certainly be enough. 


But—no, there is one more little snag. The Arduino 
doesn't allow my program to reset the system clock on 
demand. The clock starts counting like a stopwatch 
when the program starts running, but unlike a stop- 
watch, | can’t stop it. 


How can | deal with this? | will have to use the system 
clock in the same way that | would use the clock on my 
kitchen wall, in the real world. When | want to cook a 
hard-boiled egg, | make a mental note of the time when 
the water starts boiling. Let's suppose it is 5:02pm and | 
want to boil the egg for seven minutes. | say to myself, 
“5:02 plus seven minutes is 5:09, so l'Il take the egg out 
at 5:09.” 


What | am doing, inside my head, is comparing the 
clock, which keeps running, with my memorized time 
limit of 5:09. | am saying to myself, “Has the clock 
reached 5:09 yet?” When the time on the clock is equal 
to 5:09, or greater, my egg is cooked. 
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The way to do this in the dice program is to invent a vari- 
able that will work like my memory of the time at the 
start of the egg-boiling process. Immediately before the 
rapid display begins, | store the current value of the sys- 
tem clock in the variable, plus two seconds. Then | can 
get the program to say, “Has the system clock reached 
the value of my variable yet?” until it finally gets there. 


Suppose | name the variable “ignore,” because it will tell 
me at what time in the future the program should stop 
ignoring the button. Then Step 4 can ask the microcon- 
troller, “Has the system clock exceeded the ignore vari- 
able yet?” and if it has, the program can resume paying 
attention to the button. 


| cannot reset the system clock, but | can reset the “ig- 
nore” variable to match the current value of millis(), 
plus two seconds, each time a new rapid display session 
begins. 


Final Draft of Pseudocode 


Bearing all these issues in mind, here is the revised and, | 
hope, final sequence of events for the program: 


Before the loop begins, establish input and out- 
put of the logic pins, and set the “ignore” vari- 
able to the current time, plus two seconds. 


Step 0. Switch off all the LEDs. 


Step 1. Choose a random number. 


Step 2. Convert it to a pattern of dice spots, and 
light up the appropriate LEDs. 


Step 3. Check to see if the button has been 
pressed. 


Step 4. Check to see if the system clock has 
caught up with the “ignore” variable yet. 


Step 4a. If the button has not been pressed, OR 
the system clock has not caught up with the 
“ignore” variable yet, go back to Step 0. Other- 
wise... 


Step 5. Freeze the display. 


release 


Step 5A. Wait for the player to 
the button. 


Step 6. Wait as long as it takes for the player to 
press the button once more, to restart the dis- 


play. 
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e Step 7. Reset the “ignore” variable to the system 
clock, plus two seconds. 


e Go back to Step 0. 
Do you think it will work? Let’s find out. 


Hardware Setup 


Figure 5-94 shows seven LEDs wired on a breadboard to 
display the spots on a die. The concept is the same as in 
Figure 4-146, except that the Arduino can deliver 40mA 
from each output pin, and therefore | don't have to drive 
pairs of LEDs in series. A single output pin can easily 
drive a pair of LEDs in parallel, and for each generic LED, 
a 330-ohm resistor is ample. 


BEERBReHREHREBREHRHEHEHHE Hf Hf T 
i q 4 i | | | i 


3 = a... E E T 


1 7 


Figure 5-94 Seven LEDs wired on a breadboard to display the 
spot patterns of a die. 


The numbers on the wires are the same as the number- 
ing system in Figure 4-146. They have nothing to do 
with the die values. It's just an arbitrary way to identify 
each wire. Also, | can plug the wires numbered 1 


Chapter 5: What Next? 301 


Experiment 34: Nicer Dice 


through 4 into digital outputs numbered 1 through 4 on 
the Uno board. This will help to make everything clear. 


l'Il use digital connection 0, on the Uno board, as an in- 
put that checks the status of the pushbutton. However, 
note that the Uno uses digital pins 0 and 1 when receiv- 
ing USB data. If you have any problem uploading your 
program, disconnect the wire from digital input O tem- 
porarily. 


Don't connect the ground wire from the breadboard to 
the Uno board just yet. It's safer to upload the program 
first, because the program will tell the microcontroller 
which pins are outputs and which pins are inputs. A pre- 
vious program may have configured them differently, 
and so long as the Arduino board is plugged in, it will 
want to run whatever program is in its memory. This 
may not be safe for the Arduino outputs, because: 


e You must be very careful not to apply any volt- 
age to a digital pin that is configured as an out- 
put. 


Now, the Program 


Figure 5-95 shows the program that | wrote to match the 
pseudocode. The same program is listed in Figure 5-96 
with the comments removed, so that you'll be able to 
copy-type it more quickly. Please type it in the IDE edit- 
ing window. 


// Nicer Dice 
// by Charles Platt 


int spots = 0; 
int outpin = 0; 
long ignore = 6; 


// How many spots to display. 
// The number of an output pin. 
// When to stop ignoring the button. 


void setup() 


pinMode(0, INPUT_PULLUP); 

pinMode(1, OUTPUT); 

pinMode(2, OUTPUT); 

pinMode(3, OUTPUT); 

pinMode(4, OUTPUT); 

ignore = 2000 + millis(); 
} 


void loop() 


// First, we must blank the display. 
for (outpin = 1; outpin < 5; outpin++) 
{ digitalWrite (outpin, LOW); } 


// Now pick a random number from 1 through 6. 
spots = random (1, 7); 


// Now display the appropriate spot pattern. 
if (spots == 6) 

{ digitalWrite (1, HIGH); } // Side pair of spots 
if (spots == 1 || spots == 3 || spots == 5) 

{ digitalWrite (2, HIGH); } ZZ Center spot 


if (spots > 3) 

{ digitalWrite (3, HIGH); } // Diagonal spots, left 
if (spots > 1) 

{ digitalWrite (4, HIGH); } // Diagonal spots, right 
// Add a small delay for a pleasing display speed. 
delay (20); 


// After 2 seconds have passed, stop ignoring the button. 
// If the button is pressed, call the checkbutton function. 
if ( millis() > ignore && digitalRead(0) == LOW ) 
{ checkbutton(); } 

} 


// This function waits for the button to be released, 
// then waits for it to be pressed to start the next run. 
void checkbutton() 
{ 
delay (50); // Button pressed; debounce. 
while (digitalRead(0) == LOW) // While button is pressed, 
{ } // do nothing while waiting. 


delay (50); // Button released, debounce. 
while (digitalRead(0) == HIGH) // While button is released, 
{ } // do nothing while waiting. 
ignore = 2000 + millis(); // Set the new ignore time, 
} // and return to the main loop. 


Figure 5-95 The Nicer Dice program listing. 
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int spots = 0; 
int outpin = 0; 
long ignore = 0; 
void setup() 


pinMode(0, INPUT_PULLUP); 

pinMode(1, OUTPUT); 

pinMode(2, OUTPUT); 

pinMode(3, OUTPUT); 

pinMode(4, OUTPUT); 

ignore = 2000 + millis(); 
} 


void loop() 
{ 


for (outpin = 1; outpin < 5; outpin++) 
{ digitalWrite (outpin, LOW); } 


spots = random (1, 7); 


if (spots == 6) 
{ digitalWrite (1, HIGH); } 


if (spots == 1 || spots == 3 || spots == 5) 
{ digitalWrite (2, HIGH); } 


if (spots > 3) 
{ digitalWrite (3, HIGH); } 


if (spots > 1) 
{ digitalWrite (4, HIGH); } 


delay (20); 


if ( millis() > ignore && digitalRead(0) == LOW ) 
{ checkbutton(); } 
} 


void checkbutton() 


delay (50); 

while (digitalRead(0) == LOW) 
if 

delay (50); 

while (digitalRead(0) == HIGH) 
{ } 

ignore = 2000 + millis(); 


Figure 5-96 The same program listing with comments removed. 


While you are typing it, you will find that the second “if” 
statement contains a character that you haven't seen 
before. In fact, you may have never typed it, ever, on 
your keyboard. It is a vertical line, sometimes called the 
“pipe” symbol. On a Windows keyboard, you are likely to 
find it above the Enter key. You create it by pressing Shift 
and the backslash \ character. The listing uses two pairs 
of pipe symbols in the second “if” statement, and | will 
explain them when | go through the program line by 
line. 
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When you finish, choose the Sketch > Verify/Compile 
option in the IDE to see if you made any errors. 


Some of the error messages can be difficult to under- 
stand, and they refer to line numbers. But line numbers 
are not displayed with the program! This seems like a 
cruel joke, telling you which line your error is on, but not 
showing you the number. Maybe there is a way to switch 
on line numbering? If you check the Help, and search for 
“line numbers,’ | don't think you'll find anything. Check 
the Arduino forums, and you will find a lot of people 
complaining that they can't display line numbers. 


Ah, but the forums show the oldest posts first. If you 
scroll all the way down to the newest posts, you find 
that the problem finally was solved. Arduino just didn't 
get around to documenting it. Go to File > Preferences, 
and you will see an option to switch on the line num- 
bers. 


Of course the error messages can be a bit difficult to un- 
derstand, but here are the most common causes of er- 
rors, which you should check before you try to fix any- 
thing. 


You may have forgotten to put a semicolon at 
the end of an instruction. 


e You may have left out a closing brace. Remem- 
ber, braces { must always } be in pairs. 


Although a command word often contains a 
mix of uppercase and lowercase letters, as in 
pinMode, you may have typed it in all lowercase 
letters. The IDE should display the command 
words in red, when they are correctly typed. If 
you see one that is in black, it contains a typing 
error. 


You may have omitted parentheses from a func- 
tion name such as void loop(). 


You may have used a single = sign where you 
should have two == signs. Remember, = means 
“assign a value” while == means “compare a val- 


n 


ue. 


You may have typed only one | symbol or only 
one & symbol where they should be used in 
pairs. 


When your Verify/Compile operation finds no additional 
error messages, upload the program. Now plug in the 
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The only time you'!l have to manually set the calendar is Feb. 
29th. February is programmed into the IC for 28 days. Oh, well, 
setting a clock once every four years isn't hard. Table 9-2 is the 


parts list. 


TOUCH-TUNE FOR THE VISUALLY HANDICAPPED 


A local ham with a visual handicap and limited wrist action 
needed a means to determine the frequency to which his Drake 
TR4-CW was tuned. The limitations of his license naturally deter- 
mine the band limits within which he must operate. And he must do 
this with a very high degree of precision—to be able to go back to 
some designated frequency as well as to stay within the limits. 

The approach taken is for this amateur to modify his TR4-CW 
(it can be returned to normal with little or no problem) so that he 
could operate with relative ease and be sure of his frequency within 
+ kHz at all times. 

The first method tried was to use label tape (Dymo™ or 
equivalent) with braille markings attached to the face of the trans- 
ceiver front panel, using the dimple on the tuning-knob skirt as a 
reference point. This method lacked precision of adjustment and 
was difficult to use because of the limited wrist action of the ham. 
The markings can be seen under the new plastic disk in Fig. 9-19. 

After studying the design of the tuning assembly on the trans- 
ceiver in detail, it was apparent that the easiest and most practical 
form of frequency display would be a disk behind the tuning knob, in 
place of the graduated skirt. If the braille markings were on the 
peripheral edge of the skirt and the skirt were transparent, then 
either a sightless or a sighted amateur could operate the equip- 
ment. In addition, the limited wrist action would not be a problem. 


Table 9-2. Parts List—“Super Clock.” 


CT7001 IC 
2N708 NPN 
100 Ohm Y W 
680 Ohm 2 W 
1.2k Y W 
4.7k Y W 
10k Y W 

12k Y W 
22k Ye W 


5 position non-shorting rotary 
SPDT Center off sub-miniature 
SPST sub-miniature 

DPDT sub-miniature 

SP N.O. momentary contact 

Ac line cord 

Cabinet — Radio Shack #270-260 
28 pin DIP socket 

14 pin DIP sockets 

1N4001 Main PC board 

1N914 Display PC board 

LED — Discrete Hardwere, wire, plastic window 
LED Seven segment displays Most of these parts are available at Radio 
12.6 V ac 300 mA Transformer Shack. If you use the above cabinet, get 
150 pF NPO the sub-mini switches, or they won't fit. 
.01 uF Disc The seven segment LEDs are from Poly- 
100 uF 16 V Electrolytic Paks (common anode). 
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ground wire connecting your breadboard with the Uno 
board, and the LEDs should start flashing. Wait a couple 
of seconds, then press the button, and the display stops, 
displaying a random spot pattern. Press the button 
again, and the display resumes. Hold down the button, 
and after the two-second “ignore” period, the display 
stops again. 


The pseudocode has been successfully implemented! 


Now, how does the program work? 


Short and Long Integers 


The program includes some words that you haven't seen 
before, and one really important new concept. 


One new word is long. Until now, you have typed int 
(meaning “integer”) before each variable name. But the 
value of int is limited between -32,768 to +32,767. 
When you need to store a bigger number than that, a 
long integer can be used, allowing a range of values 
from -2,147,483,648 to 2,147,483,647. 


Why not use long integers for everything? Then we don't 
have to worry about the limit for a regular integer. True, 
but a long integer takes twice as long to process (or 
more), and takes twice as much memory. We don't have 
a whole lot of memory on the Atmel microcontroller. 


The system clock uses the millis() function to count 
milliseconds. If we only allowed it to count up to 32,767, 
that would be enough for just over half a minute. We 
may need more than that, so the function stores its val- 
ue in a long integer. (How do | know this? | read it in the 
language reference. You have to read the documenta- 
tion to use a computer language.) 


When | created my “ignore” variable to memorize the 
current value of the system clock, the variable had to be 
defined so that it is compatible with the clock; so, it has 
to be defined as a long integer, by using the word long. 


What happens if you try to store a number outside of the 
permitted range in an integer (or long integer) variable? 
Your program will produce unexpected results. It’s up to 
you to make sure that this never happens. 


Setup 

The setup section of the program is fairly straightfor- 
ward. You haven't used those pinMode() instructions be- 
fore, but they are easy to understand. 


The first one has a parameter, INPUT_PULLUP, which is 
very useful: it activates a pullup resistor built into the mi- 
crocontroller, so you don't have to add a pullup resistor 
yourself. But, bear in mind, it is a pullup resistor, not a 
pulldown resistor. Therefore, the input state of the pin is 
normally high, and when you use a button, it must 
ground the pin of the chip, to make it low. Remember: 


e When the button is pressed, the digitalRead() 
function returns a LOW value. 


e When the button is released, the digitalRead() 
function returns a HIGH value. 


The “for” Loop 


At the beginning of the void loop() function, there is a 
different kind of loop. It is called a “for” loop because it 
begins with the word for. This is a very basic and conve- 
nient way to make the microcontroller count through a 
series of numbers, storing each new number in a vari- 
able, and throwing out the previous value. The syntax 
works like this: 


e The reserved word for is followed by three pa- 
rameters in parentheses. 


e Each parameter is separated from the next by a 
semicolon. 


« The first parameter is the first value that will be 
stored in the specified variable. (It is properly 
known as the initialization code.) In this pro- 
gram, the first value is 1, stored in a variable 
which | created, named outpin. 


e The second parameter is the value where the 
loop stops counting (properly known as the 
stop condition). Because the loop stops at that 
point, the final value in the variable will actually 
be one less than the limit. In this program, the 
limit is < 5, meaning “less than 5.” So the loop 
will count from 1 through 4, using the outpin 
variable. 


e The third parameter is the amount that the loop 
adds to the variable in each cycle (properly 
known as the iteration expression). In this case, 
we are counting in ones, and the C language al- 
lows me to specify that by using two ++ sym- 
bols. So, outpin++ means, “add 1 to the outpin 
variable in each cycle” 
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“For” loops allow you to specify all kinds of conditions. 
They are extremely flexible. You should read up on them 
in the language reference. This “for” loop just counts 
from 1 through 4, but it could count as easily from 100 
to 400, or to any range you like, limited by the type of 
the integer used in the loop (int or Long). 


During each cycle of the loop, the microcontroller is told 
to do something. The procedure it performs is listed in 
braces after the loop is defined. Like any procedure, it 
can contain numerous operations, each ending in a sem- 
icolon. There is only one operation in this procedure: 
write a LOW state to the pin specified by the variable out 
pin. Because outpin is going to count from 1 through 4, 
the “for” loop is going to create a low output on digital 
pins 1 through 4. 


Ohhhh, now you can see what this is all about. The loop 
is switching off all the LEDs. 


Isn't there a simpler way to do this? Sure, you could use 
these four commands: 


digitalWrite (1, LOW); 
digitalWrite (2, LOW); 
digitalWrite (3, LOW); 
digitalWrite (4, LOW); 


But | wanted to introduce you to the concept of a “for” 
loop, because it’s basic and important. Also, what if you 
wanted to turn off nine LEDs? Or what if you wanted the 
microcontroller to flash an LED 100 times? A “for” loop is 
often the best way to make a procedure efficient when 
repetition is involved. 


The Random Function 


After the “for” loop has zeroed the die display, we get to 
the random() function, which chooses a number be- 
tween the limits in the parentheses. We want a die value 
from 1 through 6, so why is the range listed from 1 
through 7? Because actually the function is choosing 
fractional values from something like 1.00000001 to 
6.99999999 and throwing away the numbers which fol- 
low the decimal point. So, 7 is a limit that is never actual- 
ly reached, and the output will be from 1 through 6. 


Whatever the random number is, it is stored in another 
variable that | made up, named spots, meaning the 
number of spots on the face of a die. 
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The “if” Statement 


Now it’s time to see what the value of spots is, this time 
around, and light up the appropriate LEDs. 


The first “if” statement is simple enough. If we have 6 
spots, this will be the only occasion where we write a 
high value through output pin 1, which is connected 
with the left and right LEDs. 


Why don't we switch on all the diagonal LEDs, too? The 
answer is, they will be switched on for other die values 
also, and it’s more efficient to minimize the number of 
“if” tests. You'll soon see how this works. 


The next “if” uses the pipe symbol that | mentioned pre- 
viously. A pair of || symbols means OR in the C lan- 
guage. So, the function says that if we have a die value 
of 1, OR 3, OR 5, we light up the center LED, by putting a 
high state on pin 2. 


The third “if” says that if the spots value is greater than 
3, we need to light two of the diagonally placed LEDs. 
These will be required to display the patterns for a 4, 5, 
or 6. 


The last “if” says that if the spots value is greater than 1, 
the other diagonally placed LEDs must be illuminated, 
too. 


You can test the logic of these “if” functions by looking 
back at the spot patterns in Figure 4-146. The logic gates 
in that figure were chosen to fit the binary output from 
the counter chip, so they’re different from the logical op- 
erations in the “if” functions of the program. Still, the 
LEDs are paired in the same way. 


Flash Speed 


After the “if” functions, | inserted a delay of 20 millisec- 
onds, because | think it makes the display more interest- 
ing. Without this delay, the LEDs flash so rapidly, they are 
just a blur. With the delay, you can see them flashing, 
but they’re still too fast for you to stop at a number that 
you want—although you can try! 


You may wish to adjust the delay value to a number 
higher or lower than 20. 


Creating a New Function 

Now comes the important part. In the pseudocode that | 
wrote, we have reached Steps 3, 4, and 4a. To refresh 
your memory: 
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e Step 3. Check to see if the button has been 
pressed. 


e Step 4. Check to see if the system clock has 
caught up with the “ignore” variable yet. 


e Step 4a. If the button has not been pressed, OR 
the system clock has not caught up with the 
“ignore” variable yet, go back to Step 0. Other- 
wise... 


These steps can be combined in one “if” function. In 
pseudocode, it would be like this: 


e If (the button is not pressed OR the system 
clock is less than the “ignore” value), go back to 
step 0. 


But there is a problem with this. The term “go back to...” 
suggests that | want to direct the microcontroller to a 
specific part of the program. This may seem a natural 
thing to do, but when you write in C, you should try to 
avoid transferring control from one section of a program 
to another. 


The reason is that a lot of “go here” and “go there” in- 
structions make the program difficult to understand— 
not just for other people, but for you, too, when you take 
another look at it six months from now, and you can't re- 
member what you had in mind. 


The concept of C is that each part of a program is con- 
tained in a separate block, and the program runs by call- 
ing them when you want them. Think of each block of 
instructions as an obedient servant who only does one 
thing, such as washing the dishes or taking the garbage 
out. When you need that task to be executed, you just 
call the servant by name. 


The blocks are properly known as functions, which is 
confusing, because we have been dealing with functions 
such as setup() and loop() already. But in fact you can 
write your own function, which works in basically the 
same way. 


| decided that the correct way to write this program is to 
split off the button-checking function into—well, a func- 
tion. | have called it checkbutton(), but | could have 
called it anything at all, so long as the word wasn't al- 
ready being used for some other purpose. 


You see the checkbutton() function at the bottom of 
the listing, preceded by the word void, because this 
function doesn't send any value back to the rest of the 
program. 


void checkbutton() is the header for the function, after 
which the procedure is contained within braces, as usu- 
al. All this function does is: 


e Wait 50ms for the contact to stop bouncing. 
e Wait for the button to be released. 


Wait another 50ms for the end of the contact 
bounce created by releasing the button. 


e Wait for the button to be pressed again (in oth- 
er words, wait for the released state to end). 


e Reset the ignore variable. 


When the microcontroller gets to the end of the func- 
tion, where does it go? Simple: back to the line immedi- 
ately following the one that called the function. Where is 
that? Immediately below the “if” function, above. That is 
how you call a function: you just state its name (includ- 
ing the parentheses, which sometimes have parameters 
inside them, although not in this case). 


You can, and should, create as many functions as you 
like in a program, using each one to perform a separate 
task. To learn about this, | suggest you read any general 
reference on the C language. The Arduino documenta- 
tion doesnt go into much detail on functions, because 
—well, they're a little difficult to understand, if they start 
to pass values to and fro. Still, they are at the heart of the 
C language. 


Structure 


The line that begins if ( millis() > ignore has the 
same purpose as Step 4 in my pseudocode, except that 
it now works the other way around. Instead of deciding 
whether to send the microcontroller back to the begin- 
ning, it determines whether to call my checkbutton() 
function. Previously | summarized the logic as, “if (the 
button is not pressed OR the system clock is less than 
the “ignore” value), go back to step 0.” The revised ver- 
sion says, “if the button-ignore period is over, AND the 
button is pressed, make a detour to the checkbutton() 
function” 
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After the microcontroller does that and returns, it rea- 
ches the end of the main loop function, and the loop 
function always repeats automatically. 


Really, this program does only one thing. It selects ran- 
dom numbers and displays them as spot patterns, over 
and over again. If the button is pressed, it pauses and 
waits, but when the button is pressed again, the pro- 
gram resumes doing what it was doing before. The but- 
ton-checking routine is just a momentary interruption. 


Therefore, the natural structure for this program is to 
have a main loop that just selects and displays numbers, 
and then if the button is pressed, the microcontroller is 
sent on a brief detour to the checkbutton() function 
and back again. 


The Arduino documentation doesn't say anything about 
structure, because it wants to get you started in making 
things happen as quickly as possible. So the Arduino 
simply forces you to use the mandatory setup function, 
followed by the Loop function, and that’s it. 


But as soon as a program begins to grow in size, you 
really need to divide it into your own functions, to keep 
it from becoming a complicated mess. A standard C-lan- 
guage tutorial will explain this in more detail. 


Of course, if you just want to use the Arduino to do one 
simple thing, such as switch on a heater when a room 
gets cold, you can put all the procedures in the main 
Loop function, and that will be all you need. But this is a 
waste of the microcontroller's capabilities. It can do so 
much more. The trouble is, when you try to do some- 
thing more ambitious—such as simulate the throw of a 
die—the instructions accumulate. Structuring them 
helps to keep everything clear. 


There is another advantage to dividing a program into 
functions. You can save the functions separately, and re- 
use them in other programs later. The checkbutton() 
function could be reused in any game where you want 
to stop the action by pressing a button and restart it by 
pressing the button a second time. 


Likewise, you can use other people's functions in your 
own programs, provided the authors don't restrict you 
from doing so by controlling their copyright. A vast 
number of functions in the C language are available 
freely online, many of them specifically written for the 
Arduino. Functions exist to control almost any alphanu- 
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meric display, for instance. This leads to a very important 
but often ignored recommendation for programmers: 


e Don't reinvent the wheel. 


You don't need to waste time writing your own function 
if someone else will let you use theirs. 


This is another reason why the concept of functions is so 
important in C. 


But Is It Too Difficult? 


The more you write programs, the easier it gets. The 
learning curve is steep at the beginning, but after some 
practice you'll write a “for” loop without thinking much 
about it. Everything will seem obvious. 


That's what programmers like to say. Is it true? 


Sometimes it is, and sometimes it isn’t. In the maker 
movement we tend to assume that anyone can take 
control of the techno-world around us. In fact | subscribe 
to this belief myself—but computer programming push- 
es this philosophy to the limit. 


| used to teach an introductory programming class, and | 
noticed a very wide range of aptitudes among the stu- 
dents. Some of them found programming a very natural 
thought process, while others found it extremely diffi- 
cult, and this didn’t always have much to do with intelli- 
gence. 


At one end of the scale, at the end of my 12-week, 36- 
hour programming course, one student wrote an entire 
simulation of a slot machine, including graphics show- 
ing the spinning wheels, and money that came tum- 
bling out. 


At the other end of the scale, | had a student who was a 
pharmacist. He was a very smart, well-educated man, 
but no matter how hard he tried, he couldn't get the 
syntax right, even in simple “if” statements. “This is really 
annoying me,’ he said, “because it makes me feel stupid. 
And | know I'm not stupid.” 


He was right, he wasn't stupid, but | came to the conclu- 
sion that | couldn't help him, because | had learned a 
fundamental fact. 


e To be good at writing programs, you must be 
able to think like a computer. 
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For whatever reason, the pharmacist couldn't do that. 
His brain just didn't work that way. He could describe to 
me the pharmacology of a medication, its molecular 
structure, and a lot more; but that was of no help to him 
in writing programs. 


When the Arduino was marketed, evangelists described 
it as a device for creative people and others who didn't 
think of themselves as programmers. Supposedly, it 
would be so simple, everyone could use it. 


The trouble is, I'm old enough to remember when HTML 
was introduced with the same idea—that it would be so 
easy, everyone would be coding their own web pages. 
Well, a few people did, but not “everyone” Today, only a 
tiny minority will hand-code HTML (l am one of them, 
but I’m eccentric for doing so). 


Going back even farther, to the dawn of computing as 
we know it, the BASIC computer language was created 
with the idea that “everyone” could use it. In the 1980s, 
with the advent of desktop computers, evangelists pre- 
dicted that people would be writing little programs in 
BASIC to balance their checkbooks or store recipes. Well, 
a lot of people gave it a try, but how many people today 
still do so? 


My purpose in emphasizing this is to reassure you that if 
you are one of the people who finds it difficult, there's 
no stigma attached to this. | am sure you have other 
skills that you can pursue instead. In fact, building things 
with individual components could be one of them, as | 
think it requires different thought processes. Personally, | 
find writing programs much easier than designing cir- 
cuits, but for someone else, the reverse could be equally 
true. 


Upgrading the Nicer Dice Program 


As in the version of this program in Experiment 24, the 
obvious upgrade is to add a second die display. This can 
be done very easily with the Arduino board, because it 
has additional digital outputs that can drive a second set 
of LEDs. You simply need to duplicate the section of the 
program that begins with zeroing the display and ends 
with the delay(20); function. Substitute the new pin 
numbers for your additional LEDs in the digitalWrite() 
functions, and job done! 


Other Microcontrollers 


| already mentioned the PICAXE. Its documentation is 
good, the tech support is excellent, and the language is 
easier to learn than C. So why didn't the PICAXE capture 
everyone's imagination? | don't know; maybe because it 
has a wacky name. | think you should check it out. Start 
by looking at its entry in Wikipedia. 


The BASIC Stamp has a larger vocabulary of commands 
than the PICAXE, and a bigger range of add-on devices 
(including displays with graphical capability, and a little 
keyboard that is specifically designed for use with the 
controller). You can buy it in the form of surface-mount 
components squeezed onto a tiny board that will plug 
into a breadboard, as shown in Figure 5-97. A very nice 
design. 


Figure 5-97 The BASIC Stamp microcontroller consists of 
surface-mounted components on a platform that has pins spaced 
at 1/10-inch intervals, for insertion in a breadboard or perforated 
board. 


On the downside, you'll find that everything associated 
with the BASIC Stamp is a bit more expensive than in the 
PICAXE world, and the download procedure isn't quite 
as simple. 


New products such as the Raspberry Pi extend the func- 
tionality of a microcontroller to the point where it be- 
comes a real computer. By the time you read this, still 
more alternatives will be emerging in this turbulent 
field. Before you commit yourself to learning one of 
them in detail, | think it’s a good idea to spend a day or 
two studying the online documentation and forums. 


When I am thinking about learning something new, | do 
Google searches such as: 
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microcontroller problems OR difficulties 


(l would substitute the name of an actual product for 
“microcontroller” in this search phrase.) 


This is not because | am negative by nature. | just don't 
want to spend a lot of time on a product that turns out 
to have unresolved issues. 


Unexplored Territory 
It's time, now, for me to do some general summing up. 


If you've taken the time to complete most of the projects 
in this book with your own hands, you have gained a 
very rapid introduction to the most fundamental areas 
of electronics. 


What have you missed along the way? Here are some 
topics that remain wide open for you to explore. Natu- 
rally you should search online if they interest you. 


The informal approach of Learning by Discovery that | 
have used in this book tends to be light on theory. I’ve 
avoided most of the math that you’d be expected to 
learn in a more rigorous course on the subject. If you 
have mathematical aptitude, you can use it to gain a 
much deeper insight into the way in which circuits work. 


We didn't go very far into binary code, and you didn't 
build a half-adder, which is a great way to learn how 
computers function on the most fundamental level. But 
in Make: More Electronics, | show you how to do this. 


| avoided going deeply into the fascinating and mysteri- 
ous properties of alternating current. Here again, some 
math is involved, and just the behavior of current at high 
frequencies is an interesting topic in itself. 


For reasons already stated, | avoided surface-mount 
components—but you can go into this area yourself for 
a relatively small investment, if you like the idea of creat- 
ing fascinatingly tiny devices. 
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Vacuum tubes were not mentioned, because at this 
point, they are mainly of historical interest. But there's 
something very special and beautiful about tubes, espe- 
cially if you can enclose them in fancy cabinetwork. In 
the hands of a skilled craftsperson, tube amplifiers and 
radios become art objects. 


| didn't show you how to etch your own printed circuit 
boards. This is a task that appeals only to certain people, 
and the preparation for it requires you to make drawings 
or use computer software for that purpose. If you hap- 
pen to have those resources, you might want to do your 
own etching. It could be a first step toward mass-pro- 
ducing your own products. 


| didn’t cover static electricity at all. High-voltage sparks 
don't have any practical applications, and they entail 
some Safety issues—but they are stunningly impressive, 
and you can easily obtain the necessary information to 
build the equipment. Maybe you should try. 


Op-amps and higher-level digital logic are other topics 
that | haven't touched here. However, they are included 
in Make: More Electronics. 


In Closing 


| believe that the purpose of an introductory book is to 
give you a taste of a wide range of possibilities, leaving 
you to decide for yourself what you want to explore 
next. Electronics is ideal for those of us who like to do 
things ourselves, because almost any application—from 
robotics, to radio-controlled aircraft, to telecommunica- 
tions, to computing hardware—can be pursued by just 
one person, working at home, with limited resources. 


As you delve deeper into the areas of electronics that in- 
terest you most, | trust you'll have a satisfying learning 
experience. But most of all, | hope you have a lot of fun. 
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Tools, Equipment, | EA 


Components, and Supplies 


This chapter is divided into five parts. 


Kits. Various kits have been prepared, containing com- 
ponents and supplies that you can use to complete the 
projects in the book. See “Kits” on page 311 just below, 
for details. 


Searching and Shopping Online. Instead of buying 
kits, you may prefer to do your own shopping. | have 
compiled some tips to help you. See “Searching and 
Shopping Online” on page 311 just below, for details. 


In Checklists of Supplies and Components you will 
find an itemization of everything that you need. The lists 
of supplies begin at “Supplies” on page 316, and the lists 
of components begin at “Components” on page 317. 


Buying Tools and Equipment. | have listed all the tools 
that are discussed at the beginning of each chapter of 
the book, and | have some suggestions about where to 
find them. See “Buying Tools and Equipment” on page 
324. 


Suppliers is a list of sources. Abbreviations in this list 
are used in the buying guides. See “Suppliers” on page 
326. 


Kits 


Kits of components for the experiments in this book are 
still being finalized as the book goes to press. One kit 
should contain all the parts that you need for Chapters 
One, Two, and Three of the book. An additional kit 
should offer parts for Chapter Four. A separate soldering 
kit may also be available. 


Ç) 


For information, please visit www.plattkits.com. 


The page will be updated as more options become avail- 
able. Please note that kits may be offered by independ- 
ent suppliers who are not affiliated with Maker Media in 
any way. 


Searching and Shopping Online 


lm including some general advice about searching for 
parts because many readers of the first edition of this 
book seemed to have difficulty getting the results they 
were looking for. l'Il start with the most basic considera- 
tions, and work up. Even some seasoned shoppers may 
find a couple of tips here that are useful. 


For a comprehensive list of all suggested suppliers, see 
“Suppliers” on page 326. Here are the ones that | consid- 
er primary: 


Electronic components are available from large retail 
vendors online, most of which don't impose minimum 
quantities. Mouser, Digikey, and Newark are the obvious 
choices, maintaining huge inventories. Find them at: 


Mouser Electronics ships from Texas 
Digi-Key ships from Minnesota 
Newark element 14 ships from Arizona 


In addition, don't forget eBay, where prices are often 
lower than from other sources, especially if you use 
Asian sellers. eBay is not so useful for parts for which 
there is less demand, such as logic chips. 


Sil 
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Tools and equipment are available from eBay, Amazon, 
and Sears, but if you want a truly monumental selection, 
McMaster-Carr is unbeatable. 


They also have excellent tutorials—for instance, on the 
properties of different types of plastic, or the relative ad- 
vantages of different drill bits. 


The Art of Searching 


The easiest search is for a specific part number, if you 
have one. You can enter it into the search field on a site 
such as mouser.com, where the algorithm is smart 
enough to allow some flexibility. For example, suppose 
you want a 7402 logic chip. Mouser will helpfully sug- 
gest that a SN7402N from Texas Instruments may be 
what you want, bearing in mind that Texas Instruments 
adds SN to the front and N to the end of the basic chip 


type. 


However, the search will not be helpful if there is an ad- 
ditional code in the middle of a part number. When you 
search for a 7402, Mouser won't think of showing you 
any chips in the 74HC02 family, because HC is added in 
the middle. 


Try the Chat Option 


Suppose you only have an incomplete part number, or 
you don't know if the part is obsolete, or you generally 
need a bit of help. Don't overlook the option to make a 
voice call. A large distributor will have sales representa- 
tives who can assist you. It doesn't matter that you are 
an individual buying small quantities. 


Better still, open a chat window. This will allow you to 
copy-paste a part number into the window and get a 
fairly quick answer advising you of similar options if the 
part is unavailable. 


Parts on Google 


If you want to do comparison shopping, use a generic 
search engine. I'll assume that Google is your default, 
because | feel it’s the most appropriate for our purposes. 


If a part number is long and complicated, you will have a 
better chance of finding what you want, and not being 
offered things that you don't want. Searching for a 7402 
on Google will generate results including a Pantone ink 
color and an Institutes of Health standard. Searching for 
74HC02 will narrow the results to logic chips. 


Unfortunately, you are now likely to get hits from a lot of 
datasheet resellers. These companies harvest datasheets 
from electronics manufacturers and repackage them for 
you with ads that pay for this “service.” It wouldn't mat- 
ter, except that the reseller often shows you just one da- 
tasheet page at a time, because each page will have a 
new set of ads, all of which make money for the reseller. 
Waiting for each page to display is a waste of time, so | 
often use a hyphen as a minus sign to block datasheets 
when | search for components on Google, like this: 


74HC02 -datasheet 


Note that when you specify a part number, the search 
engine is less likely to compensate for any little errors 
that you make. Google understands that if you type 
“compoments” you probably meant “components,” but it 
will not know that an 84HC02 chip should really be a 
74HC02. 


Datasheets 


What if you actually want to see a datasheet, because 
you need to check the specification of a component be- 
fore buying it? Go to one of the big distributors, find the 
part that you want, and you will see the option to click a 
datasheet icon. This will link you with a printable multi- 
page document (almost always in PDF format) main- 
tained by the component manufacturer itself. For me, 
this is a lot quicker than dealing with datasheet resellers 
on Google. 


General Search Techniques 


If you are looking for a component type, a search term 
that is brief and vague is usually inadequate. Suppose 
you search for: 


switch 


In my location, the first hit from this search was for light 
switches, the second hit was for a local wine bar, and | 
was then offered a variety of network switches (which 
are like routers). | also found a company named Switch 
that helps people to find a new job. How can you avoid 
these irrelevant hits? 


As a first step, add a word to define your area of interest. 
For example, this may help: 


Switch electronic 


Better still, if you want a DPDT toggle switch rated for 1 
amp, just say so: 


312 Make: Electronics 


"toggle switch" dpdt la 


Note the use of quote marks to nail down a specific 
phrase, discouraging Google from showing near-miss 
search results that are not quite what you asked for. Also 
note that search terms are not case-sensitive; there's no 
advantage in putting a term such as dpdt in caps. 


You can narrow your search even further by naming a 
source, such as: 


"toggle switch" dpdt 1a amazon 


Why mention Amazon, if you can go to amazon.com and 
do your searching there? Because the search capability 
at amazon.com has fewer features than Google. In this 
example, it would not recognize the use of quote marks. 


Fortunately Amazon allows Google to crawl all over its 
site and index everything, so that a search from Google 
can jump you straight to an Amazon list of toggle 
switches. 


Exclusions 


Use the minus option to avoid items that you don't 
want. For instance, if you are only interested in a full-size 
toggle switch, you could try this: 


"toggle switch" dpdt la amazon -miniature 


Note that the minus sign is another piece of syntax that 
Amazon's search feature doesn't understand. 


Alternatives 


Don't forget the AND and OR logical operators. If a sin- 
gle-pole, double-throw switch will work just as well for 
you as a double-pole, double-throw switch, you could 
try this on Google: 


"toggle switch" dpdt OR spdt 1a -miniature 


But even this may cause some problems, because nam- 
ing conventions in electronics can be inconsistent. Some 
people refer to a DPDT switch as a 2P2T switch. Some 
call a SPDT switch a 1P2T switch. You'll need a lot of ORs 
to cover these alternatives. 


Too Much Typing? 


Personally | find that a carefully constructed, detailed 
search will save time by avoiding subsequent searches. 
However, if you don't want the chore of typing an elabo- 
rate search term, you have other options. One is to click 
the word “Images” which Google displays immediately 
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above each set of search results, adjacent to the word 
“Web” Google Images will show you pictures of every 
conceivable kind of switch, and because our brains are 
well equipped to recognize images quickly, scrolling 
through a lot of pictures can be a more efficient way to 
find what you want than scrolling through a lot of text. 


Alternatively, you can click the “Shop” option above 
Google's search results. This will give you the ability to 
list items in order of price from dozens or hundreds of 
different vendors. Some vendors will not be included, 
however. 


Vendor Categories 


Another option is to go to a vendor's site and use their 
system of categories. At mouser.com, digikey.com, and 
newark.com, if you search for “switch” you'll be shown a 
list of different kinds of switches. Click the type you 
want, and you'll be offered additional options, to narrow 
your search one step at a time. 


Ultimately on mouser.com and other large-vendor sites 
you are likely to see little windows listing attributes such 
as voltages, amperages, and other values. This can be 
frustrating, because the lists are not intelligently man- 
aged. Some switches rated for half an amp, for instance, 
are grouped under 0.5A, while others are grouped sepa- 
rately as 500mA. These ratings are identical, but the peo- 
ple who create the listings just seem to copy the specifi- 
cations from datasheets, some of which use amps while 
others use milliamps. 


What to do? Use your Control-click option (Command- 
click on a Mac). Holding down the Ctrl key (or Command 
key) while you click the additional selection allows you 
to select the 0.5A switches and the 500mA switches and 
any others that might be suitable—including 1A 
switches, as a higher current rating will work fine at low- 
er currents. 


Which to Click First? 


When using categories on a vendor site, it’s useful to be- 
gin by choosing the attributes that you absolutely, posi- 
tively need. For instance, if you are shopping for logic 
chips, begin by selecting through-hole versions, because 
you definitely won't want the tiny surface-mount ver- 
sions. But note that a “DIP” package (meaning, dual-in- 
line pin) is almost the same thing as a “PDIP” (plastic 
DIP) package, which is the same as a “through-hole” ver- 
sion. 
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Fig. 9-19. Overall view of the TR4-CW with modification in place. 


A scrap of %”-thick plastic, such as Plexiglas™, was obtained 
from a local supply house at a very low cost. A local machinist 
turned a 3%” disc from this piece and drilled a 14” hole in the center 
to fit the tuning shaft. See Fig. 9-20. A concentric hole had to be 
drilled partway through the disc at the center to allow for the larger 
diameter of the concentric shaft on the tuning shaft. This concen- 
tric shaft turns the plastic discs on the interior frequency display. 

Drake has used a short piece of rubber tubing to transmit the 
turning motion of the knob to the interior frequency display discs. 
Since our design for this modification precluded changes which 
would prevent returning the set to normal for possible later resale, 
a piece of ruby-red eraser was used to make a new pad that was not 
as thick as the original piece of tubing (see Fig. 9-21). 

When the new parts, rubber pad, and plastic disc were assem- 
bled on the tuning shaft, it was discovered that the tuning-knob set 
screw would not engage the tuning shaft. This minor problem was 
overcome by machining a 3/16” x Ys” circular flat-bottom groove. 
This groove allowed the knob to be inset into the new plastic disk 
far enough for the set screw to engage the shaft and its rough 
bottom to increase the friction between the knob and the new 
plastic disc. This machining must be done very slowly, or the 
plastic will chip along the edges or melt under the cutter. The 
original aluminum knob skirt was saved, along with the rubber 
coupling, so that the transceiver could be returned to normal 
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Conversely, any chip format identified by an acronym 
beginning with S is almost always a surface-mount ver- 
sion, which you do not want. SMT, in particular, means 
surface-mount. 


A Real-Life Search 


Here's an example of an actual search that | performed 
for a part that | used in this book. | knew what | wanted it 
to do, but | didn't know the part number. 


| wanted a counter with a 3-bit output for use in the 
“Nice Dice” circuit (see “Experiment 23: Flipping and 
Bouncing” on page 218). So | went to Mouser Electronics 
and | started by searching for: 


counter 


While | was typing my search term, Mouser suggested 
an autocomplete: 


Counter ICs 


An IC is an integrated circuit, which is the same thing as 
a chip. So | clicked the autocomplete suggestion, which 
took me to a page suggesting 821 matches. Little scroll- 
ing windows would allow me to narrow the search by 
manufacturer, counter type, logic family, and much 
more. How should | proceed? 


| scrolled horizontally to the window allowing me to 
choose the mounting style. Only two options: SMD/SMT 
(which are surface mount chips) and through-hole (the 
chips that plug into breadboards, not requiring a magni- 
fying glass). | clicked the through-hole option and then 
clicked the Apply Filters button. That gave me 177 
matches. 


All the logic chips in this book are HC type in the 7400 
family, so | went to the Logic Family window, and clicked 
74HC. But, not so fast! | know that Mouser often lists the 
same thing under different names, so | scrolled through 
the other options. Sure enough | found HC listed sepa- 
rately from 74HC. | Control-clicked it to select both 
terms. 


Now | had 52 options to choose from. As Counter Type, | 
selected Binary, because | wanted a binary output. This 
left me with 33 remaining matches. 


There were no 3-bit chips, but | could use a 4-bit chip 
and ignore the highest bit. | saw two options in Number 
of Bits: 4 and 4-bit. | Control-clicked to select them both. 


Counting sequence could be Up, or Up/Down. | only 
wanted Up, so | clicked that. Now only nine matches left! 
Time to inspect the results. | wanted to use the most 
commonly available chip, which | determined by seeing 
how many of each one were in stock. | saw more than 
7,000 of the SN74HC393N by Texas Instruments. 


| clicked the datasheet link to make sure it would do 
what | wanted. A 14-pin chip providing maximum con- 
tinuous output current of plus-or-minus 25mA with a 
nominal 5-volt supply (“nominal” means “typically 
used”). Yes, this was a standard logic chip in the 74HCxx 
family. Actually it contained two 4-bit counters, and | on- 
ly needed one, but | wasn’t going to quibble over that, 
and in fact | realized | could make use of the second 
counter in the chip, if | enlarged the scope of my project. 


The 74HC393 would cost me about 50 cents. Might as 
well put six of them in the shopping cart. That's only $3, 
so maybe | should look for something else, reasonably 
small and light, so that | could add it without paying any 
additional shipping charge. But first | printed the data- 
sheet for the 74HC393 and added it to my paper-based 
file-folder system. 


You can see that this process entailed a lot of clicking. 
But it took me less than 10 minutes, and | found exactly 
what | wanted. 


| could have followed a different path. Because | knew | 
wanted a chip in the 74xx family, | could have gone to 
this URL, which | keep bookmarked for easy reference: 


www.wikipedia.org/wiki/List_of_7400_series_integra- 
ted_circuits 


This includes all the 74xx logic chips that have ever been 
made. If you go to this page, you can press Control-F to 
search the text, and then type in: 


4-bit binary counter 


It has to be an exact match, which means you must type 
4-bit, not 4 bit. The search yields 13 hits, and you can 
compare the features of the chips. After you choose one, 
you can copy its number and paste it into the search 
field of a site like Mouser, which takes you to that one 
component. 


The only problem is, the Wikipedia page doesn't tell me 
which chips are old and almost out of production, and 
which are still popular. For my purposes, writing a book 
that | hope will be around for a while, | have to stick with 
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the most popular components. This may be a good idea 
from your point of view, too, because if you build a cir- 
cuit around an old chip, you are locking yourself into the 
past. 


| could have used yet another approach, doing a Google 
search for people discussing and advising each other 
about counter chips. But you get the general idea. You 
don't need a part number, to find what you want. 


eBay Options 

| buy a lot of parts through eBay because | find bargains 
there, and also because most companies selling through 
eBay are extremely quick and reliable. To minimize your 
time and trouble, you need to know a few search basics 
that are specific to eBay. 


First, don't hesitate to click the little “Advanced” option 
just to the right of the Search button on eBay's home 
page. This will allow you to specify attributes such as the 
country of origin (if you want to avoid overseas suppli- 
ers), and can limit your search to Buy It Now items. You 
can also specify a minimum price, which can be useful to 
eliminate stuff that is too cheap to be any good. Then, 
before starting the actual search, | usually click the dis- 
play option for Price + Shipping: Lowest First. 


Once you find what you want, it's time to check the sell- 
er's feedback. For sellers within the United States, | want 
99.8% or better. I've never had a problem with sellers 
rated 99.9%, but | have been disappointed sometimes 
with service from sellers rated 99.7%. 


If a supplier is in an Asian nation such as China, Hong 
Kong, Thailand, or others, you can be less fussy about 
feedback, because a lot of buyers give bad feedback 
when they don't receive something as quickly as they 
expect. Overseas sellers will warn you that a small pack- 
et will take 10 to 14 days in transit, but buyers complain 
anyway, and this drags down the feedback rating. In re- 
ality, in my experience, every item that | have ordered 
from overseas sources has always turned up, and has al- 
ways been what | wanted. You just need to exercise a lit- 
tle patience. 


After you find what you want on eBay, you may want to 
click the Add to Cart button, rather than the Buy it Now 
button, because you can look for additional items from 
the same seller, and you'll save time by grouping them 
into one shipment. This should also reduce shipping 
costs. 


Searching and Shopping Online 


Click the Visit Store option in the Seller Information win- 
dow, or if the seller doesn't have an eBay store, click to 
See Other Items. You then have the option to search 
within that seller’s list of products. After you add as 
many as you want to your cart, it’s checkout time. 


You can make direct contact with overseas suppliers, in- 
stead of finding them through eBay. Tayda Electronics in 
Thailand (abbreviated tay in my list—see “Suppliers” on 
page 326) is a popular source. 


Amazon 


| don’t think amazon.com is very useful for components, 
but it can be a good source for tools and for supplies 
such as wire or solder. The only problem | have is that 
Amazon doesn't like to show me the cheapest stuff first. 
You have to choose that option repeatedly after every 
search, and if the products are scattered among differ- 
ent store categories, the option to resequence the re- 
sults will not exist. Even when you can prioritize the list 
by cheapness, Amazon (unlike eBay) is not smart 
enough to factor in the shipping cost. Pliers with a price 
of $4.95 and $6 shipping will be listed as being cheaper 
than pliers selling for $5.50 with $3 shipping. On the 
other hand, Amazon ships fast and if you buy a bunch of 
items at one time, all of them warehoused by Amazon 
themselves, you may be able to spend enough to get 
free shipping. 


Killing Autocomplete 


One last tip regarding Google. The default mode of the 
search engine will prompt you with a pop-up list of simi- 
lar terms while you are still trying to type your search 
string. | get really annoyed with the interference of this 
autocomplete option, so | have disabled it—and you 
can, too. 


In the address bar of your browser, use this URL to 
launch Google: 


http://www.google.com/webhp?complete=0 


Now save it as one of your favorites, and when you click 
the favorite, Google won't try to tell you what it thinks 
you are looking for. It will wait quietly for you to finish 
typing. 


You can also use the URL as the default page that will 
open every time you launch your browser. 
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Is Searching Worth the Trouble? 


You may feel that you don't want to memorize all these 
searching techniques. OK, that's why Maker Shed and 
myself are offering kits to go with this book. Buy a kit, 
and you should have all the components that you need, 
with no searching necessary. 


But what are you going to do if you get interested in 
projects outside of this book? Suppose you see a circuit 
online—or suppose you want to modify a circuit, or de- 
sign your own. At that point, | think you'll have to buy 
your own parts, and even if you try to obtain them all 
from one source, search techniques can be valuable. 


Checklists of Supplies and 
Components 


Photographs and general information are provided at 
the beginning of each chapter of this book. See “Neces- 
sary Items for Chapter One” on page 1, “Necessary Items 
for Chapter Two” on page 41, “Necessary Items for Chap- 
ter Three” on page 99, and “Necessary Items for Chapter 
Four” on page 142. 


Below you will find listings of all the components and 
supplies. But | need to clarify the distinction between 
these two words. 


Supplies are items such as solder or wire that | suggest 
you buy in a one-time purchase, sufficient for all the ex- 
periments. It doesn’t make sense to consider how many 
inches of wire you will need for each project. 


Components become an integral part of a project. You 
may be able to reuse these items, but only if you remove 
them from a previous project. Therefore, to take one ex- 
ample, a breadboard is included with components. 


Supplies 

The following supplies will be sufficient for all the 
projects. See “Suppliers” on page 326 for a list of sources 
from which you can buy these supplies, and abbrevia- 
tions that | will use to refer to them. 


Hookup Wire 


You need 22 gauge, solid conductor, in at least two col- 
ors (red and blue), and preferably two more colors (your 
choice). Automotive wire is acceptable, so long as it is 
solid-core. Search eBay or Google for 


solid wire 22 gauge OR awg 


or check discount suppliers such as all, elg, and jam, or 
hobby suppliers such as ada and spk. (AWG is an acro- 
nym for American Wire Gauge.) 


Quantities? If you want to do the experiments in Experi- 
ments 26, 28, 29, 30, and 31 that explore the world of in- 
ductance, you really need 200 feet of wire. Different col- 
ors can be joined together temporarily when winding 
coils. The wire can be unwound afterward and reused for 
other purposes. 


If you are willing to skip the inductance experiments, | 
suggest you buy three spools of 25 feet each. You can 
find smaller lengths than 25 feet, but the price per foot 
goes up rapidly. 


Jumpers 


Personally | prefer not to use precut jumper wires, but if 
you choose them, one box should be sufficient. In addi- 
tion you will need 25 feet of raw hookup wire, to make 
connections that are longer than the longest precut 
jumper. To find precut jumpers, you have to use the right 
search term. On Google, search for: 


jumper wire box 


The word “box” is the key to finding what you want. It 
automatically eliminates the type of undesirable flexible 
jumpers with plugs at each end, which are generally 
sold in bundles, not boxes. | don’t think they are a good 
idea. 


Stranded Wire 


This is an optional addition, for situations where flexibili- 
ty is important. One 25-foot spool will be enough. 


Solder 


This is usually sold by weight. See “Essential: Solder” on 
page 105 for the pros and cons of solder containing 
lead. Either way, be sure you buy electronic solder with a 
rosin core. The thickness may range from 0.02” to 0.04” 
(0.5mm to 1mm). If you only want to solder a couple of 
projects, three feet of solder will be sufficient, and some 
sources on eBay will sell very small quantities. Other- 
wise, try all, elg, jam, ada, amz, and spk. 
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Heat-Shrink Tubing 


This is optional, but useful. One assortment of three or 
four (small) sizes will be enough. Because it has automo- 
tive applications, you can find it from hardware suppliers 
such as hom, har, and nor as well as hobbyist sources. 


Perforated Board (unplated) 


Only required in Experiment 14, although you can use it 
to build a permanent version of any projects in the book 
if you are willing to solder point-to-point wiring. A small 
piece, perhaps 4” x 8”, will be enough for three average 
projects. Finding unplated board can be difficult, as 
most of it has copper or nickel solder pads. | think these 
are undesirable when doing point-to-point wiring, as 
they increase the risk of short circuits. Search for: 


perforated board bare -copper 


Also try searching for “prototyping board, or “proto 
board,” or “phenolic board.” Note that unplated board is 
also known as “unclad” in some places. At the time of 
writing, Keystone Electronics makes very small, cheap 
pieces of unplated perforated board, available through 
mou and dgk. You can also find unplated board at jam. 


Perforated Board (plated) 


This type of board is used for the finished version of Ex- 
periment 18, but of course you can use it for other 
projects where you want to make a permanent version. 
For convenience, use the type that has copper traces in 
the same pattern as connections inside a breadboard. 
This can be hard to find, because there are many differ- 
ent patterns, and the pattern that you want does not 
have a generally agreed name. 


The BusBoard SB830 describes it as a “solderable bread- 
board” and it is currently available through amz. At ada, 
you find something similar named “Perma-Proto.” GC 
Electronics 22-508 is another option, available through 
jam. 


The Schmartboard 201-0016-31 (available through mou) 
is a two-part package consisting of a breadboard and a 
matching perforated board. The manufacturer suggests 
placing the perforated board over the breadboard and 
inserting components through both of them while de- 
veloping and testing the circuit. Then lift up the perfora- 
ted board, and the components are already in position, 
ready for soldering. Unfortunately this may not work for 
components with very short leads. 


Checklists of Supplies and Components 


Machine Screws (bolts) 


These and nuts with nylon inserts are available from 
hardware stores, but probably not in the small sizes nec- 
essary for attaching perforated board to the inside of a 
project box, or similar tasks. | suggest you buy #4 size 
flat-headed bolts in lengths of 3/8” and 1/2”. My favorite 
source for this kind of hardware is McMaster-Carr. 


Project Boxes 


These vary a lot in price. Those made of ABS plastic are 
usually the cheapest. Try discount suppliers such as all, 
elg, and jam, or hobby suppliers such as ada and spk. 


Components 


Quantities and specifications for resistors, capacitors, 
and other components are listed below. See “Suppliers” 
on page 326 for a list of sources, and abbreviations that | 
will use to refer to them. The biggest suppliers are dgk, 
eby, mou, and nwk. You may find lower prices at all, elg, 
jam, and spk, but the selections will be smaller, and you 
should compare the shipping costs of buying from mul- 
tiple suppliers with the cost of buying all your compo- 
nents in one shipment from a source where the prices 
are slightly higher. 


Resistors 


Any manufacturer is acceptable. Lead length is usually 
unimportant. All projects in this book can use a quarter- 
watt power rating (the most common value). A tolerance 
of 10% is acceptable, and the color bands on 10% resis- 
tors are easier to read than the bands on 5% or 1% resis- 
tors. However, you can buy 5% or 1% resistors if you 
wish. 


The total number of resistors used in each section of the 
book is shown in Figure 6-1, but because resistors and 
Capacitors are cheaply available in quantity, | don’t think 
it makes sense to buy specific numbers for individual ex- 
periments. You will save time and money by buying 
packaged assortments. 


e To buy sufficient resistors for all the projects in 
this book (with some to spare), get at least 10 of 
each of these values: 47 ohms, 220 ohms, 330 
ohms, 1K, 2.2K, 4.7K, 6.8K, 10K, 47K, 100K, 220K, 
330K, 470K, 680K, 1M. Also, get 20 of 470 ohms. 
Prepackaged assortments are your best bet. 
The quantities | have specified assume you will 
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reuse some resistors after they serve their pur- 
pose in simple demonstration experiments. 


Book Chapters 


Resistors Total 
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Figure 6-1 The number of resistors used in experiments in each 
chapter of the book. 
Capacitors 


10uF and electrolytics for 10uF and upward, but you'll 


« To buy sufficient capacitors for all the projects 
in this book (with some to spare), get at least 
five of each of these values: 0.022uF, 0.047 uF, 
0.33uF, 1uF, 2.2uF, 3.34F, 10uF, 100pF, 220uF. Al- 
so get at least 10 of values 0.01uF and 10uF. You 
only need two of each of these values: 15pF, 
22uF, 68pF, 1,.000uUF. The quantities | have speci- 
fied assume you will reuse some capacitors af- 
ter they serve their purpose in simple demon- 
stration experiments. 


Book Chapters 


Capacitors Total 
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Figure 6-2 The total number of capacitors used in experiments 
in each chapter of the book 
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Components other than 1:00 ej Extra for 

Resistors or Capacitors 1, 2, and 3 Chapter 4 
4 2 

15 


LED (generic) 


LED (low current) 
Battery 9V 
Battery 9V connector 
Battery 1.5V 
Battery 1.5V carrier 
Breadboard 
Trimmer 500K 
Trimmer 100K 
Trimmer 20K or 25K 
Transistor 2N2222 


Speaker (small) 


PPPND PPP 


Toggle switch 


N N e Q 


Tactile switch 
SPDT slide switch 
Relay 9VDC DPDT 

AC-DC Adapter 

Diode 1N4001 

Perforated board 3" x 6" 
Fuse 3A 
Potentiometer 1K 


Lemons (or lemon juice) 


& HMO DO YO FP FP FP ND 


Galvanized brackets 1" 
Diode 1N4148 
Timer 555 TTL type 
7-seg LED display 
4026B counter 
74HCOO 2-input NAND 
74HCO8 2-input AND 
LM7805 regulator 
74HC32 2-input OR 
74HCO2 2-input NOR 
74HC27 3-input NOR 
74HC393 counter 
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Figure 6-3 Minimum numbers of components, assuming you 
will reuse items from each experiment in subsequent 
experiments. Items for Chapter Four are additional to items listed 
for Chapters One, Two, and Three. 
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Other Components 


For components other than resistors and capacitors, the 
minimum necessary quantities to build all the projects 
in Chapter One, Chapter Two, and Chapter Three of the 
book are shown in Figure 6-3. These quantities assume 
you will reuse all the components from each experiment 
in subsequent experiments. Components for Chapter 
Four are additional to those for previous sections of the 
book. Components for Chapter Five are not listed here, 
as the experiments are so diverse; see the beginning of 
each experiment in Chapter Five for a summary of op- 
tions. 


If you are concerned about burning out chips or transis- 
tors, which are vulnerable to damage, please add at least 
1 to each quantity in Figure 6-3. 


What if you may want to keep some of the projects that 
you build, instead of reusing the components for subse- 
quent projects? In that case, please consult the tables for 
individual experiments that follow, and add the num- 
bers of components for those experiment(s) which inter- 
est you. 


The information that you need for finding and buying 
components is also provided below. 


See “Suppliers” on page 326 for a list of suppliers that 
are referred to by abbreviations of their names. For most 
electronic components, go to all, eby, elg, jam, and spk 
for special deals, or dgk, mou, and nwk for one-stop 
shopping where everything will be available. 


Components for Chapter One 


Components for Chapter One, other than resistors and 
capacitors, are listed in Figure 6-4. 
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Experiments | 
Total 
112 13 147105 
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Components 
for Chapter One 


LED (generic) 


= 


LED (low current) 
Battery 9V 
Battery 1.5V 
Battery 1.5V carrier 


j 
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Lemons (or lemon juice) 


E bh 


Galvanized brackets 1" 
Potentiometer 10K 


Deionized water (1 glass) 


= 


Figure 6-4 Components other than resistors and capacitors, 
used in the first chapter of this book. 


Generic LEDs 


The Lumex SLX-LX5093 ID or Lite-On LTL-10223W are ex- 
amples, but generic LEDs can be from any manufacturer. 
Probably 5mm LEDs are easier to handle, but 3mm LEDs 
can fit more easily into a crowded breadboard. 


A typical forward current would be 20mA, typical for- 
ward voltage around 2VDC (blue and white LEDs will re- 
quire a higher voltage). If you find a bunch of LEDs bun- 
dled for a low price on a site such as eBay, they can be 
considered generic. 


Low-Current LEDs 


These should be rated for 3.5mA forward current or less. 
The Kingbright WP710A10LID is an example, although 
the manufacturer, physical size, and color are unimpor- 
tant. You could actually use this type of LED in all the ex- 
periments, but if you do, you should double the values 
of all the series resistors to protect it, as its maximum rat- 
ing may be as low as 6mA. 


Batteries 


Nine-volt batteries can be the everyday alkaline type, 
available from supermarkets and convenience stores. 
Rechargable 9-volt batteries are an acceptable alterna- 
tive. 


The AA-size 1.5-volt batteries used in Experiment 2 must 
be alkaline. Do not use any type of rechargeable battery 
in this experiment. 


Battery Connectors and Carriers 


Just one carrier for a 1.5-volt battery will be necessary 
and sufficient. Note that a battery carrier may also be 
described as a battery holder or battery receiver. Make 
sure you get the type that holds only one AA battery 
(not two, three, or four). The Eagle 12BH311A-GR is an 
example. 


You should buy at least three connectors for 9-volt bat- 
teries, because you may want to leave them attached to 
circuits that you build. Nine-volt connectors are some- 
times described as snap connectors or battery snaps. Typ- 
ical examples are the Keystone model 235 or Jameco Re- 
liapro BC6-R. Buy whatever is cheapest, but make sure it 
terminates in wire leads. 


Fuse 


The 3A fuse in Experiment 2 ideally should be the auto- 
motive type, as its blades are easy to grip with alligator 
clips. Any automotive parts source will stock this type of 
fuse. The physical size is unimportant. Alternatively buy 
a 2AG size cartridge fuse, which is the smallest cartridge 
size, from an electronics supplier. It should be the fast- 
blow type, not a delay-fuse or “slow-blo” type. The volt- 
age rating is not important. Littelfuse 0208003.MXP is an 
example. 


Potentiometer 


The full-size 1K potentiometer required for Experiment 4 
should ideally be 1” in diameter, but sizes as small as half 
an inch are acceptable. Power rating, voltage rating, tol- 
erance, shaft type, shaft diameter, and shaft length are 
unimportant. Select a potentiometer that has linear tap- 
er, and makes one turn, with panel mounting style, and 
solder lug terminals. Buy two. The Alpha 
RV24AF-10-15R1-B1K-3 and Bourns PDB181-E420K-102B 
are examples. 


Juice and Brackets 


If you use lemon juice in a squeeze bottle for Experiment 
5, make sure it is undiluted and unsweetened. Vinegar is 
an acceptable substitute. 


The 1” brackets for Experiment 5 must be galvanized. 
Pipe straps and hanger straps, to mount conduits and 
pipes, are an acceptable substitute. Any hardware 
source will have them cheaply available. 


(09) 
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Deionized Water 


This is often known as distilled water. Your local super- 
market should have this, but make sure it is not “puri- 
fied” and is not “spring water.” It must have zero mineral 
content. 


Components for Chapter Two 


Components for Chapter Two, other than resistors and 
capacitors, are listed in Figure 6-5. 
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Figure 6-5 Components other than resistors and capacitors 
used in the second chapter of this book. 


Breadboards 


A breadboard is classified here as a component, because 
it cannot be separated from the circuit; on the contrary, 
it is the foundation for the circuit. You have to decide 
how many circuits you may want to keep on their bread- 
boards, and how many you are likely to disassemble so 
that the breadboard can be reused. Ideally, each bread- 
board should have a single bus on each side, and 700 
connection points, as shown in Figure 2-10. Search Goo- 
gle or eBay for 


solderless breadboard 700 


However, if you prefer, you can use a dual-bus bread- 
board and ignore the extra lines of holes. 


Trimmer Potentiometer 


Trimmers of the recommended type are shown at left 
and at right in Figure 2-22, and a discussion of other 
types accompanies that photograph. The power rating is 


Checklists of Supplies and Components 


not important. The preferred type is single-turn, and it 
must terminate in pins that are spaced in multiples of 
0.1” (2.54mm or 2.5mm). The Vishay T73YP504KT20 is a 
low-cost 500K trimmer. 


Transistors 


Before purchasing any 2N2222 transistors, see “Essential: 
Transistors” on page 49 for an important cautionary 
note. 


Toggle Switch 


This should be panel-mount type, ideally with screw ter- 
minals, although pins or solder lugs will be acceptable. It 
can be SPDT or DPDT. Voltage and current ratings are 
unimportant for the experiments in this book. The NKK 
S302T is an example, but you can find cheaper switches 
on eBay. 


Tactile Switch 


The type of tactile switch shown in Figure 2-19 is very 
strongly recommended, with two pins 0.2” apart, ideal 
for insertion in a breadboard. Avoid buying the more 
common tactile switches that have four pins or leads. 
The Alps SKRGAFD-010 is preferred (currently available 
from Mouser). Any tactile switch with 2 pins spaced 0.2” 
can be substituted, such as the Panasonic EVQ-11 series. 


Relay 


See “Essential: Relay” on page 48 for information about 
the recommended type of 9VDC, DPDT relay. The Omron 
G5V-2-H1-DC9, Axicom V23105-A5006-A201, and Fujitsu 
RY-9W-K have all been tested for suitability. 


Components for Chapter Three 


Components for Chapter Three, other than resistors and 
capacitors, are listed in Figure 6-6. 


Many of the components for projects in Chapter Three 
have already been mentioned for Chapters One and 
Two; see above. 
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Figure 6-6 Components other than resistors and capacitors 
used in the third chapter of this book. 
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AC Adapter 


This must have an output of 9VDC. It may have addition- 
al outputs providing different voltages. See “Essential: 
Power Supply” on page 99 for a discussion of the op- 
tions. Minimum output should be 500mA (0.5A) DC. 


If you want a multi-voltage adapter, finding one can be 
tricky, because if you search for “ac adapter” you will find 
hundreds or even thousands of single-voltage units. 
Your answer is to search a source such as eBay for: 


ac adapter 6v 9v 


This should provide you with several affordable multi- 
voltage options. Make sure the photograph of the unit 
shows a little switch to select the various voltages. 


Diode 


The 1N4001 switching diode is cheap and generic. Buy 8 
or 10, and buy a similar quantity of 1N4148 signal diodes 
at the same time. 


Headers 


These miniature plugs and sockets are an optional item. 
Examples are Mill-Max part numbers 
800-10-064-10001000 and 801-93-050-10-001000, or 3M 
part numbers 929974-01-36RK and 929834-01-36-RK. 


Components for Chapter Four 

Components for Chapter Four, other than resistors and 
capacitors, are listed in Figure 6-7. 

Slide Switch 


The recommended slide switch is SPDT with three pins 
spaced 0.1” apart, and is shown in Figure 4-5. | suggest 
the EG1218 made by E-switch. If you buy an alternative, 


it must terminate in solder pins for insertion in a bread- 
board. An example is the NKK CS12ANWO3, but if you 
search eBay for 


slide switch breadboard 


you will find some that are much cheaper. The type of 
contact plating, voltage rating, and current rating are 
unimportant for the projects in this book. 
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Figure 6-7 Components other than resistors and capacitors 
used in the fourth chapter of this book 


Integrated Circuit Chips 


See “Fundamentals: Choosing Chips” on page 142 for a 
discussion of chips. While all the chips you will need are 
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listed in Figure 6-7 (with the exception of one more 555 
timer required for Experiment 29), it's a good idea to buy 
an extra chip of each type, as they are easily damaged 
by incorrect voltage, reversed polarity, overloaded out- 
puts, or static electricity. 


Any manufacturer is acceptable. The “package” of a chip 
refers to its physical size, and this attribute should be 
checked carefully when ordering. All logic chips must be 
in a DIP package (meaning a dual-inline package with 
two rows of pins that have 0.1” spacing). This may also 
be referred to as PDIP (meaning a plastic dual-inline 
package). They are also described as “through hole.’ The 
DIP and PDIP descriptors may be appended with the 
number of pins, as in DIP-14 or PDIP-16. This number can 
be ignored. 


Surface-mount chips will have packaging descriptors 
beginning with S, as in SOT or SSOP. Do not buy any 
chips with “S” type packages. 


The chip family used exclusively in this book is HC (high- 
speed CMOS), as in 74HC0O0, 74HC08, and similar generic 
identifiers. These numbers will have additional letters or 
numbers added by individual manufacturers as prefixes 
or suffixes, as in SN74HCOODBR (a Texas Instruments 
chip) or MC74HCOOADG (from On Semiconductor). 
These versions are functionally identical. Look carefully, 
and you will see the 74HC00 generic number embedded 
in each proprietary number. 


Old TTL logic chips, such as the 74LSO00 series, have com- 
patibility issues. They are not used or recommended for 
any of the projects in this book. 


555 Timer 


Unlike the logic chips, you do want the TTL version of 
the timer (also known as the bipolar version), not the 
CMOS version. Here are some guidelines: 


The TTL version (which you want) often states “TTL” or 
“bipolar” in its datasheet, specifies a minimum power 
supply of 4.5V or 5V, specifies an inactive current con- 
sumption of at least 3mA, and will source or sink 200mA. 
Part numbers often begin with LM555, NA555, NE555, 
SA555, or SE555. If you search by price, the TTL versions 
of the 555 timer are the cheapest. 


The CMOS versions (which you don't want) always state 
“CMOS” on the first page of their datasheets, allow a 
minimum power supply of 2V in most cases, claim an in- 
active current consumption in microamps (not milli- 
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amps), and will not source or sink more than 100mA. 
Part numbers include TLC555, ICM7555, and ALD7555. If 
you search by price, the cheapest CMOS version of the 
555 timer still costs almost twice as much as the cheap- 
est TTL version. 


Seven-Segment Display 


The display used in Experiment 19 must be an LED de- 
vice, height 0.56”, low-current red preferred, able to 
function at 2V forward voltage and 5mA forward cur- 
rent. The Avago HDSP-513A is preferred, or Lite-On 
LTS-546AWC, or Kingbright SC56-11EWA, or similar. 


Components for Chapter Five 


Components for Chapter Five, other than resistors and 
capacitors, are listed in Figure 6-8. 


Neodymium Magnets 


| suggest K&J Magnetics as a source of supply, as the site 
maintains a very informative primer on magnets. 


In Europe, supermagnete.de is a popular source. 
16-Gauge Wire 


This is only required for the antenna in Experiment 31. If 
the cost is prohibitive, try 50 or 100 feet of 22-gauge 
wire. If you live relatively close to an AM radio station, it 
should be adequate. 


High-Impedance Earphone 


Only required for Experiment 31, this can be ordered 
from the the Scitoys catalog. 


You may also find them on Amazon. On eBay, search for: 
crystal radio earphone 


If you search eBay for crystal radio headphones instead 
of earphones, you'll find some antique items from the 
early days of radio. 
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configuration at a later date, if necessary. 

Now that the mechanism was working, some method had to be 
derived so that frequency could easily be determined. Since the 
tuning system was designed so that one complete turn of the knob 
was 25 kHz, the perimeter of the new disk was divided at 25 
equidistant points (perimeter divided by 25), representing 1 kHz 
per division. The braille system was used to mark the divisions. 
The dots were put on label tape, using a braille typewriter that the 
sightless ham owned. These small pieces of tape were then at- 
tached to the periphery of the disk at the appropriate places. 

The 1-kHz points were simply marked with a dot while the 5-, 
10-, 15-, 20-, and 25-kHz divisions were marked with the appro- 
priate braille symbol and the left-most column of dots aligned as the 
marker. The starting and ending points were indicated with the 
25-kHz braille tape. In order to establish a reference mark on the 
transceiver face, a simple column of dots was put on a piece of label 
tape and attached above the window of the face plate (see Fig. 
9-19). 

Since Drake does not specify the amount of over-travel of the 
PTO, each transceiver dial will stop at a different frequency. By 
determining the frequency of the stop (by a sighted ham) and 
counting the number of turns necessary to get to the edge of the 
subband, the amateur was able to establish one edge of the subband 
limit. The set screw hole in the knob can be set so that it is vertical 
when the edge of the subband is reached, thereby giving the 
amateur an additional point of reference for counting the number of 
turns from the PTO stop. The primary reference line is the left- 
hand edge of dots on the braille 25-kHz mark. With the subband 
located, the amateur now can stay within the band or operate on a 


Fig. 9-20. prep of plantio disk end rubber spacer. 
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Figure 6-8 Components other than resistors and capacitors 
used in the fifth chapter of this book. 


Germanium Diode 


Available from the same sources as the high-impedance 
earphone, above. Some may also be available from dgk, 
mou, or nwk. 


Arduino Uno Board 


For a discussion of sources, see “Beware of Imitations?” 
on page 280 


Thermistor 


The recommended thermistor for Experiment 33 is the 
Vishay 01-T-1002-FP. If you make a substitution, use a 


10K NTC-type thermistor rated at 1% or 5% accuracy 
with wire leads. 


Buying Tools and Equipment 


See “Components” on page 317 for a list of components 
and see “Supplies” on page 316 for a list of supplies. 


Photographs and general information about tools and 
equipment are provided at the beginning of each chap- 
ter of this book. See “Necessary Items for Chapter One” 
on page 1, “Necessary Items for Chapter Two” on page 
41, and “Necessary Items for Chapter Three” on page 99. 
No additional tools are required for Chapters Four and 
Five. 


Because products come and go, | have not included 
stock numbers or names of manufacturers of tools and 
equipment. The specifications and photographs at the 
beginning of each chapter should provide you with suf- 
ficient guidance, and if you restrict your search to large 
sites such as amazon.com or ebay.com, you may find ev- 
erything you need fairly quickly, all in one place. 


While it's true that expensive tools may be manufac- 
tured with greater precision and durability, the cheapest 
products should be satisfactory for the purposes of this 
book. 


See “Suppliers” on page 326 for URLs that are referenced 
here with three-letter abbreviations 


Tools and Equipment for Chapter One 


For photographs and discussion of these items, see 
Chapter 1. 


Only one of each item is required, unless otherwise 
specified. 


Multimeter 


For a discussion of multimeter features, see “The Multi- 
meter” on page 1. Good sources include all, amz, eby, 
and jam. 


Test Leads 


Double-ended test leads should terminate in alligator 
clips approximately 1” long. The wire connecting them 
should measure 12” to 15” (not longer). You need at 
least three red and three black. Additional colors are 
useful. 
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You don't want the kind of test leads that have a plug at 
each end. Those are sometimes known as “jumper 
wires.” Just search a site such as eBay for 


test leads double ended alligator 


and you should find what you want. Buy 10. Sources in- 
clude all, eby, jam, or spk. 


Safety Glasses 


Try amz, eby, har, hom, or wal. Ideally, look for glasses 
with ANSI Z87 rating (you can use this as a search term). 
Avoid tinted glasses. 


Tools and Equipment for Chapter Two 
For photographs and discussion of these items, see 
Chapter 2. 

Long-Nosed Pliers 


They should measure approximately 5” end-to-end, with 
a flat inside jaw, not round. From amz, eby, mcm, mic. 


Wire Cutters 


Also known as “side cutters,” and should measure ap- 
proximately 5” end-to-end. From amz, eby, har, hom, 
nor, or mcm. 


Flush Cutters 


These are optional. From amz, eby, har, hom, nor, or 
mcm. 


Wire Strippers 


You need the type with specifically sized holes for num- 
bered wire gauges, but the most common range (10 to 
20 gauge) is not suitable. 


| think you should buy wire strippers that have a specific 
provision for 22-gauge wire, because there’s no point in 
making your task more difficult than it needs to be. 
Search online for: 


wire strippers 20 30 


This should find tools with holes for 20-, 22-, 24-, 26-, 
28-, and 30-gauge wire. Alternatively, look on amz, eby, 
elg, jam, and spk. 


Tools and Equipment for Chapter Three 


For photographs and discussion of these items, see 
Chapter 3. 
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Low-Power Soldering Iron 


This should be rated for 15W with a plated, slender, coni- 
cal tip. Try all, amz, eby, jam, and mcm. 


General-Duty Soldering Iron 


Should be rated at 30W or 40W. Try amz, eby, har, hom, 
mcm, nor, or srs. 


Helping Hand 
Can be found at ada, amz, eby, jam, or spk. 


For a small, close-up magnifying lens try amz, eby, or wal. 
It may be listed as a magnifier or a loupe. 


Minigrabbers 


The Pomona model 6244-48-0 is available from amz, 
dgk, mou, and nwk. For cheaper alternatives try eby, 
which is also your first choice for meter probes terminat- 
ing in alligator clips. 


Heat Gun 


Usually sold as a general-purpose tool, and therefore is 
available from hardware stores. Try amz, har, hom, or 
nor. For a miniature heat gun, try eby. 


Desoldering Equipment 


Various options are available from amz, elg, jam, spk, 
and eby. 


Soldering Iron Stand 


This will be found in the same places that sell soldering 
irons. 


Miniature Saw 


My personal favorite is the #15 X-Acto blade. You also 
need the handle that it fits in. It is available online from 
Tower Hobbies, Hobbylinc, ArtCity, and many other arts/ 
crafts sources. Also look for the larger X-Acto saw blade, 
#234 or #239, which you can use for cutting perforated 
board. 


Deburring Tool 


If your local hardware store does not stock this item, it is 
inexpensively available from amz, eby, mcm, nor, srs, 
and some specialty sources. The standard blade in this 
tool is intended for right-handed use. Left-handed 
blades are made, but can be hard to find. Some blades 
are harder than others; an E300 means that it is intended 
for soft metals and most plastics. 
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Suppliers 


Calipers 


| like Mitutoyo calipers, although many cheaper brands 
exist and will be sufficient for everyday use. The Mitu- 
toyo website will show you all their available models, af- 
ter which you can Google “Mitutoyo” to find retail sour- 
ces. Many people prefer calipers with a digital display, 
switchable between metric and inches. | prefer calipers 
that do not require a battery. 


Copper Alligator Clips 


Available cheaply and in small quantities from the big 
general electronics suppliers such as dgk, mou, or nwk. 


Suppliers 


The three-letter abbreviations preceding each supplier 
are used throughout the text to suggest appropriate 
sources. 


ada: Adafruit 

all: All Electronics 
amz: Amazon 
dgk: Digi-Key 
eby: eBay 


elg: Electronic Goldmine 
evl: Evil Mad Scientist 
har: Harbor Freight 
hom: Home Depot 

ins: Instructables 

jam: Jameco 

mcm: McMaster-Carr 
mic: Michaels crafts stores 
mou: Mouser Electronics 
nwk: Newark Electronics 
nor: Northern Tool 

plx: Parallax 

spk: Sparkfun 

srs: Sears 

tay: Tayda Electronics 


Many of these sites also host extensive tutorials and oth- 
er helpful information. You can learn a lot by browsing 
through their pages. 
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Numbers & 
Symbols 


1N4001 diode, 108 

1N4148 diode, 108 

2N2222 transistor, 49, 84 

4026B decade counter, 182, 184 


(see also counter) 


555 timer 


applications, 152 

astable, 149, 155, 264 

audio frequency source, 260 
audio test, 156 

basics, 145 

bipolar version, 154 
bistable, 152, 184, 213 
buying guide, 323 
calibration, 189 

capacitor values, 150 
combinations, 159 
connected with counter, 184 
control pin, 150, 159 
delayed initial response, 165 
diode, 158 

discharge pin function, 148 
frequency, 157, 159 

history, 153 

internal function, 151, 157 
monostable, 149, 186 

pin numbering, 146 
pinouts, 146 


pulse duration, 149, 150 
pulse suppression, 152, 161, 
168 
reset pin function, 149 
resistor values, 150 
retriggering, 149 
siren sound, 162 
specifications, 154 
test circuit, 147, 155 
trigger pin function, 147 
TTL and CMOS versions, 154 
unequal cycles, 158 
556 timer, 163 
7402 quad 2-input OR, 198 
7404 hex inverter NOT, 198 
7410 triple 3-input NAND, 198 
7411 triple 3-input AND, 198 
7420 dual 4-input NAND, 198 
7421 dual 4-input AND, 198 
7427 triple 3-input NOR, 198 
7432 quad 2-input OR, 198, 217 
744002 dual 4-input NOR, 198 
744075 triple 3-input OR, 198 


747266 quad 2-input XNOR, 198 


7486 quad 2-input XOR, 198 


74HCOO quad 2-input NAND, 192, 


222 
74HC08 quad 2-input AND, 204 
74HC393 binary counter, 223 


74xx family (see chip, 74xx family) 


A 


AC (alternating current) 
basics, 16 
symbol, 57 
through a coil, 258 
with capacitors, 84 
AC adapter 
basics, 99 
buying guide, 322 
modification, 116 
single voltage type, 99 
universal type, 99 
alarm system project (see 
intrusion alarm) 
alligator clip 
copper, 106, 122, 123 
test leads, 5, 102 
alternating current (see AC) 
ambient pressure, 264 
amp (see ampere) 
amperage (see current) 
ampere, 14 
(see also current) 
basics, 14, 15 
conversion table, 15 
measurement, 25, 37 
Ampere, André-Marie, 14, 17 
amplifier chip LM386, 259, 276 
AND 
7408 quad 2-input, 204 
7411 triple 3-input, 198 
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7421 dual 4-input, 198 
74HC08 quad 2-input, 193 
demo, 193 
symbol, 196 
truth table, 196 

anode, 137 

anti-static wrist strap (see wrist 
strap) 

Arduino 


advantages and disadvantages, 


289 
analog input, 290 
blink test, 284 
clock, 300 
comment line, 285 
dice simulation program, 297, 
302 
errors, 303 
IDE, 280, 281 
installation, 282 
integers, 304 
introduction, 278 
language reference, 297 
Mac installation, 283 
protoshield, 293 
pseudocode, 298 
random function, 297, 305 
setup, 280 
sketch, 285 
summary, 287 
thermostat simulation 
program, 294 
unlicensed copies, 281 


Windows troubleshooting, 283 


Atmel, 279, 289 

atomic structure, 35 

audio (see sound) 

autoranging in multimeter (see 
multimeter, autoranging) 


Bardeen, John, 90 

base of a transistor, 86 

BASIC Stamp, 308 

battery 
attaching to breadboard, 68 
basics, 4 


buying guide, 320 
car, 12, 32 
carrier, 4, 13 
connector, 4 
electrolyte, 13 
how it works, 10, 13 
internal resistance, 32 
lemon juice, 34 
lithium, 12, 32 
parallel, 39 
primary, 36 
secondary, 36 
series, 39 
short circuit, 12, 13, 32 
symbol, 57 
Bell, Alexander Graham, 253 
bias, 88 
binary code, 226 
binding posts, 176 
board 
cut-board, 107 
perforated, 107, 126, 170 
perforated errors, 172 
perforated, buying guide, 317 
bolts, 107 
bolts buying guide, 317 
books recommended, 242 
Boole, George, 194 
boolean logic, 195 
box, project, 107, 173 
Brattain, Walter, 90 
breadboard 
basics, 43, 66 
bus, 44, 68 
buying guide, 321 
component depiction, 66 
dual-bus, 44 
fault tracing, 73 
interior connections, 68 
mini, 44 
single-bus, 44 
break-to-make circuit, 133 
bubble, 196 
button blocker 
breadboarded, 216 
phase 1, 211 
phase 2, 211 
phase 3, 212 
phase 4, 212 


phase 5, 212 
schematic, 213 
sequence, 213 


C 


C language, 285 
calipers, 105 
Camenzind, Hans, 153 
Capacitance, 4 


capacitor 
AC application, 84 
basics, 49, 72 
buying guide, 318 
bypass, 96 


ceramic, 50, 72 
charge-discharge demo, 71, 76 
coupling, 80, 96 
DC blocking, 76 
displacement current, 82 
electrolytic, 50, 72 
filtering audio frequencies, 262 
measuring the value, 4 
polarity, 71, 73 
polyester, 266 
RC network, 76 
shock hazard, 72 
symbol, 73 
tantalum, 73 
test circuit, 75 
time constant, 77 
variable, 276 

car battery, 12, 32 

carrier frequency, 277 

cathode, 137 

ceramic capacitor (see capacitor, 
ceramic) 

checklists of supplies and 
components, 316 

chip 
4000 series, 197 
74xx family, 142 
buying guide, 323 
dual-inline package, 142 
HC, 143 
history, 145, 197 
LS series, 197 
package, 142 
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part number, 142, 198 
pin numbering, 146 
size, 146 
socket, 143 
static discharge damage, 178 
surface-mount, 142, 143 
through-hole, 142 
TTL and CMOS, 197 
clipping, 268 
clocked flip-flop, 222 
CMOS output current, 182 
coil 
AM radio, 272, 277 
audio filter, 262, 262, 266 
compared with capacitor, 257 
inductance, 245 
inductive reactance, 257 
iron core, 246 
loudspeaker, 253 
power generation, 247 
symbol, 246 
tap, 273 
transformer, 246 
voltage spike, 139 
collector of a transistor, 86 
combination lock 
breadboarded, 202, 204 
computer interface, 207 
enhancements, 209 
installation, 207 
introduction, 201 
logic diagram, 202 
schematics, 202 
testing, 206 
common anode, 181 
common cathode, 181 
comparator, 151 
components 
checklist, 317 
vendors, 311 
conductor definition, 9 
connector, 108 
contacting the author, x 
continuity testing, 3, 53 
conventional current (see current, 
conventional) 
coulomb, 37 
counter 
4026B, 182 


74HC393, 223 
binary, 223 
carry out, 184 
clock disable, 183 
clock input, 183 
coded outputs, 182 
decade, 182, 223 
edge-triggered, 226 
modulus, 227 
reset pin, 227 
crossover network, 266 
current 
basics, 14, 16 
conventional, 55 
danger, 32 
displacement, 82 
flow direction, 36 
measurement, 25 
resistance, relationship, 14 
uniform in a simple circuit, 26 


D 


Darlington array, 182 
datasheet, LED, 29 
DC (direct current) 
basics, 16 
plug-and-socket, 108 
DeArmond, Harry, 270 
debouncing (see switch, bounce) 
deburring tool, 105 
decimal points, 31 
desk lamp, 127 
desoldering braid, 104 
desoldering pump, 101, 103 
desoldering wick, 104 
dice simulation 
introduction, 223 
logic diagram, 229 
randomicity, 234 
schematic, 231 
slowdown effect, 235 
two dice, 233 
diode 
1N4001, 108 
1N4148, 108 
555 timer, 158 
anode, 137 


basics, 108, 137 

buying guide, 322 

cathode, 137 

germanium, 274 

germanium buying guide, 324 

protection, 139 

radio, 278 

rectifier, 136, 251 

symbol, 137 

voltage drop, 137 

with logic chip, 206 
DIP (see chip, dual-inline package) 
direct current (see DC) 
displacement current, 82 
display, numeric 

seven-segment display, 144 
distortion, 268 
double-throw switch (see switch, 

configurations) 
DPDT (see switch, configurations) 
drilling holes in plastic, 174 
Dummer, W. A., 145 


E 


earphone, 274 

earphone buying guide, 323 

edge-triggered counter, 226 

electricity and magnetism, 243 

electrolyte, 13 

electrolytic capacitor (see 
capacitor, electrolytic) 

electromagnet, 244 

electron holes, 35 

electrons, 10, 13, 32, 35, 36, 37 

emitter of a transistor, 86 

Encyclopedia of Electronic 
Components, 242 

errata reports, xi 

error notifications, x 


E 


farad 

basics, 72 

conversion table, 72 
Faraday, Michael, 72, 75, 246 
fault tracing, x, 73, 173 
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feedback 
from author to reader, x 
from reader to author, x, xi 
filtering audio frequencies, 262 
flip-flop, 151, 153, 207, 213, 219, 
222 
floating pin, 149, 183 
flush cutters, 42 
forward current, 20 
forward voltage, 20 
Franklin, Benjamin, 36 
fuse 
automotive, 5, 15 
buying guide, 320 
cartridge, 5, 15 
how to blow, 15 
Suitable types, 5 


G 


gauge of wire (see wire, gauge) 
germanium, 145, 274 
glasses, safety (see safety glasses) 
ground 
grounding yourself, 178 
power outlet, 16 
radio, 274, 275 
symbol, 57 


H 


Hammond organ, 270 

harmonics, 264 

HC generation (see chip, HC) 

headers, 108 

headers buying guide, 322 

heat gun, 103, 115 

heat sink, 123 

heat transfer, 114, 122, 123 

heat-shrink tubing, 106, 114, 117, 
119,120 

heat-shrink tubing buying guide, 
317 

helping hand, 101, 109, 119, 122 

henry (unit of inductance), 245 

Henry, Joseph, 245, 246 

hertz, 157 

Hertz, Heinrich, 157 


holes (positive charges), 35 
hookup wire (see wire, hookup) 
hysteresis, 294 


IC (see chip) 
inches 

conversion of fractions, 129 

conversion to metric, 129 
inductance 

basics, 28 

created by a coil, 245 
inductive reactance, 257 
insulator definition, 9 
integers, 304 
integrated circuit (see chip) 
internal resistance of a battery, 32 
intrusion alarm 

arming, 167 

breadboard layout, 139 

complete circuit, 168 

installation, 176 

part one, 132 

part two, 163 

soldering, 170 

usage, 167 

wish list, 132 
inverter (see NOT) 


J 


jack plug, 54 
jam-type flip-flop, 222 
Jeopardy game, 210 
joule, 32 
jumper wire 
basics, 46 
how to make, 67 
precut, 46 
precut buying guide, 316 
with plugs, 5, 46, 261 


K 


keypad encoding, 209 
Kilby, Jack, 145 


kilohm, 9 

kilovolt, 15 

kilowatt, 33 

knife switch (see switch, knife) 


L 


latch, 153 
leads, test (see test leads) 
learning methods, ix 
LED 
basics, 6, 20 
buying guide, 320 
datasheet, 29 
display, 181 
forward current, 20 
forward voltage, 20 
generic, 6 
heat damage, 121 
indicator, 181 
installation, 128 
low-current, 6, 144 
low-current buying guide, 320 
polarity, 20 
series resistor, 24, 30 
symbol, 55, 58 
test circuit, 20 
threshold voltage, 24 
through-hole, 181 
lemon battery, 34 
light-emitting diode (see LED) 
lightning, 37 
lithium battery (see battery, 
lithium) 
LM386 amplifier chip, 259, 276 
LM7805 voltage regulator, 144, 
191 
logic chip (see chip) 
logic diagram 
combination lock, 202 
dice simulation, 229 
NAND demo, 193 
logic gate, 192 
(see also AND, NAND, OR, NOR, 
XOR, XNOR, and NOT) 
rules, 200 
voltages, 200 
logic probe, 142 
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logic symbols, 196 
logic-high, 193 
logic-low, 192 
loudspeaker 
basics, 50 
coil, 253 
disassembly, 252 
enclosure, 259 
history, 253 
mounting in a tube, 98 
loupe, 102 


machine screws, 107 
machine screws buying guide, 317 
magnet 
buying guide, 323 
cautions, 250 
charging a capacitor, 251 
power generation, 247 
wire, 248 
magnet wire, 267 
magnetic field, 257 
magnetic sensor (see switch, 
magnetic sensor) 
magnetism and electricity, 243 
magnifying lens, 102, 127 
Make: More Electronics, xi, 222, 
235, 242, 294 
Marconi, Guglielmo, 277 
measurement units, 129 
megawatt, 33 
megohm, 9 
meter (see multimeter) 
metric system 
conversion to inches, 129 
origins, 129 
microamp, 15 
microcontroller 
applications, 279 
ATmega, 279 
history, 288 
options, 308 
microfarad, 72 
microphone, 254 
milliamp, 15 
millivolt, 15 


milliwatt, 33 
minigrabbers, 102 
modulus of a counter, 227 
Moore, Gordon, 145 
multimeter 
autoranging, 3 
basics, 3, 4, 8 
best, 2 
better, 2 
BK, 2 
buying options, 2 
cheapest, 2 
continuity testing, 3 
current measurement, 26 
Extech, 2 
probes, 8 
purpose, 2 
ranging, 3 
recommended, 2 
setup, / 
sockets, 8 


N 


NAND 
7410 triple 3-input, 198 
7420 dual 4-input, 198 
74HC0O quad 2-input, 192 
demo, 192 
gate, 193 
switch debouncing, 220, 222 
symbol, 196 
truth table, 195, 196 
nanofarad, 72 
newton, 38 
nicerdice Arduino program, 302 
NOR 
7402 quad 2-input, 198 
7427 triple 3-input, 198 
744002 dual 4-input, 198 
switch debouncing, 220 
symbol, 196 
truth table, 196 
NOT 
7404 hex inverter, 198 
inverter, 196 
symbol, 196 
Noyce, Robert, 145 


numeric display (see seven- 
segment display) 


O 


ohm 
conversion table, 9 
definition, 8 
European notation, 9 
named after, 9, 11 

Ohm's law 
applications, 29, 30, 31 
basics, 28 
units, 28 

Ohm, Georg Simon, 9, 11 

omega symbol, 9 

OR 
7432 quad 2-input, 198, 217 
744075 triple 3-input, 198 
symbol, 196 
three or more inputs, 213 
truth table, 196 

oscillator, two-transistor, 94 


P 


P2N2222 transistor, 49 

part numbers for chips (see chip, 
part number) 

PDIP (see chip, dual-inline 
package) 

perforated board (see board, 
perforated) 

PICAXE, 289, 308 

picofarad, 72 

pinouts 
4026B counter, 182 
555 timer, 146 
7402 quad 2-input NOR, 198 
7404 hex inverter NOT, 198 
7410 triple 3-input NAND, 198 
7411 triple 3-input AND, 198 
7420 dual 4-input NAND, 198 
7421 dual 4-input AND, 198 
7427 triple 3-input NOR, 198 
7432 quad 2-input OR, 198, 217 
744002 dual 4-input NOR, 198 
7440750 triple 3-input OR, 198 
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747266 quad 2-input XNOR, 
198 
7486 quad 2-input XOR, 198 
74HCOO quad 2-input NAND, 
193 
74HC08 quad two-input AND, 
193 
74HC393 binary counter, 223 
LM386 amplifier chip, 259 
LM7805 voltage regulator, 191 
seven-segment display, 181 
pliers (see tools) 
plug and socket, 108 
plywood, 107 
point-to-point wiring, 126 
pole of switch (see switch, pole) 
potential difference 
definition, 25 
measuring, 25, 28 
potentiometer 
basics, 5 
buying guide, 320 
internal parts, 22 
symbol, 58 
test circuit, 22, 23 
track, 23 
trimmer, 49, 86 
wiper, 23 
power 
basic requirements, 4 
connector, 108 
generation with magnet and 
coil, 247 
outlet, 16 
supply, 99, 100, 128 
symbol, 57 
power cord, shortening, 118 
power, watts, 32 
printed circuit, 124 
program 
Arduino IDE environment, 285 
code, 285 
compile, 285, 286 
pseudocode, 298 
storage, 288 
upload, 285, 287 
programmable unijunction 
transistor (see PUT) 
project box, 107, 173 


project box buying guide, 317 

protection diode, 139 

prototyping board (see 
breadboard) 

pseudocode, 298 

pulldown resistor (see resistor, 
pulldown) 

pullup resistor (see resistor, 
pullup) 

pulsing glow project, 124 

pushbutton, 47 
(see also switch, tactile) 
switch, 144 
symbol, 58 

PUT, 95 


R 


radio 

AM, 271,275, 277 

amplifier, 276 

antenna, 2/3 

coil, 272, 277 

crystal, 271 

enhancements, 276 

ground, 274 

history, 277 
randomicity, 234, 298, 305 
ranging in multimeter (see 

multimeter, ranging) 
RC network, 76, 95, 149 
reactance, 257 
reed switch (see switch, reed) 
reference books, 242 
reference sources online, 242 
reflex tester 

basics, 178 

calibration, 189 

circuit malfunction, 188 

enhancements, 190 

operation, 187 

wish list, 184 
registering for updates, x 
relay 

basics, 48 

buying guide, 321 

buzzer circuit, 70 

coil voltage, 65 


combination lock, 204 

datasheets, 63 

inductive load, 66 

internal parts, 62, 65 

intrusion alarm, 134, 165 

latching, 48, 63, 135 

LED flasher, 67 

opening it up, 63 

operating current, 65 

oscillator, 66, 70 

pin functions, 63 

polarity of coil, 48, 60 

power requirements, 209 

resistive load, 66 

self-locking, 135 

set voltage, 65 

small-signal type, 63 

switching capacity, 66 

symbols, 63 

terminology, 65 

test circuit, 60 

transistor comparison, 91 
resistance 

basics, 14 

current, relationship, 14 

parallel, 28 

series, 28, 30 

skin, 10 

tongue, 9, 10 

water, 11 

wires and heat, 31 
resistor 

basics, 6 

buying guide, 317 

color codes, 19 

power rating, 33 

pulldown, 149, 183 

pullup, 149 

standard multipliers, 21 

storage, 18 

symbol, 58 

value measurement, 18, 21 
rosin core, 101 


S 


safety glasses, 4 
saw, miniature, 104 
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schematic 
basics, 55, 56 
color-coded, 59 
Crossovers, 59 
layout, 58, 150 
pin-shuffling, 150 
screwdrivers, 41 
Scribner, Charles E., 54 
search techniques, 312 
self-inductance, 257, 258 
semiconductor, 89 
seven-segment display, 144, 180, 
181 
seven-segment display buying 
guide, 323 
Shannon, Claude, 195 
Shockley, William, 90, 145 
shopping online, 311 
short-circuit a battery, 12, 32 
Siemens, Ernst, 253 
Signetics, 153 
sine wave, 263 
single-throw switch (see switch, 
configurations) 
skin resistance, 10 
slide switch (see switch, slide) 
socket for IC (see chip, socket) 
solder, 100, 101, 105, 109 
solder buying guide, 316 
soldering 
alternatives, 112 
errors, 111 
myths, 111 
technique, 109, 113, 116, 120, 
171 
wave-soldering, 112 
soldering iron 
basics, 100 
general duty, 101, 109, 122 
low-power, 100, 113, 122 
pencil type, 101 
pistol grip, 101 
stand, 104 
Weller, 101 
solderless breadboard (see 
breadboard) 
sound 
and electricity, 254 
distortion, 268 


filtering frequencies, 262 
frequency, 157 
microphone, 254 
siren, 162 
waves, 254 
sound synthesizer, 91 
SPDT (see switch, configurations) 
speaker (see loudspeaker) 
SPST (see switch, configurations) 
square wave, 264, 268 
static electricity (see chip, static 
discharge damage) 
stomp box, 269 
storage boxes, 238 
subwoofer, 266 
suppliers, 326 
supplies checklists, 316 
switch 
bounce, 218 
configurations, 51 
continuity testing, 53 
domestic lighting, 56 
jack-knife, 54 
knife, 51 
magnetic sensor, 133, 144, 177 
momentary, 53 
pole, 51,175 
reed, 133 
screw terminals, 47 
slide, 144 
slider buying guide, 322 
soldering, 175 
sparking prevention, 53 
symbol, 56 
table of configurations, 53 
tactile, 47 
tactile buying guide, 321 
tactile symbol, 58 
telephone systems, 54 
test circuit, 50 
toggle, 47, 51 
toggle buying guide, 321 
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tactile switch (see switch, tactile) 
test leads, 5, 102 
Texas Instruments, 145 


thermistor, 290, 291 
thermistor buying guide, 324 
Thomson, J. J., 36 
time constant, 77 
timer, 555 (see 555 timer) 
toggle switch (see switch, toggle) 
tongue 
resistance, 9, 10 
test with 9V battery, 7 
tools 
buying guide, 324 
flush cutters, 42 
pliers, long-nosed, 41 
pliers, sharp-nosed, 42, 122 
screwdrivers, 41 
vendors, 312 
wire cutters, 42 
wire strippers, 43 
transformer, 246 
transistor 
2N2222 substitutions, 49, 84 
amplifying current, 88 
base, 86 
basics, 49 
bipolar, 86 
collector, 86 
damage, 90 
emitter, 86 
fingertip demo, 85 
history, 90 
measuring the value, 4, 90 
NPN vs. PNP, 86 
P2N2222, 49 
principle, 85, 88 
relay comparison, 91 
summary, 89 
tremolo, 270 
trimmer (see potentiometer, 
trimmer) 
truth table, 195, 195, 196 
tweeter, 266 


U 


uncontrolled variable, 11, 80 
units of measurement, 129 
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Fig. 9-21. Close-up of plastic disk and rubber spacer mounted on t 
tuning shaft. 


predetermined frequency by aligning the dots used as reference on 
the front panel with the braille markings on the periphery of the 
disk. Using this method, the amateur can dial the desired fre- 
quency with an error of less than 1 kHz. 

The system has now been in use for several months and is 
working very satisfactorily. The braille dots on the tape attached to 
the disk edge seem to stay much better than expected. In applying 
these markers, it is extremely important that the edge of the disk 
be absolutely clean and that the adhesive on the tapes not be 
touched with your fingers during application. Small pin heads could 
be used in the future, but they must be very small so that the ham 
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V 


vendors 
components, 31 1 
tools, equipment, 312 
URLs, 326 
Venn diagram, 194 
vibrato, 270 
volt 
conversion table, 15 
named after, 13 
Volta, Alessandro, 17 
voltage 
basics, 13, 14, 15, 37 
drop, 137 
regulator, 99, 144, 191 


W 


wafer, 142 


water, 11 
resistance, 1 1 
watt 
basics, 32, 38 
conversion table, 33 
formula, 32 
power, 32 
Watt, James, 33 
waveform, 263, 264, 268 
Wheeler's approximation, 245 
wire 
bulk, 45 
color-coded, 46, 59 
gauge, 43, 45, 67 
hookup, 45, 109 
hookup buying guide, 316 
joining two pieces, 117 
magnet, 248, 267 
solid, 45 
spools, 45 
stranded, 45, 47, 175 


stranded buying guide, 316 
wire cutters, 42, 43 
wire strippers, 43 
wire, jumper (see jumper wire) 
wire-wrap, 112 
woofer, 266 
work area layout, 237 
work bench configuration, 238 
wrist strap, 178 


X 


XNOR 
747266 quad 2-input, 198 
symbol, 196 
truth table, 196 

XOR 
7486 quad 2-input, 198 
symbol, 196 
truth table, 196 
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The two key parts of soldering are good heat distribution and 
cleanliness of the soldering surface and component. With practice, 
you Il become comfortable and experienced with the process. 
In this primer, I'll explain how to solder a component onto a printed 
circuit board (PCB). l'II also provide desoldering tips and show you how to 
remove a surface-mount component from a printed circuit board using a 
Chip Quik kit. And l'II show you how to remove a component by removing the 
solder in a way that won t damage the components or the circuit board. 


Photography by Joe Grand 


Reprinted with permission from Hardware Hacking, copyright 2004, Syngress Publishing, ISBN: 1-932266-83-6, pp. 34-40. 
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Tools of the Trade 


Soldering iron You could pay 

as little as $10 or as much as 
$1,000 for a soldering iron. 

| recommend a fine-tip, 7OO°F, 
50W soldering stick iron. 

A good general-purpose iron 
for hardware hacking is the 
Weller W60P Controlled-Output 
Soldering Iron, which sells 

for under $70. 


Solder Should be thin gauge 
(0.032" or 0.025" diameter) 
60/40 rosin core. 


Desoldering tool (aka solder 
sucker) A manual vacuum 
device that pulls up hot solder, 
useful for removing compo- 
nents from circuit boards. | like 
the one RadioShack sells (#64- 
2098, $10). 


IC extraction tool Helps 
lift integrated circuits from 
the board during removal/ 
desoldering. 


Desoldering Tips 


OVERVIEW 


Chip Quik SMD Removal Kit 
Allows you to remove surface 
mount components quickly and 
easily. Chipquik.com offers the 
kit for $16. 


Sandpaper A very fine-grit 
sandpaper is useful for remov- 
ing oxidation from component 
and circuit board surfaces. 


Desoldering braid Woven 
metal material used to wick 
up melted solder. 


Small, flat-tip screwdriver 
Comes in handy for removing 
some types of components. 


Needlenose pliers, wire cutters, 
and vise These common tools 
will make your job easier. 


FOR STANDARD THROUGH-HOLE COMPONENTS 

» First grasp the component with a pair of needlenose pliers. 
Heat the pad beneath the lead you intend to extract and pull 
gently. The lead should come out. Repeat for the other lead. 

» If solder fills in behind the lead as you extract it, use a spring- 
loaded solder sucker to remove the excess solder. 


FOR THROUGH-HOLE ICs OR MULTI-PIN PARTS 

» Use a solder sucker or desoldering braid to remove excess 
from the hole before attempting to extract the part. 

» You can use a small, flat-tip screwdriver or IC extraction tool 
to help loosen the device from the holes. 

» Be careful to not overheat components, since they can become 
damaged and may fail during operation. 


TOOLS AND TIPS 


The Chip Quik SMD Removal Kit 


The Chip Quik SMD Removal 
Kit allows you to quickly 

and easily remove surface- 
mount components such 

as PLCC, SOIC, TSOP, QFP, 
and discrete packages. The 
main component of the kit 

is a low-melting-temperature 
solder (requiring less than 
300°F) that reduces the 
overall melting temperature 
of the solder on the SMD 
pads. Essentially, this enables 
you to just lift the part right 
off the PCB. 


INCLUDES 

» Alcohol pads for 
cleaning the circuit board 
after device removal 

» A special low-melting- 
temperature alloy 

» Standard no-clean flux 

» Application syringe 


BEFORE YOU START 


INSPECT 
CIRCLED 
AREAS 


Printed 
circuit 
board 


Joe Grand is the president of Grand Idea Studio, Inc. (joe@grandideastudio.com), a product-development and intellectual-property licensing firm. He 
specializes in embedded system design, computer security research, and inventing new concepts and technologies. He is also a host on The Discovery 
Channel's Prototype This. 
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me SOLDERING 


SOLDERING A RESISTOR TO A CIRCUIT BOARD 


BEFORE YOU START 


Inspect the leads or pins for oxidation. If the metal 
surface is dull, sand with fine sandpaper until shiny. 

In addition, use the sandpaper to clean the oxidation 
and excess solder from the soldering iron tip to ensure 


maximum heat transfer. 


This simple example shows the step-by-step process 
to solder a through-hole component to a printed circuit 


board (PCB). | used a piece of prototype PCB and 


a single resistor. 


1. Bend and insert the component leads 
into the desired holes on the PCB. Flip 
the board to the other side. Slightly bend 
the lead you'll be soldering to prevent 
the component from falling out when the 
board is turned upside down. 


2. To begin the actual soldering process, 
allow the tip of your iron to contact both 
the component lead and the pad on the 
circuit board for about 1 second before 
feeding solder to the connection. This will 
allow the surface to become hot enough 
for solder to flow smoothly. 


3. Next, apply solder sparingly and hold 
the iron in place until solder has evenly 
coated the surface. Ensure that the solder 
flows all around the 2 pieces (component 
lead and PCB pad) that you're fastening 
together. 


Don't put solder directly onto the hot 
iron tip before it has made contact with 
the lead or pad; doing so can cause a cold- 
solder joint (a common mistake that can 
prevent your hack from working properly). 
Soldering is a function of heat, and if the 
pieces aren't heated uniformly, solder 
may not spread as desired. A cold-solder 
joint will loosen over time and can build 
up corrosion. 


4. When it appears that the solder has 
flowed properly, remove the iron from the 
area and wait a few seconds for the solder 
to cool and harden. Do not attempt to 
move the component during this time. 
The solder joint should appear smooth 
and shiny, resembling the image above. 
If your solder joint has a dull finish, reheat 
the connection and add more solder. 


A DANGER: It’s important to consider safety 
precautions. Improper handling of the soldering iron 
can lead to burns or other physical injuries. Wear safety 
goggles and other protective clothing when working 
with solder tools. With temperatures hovering around 
700°F, the tip of the soldering iron, molten solder, and 
flux can quickly sear through clothing and skin. Keep 
all soldering equipment away from flammable materials 
and objects. Be sure to turn off the iron when it’s not 

in use and store it properly in its stand. 


5. Once the solder joint is in place, snip 
the lead to the desired length. Usually, 
you ll simply cut the remaining portion 

of the lead that isn't part of the actual 
solder joint. This prevents any risk of short 
circuits between leftover component leads 
on the board. 


6. Here's a completed soldering example. 


Make: Workshop+Tool Guide 


| p050-53_SIP_SolderPrimer_F2.indd 52 10/13/10 6:33:28 aw | 


SMD REMOVAL WITH CHIP QUIK 


BEFORE YOU START 


Use a rubbing alcohol pad to remove any residue from 
the solder pads. Verify that the solder pads are clean 


and free of cuts or solder jumps before proceeding. 
Desoldering, or removing a soldered component from a 
circuit board, is typically trickier than soldering because 
you can easily damage the device, the circuit board, or 
surrounding components. For surface mount devices 
(SMDs) with more than a few pins, the easiest method 
to remove the part is the Chip Quik SMD Removal Kit, 
as shown in the following step-by-step example. 


1. The first step is to assemble the syringe, 
which contains the no-clean flux. Simply 
insert the plunger into the syringe and 
push down to dispense the compound. 
The flux should be applied evenly across all 
the pins on the package you'll be remov- 
ing. (Flux is a chemical compound used 

to assist in the soldering or removal of 
electronic components or other metals.) 


2. Once the flux is evenly spread over the 
pins of the target device, the next step is 
to apply the special Chip Quik alloy to 
the device. This step is just like soldering: 
apply heat to the pins of the device and 
the alloy at the same time. The alloy has 
a melting point of approximately 300°F, 
which is quite low. You shouldn't have to 
heat the alloy with the soldering iron for 
very long before it begins to melt. The 
molten alloy should flow around and under 
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the device pins. Starting at one end of the 
device, simply heat and apply the alloy. 
Repeat for the other side(s) of the device. 


3. Flux will help ensure a nice flow of the 
alloy onto the device pins. Make sure 

the alloy has come in contact with every 
single pin by gently moving the soldering 
iron around the edges of the device. Avoid 
touching nearby components on the PCB 
with the soldering iron. 


4. Now that the alloy has been properly 
applied to all pins of the device, it’s time to 
remove the device from the board. After 
making sure that the alloy is still molten by 
reheating all of it with the soldering iron, 
gently slide the component off the board. 
You can use a small, jeweler’s flat-tip 
screwdriver to help with the task. If the 
device is stuck, reheat the alloy and wiggle 


PLEASE READ through this example completely before 
attempting SMD removal on an actual device. When removing 
the device, be careful not to scratch or damage any of the 
surrounding components or pull up any PCB traces. 


- 
| 
| 
| 
| 
| 
THREE PRIMARY FUNCTIONS OF FLUX l 
» Cleans metal surfaces to assist the flow of filler metals (solder) l 
over base metals (device pins). | 

» Assists with heat transfer from heat source (soldering iron) | 
to metal surface (device pins). l 

» Helps in the removal of surface metal oxides (created by 
oxygen in the air when the metal reaches high temperatures). 
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the part back and forth to help the alloy 
flow underneath the pads of the device 
and loosen the connections. 


5. The final step in the desoldering process 
is to clean the circuit board. This step 
is important because it will remove any 
impurities left behind from the Chip Quik 
kit and get you ready for the next step. 
First, use the soldering iron to remove 
any stray alloy left on the device pads or 
anywhere else on the circuit board. Next, 
apply a thin, even layer of flux to all of the 
pads that the device was just soldered 
to. Use the included alcohol swab or a 
flux-remover spray to remove the flux and 
clean the area. 


6. The desoldering process is now com- 
plete. The surface-mount device has been 
removed and the circuit board cleaned. 
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Don't buy a radio; Build one! 
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A Crystal Powered Steampunk Matchbox Radio 


One of my friends recently had a birthday, and I got the idea to make him a simple steampunk themed matchbox 
radio. I'm not a steampunk expert, but I do know that devices should work without electricity. So, what better than 
a crystal radio? 


Crystal radios in their most basic form require no electrical power, and are directly powered by the radio waves 
floating around us. Of course, you can add a little amplification to boost performance, like in my Altoids tin crystal 
radio, but it's not required. 


The heart of the crystal radio is a diode used as a detector, which has the ability to pull in amplitude modulated 
(AM) radio signals. The most popular diode for this purpose is the 1N34 germanium diode. You should be able to 
find 1N34 diodes in a number of online places, or at local hamfests. I picked up a small handful at Dayton last 
year. 


Combine the detector with a LC (inductance / capacitance) circuit and an antenna, and you have a basic tuned radio 
frequency (TRF) radio. I used the same LC circuit used in in my rocket radio circuit (a 0-100 pF variable capacitor 
and about 70 turns of 26 gauge magnet wire on a ferrite core). 


As for the antenna, the bigger the better. Often these radios will be small and provide an alligator clip that attach to 
an antenna or large piece of metal. I received pretty decent reception in my area, pulling in four local AM radio 
stations when clipping the radio to the cold water pipes or heating duct in my house. When clipping the antenna 
lead to my 44' doublet, wow! You can really hear some strong signals. It's hard to believe that there's nothing 
powering the circuit other than radio waves. 
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To hear the signal (without amplification), you will need a so-called crystal earpiece, which is a special type of high 
impedance earphone, which are much more sensitive than regular headphones. 


The schematic for a basic crystal radio looks like this: 


Basic Crystal 
51 Radio Schematic 
1N34 
a 2 
a 


A 


\/ 


a= 


C1 |. 


L 
E 
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Crystal 
Earpiece 


Posted: Feb 25, 2015 
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Making a Crystal Radio - The Little Whippersnapper's 
Parts List 


The Little Whippersnapper's Radio requires the following widely available low-cost parts. | hope that the 
cost of the circuit will be within the range of the little whippersnapper's pocket money. 


Hardware 


e No. 6 Brass Screws %-inch, quantity 16 from eBay 
e No. 6 Brass Cups, quantity 16 from eBay 


e Baseboard must be planed softwood %-inch thick, 4-inch wide and 12-inch long. 


Germanium Diode 


e OA90, Maplin Code: QH71N 


Main Parts 


e 365 pF Tuning Capacitor 
e Ferrite Rod 3/8 inch diameter, 3-inch or longer 


e 36 s.w.g enamelled copper wire / Radio coil wire 


e Connecting copper wire 


Tools 


e Pointed nose pliers 

e Screwdriver 

e Gimlet / Bradawl for the guide holes 
e Wire Cutter or Stripper 

e Sandpaper for cleaning terminals 

e Cutter pliers 

e Dad / Mum / Adult Supervision 
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Fig. 9-22. Visual signal schematic. 
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can feel the entire braille digit without having to hunt around for it. 

This scheme could be used on any equipment that uses an 
external tuning knob with enough shaft so that the knob can be 
reinstalled after the disk is installed behind it. Also, the 
frequency-tuning knob frequency-per-revolution must be some- 
thing that is easily determined. 


A VISUAL SIGNAL FOR THE DEAF 


A friend recently asked me for something which could be used 
in conjunction with an alarm clock in order to awaken his deaf 
nephew in the morning. The circuit which I finally came up with is 
shown in Fig. 9-22. 

Basically, it works as follows: The sound of the alarm is 
picked up by a crystal microphone element, amplified by ULA and 
U1B, and detected by the full-wave rectifier consisting of U1C and 
diodes D1 and D2. The rectified voltage is next applied to a 
comparator (U1D). When the input signal is loud enough and of a 
long enough duration, the rectified voltage on the inverting input of 
U1D exceeds the reference on the noninverting input, causing the 
output of U1D to go to Vee. This turns on transistor Q1, which then 
enables U2, a 555 timer operating as a one-second oscillator. The 
output of the 555 drives a triac, which in turn causes a lamp plugged. 
into the ac socket to flash at a one-second rate. 

For best results, tape the microphone to the alarm clock and 
adjust the comparator threshold so that only the alarm clock sound 
triggers the unit. Transient noises will not enable the circuit due to 
the RC time-constant at the detector output. 

All of the parts are readily available at your local Radio Shack. 
I used an LM324 quad op amp, but any quad, two dual, or four single 
op amps can be used. The pin numbers shown were for my particu- 
lar layout but, of course, any of the op amps can be interchanged. 

This unit performs quite well, and is certainly more of an 
attention-getter than the original timer used. The original timer 
was used to simply turn on a light. The triac used can handle up to 6 
amps, so several lamps can be plugged into the unit. The lamps will 
continue to flash as long as the alarm is sounding. 


VHF NOTCH FILTER 
j Having been reintroduced to VHF by modifying an old FM 
receiver to cover the weather satellite frequencies, I eagerly 
awaited crystals for a two meter FM rig that I had recently pur- 
chased at a hamfest. After plugging the crystals in and erecting a 
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ENERGY CONVERSION SYSTEMS 


This is a continuation of application Ser. No. 09/907,823, 
filed Jul. 19, 2001 now abandoned. 


FIELD OF THE INVENTION 


This invention relates to systems for the conversion of 
energy, inter alia in the form of what we will refer to for 
convenience as Tesla waves (see below), to conventional 
electrical energy. 


BACKGROUND OF THE INVENTION 


Energy converters that are fed by local or environmental 
energy are usually explained by taking recourse to the notion 
that they convert zero point electromagnetic radiation (ZPE) 
to electric energy. The ZPE theories have gained a life of 
their own, as T. Kuhn has pointed out (in his “Black Body 
Theory and the Quantum”), after emerging from Planck’s 
second theory, specifically from the term Y hu in the new 
formula for oscillator energy. In 1913, Einstein and Stern 
suggested that motional frequencies contributing to specific 
heat fell into two categories—those that were independent of 
temperature and those that were not (e.g. rotational energy), 
leading them to conclude that zero-point energy on the order 
of Y. hv was most likely. In the second part of their paper, 
however, they provided a derivation of Planck’s Law with- 
out taking recourse to discontinuity, by assuming that the 
value of the ZPE was simply hv. It is worth noting that 
Einstein had already in 1905 (“Erzeugung und Verwandlung 
des Lichtes betreffenden heuristichen Gesichtspunkt”, Ann. 
d. Phys, 17, 132) framed the problem of discontinuity, even 
if only heuristically, as one of placing limits upon the infinite 
energy of the vacuum state raised by the Rayleigh-Jeans 
dispersion law. According to Einstein, the Rayleigh-Jeans 
law would result in an impossibility, the existence of infinite 
energy in the radiation field, and this was precisely incom- 
patible with Planck’s discovery—which suggested instead 
that at high frequencies the entropy of waves was replaced 
by the entropy of particles. Einstein, therefore, could only 
hope for a stochastic validation of Maxwell’s equations at 
high frequencies “by supposing that electromagnetic theory 
yields correct time-average values of field quantities”, and 
went on to assert that the vibration-energy of high frequency 
resonators 1s exclusively discontinuous (integral multiples 
of hv). 

Since then, ZPE theories have gone on a course indepen- 
dent from Planck’s second theory. The more recent root of 
modern ZPE theories stems from the work of H. Casimir 
who, in 1948, apparently showed the existence of a force 
acting between two uncharged parallel plates. Fundamen- 
tally the Casimir effect is predicated upon the existence of a 
background field of energy permeating even the ‘vacuum’, 
which exerts a radiation pressure, homogeneously and from 
all directions in space, on every body bathed in it. Given two 
bodies or particles in proximity, they shield one another 
from this background radiation spectrum along the axis (i.e. 
the shortest distance) of their coupling, such that the radia- 
tion pressure on the facing surfaces of the two objects would 
be less than the radiation pressure experienced by all other 
surfaces and coming from all other directions in space. 
Under these conditions, the two objects are effectively 
pushed towards one another as if by an attractive force. As 
the distance separating the two objects diminishes, the force 
pushing them together increases until they collapse one onto 
the other. In this sense, the Casimir effect would be the 
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macroscopic analogy of the microscopic van der Waals 
forces of attraction responsible for such dipole-dipole inter- 
actions as hydrogen bonding. However, it is worth noting 
that the van der Waals force is said to tend to establish its 
normal radius, or the optimal distance between dipoles, as 
the distance where the greatest attractive force is exerted, 
beyond which the van der Waals forces of nuclear and 
electronic repulsion overtake the attraction force. 

Subsequently, another Dutch physicist, M. Sparnaay, 
demonstrated that the Casimir force did not arise from 
thermal radiation and, in 1958, went on to attribute this force 
to the differential of radiation pressure between the ZPE 
radiation from the vacuum state surrounding the plates and 
the ZPE radiation present in the space between them. 
Sparnaay’s proposal is that a classical, nonquantal, isotropic 
and ubiquitous electromagnetic zero-point energy exists in 
the vacuum, and even at a temperature of absolute zero. It is 
further assumed that since the ZPE radiation is invariant 
with respect to the Lorentz transformations, it obeys the rule 
that the intensity of its radiation is proportional to the cube 
of the frequency, resulting in an infinite energy density for 
its radiation spectrum. 

What appeared to be the virtue of this reformulated theory 
was the notion that the vacuum no longer figured as pure 
space empty of energy, but rather as a space exposed to 
constantly fluctuating ‘fields of electromagnetic energy’. 

Puthoff has utilized the isomorphism between van der 
Waals and Casimir forces to put forth the zero-point (ZP) 
energy theory of gravity, based on the interpretation that the 
virtual electromagnetic ZP field spectrum predicted by quan- 
tum electrodynamics (QED) is functionally equivalent to an 
actual vacuum state defined as a background of classical or 
Maxwellian electromagnetic radiation of random phases, 
and thus can be treated by stochastic electrodynamics 
(SED). Whereas in QED, the quanta are taken as virtual 
entities and the infinite energy of the vacuum has no physical 
reality, for SED, the ZPE spectrum results from the distor- 
tion of a real physical field and does not require particle 
creation. Gravity then, could be seen as but the macroscopic 
manifestation of the Casimir force. 

We do not dispute the fact that even in space absent matter 
there is radiant energy present which is not of a thermal 
nature. But we claim that this energy is not electromagnetic, 
nor is its energy spectrum infinite. That this is so stems not 
just from our opinion that it is high time that Einstein’ s 
heuristic hypothesis should be taken as literally factual—in 
the dual sense that all electromagnetic energy is photon 
energy and all photons are local productions, but above all 
from the fact that it is apparent, from the experiments of 
Wang and his colleagues (Wang, Li, Kuzmich, A & Dogariu, 
A. “Gain-assisted superluminal light propagation”, Nature 
406; #6793; 277), that the photon stimulus can propagate at 
supraluminal speeds and lies therefore well outside of any 
scope of electromagnetic theory, be this Maxwell’s classical 
approach taken up by ZPE theories, or Einstein’s special 
relativistic phenomenology of Maxwell’s theory. The fact is 
that if the light stimulus can propagate at speeds greater than 
those of light, then what propagates is not light at all, and 
thus not energy configured electromagnetically. Light is 
solely a local production of photons in response to the 
propagation of a stimulus that itself is not electromagnetic. 

It is critical to understand that the implication from this 
that—aside from local electromagnetic radiation and from 
thermal radiation associated with the motions of molecules 
(thermo-mechanical energy), there is at least another form of 
energy radiation which is everywhere present, even in space 
absent matter. Undoubtedly, it is that energy that prevents 
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any attainment of absolute zero, for any possible local 
outpumping of heat is matched by an immediate local 
conversion of some of this energy into a minimum thermal 
radiation required by the manifolds of Space and Time. And 
undoubtedly also this radiation 1s ubiquitous and not subject 
to relativistic transformations (1.e. Lorentz invariant). What 
it is not, is electromagnetic radiation consisting of rando- 
mistic phases of transverse waves. 

To understand this properly, one must summarize the 
differences from existing ZPE theories—and all these dif- 
ferences come down to the fact that this energy which is 
neither electromagnetic nor thermal per se (and 1s certainly 
not merely thermo-mechanical), has nevertheless identifi- 
able characteristics both distributed across subtypes or vari- 
ants and as well common to all of them. 

Essentially the first subtype or variant consists of longi- 
tudinal massfree waves that deploy electric energy. They 
could well be called Tesla waves, since Tesla-type trans- 
formers can indeed be shown experimentally to radiate 
massfree electric energy, in the form of longitudinal mag- 
netic and electric waves having properties not reduceable to 
photon energy or to ‘electromagnetic waves’, and having 
speeds of displacement that can be much greater than the 
limit c for all strictly electromagnetic interactions. 

One may well denote the second subtype by the desig- 
nation of massfree thermal radiation, since it contributes to 
temperature changes—and, as obviously indicated by the 
impossibility of reaching an absolute zero of temperature, 
this contribution occurs independently of the presence of 
matter, or mass-energy, in Space. In other words, not all 
thermal radiation can be reduced to vibration, rotation and 
translation (drift motion) of molecules, i.e. to thermome- 
chanical energy, because the properties of pressure and 
volume that determine temperature and affect matter, appear 
indeed to a great extent to be independent from matter, a fact 
which itself is responsible for the observed catastrophic and 
unexpected phase changes of matter and has required to this 
day the insufficient explanation offered semi-empirically by 
the Van der Waals Force Law. 

Finally the third subtype may be designated latent mass- 
free energy radiation—since it deploys neither charge, nor 
thermal or baroscopic effects, and yet it is responsible for 
“true latent heat’ or for the ‘intrinsic potential energy’ of a 
molecule. It is also responsible for the kinetoregenerative 
phenomenon whereby an electroscope performs a variable 
charge-mediated work against the local gravitational field. 

The common characteristic of all three subtypes of mass- 
free energy radiation is that they share the same nonclassical 
fine structure, written as follows for any energy unit, where 
c is any speed of light wave function, and the wavelength A 
and wave function W are interconnected as a function of the 
physical quality of the energy field under consideration: 


E=)\cw 


In the instance of longitudinal electric radiation, this takes 
on the directly quantizable form: 


E= OW, =p WW) W=J =q, 


where W,, is the voltage-equivalent wave function corre- 
sponding to V, P, constitutes the linear momentum corre- 
sponding to the conventional q or e, h is the Planck constant, 
A, the Duane-Hunt constant expressed as a wavelength, A, is 
a wavelength constant; and the sign={=signifies exact equal- 
ity between an expression in the conventional dimensions of 
length, mass and time, and an expression in length and time 
dimensions alone. 
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In the instance of massfree thermal radiation (contributing 
to temperature changes), the transformation obeys Boltz- 
mann’s rule (k is now Boltzmann’s constant and T is 
Kelvin-scale temperature): 


E= c Wn An Arep) Da) =S =kT 


and in the third instance—of latent massfree radiation, the 
transformation obeys the rule: 


E=hy Wnai An A, O An Cna 


where € and f are frequency functions, f being a specific 
gravitational frequency term, and f,, being defined as equal 
to (A,,,) > meter” ”sec”*. E, , has the value of c/A, ,. 

If the electric variant of massfree radiation has a direct 
quantum equivalence, via the Duane-Hunt Law, none of the 
three primary aether energy variants possess either the 
classic form of electromagnetic energy which requires 
square superimposition of speed of light wave functions c, 
as c*, or the quantum form of energy, requiring E=hv. The 
critical first step 1n the right direction may well be attributed 
to Dr. W. Reich, as it regards the fact that massfree energy 
couples two unequal wave functions, only one of which is 
electromagnetic and abides by the limit c. We then unrav- 
elled the threefold structure described above, and further 
showed that, in the case of longitudinal electric waves, the 
postulated equivalence (q=A,c) is merely phenomenologi- 
cal, as these waves are not restricted by the function c in 
their conveying of electric charge across space. It can further 
be demonstrated that all blackbody photons are bound by an 
upper frequency limit (64*10'* Hz), above which only 
ionizing photons are produced, and that all blackbody pho- 
tons arise precisely from the interaction of massfree electric 
radiation with molecules of matter (including light leptons), 
whereby the energy of that radiation is locally converted into 
photon or electromagnetic radiation. In other words, all 
nonionizing electromagnetic energy appears to be secondary 
energy that results locally from the interaction of matter with 
massfree electric energy. It cannot therefore consist of the 
primary energy that is present in the vacuum, an energy that 
is neither virtual nor electromagnetic, but actual and con- 
crete in its electric, thermal and antigravitic manifestations. 
Lastly, gravitational energy, being either the potential or the 
kinetic energy responsible for the force of attraction between 
units of matter, is a manifestation that also requires, much as 
electromagnetic radiation does, coupling of massfree energy 
to matter or to mass-energy. 

The Tesla coil is a generator of a massfree electric energy 
flux that it transmits both by conduction through the atmo- 
sphere and by conduction through the ground. Tesla thought 
it did just that, but it has been since regarded instead 
(because of Maxwell, Hertz and Marconi) as a transmitter of 
electromagnetic energy. The transmitter operates by a con- 
sumption of massbound electric power in the primary, and 
by induction it generates in the coupled secondary two 
electric fluxes, one massbound in the coil conductor, and the 
other massfree in the body of the solenoid. Tesla also 
proposed and demonstrated a receiver for the massfree 
energy flux in the form of a second Tesla coil resonant with 
the first. The receiver coil must be identical and tuned to the 
transmitter coil; the capacitance of the antenna plate must 
match that of the transmitter plate; both transmitter and 
receiver coils must be grounded; and the receiver coil input 
and output must be unipolar, as if the coil were wired in 
series. 

The generators of massfree energy with which we are 
concerned provide current pulses associated with a damped 


US 7,053,576 B2 


5 


wave (DW) oscillation of much higher frequency than the 
pulse repetition frequency. A particular problem in recover- 
ing the massfree energy content of such pulses is provided 
by the damped wave oscillations. Although in our U.S. Pat. 
No. 5,416,391 we describe arrangements incorporating split 
phase motors to recover such energy, their efficiency is a 
great deal less than what should theoretically be attainable. 
Other workers such as Tesla and Reich, have encountered 
the same problem to an even greater degree. 

In XIXth century motor engineering terminology, dyna- 
mos capable of producing direct current by continuous 
homopolar induction were known as ‘unipolar’ generators. 
The term unipolar induction appears to have originated with 
W. Weber, to designate homopolar machines where the 
conductor moves continuously to cut the magnetic lines of 
one kind of magnetic pole only, and thus require sliding 
contacts to collect the generated current. Faraday’s rotating 
copper disc apparatus was, in this sense, a homopolar 
generator when the disc was driven manually, or a homopo- 
lar motor when the current was provided to it. Where the 
rotating conductor continuously cuts the magnetic field of 
alternatingly opposite magnetic poles, the operation of a 
machine, whether a generator or a motor, is said to be 
heteropolar. Unipolar machines went on to have a life of 
their own in the form of low voltage and high current DC 
generators—from Faraday, through Plucker, Varley, 
Siemens, Ferraris, Hummel, to Lord Kelvin, Pancinoti, Tesla 
and others—almost exclusively in the form of disc dynamos, 
but some having Wound rotors. In Mordey’s alternator, and 
in so-called ‘inductor alternators’, however, homopolar gen- 
erators were employed to obtain alternating currents, with 
the use of rotors wound back and forth across the field. Use 
of smooth, unwound rotors in AC induction motors (as 
opposed to AC synchronous motors, such as hysteresis 
motors) was a later development than homopolar dynamos. 
By 1888, Tesla and Ferraris amongst still others, had inde- 
pendently produced rotating magnetic fields in a motor, by 
employing two separate alternate currents with the same 
frequency but different phase. Single phase alternate current 
motors were developed later, and split-phase motors were 
developed last. Ferraris (Ferraris, G (1888) “Rotazioni 
elettrodynamiche”, Turin Acad, March issue.) proposed the 
elementary theory of the 2-phase motor, where the current 
induced in the rotor is proportional to the slip (the difference 
between the angular velocity of the magnetic field and that 
of the rotating cylinder), and the power of the motor is 
proportional to both the slip and the velocity of the rotor. 

If an iron rotor is placed within the rotating magnetic field 
of a 2-phase stator, it will be set in rotation, but not 
synchronously, given that it is always attracted to the mov- 
ing magnetic poles with a lag. But if an aluminum or copper 
rotor is used instead, it becomes ‘dragged’ around by the 
rotating stator field because of the eddy currents induced in 
it. If the aluminum or copper rotor were to rotate synchro- 
nously with the stator magnetic field, there would be no 
induced eddy currents and thus no motor action would 
result. The motor action depends, in this instance, upon the 
presence of asynchronous slip, since the function of the 
latter is to sustain the induction of those currents in the rotor 
that are responsible for the motor action of the dragged rotor. 
This then is the origin of the term ‘AC drag motors’. Once 
the drag rotor evolved from a cylinder to a hollow cup, they 
earned the epithet of *drag-cup motors’. Later, already in the 
XXth century, the cups were fitted over a central stator 
member, and the sleeve rotor 2 phase servomotor was born. 

Tesla knew that impulse currents as well as CW sinusoidal 
currents could be used to drive AC motors. Regarding his 
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invention of an hysteresis motor (‘magnetic lag motor’, as 
he called it), he stated: “ . . . pulsatory as well as an 
alternating current might be used to drive thelse] 
motors ...” (Martin, TC (1894) “The inventions, researches 
and writings of Nikola Tesla”, Chapter XII, p. 68). In his 
search for efficient utilization of the high frequency DW 
impulse currents of his induction coils, Tesla began by 
employing an AC disc induction motor as shown in FIG. 17 
of his famous 1892 address (Tesla, N (1892) “Experiments 
with alternate currents of high potential and high fre- 
quency”, in “Nikola Tesla Lectures”, 1956, Beograd, pp. 
L-70—71). This consisted of a copper or aluminum disc 
mounted vertically along the longitudinal axis of an iron 
core on which was wound a single motor coil which was 
series wired to the distal terminal of an induction coil at one 
end, and to a large suspended and insulated metal plate at the 
other. What was new about this was the implementation of 
an AC disc induction motor drive, where the exciting current 
traveled directly through the winding with just a unipolar 
connection to the coil secondary (under certain conditions, 
even the series connection to the plate could be removed, or 
replaced with a direct connection to the experimenter’s 
body): “What I wish to show you is that this motor rotates 
with one single connection between it and the generator” 
(Tesla, N. (1892), op. cit., L-70, Tesla’s emphasis). Indeed, 
he had just made a critical discovery that, unlike in the case 
of massbound charge where current flow requires depolar- 
ization of a bipolar tension, massfree charge engages current 
flow unipolarly as a mere matter of proper phase synchro- 
nization. 

Tesla thought that his motor was particularly adequate to 
respond to windings that had ‘high-self-induction’, such as 
a single coil wound on an iron core. The basis of this 
self-induction is the magnetic reaction of a circuit, or an 
element of a circuit—an inductor—whereby it chokes, dims 
or dampens the amplitude of electric waves and retards their 
phase. 

For the motor to respond to still higher frequencies, one 
needed to wind over the primary motor winding a partial 
overlap secondary, closed through a capacitor, since “it is 
not at all easy to obtain rotation with excessive frequencies, 
as the secondary cuts off almost completely the lines of the 
primary” (Idem, L-71.). 

Tesla stated that “an additional feature of interest about 
this motor” was that one could run it with a single connec- 
tion to the earth ground, although in fact one end of the 
motor primary coil had to remain connected to the large, 
suspended metal plate, placed so as to receive or be bathed 
by “an alternating electrostatic field”, while the other end 
was taken to ground. Thus Tesla had an ordinary induction 
coil that transmitted this “alternating electrostatic field”, an 
untuned Tesla antenna receiving this “field”, and a receiver 
circuit comprising his iron-core wound motor primary, a 
closely coupled, capacitatively closed secondary, and the 
coupled nonferromagnetic disc rotor. Eventually, in his 
power transmission system, he would replace this transmit- 
ter with a Tesla coil, and place an identical receiving coil at 
the receiving end, to tune both systems and bring them into 
resonance. But his motor remained undeveloped, and so did 
the entire receiver system. 

Tesla returned to this subject a year later: “on a former 
occasion I have described a simple form of motor compris- 
ing a single exciting coil, an iron core and disc” (Tesla, N 
(1893) “On light and other high frequency phenomena’, in 
“Nikola Tesla Lectures”, 1956, Beograd, pp. L-130, and 
L-131 with respect to FIG. 16-II). He describes how he 
developed a variety of ways to operate such AC motors 
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unipolarly from an induction transformer, and as well other 
arrangements for “operating a certain class of alternating 
motors founded on the action of currents of differing phase”. 
Here, the connection to the induction transformer is altered 
so that the motor primary is driven from the coarse second- 
ary of a transformer, whose finer primary is coupled, at one 
end, directly and with a single wire to the Tesla secondary, 
and at the other left unconnected. On this occasion, Tesla 
mentions that such a motor has been called a ‘magnetic lag 
motor’, but that this expression (which, incidentally, he had 
himself applied to his own invention of magnetic hysteresis 
motors) 1s objected to by “those who attribute the rotation of 
the disc to eddy currents when the core is finally subdivided” 
(Tesla,N (1893), op. cit., p. L-130). 

In none of the other motor solutions, 2-phase or split- 
phase, that he suggests as unipolar couplings to the second- 
ary of an induction coil, does the nonferromagnetic disc 
rotor motor again figure. But he returns to it a page later, and 
indirectly so, by first addressing the disadvantages of ferro- 
magnetic rotors: “Very high frequencies are of course not 
practicable with motors on account of the necessity of 
employing iron cores. But one may use sudden discharges of 
low frequency and thus obtain certain advantages of high- 
frequency currents-without rendering the iron core entirely 
incapable of following the changes and without entailing a 
very great expenditure of energy in the core. I have found it 
quite practicable to operate, with such low frequency dis- 
ruptive discharges of condensers, alternating-current 
motors.” 


In other words—whereas his experiments with constant 
wave (CW) alternating currents, and as well with high- 
voltage DW impulses from induction coils, indicated the 
existence of an upper frequency limit to iron core motor 
performance, one might employ instead high-current, DW 
impulses—of high DW frequencies but low impulse rates 
to move these motors quite efficiently. Then he adds “A 
certain class of [AC] motors which I advanced a few years 
ago, that contain closed secondary circuits, will rotate quite 
vigorously when the discharges are directed through the 
exciting coils [emphasis added]. One reason that such a 
motor operates so well with these discharges is that the 
difference of phase between the primary and secondary 
currents is 90 degrees, which is generally not the case with 
harmonically rising and falling currents of low frequency. It 
might not be without interest to show an experiment with a 
simple motor of this kind, inasmuch as it is commonly 
thought that disruptive discharges are unsuitable for such 
purposes.” 


What he proposes next forms the basis of modern resi- 
dential and industrial AC electric power meters, the AC 
copper disc motor whose rotor turns on the window of these 
meters, propelled forward by the supply frequency. But 
instead of employing any such CW input, Tesla uses the 
disruptive discharges of condensers, incipiently operating as 
current rectifiers. With the proper conditions, e.g. correct 
voltage from the generator, adequate current from the 
capacitor, optimum capacitance for the firing rate, and tuned 
spark-gap, to mention a few, Tesla found that the nonferro- 
magnetic disc rotor turned but with considerable effort. But 
this hardly compared to the results obtained with a high- 
frequency CW alternator, which could drive the disc “with 
a much smaller effort”. In summary then, Tesla went as far 
as being the first to devise a motor driven by Tesla waves, 
that employed a nonferromagnetic rotor, and whose arrange- 
ment encompassed both transmitter and receiver circuits. 
For this purpose, he employed a single phase method in 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


8 


which the signal is fed unipolarly to the winding, placed in 
series with a plate capacitance. 

Tesla also later proposed driving a similar single-phase 
nonferromagnetic disc motor from bipolar capacitative dis- 
charges through an atmospheric spark-gap now placed in 
parallel with the main motor winding, and again simulating 
a split-phase by a closely wound secondary that was closed 
by a capacitance. 

As Tesla admits, the results of all his AC eddy current 
motor solutions were meagre and limited by current and 
frequency problems. Likewise, the two phase arrangements 
proposed by Reich for his OR motor, involving a superim- 
position of the damped waves of a first phase on a fixed 
continuous wave second phase, require an external power 
source and a pulse amplifier circuit, and failed to meet 
Reich’s own desiderata. 

We have previously proposed the use of squirrel cage 
motors with capacitative splitting of phase to convert the 
damped wave (DW) output of plasma pulsers, but once a 
squirrel cage (SC) is introduced, the dampening effect which 
the nonferromagnetic copper cage exerts in being dragged 
by the revolving stator field is counteracted by the ferro- 
magnetic cylinder of laminated iron, in which the copper 
cage is embedded, working to diminish the slip and bring the 
rotor to near synchronism. This is, in all likelihood, what 
limits SC motors to responding to the DC component of the 
DW impulse, and thus be limited to respond to fluxes of 
massbound charges. Historically, as we shall see, the obvi- 
ous advantage of the SC servomotors lay in the fact that, in 
particular for 2-phase applications, they were far more 
efficient at performing work without evolution of heat. 
Indeed, if the eddy currents in the nonferromagnetic rotor 
are permitted to circulate in nonordered form, the rotor 
material and stator will heat up rapidly and consume much 
power in that heating. This is in fact considered to be a 
weakness of AC nonferromagnetic-rotor induction motors. 


SUMMARY OF THE INVENTION 


The present invention is concerned with conversion to 
conventional electrical energy of the variants of massfree 
energy radiation considered above, referred to for conve- 
nience as Tesla waves, massfree thermal radiation and latent 
massfree radiation. The first variant of such radiation was 
recognized, generated and at least partially disclosed by 
Tesla about a hundred years ago, although his work has been 
widely misinterpreted and also confused with his work on 
the transmission of radio or electromagnetic waves. The 
Tesla coil is a convenient generator of such radiation, and is 
used as such in many of the embodiments of our invention 
described below, but it should be clearly understood that our 
invention in its broadest sense 1s not restricted to the use of 
such a coil as a source of massfree radiation and any natural 
or artificial source may be utilized. For example, the sun is 
a natural source of such radiation, although interaction with 
the atmosphere means that it is largely unavailable at the 
earth’s surface, limiting applications to locations outside of 
the earth’s atmosphere. 

According to the invention, a device for the conversion of 
massfree radiation (as herein defined) into electrical or 
mechanical energy comprises a transmitter of massfree 
electrical radiation having a damped wave component, a 
receiver of such radiation tuned to resonance with the 
damped wave frequency of the transmitter, a co-resonant 
output circuit coupled into and extracting electrical or 
kinetic energy from the receiver, and at least one of structure 
defining a transmission cavity between the transmitter and 
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the receiver, a full-wave rectifier in the co-resonant output 
circuit, and an oscillatory pulsed plasma discharge device 
incorporated in the co-resonant output circuit. The output 
circuit preferably comprises a full wave rectifier presenting 
a capacitance to the receiver, or an electric motor, preferably 
a split phase motor, presenting inductance to the receiver. 
The transmitter and receiver each preferably comprise a 
Tesla coil and/or an autogenous pulsed abnormal glow 
discharge device. The transmission cavity is preferably at 
least partially evacuated, and comprises spaced plates con- 
nected respectively to the distal poles of the secondaries of 
Tesla coils incorporated in the transmitter and receiver 
respectively, the plates being parallel or concentric. The 
structure defining the cavity may be immersed in ion- 
containing water. The split-phase motor is preferably an 
inertially damped AC drag motor. 

The invention, and experiments demonstrating its basis, 
are described further below with reference to the accompa- 
nying drawings. 


SHORT DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a schematic view of a Tesla coil connected to a 
full-wave rectifier to form an energy conversion device; 

FIG. 2 is a schematic view of a Tesla coil connected to a 
gold leaf electrometer; 

FIGS. 3-6 show alternative electrometer configurations; 

FIGS. 7-11 show modifications of the circuit of FIG. 1; 

FIG. 12 shows apparatus for investigating aspects of the 
experimental results obtained with the foregoing devices; 

FIG. 13 is a graph illustrating results obtained from the 
apparatus of FIG. 12; 

FIGS. 14-17 show schematic diagrams of embodiments 
of energy conversion devices; 

FIG. 18 is a diagrammatic cross section of an inertially 
damped drag cup motor; and 

FIG. 19 is a schematic diagram of a further embodiment 
of energy conversion device incorporating such a motor. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENTS 


Based upon observations of weight loss in metallic matter 
as induced by exposure to high frequency alternating electric 
fields, we developed an experimental method to optimize 
this weight loss, and from this a device that treats the forces 
causing weight loss as manifestations of intrinsic potential 
energy AU (or true “latent heat”) of the molecules of matter, 
and converts both “true latent heat” energy present in the 
neighbourhood of a receiver, and “sensible” heat induced 
within that receiver, into electric energy that can be 
employed to drive a motor, flywheel or charge battery 
supplies. 

It is commonly believed that the output of the Tesla coil 
is ionizing electromagnetic radiation. We have demonstrated 
that it is not; 1.e. that it is neither electromagnetic radiation, 
nor ionizing electromagnetic radiation. The output of an air 
cored, sequentially-wound secondary, consists exclusively 
of electric energy: upon contact with the coil, a massbound 
AC current can be extracted at the resonant frequency, whilst 
across a non-sparking gap, massfree AC-like electric wave 
radiation having the characteristics of longitudinal waves, 
can be intercepted anywhere in adjacent space. Accordingly, 
the radiation output from such coils is distinct from elec- 
tromagnetic radiation. 

The basic demonstration that the output of a Tesla coil 
does not consist of ionizing radiation is that it does not 
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accelerate the spontaneous discharge rate of electroscopes, 
whether positively or negatively charged. In fact, in its 
immediate periphery, the coil only accelerates the sponta- 
neous discharge rate of the negatively charged electroscope 
(i.e. the charge leakage rate), whereas it arrests the discharge 
of the positively charged electroscope (i.e. the charge seep- 
age rate falls to zero). But this dual effect is not due to any 
emission of positive ions from the secondary, even if it can 
positively charge a discharged electroscope brought to its 
proximity. This charging effect is in fact an artifact, in that 
metals but not dielectrics are ready to lose their conduction 
and outer valence band electrons when exposed to the 
massfree electric radiation of the coil. This is simply dem- 
onstrated by the apparatus of FIG. 1, in which the distal 
terminal of the secondary winding 6 of a Tesla coil having 
a primary winding 4 driven by a vibrator 2 is connected to 
the input of a full-wave voltage wave divider formed by 
diodes 8 & 10 and reservoir capacitors 12 & 14 (the same 
reference numerals are used for similar parts in subsequent 
Figures). If the rectifiers employed are nondoped, the coil 
appears to only charge the divider at the positive capacitance 
10, but if doped rectifiers are employed, the coil will be 
observed to charge both capacitances equally. Whereas 
positive ionizers can charge either doped or undoped divid- 
ers positively, no positive ionizer can charge a doped divider 
negatively, clearly demonstrating that the Tesla coil does not 
emit positive ions. 

The basic demonstration that the output of a Tesla coil is 
not nonionizing electromagnetic radiation of high frequency, 
such as optical radiation, or of lower frequency, such as 
thermal photons, is also a simple one. Placement of a 
sensitive wide spectrum photoelectric cell (capable of 
detecting radiation to the limits of vacuum UV), wired in the 
traditional closed circuit manner from a battery supply, at 
any distance short of sparking from the distal terminal of the 
coil will show in the dark that the light output from the coil 
is negligible. This rules out optical radiation at high fre- 
quency. The demonstration that the sensible heat output 
from the Tesla coil is also negligible will be addressed 
below. 

Our theory proposed the existence of physical processes 
whereby massfree electric radiation can be converted into 
electromagnetic radiation. Such a process is at work when- 
ever massfree electric wave radiation interacts with elec- 
trons, such as those that remain in the valence bands of 
atoms. This massfree electric energy interacts with charge 
carriers, such as electrons, to confer on them an electroki- 
netic energy which they shed in the form of light whenever 
that electrokinetic energy is dissociated from those carriers 
(e.g. by deceleration, collision or friction processes). Such a 
process is at work to a negligible extent in the coil itself and 
its usual terminal capacitance, hence the faint glow that can 
be seen to issue from it, but it can also be greatly amplified 
in the form of a corona discharge by connecting a large area 
plate to the output of the secondary, as Tesla himself did in 
his own experiments, and thus by increasing the capacitance 
of the coil system. Now, what is interesting in this process 
is that, in the absence of virtually any IFR losses at the plate, 
and if the plate thus introduced is bent at the edges so that 
it has no pointed edges, or if it is in the form of a bowl, or 
in any other manner that precludes sparking at edges and 
specially corners, and thus enhances the corona discharge, 
any electroscope, whether negatively or positively charged, 
now brought close to the plate will show a tendency to arrest 
its spontaneous discharge rate. One might say that this is 
simply the result obtained in a Faraday cage that disperses 
charge on its outside and insulates electrically its interior, 
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and indeed if an electroscope is placed inside a Faraday cage 
no amount of Tesla radiation on the outside of that cage, save 
direct sparking, adversely affects the leakage or seepage rate 
of the electroscope. In fact, since the effect of such a cage 
can be shown to be that of, by itself, inducing arrest of either 
spontaneous electroscopic discharge, this effect simply 
remains or is magnified when the cage is bathed by Tesla 
radiation. However, a cage constitutes an electrically 1so- 
lated environment, whereas a plate with or without curved or 
bent edges does not. Furthermore, the change observed in 
the properties of the output radiation from a Tesla coil when 
certain metal plates or surfaces are directly connected to the 
distal terminal of the secondary, takes place whilst the 
capacitance of the coil is increased by the connected plate, 
and thus the plate is an electrically active element of the 
circuit—and hence the opposite of an electrically isolated 
element. 


For a long time we believed that the anomalous cathode 
reaction forces observed in autoelectronic discharges (atmo- 
spheric sparks, autogenous PAGD (pulsed abnormal glow 
discharge) and vacuum arc discharges) were exclusive to an 
autoelectronic emission mechanism prompted by a direct 
potential between discharging electrodes. Sparking driven 
by AC potentials could sustain the same forces, but their 
mutual cancellation over time would not deploy a net force. 
In this sense, when a large gold leaf connected directly to the 
ground (via a water pipe or any other suitable connection) or 
to another large area plate suspended at some height above 
the ground, is vertically placed at a sparking distance above 
the surface of another plate connected to the secondary of a 
Tesla coil, one would not expect the AC spark to sustain any 
net force across the gap between the gold leaf and the plate. 
In terms of cathode reaction forces, one would expect their 
cancellation to be simply brought about by the high fre- 
quency of the current alternation in the coil, as both leaf and 
plate would alternate between being the emitting cathode or 
the receiving anode. However, this is not what is observed— 
instead, the gold leaf 16 lifts away from the plate 18 (FIG. 
2). Connecting instead the suspended gold leaf to the coil 
terminal, and the bottom plate to the ground in the same 
manner as described above, also yields the same result. 


Even more curious is the finding that this anomalous 
reaction force deployed by an alternate current of mass- 
bound charges in the arc, remains present when the sparking 
is prevented and instead the corona effect is enhanced (by 
employing a large plate connected to the distal pole of the 
secondary, and by employing a distance at which sparking 
ceases), as if the lift itself were the property of the corona 
underlying the spark channels and not the property per se of 
the autoelectronic emission mechanism. 


By mounting directly the suspended leaf 16 (41 mg of 
hammered 99.9996% pure gold) at the end of a long 
dielectric rod 20 balanced at the center and placed on a light 
stand over an electronic balance 22, we sought to determine 
the observed lift of the leaf as weight lost. Surprisingly, and 
despite the most apparent lifting motion of the leaf, the 
balance registered a substantial weight gain, indicating the 
addition of 1 to 5 mg weight (with the same 14 W input to 
the vibrator stage), independently of whether the leaf was 
connected to the terminal of the coil or instead to the earth 
ground via a water pipe. This suggested to us that, whether 
formed as a DC or AC spark channel, or whether in the form 
of a corona discharge, the electric gap develops an expan- 
sion force (exactly opposite to a Casimir force) on both 
electrodes, independently of their polarity, which force is 
responsible for the observed repulsion. Yet, this expansion 
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goes hand in hand with an increase in their weight such that 
some other process is at work in that electric gap. 

To examine this problem further, we assembled a different 
experiment where the gold leaf 16 was suspended between 
two large metal plates 18, 24 placed 20 cm apart, and the leaf 
was not electrically connected to them or to any other 
circuit, while attached to the dielectric rod employed to 
suspend it over the electronic balance. Given that the leaf is 
suitably and equally spaced from both plates, there is no 
arcing between it and either plate. The obvious expectation 
is that, since the electric field bathing the leaf alternates at 
high frequency (measured in hundreds of kilohertz), and the 
corona from both electrodes should equalize and balance 
any electric wind, no lift should be observed. In fact, no lift 
is apparent, but a most curious observation is made: depend- 
ing upon which orientation is employed for the plates, the 
gold leaf either gains or loses 4—6% of its weight. This gain 
or loss is registered for as long as the coil is on. If the top 
plate is grounded and the bottom one connected to the 
different terminal of the secondary, a gain in weight is 
observed (FIG. 3). If the connections are reversed, an equal 
weight loss is registered (FIG. 4). 

Furthermore, in this last instance, if the grounded plate 24 
is entirely removed (FIG. 5), and only the top plate remains 
connected to the distal terminal of the secondary, the 
observed loss of weight continues to occur such that effec- 
tively this reaction can be obtained with unipolar electric 
fields of high frequency, and provides a unidirectional force 
which, once exerted upon metallic objects bathed by its 
field, can be made to oppose or favour gravity. 

Now, these effects can be greatly magnified, in the order 
of 10-fold, if the same gold leaf is made part of a simple 
series floating electric circuit where the leaf functions as a 
large area plate, and is wired in series with a coil 26 which, 
for best results, should be wound so as to be of a length 
resonant with the secondary of the Tesla-type coil employed; 
and this coil is connected in turn to a point antenna 28 
upwardly oriented (FIG. 6). The entire floating circuit is 
mounted on the rod 20 and this in turn is mounted over the 
sensitive balance. If both plates are kept as in FIGS. 3 & 4, 
the observed weight loss and weight gain respectively vary 
between 30 to 95% of the total weight of the leaf. Again the 
gain or loss of weight is registered for as long as the coil is 
on. 

These anomalous findings suggested that whatever is the 
nature of the energy responsible for the force observed in 
that high frequency alternating current gap, any metallic 
object placed in that gap will experience a force repelling it 
from the electric ground. This force will be maximal if the 
gap frequency is tuned to the elementary or molecular 
structure of the metallic object. If the electric ground is 
placed opposite the actual plane of the earth ground, that 
force will act in the direction of gravity. If, instead, the 
electric ground and the earth ground are made to coincide on 
the same plane, that force will act opposite the direction of 
gravity, 1.e. will repel the metallic object from the ground. 

No such weight alteration was observed with solid dielec- 
trics, for instance with polyethylene and other thermoplastic 
sheets. 

These facts rule out the possibility of a hidden electro- 
static attraction force acting between the plate connected to 
the different terminal of the secondary and the gold leaf. 
First off, such an attraction would be able to lift entirely the 
gold leaf, as is easily observed with the unipole of any 
electrostatic generator operating with a few milliwatts out- 
put with either negative or positive polarity; secondly, the 
same attraction, if it existed and were the product of an 
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electric force, would surely be manifested independently 
from whether the experimental leaf was metallic or a dielec- 
tric (as again is observed with electrostatic generators). 

The results suggest therefore that whenever a large plate 
is connected to a Tesla-type coil, 1t induces in surrounding 
matter that is not part of its own circuit, a directional thrust 
oriented opposite the electric ground and, if the latter 
coincides with the gravitational ground, a thrust oriented 
opposite free fall. 

When this thrust is made to oppose gravity, we believe 
that its effect upon the gold leaf can be compared to the 
lifting power imparted to the water molecule when it transits 
from the liquid to the vapor state and which is associated 
with the increase in internal (or intrinsic) potential ‘thermal’ 
energy AU (See Halliday D & ResnickR (1978) “Physics”, 
Vol. 1, section 22-8, p. 489). The “specific latent heat” of 
water (m*L) contains indeed both an expression for the 
sensible radiant thermal work involving volume and pres- 
sure relations (W=P(V,-V,), where P=1 Atm, and V,, and 
V,, respectively, are the molar volumes in the vapor and 
liquid phases), and an expression for a quantity of “latent” 
energy (AU) which is associated with the molecule in the 
more rarefied state. Hence, the relation for the latter with 
respect to water vapor: 


AU=(mL)-[P(V7- 7) 


We propose that likewise, if a very small portion of the 
energy of the massfree electric waves is indirectly trans- 
formed by massbound charge carriers on that plate into 
blackbody photons (once those charge carriers shed their 
electrokinetic energy), the greater portion of those waves are 
directly transformed in the space adjacent to that plate into 
the latent energy equivalent to AU for the atoms of the 
surrounding air, and so on, until this process itself is also 
occurring for the atoms of that gold leaf, thus inducing their 
nonelectrical weight loss and suggesting the existence of a 
nonthermal “antigravitokinetic” energy term heretofore 
unknown to mankind other than as “latent heat” or “internal 
potential energy”. 

From this viewpoint, the energy released by any Tesla- 
type coil to its surroundings would be tantamount to a 
radiative injection of “internal potential energy” which 
would confer on local gas molecules a weight cancellation 
(a cancellation of gravitational mass occurring in the 
absence of any cancellation of inertial mass—a process 
which the inventors theorize is explained by the neutralisa- 
tion of elementary gravitons), and the same process would 
be equally at work for metallic solids but not dielectric 
solids. 

Gold vapour also deploys a substantial intrinsic potential 
energy. With an enthalpy of vaporization on the order of 
H,=324 kJ mol”*, the molar volumetric work performed by 
gold vapor at atmospheric pressure at the temperature of 
vaporization T, (2,856° C., 1.e. 3129 degrees Kelvin) is: 


W=PAV,-,=23.58 kJ mol! 


where AV ,.;=0.2327 m””. The intrinsic potential energy of 
gold vapor is then given by: 


AU=H,-W=300.4 kJ mol! 


i.e. 12.74 times greater than the volumetric work performed 
during the phase transition. 

It is our contention that this intrinsic potential energy, 
associated with molecules as their “latent heat”, has fine 
structure that in turn is altered if this energy is released from 
these molecules and fails to gain a “sensible” thermal form. 
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What is suggested is that the fine structure of “latent heat” 
is not electromagnetic and obeys instead the molecular 
function: 


AU/N 4= n2 az 


where N, is Avogadro’s number, the wavelength denoted as 
A, , 18 the wavelength-equivalent of the mass of the molecule 
to which the “latent heat” is associated, obtained by a 
conversion method proposed in these inventors’ theory, and 
the frequency term f is a nonelectromagnetic frequency 
term, specifically in this case a gravitational frequency 
function. Employing the conversion of Joules into m° sec”? 
proposed by these inventors as being exactly 1 J=10N m* 
sec”?, and putting the wavelength A,. down as the wave- 
length-equivalent of the mass of the gold atom, A,,, at 
1.9698 m, that frequency term f,,, can be obtained as being 
equal to 2.6*107* sec”*. According to the present inventors’ 
theory, the wavefunction c constitutive of the fine structure 
of “latent heat” associated with molecules of matter, carries 
the same wavelength A,,, and its frequency is given in the 
usual manner by c/A.,,=1.52*10* sec”*. The resultant fre- 
quency for the non-Planckian unit quantum of “latent 
energy” associated with each gold atom at the vaporization 
temperature is then obtained by the geometric mean of the 
two synchronous frequency terms: 


(a dh,2]°°=624 Hz 


However, this is the signature of that intrinsic potential 
energy when associated with that gold atom at its vaporiza- 
tion temperature. It is not the signature of the energy 
quantum itself if 1t is released from that molecule, nor prior 
to being absorbed (i.e. in transit), at that same temperature. 
The fine structure of the same non-Planckian “latent” energy 
quantum varies to encompass different determinations of the 
constituent wavelength and frequency functions. The basic 
relation for the determination of the wavelength of a “latent 
thermal” energy quantum not associated with matter, but 
corresponding to one that is, 1s: 


hn ¡=[AU/N Vic]? $66 meters~°- 733 seconds? 


which gives 0.046478 m for the unbound equivalent of the 
“latent heat” unit quantum of vaporization associated with 
the gold atom at one atmosphere. The fine structure of the 
free quantum is still parallel, as given by: 


AUN ha G nl 


but now notice how the frequency terms have changed 
value, with the f,, function having the value 4.65 sec”* and 
c/A,,, yielding 6.48*10” sec”*. The geometric mean of the 
superimposition of the two frequencies is then— 


[(eA,10f,119%=173.7 KHz 


We contend that it is at this frequency that the atoms of gold 
vapor absorb “latent heat”. 


However, this is just the overall scenario of what happens 
at the temperature of vaporization of gold. But at room 
temperature (e.g. 293 degrees Kelvin), and with respect to 
processes where there is no sublimation of the atoms of that 
gold leaf under way (and indeed, once the coil is turned off, 
the leaf returns to its normal weight), one must infer to a 
different phase of matter what portion of “latent heat” 
energy, if any, do the atoms of gold hold in the solid phase 
lattice. Assuming the same proportionality between the 


quarter-wave whip in my operating room, I was encouraged to hear 
the local 19-79 repeater come booming in. Waiting for a pause, I 
pressed the mike switch to call Normal WB4LJM for an air check. 
However, the immediate response was noise from the other side of 
the room. 

The weather satellite receiver squelch was being keyed by 
overload from the two meter rig. It did not take long to determine 
that the two meter signal was entering the weather satellite re- 
ceiver through its antenna, all other leads being shielded and 
filtered. Separating the satellite receiver antenna to reduce coup- 
ling is nearly impossible, so I called on the land line to see if we 
could cook up a filter for the weather satellite receiver. Our first 
thoughts were for a narrow bandpass cavity, but that idea was 
rejected for several reasons. First, I am basically lazy and could 
envision that as a several week project. Second, my operating 
room, the bedroom, has very limited space and my wife does not 
think that a copper pipe is as beautiful as I do. Third and finally, the 
high Q of sucha filter would prevent using the weather satellite 
receiver to monitor police and other services without a coax 
switch. What was needed was a rejection filter tuned to 146.19 
MHz. 

A very effective rejection or notch filter can be formed from a 
wavemeter, i.e., a tuned circuit coupled to the transmission line to 
couple power out of the line at only one frequency. It was decided 
that high enough Q could be obtained by using coaxial lines for the 
resonators. A simple circuit was wired together in a minibox with 
BNC input and output connectors. Then Norman made a swept 
frequency response curve. The tap position was changed, and new 
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“sensible” and “latent” thermal energy terms for atoms of 
gold at room temperature, where the unit thermal energy is 
N, kT=2.436 kJ mol”*, the gold atom could absorb up to 
12.74 times, we speculate, the value of this “sensible” 
thermal energy, and thus hold N; kT=31.053 kJ more energy 
in its own micro-atmosphere. 


If this speculation is correct, and employing the above 
novel methodology, then the mean geometric frequency of 
the maximal “latent heat” energy quantum of a gold atom at 
room temperature would be 538 KHz (versus 174 KHz at the 
vaporization temperature), and once absorbed its mean fre- 
quency mode would abate to 201.5 Hz (versus 630 Hz once 
the atom has vaporized). 


To test this hypothesis we employed two different Tesla- 
type coils having output frequencies of 200 KHz and 394 
KHz. The circuit tested was that shown in FIG. 6, and both 
coils were operated at 50 KV outputs. Whereas the former 
coil, closer to the 174 KHz marker, could only systemati- 
cally produce 10-11 mg of weight cancellation in the gold 
leaf of the floating circuit, the second coil, closer to the 
speculated 538 KHz marker, could produce 15-35 mg of 
weight cancellation in the same gold leaf. The empirical 
results appear therefore to suggest that our speculation may 
well be a valid one. 


The above-mentioned full wave divider (see FIG. 1) can 
be easily coupled to our autogenous pulsed abnormal glow 
discharge technology as described in our U.S. Pat. No. 
5,416,391 to form an alternative source of direct current, 
ultimately powered by Tesla waves, and such a drive can 
equally be applied to any other vacuum device that can 
sustain endogenous oscillatory discharges, whether in the 
PAGD regime or any other pulsatory regime. For the pur- 
poses of experimental and visual determination of power 
outputs from the divider in question, we have utilized either 
2 Torr vacuum tubes operating in the high-current PAGD 
regime, or 20-100 Torr spark tubes requiring high voltages 
(2 to 10 KV) for their spark breakdown. As taught in the 
above U.S. Patent, the output from the full wave voltage 
divider can be assessed by the energy spent in driving the 
tube and the motor, whose rotary speed is proportional, 
within the limits chosen, to the power input. 


Two separate sets of experiments set forth in Table I 
below showed that direct connection of the wave divider to 
the distal terminal of the coil (set constantly at 6 clicks on 
the vibrator stage) (FIG. 1) or to the same terminal but across 
a large (2 or 3 square feet) plate 30 that increased the 
capacitance of the secondary (FIG. 7), presented the same 
power output in either case (the effect of the plate is to lower 
the voltage of the output proportional to the increase in 
current). A substantial increase in power output through the 
divider is observed only when an identically wound Tesla 
coil is connected in reverse (FIG. 8) with the non-common 
end of its winding 4 not connected, in order to obtain a 
condition of resonance, and this observed increase is further 
augmented by now interposing either of the metal plates 18, 
24 between the two chirally connected and identical coils 
(FIG. 9). The increase in plate area appears to have the effect 
of increasing the output for as long as the plate is isolated 
between the two chiral image coils. Throughout these 
experiments the input power to the vibrator was fixed at 14 
W (60 Hz AC). 
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TABLE 1 


Pulse rate Motor rotation 


Status (PPS) (RPM), M + SEM 
Expt A 

Tesla coil (TC) to divider 2.6 582.5 + 3.9 (n = 4) 
TC to inverted TC, to divider 4.4 621 7.6 m = 4) 

TC to 2 ft” plate, to inverted TC, 5 775.25 + 23.6 (n = 4) 
to divider 

Expt B 

Tesla coil (TC) to divider 2.2 613 + 5.6 (n = 12) 
TC to 3 ft? plate, to divider 2.3 605 + 2.6 (n = 12) 
TC to inverted TC, to divider 2:3 722 + 5.7 (n = 12) 
TC to 3 ft” plate, to inverted TC, 4.2 877.6 + 6.5 (n = 12) 
to divider 


In our loss of weight experiments described above, we 
noted that the phenomenon of weight loss by a metallic body 
placed in proximity of the coil output continued to be 
observed when only the plate connected to the distal pole of 
the secondary was retained. The leaf, although not part of the 
circuit of the secondary, could however be seen as part of a 
circuit for the capture of ambient radiant energy, specifically 
that generated by the coil and, as well, that also possibly 
picked up, in the process, from other ambient sources. To 
determine whether the last consideration is a possibility at 
all, or whether the energy picked up by an analogue of our 
metallic body or gold leaf in the experiments described 
above, is entirely a byproduct of the energy transmitted by 
the plate connected to the distal pole of the secondary, we 
next determined what would happen if the pick-up for the 
full wave-divider were placed not at the output from the 
secondary coil, but from an in all respects identical plate (the 
Receiver plate R, as opposed to the Transmitter plate T) 
placed a distance away from, and above, the first one. In 
other words, the gold leaf is replaced by a receiver plate, and 
this carries an attached test circuit identical to the test circuit 
employed to assess directly the coil output. 


As shown in Table 2 below, the results of the experiment 
show that there is no loss of energy picked up at the R plate 
(FIG. 10) when compared to the most favourable situation 
involving the plate 30 (FIG. 9) interposed between the 
chirally connected coils. This observation is however not 
always the case. For best results one should employ iron, 
gold or silver plates placed parallel to the horizon, with the 
T plate underneath the R plate. In fact, if one employs 
instead aluminum plates and suspends these vertically, one 
can consistently register a loss of output at the divider when 
changing the divider input from the T to the R plates. 


If however the plate R is connected in turn to a second 
identical coil, also wired in reverse, and this second coil in 
turn serves as input to the full wave divider (FIG. 11), then 
a most curious occurrence takes place—the power output 
increases considerably (see Table 2), as if the divider circuit 
had undergone an energy injection not present at the source. 
Note that the circuits are in fact resonant, but the energy 
injection contributing nearly 60—66% (for both plate areas in 
the previous experiment) of the input that we refer to, is not 
caused by inductive resonance, since the effect of resonance 
can be ascribed to the set-up described in FIG. 9. The 
distance between the plates, as well as their orientation with 
respect to the local horizon system of the observer also 
appear to matter, best results being achieved at optimal 
distances (e.g. for 2 square feet plates the best gap, at 43% 
RH and room temperature, was at least 6 inches). 
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TABLE 2 

TR Pulse rate Motor rotation 
Status distance (PPS) (RPM), M + SEM 
2 fi? plates 
R plate to inverted TC, 3” 6.7 882 + 17.5 (n = 4) 
to divider 4" 8 906 + 12.1 (n = 4) 

6" 10 936 + 46.1 (n = 9) 
3 ft? plates 
TC to T plate, to 0 2.3 605 + 2.6 (n = 12) 
divider 
R plate to divider 6" 3.3 890.1 + 3.8 (n = 12) 
R plate to inverted TC, 6" 5.1 1009.2 + 4 (n = 12) 
to divider 
R plate to divider 8" 4.0 783.1 + 11.3 (n = 12) 
R plate to inverted TC, 8" 5.1 1005.7 + 6 (n = 12) 


to divider 


We tested the possibility that environmental heat pro- 
duced by operation of the coil might be the source of the 
injected energy, the plate of the second system acting 
possibly as collector for the heat present in the gap. As it 
turned out, experiments showed repeatedly that in the gap 
between the T and R plates there was no significant thermal 
radiation propagating between one and the other. The more 
illustrative experiments are those in which we identified 
where the sensible thermal energy appears, and which 
involved coupling two cavities: the Transmitter-Receiver 
gap between plates T and R, and a Faraday cage enclosure 
34 (see FIG. 12). The first cavity appears to be much like that 
of a capacitor: the two identical parallel plates are sur- 
rounded by a thick dielectric insulator 32, and a thermometer 
T2 is inserted half-way through it. A thermometer T1 is also 
affixed to the T plate, to read its temperature. The second 
cavity is a simple metal cage, also insulated, with a ther- 
mometer T3 inserted 2 cm into its top. 2-4 cm above the top 
of the cage there is placed a fourth thermometer T4, within 
an insulated cylinder. If the TC is a source of thermal energy 
(e.g. IR radiation, microwaves, etc.) we would expect the T 
plate to be the hottest element from which, by radiation, 
thermal energy would reach the middle of the first cavity 
making the next thermometer T2 second hottest, and that the 
third thermometer T3 inside the second cavity, even if it 
might initially be slightly warmer than the other two, would, 
over time, become comparatively cooler than either one of 
the other two thermometers, despite the fact that the rising 
heat would still be seen to warm it up over time. One would 
expect a similar outcome for the fourth thermometer T4, 
above the cage. As shown by FIG. 13, where only the 
temperature differences (AT"—T_*) between the experimen- 
tal thermometers and the control thermometer reading the air 
temperature T° of the laboratory are shown, the surface of 
the T plate warms up by 0.1° C. at 3' after initiation of the 
run (closed squares), whereas in the space of the T/R gap a 
diminutive warming, by 0.05° C., is registered after 10' 
(open circles). Conversely, the temperature inside the cage, 
at the top (shaded circles) rises by 0.1° C. also by the third 
minute, and the temperature above the cage itself (shaded 
squares) rises by a much greater difference of 0.35% C., 
which remains stable after the eighth minute. 

These results show that it is not sensible heat that radiates 
from the T plate. Rather, some other form of radiation 
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traverses these cavities to generate sensible heat at their 
metallic boundaries, such that more heat is generated above 
the R plate (inside the cage) and again above the third plate, 
1.e. above the top of the cage, than is generated in the T/R 
gap, 1.e. proximally to the T plate. This clearly shows that the 
Tesla coil is not a significant source of thermal radiation, and 
that sensible heat can be detected inside and atop the 
Faraday cage only as a further transformation of the radiant 
energy transmitted across the T/R cavity. 


The same experiment also illustrates that, whatever is the 
nature of the additional environmental energy being injected 
at the surface of R plate (as shown by Table 2 results above), 
it is most likely not thermal radiation, at least not energy in 
the form of sensible heat. And whatever is the nature of this 
ambient radiant energy being mobilized by the electric 
radiant energy transmitted from the T plate, it can produce 
significant heat inside an enclosure contiguous with plate R. 


Since we also know experimentally that this observation 
of an ambient energy injection at the R plate or R cage 
depends upon relative humidity, being most easily observ- 
able when the latter is low (<50% RH), and being virtually 
impossible to observe when air is saturated with water vapor, 
we can infer that water vapor is a good absorber of the 
electric massfree radiant energy emitted from the T plate. 
This strongly suggests that this absorption process is tanta- 
mount to increasing the potential intrinsic energy AU of the 
water vapor molecules adjacent to the T plate. In the absence 
of significant quantities of water vapor, when the atmo- 
sphere is dry, one may speculate that this absorption process 
is replaced by what one presumes is a parallel process 
involving the various gaseous molecules of air. However, 
either because the air molecules involve molecular species 
that readily give off this potential energy, as one might 
speculate is the case with molecular oxygen, hydrogen and 
nitrogen, or because the air molecules absorb far less 
“latent” energy (as appears to be the case with inert gases), 
and therefore there is more of it in the molecularly unbound 
state (as we explicitly propose as a possibility) and thus 
available for absorption by the appropriately tuned receiver, 
the increased AU of air molecules conferred by the absorp- 
tion of the massfree electric radiation in the T/R gap is 
transferred to the R conductor together with the latent energy 
which those molecules already possessed before entering 
that gap. Hence the energy injection and its dependency 
upon the partial pressure of water vapor, which absconds 
instead with this “latent” energy and succeeds in withhold- 
ing it from transmission to the R plate. 


If the T/R gap can mobilize ambient energy which is 
neither electromagnetic nor thermal in nature, but which 
“latent” energy becomes injected into the divider circuit in 
electric form, the heat (i.e. sensible thermal energy) pro- 
duced inside and atop the cage can also be mobilized 
electrically as input into the divider circuit. The obvious 
place to look for the emplacement of the cool junction that 
could convert sensible heat into electrokinetic energy of 
massbound charges is at the top of the cage, where it is 
warmest (See top curve of FIG. 13 in shaded squares). This 
is clearly observed from the results shown in Table 3 below, 
where the initial temperature difference between the top of 
the box and the T plate surface was 0.5? C., and the top of 
the box temperature rose by 0.2? C. after 2.5 minutes when 
the divider was connected at the junction, versus 0.35° C. 
when it was not (and the transmitter coil was on). 
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TABLE 3 
TR Pulse Motor rotation 
Status distance rate RPM, 
3 fi? plates inches PPS M + SEM(n = 12) 
TC to T plate, to divider NA 42 877.6 + 6.5 
R plate to inverted TC, to divider 6" 5.1 1009.2 + 4 


Top of naked R plate/cage 6" 5.4 1047.1 + 5.7 
to divider 
Top of insulated R plate/cage 


exposed to sun, to divider 


6" 6.1 1072.4 + 8.7 


For the run performed with the naked R cage, the tempera- 
ture directly above the top of the cage was 24.3° C., at the 
outset, versus the control room temperature of 23.9° C. For 
the run performed with the insulated R cage exposed directly 
to the sun at midday, on a cool and clear August day, the 
temperature directly above the top of the cage was 33° C., 
versus the control air temperature of 18.4° C. The tempera- 
ture of the cool junction at the top of the cage was 31.9° C. 
while the run was performed. 


It is apparent from the data of Table 3 how a second 
injection of energy has occurred in the apparatus. If, within 
the T/R gap, the energy injected appears to be on the order 
of absorption of “latent heat”, at the top of the cage cavity, 
at the cool junction, the injection is one of radiant “sensible” 
heat. Moreover, this secondary energy addition could be 
further enhanced by placing strong insulation around the 
whole apparatus or the cage itself, and further so, by 
exposing the whole apparatus to solar radiation. 


We next turned our attention to the T/R gap cavity with 
the intention of determining whether atmospheric conditions 
or vacua yield the same or different results. We could not, of 
course, test the same large area plates as have been 
employed for the studies undertaken at atmospheric pres- 
sures. For the present purpose we employed instead large 
area electrodes (ca 0.2 ft) made of high grade stainless steel 
or even aluminum. Preliminary results showed that these 
T/R gap tubes, when coupled to the divider circuit, yielded 
faster pulse rates in the secondary circuit when evacuated 
than at atmospheric pressure. The strength of the corona 
discharge also intensified, as it eventually became replaced 
by a normal glow discharge. For purposes of improved 
spatial capture of (1) the electric massfree energy radiated 
from the T electrode and (2) the non-radiant latent thermal 
energy mobilized by it to be collected electrically at the R 
plate, an axial cylindrical T electrode was inserted inside a 
larger concentric cylinder or between two common plates of 
large surface area (e.g. >100 cm’) functioning as the R 
electrode(s), in a dielectric container suitable for evacuation 
(glass, polycarbonate), at a typical distance of at least 3 cm 
between electrodes, and the entire device was tested at 
different pressures. The secondary circuit connected down- 
stream from the full wave divider was as shown in FIG. 14 
(employing an autogenous pulsed abnormal glow discharge, 
or PAGD, converter circuit), with the PAGD reactor 36 set 
at 10 Torr (in light of the high-voltage input, which varied 
between 1500 and 3200V) and gave the results presented in 
Table 4 below. We should remark also that these pulses 
charged the charge pack CP through the coupling capacitors 
38, bridge rectifier 40 and reservoir capacitors 42, and 
blocking diodes 44, as expected from the prior art repre- 
sented by our patents related to PAGD devices. 
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TABLE 4 
T/R tube Pressure Pulse rate 
(Torr) (PPS) 
760 0.376 
0.025 0.513 


The effect of the vacuum in the T/R gap tube seems to be 
dual. By transforming the corona discharge into a normal 
glow discharge, it increases the local production of photons 
(probably associated to the formation and discharge of 
metastable states in the plasma), and at the same time, 
increases the pulse rate in the output circuit and thus, in all 
probability, the energy injected in the T/R gap cavity. But 
this did not yet permit us to confirm whether or not it is 
“latent heat” energy of the plasma molecules which is being 
tapped at the receiver plate, even if it be plausible in 
principle that plasmas may effect more efficient transfer of 
“latent heat” to tuned receivers than atmospheric gases. 


The vacuum dependency of the pulse rate of the PAGD 
reactor employed as example in the secondary circuit down- 
stream from the divider is also rather well marked, with the 
fastest pulse rates being registered at 1 Torr for the sample 
run shown in Table 5 below. 


TABLE 5 


T/R tube Pressure Pulse rate PAGD Reactor Pressure Voltage 


(Torr) (PPS) (Torr) (across divider) 
0.025 0.115 90 4.5 kV 
0.025 0.1553 75 3.5 kV 
0.025 0.183 60 3.3 kV 
0.025 0.291 30 

0.025 0.513 15 1.6 kV 
0.025 0.602 10 1.4 kV 
0.025 2.9 2 0.53 kV 
0.025 4.1 1 0,45 kV 


It is worth noting here that the illustrated polarity of the 
wiring of the PAGD reactor tube, as shown in FIG. 14, is 
best for purposes of sustaining regular autoelectronic emis- 
sion at high voltage. The reverse configuration, with the 
center electrode negative and the plates positive favours 
instead heating of the cathode and a lapse into a normal glow 
discharge. 


We tested a similar arrangement to that shown in FIG. 14 
above, but with a PAGD motor circuit (see our U.S. Pat. No. 
5,416,391). A split phase motor 44 replaces the rectifier and 
charge pack, and the PAGD reactor is operated at the same 
pressure of 15 Torr, as shown in FIG. 15. The T/R gap tube 
tested had a longer plate distance (2"), with one plate now 
functioning as Transmitter and the other as Receiver. Note 
also the different wiring of the PAGD reactor. The results, as 
shown below in Table 6, present pulse per second (PPS) and 
motor revolutions per minute (RPM) curve trends that 
appear to be analogous and parallel to the well-known 
Paschen curves for breakdown voltage in vacuum—such 
that the T/R gap performs better either in the atmospheric 
corona discharge mode, or in the high vacuum normal glow 
discharge (NGD) mode, than in the low breakdown voltage 
range of the curve where the discharge forms a narrow 
channel and takes on the appearance of an “aurora” transi- 
tional region discharge (TRD). 
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TABLE 6 


T/R tube Pressure Pulse rate Motor rotation Discharge 


(Torr) (PPS) (RPM), M + SEM (n = 17) Type 
760 2.8 eE IE IE Corona 
100 2.1 611.5 + 5.1 TRD 

20 2.4 701.9 + 4.6 TRD 

0.006 2.8 748.4 + 9.3 NGD 
0.003 3.0 819.4 + 6.3 NGD 


These results suggest that plasmas with high lateral dis- 
persion, 1.e. formed over large electrode areas (e.g. corona 
and NGD plasmas) and thus devoid of pinch, are more likely 
to mobilize electrically the intrinsic potential energy of the 
molecular charges than pinch plasmas appear to be able to 
do (e.g. TRD plasmas). Apparently also, the greater the 
vacuum drawn from the T/R gap cavity, the more efficient 
does the transfer of this intrinsic potential energy, ie the 
massbound latent heat, to the electrokinetic energy of the 
charges circulating in the receiver circuit become. At about 
6*10-° Torr, this transfer in vacuo is comparable to that 
observed under atmospheric conditions and thus for a much 
greater density of molecules. 

We investigated whether it Is possible to tap the latent 
heat energy of water molecules. It is possible that in the 
vapour phase they can effectively hold onto their latent 
energy—but once closely packed in liquid phase could they 
give off some of it? To test this hypothesis we immersed the 
T/R gap in a glass water tank. The motor employed for these 
tests was a high-speed 2 phase drag-cup motor (see FIG. 18 
and associated description), wired in split-phase with two 
identical phase windings capacitatively balanced, and the 
galvanized iron plates had one foot square areas. The results 
are shown in Table 7 below, and clearly indicate that it is 
possible to tap—within the T/R cavity—the ‘latent heat’ of 
water in the liquid phase. As observed, immersion of the T/R 
cavity in water increased the motor output speed 22% 
(=12,117/9888)* 100). This corresponds to a 50% increase in 
power output, from 18 W at 9888 rpm to 27 W at 12,117 


rpm: 


TABLE 7 
Pulse rate Motor rotation T/R distance 
PPS RPM M + SEM cm 
Direct from TC 0.3 8076 + 89.3 NA 
TC to T plate 0.5 9888 + 78.7 NA 
R plate 2.75 12117 + 29.8 30 
R plate 2.9 12203 + 55.9 60 


Thus the use of ion-containing water or other ion-con- 
taining aqueous liquid in the cavity promotes long distance 
propagation and a greater injection of latent and thermal 
energies in the receiver circuit. Such a result is not achieved 
if the cavity is filled with deionised water. 

The preceding results lead therefore to the design of a 
presently preferred apparatus, based on these findings, for 
the conversion of massfree electric energy, “latent heat” 
energy and “sensible” heat energy into conventional electric 
energy, as shown in FIG. 16, which integrates all the 
separate findings and improvements. The winding 6 of the 
Tesla coil at the bottom is driven in the usual manner 
employing a vibrator stage 2 to pulse the primary coil 4. The 
distal pole of the secondary 6 is then connected to a circular 
metal plate T which is one end of an evacuated cylindrical 
cavity, connected to a vacuum pump or sealed at a desired 
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pressure, or which forms a still containing water or other 
aqueous solution or liquid. This cavity constitutes the trans- 
mitter/receiver gap, and is therefore bounded by a dielectric 
envelope and wall structure 32, with the circular receiver 
plate R as its top surface. In turn this plate R serves as the 
base of a conical Faraday cage 34, preferably air-tight and at 
atmospheric pressure, but which could also be subject to 
evacuation, which conical structure carries at its apex pro- 
visions for a cold junction 45 and any possible enhancement 
of the same junction by surface application of different 
metallic conductors that may optimize the Peltier-Seebeck 
effect. The output from the cold junction where sensible 
thermal energy is added to the electrokinetic energy of 
charge carriers, 1s also the input to the distal end of the 
winding 6 of the chiral coil arrangement that sustains 
resonant capture of all three energy flows ((1) massfree 
electric waves of a longitudinal nature, (2) true “latent heat” 
or the intrinsic (thermal) potential energy, and (3) the 
thermokinetic energy of molecules, (1.e. “sensible” heat) 
and, placed in series with the input of the full wave divider 
8, 10, feeds the circuit output from the series capacitors 12, 
14 grounded at their common tap. In the T/R gap, the 
transmitted electric longitudinal wave energy is captured 
along with any intrinsic potential energy shed by molecules 
caught in the field. Within the R element, expanded into an 
enclosure that guides “sensible” radiant heat, the latter is 
generated and then recaptured at the cold junction. 


The apparatus consisting of the cylindrical T/R gap cavity 
and the contiguous conical cage is then preferably finished 
in gloss white and cylindrically enveloped within a matte 
black container 46 by effective thermal insulation 48, the 
latter terminating at the height of the bottom disc T. Appa- 
ratus (not shown) may be provided to move the plate T 
vertically to adjust the T/R gap. 


Another alternative embodiment of the apparatus is 
shown in FIG. 17. Here the circuit driving the apparatus is 
as we have set forth in our prior patents, which employs an 
autogenous pulsed abnormal glow discharge tube 50 in the 
configuration shown, supplied by a battery pack DP through 
blocking diodes 52 and an RC circuit formed by resistor 54 
and capacitor 56 to drive the primary 2 of a first Tesla coil 
to obtain at the distal pole of the secondary 6 the energy to 
be injected to plate T in the form of a central electrode of a 
coaxial vacuum chamber (sealed or not), of which the 
cylindrical metallic envelope forms the receiver plate R, the 
latter being placed centrally inside the conical cage 34 and 
contiguous with its walls and base. The top and bottom of 
the coaxial chamber carries suitable insulating discs, pref- 
erably with O-ring type fittings. Again, the apparatus is 
enclosed in insulation within a cylindrical container 46, and 
the input into the capture circuit driven from the full wave 
divider is taken from the cold junction 45 at the apex of the 
air-tight cage. The output circuit is similar to that of FIG. 15. 


We have found however that even when the component 
values in the motor driver and motor circuits are carefully 
selected so that these circuits are co-resonant with the 
damped wave (DW) component of the motor driver pulses, 
the motor power output falls well short of that which should 
theoretically be attainable. In an endeavour to meet this 
problem, we replaced the squirrel cage type induction motor 
44 by a drag cup motor of type KS 8624 from Western 
Electric in the expectation that the low inertia non-magnetic 
rotor would allow better response to the DW component. 
This motor is similar to one of the types used by Reich in his 
experiments. Although results were much improved they 
still fell short of expectations. Replacement of this motor by 
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an inertially damped motor of type KS 9303, also from 
Western Electric, provided much better results as discussed 
below. 

Fundamentally, the difficulties we encountered stemmed 
from the inability of motor couplings to respond efficiently 
and smoothly, and at the same time, to the pulse and wave 
components of DW impulses: that is, simultaneously to the 
high-intensity peak current pulses (the front end event), the 
DC-like component, and to the damped wave trains these 
cause, i.e. the pulse tails (or back end event) or AC-like 
component. This difficulty is present even when we just seek 
to run induction motors from the DW impulses of a Tesla 
coil, the very difficulty that led Tesla to abandon his project 
of driving a nonferromagnetic disc rotor mounted on an iron 
core bar stator with damped waves. 

We believe that the key to the capture of the massfree 
energy flux output in electric form by Tesla transmitters, 
including any injected latent or thermal energy that have 
undergone conversion into electrical energy is to employ the 
tuned, unipolar, Y-fed, PAGD-plasma pulser driven split- 
phase motor drive we have invented (U.S. Pat. No. 5,416, 
391) in conjunction with an inertially damped AC servomo- 
tor-generator (see FIG. 18): this has a motor shaft 64 which 
couples a drag-cup motor rotor 60, preferably of aluminum, 
silver, gold or molybdenum, directly to a drag-cup generator 
rotor 62 that drives a permanent magnet (PM) flywheel 66, 
freely rotatable in bearings 67, that provides inertial damp- 
ing. The shaft 64, journalled by bearings 61 in the casing of 
the motor 44, provides a power output through optional 
gearing 68. The phase windings of the motor 44 are wound 
on a stator core 70 having concentric elements between 
which the rotor or cup 60 rotates. This structure makes it 
ideal for the capture of the DW impulses, whether sourced 
in the transmitter, amplified in the T/R cavity or sourced in 
the plasma pulser, all in synchrony. Effectively the motor 
couples the damping action of the drag-cup sleeve motor 
rotor, which action, as we have already found for the 
KS-8624 motors, is quite effective at absorbing the front-end 
DC-like event, with the inertial damping of the PM flywheel 
upon the drag-cup sleeve generator rotor, that in turn is quite 
efficient at absorbing the back-end AC-like wavetrain event. 

The KS-9154 motor used by Reich was not an inertial 
damped AC drag-cup servomotor-generator. Had Reich suc- 
ceeded in overcoming the limitations of his 2-phase OR 
Motor solution, as we have now shown it is possible to 
do—by applying the Function Y circuit to the PAGD split- 
phase motor drive which we invented, his motor would have 
suffered the same limitations which we encountered with the 
KS 8624 motor. 

Any motor, by itself, has an internal or inherent damping 
whereby the acceleration only vanishes when the rotor is 
running at constant speed. For motors that operate on the 
basis of the drag principle, where the asynchronous slip is 
actually constitutive of the motor action, by inducing eddy 
currents in the rotor, the inherent damping is always more 
pronounced than for other induction motors. The damping or 
braking torque is produced when a constant current flows 
through a rotating drag disc or cup. 

Aside from this inherent braking, dampers can also be 
applied to servomotors to further stabilize their rotation. 
They absorb energy, and the power output and torque of the 
motor is thereby reduced. Optimal operation of servomotors 
requires both rapid response on the part of the rotor to 
changes in the variable or control phase, and a stable 
response that is free from oscillation, cogging and over- 
shooting. The rapid response is assured by employing low 
inertia rotors, such as drag-cups or cast alloy squirrel cages, 
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and the overshooting and oscillation are reduced to a mini- 
mum by damping or a retarding torque that increases with 
increasing motor speed. Typically, in a viscous-damped 
servomotor, the damper is a drag-cup generator mounted 
rigidly on the shaft of the motor rotor, and the generator 
drag-cup rotates against the stator field of a static permanent 
magnet field. The generator develops a retarding torque 
directly proportional to speed, and the energy absorbed by 
the damper is proportional to speed squared. The damping 
can be adjusted and, as it increases, the same amount of 
input power yields lower torque and motor speeds. Inertial- 
damped servomotors differ from viscous damped motors in 
that the permanent magnet stator of the drag-cup generator 
is now mounted in its own bearings, either in the motor shaft 
or on a separate aligned shaft, forming a high-inertia fly- 
wheel. This means that, whereas the motor rotor always 
experiences a viscous damping in viscous-damped servo- 
motors, in inertial-damped servomotors the drag cup motor 
rotor only experiences a viscous damping while accelerating 
the flywheel, with the damping torque always opposing any 
change in rotor speed. Once the flywheel rotates synchro- 
nously with the rotor, all damping ceases. Note that this 
viscous damping is carried out via the coupling of the 
drag-cup generator rotor, rigidly affixed to the motor rotor, 
to the PM flywheel, so that their relative motion generates 
the viscous torque proportional to the relative velocity. Use 
of drag-cup sleeve rotors in inertially damped servomotors 
was largely supplanted by squirrel cage rotors once the latter 
became produced as cast alloy rotors. Since inertially 
damped motors can be used in open and closed-loop servo 
applications, and present better stability—even in the pres- 
ence of nonlinearities—and higher velocity characteristics 
than other induction motors do (Diamond, A (1965) “Iner- 
tially damped servo motors, performance analysis”, Electro- 
Technology, 7:28—32.), they have been employed in antenna 
tracking systems, stable inertial-guidance platforms, analog 
to digital converters, tachometers and torque tables. The 
typical operation of an inertially damped servomotor is as 
follows: with the reference phase fully excited, the motor 
rotor—fixedly linked to the generator rotor, as well as the 
flywheel, remain immobile; once power is applied to the 
control phase, the motor rotor immediately responds but the 
flywheel remains at rest. However, as the drag-cup generator 
62 is forced to move through the permanent magnetic field 
of the flywheel, it creates a drag torque that slows down the 
attached motor rotor proportionally to the acceleration that 
it imparts to the flywheel that 1t now sets into motion, thus 
creating the viscous damper. As the flywheel accelerates, the 
relative speed of the motor with respect to the flywheel, as 
well as the damping torque, decrease until both motor and 
flywheel rotate synchronously and no damping torque is 
exercised—at which point the drag on the motor cup exerted 
by the generator cup is negligible. The KS-9303 motor is an 
inertial damped servomotor but is differentiated with respect 
to other inertially damped motors, in that (1) it employs a 
drag-cup sleeve motor rotor made of aluminum, very much 
like that of the KS-8624, but with slightly altered dimen- 
sions and with a shaft extension for the drag-cup copper 
generator rotor, and (2) the moving flywheel structure was 
journalled on a separate, fixed shaft, as already described 
with reference to FIG. 18. Now, in principle, even applica- 
tion of minimal damping decreases motor efficiency, result- 
ing in diminished torque and speed. Whether the inertial- 
damped motor has a drag-cup rotor, a sleeve rotor or a 
squirrel cage rotor, the damping increases the rotor slip. 
Laithwaite considers drag-cup motors as being “dynami- 
cally inferior to their cage counterparts” (Laithwaite, ER 
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(1957) “Induction machines for special purposes”, London, 
England, p. 323.). If we now add a viscous damping and 
retarding torque, we should not be able to get much more 
than a 55% efficiency in the best of conditions. On the other 
hand, the inertial damping arrangement described will only 
abstract or supply energy when the motor rotor 1s acceler- 
ating or decelerating relative to the flywheel. 

These drag-cup motors, whether inertially damped or not, 
develop a constant torque at constant rpm for a given supply 
frequency and a suitable phase shift capacitance. For each 
frequency the motors respond to, there is an optimum 
resonant split-phase capacitance, but other values nearby are 
still suited for operation, and for each value of capacitance, 
there is an optimal frequency the motors respond to. For 
example the KS-8624 motor responds best at 450 Hz when 
a 1 uF capacitance is employed, responds best at 250 Hz 
when a capacitance of 10 uF is employed, and responds best 
at 60 Hz, when a capacitance of 100 uF is employed. As the 
capacitance increases, the resonant CW frequency of the 
motor is displaced to lower values. If we fix the capacitance 
at a value (e.g. 10 uF) suitable for testing the frequency 
response at a fixed voltage of 12 VAC, the observed result 
for both the KS-8624 and KS-9303 motors show a response 
distribution of the motor rotary velocity that has an identical 
peak at 250 Hz for both motors, with the response decreas- 
ing to zero smoothly on both sides of the peak. These results 
indicate that, when wired as a split-phase motor, the motor 
rotary velocity varies not as a function of voltage or current, 
but as a function of frequency when the phase-splitting 
capacitance is fixed within a suitable range, there being an 
optimal frequency mode for each value of suitable capaci- 
tance, with lower values of capacitance favouring higher 
frequency modes. For a given frequency and capacitance, 
the motor rotary velocity remains essentially constant and 
independent from voltage and current input, and thus at a 
plateau. Torque, in the same circuit arrangement, follows 
exactly the same pattern as rotary velocity, as a function of 
input frequency at a fixed potential. Torque is linearly 
proportional to rpm in these motors when they are split- 
phase wired, and rpm linearly proportional to CW fre- 
quency, which makes them ideal for experimentation and 
determination of power output computations. Moreover, 
since these are drag machines, the slip itself determines the 
rotor currents and these are susceptible of tuning such that 
their retardation and relative position in the field can find 
resonant modes for varying CW frequency and capacitance. 

In the circuit of FIG. 17 when using the KS 9303 motor, 
the inertial damping of the flywheel coupling retards the 
motor rotor currents sufficiently to allow them to build up 
torque, with the entire motor assembly serving as the pre- 
ferred sink for all of the energy, massfree and massbound, 
captured by the receiving coil circuit with a drawing action 
established by the motor on the circuit, and providing 
satisfactory absorption by an inertial damper of the com- 
bined, synchronized, damped wave impulses, those occur- 
ring at a low frequency as a result of the firing of the PAGD 
reactor, and those occurring at a higher superimposed fre- 
quency—sourced in the transmitter circuit and picked-up by 
the receiver plate and coil. The action of each DW impulse 
train itself comports two different events, the DC-like auto- 
electronic-like discontinuity that sets the motor into action 
and initiates the rotor currents, and the AC-like damped 
wavetrain that supports the consistency of those rotors. The 
concentration of current required to kickstart the motor is 
provided by the DW impulses of the PAGD reactor, whereas, 
once the motor is in motion, and particularly, once it is 
stabilized by the flywheel, the cumulative action of the 
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higher frequency DW impulses makes itself felt by accel- 
erating the rotor to an optimum rotary velocity. 

For the next series of tests we employed the basic circuit 
diagram of the improved motor shown in FIG. 19. The 
transmission station is the typical Tesla transmitter with a 
line-fed, 60 Hz vibrator stage. At the line input to the first 
stage, we place a calibrated AC wattmeter (Weston Model 
432), and a Beckman 330B rms ammeter in series with the 
hot lead, we set the vibrator stage for 41 clicks, consuming 
between 28.5 and 35 W, as depending upon circumstances 
yet to be narrated. This consumption was confirmed by 
driving the coil from an inverter powered by a 12 volt 
battery. The inverter consumes 2.16 watts, and is 90% 
efficient. The total consumption from the battery was 42 
watts (12V at 3.5 A); once the 2.16 watts is deducted and the 
efficiency taken into account, we obtain the same 36 W 
(vibrator stage at max, 1.e. 47 clicks, in this experiment). The 
T/R gap is adjusted to 3", and 2 square ft plates are 
employed. Transmitter and receiver coils are tuned, and so 
are the plate capacitances, to 250 kHz, also the capacitances 
of the Function Y circuit connected at the output of the 
receiving coil. The rectified voltage and current generated by 
the transmitter secondary and by the transmitter plate was 
ascertained with a coil-tuned wave-divider (Function Y) 
circuit by loading it with different resistive values. The 
results constitute a measure of the massbound electrical 
power output directly from the transmitter apparatus. The 
same method was employed to ascertain the voltage, current 
and power of the massbound charges circulating in the 
receiving plate and coil circuit. The results are shown in 
Table 8 below: 


TABLE 8 


Massbound currents rectified by Function Y at the output of the Tesla 
transmitter, transmitter plate and receiver plate, as a function of the 


bleeding resistance employed in each of the function Y arms 


VDC ADC WDC R/arm 

(kilovolts) (amp) (watts) (Mohm) 
Direct from 20° 42-50 3*10> 1.26-1.5 500 
From 2° (T) plate 26 210 0.52 500 
From 2° (R) plate 15.1 125105 0.189 500 
Direct from 2° 20.4 3.4*104 6.936 50 
From 2° (T) plate 15:2 2.4*10+ 3.648 50 
From 2° (R) plate 9 cd [e 1.08 50 
Direct from 2° 3.3 1.75*10-3 5.775 1 
From 2* (T) plate 3.5 2102 7.0 1 
From 2° (R) plate 2.95 1.6*10* 4.72 1 


The results indicate that the highest massbound power 
assembled by the secondary transmitter circuit does not 
exceed 7 watts—and this is directly output from the sec- 
ondary 26 when the load is 50 Mohm, or from the transmitter 
plate when the load is 1 Mohm. The massbound electric 
power emulated by the receiving circuit (plate, coil and 
Function Y without the plasma pulser circuitry) never 
exceeds the massbound electric power output directly by the 
transmitter, and peaks when the resistive load value (1 
Mohm) approaches the pre-breakdown resistance range of 
the vacuum tube, at 4.72 W. These findings then indicate that 
when the transmitter circuit is consuming a maximum of 35 
W, a typical output from the secondary of the transmitter is 
7 W, and at 3" of distance within the proximal field of the 
latter, the pick-up by a tuned receiver will be on the order of 
5 W of massbound current duplicated within the receiving 
coil. The loss in the first stage is therefore on the order of 
sevenfold. Continuing with the description of the circuit of 
FIG. 19, a 128 cm? plate area, 6 cm gap PAGD reactor is 
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employed, connected as described in our prior art to a 
high-vacuum rotary pump (Correa, P & Correa, A (1995) 
“Energy conversion system”, USPTO U.S. Pat. No. 5,449, 
989.). Pressure readings were obtained with a thermocouple 
gauge during the operational runs. The KS-9303 motors to 
be tested are then connected to the PAGD reactor in the usual 
capacitatively-coupled, inverter fashion described in our 
prior art (Correa, P & Correa, A (1995) “Electromechanical 
transduction of plasma pulses”, USPTO U.S. Pat. No. 5,416, 
391.). Their rpm is detected by a stroboscopic tachometer 
and fed to a Mac Performa 6400 running a motor algorithm 
program calculating the power output. Motor measurements 
were made at five minutes into each run for the unloaded 
motors, and at ten minutes for the inertially damped motors. 
All experiments were carried out in the same work session. 
The experimental determination of the continuous rotary 
power output as a function of the reactor pulse rate con- 
firmed that the improved circuit develops maximum rotary 
capture of the massfree energy in the receiver circuit at the 
lowest rates of pulsation, just as we have previously found 
for the conversion system of U.S. Pat. No. 5,449,989. 
Furthermore, the data showed that even motors of type 
KS-8624 are able to output power mechanically in excess of 
the massbound power output by the transmitter (7 W) or 
captured by the receiver (5 to a max of 7 W), once the PAGD 
rate decreases to 1.5 PPS. Such an anomaly can only be 
explained by the system having become able to begin 
capturing the massfree energy flux in the receiver circuit that 
we know already is output by the transmitter circuit. But this 
excess mechanical power is still, and clearly so, less than the 
power input into the transmitter. It represents a power gain 
with respect to the secondary, but a loss with respect to the 
primary. The full breadth of the capture of the massfree 
electric energy flux circulating in the receiver circuit is not 
seen until the motors are resonantly loaded because they are 
inertially damped. 

The KS-9303 motors, once inertially damped, and thus 
loaded, are able to to recover enough power from the 
massfree energy field to develop a mechanical power, not 
just greatly in excess of the massbound power of the 
secondary, but also greatly in excess of the massbound 
power input to the vibrator stage and the primary, at 28 to 35 
W. Once the pulse rate approaches the same 1.5 PPS marker, 
mechanical power in excess of the massbound electric 
power input to the primary becomes evident, peaking at 
nearly three times that input. In fact, the highest output 
recorded was also obtained with the lowest input to the 
transmitter circuit, the highest exact coefficient observed in 
this experiment being 100.8 W/28 W=3.6. Furthermore, 
with respect to the secondary massbound output, the same 
mechanical rotary output represents a much greater over- 
unity coefficient of performance, on the order of 14.4 times 
greater. This is at least partly the result of the receiver and 
motor capture of the massfree electric energy output by the 
transmitter, and may be partly the result of massfree energy 
engrafted by the PAGD regime in the PAGD reactor. 
Reviewing the mechanical power output results as a function 
of increasing vacuum in the PAGD reactor and at different 
output power levels, any motor performance below the 5-7 
W limit of the traditional massbound output power of the 
secondary represents an output mechanical power loss with 
respect to both the massbound secondary output and the 
massbound primary input. All the results for pressures down 
to 0.03 Torr fall in this category, and thus represent a very 
inefficient coupling to the PAGD regime. Any motor per- 
formance between 7 W and 28-35 W represent a loss with 
respect to the electrical power input to the transmitter 
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system, but a net gain of power with respect to the mass- 
bound secondary power output. None of the non-inertially 
damped motors tested were able to perform outside of this 
area, under the test conditions. With more efficient primary 
to secondary couplings in the transmitter station, however, 
one could advantageously employ these motors alone to 
extract some of the massfree power of the secondary or to 
operate them in enclosed vessels without conventional exter- 
nal electrical connections. To reach satisfactory levels of 
recovery of massfree energy, one must dampen the super- 
imposed DW impulses. Hence, all results showing outputs in 
excess of 35 W were obtained using the inertially damped 
KS-9303 motors, and represent a net overunity power gain 
over both the power input to the primary and the massbound 
power output by the secondary, or the massbound power 
emulated by the receiver circuitry. This happens when the 
PAGD pulse rate falls to 2 PPS, with the rotary power output 
steeply increasing as the rate falls to 1 PPS. 


One of the interesting features of the motor circuitry we 
have proposed is that it can operate with pulsed plasmas in 
both the TRD and the AGD regions, the least efficient 
response occurring in the NGD region near the Paschen 
minimum. One might think that the voltage depression 
would allow increased current intensity supplied to the 
motors, but in fact that is not observed, with the flashing of 
the NGD yielding erratic oscillations and low values of 
current. In keeping with the notion that the TRD plasma is 
mainly composed of lagging positive ions, whereas the 
PAGD plasma is mostly an electron plasma, the observed 
direction of rotation of the motors is opposite in the TRD 
region to that of the AGD region. The NGD region therefore 
marks the depression where the velocity vectors change 
direction. In the second or PAGD region, motor operation is 
very quiet, unlike what is observed in the TRD region. 


Part and parcel of the tuning of the circuit components is 
the selection of the optimum capacitances employed to 
couple the PAGD reactor to the motor circuit and split the 
phase to feed the auxiliary winding of the motor. We have 
experimented with capacitances ranging from 0.5 to 100 uF, 
and found that best results—for the specific circuit in 
question (including the characteristics of the transmis- 
sion)—were such that the optimal value of the PAGD 
coupling capacitance lay near 4 pF, and the phase splitting 
capacitance, near 1 to 4 uF, depending upon weather con- 
ditions—in good weather days lower capacitance values can 
be implemented, and in bad weather days higher capaci- 
tances are needed. For ease of comparison in demonstrating 
the need to tune the circuit by employing optimal capaci- 
tances in those two couplings (reactor to motor, and motor 
phase coupling), we employed the same capacitances in both 
circuit locations. A comparison of tests using 1 and 4 uF 
values shows the difference caused by changing those 
capacitances from their optimal value: across all discharge 
regions of the pressure range that was examined, the four 
motors tested operating with greater motor speeds when the 
capacitances are set to 4 uF rather than to 1 uF. The less 
efficient performance obtained with 1 uF capacitances fits 
the inverse correlation of pulse power with increasing pulse 
frequency, such as we have found for the PAGD regime. 
This is made evident by a comparison of rpm versus pulse 
rate for the two capacitance values being considered. They 
demonstrate the higher pulse rates observed with the lower 
capacitance, that correlate with the slower motor speeds, and 
result in lower efficiency of the motor response. The results 
equally indicate that low capacitance values increase the 
pulse rate, but if this increase is out of tune with the rest of 
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the circuit values, it results in power waste because it 
imposes a rate that is not optimal. 

We have also experimentally determined that the effi- 
ciency of the system is affected by external weather condi- 
tions, higher efficiencies being noted on a fine bright day 
than under poor weather conditions even though the appa- 
ratus is not exposed to such conditions. This may reflect a 
diminution under poor weather conditions of latent massfree 
energy that can be taken up by the system. 

The observed high efficiency of circuits including iner- 
tially damped motors indicates that the phenomenon does 
not reduce to a mere optimal capture of DC-like pulses 
produced by the reactor in what is essentially an AC motor 
circuit. Effectively, the pulsed plasma discharge deploys a 
front-end, DC-like pulse, or discontinuity, but this is fol- 
lowed by an AC-like damped wave of a characteristic 
frequency (having a half-cycle periodicity identical to that of 
the front-end pulse) to which the motor circuit also responds. 
Moreover, the massfree electric radiation from the transmit- 
ter circuit itself induces—in the receiver antenna, coil and 
circuit, and in the reactor discharge itself{—the train of finer 
damped wave impulses responsible, after conversion 
through the wave-divider, for the massbound rectified cur- 
rent that is employed to charge the plasma reactor to begin 
with. Serving as trigger of the plasma discharges in the 
reactor are the DW impulses circulating in the receiver 
circuit, such that the two different lines of DW impulses, in 
the receiver circuit (for example 120 PPS for the pulses and 
154 kHz for the waves) and from the reactor, are synchro- 
nized by interpolated coincidences, since their pulse and 
wave frequencies are different. Ideally, these two superim- 
posed DW frequencies are harmonics or made identical. The 
receiver stage involves capture of the massfree electric 
energy received from the transmitter, duplication of the 
massbound current in the receiver coil, and injection of 
latent and sensible thermal energy in the T/R gap cavity that 
augments the emulated massbound current. The massbound 
current is employed to charge the wave-divider capacitance 
bridge and therefore the reactor. In turn, the plasma pulses 
from the reactor are superimposed with the DW impulses 
from the receiving coil, and together they are coupled to the 
split-phase motor drive. Hence the first receiver stage 
employs the totality of the energy captured in the T/R gap 
cavity-massfree electric energy transmitted by the T plate, 
latent and sensible thermal energy injected at the surface of 
the R plate—and produces in the receiving coil a massbound 
current comparable to that assembled in the transmitter coil 
by the action of the primary. The massbound current is 
stored in the wave-divider bridge and used to drive the 
plasma reactor in the PAGD region. Subsequently, the 
autogenous disruptive discharge that employs a substantial 
electron plasma generates both a concentrated, intense flux 
of massbound charges in the output circuit, and a massfree 
oscillation of its own. The damped motor is therefore fed 
directly with (1) the intense massbound current output from 
the reactor; (2) the pulse and wave components of the 
massfree electric energy captured by the receiver plate and 
coil (and matched by conduction through the earth), and 
which are gated through the wave-divider and the reactor for 
the duration of the PAGD channel; and (3) any massfree 
latent energy taken up from the vacuum by the PAGD event. 
Once the motor is set into motion, and is resonantly loaded 
with an inertial damper, we believe that it will also respond 
to the much weaker DW impulses captured by the receiver, 
since these impulses encompass both a DC-like front end— 
further enhanced by analytic separation through the wave- 
divider—and a damped wave at 154 kHz. Essentially the 
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DW impulses that are ultimately sourced in the 
transmitter -and received unipolarly through the T/R gap— 
have sufficient DC-like potential (plus all the other requisite 
physical characteristics, such as frequency) to contribute 
directly to the motor response, once the motor has gained 
substantial speed (for they lack the current to set it into 
motion, one of the contributions from the plasma pulser). 
This is the case, provided that the motor itself is suited for 
absorption of both DC-like pulses and AC-like damped 
waves, which is precisely the case with motors of the type 
shown in FIG. 18 since the inertia of the flywheel is 
overcome through homopolar absorption of the damped 
oscillations simultaneously in the motor drag-cup rotor and 
in the generator drag-cup rotor. 

We also tested these inertially damped motors in the 
traditional DC power supply-driven PAGD circuit we have 
taught in our previous patents, that is, circuits with an overt 
HV DC power source, and thus in the absence of any 
Function Y circuit or transmitter circuit. Here then, only the 
DW impulses generated by the PAGD reactor can account 
for the motor response. The tube employed (A31) had an 
area of 256 cm”, and a gap distance of 4 cm. Coupling 
capacitances employed were 4 uF for the inverter coupling, 
and 1 uF for the split phase motor coupling. The DC power 
supply delivered up to 1 ampere of current between 150 and 
1,000 VDC, and the ballast resistor was adjusted to 215 
ohms. Having determined the basic physical characteristics 
of the reactor’s behaviour in the circuit under consideration, 
we conducted our experiment in the PAGD region. We chose 
a pressure of 0.6 Torr, just off from the Paschen minimum, 
as we intended to benefit from the lower sustaining voltage 
that it affords. The experiment basically consisted of increas- 
ing the sustaining voltage at this fixed pressure in the PAGD 
regime, and measuring the diverse physical parameters of 
the circuit and motor response in order to ultimately ascer- 
tain the difference between the input electric DC power and 
the output mechanical rotary power. We first looked at how 
the motor rpm response varied as a function of the sustaining 
voltage (V): the results illustrate the importance of starting 
close to the Paschen minimum in the pressure scale, since 
the KS-9303 motors reach plateau response (at 17,000 rpm) 
when the reactor output voltage nears 450V. Any further 
increase in potential is simply wasted. Likewise, the same 
happened when we measured motor speed as a function of 
increasing peak DC current, plateau response being reached 
at 0.1 ADC. Again, any further increase in current is wasted. 
Essentially then, the optimal power input to the reactor when 
the latter’s output is coupled to the motor, lies around 45 
watts. This is a typical expenditure in driving a PAGD 
reactor. As for pulse rate we once again find a motor 
response that is frequency proportional in the low frequency 
range, between 10 and 40 PPS (all pulse rates now refer 
solely to PAGDs per sec), but once rates of >40 PPS are 
reached, the response of the motor also reaches a plateau. 
The observed increment in speed from 40 to 60 PPS trans- 
lates only into an increase of 1,000 RPM, from 16,000 to 
17,000 RPM. So, we can place the optimal PAGD rate at ca 
40 PPS. The DC electric power input to drive the PAGD 
reactor was next compared to the rotary mechanical power 
output by the inertially loaded motor, driven in turn by the 
reactor. This comparison was first carried out with respect to 
the PAGD rates. The motor response far exceeds the con- 
ventional input power, indicating that the whole system can 
be tuned to resonance such that optimal power capture inside 
the reactor takes place, the critical limit rate lying at around 
60 PPS, when the motor response is firmly within the pulse 
response plateau. At this juncture, the break-even efliciency 


US 7,053,576 B2 


31 


for the measured rates of energy flux over time reach 700% 
(overunity coefficient of 7), in keeping with the observations 
and the values we have made in the PAGD conversion 
system. In the proportional part of the curve, before the 
plateau is reached, even greater rates of break-even effi- 
ciency—up to >1,000% were registered. These results con- 
stitute the first time we have been able to confirm the 
presence of output energy in excess of break-even over 
conventional mass-bound energy input in the PAGD inverter 
system, and the results are comparable to what we have 
observed and previously reported for the PAGD converter 
system. At pulse rates greater than 60 PPS a greater input 
power results in decreased efficiency, also translated into a 
noticeable heating of the reactor and motor. And this 1s all 
the more remarkable as experiments we have conducted 
with inductive tuning of PAGD reactors, or employing 
PAGD reactors as replacements for the primaries of Tesla 
coil assemblies, and still, more recently, with the PAGD 
inverter circuit driving motors, have all shown that it is 
possible to operate these reactors with minimal mirroring 
and heating, preserving essentially the cold-cathode condi- 
tions and yet focusing the plasma column so that deposition 
on the insulator is negligible. It appears that above a certain 
threshold of optimal efficiency, surplus input energy is just 
dissipated thermally by both the reactor and the motors. 

It should be understood that the above described embodi- 
ments are merely exemplary of our invention, and are, with 
the exception of the embodiments of FIGS. 16-19 designed 
primarily to verify aspects of the basis of the invention. It 
should also be understood that in each of these embodi- 
ments, the transmitter portion may be omitted if an external 
or natural source of Tesla waves is available, provided that 
the receiver is tuned to the massfree radiation mode of the 
source. For example if solar radiation is available in which 
the massfree component has not interacted with the earth’s 
atmosphere (as in space applications), the receiver is tuned 
to the voltage wave of the massfree radiation sourced in the 
sun, e.g. by using a Tesla coil in the receiver constructed to 
have an appropriate voltage wave close to the 51.1 kV 
characteristic of such radiation. 

We claim: 

1. A device for the conversion of massfree radiation into 
electrical or electrokinetic energy comprising a transmitter 
of massfree electrical radiation having a damped wave 
component, a receiver of such radiation tuned to resonance 
with the damped wave frequency of the transmitter, a 
co-resonant output circuit coupled into and extracting elec- 
trical or electrokinetic energy from the receiver, and at least 
one of a transmission cavity between the transmitter and the 
receiver, a full-wave rectifier in the co-resonant output 
circuit, and an oscillatory pulsed glow discharge device 
incorporated in the co-resonant output circuit. 

2. A device according to claim 1, wherein the output 
circuit comprises a full wave rectifier presenting a capaci- 
tance to the receiver. 
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3. A device according to claim 2, wherein the output 
circuit comprises an electric motor presenting inductance to 
the receiver. 


4. A device according to claim 3, wherein the motor is a 
split phase motor. 


5. A device according to claim 4, wherein the motor is a 
drag motor having a non-magnetic conductive rotor. 


6. A device according to claim 5, wherein the motor has 
inertial damping. 

7. A device according to claim 6, wherein the motor has 
a shaft, a drag cup rotor on the shaft, and inertial damping 
is provided by a further drag cup on the shaft. 


8. A device according to claim 6, wherein the transmitter 
and receiver each comprise at least one of a Tesla coil and 
an autogenous pulsed abnormal glow discharge device. 


9. A device according to claim 8, wherein the transmitter 
and receiver both comprise Tesla coils, and further including 
a transmission cavity which comprises spaced plates con- 
nected respectively to the distal poles of the secondaries of 
Tesla coils incorporated in the transmitter and receiver 
respectively. 


10. A device according to claim 9, wherein the plates are 
parallel. 


11. A device according to claim 9, wherein the plates are 
concentric. 


12. A device according to claim 9, wherein at least the 
receiver comprises a Tesla coil driving a plasma reactor 
operating In PAGD (pulsed abnormal glow discharge) mode. 


13. A device according to claim 12, wherein the trans- 
mitter and receiver both comprise Tesla coils, and further 
Including a transmission cavity which comprises spaced 
plates connected respectively to the distal poles of the 
secondaries of Tesla coils incorporated in the transmitter and 
receiver respectively. 


14. A device according to claim 1, wherein the transmitter 
and receiver each comprise at least one of a Tesla coil and 
an autogenous pulsed abnormal glow discharge device. 


15. A device according to claim 1 wherein a transmitter/ 
receiver cavity is present and filled with an aqueous liquid. 


16. A device for the conversion of massfree radiation into 
electrical or electrokinetic energy comprising a receiver of 
such radiation from a source of massfree electrical radiation 
having a damped wave component, the receiver being tuned 
to resonance with the damped wave frequency of the source, 
a co-resonant output circuit coupled into and extracting 
electrical or electrokinetic energy from the receiver, and at 
least one of a transmission cavity between the source and the 
receiver, a full-wave rectifier in the co-resonant output 
circuit, and an oscillatory pulsed glow discharge device 
incorporated in the co-resonant output circuit. 
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Fig. 9-24. Response of the filter for various tap positions. 


curve was measured. The fancy name for this cut-and-try develop- 
ment method is “an empirical investigation.” 

The actual circuit consists of a shorted one-eight wave co- 
axial line that is capacitively tuned to resonance with a small 
trimmer. The input and output taps are made by cutting the cable 
and splicing it back together, as shown in Fig. 9-23. Figure 9-24 is 
the response curve of the filter for various tap positions. The 
rejection bandwidth, or Q, becomes sharper as the tap is moved 
towards the shorted end of the coax. The final filter has an insertion 
loss of about 1.6 dB at 137.5 MHz and a rejection of almost 23 dB at 
146.19 MHz. The insertion loss might be reduced if rigid coax 
having a solid outer conductor is used. The rejection frequency is 
tunable from 127 MHz to 163 MHz. This filter is easily constructed 
and will probably find more applications as more systems are added 
to my station, 


HOW TO MAKE YOUR OWN CRYSTAL FILTERS 


Everyone knows that good, high-frequency (3-9 MHz) crystal 
filters for use in SSB exciters or accessory CW filters for trans- 
ceivers are expensive. However, if one has a bit of test equipment 
and is short on cash but long on patience, it is possible to home- 
brew very good crystal filters using relatively simple circuitry and 
without the need for complicated coupling networks. 

The crystal filter circuit of Fig. 9-25 has a number of advan- 
tages. First of all, no tuned circuits are involved. The crystals are 
simply paralleled, and from one to six crystals can be used, depend- 
ing upon whether one wants to construct a simple CW filter with a 
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Introduction 


The CRC Concise Encyclopedia of Mathematics is a compendium of mathematical definitions, formulas, 
figures, tabulations, and references. It is written in an informal style intended to make it accessible to a broad 
spectrum of readers with a wide range of mathematical backgrounds and interests. Although mathematics is 
a fascinating subject, it all too frequently is clothed in specialized jargon and dry formal exposition that make 
many interesting and useful mathematical results inaccessible to laypeople. This problem is often further 
compounded by the difficulty in locating concrete and easily understood examples. To give perspective to 
a subject, I find it helpful to learn why it is useful, how it is connected to other areas of mathematics and 
science, and how it is actually implemented. While a picture may be worth a thousand words, explicit 
examples are worth at least a few hundred! This work attempts to provide enough details to give the reader 
a flavor for a subject without getting lost in minutiae. While absolute rigor may suffer somewhat, I hope 
the improvement in usefulness and readability will more than make up for the deficiencies of this approach. 

The format of this work is somewhere between a handbook, a dictionary, and an encyclopedia. It differs 
from existing dictionaries of mathematics in a number of important ways. First, the entire text and all 
the equations and figures are available in searchable electronic form on CD-ROM. Second, the entries are 
extensively cross-linked and cross-referenced, not only to related entries but also to many external sites 
on the Internet. This makes locating information very convenient. It also provides a highly efficient way 
to “navigate” from one related concept to another, a feature that is especially powerful in the electronic 
version. Standard mathematical references, combined with a few popular ones, are also given at the end of 
most entries to facilitate additional reading and exploration. In the interests of offering abundant examples, 
this work also contains a large number of explicit formulas and derivations, providing a ready place to locate 
a particular formula, as well as including the framework for understanding where it comes from. 

The selection of topics in this work is more extensive than in most mathematical dictionaries (e.g., 
Borowski and Borwein’s HarperCollins Dictionary of Mathematics and Jeans and Jeans’ Mathematics Dictto- 
nary). At the same time, the descriptions are more accessible than in “technical” mathematical encyclopedias 
(e.g., Hazewinkel’s Encyclopaedia of Mathematics and lyanaga's Encyclopedic Dictionary of Mathematics). 
While the latter remain models of accuracy and rigor, they are not terribly useful to the undergraduate, 
research scientist, or recreational mathematician. In this work, the most useful, interesting, and entertaining 
(at least to my mind) aspects of topics are discussed in addition to their technical definitions. For example, 
in my entry for pi (7), the definition in terms of the diameter and circumference of a circle is supplemented 
by a great many formulas and series for pi, including some of the amazing discoveries of Ramanujan. These 
formulas are comprehensible to readers with only minimal mathematical background, and are interesting to 
both those with and without formal mathematics training. However, they have not previously been collected 
in a single convenient location. For this reason, I hope that, in addition to serving as a reference source, this 
work has some of the same flavor and appeal of Martin Gardner’s delightful Scientific American columns. 

Everything in this work has been compiled by me alone. I am an astronomer by training, but have picked 
up a fair bit of mathematics along the way. It never ceases to amaze me how mathematical connections 
weave their way through the physical sciences. It frequently transpires that some piece of recently acquired 
knowledge turns out to be just what I need to solve some apparently unrelated problem. I have therefore 
developed the habit of picking up and storing away odd bits of information for future use. This work has 
provided a mechanism for organizing what has turned out to be a fairly large collection of mathematics. I 
have also found it very difficult to find clear yet accessible explanations of technical mathematics unless I 
already have some familiarity with the subject. 1 hope this encyclopedia will provide jumping-off points for 
people who are interested in the subjects listed here but who, like me, are not necessarily experts. 

The encyclopedia has been compiled over the last 11 years or so, beginning in my college years and 
continuing during graduate school. The initial document was written in Microsoft Word® on a Mac Plus® 
computer, and had reached about 200 pages by the time I started graduate school in 1990. When Andrew 
Treverrow made his OZTIFX program available for the Mac, I began the task of converting all my documents 
to TEX, resulting in a vast improvement in readability. While undertaking the Word to TEX conversion, I also 
began cross-referencing entries, anticipating that eventually I would be able to convert the entire document 


to hypertext. This hope was realized beginning in 1995, when the Internet explosion was in full swing and 
I learned of Nikos Drakos’s excellent TEX to HTML converter, I¡AT¿X2HT'ML. After some additional effort, 
I was able to post an HTML version of my encyclopedia to the World Wide Web, currently located at 
www.astro.virginia.edu/~eww6n/math/. 

The selection of topics included in this compendium is not based on any fixed set of criteria, but rather 
reflects my own random walk through mathematics. In truth, there is no good way of selecting topics in such 
a work. The mathematician James Sylvester may have summed up the situation most aptly. According to 
Sylvester (as quoted in the introduction to Ian Stewart’s book From Here to Infinity), “Mathematics is not 
a book confined within a cover and bound between brazen clasps, whose contents it needs only patience to 
ransack; it is not a mine, whose treasures may take long to reduce into possession, but which fill only a limited 
number of veins and lodes; it is not a soil, whose fertility can be exhausted by the yield of successive harvests; 
it is not a continent or an ocean, whose area can be mapped out and its “contour defined; it is as limitless as 
that space which it finds too narrow for its aspiration; its possibilities are as infinite as the worlds which are 
forever crowding in and multiplying upon the astronomer’s gaze; it is as incapable of being restricted within 
assigned boundaries or being reduced to definitions of permanent validity, as the consciousness of life.” 

Several of Sylvester’s points apply particularly to this undertaking. As he points out, mathematics itself 
cannot be confined to the pages of a book. The results of mathematics, however, are shared and passed 
on primarily through the printed (and now electronic) medium. While there is no danger of mathematical 
results being lost through lack of dissemination, many people miss out on fascinating and useful mathematical 
results simply because they are not aware of them. Not only does collecting many results in one place provide 
a single starting point for mathematical exploration, but it should also lessen the aggravation of encountering 
explanations for new concepts which themselves use unfamiliar terminology. In this work, the reader is only 
a cross-reference (or a mouse click) away from the necessary background material. As to Sylvester’s second 
point, the very fact that the quantity of mathematics is so great means that any attempt to catalog it 
with any degree of completeness is doomed to failure. This certainly does not mean that it’s not worth 
trying. Strangely, except for relatively small works usually on particular subjects, there do not appear to 
have been any substantial attempts to collect and display in a place of prominence the treasure trove of 
mathematical results that have been discovered (invented?) over the years (one notable exception being 
Sloane and Plouffe’s Encyclopedia of Integer Sequences). This work, the product of the “gazing” of a single 
astronomer, attempts to fill that omission. | 

Finally, a few words about logistics. Because of the alphabetical listing of entries in the encyclopedia, 
neither table of contents nor index are included. In many cases, a particular entry of interest can be located 
from a cross-reference (indicated in SMALL CAPS TYPEFACE in the text) in a related article. In addition, 
most articles are followed by a “see also” list of related entries for quick navigation. This can be particularly 
useful if yov are looking for a specific entry (say, “Zeno’s Paradoxes”), but have forgotten the exact name. 
By examining the “see also” list at bottom of the entry for “Paradox,” you will likely recognize Zeno’s name 
and thus quickly locate the desired entry. 

The alphabetization of entries contains a few peculiarities which need mentioning. All entries beginning 
with a numeral are ordered by increasing value and appear before the first entry for “A.” In multiple-word 
entries containing a space or dash, the space or dash is treated as a character which precedes “a,” so entries 
appear in the following order: “Sum,” “Sum P...,” “Sum-P...,” and “Summary.” One exception is that 
in a series of entries where a trailing “s” appears in some and not others, the trailing “s” is ignored in the 
alphabetization. Therefore, entries involving Euclid would be alphabetized as follows: “Euclid’s Axioms,” 
“Euclid Number,” “Euclidean Algorithm.” Because of the non-standard nomenclature that ensues from 
naming mathematical results after their discoverers, an important result such as the “Pythagorean Theorem” 
is written variously as “Pythagoras's Theorem,” the “Pythagoras Theorem,” etc. In this encyclopedia, I have 
endeavored to use the most widely accepted form. I have also tried to consistently give entry titles in the 
singular (e.g., “Knot” instead of “Knots”). 

In cases where the same word is applied in different contexts, the context is indicated in parentheses or 
appended to the end. Examples of the first type are “Crossing Number (Graph)” and “Crossing Number 
(Link).” Examples of the second type are “Convergent Sequence” and “Convergent Series.” In the case of 
an entry like “Euler Theorem,” which may describe one of three or four different formulas, I have taken the 
liberty of adding descriptive words (“Euler’s Something Theorem”) to all variations, or kept the standard 


name for the most commonly used variant and added descriptive words for the others. In cases where specific 
examples are derived from a general concept, em dashes (—) are used (for example, “Fourier Series,” “Fourier 
Series—Power Series,” “Fourier Series—Square Wave,” “Fourier Series—Triangle”). The decision to put a 
possessive ’s at the end of a name or to use a lone trailing apostrophe is based on whether the final “s” 
is pronounced. “Gauss's Theorem” is therefore written out, whereas “Archimedes’ Recurrence Formula” is 
not. Finally, given the absence of a definitive stylistic convention, plurals of numerals are written without 
an apostrophe (e.g., 1990s instead of 1990’s). 

In an endeavor of this magnitude, errors and typographical mistakes are inevitable. The blame for these 
lies with me alone. Although the current length makes extensive additions in a printed version problematic, 
I plan to continue updating, correcting, and improving the work. 


Eric Weisstein 


Charlottesville, Virginia 
August 8, 1998 


Acknowledgments 


Although I alone have compiled and typeset this work, many people have contributed indirectly and 
directly to its creation. I have not yet had the good fortune to meet Donald Knuth of Stanford University, 
but he is unquestionably the person most directly responsible for making this work possible. Before his 
mathematical typesetting program TẸX, it would have been impossible for a single individual to compile such 
a work as this. Had Prof. Bateman owned a personal computer equipped with TX, perhaps his shoe box of 
notes would not have had to await the labors of Erdelyi, Magnus, and Oberhettinger to become a three-volume 
work on mathematical functions. Andrew Trevorrow’s shareware implementation of TpX for the Macintosh, 
OZTÉX (www. kagi.com/authors/akt/oztex.html), was also of fundamental importance. Nikos Drakos and 
Ross Moore have provided another building block for this work by developing the IAIFX2HTML program 
(www-dsed.1l1n1.gov/files/programs/unix/latex2html/manual/manual .htm1), which has allowed me to 
easily maintain and update an on-line version of the encyclopedia long before it existed in book form. 

I would like to thank Steven Finch of MathSoft, Inc., for his interesting on-line essays about mathemat- 
ical constants (www.mathsoft.com/asolve/constant/constant.html), and also for his kind permission to 
reproduce excerpts from some of these essays. 1 hope that Steven will someday publish his detailed essays 
in book form. Thanks also to Neil Sloane and Simon Plouffe for compiling and making available the printed 
and on-line (www.research.att.com/-njas/sequences/) versions of the Encyclopedia of Integer Sequences, 
an immensely valuable compilation of useful information which represents a truly mind-boggling investment 
of labor. 

Thanks to Robert Dickau, Simon Plouffe, and Richard Schroeppel for reading portions of the manuscript 
and providing a number of helpful suggestions and additions. Thanks also to algebraic topologist Ryan Bud- 
ney for sharing some of his expertise, to Charles Walkden for his helpful comments about dynamical systems 
theory, and to Lambros Lambrou for his contributions. Thanks to David W. Wilson for a number of helpful 
comments and corrections. Thanks to Dale Rolfsen, compiler James Bailey, and artist Ali Roth for permis- 
sion to reproduce their beautiful knot and link diagrams. Thanks to Gavin Theobald for providing diagrams 
of his masterful polygonal dissections. Thanks to Wolfram Research, not only for creating an indispensable 
mathematical tool in Mathematica®, but also for permission to include figures from the Mathematica® book 
and MathSource repository for the braid, conical spiral, double helix, Enneper’s surfaces, Hadamard matrix, 
helicoid, helix, Henneberg’s minimal surface, hyperbolic polyhedra, Klein bottle, Maeder’s “owl” minimal 
surface, Penrose tiles, polyhedron, and Scherk’s minimal surfaces entries. 

Sincere thanks to Judy Schroeder for her skill and diligence in the monumental task of proofreading 
the entire document for syntax. Thanks also to Bob Stern, my executive editor from CRC Press, for 
his encouragement, and to Mimi Williams of CRC Press for her careful reading of the manuscript for 
typographical and formatting errors. As this encyclopedia’s entry on PROOFREADING MISTAKES shows, the 
number of mistakes that are expected to remain after three independent proofreadings is much lower than 
the original number, but unfortunately still nonzero. Many thanks to the library staff at the University of | 
Virginia, who have provided invaluable assistance in tracking down many an obscure citation. Finally, I 
would like to thank the hundreds of people who took the time to e-mail me comments and suggestions while 
this work was in its formative stages. Your continued comments and feedback are very welcome. 


0 
Numerals 


0 
see ZERO 


1 

The number one (1) is the first POSITIVE INTEGER. It 
is an ODD NUMBER. Although the number 1 used to be 
considered a PRIME NUMBER, it requires special treat- 
ment in so many definitions and applications involving 
primes greater than or equal to 2 that it is usually placed 
into a class of its own. The number 1 is sometimes also 
called “unity,” so the nth roots of 1 are often called the 
nth ROOTS OF UNITY. FRACTIONS having 1 as a NU- 
MERATOR are called UNIT FRACTIONS. If only one root, 
solution, etc., exists to a given problem, the solution is 
called UNIQUE. | 


The GENERATING FUNCTION have all COEFFICIENTS 1 
is given by 
1 
— = ¡E Hrt... 
l-g 
see also 2, 3, EXACTLY ONE, ROOT OF UNITY, UNIQUE, 
UNIT FRACTION, ZERO 


2 

The number two (2) is the second POSITIVE INTEGER 
and the first PRIME NUMBER. It is EVEN, and is the only 
EVEN PRIME (the PRIMES other than 2 are called the 
ODD PRIMES). The number 2 is also equal to its FAc- 
TORIAL since 2! = 2, A quantity taken to the POWER 2 
is said to be SQUARED. The number of times k a given 
BINARY number bn ---b2b1bo is divisible by 2 is given 
by the position of the first bx = 1, counting from the 
right. For example, 12 = 1100 is divisible by 2 twice, 
and 13 = 1101 is divisible by 2 0 times. | 


see also 1, BINARY, 3, SQUARED, ZERO 


2x mod 1 Map 
Let zo be a REAL NUMBER in the CLOSED INTERVAL 
[0,1], and generate a SEQUENCE using the MAP 


En4+1 = 2£n (mod 1). (1) 


Then the number of periodic ORBITS of period p (for p 
PRIME) is given by 


N,= | (2) 


Since a typical ORBIT visits each point with equal prob- 
ability, the NATURAL INVARIANT is given by 


p(x) = 1. (3) 


see also TENT MAP 


References 
Ott, E. Chaos in Dynamical Systems. Cambridge: Cam- 
bridge University Press, pp. 26-31, 1993. 


10 1 


3 

3 is the only INTEGER which is the sum of the preceding 
POSITIVE INTEGERS (1 + 2 = 3) and the only number 
which is the sum of the FACTORIALS of the preceding 
POSITIVE INTEGERS (1! + 2! = 3). It is also the first 
ODD PRIME. A quantity taken to the POWER 3 is said 
to be CUBED. 


see also 1, 2, 32 +1 MAPPING, CUBED, PERIOD THREE 
THEOREM, SUPER-3 NUMBER, TERNARY, THREE- 
COLORABLE, ZERO 


3x + 1 Mapping 
see COLLATZ PROBLEM 


10 

The number 10 (ten) is the basis for the DECIMAL sys- 
tem of notation. In this system, each “decimal place” 
consists of a DIGIT 0-9 arranged such that each DIGIT 
is multiplied by a POWER of 10, decreasing from left to 
right, and with a decimal place indicating the 10° = 1s 
place. For example, the number 1234.56 specifies 


1x10°+2x1074+3x10'+410°+5x1071+6x 1077. 


The decimal places to the left of the decimal point 
are 1, 10, 100, 1000, 10000, 10000, 100000, 10000000, 
100000000, ... (Sloane’s A011557), called one, ten, 
HUNDRED, THOUSAND, ten thousand, hundred thou- 
sand, MILLION, 10 million, 100 million, and so on. The 
names -of subsequent decimal places for LARGE NUM- 
BERS differ depending on country. 


Any POWER of 10 which can be written as the PRODUCT 
of two numbers not containing 0s must be of the form 
2” -5” = 10” for n an INTEGER such that neither 2” nor 
5” contains any ZEROS. The largest known such number 
is 
1033 = 233 . 533 

= 8, 589, 934, 592 - 116, 415, 321, 826, 934, 814, 453, 125. 


A complete list of known such numbers is 


== 


10° = 21.5 
10? _eal . 5? 
10° es 3 : 53 
107 4 : es 
10° = 5 i 55 
10° as 6 ; ES 
10° = 7 ; pr 
10? = 9 y B? 


(Madachy 1979). Since all POWERS of 2 with exponents 
n < 4.6 x 10” contain at least one ZERO (M. Cook), no 


2 12 


other POWER of ten less than 46 million can be written 


as the PRODUCT of two numbers not containing Os. 


see also BILLION, DECIMAL, HUNDRED, LARGE NUM- 
BER, MILLIARD, MILLION, THOUSAND, TRILLION, ZERO 
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Madachy, J. S. Madachy’s Mathematical Recreations. New : 


York: Dover, pp. 127-128, 1979. l 
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Sloane, N. J. A. Sequence A011557 in “An On-Line Version 
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12 
One DOZEN, or a twelfth of a GROSS. 


see also DOZEN, GROSS 


13 

A NUMBER traditionally associated with bad luck. A 
so-called BAKER’S DOZEN is equal to 13. Fear of the 
number 13 is called TRISKAIDEKAPHOBIA. 


see also BAKER’S DOZEN, FRIDAY THE THIRTEENTH, 
TRISKAIDEKAPHOBIA 


15 
see 15 PUZZLE, FIFTEEN THEOREM 


15 Puzzle 


A puzzle introduced by Sam Loyd in 1878. It consists of — 


15 squares numbered from 1 to 15 which are placed in a 
4 x 4 box leaving one position out of the 16 empty. The 
goal is to rearrange the squares from a given arbitrary 
starting arrangement by sliding them one at a time into 
the configuration shown above. For some initial arrange- 
ments, this rearrangement is possible, but for others, it 
is not. 


To address the solubility of a given initial arrangement, 
proceed as follows. If the SQUARE containing the num- 
ber i appears “before” (reading the squares in the box 
from left to right and top to bottom) n numbers which 
are less than 7, then call it an inversion of order n, and 
denote it n;. Then define 


15 15 
i=l i=2 


where the sum need run only from 2 to 15 rather than 
1 to 15 since there are no numbers less than 1 (so nı 
must equal 0). If N is EVEN, the position is possible, 
otherwise it is not. This can be formally proved using 
ALTERNATING GROUPS. For example, in the following 
arrangement 


18-Point Problem 


nz = 1 (2 precedes 1) and all other n; = 0, so N = 1 
and the puzzle cannot be solved. 
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16-Cell 
A finite regular 4-D POLYTOPE with SCHLAFLI SYMBOL 
(3, 3, 4} and VERTICES which are the PERMUTATIONS 
of (+1, 0, 0, 0). | 

see also 24-CELL, 120-CELL, 600-CELL, CELL, POLY- 
TOPE 


17 

17 is a FERMAT PRIME which means that the 17-sided 
REGULAR POLYGON (the HEPTADECAGON) is Con- 
STRUCTIBLE using COMPASS and STRAIGHTEDGE (as 
proved by Gauss). 


see also CONSTRUCTIBLE POLYGON , FERMAT PRIME, 
HEPTADECAGON | 
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18-Point Problem 

Place a point somewhere on a LINE SEGMENT. Now 
place a second point and number it 2 so that each of the 
points is in a different half of the LINE SEGMENT. Con- 
tinue, placing every Nth point so that all N points are 
on different (1/N)th of the LINE SEGMENT. Formally, 
for a given N, does there exist a sequence of real num- 
bers 21, 22, ..., Ty Such that for every n € {1,...,N} 
and every k € [1,...,n), the inequality 

k-—1 k 


— << 
rn n 


24-Cell 


holds for some i € {1,...,n}? Surprisingly, it is only 
possible to place 17 points in this manner (Berlekamp 
and Graham 1970, Warmus 1976). 


Steinhaus (1979) gives a 14-point solution (0.06, 0.55, 
0.77, 0.39, 0.96, 0.28, 0.64, 0.13, 0.88, 0.48, 0.19, 0.71, 
0.35, 0.82), and Warmus (1976) gives the 17-point solu- 
tion 


Warmus (1976) states that there are 768 patterns of 17- 
point solutions (counting reversals as equivalent). 


see also DISCREPANCY THEOREM, POINT PICKING 
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24-Cell 

A finite regular 4-D POLYTOPE with SCHLAFLI SYMBOL 
{3,4,3}. Coxeter (1969) gives a list of the VERTEX po- 
sitions. The EVEN coefficients of the Da lattice are 1, 
24, 24, 96, ... (Sloane’s A004011), and the 24 shortest 
vectors in this lattice form the 24-cell (Coxeter 1973, 
Conway and Sloane 1993, Sloane and Plouffe 1995). 


see also 16-CELL, 120-CELL, 600-CELL, CELL, POLY- 
TOPE 
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42 

According to Adams, 42 is the ultimate answer to life, 
the universe, and everything, although it is left as an 
exercise to the reader to determine the actual question 
leading to this result. 
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Ballantine Books, 1997. 


196-Algorithm 3 


72 Rule 
see RULE OF 72 


120-Cell 
A finite regular 4-D POLYTOPE with SCHLAFLI SYMBOL 
{5,3,3} (Coxeter 1969). 


see also 16-CELL, 24-CELL, 600-CELL, CELL, POLY- 
TOPE 


Freferences 
Coxeter, H. S. M. Introduction to Geometry, 2nd ed. New 
York: Wiley, p. 404, 1969. 


144 
A DOZEN DOZEN, also called a GROSS. 144 is a SQUARE 
NUMBER and a SUM-PRODUCT NUMBER. 


see also DOZEN 


196-Algorithm 

Take any POSITIVE INTEGER of two DIGITS or more, re- 
verse the DIGITS, and add to the original number. Now 
repeat the procedure with the SUM so obtained. This 
procedure quickly produces PALINDROMIC NUMBERS for 
most INTEGERS. For example, starting with the num- 
ber 5280 produces (5280, 6105, 11121, 23232). The end 
results of applying the algorithm to 1, 2, 3,... are 1, 2, 
3, 4, 5, 6, 7, 8, 9, 11, 11, 33, 44, 55, 66, 77, 88, 99, 121, 
... (Sloane’s A033865). The value for 89 is especially 
large, being 8813200023188. 


The first few numbers not known to produce PALIN- 
DROMES are 196, 887, 1675, 7436, 13783, ... (Sloane’s 
A006960), which are simply the numbers obtained by 
iteratively applying the algorithm to the number 196. 
This number therefore lends itself to the name of the 
ALGORITHM. 


The number of terms a(n) in the iteration sequence re- 
quired to produce a PALINDROMIC NUMBER from n (i.e., 
a(n) = 1 for a PALINDROMIC NUMBER, a(n) = 2 if a 
PALINDROMIC NUMBER is produced after a single iter- 
ation of the 196-algorithm, etc.) for n = 1, 2,... are 
Tg Meds. Te Ty De dat he De 1s a O Oh 
2, 2, 1, ... (Sloane’s A030547). The smallest numbers 
which require n = 0, 1, 2,... iterations to reach a palin- 
drome are 0, 10, 19, 59, 69, 166, 79, 188, ... (Sloane’s 
A023109). 


see also ADDITIVE PERSISTENCE, DIGITADITION, MUL- 
TIPLICATIVE PERSISTENCE, PALINDROMIC NUMBER, 
PALINDROMIC NUMBER CONJECTURE, RATS SE- 
QUENCE, RECURRING DIGITAL INVARIANT 
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very sharp response or an SSB filter with a specific bandwidth. The 
frequency spacing of the individual crystals used is critical; this 
will be covered later in detail. The crystals are driven from a 
low-impedance source by the first-stage emitter-follower. At the 
series-resonant frequency of the crystals, the signal voltage will be 
developed across the .001-uF capacitor and drive the output 
amplifier. At frequencies other than those where the crystals 
exhibit series resonance, the capacitor serves as a bypassing 
element and helps sharpen the skirts of the filter response. Some 
signal leak-through will occur because of stray capacitance across 
the crystals; this is compensated for by coupling some signal from 
the collector of the first amplifier around the crystals via the 
100-pF variable capacitor. A number of general-purpose transis- 
tors can be used in the circuit. With those shown, the circuit will 
have about 10-dB gain. 

To make the circuit work properly, the series resonance of the 
crystals used must be carefully controlled. The only exception 
might be if one decides to use only a single crystal to form a simple 
CW filter. However, even for CW reception, the bandwidth pro- 
vided by one crystal is too sharp and provides uncomfortable 
reception. Therefore, a controlled bandwidth of 200 to 500 Hz 
should be used. Such a filter can be constructed using at least two 
crystals spaced in frequency by the desired bandwidth and cen- 
tered on the i-f frequency desired. For an SSB filter, at least six 
crystals should be used. This is because the individual crystal 
series-resonant frequencies should not differ by more than about 
300 Hz. Otherwise, the passband of the filter will not be smooth, as 


417 


4 239 


239 

Some interesting properties (as well as a few arcane ones 
not reiterated here) of the number 239 are discussed in 
Beeler et al. (1972, Item 63). 239 appears in MACHIN’S 
FORMULA 


in = 4tan(5) — tan (5), 


which is related to the fact that 
2-13% — 1 = 239°, 


which is why 239/169 is the 7th CONVERGENT of V2. 
Another pair of INVERSE TANGENT FORMULAS involv- 
ing 239 is : 


tan` (z4) = tan (5) — tan (5) 


= tan” (z4) + tan (zł) 
239 needs 4 SQUARES (the maximum) to express it, 9 
CUBES (the maximum, shared only with 23) to express 
it, and 19 fourth POWERS (the maximum) to express it 
(see WARING’S PROBLEM). However, 239 doesn’t need 
the maximum number of fifth POWERS (Beeler et ai. 
1972, Item 63). 
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257-gon 

257 is a FERMAT PRIME, and the 257-gon is there- 
fore a CONSTRUCTIBLE POLYGON using COMPASS and 
STRAIGHTEDGE, as proved by Gauss. An illustration 
of the 257-gon is not included here, since its 257 seg- 
ments so closely resemble a CIRCLE. Richelot and 
Schwendenwein found constructions for the 257-gon in 
1832 (Coxeter 1969). De Temple (1991) gives a con- 
struction using 150 CIRCLES (24 of which are CAR- 
LYLE CIRCLES) which has GEOMETROGRAPHY symbol 
9481 + 47S2 + 275C; + 0C2 + 150C3 and SIMPLICITY 
566. 


see also 65537-GON, CONSTRUCTIBLE POLYGON, FER- 
MAT PRIME, HEPTADECAGON, PENTAGON 
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6593 /-gon 


600-Cell 
A finite regular 4-D POLYTOPE with SCHLAFLI SYMBOL 
{3,3,5}. For VERTICES, see Coxeter (1969). 


see also 16-CELL, 24-CELL, 120-CELL, CELL, POLY- 
TOPE 
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666 
A number known as the BEAST NUMBER appearing in 
the Bible and ascribed various numerological properties. 


see also APOCALYPTIC NUMBER, BEAST NUMBER, LE- 
VIATHAN NUMBER 
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2187 
The digits in the number 2187 form the two VAMPIRE 
NUMBERS: 21 x 87 = 1827 and 2187 = 27 x 81. 
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65537-gon 

65537 is the largest known FERMAT PRIME, and the 
65537-gon is therefore a CONSTRUCTIBLE POLYGON us- 
ing COMPASS and STRAIGHTEDGE, as proved by Gauss. 
The 65537-gon has so many sides that it is, for all in- 
tents and purposes, indistinguishable from a CIRCLE us- 
ing any reasonable printing or display methods. Her- 
mes spent 10 years on the construction of the 65537-gon 
at Góttingen around 1900 (Coxeter 1969). De Temple 
(1991) notes that a GEOMETRIC CONSTRUCTION can be 
done using 1332 or fewer CARLYLE CIRCLES. 


see also 257-GON, CONSTRUCTIBLE POLYGON, HEP- 
TADECAGON, PENTAGON 
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A-Integrable 


A 


A-Integrable 

A generalization of the LEBESGUE INTEGRAL. A MEA- 
SURABLE FUNCTION f(x) is called A-integrable over the 
CLOSED INTERVAL [a,b] if 


m{z :|f(x)| > n} = O(n), (1) 


where m is the LEBESGUE MEASURE, and 


r= lim f [f@)h do (2) 
exists, where 
ee o 


References 
Titmarsch, E. G. “On Conjugate Functions.” Proc. London 
Math. Soc. 29, 49-80, 1928. 


A-Sequence 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


An INFINITE SEQUENCE of POSITIVE INTEGERS a; sat- 


isfying 
1< ai < a2 <03 <... (1) 


is an A-sequence if no ap is the SUM of two or more 
distinct earlier terms (Guy 1994). Erdős (1962) proved 


OO 


S(A) = sup =- < 103. (2) 


k 
all A sequences (es 


Any A-sequence satisfies the CHI INEQUALITY (Levine 
and O’Sullivan 1977), which gives S(A) < 3.9998. Ab- 
bott (1987) and Zhang (1992) have given a bound from 
below, so the best result to date is 


2.0649 < S(A) < 3.9998. 3 (3) 


Levine and O’Sullivan (1977) conjectured that the sum 
of RECIPROCALS of an A-sequence satisfies 


S(A) < = 3.01..., (4) 


Me 


1 
aa 


where yx; are given by the LEVINE-O’SULLIVAN GREEDY 
ALGORITHM. 


see also B2-SEQUENCE, MIAN-CHOWLA SEQUENCE 
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AAS Theorem 5 
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AAA Theorem 


Specifying three ANGLES A, B, and C does not uniquely 
define a TRIANGLE, but any two TRIANGLES with the 
same ANGLES are SIMILAR. Specifying two ANGLES of 
a TRIANGLE automatically gives the third since the sum 
of ANGLES in a TRIANGLE sums to 180° (7 RADIANS), 
1.€., 

C=n-A-B. 


see also AAS THEOREM, ASA THEOREM, ASS THEO- 
REM, SAS THEOREM, SSS THEOREM, TRIANGLE 


AAS Theorem 


Specifying two angles A and B and a side a uniquely 
determines a TRIANGLE with AREA 
a*sinBsinC _ a*sinBsin(x — A — B) 


kn 2 sin A 2 sin A 


(1) 
The third angle is given by 
C=r-—A-B, (2) 


since the sum of angles of a TRIANGLE is 180° (m RA- 
DIANS). Solving the LAW OF SINES 


a b 
aie peek 3 
snA sinB (3) 
for b gives 
sin B 
: 4 
sin A (4) 
Finally, 


c = bcos Á + a cos B = a(sin B cot A + cos B) (5) 
= asin B(cot A + cot B). | (6) 


see also AAA THEOREM, ASA THEOREM, ASS THEO- 
REM, SAS THEOREM, SSS THEOREM, TRIANGLE 


6 Abacus 


Abacus 

A mechanical counting device consisting of a frame hold- 
ing a series of parallel rods on each of which beads are 
strung. Each bead represents a counting unit, and each 
rod a place value. The primary purpose of the abacus 
is not to perform actual computations, but to provide 
a quick means of storing numbers during a calculation. 
Abaci were used by the Japanese and Chinese, as well 
as the Romans. 


see also ROMAN NUMERAL, SLIDE RULE 
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abc Conjecture 

A CONJECTURE due to J. Oesterlé and D. W. Masser. 
It states that, for any INFINITESIMAL € > 0, there exists 
a CONSTANT Ce such that for any three RELATIVELY 
PRIME INTEGERS a, b, c satisfying 


a+b=c, 


the INEQUALITY 


max(Jal, [b], lel) < Ce | | P+ 


plabe 


holds, where plabc indicates that the PRODUCT is over 
PRIMES p which DIVIDE the PRODUCT abe. If this 
CONJECTURE were true, it would imply FERMAT’S 
LAST THEOREM for sufficiently large POWERS (Goldfeld 
1996). This is related to the fact that the abc conjecture 
implies that there are at least C ln x WIEFERICH PRIMES 
< x for some constant C (Silverman 1988, Vardi 1991). 


see also FERMAT’S LAST ‘THEOREM, MASON’S THEO- 
REM, WIEFERICH PRIME 
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Abel’s Functional Equation 


Abelian 


see ABELIAN CATEGORY, ABELIAN DIFFERENTIAL, 
ABELIAN FUNCTION, ABELIAN GROUP, ABELIAN IN- 
TEGRAL, ABELIAN VARIETY, COMMUTATIVE 


Abelian Category 

An Abelian category is an abstract mathematical CAT- 
EGORY which displays some of the characteristic prop- 
erties of the CATEGORY of all ABELIAN GROUPS. 


see also ABELIAN GROUP, CATEGORY 


Abel’s Curve Theorem 
The sum of the values of an INTEGRAL of the “first” or 
“second” sort 


T11Y1 P dx po Pdz 
+...+ = F(z 
J < pS EF =F 


D»YO 030 


and 


Par, 41) dex Plen,yn) den _ dF 
Qay) de Y Qlen yn) de ~ da’ 


from a FIXED POINT to the points of intersection with a 
curve depending rationally upon any number of param- 
eters is a RATIONAL FUNCTION of those parameters. 
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Abelian Differential 

An Abelian differential is an ANALYTIC or MEROMOR- 
PHIC DIFFERENTIAL on a COMPACT or closed RIEMANN 
SURFACE. 


Abelian Function 

An INVERSE FUNCTION of an ABELIAN INTEGRAL. 
Abelian functions have two variables and four periods. 
They are a generalization of ELLIPTIC FUNCTIONS, and 
are also called HYPERELLIPTIC FUNCTIONS. 


see also ABELIAN INTEGRAL, ELLIPTIC FUNCTION 
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Abel’s Functional Equation 
Let Lig(z) denote the DILOGARITHM, defined by 


r” 
Liz (£) = ` n2’ 


n=1 


Abelian Group 


then 


Li2(2) + Liz(y) + Lie(xy) + Liz => 


+ Lig => = 3Liz(1). 


see also DILOGARITHM, POLYLOGARITHM, RIEMANN 
ZETA FUNCTION 


Abelian Group 
N.B. A detatled on-line essay by S. Finch was the start- 


ing point for this entry. 


A GROUP for which the elements COMMUTE (ie., AB = 
BA for all elements A and B) is called an Abelian group. 
All CYCLIC GROUPS are Abelian, but an Abelian group 
is not necessarily CYCLIC. All SUBGROUPS of an Abelian 
group are NORMAL. In an Abelian group, each element 
is ina CONJUGACY CLASS by itself, and the CHARACTER 
TABLE involves POWERS of a single element known as a 
GENERATOR. 


No general formula is known for giving the number 
of nonisomorphic FINITE GROUPS of a given ORDER. 
However, the number of nonisomorphic Abelian FINITE 
GROUPS a(n) of any given ORDER n is given by writing 


n as 
n=] ps a) 
1 


where the p; are distinct PRIME FACTORS, then 
a(n) = | | Pla), (2) 


where P is the PARTITION FUNCTION. This gives 1, 1, 
1, 2,1, 1, 1, 3, 2,... (Sloane’s A000688). The smallest 
orders for which n = 1, 2, 3, ... nonisomorphic Abelian 
groups exist are 1, 4, 8, 36, 16, 72, 32, 900, 216, 144, 
64, 1800, 0, 288, 128, ... (Sloane’s A046056), where 0 
denotes an impossible number (i.e., not a product of 
partition numbers) of nonisomorphic Abelian, groups. 
The “missing” values are 13, 17, 19, 23, 26, 29, 31, 34, 
37, 38, 39, 41, 43, 46, (Sloane’s A046064). The 
incrementally largest numbers of Abelian groups as a 
function of order are 1, 2, 3, 5, 7, 11, 15, 22, 30, 42, 56, 
77, 101, ... (Sloane’s A046054), which occur for orders 
1, 4, 8, 16, 32, 64, 128, 256, 512, 1024, 2048, 4096, 8192, 
. (Sloane's A046055). 


The KRONECKER DECOMPOSITION THEOREM states 
that every FINITE Abelian group can be written as a DI- 
RECT PRODUCT of CYCLIC GROUPS of PRIME POWER 
ORDERS. Ifthe ORDERS of a FINITE GROUP is a PRIME 
p, then there exists a single Abelian group of order p 
(denoted Zp) and no non-Abelian groups. If the OR- 
DERS is a prime squared p°, then there are two Abelian 
groups (denoted Z,2 and Zp O Zp. If the ORDERS is 


Abelian Group T 


a prime cubed p*, then there are three Abelian groups 
(denoted Z; 8 Zp ® Zp, Zp ® Z,2, and Z,3), and five 
groups total. If the order is a PRODUCT of two primes 
p and q, then there exists exactly one Abelian group of 
order pq (denoted Zp Y Z4). 


Another interesting result is that if a(n) denotes the 
number of nonisomorphic Abelian groups of ORDER n, 
then 


S a(n)n™® = ¢(s)¢(2s)¢(38)---, (3) 


where ((s) is the RIEMANN ZETA FUNCTION. Srinivasan 
(1973) has also shown that 


N 
Y a(n) = A1N+A20 4430 P40[0105/207 (in 2)’, 


n=l 
(4) 
where 
2.294856591... fork=1 
A= [[¢ (2) = 4 —14.6475663... fork=2 (5) 
j=1 118.6924619... for k = 3, 


and ¢ is again the RIEMANN ZETA FUNCTION. [Richert 
(1952) incorrectly gave A3 = 114.] DeKoninck and Ivic 
(1980) showed that 


21 
2 


;=BN + OTa N) Y?) (6) 


where 


a oe 1 1 


(7) 
is a product over PRIMES. Bounds for the number of 


nonisomorphic non-Abelian groups are given by Neu- 
mann (1969) and Pyber (1993). 


see also FINITE GROUP, GROUP THEORY, KRONECKER 
DECOMPOSITION THEOREM, PARTITION FUNCTION P, 
RING 
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Abel’s Identity 
Given a homogeneous linear SECOND-ORDER ORDI- 
NARY DIFFERENTIAL EQUATION, 


y" + P(z)y' + Q(x)y = 0, (1) 


call the two linearly independent solutions yi(z) and 
yo(x). Then 


yi (x) + P(z)yi(z) + Q(z)y. = 0 (2) 
ya (x) + P(x)y2(z) + Q(x) y2 = 0. (3) 
Now, take yı x (3) — ye x (2), 
ulus + Poy + Q(x)yal 
—ya ly + P(z)yi + Q(z)y1] =0 (4) 
(yuya ye )+P(yiya —yiya) +Q(yry2 — yaya) = 0 (5) 


(yiy2 — yay1) + P(yiy2 — yaya) = 0. (6) 


Now, use the definition of the WRONSKIAN and take its 
DERIVATIVE, 


W = yiya — Yy1y2 (7) 
W' = (yiya + yiya ) — (y1ya + y1 Ya) 
ii fi 
= Y1Y2 — Yı Y2- (8) 


Plugging W and W” into (6) gives 
W'+PW =0. (9) 
This can be rearranged to yield 


aw _ 
w 
which can then be directly integrated to 


—P(x) de (10) 


In W = -Ci [re dz, (11) 


where Inz is the NATURAL LOGARITHM. A second in- 
tegration then yields Abel’s identity 


W(x) = Cre J PO ds (12) 


where Ci is a constant of integration and C2 = e“. 


see also ORDINARY DIFFERENTIAL EQUATION—SEC- 
OND-ORDER 
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Abel’s Irreducibility Theorem 


Abel’s Impossibility Theorem 

In general, POLYNOMIAL equations higher than fourth 
degree are incapable of algebraic solution in terms of 
a finite number of ADDITIONS, MULTIPLICATIONS, and 
ROOT extractions. 


see also CUBIC EQUATION, GALOIS’S THEOREM, POLY- 
NOMIAL, QUADRATIC EQUATION, QUARTIC EQUATION, 
QUINTIC EQUATION 
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Abel’s Inequality 
Let {fn} and {an} be SEQUENCES with fn > fn+i > 0 
for n = 1, 2,..., then 


Y an fn] < Afi, 
n=l 
where 
A = max{{ai|,|a1 + azl,..., [ar +a2 +... + 4m]). 


Abelian Integral 


An INTEGRAL of the form 


[ dt 

o VR) 

where R(t) is a POLYNOMIAL of degree > 4. They are 
also called HYPERELLIPTIC INTEGRALS. 


see also ABELIAN FUNCTION, ELLIPTIC INTEGRAL 


Abel’s Irreducibility Theorem 


If one ROOT of the equation f(z) = 0, which is irre- 


ducible over a FIELD K, is also a ROOT of the equation 
F(x) = 0 in K, then all the Roots of the irreducible | 
equation f(x) = 0 are ROOTS of F(x) = 0. Equivalently, 
F(x) can be divided by f(x) without a REMAINDER, 


F(x) = f(x) Fi(z), 


where Fi(z) is also a POLYNOMIAL over K. 


see also ABEL’S LEMMA, KRONECKER’S POLYNOMIAL 
THEOREM, SCHOENEMANN’S THEOREM 
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Abel’s Lemma 


Abel’s Lemma 
The pure equation 

og 
of PRIME degree p is irreducible over a FIELD when C 
is a number of the FIELD but not the pth POWER of an 
element of the FIELD. 
see also ABEL’S IRREDUCIBILITY THEOREM, GAUSS’S 


POLYNOMIAL THEOREM, KRONECKER’S POLYNOMIAL 
THEOREM, SCHOENEMANN’S THEOREM 
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Dorrie, H. 100 Great Problems of Elementary Mathematics: 
Their History and Solutions. New York: Dover, p. 118, 
1965. 


Abel’s Test 
see ABEL’S UNIFORM CONVERGENCE TEST 


Abel’s Theorem 
Given a TAYLOR SERIES 


oO oO 

F(z)= > Cn2” = yn Cape: (1) 
n=0 n=0 

where the COMPLEX NUMBER z has been written in the 


polar form z = re? , examine the REAL and IMAGINARY 
PARTS 


u(r, 0) = y Cnr” cos(n6) (2) 
v(r,0) = ` Cnr” sin(nó). (3) 


Abel's theorem states that, if u(1,@) and v(1,0) are 
CONVERGENT, then 


u(1,@) + iv(1,9) = lim f(re*). (4) 


Stated in words, Abel’s theorem guarantees that, if a 
REAL POWER SERIES CONVERGES for some POSITIVE 
value of the argument, the DOMAIN of UNIFORM CON- 
VERGENCE extends at least up to and including this 
point. Furthermore, the continuity of the sum function 
extends at least up to and including this point. 


References 
Arfken, G. Mathematical Methods for Physicists, 3rd ed. Or- 
lando, FL: Academic Press, p. 773, 1985. 


Abel Transform 

The following INTEGRAL TRANSFORM relationship, 
known as the Abel transform, exists between two func- 
tions f(z) and g(t) for 0 <a <1, 


Abhyankar’s Conjecture 9 


The Abel transform is used in calculating the radial 
mass distribution of galaxies and inverting planetary ra- 
dio occultation data to obtain atmospheric information. 


References 

Arfken, G. Mathematical Methods for Physicists, 8rd ed. Or- 
lando, FL: Academic Press, pp. 875-876, 1985. 

Binney, J. and Tremaine, S. Galactic Dynamics. Princeton, 
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Abel’s Uniform Convergence Test 
Let {un(z)} be a SEQUENCE of functions. If 


1. un(x) can be written un (2) = anfn(z), 
2. Yan is CONVERGENT, 


3. fal) is a MONOTONIC DECREASING SEQUENCE 
(i.e., fnti(x) < falz)) for all n, and 

4. f,(a) is BOUNDED in some region (i.e., 0 < fn(z) < 
M for all x € [a, b]) 


then, for all z € [a,b], the SERIES Yun (1) CONVERGES 
UNIFORMLY. 


see also CONVERGENCE TESTS 
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Bromwich, T. J. Pa and MacRobert, T. M. An Introduc- 
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Abelian Variety 

An Abelian variety is an algebraic GROUP which is a 
complete ALGEBRAIC VARIETY. An Abelian variety of 
DIMENSION 1 is an ELLIPTIC CURVE. 


see also ALBANESE VARIETY 


References 
Murty, V. K. Introduction to Abelian Varieties. Providence, 
RI: Amer. Math. Soc., 1993. 


Abhyankar’s Conjecture 

For a FINITE GROUP G, let p(G) be the SUBGROUP gen- 
erated by all the SYLOW p-SUBGROUPS of G. If X isa 
projective curve in characteristic p > 0, and if zo, ..., £t 
are points of X (for t > 0), then a NECESSARY and SUF- 
FICIENT condition that G occur as the GALOIS GROUP 
of a finite covering Y of X, branched only at the points 
Zo, .--, Zt, is that the QUOTIENT GROUP G/p(G) has 
2g + t generators. 


Raynaud (1994) solved the Abhyankar problem in the 
crucial case of the affine line (i.e., the projective line 
with a point deleted), and Harbater (1994) proved the 
full Abhyankar conjecture by building upon this special 
solution. 


see also FINITE GROUP, GALOIS GROUP, QUOTIENT 
GROUP, SYLOW p-SUBGROUP 


10 Ablowitz-Ramani-Segur Conjecture 
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Math. 79, 825-856, 1957. | 

American Mathematical Society. “Notices of the AMS, April 
1995, 1995 Frank Nelson Cole Prize in Algebra.” http:// 
www.ams.org/notices/199504/prize-cole.html. 

Harbater, D. “Abhyankar’s Conjecture on Galois Groups 
Over Curves.” Invent. Math. 117, 1-25, 1994. 

Raynaud, M. “Revétements de la droite affine en car- 
actéristique p > Q et conjecture d’Abhyankar.” Invent. 
Math. 116, 425-462, 1994. 


Ablowitz-Ramani-Segur Conjecture 

The Ablowitz-Ramani-Segur conjecture states that a 
nonlinear PARTIAL DIFFERENTIAL EQUATION is solv- 
able by the INVERSE SCATTERING METHOD only if ev- 
ery nonlinear ORDINARY DIFFERENTIAL EQUATION ob- 
tained by exact reduction has the PAINLEVE PROPERTY. 


see also INVERSE SCATTERING METHOD 


References 
Tabor, M. Chaos and Integrability in Nonlinear Dynamics: 
An Introduction. New York: Wiley, p. 351, 1989. 


Abscissa | 
The g- (horizontal) axis of a GRAPH. 


see also AXIS, ORDINATE, REAL LINE, z-AXIS, y-AXIS, 
z- AXIS 


Absolute Convergence 

A SERIES ae un is said to CONVERGE absolutely if the 
SERIES oe fun] CONVERGES, where ju,| denotes the 
ABSOLUTE VALUE. If a SERIES is absolutely convergent, 
then the sum is independent of the order in which terms 
are summed. Furthermore, if the SERIES is multiplied by 
another absolutely convergent series, the product series 
will also converge absolutely. 


see also CONDITIONAL CONVERGENCE, CONVERGENT 
SERIES, RIEMANN SERIES THEOREM 


References | 

Bromwich, T. J. Pa and MacRobert, T. M. “Absolute Con- 
vergence.” Ch. 4 in Án Introduction to the Theory of In- 
finite Series, 3rd ed. New York: Chelsea, pp. 69-77, 1991. 


Absolute Deviation 
Let @ denote the MEAN of a SET of quantities u;, then 
the absolute deviation is defined by 


Au; = | ws oS ul. 


see also DEVIATION, MEAN DEVIATION, SIGNED DEVI- 
ATION, STANDARD DEVIATION 


Absolute Square 


Absolute Error 
The DIFFERENCE between the measured or inferred 
value of a quantity zo and its actual value z, given by 


Az = Tro- £ 


(sometimes with the ABSOLUTE VALUE taken) is called 
the absolute error. The absolute error of the SUM or 
DIFFERENCE of a number of quantities is less than or 
equal to the SUM of their absolute errors. 


see also ERROR PROPAGATION, PERCENTAGE ERROR, 
RELATIVE ERROR 
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Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 14, 1972. 


Absolute Geometry 

GEOMETRY which depends only on the first four of EU- 
CLID’S POSTULATES and not on the PARALLEL POSTU- 
LATE. Euclid himself used only the first four postulates 
for the first 28 propositions of the Elements, but was 
forced to invoke the PARALLEL POSTULATE on the 29th. 


see also AFFINE GEOMETRY, Elements, EUCLID’S Pos- 
TULATES, GEOMETRY, ORDERED GEOMETRY, PARAL- 
LEL POSTULATE 


References | 
Hofstadter, D. R. Godel, Escher, Bach: An Eternal Golden 
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Absolute Pseudoprime 
see CARMICHAEL NUMBER 


Absolute Square 

Also known as the squared NORM. The absolute square 
of a COMPLEX NUMBER z is written |z|? and is defined 
as : 
= 272", (1) 


where z* denotes the COMPLEX CONJUGATE of z. For 
a REAL NUMBER, (1) simplifies to 


z? = 22. (2) 


If the COMPLEX NUMBER is written z = x + iy, then 
the absolute square can be written 


la + iyl? =a" +9". (3) 


An important identity involving the absolute square is 
given by 


la + be 1? = (at be) (at be”) 
a? +b? + able” +e) 


a” + b° + 2abcos ô. (4) 


Absolute Value 
If a = 1, then (4) becomes 


|1 +be7 1? = 1 +b? + 2bc050 
=1+0* + 2b(1 — 2sin*(46)] 
= 1 + 2b +b’ F 4bsin’(36) 
= (1 +b)? F 4bsin? (46). (5) 


2 
If a = 1, and b = 1, then 
—ið ; ; 
|1- e7"? = (1-1) +4. 1 sin*(16) = 4sin’(46). (6) 
Finally, 


Jete + et? |? ae (e*t: + 2) (07 +41 dE e192) 
pan 2 + eHb2- 41) + e i(¢2-41) 
= 2 + 2cos(¢2 — $1) = 2[1 + cos(¢2 — ¢1)] 
= 4cos ($2 — (1). (7) 


Absolute Value 


Im(Abs z} 


The absolute value of a REAL NUMBER a is denoted |x| 
and given by 


e { —x forx <0 
x for x > 0, 


where SGN is the sign function. 


The same notation is used to denote the MODULUS of 
a COMPLEX NUMBER z = z+ ty, |z| = 27+ y7, a 
p-ADIC absolute value, or a general VALUATION. The 
NORM of a VECTOR x is also denoted |x|, although [|x]| 
is more commonly used. 


Other NOTATIONS similar to the absolute value are the 
FLOOR FUNCTION |z], NINT function [z], and CEILING 
FUNCTION [zx]. 

see also ABSOLUTE SQUARE, CEILING FUNCTION, 


FLOOR FUNCTION, MODULUS (COMPLEX NUMBER), 
NINT, SGN, TRIANGLE FUNCTION, VALUATION 


Abundance 11 


Absolutely Continuous 

Let y be a POSITIVE MEASURE on a SIGMA ALGEBRA 
M and let A be an arbitrary (real or complex) MEASURE | 
on M. Then A is absolutely continuous with respect to 
u, written A < pu, if AE) = 0 for every E € M for 
which (E) = 0. 

see also CONCENTRATED, MUTUALLY SINGULAR 


References 
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Absorption Law 
The law appearing in the definition of a BOOLEAN AL- 
GEBRA which states 


a\(aVb)=aV(aAb)=a 


for binary operators V and A (which most commonly are 
logical OR and logical AND). 


see also BOOLEAN ALGEBRA, LATTICE 
References 
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Abstraction Operator 
see LAMBDA CALCULUS 


Abundance 
The abundance of a number n is the quantity 


A(n) = a(n) — 2n, 


where o(n) is the DIVISOR FUNCTION. Kravitz has con- 
jectured that no numbers exist whose abundance is an 
ODD SQUARE (Guy 1994). 


The following table lists special classifications given to 
a number n based on the value of A(n). 


A(n) Number 


<0 deficient number 
—1 almost perfect number 
O perfect number 
1 quasiperfect number 
> 0 abundant number 


see also DEFICIENCY 
References 
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New York: Springer-Verlag, pp. 45-46, 1994. 
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Abundant Number 
An abundant number is an INTEGER n which is not a 
PERFECT NUMBER and for which 


s(n) =a(n)—n>n, (1) 


where o(n) is the DIVISOR FUNCTION. The quantity 
a(n) — 2n is sometimes called the ABUNDANCE. The 
first few abundant numbers are 12, 18, 20, 24, 30, 36,... 
(Sloane's A005101). Abundant numbers are sometimes 
- called EXCESSIVE NUMBERS. 


There are only 21 abundant numbers less than 100, and 
they are all EVEN. The first ODD abundant number is 


945 = 3°-7-5. (2) 
That 945 is abundant can be seen by computing 
s(945) = 975 > 945. (3) 


Any multiple of a PERFECT NUMBER or an abundant 
number is also abundant. Every number greater than 
20161 can be expressed as a sum of two abundant num- 
bers. 


Define the density function 


Aig gee Oe ee (4) 
n—>00 n 

for a POSITIVE REAL NUMBER z, then Davenport (1933) 

proved that A(x) exists and is continuous for all x, 

and Erdós (1934) gave a simplified proof (Finch). Wall 

(1971) and Wall et al. (1977) showed that 


0.2441 < A(2) < 0.2909, (5) 
and Deléglise showed that 


0.2474 < A(2) < 0.2480. (6) 


A number which is abundant but for which all its 
PROPER DIVISORS are DEFICIENT is called a PRIMITIVE 
ABUNDANT NUMBER (Guy 1994, p. 46). 


see also ALIQUOT SEQUENCE, DEFICIENT NUMBER, 
HIGHLY ABUNDANT NUMBER, MULTIAMICABLE NUM- 
BERS, PERFECT NUMBER, PRACTICAL NUMBER, PRIM- 
ITIVE ABUNDANT NUMBER, WEIRD NUMBER 
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Acceleration 

Let a particle travel a distance s(t) as a function of time 
t (here, s can be thought of as the ARC LENGTH of 
the curve traced out by the particle). The SPEED (the 
SCALAR NORM of the VECTOR VELOCITY) is then given 


by 
ds day? dy y* dz\? 
Se ey sa 1 
a) A G 
The acceleration is defined as the time DERIVATIVE of 
the VELOCITY, so the SCALAR acceleration is given by 


de da, dydy | dede 
ds dt? ds dt? ds 
dr der 

a (6) 


The VECTOR acceleration is given by 
N, (7) 


where T is the UNIT TANGENT VECTOR, « the CURVA- 
TURE, s the ARC LENGTH, and N the UNIT NORMAL 
VECTOR. 


Let a particle move along a straight LINE so that the 
positions at times tı, t2, and t3 are sı, $2, and s3, re- 
spectively. Then the particle is uniformly accelerated 
with acceleration a IFF 


(8) 


= (so — s3)t1 + (83 — s1)to + ($1 — 82)ts 
i (41 — ta) (ta — ta) (ts — t1) 


is a constant (Klamkin 1995, 1996). 


Accidental Cancellation 


Consider the measurement of acceleration in a rotating 
reference frame. Apply the ROTATION OPERATOR 


à d 
R= (=) + wx 9 
dt) body (9) 


twice to the RADIUS VECTOR r and suppress the body 
notation, 


2 d 7 
Aspace = R’r = (<= + wx) r 


dt 
= (E +wx) (F +0 xr) 
dt ` dt 

OS 

dt? dt . dt 
S eyed Oe We: 

dt? dt dt dt 

+ wx(wx r). (10) 


Grouping terms and using the definitions of the VELOC- 
ITY v = dr/dt and ANGULAR VELOCITY @ = dw/dt 
give the expression 


d? 
pacs = 7 + Wwxvtw x (wxr)trxa. (11) 


Now, we can identify the expression as consisting of 
three terms 


d?r 


a =ke 12 
body dt? ( ) 

ACoriolis = 2W X V, (13) 
Acentrifugal = W X (w x r), (14) 


a “body” acceleration, centrifugal acceleration, and 
Coriolis acceleration. Using these definitions finally 
gives 


Aspace = Abody + ACoriolis + Acentrifugal + rx cx, (15) 


where the fourth term will vanish in a uniformly ro- 
tating frame of reference (i.e., @ = 0). The centrifugal 
acceleration is familiar to riders of merry-: »-rounds, and 
the Coriolis acceleration is responsible for the motions 
of hurricanes on Earth and necessitates large trajectory 
corrections for intercontine::al ballistic missiles. 


see also ANGULAR ACCELERATION, ARC LENGTH, 
JERK, VELOCITY 
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Accidental Cancellation 
see ANOMALOUS CANCELLATION 
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Accumulation Point 

An accumulation point is a POINT which is the limit 
of a SEQUENCE, also called a LIMIT POINT. For some 
MAPS, periodic orbits give way to CHAOTIC ones beyond 
a point known as the accumulation point. 


see also CHAOS, LOGISTIC MAP, MODE LOCKING, PE- 
RIOD DOUBLING | 


Achilles and the Tortoise Paradox | 
see ZENO’S PARADOXES 


Ackermann Function 

The Ackermann function is the simplest example of a 
well-defined TOTAL FUNCTION which is COMPUTABLE 
but not PRIMITIVE RECURSIVE, providing a counterex- 
ample to the belief in the early 1900s that every COM- 
PUTABLE FUNCTION was also PRIMITIVE RECURSIVE 
(Dótzel 1991). It grows faster than an exponential func- 
tion, or even a multiple exponential function. The Ack- 
ermann function A(z, y) is defined by 


y+1 if £ = 0 
A(z, y) = | A(z -— 1,1) ify=0 (1) 
A(z — 1, A(x, y — 1)) otherwise. 


Special values for INTEGER z include 


A(0,y) =y+1 (2) 

A(1l,y) =y+2 (3) 

A(2,y) = 2y +3 (4) 

A(3, y) = 2%** - 3 (5) 

A(44y=% -3 (6) 
y+3 


Expressions of the latter form are sometimes called 
POWER Towers. A(0, y) follows trivially from the def- 
inition. A(1, y) can be derived as follows, 


A(1, y) A(0, A(1, y — 1)) = A(l,y- 1) +1 
= A(0, A(1, y — 2)) +1 = A(1, y — 2) + 2 
=... = A(1,0)+ y = A(0,1)+ y = y +2. 


(7) 
A(2, y) has a similar derivation, 


A(2,y) = A(1, A(2,y —1)) = A(2,y—1) +2 
A(1, A(2,y —2)) +2 = A(2,y—-2)44=... 
= A(2,0) + 2y = A(1,1)+2y=2y+3. (8) 


Buck (1963) defines a related function using the same 
fundamental RECURRENCE RELATION (with arguments 
flipped from Buck’s convention) 


F(x,y) = F(x — 1, F(z,y— 1)), (9) 


Fig. 9-26. A typical response one 
AMPLITUDE could expect from the crystal filter 
circuit shown in Fig. 9-25. In this 
case, it would be for a two-crystal 
circuit with the crystals’ frequen- 
cies (series-resonant frequencies) 
separated by about 300 Hz. 


FREQUENCY 


it is just a composite of the highly selective passband of each 
individual crystal. 

The type of overall response one might expect from this type 
of filter is shown in Fig. 9-26. The ultimate rejection that one can 
achieve with the circuit depends on how carefully the circuit is 
constructed to prevent stray coupling around the crystals, and on 
how carefully the 100-pF variable is adjusted. Values of 40 dB can 
be achieved before the skirts of the filter response start to flare 
out. Admittedly, this is nothing like the 80-dB out-of-passband 
rejection of an expensive 8-pole commercial crystal filter. It is 
sufficient, however, for a simple SSB exciter, and more than 
adequate for an accessory CW filter in a transceiver when the SSB 
filter is also left in operation to sharpen the skirts of the overall i-f 
response. 

One may ask how there can be anything inexpensive about a 
circuit which might require up to six crystals. The answer is touse 
the old-style FT-243 crystals. These crystals are available for 
$1.00 or less each from various suppliers JAN Crystals, for in- 
stance), and they allow easy disassembly and access to the crystal 
itself. The latter is important since there is no easy way of specify- 
ing the series-resonant frequency for the crystals to be used in the 
circuit. So, one has to obtain crystals which are marked approxi- 
mately for the i-f frequencies of interest, disassemble them, and 
grind them to the exact frequencies needed. This operation, par- 
ticularly the “grind” part, is not as terrible as it sounds. In fact, the 
whole operation is relatively simple. 

The circuit of Fig. 9-27 is used to find the series-resonant 
frequency of a crystal. A signal is applied from a single generator or 
vfo. The voltage across the crystal is monitored by any high- 
impedance instrument which will respond at the frequency being 
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but with the slightly different boundary values 


F(0,y) =y+1 (10) 
F(1,0) =2 (11) 
F(2,0) = (12) 
F(z,0) = for z = 3,4,.... (13) 


Buck’s recurrence gives 


F(1,y) =2+y (14) 
P(2,y) =% (15) 
F(3,y) = 2 (16) 
F(4,y) =2_, (17) 


y 


Taking F(4,n) gives the sequence 1, 2, 4, 16, 65536, 
288538... Defining y(x) = F(x,x) for z = 0, 1, ... 
2 


then gives 1, 3, 4, 8, 65536, 2? ,... (Sloane’s A001695), 
Se 


m 
2 


where m= 2? „a truly huge number! 
nl 


65536 
see also ACKERMANN NUMBER, COMPUTABLE FUNC- 
TION, GOODSTEIN SEQUENCE, POWER TOWER, PRIMI- 
TIVE RECURSIVE FUNCTION, TAK FUNCTION, TOTAL 
FUNCTION 
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Ackermann Number 
A number of the form nt --- Tn, where ARROW NOTA- 
Ve 


Tr 
TION has been used. The first few Ackermann numbers 


1+1=1,2112=4 and 3= 3 
are 1 Î TT and 3 111 3 


7,625,597,484,987 


Acute Triangle 


see also ACKERMANN FUNCTION, ARROW NOTATION, 
POWER TOWER 
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Acnode 
Another name for an ISOLATED POINT. 


see also CRUNODE, SPINODE, TACNODE 


Acoptic Polyhedron 

A term invented by B. Grúnbaum in an attempt to pro- 
mote concrete and precise POLYHEDRON terminology. 
The word “coptic” derives from the Greek for “to cut,” 
and acoptic polyhedra are defined as POLYHEDRA for 
which the FACES do not intersect (cut) themselves, mak- 
ing them 2-MANIFOLDS. 


see also HONEYCOMB, NOLID, POLYHEDRON, SPONGE 


Action - 
Let M(X) denote the GROUP of all invertible MAPS 
X > X and let G be any GROUP. A HOMOMORPHISM 
0: G — M(X) is called an action of G on X. Therefore, 
0 satisfies 


1. For each g € G, 6(g) isa MAP X > X : z | 0(9)2, 
2. O(gh)a = 6(g)(8(h)=), 

3. O(e)z = z, where e is the group identity in G, 

4. O(g Bx=0(g) *z. 


see also CASCADE, FLOW, SEMIFLOW 


Acute Angle 

An ANGLE of less than 7/2 RADIANS (90°) is called an 
acute angle. 

see also ANGLE, OBTUSE ANGLE, RIGHT ANGLE, 
STRAIGHT ANGLE 


Acute Triangle 


A TRIANGLE in which all three ANGLES are ACUTE AN- 
GLES. A TRIANGLE which is neither acute nor a RIGHT 
TRIANGLE (i.e., it has an OBTUSE ANGLE) is called an 
OBTUSE TRIANGLE. A SQUARE can be dissected into as 
few as 8 acute triangles. 


see also OBTUSE TRIANGLE, RIGHT TRIANGLE 


Adams-Bashforth-Moulton Method 


Adams-Bashforth-Moulton Method 
see ADAMS’ METHOD 


Adams’ Method 

Adams’ method is a numerical METHOD for solving 
linear FIRST-ORDER ORDINARY DIFFERENTIAL EQUA- 
TIONS of the form 


Y = f(2,y) (1) 
Let 
hatni A (2) 


be the step interval, and consider the MACLAURIN SE- 
RIES of y about Za, 


| d 
Yn+1 = Yn + (=) (£ — Zn) 


dz 
d'y 2 
+= (E) (£x — zn) +... (3) 
Ti 
dy (2) (dy 2 
=|- —= — 2, vaae (4 
ee dx n y dx? A (z ss ) + ( ) 
Here, the DERIVATIVES of y are given by the BACKWARD 
DIFFERENCES 


_ (dy _ Yn+1 Yn | 
= (F ) = Pati — La 2 h (5) 
d 
Van = (2) = qn — Gn-1 (6) 
2 Py | 
V E (53) = Van = Van i; (7) 


etc. Note that by (1), qn is just the value of f (£n, yn). 


For first-order interpolation, the method proceeds by 
iterating the expression 


Yn+1 =Yn +qnh (8) 
where qn = f(n, Yn). The method can then be ex- 


tended to arbitrary order using the finite difference in- 
tegration formula from Beyer (1987) 


1 | 
f fdp = (1+ 4V + ŠV’ +iv’ 
0 


+0 Vo + 255 Y + goas0 Y Foco (9) 


to obtain 


Yn+1 — Yn = h(gn + EVdn-1 + E V?*qn-2 + È Vĉ’qn-3 
+l qna + 2 V mos t+...) (10) 
Note that von Kármán and Biot (1940) confusingly use 


the symbol normally used for FORWARD DIFFERENCES 
A to denote BACKWARD DIFFERENCES V. 
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see also GILL’S METHOD, MILNE’S METHOD, PREDIC- 
TOR-CORRECTOR METHODS, RUNGE-KUTTA METHOD 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 896, 1972. 

Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, p. 455, 1987. 

Karman, T. von and Biot, M. A. Mathematical Methods in 
Engineering: An Introduction to the Mathematical Treat- 
ment of Engineering Problems. New York: McGraw-Hill, 
pp. 14-20, 1940. 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. Numerical Recipes in FORTRAN: The Art of 
Scientific Computing, 2nd ed. Cambridge, England: Cam- 
bridge University Press, p. 741, 1992. 


Addend 

A quantity to be ADDED to another, also called a SuM- 
MAND. For example, in the expression a+6+c, a, b, and 
c are all addends. The first of several addends, or “the 
one to which the others are added” (a in the previous 
example), is sometimes called the AUGEND. 


see also ADDITION, AUGEND, PLUS, RADICAND 


Addition 
| carries 

5 8 -af addend 1 

+ 2 4 9 ~<@ addend 2 

40 7-desum 
The combining of two or more quantities using the PLUS 
operator. The individual numbers being combined are 
called ADDENDS, and the total is called the Sum. The 
first of several ADDENDS, or “the one to which the oth- 
ers are added,” is sometimes called the AUGEND. The 
opposite of addition is SUBTRACTION. 


While the usual form of adding two n-digit INTEGERS 
(which consists of summing over the columns right to 
left and “CARRYING” a 1 to the next column if the sum 
exceeds 9) requires n operations (plus carries), two n- 
digit INTEGERS can be added in about 2lgn steps by 
n processors using carry-lookahead addition (McGeoch 
1993). Here, lg x is the LG function, the LOGARITHM to 
the base 2. 


see also ADDEND, AMENABLE NUMBER, AUGEND, 
CARRY, DIFFERENCE, DIVISION, MULTIPLICATION, 
PLUS, SUBTRACTION, SUM | 
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Addition Chain 
An addition chain for a number n is a SEQUENCE 1 = 
ao < ai <... <a, = n, such that each member after ao 
is the SuM of the two earlier (not necessarily distinct) 
ones. The number r is called the length of the addition 
chain. For example, 


Liti=2,24+2=4,44+2=664+2-8846=14 


16 Addition-Multiplication Magic Square 


is an addition chain for 14 of length r = 5 (Guy 1994). 


see also BRAUER CHAIN, HANSEN CHAIN, SCHOLZ CON- 
JECTURE 


References 

Guy, R. K. “Addition Chains. Brauer Chains. Hansen 
Chains.” $C6 in Unsolved Problems in Number Theory, 
2nd ed. New York: Springer-Verlag, pp. 111-113, 1994. 


Addition-Multiplication Magic Square 


COn 
DOSToBEa 
TONO 
so ashes [es 
psopeafs| ef hodoe| = 
poo free] 
jajaa [2s schon 
59 fsepeshoo a posse 


pasale] Japo 
va) ea) ropoqor|esjsdpelos 
dao |sopachod se) || 
asado [7 [ss] oobadsa 
roles]. 
Fsa[zahedzepsdso| > [esles 
eps] e [oo ferg ae 


TODA 
lefa fede estopa] 
| sojaqodse[s] 5 
arpata o |7 [esjes podas 
pponrrcag 
sas ped sbsdse| > fastes 
bajo [o| e [eae ooo 
ad? Paeposkadea|zopadbaq rd)» faopsshsfeo|z0facbas 
fotooo] [arforporpsdsebodss| ela 


A square which is simultaneously a MAGIC SQUARE and 
MULTIPLICATION MAGIC SQUARE. The three squares 
shown above (the top square has order eight and the 
bottom two have order nine) have addition MAGIC CON- 
STANTS (840, 848, 1200) and multiplicative magic con- 
stants (2,058,068,231,856,000; 5,804,807,833,440,000; 
1,619,541,385,529,760,000), respectively (Hunter and 
Madachy 1975, Madachy 1979). 


see also MAGIC SQUARE 


pa 


z) 


un 


PoP 


References 

Hunter, J. A. H. and Madachy, J. S. “Mystic Arrays.” Ch. 3 
in Mathematical Diversions. New York: Dover, pp. 30-31, 
1975. 

Madachy, J. S. Madachy’s Mathematical Recreations. New 
York: Dover, pp. 89-91, 1979. 


Additive Persistence 

Consider the process of taking a number, adding its DIG- 
ITS, then adding the DIGITS of number derived from it, 
etc., until the remaining number has only one DIGIT. 
The number of additions required to obtain a single 
DIGIT from a number n is called the additive persis- 
tence of n, and the DIGIT obtained is called the DIGITAL 
ROOT of n. 


For example, the sequence obtained from the starting 
number 9876 is (9876, 30, 3), so 9876 has an additive 
persistence of 2 and a DIGITAL ROOT of 3. The ad- 
ditive persistences of the first few positive integers are 


0, 0, 0, 0, 0, 0, 0, 0, 0, bi l; 1, if L, 1, ds L, L 2, 1, 


Adéle Group 


(Sloane's A031286). The smallest numbers of ad- 
ditive persistence n for n = 0, 1, ... are 0, 10, 19, 
199, 19999999999999999999999, ... (Sloane’s A006050). 
There is no number < 10°° with additive persistence 
greater than 11. 


It is conjectured that the maximum number lacking the 
DiciT 1 with persistence 11 is 


77777733332222222222222222222 


There is a stronger conjecture that there is a maximum 
number lacking the DIGIT 1 for each persistence > 2. 


The maximum additive persistence in base 2 is 1. It is 
conjectured that all powers of 2 > 2**? contain a 0 in base 
3, which would imply that the maximum persistence in 
base 3 is 3 (Guy, 1994). 


see also DIGITADITION, DIGITAL ROOT, MULTIPLICA- 
TIVE PERSISTENCE, NARCISSISTIC NUMBER, RECUR- 
RING DIGITAL INVARIANT 
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Adéle 

An element of an ADELE GROUP, sometimes called a 
REPARTITION in older literature. Adéles arise in both 
NUMBER FIELDS and FUNCTION FIELDS. The adéles of 
a NUMBER FIELD are the additive SUBGROUPS of all ele- 
ments in [| k», where v is the PLACE, whose ABSOLUTE 
VALUE is < 1 at all but finitely many vs. 


Let F be a FUNCTION FIELD of algebraic functions of 
one variable. Then a MAP r which assigns to every 
PLACE P of F an element r(P) of F such that there are 
only a finite number of PLACES P for which vp(r(P)) < 
0. 


see also IDELE 
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Adéle Group 
The restricted topological DIRECT PRODUCT of the 
GROUP G,, with distinct invariant open subgroups Go, . 
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Adem Relations 


Adem Relations 
Relations in the definition of a STEENROD ÁLGEBRA 
which state that, for i < 27, 


Li] 
Sq‘ o Sg (2) = 5 Ea E TIE o Sq (2), 
k=0 


where f o g denotes function COMPOSITION and |?| is 
the FLOOR FUNCTION. 


see also STEENROD ÁLGEBRA 


Adequate Knot 

A class of KNOTS containing the class of ALTERNATING 
KNOTS. Let c(K) be the CROSSING NUMBER. Then for 
KNOT SUM Kı #K2 which is an adequate knot, 


c(Kki#K2) = c(K;) + c(K2). 


This relationship is postulated to hold true for all 
KNOTS. 


see also ALTERNATING KNOT, CROSSING NUMBER 
(LINK) 


Adiabatic Invariant 

A property of motion which is conserved to exponential 
accuracy in the small parameter representing the typical 
rate of change of the gross properties of the body. 


see also ALGEBRAIC INVARIANT, LYAPUNOV CHARAC- 
TERISTIC NUMBER 


Adjacency Matrix 
The adjacency matrix of a simple GRAPH is a MATRIX 
with rows and columns labelled by VERTICES, with a 1 
or 0 in position (v;,v;) according to whether v; and vj 
are ADJACENT or not. 


see also INCIDENCE MATRIX 
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Adjacency Relation 

The SET E of EDGES of a GRAPH (V, E), being a set 
of unordered pairs of elements of V, constitutes a RE- 
LATION on V. Formally, «an adjacency relation is any 
RELATION which is IRREFLEXIVE and SYMMETRIC. 


see also IRREFLEXIVE, RELATION, SYMMETRIC 


Adjacent Fraction 

Two FRACTIONS are said to be adjacent if their differ- 
ence has a unit NUMERATOR. For example, 1/3 and 1/4 
are adjacent since 1/3 — 1/4 = 1/12, but 1/2 and 1/5 
are not since 1/2 — 1/5 = 3/10. Adjacent fractions can 
be adjacent in a FAREY SEQUENCE. 


see also FAREY SEQUENCE, FORD CIRCLE, FRACTION, 
NUMERATOR 
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Adjacent Value 


The value nearest to but still inside an inner FENCE. 


References 
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Adjacent Vertices 
In a GRAPH G, two VERTICES are adjacent if they are 
joined by an EDGE. 


Adjoint Curve 

A curve which has at least multiplicity r; — 1 at each 
point where a given curve (having only ordinary singu- 
lar points and cusps) has a multiplicity r; is called the 
adjoint to the given curve. When the adjoint curve is of 
order n — 3, it is called a special adjoint curve. 
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Adjoint Matrix | 
The adjoint matrix, sometimes also called the ADJU- 
GATE MATRIX, is defined by 


A' = (A), (1) 


where the ADJOINT OPERATOR is denoted ê and 7 de- 
notes the TRANSPOSE. If a MATRIX is SELF-ADJOINT, 
it is said to be HERMITIAN. The adjoint matrix of a 
MATRIX product is given by 


(ab)! = [(ab) “liz. (2) 
Using the property of transpose products that 


(ab) T] = (b a" iy = (bhari) = (0 Vin (@” Di; 


= Dip ay = (az, (3) 


it follows that 
(AB)! = BA}. (4) 


Adjoint Operator 
Given a SECOND-ORDER ORDINARY DIFFERENTIAL 
EQUATION 


x dul du 

Lu(x) = po dez + pı de + p2U, (1) 
where pi = p;(z) and u = u(x), the adjoint operator £t 
is defined by 


at = LD _A 
L'u = 77 (pou) — 7 (piu) + pow 


d'u 


du 
= PO 72 + (2p0' — Pi) =~ + (po — pi + p2)u. 


(2) 
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Write the two LINEARLY INDEPENDENT solutions as 
yi(z) and yo(x). Then the adjoint operator can also 
be written 


C'u = [vote - yiLy2) de = Po = nw) 
0 
(3) 


see also SELF-ADJOINT OPERATOR, STURM-LIOUVILLE 
THEORY 


Adjugate Matrix 
see ADJOINT MATRIX 


Adjunction 
If a is an element of a FIELD F over the PRIME FIELD 
P, then the set of all RATIONAL FUNCTIONS of a with 
COEFFICIENTS in P is a FIELD derived from P by ad- 
junction of a. 


Adleman-Pomerance-Rumely Primality Test 
A modified MILLER’S PRIMALITY TEST which gives a 
guarantee of PRIMALITY or COMPOSITENESS. The AL- 
GORITHM’s running time for a number N has been 
proved to be as O((In N)°'"'"'"’) for some c > 0. It was 
simplified by Cohen and Lenstra (1984), implemented by 
Cohen and Lenstra (1987), and subsequently optimized 
by Bosma and van der Hulst (1990). 
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Adleman-Rumely Primality Test 
see ADLEMAN-POMERANCE-RUMELY PRIMALITY TEST 


Admissible 

A string or word is said to be admissible if that word 
appears in a given SEQUENCE. For example, in the SE- 
QUENCE aabaabaabaabaab..., a, aa, baab are all admis- 
sible, but bb is inadmissible. 


see also BLOCK GROWTH 


Affine Hull 


Affine Complex Plane 
The set A? of all ordered pairs of COMPLEX NUMBERS. 


see also AFFINE CONNECTION, AFFINE EQUATION, 
AFFINE GEOMETRY, AFFINE GROUP, AFFINE HULL, 
AFFINE PLANE, AFFINE SPACE, AFFINE TRANSFORMA- 
TION, AFFINITY, COMPLEX PLANE, COMPLEX PROJEC- 
TIVE PLANE 


Affine Connection 


see CONNECTION COEFFICIENT 


Affine Equation 

A nonhomogeneous LINEAR EQUATION or system of 
nonhomogeneous LINEAR EQUATIONS is said to be 
affine. 


see also AFFINE COMPLEX PLANE, AFFINE CONNEC- 
TION, AFFINE GEOMETRY, AFFINE GROUP, AFFINE 
HULL, AFFINE PLANE, AFFINE SPACE, AFFINE TRANS- 
FORMATION, AFFINITY 


Affine Geometry 

A GEOMETRY in which properties are preserved by PAR- 
ALLEL PROJECTION from one PLANE to another. In an 
affine geometry, the third and fourth of EUCLID’s Pos- 
TULATES become meaningless. This type of GEOMETRY 
was first studied by Euler. 


see also ABSOLUTE GEOMETRY, AFFINE COMPLEX 
PLANE, AFFINE CONNECTION, AFFINE EQUATION, 
AFFINE GROUP, AFFINE HULL, AFFINE PLANE, AFFINE 
SPACE, AFFINE TRANSFORMATION, AFFINITY, OR- 
DERED GEOMETRY 
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Affine Group 

The set of all nonsingular ÁFFINE TRANSFORMATIONS 
of a TRANSLATION in SPACE constitutes a GROUP known 
as the affine group. The affine group contains the full 
linear group and the group of TRANSLATIONS as SUB- 
GROUPS. 


see also AFFINE COMPLEX PLANE, AFFINE CONNEC- 
TION, AFFINE EQUATION, AFFINE GEOMETRY, AFFINE 
HULL, AFFINE PLANE, AFFINE SPACE, AFFINE TRANS- 
FORMATION, AFFINITY 
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Affine Hull 
The IDEAL generated by a SET in a VECTOR SPACE. 


see also AFFINE COMPLEX PLANE, AFFINE CONNEC- 
TION, AFFINE EQUATION, AFFINE GEOMETRY, AFFINE 


GROUP, AFFINE PLANE, AFFINE SPACE, AFFINE 


TRANSFORMATION, AFFINITY, CONVEX HULL, HULL 


Affine Plane 


Affine Plane 

A 2-D AFFINE GEOMETRY constructed over a FINITE 
FIELD. For a FIELD F of size n, the affine plane consists 
of the set of points which are ordered pairs of elements in 
F and a set of lines which are themselves a set of points. 
Adding a POINT AT INFINITY and LINE AT INFINITY 
allows a PROJECTIVE PLANE to be constructed from an 
affine plane. An affine plane of order n is a BLOCK 
DESIGN of the form (n*, n, 1). An affine plane of order 
n exists IFF a PROJECTIVE PLANE of order n exists. | 


see also AFFINE COMPLEX PLANE, AFFINE CONNEC- 
TION, AFFINE EQUATION, AFFINE GEOMETRY, AFFINE 
GROUP, AFFINE HULL, AFFINE SPACE, AFFINE TRANS- 
FORMATION, AFFINITY, PROJECTIVE PLANE 
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Affine Scheme 

A technical mathematical object defined as the SPEC- 
TRUM o(A) of a set of PRIME IDEALS of a commutative 
RING A regarded as a local ringed space with a structure 


sheaf. 
see also SCHEME 


References 

Iyanaga, S. and Kawada, Y. (Eds.). “Schemes.” §18E in En- 
cyclopedic Dictionary of Mathematics. Cambridge, MA: 
MIT Press, p. 69, 1980. 


Affine Space 

Let V be a VECTOR SPACE over a FIELD K, and let A 
be a nonempty SET. Now define addition p+ a € A for 
any VECTOR a € V and element p € A subject to the 
conditions 


1. p+O=p, 
2. (p+a)+b= p+ (a+b), 


3. For any q € A, there EXISTS a unique VECTOR a € V 
such that q = p + a. 


Here, a, b € V. Note that (1) is implied by (2) and (3). 
Then A is an affine space and K is called the COEFFI- 
CIENT FIELD. 


In an affine space, it is possible to fix a point and co- 
ordinate axis such that every point in the SPACE can 
be represented as an n-tuple of its coordinates. Every 
ordered pair of points A and B in an affine space is then 
associated with a VECTOR AB. 


see also AFFINE COMPLEX PLANE, AFFINE CONNEC- 
TION, AFFINE EQUATION, AFFINE GEOMETRY, AFFINE 
GROUP, AFFINE HULL, AFFINE PLANE, AFFINE SPACE, 
AFFINE TRANSFORMATION, AFFINITY 
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Affine Transformation 
Any TRANSFORMATION preserving COLLINEARITY (i.e., 
all points lying on a LINE initially still lie on a LINE 


- after TRANSFORMATION). An affine transformation is 


also called an AFFINITY. An affine transformation of 
R” is a MAP F : R” — R” of the form 


F(p) = Ap+q (1) 


for all p € R”, where A is a linear transformation of 
R”. If det(A) = 1, the transformation is ORIENTATION- 
PRESERVING; if det(A) = —1, it is ORIENTATION- 
REVERSING. 


DILATION (CONTRACTION, HOMOTHECY), EXPANSION, 
REFLECTION, ROTATION, and TRANSLATION are all 
affine transformations, as are their combinations. A par- 
ticular example combining ROTATION and EXPANSION is 
the rotation-enlargement transformation 


i O s cosa sina £ — Lo 
y | “|—sina cosa| | y— yo 
cos a(x — to) + sina(y — yo) 
=o) E . (2) 
— sin a(x — zo) + cosa(y — yo) 


Separating the equations, 


z' = (scosa)z + (ssina)y — s(zo cosa + yo sina) (3) 
y = (—ssina)z + (scosa)y + s(xo sina — yo cos a). 


(4) 


This can be also written as 


r =ar+by+c (5) 
y =bx+ay+d, (6) 
where 
a = scosa (7) 
b = —ssina. (8) 


The scale factor s is then defined by 


and the rotation ANGLE by 


aœ = tan`! (-2) (10) 


a 


see also AFFINE COMPLEX PLANE, AFFINE CONNEC- 
TION, AFFINE EQUATION, AFFINE GEOMETRY, AFFINE 
GROUP, AFFINE HULL, AFFINE PLANE, AFFINE SPACE, 
AFFINE TRANSFORMATION, AFFINITY, EQUIAFFINITY, 
EUCLIDEAN MOTION 
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Affinity 
see AFFINE TRANSFORMATION 


Affix 
In the archaic terminology of Whittaker and Watson 


(1990), the COMPLEX NUMBER z representing z + ty. 
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Aggregate 
An archaic word for infinite SETS such as those consid- 
ered by Georg Cantor. 


see also CLASS (SET), SET 


AGM 
see ARITHMETIC-GEOMETRIC MEAN 


Agnesi’s Witch 
see WITCH OF AGNESI 


Agnésienne 
see WITCH OF AGNESI 


Agonic Lines 
see SKEW LINES 


Ahlfors-Bers Theorem 

The RIEMANN’S MODULI SPACE gives the solution to 
RIEMANN’S MODULI PROBLEM, which requires an AN- 
ALYTIC parameterization of the compact RIEMANN SUR- 
FACES in a fixed HOMEOMORPHISM. 


Airy Differential Equation 
Some authors define a general Airy differential equation 
as 

y” +k’ acy = 0. (1) 


This equation can be solved by series solution using the 
expansions 


oO 


y= S “ant” (2) 


n=0 
oO 
=, =ï 
di =% nana” 
n=l 


y = de NanT 
n=0 
S (nm + Lani” (3) 


oo 
n=O 


oo 


y = N (n + 1)nany12” 


n=0 


oo 
= di (n + 1)nany12” 


= N (n + 2)(n + 1)an+22”. (4) 


n= 


Airy Differential Equation 


Specializing to the “conventional” Airy differential equa- 
tion occurs by taking the MINUS SIGN and setting 
k? = 1. Then plug (4) into 


y —zy=0 (5) 
to obtain 
200 
Sint?) (n+ 1l)an+2x” -zY ant” = (6) 
n=0 n=0 . 
Y (n +2)(n + 1)an+22" — Saar a0: e 
m==0 n=0 
243 + N (n + 2)(n + l)any22" — y Anız” = 0 (8) 
n=1 n=1 


2a2 + Y [(n+2)(n+ Langa — an-1Je” =0. (9) 


n=1 


In order for this equality to hold for all x, each term 
must separately be 0. Therefore, 


a2 =0 (10) 
(n + 2)(n + 1)an+2 = An-1- (11) 


Starting with the n = 3 term and using the above RE- 
CURRENCE RELATION, we obtain 


5- 4as = 20a5 = az = 0. (12) 
Continuing, it follows by INDUCTION that 


a3n-1 = 0 - (13) 


a2 = da = ag = Qil =... 


for n = 1, 2,.... Now examine terms of the form asn. 
ao 
A 14 
Q3 3.2 ( ) 
ag ao 
A A a EN 15 
"= 6-5 (6-5)(3- 2) a 
ag = $ = (16) 


~ 9-8 (9-8)(6-5)(3- 2) 


Again by INDUCTION, 


2 ao 
“$n [(8n)(8n — Dn — 3)(3n — 4)] ---[6 - 5][3 - 2 
(17) 
for n = 1, 2, Finally, look at terms of the form 
43n+1> 
ai . 
== 18 
A re us) 
a4 Qi 
= re 19 
OT 7.6 (7-6)(4-3) os 
G10 z = (20) 


= 10-9  (10-9)(7-6)(4-3) 


Airy-Fock Functions 


By INDUCTION, 


Inti = T3n + 1)(3n)|[(Bn — 2)(3n — 3)]--- [7 - 6][4- 3] 
| (21) 
for n = 1, 2,.... The general solution is therefore 


oe 3 j 2, (3n)(3n — 1) (3n — 3)(3n — 4)---3- 1 


E pg an+1 
i (22) 
For a general k? with a MINUS SIGN, equation (1) is 
y” — k’°ry = 0, (23) 
and the solution is 


y(r) = iyez |AI_1/3 (2ka*/) — BI, j3 (2kz°/?)] : 

| (24) 
where J is a MODIFIED BESSEL FUNCTION OF THE 
FIRST KIND. This is usually expressed in terms of the 
AIRY FUNCTIONS Ai(x) and Bi(z) 


y(x) = A’ Ai(k? r) + B’ Bi(k*%g). (25) 
If the PLUS SIGN is present instead, then 
y +k’ xy =0 (26) 
and the solutions are 


y(2) =3V2 [AJ_1/5 (3h2 0) + Buijs (Gke"’”)] , 
(27) 
where J(z) is a BESSEL FUNCTION OF THE FIRST KIND. 
see also AIRY-FOCK FUNCTIONS, AIRY FUNCTIONS, 
BESSEL FUNCTION OF THE FIRST KIND, MODIFIED 
BESSEL FUNCTION OF THE FIRST KIND 


Airy-Fock Functions 


The three Airy-Fock functions are 


v(z) = BVA Ai(2) a) 
wilz) = 2e "Lv (wz) (2) 
walz) =2e "wz, (3) 


where Ai(z) is an AIRY FUNCTION. These functions 
satisfy 


22 
[wi (z)]" = we(z"), (5) 
where 2* is the COMPLEX CONJUGATE of z. 
see also AIRY FUNCTIONS 
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ue) = Pale) (4) 
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Airy Functions 
Watson’s (1966, pp. 188-190) definition of an Airy func- 
tion is the solution to the AIRY DIFFERENTIAL EQUA- 
TION 

"+k dz =0 (1) 


which is FINITE at the ORIGIN, where $' denotes the 
DERIVATIVE d®/dz, k? = 1/3, and either SIGN is per- 
mitted. Call these solutions (1/)9(+k?, x), then 


1 Oo 

= 8(43;) = / cos(t? + at) de (2) 
Q 
3/2 2q*/? 

(350) = 373 sa ( 33/2 + Jas ( Bs )| 
(3) 
®(— 332) = 37/3 Las 33/2 ) Z fus ( 33/2 } |’ 
(4) 


where J(z) is a BESSEL FUNCTION OF THE FIRST KIND 
and I(z) is a MODIFIED BESSEL FUNCTION OF THE 
FIRST KIND. Using the identity 


m I_»(z) — In(z) 


K,(2) ~ 9 sin(nr) 


(5) 


where K(2) is a MODIFIED BESSEL FUNCTION OF THE 
SECOND KIND, the second case can be re-expressed 


1. 1 T 1 2 
P(-35;0) = 5704/2 (=) sin (37) Ki /3 33/2 (6) 
TT 2 V3 2r3/2 
SNA g Hor 3573 ) (7) 

23/2 
= z vVzKı;3 ( 33/2 (8) 


A more commonly used definition of Airy functions is 
given by Abramowitz and Stegun (1972, pp. 446-447) 
and illustrated above. This definition identifies the 
Ai(z) and Bi(x) functions as the two LINEARLY INDE- 
PENDENT solutions to (1) with k* = 1 and a MINUS 
SIGN, | 

y" —yz=0. (9) 


22 Airy Functions 
The solutions are then written 

y(z) = AAi(z) + B Bi(2), (10) 
where 


Ai(z) = = 8(—1, 2) 
= 1 Je [I-1/3(22°”7) — 1/32) 


E 2 3/2 
Vik”) (11) 


Bi(2) = Fla (12) 


In the above plot, Ai(z) is the solid curve and Bi(z) is 
dashed. For zero argument, 


3-2/3 
r$)’ 


Ai(0) = (13) 


where T'(2) is the GAMMA FUNCTION. This means that 
Watson's expression becomes 


(3a) Pr Ai(+(30) Pg) = [ cos(at® + zt) dt. (14) 


0 


A generalization has been constructed by Hardy. 


The ASYMPTOTIC SERIES of Ai(z) has a different form 
in different QUADRANTS of the COMPLEX PLANE, a fact 
known as the STOKES PHENOMENON. Functions related 
to the Airy functions have been defined as 


Gi(z) = + | sin(36 + zt) dt (15) 
0 

Hi(z) = >] exp(-1t + zt) dt. (16) 
0 


see also AIRY-FOCK FUNCTIONS 
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Aitken’s 47 Process 


Airy Projection 
A MAP PROJECTION. The inverse equations for @ are 
computed by iteration. Let the ANGLE of the projection 
plane be 9,. Define 


0 for 9, = įr 
a= la[5 cos( 5 -0p)] 


(1) 


otherwise. 
tan[5 (57-—0b)] 


For proper convergence, let z; = 7/6 and compute the 
initial point by checking 


exp[-(y/ z? + y? + atanz;)tanz=;]|. (2) 


Ti = 


As long as z; > 1, take 2:41 = z;/2 and iterate again. 
The first value for which x; < 1 is then the starting 
point. Then compute 

gi = cos {exp[—(4/z? + y? + atanz;)tanzx;)) (3) 
until the change in x2; between evaluations is smaller 


than the acceptable tolerance. The (inverse) equations 
are then given by 


o = ir = 2Ti (4) 
— tan”? = f 
A=% ( 3 (5) 


Aitken's ô? Process 

An ALGORITHM which extrapolates the partial sums sn 
of a SERIES „an whose CONVERGENCE is approxi- 
mately geometric and accelerates its rate of CONVER- 
GENCE. The extrapolated partial sum is given by 


(Sn+1 — $n)” 


, 
§n41 — 28n = Sn—1 


see also EULER'S SERIES TRANSFORMATION 
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Aitken Interpolation 


Aitken Interpolation 

An algorithm similar to NEVILLE’S ALGORITHM for con- 
structing the LAGRANGE INTERPOLATING POLYNOM- 
IAL. Let f(z|z0,21,...,2%) be the unique POLYNOMIAL 


of kth ORDER coinciding with f(x) at zo, ..., £k. Then 
1 fo Tot 
21) = —— 
f(z|zo, 1) zı — Lo fi Ti — a 
ood 1 fo To & 
f (z|x0, 22) = io we fo a — T 
_ 1 f(a|xo0, 21) Z1— T 
Helzo, m1, 22) = z2 — x1 | f(z|£o, £2) 22-2 
_ 1 f(z|£o, £1, £2) zz—xu 
Fulzo, £1, 22, 23) o La: — T2 f(z|xo0, £1, £3) £3 — £ i 


see also LAGRANGE INTERPOLATING POLYNOMIAL 
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Ajima-Malfatti Points 


The lines connecting the vertices and corresponding 
circle-circle intersections in MALFATTI’S TANGENT TRI- 
ANGLE PROBLEM coincide in a point Y called the first 
Ajima-Malfatti point (Kimberling and MacDonald 1990, 
Kimberling 1994). Similarly, letting A”, B”, and C” be 
the excenters of ABC, then the lines A'A”, B'B”, and 
C'C" are coincident in another point called the second 
Ajima-Malfatti point. The points are sometimes simply 
called the MALFATTI POINTS (Kimberling 1994). 


References 

Kimberling, C. “Central Points and Central Lines in the 
Plane of a Triangle.” Math. Mag. 67, 163-187, 1994. 

Kimberling, C. “lst and 2nd Ajima-Malfatti Points.” 
http://www. evansville .edu/~ck6/tcenters /recent / 
ajmalf.html. 

Kimberling, C. and MacDonald, I. G. “Problem E 3251 and 
Solution. ” Amer. Math. Monthly 97, 612-613, 1990. 


Albers Equal-Area Conic Projection 23 


Albanese Variety 

An ABELIAN VARIETY which is canonically attached to 
an ALGEBRAIC VARIETY which is the solution to a cer- 
tain universal problem. The Albanese variety is dual to 
the PICARD VARIETY. 
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Albers Conic Projection 
see ALBERS EQUAL-AREA CONIC PROJECTION 


Albers Equal-Area Conic Projection 


COORDINATES and Ao its LONGITUDE. Let ¢@1 and ¢2 
be the standard parallels. Then 


z = psin0 (1) 
y = po — p cos 9, (2) 
where 
C — 2n sin 
p= AZ £ (3) 
6 =n(A— Ao) (4) 
VOE — 2nsin do 
= C — 2n sin do (5) 
n 

C = cos? 1 + 2n sin gı (6) 
n = 5(sin gi + sin ¢2). (7) 


The inverse FORMULAS are 


a 
é=sin (A > de ) (8) 
9 

À = Ao + ae (9) 
where 

p= y 2? + (po — y)” (10) 

0 = tan” ( = (11) 

Po — Y 
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used. Usually an oscilloscope is the most suitable instrument. The 
“bandwidth” of the oscilloscope may be far below that of the test 
frequency being used, since only an indication of the voltage 
change across the crystal is necessary. A “5-MHz oscilloscope,” 
for instance, will easily respond to signals up to 10 MHz or more in 
frequency (although, of course, it cannot be used to analyze the 
waveform of 10-MHz signals). 

As the test frequency is varied, there will be a sharp drop in 
the voltage across the crystal when its series-resonant frequency 
is reached, producing a short circuit. The voltage drop is very 
sudden, and one must vary the test frequency slowly. The series- 
resonant frequency should be within a few kHz of the frequency 
stamped on the crystal holder. The FT-243 crystals are easy to 
disassemble, and the rest of the job now consists of taking the 
crystal apart, grinding it slowly to raise its frequency, and then 
testing it back in its holder until one collects the desired number of 
crystals with the proper series-resonant frequencies. 

Although acids can be used to “grind” crystals, it is usually 
better to use a very slightly abrasive material such as 3M “Tri- 
mite” silicon carbide paper (with a fineness of 400 or greater). This 
paper is obtainable at large hardware stores and comes in 9” x 11” 
sheets. The paper is taped to any flat surface, and the crystal held 
flat with a finger and rubbed on the paper with a circular motion. 
The grinding should be done “wet.” That is, the crystal should be 
kept moistened with water. After grinding, the crystal is carefully 
cleaned with rubbing alcohol and avoiding any finger marks, put 
back in its holder. 

To go back for a moment, it should be mentioned that although 
the FT-243 holders are easy to disassemble with just a screw- 
driver, the operation should be done carefully. The contact plates 
and spring should be kept in the same order for reassembly. Also, 


Fig. 9-27. A test setup for measuring 
the series-resonant frequency of a 
crystal. effects across 
the crystal must be avoided, soshort | _ 
lads which go directly to the plates of | 

the oscilloscope must be used. A | 
suitable low-capacitance probe may | 
also be used with the oscilloscope or | 
a suitable VTVM. | 
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Alcuin’s Sequence 

The INTEGER SEQUENCE 1, 0, 1, 1, 2, 1, 3, 2, 4, 3, 5, 4, 
7, 5, 8, 7, 10, 8, 12, 10, 14, 12, 16, 14, 19, 16, 21, 19, ... 
(Sloane’s A005044) given by the COEFFICIENTS of the 
MACLAURIN SERIES for 1/(1 — 2%)(1—2%)(1— x). The 
number of different TRIANGLES which have INTEGRAL 
sides and PERIMETER n is given by 


T(n) = Ps(n)— Y Pali) (1) 
1<jsl[n/2] 
EA o 
e for n even 


48 


(3) 


k for n odd, 


where P2(n) and P3(n) are PARTITION FUNCTIONS, with 
P,(n) giving the number of ways of writing n as a sum of 
k terms, [x] is the NINT function, and |x| is the FLOOR 
FUNCTION (Jordan et al. 1979, Andrews 1979, Hons- 
berger 1985). Strangely enough, T(n) for n= 3, 4,... 
is precisely Alcuin’s sequence. 


see also PARTITION FUNCTION P, TRIANGLE 
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Aleksandrov-Cech Cohomology 

A theory which satisfies all the EILENBERG-STEENROD 
AXIOMS with the possible exception of the LONG EX- 
ACT SEQUENCE OF A PAIR AXIOM, as well as a certain 
additional continuity CONDITION. 
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Aleksandrov’s Uniqueness Theorem 

A convex body in EUCLIDEAN n-space that is centrally 
symmetric with center at the ORIGIN is determined 
among all such bodies by its brightness function (the 
VOLUME of each projection). 


see also TOMOGRAPHY 
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Alexander-Conway Polynomial 


Aleph 
The SET THEORY symbol (N) for the CARDINALITY of 
an INFINITE SET. 


see also ALEPH-0 (No), ALEPH-1 (1), COUNTABLE 
SET, COUNTABLY INFINITE SET, FINITE, INFINITE, 
TRANSFINITE NUMBER, UNCOUNTABLY INFINITE SET 


Aleph-0 (Xo) 

The SET THEORY symbol for a SET having the same 
CARDINAL NUMBER as the “small” INFINITE SET of IN- 
TEGERS. The ALGEBRAIC NUMBERS also belong to No. 
Rather surprising properties satisfied by No include 


No” = No (1) 
rRo = No (2) 
No + f = No, (3) 


where f is any FINITE SET. However, 
No? =C, (4) 


where Č is the CONTINUUM. 


see also ALEPH-1, CARDINAL NUMBER, CONTINUUM, 
CONTINUUM HYPOTHESIS, COUNTABLY INFINITE SET, 
FINITE, INFINITE, TRANSFINITE NUMBER, UNCOUNT- 
ABLY INFINITE SET 


Aleph-1 (;) 

The SET THEORY symbol for the smallest INFINITE SET 
larger than ALPHA-0 (No). The CONTINUUM HYPOTH- 
ESIS asserts that Ni = c, where c is the CARDINALITY 
of the “large” INFINITE SET of REAL NUMBERS (called 
the CONTINUUM in SET THEORY). However, the truth 
of the CONTINUUM HYPOTHESIS depends on the version 
of SET THEORY you are using and so is UNDECIDABLE. 


Curiously enough, n-D SPACE has the same number of 
points (c) as 1-D SPACE, or any FINITE INTERVAL of 1- 
D SPACE (a LINE SEGMENT), as was first recognized by 
Georg Cantor. 


see also ALEPH-0 (No), CONTINUUM, CONTINUUM Hy- 
POTHESIS, COUNTABLY INFINITE SET, FINITE, INFI- 
NITE, TRANSFINITE NUMBER, UNCOUNTABLY INFINITE 
SET 


Alethic 
A term in LOGIC meaning pertaining to TRUTH and 


FALSEHOOD. 
see also FALSE, PREDICATE, TRUE 


Alexander-Conway Polynomial 
see CONWAY POLYNOMIAL 


Alexander’s Horned Sphere 


Alexander’s Horned Sphere 


The above solid, composed of a countable UNION of 
COMPACT SETS, is called Alexander’s horned sphere. 
It is HOMEOMORPHIC with the BALL B*, and its bound- 
ary is therefore a SPHERE. It is therefore an example of 
a wild embedding in E”. The outer complement of the 
solid is not SIMPLY CONNECTED, and its fundamental 
GROUP is not finitely generated. Furthermore, the set 
of nonlocally flat (“bad”) points of Alexander’s horned 
sphere is a CANTOR SET. 


The complement in R? of the bad points for Alexan- 
der’s horned sphere is SIMPLY CONNECTED, making it 
inequivalent to ANTOINE’S HORNED SPHERE. Alexan- 
der’s horned sphere has an uncountable infinity of WILD 
POINTS, which are the limits of the sequences of the 
horned sphere’s branch points (roughly, the “ends” of 
the horns), since any NEIGHBORHOOD of a limit con- 
tains a horned complex. 


A humorous drawing by Simon Frazer (Guy 1983, 
Schroeder 1991, Albers 1994) depicts mathematician 
John H. Conway with Alexander’s horned sphere grow- 
ing from his head. 


see also ANTOINE’S HORNED SPHERE 
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Alexander Ideal 

The order IDEAL in A, the RING of integral LAURENT 
POLYNOMIALS, associated with an ALEXANDER MATRIX 
for a KNOT K. Any generator of a principal Alexander 
ideal is called an ALEXANDER POLYNOMIAL. Because 
the ALEXANDER INVARIANT of a TAME KNOT in S* 
has a SQUARE presentation MATRIX, its Alexander ideal 
is PRINCIPAL and it has an ALEXANDER POLYNOMIAL 
A(t). 

see also ALEXANDER INVARIANT, ALEXANDER MATRIX, 
ALEXANDER POLYNOMIAL . 
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Alexander Invariant 

The Alexander invariant H,(X) of a Knor K is the Ho- 
MOLOGY of the INFINITE cyclic cover of the complement 
of K, considered as a MODULE over Á, the RING of inte- 
gral LAURENT POLYNOMIALS. The Alexander invariant 
for a classical TAME KNOT is finitely presentable, and 
only H is significant. 


For any KNoT K” in S"*? whose complement has the 
homotopy type of a FINITE COMPLEX, the Alexander 
invariant is finitely generated and therefore finitely pre- 
sentable. Because the Alexander invariant of a TAME 
Knot in SY has a SQUARE presentation MATRIX, its 
ALEXANDER IDEAL is PRINCIPAL and it has an ALEX- 
ANDER POLYNOMIAL denoted A(t). 


see also ALEXANDER IDEAL, ALEXANDER MATRIX, AL- 
EXANDER POLYNOMIAL 


References 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, pp. 206-207, 1976. 


Alexander Matrix 
A presentation matrix for the ALEXANDER INVARIANT 
Hi(X) of a Knot K. If V is a SEIFERT MATRIX for 
a TAME KNOT K in SŽ, then VT —tV and V — ¿V* 
are Alexander matrices for K, where VT denotes the 
MATRIX TRANSPOSE. 


see also ALEXANDER IDEAL, ALEXANDER INVARIANT, 


ALEXANDER POLYNOMIAL, SEIFERT MATRIX 
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Alexander Polynomial 

A POLYNOMIAL invariant of a KNOT discovered in 1923 
by J. W. Alexander (Alexander 1928). In technical lan- 
guage, the Alexander polynomial arises from the Ho- 
MOLOGY of the infinitely cyclic cover of a KNOT’s com- 
plement. Any generator of a PRINCIPAL ALEXANDER 
IDEAL is called an Alexander polynomial (Rolfsen 1976). 
Because the ALEXANDER INVARIANT of a TAME KNOT 
in S? has a SQUARE presentation MATRIX, its ALEX- 
ANDER IDEAL is PRINCIPAL and it has an Alexander 
polynomial denoted A(t). 


Let Y be the MATRIX PRODUCT of BRAID WORDS of a 
KNOT, then 


det(l — F) 
Na AR 1 
iat. eee (1) 
where Az is the Alexander polynomial and det is the 
DETERMINANT. The Alexander polynomial of a TAME 
Knot in S? satisfies 


A(t) = det(V* — tV), (2) 


where V is a SEIFERT MATRIX, det is the DETERMI- 
NANT, and VT denotes the MATRIX TRANSPOSE. The 
Alexander polynomial also satisfies 


Asti (3) 


The Alexander polynomial of a splittable link is always 
0. Surprisingly, there are known examples of nontrivial 
KNOTS with Alexander polynomial 1. An example is 
the (—3, 5,7) PRETZEL KNOT. 


The Alexander polynomial remained the only known 
KNOT POLYNOMIAL until the JONES POLYNOMIAL was 
discovered in 1984. Unlike the Alexander polynomial, 
the more powerful JONES POLYNOMIAL does, in most 
cases, distinguish HANDEDNESS. A normalized form of 
the Alexander polynomial symmetric in t and t7* and 
satisfying 

A(unknot) = 1 (4) 


was formulated by J. H. Conway and is sometimes de- 
noted Vz. The NOTATION [a +b+c+... is an abbrevi- 
ation for the Conway-normalized Alexander polynomial 
of a KNOT 


atblata")tea*+e *)4+.... (5) 


For a description of the NOTATION for LINKS, see Rolf- 
sen (1976, p. 389). Examples of the Conway-Alexander 
polynomials for common KNOTS include 


Vrk =[l-l=-x '+1-2 (6) 
Vrek = [3-1 = -r7 +3-2u (7) 
Vssk =[l-14+1=x “-x*+1-2+2” (8) 


Alexander Polynomial 


for the TREFOIL KNOT, FIGURE-OF-EIGHT KNOT, and 
SOLOMON’S SEAL KNOT, respectively. Multiplying 
through to clear the NEGATIVE POWERS gives the usual 
Alexander polynomial, where the final SIGN is deter- 


mined by convention. 
X MX 
SN Y 
La L 


L, 


Let an Alexander polynomial be denoted A, then there 
exists a SKEIN RELATIONSHIP (discovered by J. H. Con- 


way) 
Ar, (t) - Ar (t) + (6? —#)Aro(t) =0 (9) 


corresponding to the above LINK DIAGRAMS (Adams 
1994). A slightly different SKEIN RELATIONSHIP con- 
vention used by Doll and Hoste (1991) is 


Vig Vg mAV Lg (10) 


These relations allow Alexander polynomials to be con- 
structed for arbitrary knots by building them up as a 
sequence of over- and undercrossings. 


For a KNOT, 


_ {1 (mod 8) if Arf(K) = 0. 
Axl) = T (mod 8) if Arf(K)= 1, ay 


where Arf is the ARF INVARIANT (Jones 1985). If K is 
a KNOT and | 
Ax (2)| > 3, (12) 


then K cannot be represented as a closed 3-BRAID. Also, 
if | 

Age”) > a, (13) 
then K cannot be represented as a closed 4-braid (Jones 
1985). 


The HOMFLY POLYNOMIAL P(a, z) generalizes the Al- 
exander polynomial (as well at the JONES POLYNOMIAL) 
with | 

V(z) = P(l, 2) (14) 


(Doll and Hoste 1991). 


Rolfsen (1976) gives a tabulation of Alexander polyno- 
mials for KNOTS up to 10 CROSSINGS and LINKS up to 
9 CROSSINGS. 


see also BRAID GROUP, JONES POLYNOMIAL, KNOT, 
KNOT DETERMINANT, LINK, SKEIN RELATIONSHIP 
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Alexander-Spanier Cohomology 

A fundamental result of DE RHAM COHOMOLOGY 
is that the kth DE RHAM COHOMOLOGY VECTOR 
SPACE of a MANIFOLD M is canonically isomorphic 
to the Alexander-Spanier cohomology VECTOR SPACE 
H*(M;R) (also called cohomology with compact sup- 
port). In the case that M is COMPACT, Alexander- 
Spanier cohomology is exactly “singular” COHOMOL- 
OGY. 


Alexander’s Theorem 
Any LINK can be represented by a closed BRAID. 


Algebra 

The branch of mathematics dealing with GROUP THE- 
ORY and CODING THEORY which studies number sys- 
tems and operations within them. The word “algebra” 
is a distortion of the Arabic title of a treatise by Al- 
Khwarizmi about algebraic methods. Note that mathe- 
maticians refer to the “school algebra” generally taught 
in middle and high school as “ARITHMETIC,” reserving 
the word “algebra” for the more advanced aspects of the 
subject. 


Formally, an algebra is a VECTOR SPACE V, over a 
FIELD F with a MULTIPLICATION which turns it into 
a RING defined such that, if f € F and z,y € Y, then 


f(xy) = (fx)y = x(fy). 


In addition to the usual algebra of REAL NUMBERS, 
there are = 1151 additional CONSISTENT algebras which 
can be formulated by weakening the FIELD AXIOMS, at 
least 200 of which have been rigorously proven to be 
self-CONSISTENT (Bell 1945). 


Algebras which have been investigated and found to be 
of interest are usually named after one or more of their 
investigators. This practice leads to exotic-sounding 
(but unenlightening) names which algebraists frequently 
use with minimal or nonexistent explanation. 


see also ALTERNATE ALGEBRA, ALTERNATING ALGE- 
BRA, B*-ALGEBRA, BANACH ALGEBRA, BOOLEAN AL- 
GEBRA, BOREL SIGMA ALGEBRA, C*-ALGEBRA, CAY- 
LEY ALGEBRA, CLIFFORD ALGEBRA, COMMUTATIVE 
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ALGEBRA, EXTERIOR ALGEBRA, FUNDAMENTAL THE- 
OREM OF ALGEBRA, GRADED ALGEBRA, GRASSMANN 
ALGEBRA, HECKE ALGEBRA, HEYTING ALGEBRA, Ho- 
MOLOGICAL ALGEBRA, HOPF ALGEBRA, JORDAN AL- 
GEBRA, LIE ALGEBRA, LINEAR ALGEBRA, MEASURE 
ALGEBRA, NONASSOCIATIVE ALGEBRA, QUATERNION, 
ROBBINS ALGEBRA, SCHUR ALGEBRA, SEMISIMPLE AL- 
GEBRA, SIGMA ALGEBRA, SIMPLE ALGEBRA, STEEN- 
ROD ALGEBRA, VON NEUMANN ALGEBRA 
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= Algebraic Closure 

The algebraic closure of a FIELD K is the “smallest” 
FIELD containing K which is algebraically closed. For 
example, the FIELD of COMPLEX NUMBERS C is the 
algebraic closure of the FIELD of REALS R. 


Algebraic Coding Theory 
see CODING THEORY 


Algebraic Curve 

An algebraic curve over a FIELD K is an equation 
f(X,Y) = 0, where f(X,Y) is a POLYNOMIAL in X and 
Y with COEFFICIENTS in K. A nonsingular algebraic 
curve is an algebraic curve over K which has no SIN- 
GULAR POINTS over K. A point on an algebraic curve 
is simply a solution of the equation of the curve. A K- 
RATIONAL POINT is a point (X,Y) on the curve, where 
X and Y are in the FIELD K. 


see also ALGEBRAIC GEOMETRY, ALGEBRAIC VARIETY, 
CURVE 
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Algebraic Function 

A function which can be constructed using only a finite 
number of ELEMENTARY FUNCTIONS together with the 
INVERSES of functions capable of being so constructed. 


see also ELEMENTARY FUNCTION, TRANSCENDENTAL 
FUNCTION 


Algebraic Function Field 

A finite extension K = Z(z)(w) of the FIELD C(z) of 
RATIONAL FUNCTIONS in the indeterminate z, i.e., w is 
a ROOT of a POLYNOMIAL ap +a1a@+a207+...+ana”", 
where a; € C(z). 


see also ALGEBRAIC NUMBER FIELD, RIEMANN SUR- 
FACE 


Algebraic Geometry 
The study of ALGEBRAIC CURVES, ALGEBRAIC VARI- 
ETIES, and their generalization to n-D. 


see also ALGEBRAIC CURVE, ALGEBRAIC VARIETY, 
COMMUTATIVE ALGEBRA, DIFFERENTIAL GEOMETRY, 
GEOMETRY, PLANE CURVE, SPACE CURVE 
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Algebraic Integer 

If r is a ROOT of the POLYNOMIAL equation 
a” t+an-1zn" t +... + aiz + ao = 0, 

where the a;s are INTEGERS and r satisfies no similar 

equation of degree < n, then r is an algebraic INTEGER 

of degree n. An algebraic INTEGER is a special case of 

an ALGEBRAIC NUMBER, for which the leading COEF- 


FICIENT a, need not equal 1. RADICAL INTEGERS are a 
subring of the ALGEBRAIC INTEGERS. 


A SUM or PRODUCT of algebraic integers is again an al- 
gebraic integer. However, ABEL’S IMPOSSIBILITY THE- 
OREM shows that there are algebraic integers of degree 
> 5 which are not expressible in terms of ADDITION, 
SUBTRACTION, MULTIPLICATION, DIVISION, and the ex- 
traction of ROOTS on REAL NUMBERS. 


The GAUSSIAN INTEGER are are algebraic integers of 
Q(V-1), since a + bi are roots of 


z —2az+ a +b*=0. 


see also ÁLGEBRAIC NUMBER, EUCLIDEAN NUMBER, 
RADICAL INTEGER 
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Algebraic Invariant 
A quantity such as a DISCRIMINANT which remains un- 
changed under a given class of algebraic transforma- 
tions. Such invariants were originally called HYPERDE- 
TERMINANTS by Cayley. 


see also DISCRIMINANT (POLYNOMIAL), INVARIANT, 
QUADRATIC INVARIANT 


Algebraic Knot 
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Algebraic Knot 
A single component ALGEBRAIC LINK. 


see also ALGEBRAIC LINK, KNOT, LINK 


Algebraic Link 

A class of fibered knots and links which arises in AL- 
GEBRAIC GEOMETRY. An algebraic link is formed by 
connecting the NW and NE strings and the SW and SE 
strings of an ALGEBRAIC TANGLE (Adams 1994). 


see also ALGEBRAIC TANGLE, FIBRATION, TANGLE 
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Algebraic Number 
If r is a ROOT of the POLYNOMIAL equation 


D E an_12 tan = 0, (1) 


aoz” + air” 
where the a;s are INTEGERS and r satisfies no similar 
equation of degree < n, then r is an algebraic number of 
degree n. If r is an algebraic number and ay = 1, then 
it is called an ALGEBRAIC INTEGER. It is also true that 
if the c;s in 

coz” + cr”! +... + Cn-18 + Cn = 0 (2) 
are algebraic numbers, then any ROOT of this equation 
is also an algebraic number. 


If œ is an algebraic number of degree n satisfying the 
POLYNOMIAL 


a(z — alza - B) =- 7), (3) 


then there are n — 1 other algebraic numbers 6, y, ... 
called the conjugates of a. Furthermore, if a satisfies 
any other algebraic equation, then its conjugates also 
satisfy the same equation (Conway and Guy 1996). 


Any number which is not algebraic is said to be TRANS- 
CENDENTAL. 
see also ALGEBRAIC INTEGER, EUCLIDEAN NUMBER, 


HERMITE-LINDEMANN THEOREM, RADICAL INTEGER, 
SEMIALGEBRAIC NUMBER, TRANSCENDENTAL NUMBER 
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Algebraic Number Field 
see NUMBER FIELD 


Algebraic Surface 

The set of ROOTS of a POLYNOMIAL f(x,y,z) = 0. An 
algebraic surface is said to be of degree n = max(1+ j + 
k), where n is the maximum sum of powers of all terms 
amx'™y™z*™, The following table lists the names of 
algebraic surfaces of a given degree. 


Order Surface 


cubic surface 
quartic surface 
quintic surface 
sextic surface 
heptic surface 
octic surface 
nonic surface 
10 decic surface 
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see also BARTH DECIC, BARTH SEXTIC, BOY SURFACE, 
CAYLEY CUBIC, CHAIR, CLEBSCH DIAGONAL CUBIC, 
CUSHION, DERVISH, ENDRASS OCTIC, HEART SURFACE, 
KUMMER SURFACE, ORDER (ALGEBRAIC SURFACE), 
ROMAN SURFACE, SURFACE, TOGLIATTI SURFACE 
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Algebraic Tangle 
Any TANGLE obtained by ADDITIONS and MULTIPLICA- 
TIONS of rational TANGLES (Adams 1994). 


see also ALGEBRAIC LINK 
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Algebraic Topology 

The study of intrinsic qualitative aspects of spatial 
objects (e.g., SURFACES, SPHERES, TORI, CIRCLES, 
KNOTS, LINKS, configuration spaces, etc.) that re- 
main invariant under both-directions continuous ONE- 
TO-ONE (HOMEOMORPHIC) transformations. The dis- 
cipline of algebraic topology is popularly known as 
“RUBBER-SHEET GEOMETRY” and can also be viewed 
as the study of DISCONNECTIVITIES. Algebraic topology 
has a great deal of mathematical machinery for studying 
different kinds of HOLE structures, and it gets the prefix 
“algebraic” since many HOLE structures are represented 
best by algebraic objects like GROUPS and RINGS. 


A technical way of saying this is that algebraic topol- 
ogy is concerned with FUNCTORS from the topological 
CATEGORY of GROUPS and HOMOMORPHISMS. Here, 
the FUNCTORS are a kind of filter, and given an “input” 
SPACE, they spit out something else in return. The re- 
turned object (usually a GROUP or RING) is then a rep- 
resentation of the HOLE structure of the SPACE, in the 
sense that this algebraic object is a vestige of what the 
original SPACE was like (i.e., much information is lost, 
but some sort of “shadow” of the SPACE is retained— 
just enough of a shadow to understand some aspect of its 
HOLE-structure, but no more). The idea is that FUNC- 
TORS give much simpler objects to deal with. Because 
SPACES by themselves are very complicated, they are 
unmanageable without looking at particular aspects. © 


COMBINATORIAL TOPOLOGY is a special type of alge- 
braic topology that uses COMBINATORIAL methods. 


see also CATEGORY, COMBINATORIAL TOPOLOGY, DIF- 
FERENTIAL TOPOLOGY, FUNCTOR, HOMOTOPY THE- 
ORY 


References 
Dieudonné, J. A History of Algebraic and Differential Topol- 
ogy: 1900-1960. Boston, MA: Birkhauser, 1989. 


Algebraic Variety 

A generalization to n-D of ALGEBRAIC CURVES. More 
technically, an algebraic variety is a reduced SCHEME of 
FINITE type over a FIELD K. An algebraic variety V is 
defined as the SET of points in the REALS IR” (or the 
COMPLEX NUMBERS C”) satisfying a system of POLY- 
NOMIAL equations fi(£1,..., Zn) = 0 for i = 1, 2,.... 
According to the HILBERT BASIS THEOREM, a FINITE 
number of equations suffices. 


see also ABELIAN VARIETY, ALBANESE VARIETY, 
BRAUER-SEVERI VARIETY, CHOW VARIETY, PICARD 
VARIETY 
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Algorithm 


Algebroidal Function 
An ANALYTIC FUNCTION f(z) satisfying the irreducible 
algebraic equation 


Ao(z)f* + A(z) fT +...+ Ax(z) = 0 


with single-valued MEROMORPHIC functions A,;({z) in a 
COMPLEX DOMAIN G is called a k-algebroidal function 
in G. 
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Algorithm 

A specific set of instructions for carrying out a proce- 
dure or solving a problem, usually with the requirement 
that the procedure terminate at some point. Specific 
algorithms sometimes also go by the name METHOD, 
PROCEDURE, or TECHNIQUE. The word “algorithm” is 
a distortion of Al-Khwarizmi, an Arab mathematician 
who wrote an influential treatise about algebraic meth- 
ods. 


see also 196- ALGORITHM, ALGORITHMIC COMPLEXITY, 
ARCHIMEDES ALGORITHM, BHASKARA-BROUCKNER 
ALGORITHM, BORCHARDT-PFAFF ALGORITHM, BRE- 
LAZ’S HEURISTIC ALGORITHM, BUCHBERGER’S ALGO- 
RITHM, BULIRSCH-STOER ALGORITHM, BUMPING AL- 
GORITHM, CLEAN ALGORITHM, COMPUTABLE FUNC- 
TION, CONTINUED FRACTION FACTORIZATION ALGO- 
RITHM, DECISION PROBLEM, DIJKSTRA’S ALGORITHM, 
EUCLIDEAN ALGORITHM, FERGUSON-FORCADE AL- 
GORITHM, FERMAT’S ALGORITHM, FLOYD'S ALGO- 
RITHM, GAUSSIAN APPROXIMATION ALGORITHM, GE- 
NETIC ALGORITHM, GOSPER’S ALGORITHM, GREEDY 
ALGORITHM, HASSE’S ALGORITHM, HJLS ALGO- 
RITHM, JACOBI ALGORITHM, KRUSKAL’S ALGORITHM, 
LEVINE-O’SULLIVAN GREEDY ALGORITHM, LLL AL- 
GORITHM, MARKOV ALGORITHM, MILLER’S ALGO- 
RITHM, NEVILLE’S ALGORITHM, NEWTON’S METHOD, 
PRIME FACTORIZATION ALGORITHMS, PRIMITIVE RE- 
CURSIVE FUNCTION, PROGRAM, PSLQ ALGORITHM, 
PSOS ALGORITHM, QUOTIENT-DIFFERENCE ALGO- 
RITHM, RISCH ALGORITHM, SCHRAGE’S ALGORITHM, 
SHANKS’ ALGORITHM, SPIGOT ALGORITHM, SYRACUSE 
ALGORITHM, TOTAL FUNCTION, TURING MACHINE, 
ZASSENHAUS-BERLEKAMP ALGORITHM, ZEILBERGER’S 
ALGORITHM 
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Algorithmic Complexity 
see BIT COMPLEXITY, KOLMOGOROV COMPLEXITY 


Alhazen’s Billiard Problem 

In a given CIRCLE, find an ISOSCELES TRIANGLE whose 
LEGS pass through two given POINTS inside the CIRCLE. 
This can be restated as: from two POINTS in the PLANE 
of a CIRCLE, draw LINES meeting at the POINT of the 
CIRCUMFERENCE and making equal ANGLES with the 
NORMAL at that POINT. 


The problem is called the billiard problem because it cor- 
responds to finding the POINT on the edge of a circular 
“BILLIARD” table at which a cue ball at a given POINT 
must be aimed in order to carom once off the edge of the 
table and strike another ball at a second given POINT. 


The solution leads to a BIQUADRATIC EQUATION of the 


form 


H(z? — y?) -2Kxy+(2 +y*)(hy — ka) = 0. 


The problem is equivalent to the determination of the 
point on a spherical mirror where a ray of light will re- 
flect in order to pass from a given source to an observer. 
It is also equivalent to the problem of finding, given two 
points and a CIRCLE such that the points are both inside 
or outside the CIRCLE, the ELLIPSE whose FOCI are the 
two points and which is tangent to the given CIRCLE. 


The problem was first formulated by Ptolemy in 150 
AD, and was named after the Arab scholar Alhazen, 
who discussed it in his work on optics. It was not until 
1997 that Neumann proved the problem to be insoluble 
using a COMPASS and RULER construction because the 
solution requires extraction of a CUBE ROOT. This is 
the same reason that the CUBE DUPLICATION problem 
is insoluble. 


see also BILLIARDS, BILLIARD TABLE PROBLEM, CUBE 
DUPLICATION 
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Alhazen’s Problem 


see ALHAZEN’S BILLIARD PROBLEM 


Alias’ Paradox 
Choose between the following two alternatives: 


1. 90% chance of an unknown amount z and a 10% 
chance of $1 million, or 


2. 89% chance of the same unknown amount zx, 10% 
chance of $2.5 million, and 1% chance of nothing. 


The PARADOX is to determine which choice has the 
larger expectation value, 0.92 + $100,000 or 0.892 + 
$250,000. However, the best choice depends on the un- 
known amount, even though it is the same in both cases! 
This appears to violate the INDEPENDENCE AXIOM. 


see also INDEPENDENCE AXIOM, MONTY HALL PROB- 
LEM, NEWCOMB’S PARADOX 


Aliasing 

Given a power spectrum (a plot of power vs. frequency), 
aliasing is a false translation of power falling in some fre- 
quency range (— fe, fe) outside the range. Aliasing can 
be caused by discrete sampling below the NYQUIST FRE- 
QUENCY. The sidelobes of any INSTRUMENT FUNCTION 
(including the simple SINC SQUARED function obtained 
simply from FINITE sampling) are also a form of alias- 
ing. Although sidelobe contribution at large offsets can 
be minimized with the use of an APODIZATION FUNC- 
TION, the tradeoff is a widening of the response (i.e., a 
lowering of the resolution). 


see also APODIZATION FUNCTION, NYQUIST FRE- 
QUENCY 


Aliquant Divisor 

A number which does not DIVIDE another exactly. For 
instance, 4 and 5 are aliquant divisors of 6. A num- 
ber which is not an aliquant divisor (i.e., one that does 
DIVIDE another exactly) is said to be an ALIQUOT DI- 
VISOR. 


see also ALIQUOT DIVISOR, DIVISOR, PROPER DIVISOR 
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Aliquot Cycle 
see SOCIABLE NUMBERS 


Aliquot Divisor 

A number which DIVIDES another exactly. For instance, 
1, 2, 3, and 6 are aliquot divisors of 6. A number which 
is not an aliquot divisor is said to be an ALIQUANT DI- 
VISOR. The term “aliquot” is frequently used to specif- 
ically mean a PROPER DIVISOR, i.e., a DIVISOR of a 
number other than the number itself. 


see also ALIQUANT DIVISOR, DIVISOR, PROPER DIVI- 
SOR 


Aliquot Sequence 
Let 
s(n) = a(n) —7n, 


where a(n) is the DIVISOR FUNCTION and s(n) is the 
RESTRICTED DIVISOR FUNCTION. Then the SEQUENCE 
of numbers 


s°(n) = n, s? (n) = s(n), s? (n) = s(s(n)), ... 


is called an aliquot sequence. If the SEQUENCE for a 

given n is bounded, it either ends at s(1) = 0 or becomes 

periodic. 

1. If the SEQUENCE reaches a constant, the constant is 
known as a PERFECT NUMBER. 


2. If the SEQUENCE reaches an alternating pair, it is 
called an AMICABLE PAIR. 


3. If, after k iterations, the SEQUENCE yields a cycle 
of minimum length ¢ of the form s***(n), s**?(n), 
.., s*t*(n), then these numbers form a group of 
SOCIABLE NUMBERS of order t. 


It has not been proven that all aliquot sequences eventu- 
ally terminate and become period. The smallest number 
whose fate is not known is 276, which has been computed 
up to s*°’(276) (Guy 1994). 


see also 196-ALGORITHM, ADDITIVE PERSISTENCE, 
AMICABLE NUMBERS, MULTIAMICABLE NUMBERS, 
MULTIPERFECT NUMBER, MULTIPLICATIVE PERSIS- 
TENCE, PERFECT NUMBER, SOCIABLE NUMBERS, UNI- 
TARY ALIQUOT SEQUENCE 
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All-Poles Model 


see MAXIMUM ENTROPY METHOD 


Allegory 


Alladi-Grinstead Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let N(n) be the number of ways in which the FACTO- 
RIAL n! can be decomposed into n FACTORS of the form 
px "* arranged in nondecreasing order. Also define 


m(n) = max(p;""), (1) 


i.e., m(n) is the LEAST PRIME FACTOR raised to its 
appropriate POWER in the factorization. Then define 


qa mmn) (2) 


where ln(x) is the NATURAL LOGARITHM. For instance, 
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For large n, 


lim a(n) = e? = 0.809394020534..., (5) 
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= (5 2 z) (6) 
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Allegory 

A technical mathematical object which bears the same 
resemblance to binary relations as CATEGORIES do to 
FUNCTIONS and SETS. 


see also CATEGORY 
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Allometric 


Allometric 

Mathematical growth in which one population grows at 
a rate PROPORTIONAL to the POWER of another popu- 
lation. 


References 
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Almost All 

Given a property P, if P(x) ~ x as x > 00 (so the num- 
ber of numbers less than zx not satisfying the property 
P is o(x)), then P is said to hold true for almost all 
numbers. For example, almost all positive integers are 
COMPOSITE NUMBERS (which is not in conflict with the 
second of EUCLID’s THEOREMS that there are an infinite 
number of PRIMES). 


see also FOR ALL, NORMAL ORDER 
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Almost Alternating Knot 
An ALMOST ALTERNATING LINK with a single compo- 
nent. 


Almost Alternating Link 

Call a projection of a LINK an almost alternating pro- 
jection if one crossing change in the projection makes it 
an alternating projection. Then an almost alternating 
link is a LINK with an almost alternating projection, but 
no alternating projection. Every ALTERNATING KNOT 
has an almost alternating projection. A PRIME KNOT 
which is almost alternating is either a TORUS KNOT or 
a HYPERBOLIC KNOT. Therefore, no SATELLITE KNOT 
is an almost alternating knot. 


All nonalternating 9-crossing PRIME KNOTS are almost 
alternating. Of the 393 nonalternating with 11 or fewer 
crossings, all but five are known to be nonalternating (3 
of these have 11 crossings). The fate of the remaining 
five is not known. The (2,q), (3,4), and (3,5)-Torus 
KNOTS are almost alternating. 


see also ALTERNATING KNOT, LINK 
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Almost Everywhere 

A property of X is said to hold almost everywhere if 
the SET of points in X where this property fails has 
MEASURE 0. 


see also MEASURE 
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Almost Integer 
A number which is very close to an INTEGER. One sur- 
prising example involving both e and PI is 


e” — m = 19.999099979..., (1) 
which can also be written as 
(r + 20)' = —0.9999999992 — 0.0000388927i ~ —1 (2) 


cos(In(a + 20)) ~ —0.9999999992. (3) 


Applying COSINE a few more times gives 


cos(x cos(a cos(In(m + 20)))) 
æ% —1 + 3.9321609261 x 10%. (4) 


This curious near-identity was apparently noticed al- 
most simultaneously around 1988 by N. J. A. Sloane, 
J. H. Conway, and S. Plouffe, but no satisfying explana- 
tion as to “why” it has been true has yet been discov- 
ered. 


An interesting near-identity is given by 


i [cos( $) J cosh(;;) a 2cos(+ V2) cosh( 4 V2 )| 


— 1 + 2.480... x 10% (5) 


(W. Dubuque). Other remarkable near-identities are 
given by 


a — 1 + 4.5422... x 10714, (6) 
where T'(z) is the GAMMA FUNCTION (S. Plouffe), and 
eê — x4 — n” = 0.000017673... (7) 

(D. Wilson). 


A whole class of IRRATIONAL “almost integers” can be 
found using the theory of MODULAR FUNCTIONS, and a 
few rather spectacular examples are given by Ramanu- 
jan (1913-14). Such approximations were also stud- 
ied by Hermite (1859), Kronecker (1863), and Smith 
(1965). They can be generated using some amazing (and 
very deep) properties of the j-FUNCTION. Some of the 
numbers which are closest approximations to INTEGERS 
are e” “2% (Sometimes known as the RAMANUJAN CON- 
STANT and which corresponds to the field Q(./—163 ) 
which has CLASS NUMBER 1 and is the IMAGINARY 
quadratic field of maximal discriminant), en ¥22 ear 
and sv the latter three of which have CLASS NUM- 
BER 2 and are due to Ramanujan (Berndt 1994, Wald- 
schmidt 1988). 


the crystal should be marked on one corner so that it is set back in 
the holder in its original orientation. 

The amount of grinding a crystal needs to change its frequency 
depends on the pressure used while grinding, the number of passes 
while grinding, and so on. However, it takes very little practice to 
get some “feel” for the changes which take place in the crystal 
frequency as one grinds it. For instance, with a 8-MHz crystal, one 
circular pass on the abrasive paper might change the crystal fre- 
quency by 150 Hz. One hundred passes might change it as much as 
20 kHz. For lower-frequency crystals, more passes will be re- 
quired for a given frequency change. A 4-MHz crystal might change 
60 Hz in one pass and 7 kHz in 100 passes. 

Obviously, as one approaches the desired crystal frequencies, 
the grinding has to be done slowly and patiently. 1f one goes 
slightly too far in the grinding process, the crystal frequency can be 
lowered slightly with a very soft lead pencil. Lightly rub the 
surface of the crystal with the pencil and then use a soft cloth and a 
drop of rubbing alcohol to distribute the coating. With a bit of 
patience between grinding times and possible corrections, one can 
easily come “right on” with regard to frequency. 

Although the acid approach is not really recommended, those 
amateurs who have access to the chemicals required and who can 
be careful in their application may want to try it. If so, one should 
use an ammonium biflouride solution diluted with two parts of 
water. The crystal is simply placed in the solution (using a small 
pair of tweezers) for 30 to 60 seconds at a time, removed and rinsed 
with water, and dried. The crystal frequency is checked and the 
process repeated as many times as necessary. The whole process 
is quite easy, but it must be emphasized that the chemical solution 
is very corrosive and must be used and disposed of carefully. 


OVERVOLTAGE PROTECTION CIRCUIT 

The following is in response to the requests for more informa- 
tion about the overvoltage protection circuit which appeared in the 
March 1978, issue of 73. 

Let me begin by stating that the system was carefully tested 
before it was written up and submitted for publication. Since that 
time, it has come to my attention that one component could prove 
troublesome and somewhat improved performance can be obtained 
by making two rather minor changes. 

VR, is listed as 5-6 volts and noncritical. However, it is the 
basis of the abrupt turn-on/turn-off characteristic found in this 
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The properties of the 7-FUNCTION also give rise to the 
spectacular identity 


In(6403203 + 744) |” 


T 


= 163 + 2.32167 ... x 10." (8) 


(Le Lionnais 1983, p. 152). 


The list below gives numbers of the form z = env” for 
n < 1000 for which [z] — x < 0.01. 


e” — 2, 197.990 869543... 

e" 7 = 422, 150.997 675 680... 

e" — 614, 551.992 885619... 

e" Y“? — 2, 508, 951.998 257 553... 

e”? — 6,635, 623.999 341134... 

e" 9 — 199, 148, 647.999 978 046 551... 

e" “% — 884, 736, 743.999 777 466... 

e" $8 — 24, 591, 257, 751.999 999 822 213... 
e" 9% — 30, 197, 683, 486.993 182 260... 

e" 9 — 147, 197, 952, 743.999 998 662 454... 
e" 7% — 54,551,812, 208.999 917 467 885... 
er 9 _ 45, 116,546, 012, 289, 599.991 830287... 
e" 18% _ 262,537, 412, 640, 768, 743.999 999 999 999 250072... 
¿"7 — 1, 418, 556, 986, 635, 586, 485.996 179 355... 

e” 2%? — 604, 729, 957, 825, 300, 084, 759.999 992171526... 

e” 78" — 19, 683, 091, 854, 079, 461, 001, 445.992 737040... 


e” 19 — 4 309, 793, 301, 730, 386, 363, 005, 719.996011651... 
e” 98% — 639, 355, 180, 631, 208, 421,--- 
-+ +212, 174, 016.997 669 832... 
e” — 14, 871, 070, 263, 238, 043, 663, 567,--- 
- . - 627, 879, 007.999 848 726... 
e” 98 — 988 099, 755, 064, 053, 264, 917, 867, --- 
-»- 975, 825, 573.993 898 311... 
e” V8 — 28, 994, 858, 898, 043, 231, 996, 779, --- 
++ 771, 804, 797, 161.992 372939... 
e" 7% — 3,842, 614, 373, 539, 548, 891, 490,--- 
-...294, 277, 805, 829, 192.999 987 249... 
e" — 223, 070, 667, 213, 077, 889, 794, 379, --- 
---623, 183, 838, 336, 437.992 055118... 
e" "9 — 249, 433, 117, 287, 892, 229, 255, 125,--- 
--- 388, 685, 911, 710, 805.996 097 323... 
= 365, 698, 321, 891, 389, 219, 219, 142,--- 
-+ + 531, 076, 638, 716, 362, 775.998 259 747... 
e” “9 — 6,954,830, 200, 814, 801, 770, 418, 837, --- 
940, 281, 460, 320, 666, 108.994 649 611.... 


pavos 


Gosper noted that the expression 


1 — 262537412640768744e “1° — 196884e?7 4163 
+103378831900730205293632e 379%. (9) 


Almost Prime 


differs from an INTEGER by a mere 107°”. 
see also CLASS NUMBER, 7-FUNCTION, PI 
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Almost Perfect Number 

A number n for which the DIVISOR FUNCTION satisfies 
a(n) = 2n — 1 is called almost perfect. The only known 
almost perfect numbers are the POWERS of 2, namely 
1, 2, 4, 8, 16, 32, ... (Sloane’s A000079). Singh (1997) 
calls almost perfect numbers SLIGHTLY DEFECTIVE. 


see also QUASIPERFECT NUMBER 
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Almost Prime 
A number n with prime factorization 


r 
= a; 
n= Pi 
a= 1 


is called k-almost prime when the sum of the POWERS 
Y)" ai =k. The set of k-almost primes is denoted Px. 


i=1 
The PRIMES correspond to the “l-almost prime” num- 
bers 2, 3, 5, 7, 11, ... (Sloane's A000040}. The 2-almost 
prime numbers correspond to SEMIPRIMES 4, 6, 9, 10, 
14, 15, 21, 22, ... (Sloane’s A001358). The first few 
3-almost primes are 8, 12, 18, 20, 27, 28, 30, 42, 44, 
45, 50, 52, 63, 66, 68, 70, 75, 76, 78, 92, 98, 99, ... 
(Sloane’s A014612). The first few 4-almost primes are 
16, 24, 36, 40, 54, 56, 60, 81, 84, 88, 90, 100,... (Sloane’s 
A014613). The first few 5-almost primes are 32, 48, 72, 
80, ... (Sloane’s A014614). 


Alpha 


see also CHEN’S THEOREM, PRIME NUMBER, SEMI- 
PRIME i 
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Alpha 

A financial measure giving the difference between a 
fund’s actual return and its expected level of perfor- 
mance, given its level of risk (as measured by BETA). 
A POSITIVE alpha indicates that a fund has performed 
better than expected based on its BETA, whereas a NEG- 
ATIVE alpha indicates poorer performance 


see also BETA, SHARPE RATIO 
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The alpha function satisfies the RECURRENCE RELA- 
TION 
zanlz) =e * +nan-1ı(2). 


see also BETA FUNCTION (EXPONENTIAL) 


Alpha Value 
An alpha value is a number 0 < a < 1 such that P(z > 
Zobserved) < & is considered “SIGNIFICANT,” where P is 


a P-VALUE. 
see also CONFIDENCE INTERVAL, P-VALUE, SIGNIFI- 
CANCE 


Alphabet 

A SET (usually of letters) from which a SUBSET is drawn. 
A sequence of letters is called a WORD, and a set of 
WORDS is called a CODE. 


see also CODE, WORD 
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Alphamagic Square 

A MAGIC SQUARE for which the number of letters in 
the word for each number generates another MAGIC 
SQUARE. This definition depends, of course, on the lan- 
guage being used. In English, for example, 


5 22 18 4 9 8 
28 15 2 EE Bee 
12 8 2 6 5 10 


where the MAGIC SQUARE on the right corresponds to 
the number of letters in 


five twenty-two eighteen 
twenty-eight fifteen two 
twelve eight twenty-five 
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Alphametic 

A CRYPTARITHM in which the letters used to represent 
distinct DIGITS are derived from related words or mean- 
ingful phrases. The term was coined by Hunter in 1955 
(Madachy 1979, p. 178). 
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Alternate Algebra 
Let A denote an R-ALGEBRA, so that A is a VECTOR 
SPACE over R and 


AxA OA (1) 


(2,y) > 2 - y. (2) 
Then A is said to be alternate if, for all x,y € A, 


(x-y) -y =x; (yy) (3) 


(x: x) -y =x: (x-y). (4) 


Here, VECTOR MULTIPLICATION <z. y is assumed to be 
BILINEAR. 
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Alternating Algebra 
see EXTERIOR ALGEBRA 


Alternating Group 

EVEN PERMUTATION GROUPS A, which are NORMAL 
SUBGROUPS of the PERMUTATION GROUP of ORDER 
n!/2. They are FINITE analogs of the families of sim- 
ple LIE GROUPS. The lowest order alternating group is 
60. Alternating groups with n > 5 are non-ABELIAN 
SIMPLE GROUPS. The number of conjugacy classes in 
the alternating groups A, for n = 2, 3, ... are 1, 3, 4, 
5, 7, 9,... (Sloane’s A000702). 


see also 15 PUZZLE, FINITE GROUP, GROUP, LIE 
GROUP, SIMPLE GROUP, SYMMETRIC GROUP 
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Alternating Knot 

An alternating knot is a KNOT which possesses a knot 
diagram in which crossings alternate between under- and 
overpasses. Not all knot diagrams of alternating knots 
need be alternating diagrams. 


The TREFOIL KNOT and FIGURE-OF-EIGHT KNOT are 
alternating knots. One of TAIT’S KNOT CONJECTURES 
states that the number of crossings is the same for 
any diagram of a reduced alternating knot. Further- 
more, a reduced alternating projection of a knot has 
the least number of crossings for any projection of that 
knot. Both of these facts were proved true by Kauffman 
(1988), Thistlethwaite (1987), and Murasugi (1987). 


If K has a reduced alternating projection of n crossings, 
then the SPAN of K is 4n. Let c(K) be the CROSSING 
NUMBER. Then an alternating knot Ki#K2 (a KNOT 
SUM) satisfies 


c(K1#K2) = c(K1) + c(K2). 


In fact, this is true as well for the larger class of ADE- 
QUATE KNOTS and postulated for all KNOTS. The num- 
ber of PRIME alternating knots of n crossing for n = 1, 
2,... are 0, 0,1, 1, 2, 3, 7, 18, 41, 123, 367, ... (Sloane’s 
A002864). 


see also ADEQUATE KNOT, ALMOST ALTERNATING 
LINK, ALTERNATING LINK, FLYPING CONJECTURE 
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Alternating Knot Diagram 

A KNOT DIAGRAM which has alternating under- and 
overcrossings as the KNOT projection is traversed. The 
first KNOT which does not have an alternating diagram 
has 8 crossings. 


Alternating Link 
A LINK which has a LINK DIAGRAM with alternating 
underpasses and overpasses. 


see also ALMOST ALTERNATING LINK 
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Alternating Permutation 


An arrangement of the elements ci, ..., Cn such that 
no element c; has a magnitude between c;-1 and c;+1 is 
called an alternating (or ZIGZAG) permutation. The de- 
termination of the number of alternating permutations 
for the set of the first n INTEGERS {1, 2,..., n} is known 
as ANDRE’S PROBLEM. An example of an alternating 
permutation is (1, 3, 2, 5, 4). 


As many alternating permutations among n elements 
begin by rising as by falling. The magnitude of the cns 
does not matter; only the number of them. Let the 
number of alternating permutations be given by Zn = 
2An. This quantity can then be computed from 


2NGn = Y aras, (1) 


where r and s pass through all INTEGRAL numbers such 
that 
r+s=n-1, (2) 


ao = a, = 1, and 
An = nian. (3) 


The numbers A, are sometimes called the EULER 
ZIGZAG NUMBERS, and the first few are given by 1, 1, 
1, 2, 5, 16, 61, 272, ... (Sloane’s A000111). The ODD- 
numbered A,s are called EULER NUMBERS, SECANT 
NUMBERS, or ZIG NUMBERS, and the EVEN-numbered 
ones are sometimes called TANGENT NUMBERS or ZAG 
NUMBERS. 


Alternating Series 


Curiously enough, the SECANT and TANGENT MAC- 
LAURIN SERIES can be written in terms of the Ans as 


g? q? 
sect = Ao + Ard + Asp +... (4) 
q? q? 

tang = Aiz + As + As gr tes (5) 
or combining them, 
sec z + tans 

-a r3 pe 2 

= Ao + Ait + Aaa + Asap t+ As TAS ay te (6) 


see also ENTRINGER NUMBER, EULER NUMBER, EU- 
LER ZIGZAG NUMBER, SECANT NUMBER, SEIDEL- 
ENTRINGER-ARNOLD TRIANGLE, TANGENT NUMBER 
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Alternating Series 
A SERIES of the form 


or 


see also SERIES 
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Alternating Series Test 
Also known as the LEIBNIZ CRITERION. An ALTERNAT- 
ING SERIES CONVERGES if a1 > az >... and 


lim a, = 0. 
k- co 


see also CONVERGENCE TESTS 


Alternative Link 
A category of LINK encompassing both ALTERNATING 
KNOTS and TORUS KNOTS. 


see also ALTERNATING KNOT, LINK, TORUS KNOT 
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Altitude 


A H, Az 
The altitudes of a TRIANGLE are the CEVIANS A;H; 


which are PERPENDICULAR to the LEGS A; A, opposite 
Ai. They have lengths h; = A;H; given by 


hi = Gi+1 sin O442 = 0442 sin Qi+1 (1) 


24/s(s — a1)(s — a2)(s — az) 
hy ETE ) (2) 
a1 
where s is the SEMIPERIMETER and a; = Aj Ak. Another 
interesting FORMULA is 


hih2h3 = 284 (3) 


(Johnson 1929, p. 191), where A is the AREA of the TRI- 
ANGLE. The three altitudes of any TRIANGLE are CON- 
CURRENT at the ORTHOCENTER H. This fundamental 
fact did not appear anywhere in Euclid’s Elements. 


Other formulas satisfied by the altitude include 


38 Alysoid 
=p (5) 


SS SS Se as (6) 


T2 T3 T T1 hi 


where r is the INRADIUS and r; are the EXRADII (John- 
son 1929, p. 189). In addition, 


HA,- HH, = HA- HH = HA; HH; (1) 


HA: HH = (a? +a?” +03) -4R", (8) 


where R is the CIRCUMRADIUS. 


Al A? 


The points Ai, A3, Hı, and H; (and their permuta- 
tions with respect to indices) all lie on a CIRCLE, as 
do the points A3, H3, H, and Hy (and their permuta- 
tions with respect to indices). TRIANGLES AA; A243 
and ^A H2 H3 are inversely similar. 


The triangle H,H2H3 has the minimum PERIMETER 
of any TRIANGLE inscribed in a given ACUTE TRIAN- 
GLE (Johnson 1929, pp. 161-165). The PERIMETER of 
AH, H-H; is 2A/R (Johnson 1929, p. 191). Additional 
properties involving the FEET of the altitudes are given 
by Johnson (1929, pp. 261-262). 


see also CEVIAN, FOOT, ORTHOCENTER, PERPENDICU- 
LAR, PERPENDICULAR FOOT 
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Alysoid 
see CATENARY 


Ambient Isotopy 

An ambient isotopy from an embedding of a MANIFOLD 
M in N to another is a HOMOTOPY of self DIFFEOMOR- 
PHISMS (or ISOMORPHISMS, or piecewise-linear transfor- 
mations, etc.) of N, starting at the IDENTITY MAP, such 
that the “last” DIFFEOMORPHISM compounded with the 
first embedding of M is the second embedding of M. 
In other words, an ambient isotopy is like an ISOTOPY 
except that instead of distorting the embedding, the 
whole ambient SPACE is being stretched and distorted 
and the embedding is just “coming along for the ride.” 


Amicable Numbers 


For SMOOTH MANIFOLDS, a MAP is ISOTOPIC IFF it is 
ambiently isotopic. 


For KNOTS, the equivalence of MANIFOLDS under con- 
tinuous deformation is independent of the embedding 
SPACE. KNOTS of opposite CHIRALITY have ambient 
isotopy, but not REGULAR JSOTOPY. 


see also ISOTOPY, REGULAR ISOTOPY 
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Ambiguous 

An expression is said to be ambiguous (or poorly de- 
fined) if its definition does not assign it a unique inter- 
pretation or value. An expression which is not ambigu- 
ous is said to be WELL-DEFINED. 


see also WELL-DEFINED 


Ambrose-Kakutani Theorem 

For every ergodic FLOW on a nonatomic PROBABILITY 
SPACE, there is a MEASURABLE SET intersecting almost 
every orbit in a discrete set. 


Amenable Number 
A number n which can be built up from INTEGERS a1, 


42, +.., @k by either ADDITION or MULTIPLICATION such 
that 
k k 
a; = I] ai=n 
2=1 ¿=1 


The numbers {a1,...,@n} in the SUM are simply a PAR- 
TITION of n. The first few amenable numbers are 


222 A 
1+2+3=1x2x3=6 
1+41+2+4=1x1x2x4=8 
141424+24+2=1x1x2x2x2=8. 


In fact, all COMPOSITE NUMBERS are amenable. 
see also COMPOSITE NUMBER, PARTITION, SUM 
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Amicable Numbers 


see AMICABLE PAIR, AMICABLE QUADRUPLE, AMICA- 
BLE TRIPLE, MULTIAMICABLE NUMBERS 


Amicable Pair 


Amicable Pair 

An amicable pair consists of two INTEGERS m,n for 
which the sum of PROPER DIVISORS (the DIVISORS ex- 
cluding the number itself) of one number equals the 
other. Amicable pairs are occasionally called FRIENDLY 
PAIRS, although this nomenclature is to be discouraged 
since FRIENDLY PAIRS are defined by a different, if re- 
lated, criterion. Symbolically, amicable pairs satisfy 


s(m) =n (1) 
s(n) =m, (2) 


where s(n) is the RESTRICTED DIVISOR FUNCTION or, 
equivalently, | 


o(m)=0(n) =s(m)+s(n)=mtn, (3) 


where o(n) is the DIVISOR FUNCTION. The smallest 
amicable pair is (220, 284) which has factorizations 


220 =11-5-2? (4) 
284 = 71 - 2° (5) 


giving RESTRICTED DIVISOR FUNCTIONS 


s(220) = S (1,2,4,5, 10, 11, 20, 22, 44, 55, 110} 


= 284 (6) 
s(284) = Y (1,2,4,71, 142} 
= 220. (7) 
The quantity 
a(m) = a(n) = s(m) + s(n), (8) 


in this case, 220 + 284 = 504, is called the PAIR SUM. 


In 1636, Fermat found the pair (17296, 18416) and in 
1638, Descartes found (9363584, 9437056). By 1747, 
Euler had found 30 pairs, a number which he later ex- 
tended to 60. There were 390 known as of 1946 (Scott 
1946). There are a total of 236 amicable pairs below 
10% (Cohen 1970), 1427 below 10*” (te Ri21 - 1 76), 3340 
less than 10') (Moews and Moews 1173), . 1’ ess than 
2.01 x 10'* (Moews and Moe: .., : d 5iv1 .ess than 
~~ 3.06 x 10** (Moews and Moews). 


The first few amicable pairs are (2. 9, 284), (1184, 1210), 
(2620, 2924) (5020, 5564), ‘6232, 6368), (10744, 10856), 
(12285, 14595), (17296. 1£116), (63020, 76084), ... 
(Sloane’s A002025 and A002046). An exhaustive tab- 
ulation is maintained by D. Moew». 


Let an amicable pair be denoted (m,n) with m < n. 
(m,n) is called a regular amicable pair of type (i, 7) if 


(m,n) = (9M, gN), (9) 
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where g = GCD(m,n) is the GREATEST COMMON DI- 
VISOR, 
GCD(g, M) = GCD(g, N)=1, (10) 


M and N are SQUAREFREE, then the number of PRIME 
factors of M and N are i and j. Pairs which are not 
regular are called irregular or exotic (te Riele 1986). 
There are no regular pairs of type (1,7) for j > 1. If 
m = 0 (mod 6) and 


n=o(m)—m (11) 


is EVEN, then (m,n) cannot be an amicable pair (Lee 
1969). The minimal and maximal values of m/n found 
by te Riele (1986) were 


938304290/1344480478 = 0.697893577... (12) 
and 


4000783984/4001351168 = 0.9998582519.... (13) 


te Riele (1986) also found 37 pairs of amicable pairs hav- 
ing the same PAIR SUM. The first such pair is (609928, 
686072) and (643336, 652664), which has the PAIR SUM 


o(m) = o(n) = m+n = 1,296,000. (14) | 


te Riele (1986) found no amicable n-tuples having the 
same PAIR SUM for n > 2. However, Moews and 
Moews found a triple in 1993, and te Riele found 
a quadruple in 1995. In November 1997, a quin- 
tuple and sextuple were discovered. The sextuple 
is (1953433861918, 2216492794082), (1968039941816, 
2201886714184), (1981957651366, 2187969004634), 
(1993501042130, 2176425613870), (2046897812505, 
2123028843495), (2068113162038, 2101813493962), all 
having PAIR SUM 4169926656000. Amazingly, the sex- 
tuple is smaller than any known quadruple or quintuple, 
and is likely smaller than any quintuple. 


On October 4, 1997, Mariano Garcia found the largest 
known amicable pair, each of whose members has 4829 
DIGITs. The new pair is 


Ni = CM[(P+Q)P* -1] (15) 
N = CQ[(P — M)P* - 1), (16) 
where 

C = 2" Pp? (17) 
M = 287155430510003638403359267 (18) 
P = 574451143340278962374313859 (19) 

Q = 136272576607912041393307632916794623. 
(20) 


P, Q, (P + Q)P® —1, and (P — M)P* — 1 are PRIME. 
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Pomerance (1981) has proved that 


[amicable numbers < n] < pe fatal? (21) 


for large enough n (Guy 1994). No nonfinite lower 


bound has been proven. 


see also AMICABLE QUADRUPLE, AMICABLE TRIPLE, 
AUGMENTED AMICABLE PAIR, BREEDER, CROWD, EU- 
LER’S RULE, FRIENDLY PAIR, MULTIAMICABLE NUM- 
BERS, PAIR SUM, QUASIAMICABLE PAIR, SOCIABLE 
NUMBERS, UNITARY AMICABLE PAIR 
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Amicable Quadruple 
An amicable quadruple as a QUADRUPLE (a, b, c, d) such 
that 


ola) = o(b) = o(c) = 0(d) =a+b+c+ d, 


where a(n) is the DIVISOR FUNCTION. 
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Amicable Triple 
Dickson (1913, 1952) defined an amicable triple to be a 
TRIPLE of three numbers (l, m,n) such that 


sl) =m-+n 
s(m)=l+n 
s(n) =1+m, 


where s(n) is the RESTRICTED DIVISOR FUNCTION 
(Madachy 1979). Dickson (1913, 1952) found eight sets 
of amicable triples with two equal numbers, and two 
sets with distinct numbers. The latter are (123228768, 
103340640, 124015008), for which 


s(12322876) = 103340640 + 124015008 = 227355648 
s(103340640) = 123228768 + 124015008 = 24724377 
s(124015008) = 123228768 + 10334064 = 226569408, 


Amortization 


and (1945330728960, 2324196638720, 2615631953920), 
for which 


s(1945330728960) = 2324196638720 + 2615631953920 


= 4939828592640 
s(2324196638720) = 1945330728960 + 2615631953920 
— 4560962682880 
s(2615631953920) = 1945330728960 + 2324196638720 
— 4269527367680. 


A second definition (Guy 1994) defines an amicable 
triple as a TRIPLE (a,b,c) such that 


a(a) = o(b) =a(c) =a+b+c<, 


where o({n) is the DIVISOR FUNCTION. An example is 
(2:3%5:11,:2%37.. 293715. 
see also AMICABLE PAIR, AMICABLE QUADRUPLE 
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Amortization 
The payment of a debt plus accrued INTEREST by regu- 


lar payments. 


Ampersand Curve 


The PLANE CURVE with Cartesian equation 


(y — Ye — 1)(Qx — 3) = 4(a% + y” — 22). 
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Amphichiral 

An object is amphichiral (also called REFLEXIBLE) if it 
is superposable with its MIRROR IMAGE (i.e., its image 
in a plane mirror). 


see also AMPHICHIRAL KNOT, CHIRAL, DISYMMETRIC, 
HANDEDNESS, MIRROR IMAGE 


Amphichiral Knot 

An amphichiral knot is a KNOT which is capable of be- 
ing continuously deformed into its own MIRROR IMAGE. 
The amphichiral knots having ten or fewer crossings are 
04901 (FIGURE-OF-EIGHT KNOT), 06003, 08003, 08009, 
08012, 08017, 08018, 10017,10033, 10037, 10043, 10045, 
10079, 10081, 10088, 10099, 10109, 10115, 10118, and 10123 
(Jones 1985). The HOMFLY POLYNOMIAL is good at 
identifying amphichiral knots, but sometimes fails to 
identify knots which are not. No complete invariant (an 
invariant which always definitively determines if a KNOT 
is AMPHICHIRAL) is known. 


Let by be the Sum of POSITIVE exponents, and b_ the 
Sum of NEGATIVE exponents in the BRAID GROUP Bhn. 
If | 

by — 3b- —n+1>0, 


then the KNOT corresponding to the closed BRAID b is 
not amphichiral (Jones 1985). 


see also AMPHICHIRAL, BRAID GROUP, INVERTIBLE 
KNOT, MIRROR IMAGE 
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Amplitude 
The variable $ used in ELLIPTIC FUNCTIONS and EL- 
LIPTIC INTEGRALS, which can be defined by 


ọ = amu = J nudu, 


where dn(u) is a JACOBI ELLIPTIC FUNCTION. The term 
“amplitude” is also used to refer to the maximum offset 
of a function from its baseline level. 


see also ARGUMENT (ELLIPTIC INTEGRAL), CHARAC- 
TERISTIC (ELLIPTIC INTEGRAL), DELTA AMPLITUDE, 
ELLIPTIC FUNCTION, ELLIPTIC INTEGRAL, JACOBI EL- 
LIPTIC FUNCTIONS, MODULAR ANGLE, MODULUS (EL- 
LIPTIC INTEGRAL), NOME, PARAMETER 
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Anallagmatic Curve 

A curve which is invariant under INVERSION. Exam- 
ples include the CARDIOID, CARTESIAN OVALS, CASSINI 
OVALS, LIMACON, STROPHOID, and MACLAURIN TRI- 
SECTRIX. 


Anallagmatic Pavement 
see HADAMARD MATRIX 


Analogy 

Inference of the TRUTH of an unknown result obtained 
by noting its similarity to a result already known to be 
TRUE. In the hands of a skilled mathematician, anal- 
ogy can be a very powerful tool for suggesting new and 
extending old results. However, subtleties can render re- 
sults obtained by analogy incorrect, so rigorous PROOF 
is still needed. 


see also INDUCTION 


Analysis 

The study of how continuous mathematical structures 
(FUNCTIONS) vary around the NEIGHBORHOOD of a 
point on a SURFACE. Analysis includes CALCULUS, DIF- 
FERENTIAL EQUATIONS, etc. 


see also ANALYSIS SITUS, CALCULUS, COMPLEX ANAL- 
YSIS, FUNCTIONAL ANALYSIS, NONSTANDARD ANALY- 
SIS, REAL ANALYSIS 
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Analysis Situs 
An archaic name for TOPOLOGY. 


Analytic Continuation 
A process of extending the region in which a COMPLEX 
FUNCTION is defined. 


see also MONODROMY THEOREM, PERMANENCE OF AL- 
GEBRAIC FORM, PERMANENCE OF MATHEMATICAL RE- 
LATIONS PRINCIPLE 
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Anchor 


Analytic Function 

A FUNCTION in the COMPLEX NUMBERS C is analy- 
tic on a region R if it is COMPLEX DIFFERENTIABLE 
at every point in R. The terms HOLOMORPHIC FUNC- 
TION and REGULAR FUNCTION are sometimes used in- 
terchangeably with “analytic function.” If a FUNCTION 
is analytic, it is infinitely DIFFERENTIABLE. 


see also BERGMAN SPACE, COMPLEX DIFFERENTIABLE, 
DIFFERENTIABLE, PSEUDOANALYTIC FUNCTION, SEMI- 
ANALYTIC, SUBANALYTIC 
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Analytic Geometry 

The study of the GEOMETRY of figures by algebraic rep- 
resentation and manipulation of equations describing 
their positions, configurations, and separations. Ana- 
lytic geometry is also called COORDINATE GEOMETRY 
since the objects are described as n-tuples of points 
(where n = 2 in the PLANE and 3 in SPACE) in some 
COORDINATE SYSTEM. 


see also ARGAND DIAGRAM, CARTESIAN COORDINATES, 
COMPLEX PLANE, GEOMETRY, PLANE, QUADRANT, 
SPACE, z-AXIS, y-AXIS, z-AXIS 
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Analytic Set 
A DEFINABLE SET, also called a SOUSLIN SET. 


see also COANALYTIC SET, SOUSLIN SET 


Anarboricity 

Given a GRAPH G, the anarboricity is the maximum 
number of line-disjoint nonacyclic SUBGRAPHS whose 
UNION is G. 


see also ARBORICITY 


Anchor 
An anchor is the BUNDLE MAP p from a VECTOR BUN- 
DLE A to the TANGENT BUNDLE TB satisfying 


1. [p(X), o(Y)] = (X, Y]) and 


2. [X, 9Y] = dX, Y] + (0X) ØY, 
where X and Y are smooth sections of A, @ is a 
smooth function of B, and the bracket is the “Jacobi-Lie 
bracket” of a VECTOR FIELD. 


see also LIE ALGEBROID 
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Anchor Ring 


Anchor Ring 
An archaic name for the TORUS. 
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And 

A term (PREDICATE) in LOGIC which yields TRUE if one 
or more conditions are TRUE, and FALSE if any condi- 
tion is FALSE. A AND B is denoted A&B, AA B, or 
simply AB. The BINARY AND operator has the follow- 
ing TRUTH TABLE: 


A B AAB 
F E F 
F T F 
T PF F 
T T T 


A Propuct of ANDs (the AND of n conditions) is 
called a CONJUNCTION, and is denoted 


A As. 
k=1 


Two binary numbers can have the operation AND per- 
formed bitwise with 1 representing TRUE and 0 FALSE. 
Some computer languages denote this operation on A, 
B, and C as Ak&B&&C or logand(A,B,C). 


see also BINARY OPERATOR, INTERSECTION, NOT, OR, 
PREDICATE, TRUTH TABLE, XOR 


Anderson-Darling Statistic 
A statistic defined to improve the KOLMOGOROV- 
SMIRNOV TEST in the TAIL of a distribution. 


see also KOLMOGOROV-SMIRNOV TEST, 
STATISTIC 


KUIPER 
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Andrés Problem 
The determination of the number of ALTERNATING PER- 
MUTATIONS having elements (1, 2,..., n} 


see also ALTERNATING PERMUTATION 
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André”s Reflection Method 

A technique used by André (1887) to provide an elegant 
solution to the BALLOT PROBLEM (Hilton and Pederson 
1991). 
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Andrew’s Sine 


The function 
_ J sin (2) |z| < er 
vel 4 |z| > ex 


which occurs in estimation theory. 


see also SINE 
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Andrews Cube 
see SEMIPERFECT MAGIC CUBE 


Andrews-Curtis Link 

The LINK of 2-spheres in R* obtained by SPINNING in- 
tertwined arcs. The link consists of a knotted 2-sphere 
and a SPUN TREFOIL KNOT. 


see also SPUN KNOT, TREFOIL KNOT 


References 


Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, p. 94, 1976. 


Andrews-Schur Identity 
- k? tak [Pr —k+ i 

21 k 

k=0 


= n — 5k [2n + 2a +2] ” 


(1) 


Evert Fruitman W7RXV 
2808 W. Rancho Dr. 
Phoenix AZ 85017 


Fig. 9-28. The original overvoltage protection circuit. 


system, VR, suppresses the 5- to 6-volt offset voltage at the 
collector of Q.. 

At the low current level found in this circuit, the zener diode 
may not show sharp enough turn-off characteristic. This property 
will be helped along in the right direction by connecting 2 or 3 
1N4001s (or other cheap silicon diodes) in series with VR, as 
shown in Fig. 2-29. An alternative solution would be touse a 6.8- to 
8.2-volt zener for VR,. 

If the voltage is applied to this circuit and slowly increased 
from about 5 volts to whatever level was intended, the system will 
malfunction. The voltage set/trip control will exhibit some unusual 
properties. This malfunction will happen only under the above 
stated conditions. It may be prevented by making the following 
simple changes: 

1. Disconnect the 10k and 5600-Ohm resistors from Q, collec- 
tor. 

2. Disconnect Q, collector from B+. 

3. Connector Q, collector to B+. 

4. Connect Q, collector to the junction of the 10k and 5600- 
Ohm resistors that used to be tied to Q, collector. See Figs. 9-28 
and 9-29. 

At this point you are almost there. As it stands, after complet- 
ing the above operation, the fuse will clear if the input voltage is 
below the intended set point. In order to correct that malady and 
finish the project, it is necessary (and highly desirable) to make the 
final modification. 

Disconnect the zener diode, VR, from the base of Q,, and 
connect it to the base of Q, (another 2N3414, etc.). Connect one 
end of a 1500-ohm, “%-watt resistor to B+, and the other end of it to 
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where [z] is a GAUSSIAN POLYNOMIAL. It is a POLY- 
NOMIAL identity for a = 0, 1 which implies the ROGERS- 
RAMANUJAN IDENTITIES by taking n —> oo and apply- 
ing the JACOBI TRIPLE PRODUCT identity. A variant of 
this equation is 


Y k?242ak n+k+a 
q n—k 
k=—|a/2| 


[7/5] 
gdh? +(6a+1)k pa + 2a + | 


5 — 5k 
—|(n4+2a+2)/5| 


[10k + 2a + 2] 


pn+za+a Y 


where the symbol |x| in the Sum limits is the FLOOR 
FUNCTION (Paule 1994). The RECIPROCAL of the iden- 
tity 1s 

D g® t2ak 

= (q; q)2k+a 


_T 1 A 
o ere) (3) 
j=0 


for a = 0, 1 (Paule 1994). For q = 1, (1) and (2) become 


—la/2] 
[n/5] 
2n+2a+2\5k+al 
- > Sktotl y 
n— 5k n+a+l 
—|(n+2a42)/5] 
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Andrica's Conjecture 


0.6| 
A 
| 
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100 200 300 400 500 
Andrica’s conjecture states that, for pn the nth PRIME 
NUMBER, the INEQUALITY 


An = yPn+1 — y Pn < 1 


Anger Function 


holds, where the discrete function A, is plotted above. 
The largest value among the first 1000 PRIMES is for 
n = 4, giving V11 — V7 = 0.670873. Since the Andrica 
function falls asymptotically as n increases so a PRIME 
GAP of increasing size is needed at large n, it seems 
likely the CONJECTURE is true. However, it has not yet 
been proven. 


100 200 300 400 500 
An bears a strong resemblance to the PRIME DIFFER- 
ENCE FUNCTION, plotted above, the first few values of 
which are 1, 2, 2, 4, 2, 4, 2, 4, 6, 2, 6, ... (Sloane’s 
A001223). 


see also BROCARD'S CONJECTURE, GOOD PRIME, FOR- 
TUNATE PRIME, POLYA CONJECTURE, PRIME DIFFER- 
ENCE FUNCTION, TWIN PEAKS 
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Anger Function 
A generalization of the BESSEL FUNCTION OF THE 
FIRST KIND defined by 


Fz) = F cos(v@ — z sin 0) dé. 
0 


If v is an INTEGER n, then Jn(z) = Jn(z), where Jn(z) 
is a BESSEL FUNCTION OF THE FIRST KIND. Anger’s 
original function had an upper limit of 27, but the cur- 
rent NOTATION was standardized by Watson (1966). 


see also BESSEL FUNCTION, MODIFIED STRUVE FUNC- 
TION, PARABOLIC CYLINDER FUNCTION, STRUVE 
FUNCTION, WEBER FUNCTIONS 
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Angle 


Angle 


6 


Given two intersecting LINES or LINE SEGMENTS, the 
amount of ROTATION about the point of intersection 
(the VERTEX) required to bring one into correspondence 
with the other is called the angle 9 between them. An- 
gles are usually measured in DEGREES (denoted °), Ra- 
DIANS (denoted rad, or without a unit), or sometimes 
GRADIANS (denoted grad). 


One full rotation in these three measures corresponds to 
360°, 27 rad, or 400 grad. Half a full ROTATION is called 
a STRAIGHT ANGLE, and a QUARTER of a full rotation 
is called a RIGHT ANGLE. An angle less than a RIGHT 
ANGLE is called an ACUTE ANGLE, and an angle greater 
than a RIGHT ANGLE is called an OBTUSE ANGLE. 


The use of DEGREES to measure angles harks back to 
the Babylonians, whose SEXAGESIMAL number system 
was based on the number 60. 360° likely arises from the 
Babylonian year, which was composed of 360 days (12 
months of 30 days each). The DEGREE is further divided 
into 60 ARC MINUTES, and an ARC MINUTE into 60 
ARC SECONDS. A more natural measure of an angle is 
the RADIAN. It has the property that the ARC LENGTH 
around a CIRCLE is simply given by the radian angle 
measure times the CIRCLE RADIUS. The RADIAN is also 
the most useful angle measure in CALCULUS because the 
DERIVATIVE of TRIGONOMETRIC functions such as 


dz sing = COST 
does not require the insertion of multiplicative constants 
like 7/180. GRADIANS are sometimes used in surveying 
(they have the nice property that a RIGHT ANGLE is ex- 
actly 100 GRADIANS), but are encountered infrequently, 
if at all, in mathematics. 


The concept of an angle can be generalized from the 
CIRCLE to the SPHERE. The fraction of a SPHERE sub- 
tended by an object is measured in STERADIANS, with 
the entire SPHERE corresponding to 4r STERADIANS. 


A ruled SEMICIRCLE used for measuring and drawing 
angles is called a PROTRACTOR. A COMPASS can also 
be used to draw circular ARCS of some angular extent. 


see also ACUTE ANGLE, ARC MINUTE, ARC SECOND, 
CENTRAL ANGLE, COMPLEMENTARY ANGLE, DEGREE, 
DIHEDRAL ANGLE, DIRECTED ANGLE, EULER ANGLES, 
GRADIAN, HORN ANGLE, INSCRIBED ANGLE, OBLIQUE 
ANGLE, OBTUSE ANGLE, PERIGON, PROTRACTOR, 
RADIAN, RIGHT ANGLE, SOLID ANGLE, STERADIAN, 
STRAIGHT ANGLE, SUBTEND, SUPPLEMENTARY ANGLE, 
VERTEX ANGLE 
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Angle Bisector 


interior angle 
bisector 


exterior angle 
~ bisection 


5 
"w 


The (interior) bisector of an ANGLE is the LINE or LINE 
SEGMENT which cuts it into two equal ANGLES on the 
same “side” as the ANGLE. 


The length of the bisector of ANGLE Aı in the above 
TRIANGLE AA, A24A3 is given by 


t 2 = 4203 1 a 
v= e — 

(as + az)? |” 
where t; = A:T; and a; = AjAx. The angle bisectors 
meet at the INCENTER J, which has TRILINEAR COOR- 
DINATES 1:1:1. 


see also ANGLE BISECTOR THEOREM, CYCLIC QUAD- 
RANGLE, EXTERIOR ANGLE BISECTOR, ISODYNAMIC 
POINTS, ORTHOCENTRIC SYSTEM, STEINER-LEHMUS 
‘THEOREM, TRISECTION 
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Angle Bisector Theorem 

The ANGLE BISECTOR of an ANGLE in a TRIANGLE di- 
vides the opposite side in the same RATIO as the sides 
adjacent to the ANGLE. 


Angle Bracket 
The combination of a BRA and KET (bra+ket = 
bracket) which represents the INNER PRODUCT of two 


functions or vectors, 


(flg) = J feaa 


(vw) =v: w. 


By itself, the BRA is a COVARIANT 1-VECTOR, and the 
KET is a COVARIANT ONE-FORM. These terms are com- 
monly used in quantum mechanics. 


see also BRA, DIFFERENTIAL k-FORM, KET, ONE-FORM 
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Angle of Parallelism 


P 
E 


[Go 


A C D B 

Given a point P and a LINE AB, draw the PERPENDIC- 
ULAR through P and call it PC. Let PD be any other 
line from P which meets CB in D. In a HYPERBOLIC 
GEOMETRY, as D moves off to infinity along CB, then 
the line PD approaches the limiting line PE, which is 
said to be parallel to CB at P. The angle ¿CPE which 
PE makes with PC is then called the angle of paral- 
lelism for perpendicular distance x, and is given by 


I(x) = 2tan7*(e~”). 


This is known as LOBACHEVSKY’S FORMULA. 
see also HYPERBOLIC GEOMETRY, LOBACHEVSKY’S 
FORMULA 


References 
Manning, H. P. Introductory Non-Euclidean Geometry. New 
York: Dover, pp. 31-32 and 58, 1963. 


Angle Trisection 
see TRISECTION 


Angular Acceleration 
The angular acceleration @ is defined as the time DE- 
RIVATIVE of the ANGULAR VELOCITY w, 


see also ACCELERATION, ANGULAR DISTANCE, ANGU- 
LAR VELOCITY 


Angular Defect 
The DIFFERENCE between the SUM of face ANGLES A; 
at a VERTEX of a POLYHEDRON and 27, 


§=2n-S As. 


see also DESCARTES TOTAL ANGULAR DEFECT, JUMP 
ANGLE 


Angular Distance 
The angular distance traveled around a CIRCLE is the 
number of RADIANS the path subtends, 


0 


a 
7 


£ 
a 
DNT s 


see also ANGULAR ACCELERATION, ANGULAR VELOC- 
ITY 


Annulus Conjecture 


Angular Velocity 

The angular velocity w is the time DERIVATIVE of the 
ANGULAR DISTANCE @ with direction z PERPENDICU- 
LAR to the plane of angular motion, 


see also ANGULAR ACCELERATION, ANGULAR Dis- 
TANCE 


Anharmonic Ratio 
see CROSS-RATIO 


Anisohedral Tiling 
A k-anisohedral tiling is a tiling which permits no n- 
ISOHEDRAL TILING with n < k. 
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Annihilator 

The term annihilator is used in several different ways in 
various aspects of mathematics. It is most commonly 
used to mean the SET of all functions satisfying a given 
set of conditions which is zero on every member of a 
given SET. 


Annulus 
The region in common to two concentric CIRCLES of 
RADII a and b. The AREA of an annulus is 

2 


. Ala = a(b = a”). 


An interesting identity is as follows. In the figure, 


the AREA of the shaded region A is given by 


A = Ci + C2. 


see also CHORD, CIRCLE, CONCENTRIC CIRCLES, LUNE 
(PLANE), SPHERICAL SHELL 


References 


Pappas, T. “The Amazing Trick.” The Joy of Mathematics. 
San Carlos, CA: Wide World Publ./Tetra, p. 69, 1989. 


Annulus Conjecture 
see ÁNNULUS THEOREM 


Annulus Theorem 


Annulus Theorem 

Let K? and K? be disjoint bicollared knots in R”** or 
S"*" and let U denote the open region between them. 
Then the closure of U is a closed annulus S” x (0, 1]. 
Except for the case n = 3, the theorem was proved by 
Kirby (1969). 
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Anomalous Cancellation 

The simplification of a FRACTION a/b which gives a cor- 
rect answer by “canceling” DIGITS of a and b. There 
are only four such cases for NUMERATOR and DENOM- 
INATORS of two DIGITS in base 10: 64/16 = 4/1 = 4, 
98/49 = 8/4 = 2, 95/19 = 5/1 = 5, and 65/26 = 5/2 
(Boas 1979). 


The concept of anomalous cancellation can be extended 
to arbitrary bases. PRIME bases have no solutions, but 
there is a solution corresponding to each PROPER DIVI- 
SOR of a COMPOSITE b. When b— 1 is PRIME, this type 
of solution is the only one. For base 4, for example, 
the only solution is 324/134 = 24. Boas gives a table of 
solutions for 6 < 39. The number of solutions is EVEN 
unless 6 is an EVEN SQUARE. 


b N| 6b N 
4 1|26 4 
6 2127 6 
8 2 |28 10 
9 2/30 6 
10 4432 4 
12 4/34 6 
14 2135 6 
15 6 |36 21 
16 7/38 2 
18 4/39 6 
20 4 
21 10 
22 6 


see also FRACTION, PRINTER'S ERRORS, REDUCED 
FRACTION 


References 

Boas, R. P. “Anomalous Cancellation.” Ch. 6 in Mathemat- 
ical Plums (Ed. R. Honsberger). Washington, DC: Math. 
Assoc. Amer., pp. 113-129, 1979. 

Ogilvy, C. S. and Anderson, J. T. Excursions in Number 
Theory. New York: Dover, pp. 86-87, 1988. 


Anomalous Number 


see BENFORD’S LAW 
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Anonymous 
A term in SOCIAL CHOICE THEORY meaning invariance 
of a result under permutation of voters. 


see also DUAL VOTING, MONOTONIC VOTING 


Anosov Automorphism 

A HYPERBOLIC linear map R” — R” with INTEGER en- 
tries in the transformation MATRIX and DETERMINANT 
+1 is an ANOSOV DIFFEOMORPHISM of the n-TORUS, 
called an Anosov automorphism (or HYPERBOLIC AU- 
TOMORPHISM). Here, the term automorphism is used in 
the GROUP THEORY sense. 


Anosov Diffeomorphism 

An Anosov diffeomorphism is a C? DIFFEOMORPHISM $ 
such that the MANIFOLD M is HYPERBOLIC with respect 
to @. Very few classes of Anosov diffeomorphisms are 
known. The best known is ARNOLD’S CAT MAP. 


A HYPERBOLIC linear map R” — R” with INTEGER 
entries in the transformation MATRIX and DETERMI- 
NANT +1 is an Anosov diffeomorphism of the n-TORUS. 
Not every MANIFOLD admits an Anosov diffeomorphism. 
Anosov diffeomorphisms are EXPANSIVE, and there are 
no Anosov diffeomorphisms on the CIRCLE. 


It is conjectured that if 6: M — M is an Anosov dif- 
feomorphism on a COMPACT RIEMANNIAN MANIFOLD 
and the NONWANDERING SET (2(¢) of ¢ is M, then @ 
is TOPOLOGICALLY CONJUGATE to a FINITE-TO-ONE 
FACTOR of an ANOSOV AUTOMORPHISM of a NILMAN- 
IFOLD. It has been proved that any Anosov diffeomor- 
phism on the n-TORUS is TOPOLOGICALLY CONJUGATE 
to an ANOSOV AUTOMORPHISM, and also that Anosov 
diffeomorphisms are C STRUCTURALLY STABLE. 


see also ANOSOV AUTOMORPHISM, AXIOM A DIFFEO- 
MORPHISM, DYNAMICAL SYSTEM 
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Anosov Flow 

A FLOW defined analogously to the ANOSOV DIFFEO- 
MORPHISM, except that instead of splitting the TAN- 
GENT BUNDLE into two invariant sub-BUNDLES, they 
are split into three (one exponentially contracting, one 
expanding, and one which is 1-dimensional and tangen- 
tial to the flow direction). 


see also DYNAMICAL SYSTEM 
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Anosov Map 
An important example of a ANOSOV DIFFEOMORPHISM. 


tite aie 


where In+1,Yn+1 are computed mod 1. 
see also ARNOLD’S CAT MAP 


ANOVA 

“Analysis of Variance.” A STATISTICAL TEST for het- 
erogeneity of MEANS by analysis of group VARIANCES. 
To apply the test, assume random sampling of a vari- 
ate y with equal VARIANCES, independent errors, and a 
NORMAL DISTRIBUTION. Let n be the number of REPLI- 
CATES (sets of identical observations) within each of K 
FACTOR LEVELS (treatment groups), and y,; be the jth 
observation within FACTOR LEVEL ¿. Also assume that 
the ANOVA is “balanced” by restricting n to be the 
same for each FACTOR LEVEL. 


Now define the sum of square terms 


SST = NON (ys - 9 (1) 


t=1 ¿=1 


k n 2 ke n 2 
i Z » y Yi = > ye (3) 
i=1 Aj=1 i=1 j=1 
k n 
SSE = X X (vis — yi) (4) 
i=1 j=1 
= SST — SSA, (5) 


which are the total, treatment, and error sums of 
squares. Here, Y; is the mean of observations within 
FACTOR LEVEL i, and y is the “group” mean (i.e., mean 
of means). Compute the entries in the following table, 
obtaining the P-VALUE corresponding to the calculated 
F-RATIO of the mean squared values 


MSA 
F= ——., 
MSE (6) 
Category SS “Freedom Mean Squared  F-Ratio 
treatment SSA K-—l1 MSA = SSA MIA 
error SSE K(n-1) MSE= K=-T) 
total SST Kn-1 MS8T= 4 


If the P-VALUE is small, reject the NULL HYPOTHESIS 


that all MEANS are the same for the different groups. 
see also FACTOR LEVEL, REPLICATE, VARIANCE 


Anticlastic 


Anthropomorphic Polygon 
A SIMPLE POLYGON with precisely two EARS and one 
MOUTH. 


References 
Toussaint, G. “Anthropomorphic Polygons.” Amer. Math. 
Monthly 122, 31-35, 1991. 


Anthyphairetic Ratio 
An archaic word for a CONTINUED FRACTION. 


References 
Fowler, D. H. The Mathematics of Plato’s Academy: A New 
Reconstruction. New York: Oxford University Press, 1987. 


Antiautomorphism 

Ifa Map f : G > G' from a GROUP G to a GROUP G' 
satisfies f(ab) = f(a)f(b) for all a,b € G, then f is said 
to be an antiautomorphism. 


see also AUTOMORPHISM 


Anticevian Triangle 

Given a center a : B : y, the anticevian triangle is 
defined as the TRIANGLE with VERTICES —a: B: y, 
a:—B:y,anda:B:—y. If A'B'C' is the CEVIAN 
TRIANGLE of X and A“B"C" is an anticevian trian- 
gle, then X and A” are HARMONIC CONJUGATE POINTS 
with respect to A and A’. 


see also CEVIAN TRIANGLE 


References 
Kimberling, C. “Central Points and Central Lines in the 
Plane of a Triangle.” Math. Mag. 67, 163-187, 1994. 


Antichain 

Let P be a finite PARTIALLY ORDERED SET. An an- 
tichain in P is a set of pairwise incomparable elements 
(a family of SUBSETS such that, for any two members, 
one is not the SUBSET of another). The WIDTH of P is 
the maximum CARDINALITY of an ANTICHAIN in P. For 
a PARTIAL ORDER, the size of the longest ANTICHAIN 
is called the WIDTH. 


see also CHAIN, DILWORTH’S LEMMA, PARTIALLY OR- 
DERED SET, WIDTH (PARTIAL ORDER) 


References 
Sloane, N. J. A. Sequence A006826/M2469 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


Anticlastic 

When the GAUSSIAN CURVATURE K is everywhere NEG- 
ATIVE, a SURFACE is called anticlastic and is saddle- 
shaped. A SURFACE on which K is everywhere POSI- 
TIVE is called SYNCLASTIC. A point at which the GAUS- 
SIAN CURVATURE is NEGATIVE is called a HYPERBOLIC 
POINT. 


see also ELLIPTIC POINT, GAUSSIAN QUADRATURE, 
HYPERBOLIC POINT, PARABOLIC POINT, PLANAR 
POINT, SYNCLASTIC 


Anticommutative 


Anticommutative 
An OPERATOR * for which a * b = —b xa is said to be 
anticommutative. 


see also COMMUTATIVE 


Anticommutator _ 
For OPERATORS A and B, the anticommutator is defined 
by a a as 
{A,B} = AB + BA. 
see also COMMUTATOR, JORDAN ÁLGEBRA 


Anticomplementary Triangle 


A 
A'i 3 


A’; 


A TRIANGLE AA’B'C" which has a given TRIANGLE 
AABC as its MEDIAL TRIANGLE. The TRILINEAR CoO- 
ORDINATES of the anticomplementary triangle are 


i —1 —1 —1 
B =a :—b :c 


Ci=a':b':-c° 
see also MEDIAL TRIANGLE 


Antiderivative 
see INTEGRAL 


Antidifferentiation 
see INTEGRATION 


Antigonal Points 
B 


Y 
Given ZAXB + LAY B = m RADIANS in the above fig- 
ure, then X and Y are said to be antigonal points with 
respect to A and B. 


Antihomography 
A CIRCLE-preserving TRANSFORMATION composed of 
an ODD number of INVERSIONS. 


see also HOMOGRAPHY 
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Antihomologous Points 

Two points which are COLLINEAR with respect to 

a SIMILITUDE CENTER but are not HOMOLOGOUS 

PoINTS. Four interesting theorems from Johnson (1929) 

follow. 

1. Two pairs of antihomologous points form inversely 
similar triangles with the HOMOTHETIC CENTER. 

2. The PRODUCT of distances from a HOMOTHETIC 
CENTER to two antihomologous points is a constant. 

3. Any two pairs of points which are antihomologous 
with respect to a SIMILITUDE CENTER lie on a CIR- 
CLE. 

4. The tangents to two CIRCLES at antihomologous 
points make equal ANGLES with the LINE through 
the points. 


see also HOMOLOGOUS POINTS, HOMOTHETIC CENTER, 
SIMILITUDE CENTER 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 19-21, 1929. 


Antilaplacian 

The antilaplacian of u with respect to x is a function 
whose LAPLACIAN with respect to x equals u. The an- 
tilaplacian is never unique. 


see also LAPLACIAN 


Antilinear Operator 
An antilinear OPERATOR satisfies the following two 
properties: 


Alfi(x) + fo(x)] = Afi(x) + Afalz) 
Acf (x) = c* Af (zx), 


where c* is the COMPLEX CONJUGATE ofc. 
see also LINEAR OPERATOR 


Antilogarithm 
The INVERSE FUNCTION of the LOGARITHM, defined 
such that 


log, (antilog, 2) = z = antilog, (log, z). 


The antilogarithm in base b of z is therefore b”. 


see also COLOGARITHM, LOGARITHM, POWER 


Antimagic Graph 

A GRAPH with e EDGES labeled with distinct elements 
{1,2,..., e) so that the SUM of the EDGE labels at each 
VERTEX differ. 


see also MAGIC GRAPH 


References 


Hartsfield, N. and Ringel, G. Pearls in Graph Theory: A 
Comprehensive Introduction. San Diego, CA: Academic 
Press, 1990. 
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Antimagic Square 


Antimagic Square 
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An antimagic square is an n xn ÁRRAY of integers from 
1 to n* such that each row, column, and main diago- 
nal produces a different sum such that these sums form 
a SEQUENCE of consecutive integers. It is therefore a 
special case of a HETEROSQUARE. 


Antimagic squares of orders one and two are impossi- 
ble, and it is believed that there are also no antimagic 
squares of order three. There are 18 families of an- 
timagic squares of order four. Antimagic squares of or- 
ders 4-9 are illustrated above (Madachy 1979). 


see also HETEROSQUARE, MAGIC SQUARE, TALISMAN 
SQUARE 


References 

Abe, G. “Unsolved Problems on Magic Squares.” 
Math. 127, 3-13, 1994. 

Madachy, J. S. “Magic and Antimagic Squares.” Ch. 4 in 
Madachy’s Mathematical Recreations. New York: Dover, 
pp. 103-113, 1979. 

% Weisstein, E. W. “Magic Squares.” http://www.astro. 
virginia. edu/-eww6n/math/notebooks/MagicSquares.m. 


Disc. 


Antimorph 

A number which can be represented both in the form 
zo? — Dyo? and in the form Dz? — yı”. This is only 
possible when the PELL EQUATION 


2? — Dy? == 
is ia hie Then 


r’ — Dy? = — (zo — Dyo Man” — Dyn”) 
= D(xoyn — Yyozn) — (Lo£n — Dyoyn)”. 


see also IDONEAL NUMBER, POLYMORPH 


References 
Beiler, A. H. Recreations in the Theory of Numbers: The 
Queen of Mathematical Entertains. New York: Dover, 


1964. | 


Antimorphic Number 


see ÁNTIMORPH 


Antipedal Triangle 


Antinomy 
A PARADOX or contradiction. 


Antiparallel 


By 
B3 


y É ` 


A pair of LINES Bı, Bz which make the same ANGLES 
but in opposite order with two other given LINES A, and 
Ag, as in the above diagram, are said to be antiparallel 
to Al and Ao. 


see also HYPERPARALLEL, PARALLEL 


References 


Phillips, A. W. and Fisher, I. Elements of Geometry. New 
York: American Book Co., 1896. 


Antipedal Triangle 


A, 


Tə 


A] 
The antipedal triangle A of a given TRIANGLE T is the 
TRIANGLE of which T is the PEDAL TRIANGLE. For 
a TRIANGLE with TRILINEAR COORDINATES 4:08: y 
and ANGLES A, B, and C, the antipedal triangle has 
VERTICES with TRILINEAR COORDINATES 


-(8B +a cos C) (y +a cos B) : (y +a cos B)(a + 8 cos C) : 
(8+ acosC)(a+ ycos B) 

(y +8 cos A)(G+acosC): —(y +8 cos A)(a+ p cos C) : 
(a + B cos C)B + y cos A) 

(B + ycos A)(y + a cos B) : (œ + ycos B)(y + 8 cos A): 
—(a + y cos B)(8 + y cos A). 


The ISOGONAL CONJUGATE of the ANTIPEDAL TRIAN- 
GLE of a given TRIANGLE is HOMOTHETIC with the orig- 
inal TRIANGLE. Furthermore, the PRODUCT of their 
AREAS equals the SQUARE of the AREA of the original 
TRIANGLE (Gallatly 1913). 


see also PEDAL TRIANGLE 


Antipersistent Process 


References 
Gallatly, W. The Modern Geometry of the Triangle, 2nd ed. 
London: Hodgson, pp. 56-58, 1913. 


Antipersistent Process 
A FRACTAL PROCESS for which H < 1/2, sor < 0. 


see also PERSISTENT PROCESS 


Antipodal Map 
The MAP which takes points on the surface of a SPHERE 
S? to their ANTIPODAL POINTS. 


Antipodal Points 

Two points are antipodal (i.e., each is ne ANTIPODE of 
the other) if they are denel opposite. Examples 
include endpoints of a LINE SEGMENT, or poles of a 
SPHERE. Given a point on a SPHERE with LATITUDE 6 
and LONGITUDE A, the antipodal point has LATITUDE 
—ô and LONGITUDE A + 180° (where the sign is taken 
so that the result is between —180° and +180°). 


see also ANTIPODE, DIAMETER, GREAT CIRCLE, 
SPHERE 


Antipode 
Given a point A, the point B which is the ANTIPODAL 
POINT of A is said to be the antipode of A. 


see also ANTIPODAL POINTS 


Antiprism 


A SEMIREGULAR POLYHEDRON constructed with 2 n- 
gons and 2n TRIANGLES. The 3-antiprism is simply the 
OCTAHEDRON. The DUALS are the TRAPEZOHEDRA. 
The SURFACE AREA of a n-gonal antiprism is 


S = 24n-gon + 2NÁA 
2 ina cot (= ) + 2n(4 V3 a7) 


ina’ [cot (= ) +v3|. 


li 


see also OCTAHEDRON, PRISM, PRISMOID, TRAPEZOHE- 
DRON 
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Ball, W. W. R. and Coxeter, H. S. M. “Polyhedra.” Ch. 5 in 
Mathematical Recreations and Essays, 13th ed. New York: 
Dover, p. 130, 1987. 
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Antisymmetric Matrix 51 


Antiquity 
see GEOMETRIC PROBLEMS OF ANTIQUITY 


Antisnowflake 
see KOCH ANTISNOWFLAKE 


Antisquare Number 

A number of the form p° - A is said to be an antisquare 
if it fails to be a SQUARE NUMBER for the two reasons 
that a is ODD and A is a nonsquare modulo p. 


see also SQUARE NUMBER 


Antisymmetric 

A quantity which changes SIGN when indices are re- 
versed. For example, Ai; = a; — a; is antisymmetric 
since Ai; = —Aji. 

see also ANTISYMMETRIC MATRIX, ANTISYMMETRIC 
TENSOR, SYMMETRIC 


Antisymmetric Matrix 
An antisymmetric matrix is a MATRIX which satisfies 
the identity 

A=-A* (1) 


where A* is the MATRIX TRANSPOSE. In component 
notation, this becomes 


Qij = — Aji. (2) 
Letting k = i = 7, the requirement becomes 

Akk = —Gkk, (3) 
so an antisymmetric matrix must have zeros on its diag- 


onal. The general 3 x 3 antisymmetric matrix is of the 
form 


0 a12 013 
—12 0 a23 |. (4) 
—0413 —a23 0 


Applying A”? to both sides of the antisymmetry condi- 


tion gives 


sATA" si. (5) 


Any SQUARE MATRIX can be expressed as the sum of 
symmetric and antisymmetric parts. Write 


A=}4(A+A")+3(A-A*). (6) 
i Q11 Q12 ot Qin 
421 Q22 “°° Q2n 

A=} . =* (7) 
Anl An2 TO Ann 


52 Antisymmetric Relation 
411 a21 "'* Qni 
E 412 422 ‘+ Gn2 
AT = (8) 
Qin Qn aie Ann 
SO 
2011 412 + Q21 Gin + Ani 
ef a12 + G21 2422 © Gon + Gn2 
A+ A” = : ‘ : . ) 
din + ani Qn + an2 *** 24nn 


which is symmetric, and 


A- AT = 
0 412 — G21 Qin — QAn1 
—(a12 — a21) 0 42n — Un2 
—(din = an1) — (azn = an2) ee 0 
(10) 


which is antisymmetric. 


see also SKEW SYMMETRIC MATRIX, SYMMETRIC MA- 
TRIX 


Antisymmetric Relation 

A RELATION R on a SET S is antisymmetric provided 
that distinct elements are never both related to one an- 
other. In other words Ry and yRz together imply that 
LS y. 


Antisymmetric Tensor 
An antisymmetric tensor is defined as a TENSOR for 
which 

Ae Sea (1) 


Any TENSOR can be written as a sum of SYMMETRIC 
and antisymmetric parts as 


The antisymmetric part is sometimes denoted using the 
special notation 


Ale) ae L(A” = A, (3) 


For a general TENSOR, 


epoca ax oh Git On 
A! i ] = ml ai an y AS a (4) 


permutations 


where €,,..-a, is the LEVI-CIVITA SYMBOL, a.k.a. the 
PERMUTATION SYMBOL. 


see also SYMMETRIC TENSOR 


Apeirogon 


Antoine’s Horned Sphere 

A topological 2-sphere in 3-space whose exterior is not 
SIMPLY CONNECTED. The outer complement of An- 
toine’s horned sphere is not SIMPLY CONNECTED. Fur- 
thermore, the group of the outer complement is not 
even finitely generated. Antoine’s horned sphere is in- 
equivalent to ALEXANDER’S HORNED SPHERE since the 
complement in R? of the bad points for ALEXANDER’S 
HORNED SPHERE is SIMPLY CONNECTED. 


see also ALEXANDER'S HORNED SPHERE 


References 

Alexander, J. W. “An Example of a Simply-Connected Sur- 
face Bounding a Region which is not Simply-Connected.” 
Proc. Nat. Acad. Sci. 10, 8-10, 1924. 

Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, pp. 76-79, 1976. 


Antoine’s Necklace 


Construct a chain C of 2n components in a solid TORUS 
V. Now form a chain Ci of 2n solid tori in V, where 


mV aa C1) = mi(V = C) 


via inclusion. In each component of Cı, construct a 
smaller chain of solid tori embedded in that component. 
Denote the union of these smaller solid tori Co. Con- 
tinue this process a countable number of times, then the 
intersection 


which is a nonempty compact SUBSET of R is called 
Antoine’s necklace. Antoine’s necklace is HOMEOMOR- 
PHIC with the CANTOR SET. 


see also ALEXANDER’S HORNED SPHERE, NECKLACE 


References | 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, pp. 73-74, 1976. 


Apeirogon 

The REGULAR POLYGON essentially equivalent to the 
CIRCLE having an infinite number of sides and denoted 
with SCHLAFLI SYMBOL {oo}. 


see also CIRCLE, REGULAR POLYGON 
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Apéry's Constant 


Apéry’s Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Apéry’s constant is defined by 
((3) = 1.2020569..., (1) 


(Sloane’s A002117) where ((2) is the RIEMANN ZETA 
FUNCTION. Apéry (1979) proved that ¢(3) is IRRA- 
TIONAL, although it is not known if it is TRANSCEN- 
DENTAL. The CONTINUED FRACTION for ¢(3) is [1, 4, 1, 
18, 1, 1, 1, 4, 1, ...] (Sloane’s A013631). The positions 
at which the numbers 1, 2, ... occur in the continued 
fraction are 1, 12, 25, 2, 64, 27, 17, 140, 10, . 


Sums related to ¢(3) are 


5 BO (—1)8 +1 (gn? 
~ 2 Sey ~ 3 2 (2%) 143 (2) 
(used by Apéry), and | 
A(3) = Ss EF = ¿C(3) (3) 
k=0 
7 A i 3 4 
L GEIS * 700) (4) 
< 1 T’ 7 
La = a T 660) (5) 
= 1 Tr 91 
DRED (6k +1) ~ 36y3 7 21853): (6) 


where A(z) is the DIRICHLET LAMBDA FUNCTION. The 
above equations are special cases of a general result due 
to Ramanujan (Berndt 1985). Apéry’s proof relied on 
showing that the sum 


a(n) = Y” @ (" + y) | (7) 


where (7) is a BINOMIAL COEFFICIENT, satisfies the RE- 
CURRENCE RELATION 


(34n* + 51n? + 27n + 5)a(n) 
+n°a(n-1)=0 (8) 


(n+ 1) a(n + 1) — 


(van der Poorten 1979, Zeilberger 1991). 


Apéry’s constant is also given by 


Apéry’s Constant 53 


where Sn, m is a STIRLING NUMBER OF THE FIRST KIND. 
This can be rewritten as 


CO 
Ay, 
n2 
n=1 


= 26 (3), (10) 


where H, is the nth HARMONIC NUMBER, Yet another 
expression for ¢(3) is 


TL A o (11) 
ISA (deed 


ve 


(Castellanos 1988). 


INTEGRALS for ¢(3) include 


¢(3) = 1 ~ Ë dt (12) 

2 o el 

8 T/4 
=> ES ln 2 + 2 f z In(sin z) de . (13) 
0 
Gosper (1990) gave 
ly. 30k-— 11 

O53% a eE (14) 


— 1)k3( pa 


A CONTINUED FRACTION involving Apéry’s constant is 
6 18 96 6 
(3) ° I7 535- 


._... ——_—_— a 


34n3 + 51n? + 27n + 5— 

(15) 
(Apéry 1979, Le Lionnais 1983). Amdeberhan (1996) 
used WILF-ZEILBERGER PAIRS (F,G) with 


(—1)*k!?(sn —k —1)! 


F(n,k) = —_—L EA UA 1 
(n,k) (sn +4 k+ DURE)? (16) 
s = 1] to obtain 
(3) = 3 y ay (17) 
2 (2°) 73° 
For s = 2, 
n] o -32 +5 1 
=D 1) _ 1)? (27) Ena (18) 
and for s = 3, 
S  (-1)" 
¢(3) > ` 4n\ [3n 
n=0 72( n ) ( n ) 
6120n + 5265n* + 13761n? + 13878n* + 1040 (19) 


(4n + 1) (4n + 3)(n + 1)(3n + 1)?(3n + 2)? 


the collector of Q, and the base of Q.. Connect the Q, emitter to 
ground. That's it! See Fig. 9-30. | 

The initial adjustment is done in the same manner as in the 
original, and it is very smooth and very resetable. This modification 
was checked out using a power supply that went from 5-25 volts 
with excellent results. The trip point could be set anywhere from 8 
volts to 25 volts and it would consistently fire at the trip point 
+0.25 volt. 

THE PANIC BUTTON 

What would you do if you were operating away and noticed a 
wisp of smoke coming out of your new linear amplifier? Or if you 
were working on some gear and felt a whole lot of electrons running 
between your fingertips and your toes? Or if you were going on 
vacation and wanted to make sure your station wouldn't be oper- 
ated in your absence? 

You'd want to kill the power (I hope!), and in at least the first 
two cases, you'd want it off fast. And it might be even nicer if this 
could be done easily by somebody else, such as one of the kids—or 
even the dog—if you got into trouble and couldn't kill the power 
yourself. Aside from these situations, there are times when it is 
merely convenient to know that all your shack power is off. 

A properly-engineered kill-switch system thus has a number 
of advantages, and if you have not yet installed this basic safety/ 
convenience feature, you might consider it. In most cases it is a 
simple thing to do, it is economical, and whether or not you ever 
plan on using it, just getting it in place is guaranteed to give you a 
good feeling. At the very least, your station will have a new touch 
of class. 
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(Amdeberhan 1996). The corresponding G(n, k) for s = 
1 and 2 are 


2(—1)*k!?(n — k)! 


Am) = RDA 


(20) 


and 


G(n,k) = 
(—1)F k! (2n — k)'(3 + 4n)(4n? + 6n +k 4 3) 


2(2n +k + 2)!(n +1} (2n + 1)? (21) 


Gosper (1996) expressed ¢(3) as the MATRIX PRODUCT 


> 0 ¢(3) 
lim Ma = | : |. (22) 


PARA ga Rae S u O O: ene A 


(n+1)4 24570n*4+64161n%462152n?*426427n 44154 
= 12 == 12 = = = 
pees (n+7) reg age eee eee 


rs | 


(23) 


which gives 12 bits per term. The first few terms are 


1 2077 
== 19600 1728 
Mi | 0 1 | (24) 
1 7561 
— | 9801 4320 
Ma | 0 1 | (25) 
9 50501 
— | 67600 20160 
M3 | O 1 | , (26) 
which gives 
¢(3) = SSSR = 1.20205690315732.... (27) 


Given three INTEGERS chosen at random, the probabil- 
ity that no common factor will divide them all is 


[¢(3)]~* = 1.2027? = 0.832.... (28) 


B. Haible and T. Papanikolaou computed ¢(3) to 
1,000,000 DIGITS using a WILF-ZEILBERGER PAIR iden- 
tity with 


k n!*(2n —k- 1)!k! 


F(n, k) = (121 —— 2 
CEAS 2(n + k + 1)!2(2n)!8’ (29) 
s = 1, and t = 1, giving the rapidly converging 
oo 
n NIP (205n* + 250n + 77) 
¢(3) = XY ~oan e (30) 


Apoapsis 


(Amdeberhan and Zeilberger 1997). The record as of 
Aug. 1998 was 64 million digits (Plouffe). 


see also RIEMANN ZETA FUNCTION, WILF-ZEILBERGER 
PAIR 
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A poapsis 
ry r 


The greatest radial distance of an ELLIPSE as measured 
from a Focus. Taking v = ~ in the equation of an 
ELLIPSE 

_ all-e?) 

= l+ecosv 


Apocalypse Number 
gives the apoapsis distance 
ry =a(l+e). 


_Apoapsis for an orbit around the Earth is called apogee, 
and apoapsis for an orbit around the Sun is called aphe- 
lion. 


see also ECCENTRICITY, ELLIPSE, FOCUS, PERIAPSIS 


Apocalypse Number 

A number having 666 DIGITS (where 666 is the BEAST 
NUMBER) is called an apocalypse number. The FI- 
BONACCI NUMBER F3184 is an apocalypse number. 


see also BEAST NUMBER, LEVIATHAN NUMBER 
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Apocalyptic Number 

A number of the form 2” which contains the digits 666 
(the BEAST NUMBER) is called an APOCALYPTIC NUM- 
BER. 2*% is an apocalyptic number. The first few such 
powers are 157, 192, 218, 220, ... (Sloane’s A007356). 


see also APOCALYPSE NUMBER, LEVIATHAN NUMBER 


References 

Pickover, C. A. Keys to Infinity. New York: Wiley, pp. 97— 
102, 1995. 

Sloane, N. J. A. Sequences A007356/M5405 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 

Sloane, N. J. A. and Plouffe, S. Extended entry in The Ency- 
clopedia of Integer Sequences. San Diego: Academic Press, 
1995. 


Apodization 
The application of an APODIZATION FUNCTION. 


Apodization Function 

A function (also called a TAPERING FUNCTION) used to 
bring an interferogram smoothly down to zero at the 
edges of the sampled region. This suppresses sidelobes 
which would otherwise be produced, but at the expense 
of widening the lines and therefore decreasing the reso- 
lution. 


The following are apodization functions for symmetrical 
(2-sided) interferograms, together with the INSTRUMENT 
FUNCTIONS (or ÁPPARATUS FUNCTIONS) they produce 
and a blowup of the INSTRUMENT FUNCTION sidelobes. 
The INSTRUMENT FUNCTION I(k) corresponding to a 
given apodization function A(z) can be computed by 
taking the finite FOURIER COSINE TRANSFORM, 


I(k) =j cos(27kx)A(x) dz. (1) 


—a 
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Apodization Function Instrument Function Instrument Function Sidelobes 


1.25 0. 
1 


Bartlett 


Blackman 


Connes 


Cosine 


Uniform 


a sinc? (mka) 
Bı (k) 


Bartlett 


Blackman 


Connes 8aV/2n ar 
Cosine senagat 
Gaussian PE TARG 2f cos(2k2)e7"*/09) dz 
Hamming Hmalz) Hm,(k) 

Hanning Hna(z) Hn;(k) 

Uniform 2a sinc (27ka) 


Welch 


W,(k) 


where 
Ba(z) = 0.42 + 0.5 cos (=) + 0.08 cos (=) (2) 
a a 
B;(k) = a(0.84 — 0.36a? k? — 2.17 x 107 *a*k%) sinc(27ak) 
A (1 — a?k?)(1 — 4a?k2) 
(3) 
Hma(x) = 0.54 + 0.46 cos (=) (4) 
1.08 — 0.64a?k?) sinc(2rak 


1 — 4a7k? 
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Hn a(x) = cos” (=£) (6) 
2a 
mee [1 + cos (=) (7) 
2 a 
asinc (2rak) 
S 8) 
= alsinc(27rka) + 5 sinc(2rka — r) 
+ 3 sinc(2rka + 7)| (9) 
PGA 
= 424 27 == 1 
E _sin(2rko) — 2nak cos(27ak) | (11) 
2a% ke 713 


Peak (+) 5.L. 
Peak 


IF FWHM |IF Peak | Peak (—) S.L. 
Peak io) S.L. 


Bartlett 1.77179 0.00000000 0.0471904 
Blackman 2.29880 —0.00106724 0.00124325 
Connes 1.90416 —0.0411049 0.0128926 
Cosine 1.63941 —0.0708048 0.0292720 
Gaussian — aa = 
Hamming 1.81522 —0.00689132 0.00734934 
Hanning 2.00000 —0.0267076 0.00843441 
Uniform 1.20671 ~-0.217234 0.128375 


Welch 1.59044 —0.0861713 0.356044 


A general symmetric apodization function A(x) can be 
written as a FOURIER SERIES 


A(x) = ao + 29 an cos (+ 
n=1 


where the COEFFICIENTS satisfy 


ar) 


(13) 


oo 
ao +29 an == 1: 
n=1 


The corresponding apparatus function is 


wf 


I2 [sinc(2rkb + nr) + sinc(2rkb — nz)] }. (14) 


A(x)e 2"? dg = 204 ao sinc(2rkb) 


To obtain an APODIZATION FUNCTION with zero at ka = 
3/4, use 


ao sinc(37) + ai[sinc(27) + sinc(77) = 0. (15) 
Plugging in (13), 
2 2 2 
(=O 94 \ == en 
( 41)3 +0 (at) 
-3(1 — 2a1) + ar; + 1) = 0 (16) 
a(g+3)=3 (17) 


Apollonius Circles 


1 
5 5 
3 5 
= = 18 
“geL 6-3+2-5 % (18) 
28-2-5 
ag = 1 — 2a, ==“ =YE=. (19) 


The HAMMING FUNCTION is close to the requirement 
that the APPARATUS FUNCTION goes to 0 at ka = 5/4, 
giving 


ao =  = 0.5435 (20) 
ay = 5 = 0.2283. (21) 


The BLACKMAN FUNCTION is chosen so that the APPA- 
RATUS FUNCTION goes to 0 at ka = 5/4 and 9/4, giving 


ao = ¿201 & 0.4266 (22) 
ay = 2 = 0.2483 (23) 
az = {ies Y 0.0384. (24) 


see also BARTLETT FUNCTION, BLACKMAN FUNCTION, 
CONNES FUNCTION, COSINE APODIZATION FUNCTION, 
FULL WIDTH AT HALF MAXIMUM, GAUSSIAN FUNC- 
TION, HAMMING FUNCTION, HANN FUNCTION, HAN- 
NING FUNCTION, MERTZ APODIZATION FUNCTION, 
PARZEN APODIZATION FUNCTION, UNIFORM APODIZA- 
TION FUNCTION, WELCH APODIZATION FUNCTION 
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Apollonius Circles 
There are two completely different definitions of the so- 
called Apollonius circles: 


1. The set of all points whose distances from two fixed 
points are in a constant ratio 1: y (Ogilvy 1990). 


Apollonius Point 


2. The eight CIRCLES (two of which are nondegener- 
ate) which solve APOLLONIUS’ PROBLEM for three 
CIRCLES. 


Given one side of a TRIANGLE and the ratio of the 
lengths of the other two sides, the Locus of the third 
VERTEX is the Apollonius circle (of the first type) whose 
CENTER is on the extension of the given side. For a given 
TRIANGLE, there are three circles of Apollonius. 


Denote the three Apollonius circles (of the first type) 
of a TRIANGLE by kı, k2, and k3, and their centers L1, 
L>, and L3. The center L1 is the intersection of the side 
A2A3 with the tangent to the CIRCUMCIRCLE at Ar. 
Lı is also the pole of the SYMMEDIAN POINT K with 
respect to CIRCUMCIRCLE. The centers Lı, Lz, and Ls 
are COLLINEAR on the POLAR of K with regard to its 
CIRCUMCIRCLE, called the LEMOINE LINE. The circle of 
Apollonius kı is also the locus of a point whose PEDAL 
TRIANGLE is ISOSCELES such that Pi Po = P, Ps. 


Let U and V be points on the side line BC of a TRI- 
ANGLE AABC met by the interior and exterior ANGLE 
BISECTORS of ANGLES A. The CIRCLE with DIAME- 
TER UV is called the A-Apollonian circle. Similarly, 
construct the B- and C-Apollonian circles. The Apol- 
lonian circles pass through the VERTICES A, B, and C, 
and through the two ISODYNAMIC POINTS S and S’. 
The VERTICES of the D-TRIANGLE lie on the respective 
Apollonius circles. 


see also APOLLONIUS’ PROBLEM, APOLLONIUS PURSUIT 
PROBLEM, CASEY’S THEOREM, HART’S THEOREM, ISO- 
DYNAMIC POINTS, SODDY CIRCLES 
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Apollonius Point 

Consider the EXCIRCLES T'4, Tg, and Ic of a TRIAN- 
GLE, and the CIRCLE I internally TANGENT to all three. 
Denote the contact point of I and Ta by A’, etc. Then 
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the LINES AA’, BB’, and CC’ CONCUR in this point. It 
has TRIANGLE CENTER FUNCTION 


a = sin? Acos’[3(B —C)]. 
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Apollonius’ Problem 


Given three objects, each of which may be a POINT, 
LINE, or CIRCLE, draw a CIRCLE that is TANGENT to 
each. There are a total of ten cases. The two easi- 
est involve three points or three LINES, and the hardest 
involves three CIRCLES. Euclid solved the two easiest 
cases in his Elements, and the others (with the exception 
of the three CIRCLE problem), appeared in the Tangen- 
cies of Apollonius which was, however, lost. The general 
problem is, in principle, solvable by STRAIGHTEDGE and 
COMPASS alone. 
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The three-CIRCLE problem was solved by Viéte (Boyer 
1968), and the solutions are called APOLLONIUS CIR- 
CLES. There are eight total solutions. The simplest 
solution is obtained by solving the three simultaneous 
quadratic equations 


(2-20) +(y-y)-(r+r)=0 (1) 
(2-22) +(y— ya) —-(r+ra) =0 (2) 
(æ — z3)? + (y— ys) — (r +r} =0 (3) 


in the three unknowns zx, y, r for the eight triplets of 
signs (Courant and Robbins 1996). Expanding the equa- 
tions gives 


(a? +y — r°) — 200; — 2yyi + 2rri +(x: +y =r) = 0 

(4) 
for i = 1, 2, 3. Since the first term is the same for each 
equation, taking (2) — (1) and (3) — (1) gives 


az +by+cer=d (5) 
ar+byt+ter=d, (6) 

where 
a = 2(z1 — £2) (7) 
b = 2(y1 — y2) (8) 
C = F2(rı — r2) (9) 


d= (z2 +yz — rz )— (z1 +y — rı) (10) 


and similarly for a’, b', c' and d' (where the 2 subscripts 
are replaced by 3s). Solving these two simultaneous lin- 
ear equations gives 


y — b'd—bd — Ber + ber 
ab! — ba’ 
—a'd + ad' + a'cr — acr 


=> oer ee rarer 12 
y ab’ — a'b i (12) 


Apollonius Pursuit Problem 


which can then be plugged back into the QUADRATIC 
EQUATION (1) and solved using the QUADRATIC FOR- 
MULA. 


Perhaps the most elegant solution is due to Gergonne. 
It proceeds by locating the six HOMOTHETIC CENTERS 
(three internal and three external) of the three given 
CIRCLES. These lie three by three on four lines (illus- 
trated above). Determine the POLES of one of these 
with respect to each of the three CIRCLES and connect 
the POLES with the RADICAL CENTER of the CIRCLES. 
If the connectors meet, then the three pairs of intersec- 
tions are the points of tangency of two of the eight circles 
(Johnson 1929, Dórrie 1965). To determine which two 
of the eight Apollonius circles are produced by the three 
pairs, simply take the two which intersect the original 
three CIRCLES only in a single point of tangency. The 
procedure, when repeated, gives the other three pairs of 
CIRCLES. 


If the three CIRCLES are mutually tangent, then the 
eight solutions collapse to two, known as the SODDY 
CIRCLES. 


see also APOLLONIUS PURSUIT PROBLEM, BEND (CUR- 
VATURE), CASEY’S THEOREM, DESCARTES CIRCLE 
THEOREM, FOUR COINS PROBLEM, HART’S THEOREM, 
SODDY CIRCLES 
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Apollonius Pursuit Problem 

Given a ship with a known constant direction and speed 
v, what course should be taken by a chase ship in pur- 
suit (traveling at speed V) in order to intersect the other 
ship in as short a time as possible? The problem can be 
solved by finding all points which can be simultaneously 
reached by both ships, which is an APOLLONIUS CIRCLE 
with y = v/V. If the CIRCLE cuts the path of the pur- 
sued ship, the intersection is the point towards which 


Apollonius Theorem 


the pursuit ship should steer. If the CIRCLE does not 
cut the path, then it cannot be caught. 


see also APOLLONIUS CIRCLES, APOLLONIUS’ PROB- 
LEM, PURSUIT CURVE 
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Apollonius Theorem 
Ay 


a3 ay 


Ag P 43 
<a r 


maz? + naz? = (m+n)AiP *4mPA37+nPA2’. 


KA 


Given a CIRCLE, the PERPENDICULAR distance a from 
the MIDPOINT of a CHORD to the CIRCLE’s center is 
called the apothem. It is also equal to the RADIUS r 
minus the SAGITTA s, 


Apothem 


a =T= s. 
see also CHORD, RADIUS, SAGITTA, SECTOR, SEGMENT 


Apparatus Function 
see INSTRUMENT FUNCTION 


Appell Hypergeometric Function 

A formal extension of the HYPERGEOMETRIC FUNCTION 
to two variables, resulting in four kinds of functions ( Ap- 
pell 1925}, 


F, (a; b, 8 yi, y) = Y D (o) min (B)m(B')m om, 


min!(y)m+n 


F2(a3 8,859, Y;1,y) = ` ` Ss a myr 


Falo, a’; B, B's; 2, y) = y y (oe) (tt) (Bm {Bn my 


min!(y) m+n 


Falo Bv yr, y) = y y (cdmienlB)min om ym, 


mn mtv) 
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Appell defined the functions in 1880, and Picard showed 
in 1881 that they may all be expressed by INTEGRALS 
of the form 


f u” (1 — u)? (1 — zu) (1 — yu)? du. 
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Appell Polynomial 

A type of POLYNOMIAL which includes the BERNOULLI 
POLYNOMIAL, HERMITE POLYNOMIAL, and LAGUERRE 
POLYNOMIAL as special cases. The series of POLYNOMI- 
ALS {An(2)}n=o is defined by 


A(t)e* = Y A 


where 
00 


A(t) =Ñ at" 


k=0 
is a formal POWER series with k = 0, 1, ...and ag # 0. 
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Appell Transformation 
A HOMOGRAPHIC transformation 


owe ar+by+c 
a"r+b"y+e 
o ax+by4c 
Y1 = aa + by + cil 


with £, substituted for t according to 


dt 


k dty = ————————... 
1 (aa + by + cl’)? 
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A SURFACE OF REVOLUTION defined by Kepler. It con- 
sists of more than half of a circular ARC rotated about 
an axis passing through the endpoints of the ARC. The 
equations of the upper and lower boundaries in the z-z 
PLANE are 


ae == E R? — (2 — ry? 


for R > r and x € [-(r+ R),r+ Rj. It is the outside 
surface of a SPINDLE TORUS. 


see also BUBBLE, LEMON, SPHERE-SPHERE INTERSEC- 
TION, SPINDLE TORUS 


Approximately Equal 
If two quantities A and B are approximately equal, this 
is written A + B. | 


see also DEFINED, EQUAL 


Approximation Theory 

The mathematical study of how given quantities can be 
approximated by other (usually simpler) ones under ap- 
propriate conditions. Approximation theory also stud- 
ies the size and properties of the ERROR introduced by 
approximation. Approximations are often obtained by 
POWER SERIES expansions in which the higher order 
terms are dropped. 


see also LAGRANGE REMAINDER 
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Arbelos 


Arakelov Theory 

A formal mathematical theory which introduces “com- 
ponents at infinity” by defining a new type of divisor 
class group of INTEGERS of a NUMBER FIELD. The di- 
visor class group is called an “arithmetic surface.” 


see also ARITHMETIC GEOMETRY 


Arbelos 


The term “arbelos” means SHOEMAKER’S KNIFE in 
Greek, and this term is applied to the shaded AREA 
in the above figure which resembles the blade of a knife 
used by ancient cobblers (Gardner 1979). Archimedes 
himself is believed to have been the first mathematician 
to study the mathematical properties of this figure. The 
position of the central notch is arbitrary and can be lo- 
cated anywhere along the DIAMETER. 


The arbelos satisfies a number of unexpected identities 
(Gardner 1979). 


1. Call the radii of the left and right SEMICIRCLES a 
and b, respectively, with a +b = R. Then the arc 
length along the bottom of the arbelos is 


L = 2ra + 27rb = 27r (a + b) = 27R, 


so the arc lengths along the top and bottom of the 
arbelos are the same. 


2. Draw the PERPENDICULAR BD from the tangent of 
the two SEMICIRCLES to the edge of the large CIR- 
CLE. Then the AREA of the arbelos is the same as 
the AREA of the CIRCLE with DIAMETER BD. 


3. The CIRCLES Cı and Cz inscribed on each half of 
BD on the arbelos (called ARCHIMEDES’ CIRCLES) 
each have DIAMETER (AB)(BC)/(AC). Further- 
more, the smallest CIRCUMCIRCLE of these two cir- 
cles has an area equal to that of the arbelos. 


4. The line tangent to the semicircles AB and BC con- 
tains the point E and F which lie on the lines AD 
and CD, respectively. Furthermore, BD and EF bi- 
sect each other, and the points B, D, E, and F are 
CONCYCLIC. 


Arbelos 


5. In addition to the ARCHIMEDES’ CIRCLES C and C2 
in the arbelos figure, there is a third circle C3 called 
the BANKOFF CIRCLE which is congruent to these 
two. 


6. Construct a chain of TANGENT CIRCLES starting 
with the CIRCLE TANGENT to the two small ones 
and large one. The centers of the CIRCLES le on 
an ELLIPSE, and the DIAMETER of the nth CIR- 
CLE Cn is (1/n)th PERPENDICULAR distance to the 
base of the SEMICIRCLE. This result is most eas- 
ily proven using INVERSION, but was known to Pap- 
pus, who referred to it as an ancient theorem (Hood 
1961, Cadwell 1966, Gardner 1979, Bankoff 1981). If 
r = AB/AC, then the radius of the nth circle in the 
PAPPUS CHAIN is 


a (1 — rjr 
“  2n2(1-"1)?+r] 

This general result simplifies to rn = 1/(6 + n?) for 

r = 2/3 (Gardner 1979). Further special cases when 

AC = 1 + AB are considered by Gaba (1940). 


7. If B divides AC in the GOLDEN RATIO @, then the 
circles in the chain satisfy a number of other special 
properties (Bankoff 1955). 


see also ARCHIMEDES’ CIRCLES, BANKOFF CIRCLE, 
COXETER’S LOXODROMIC SEQUENCE OF TANGENT 
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CIRCLES, GOLDEN RATIO, INVERSION, PAPPUS CHAIN, 
STEINER CHAIN 
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Arborescence 

A DIGRAPH is called an arborescence if, from a given 
node z known as the Root, there is exactly one ele- 
mentary path from z to every other node y. 


see also ÁRBORICITY 


Arboricity 

Given a GRAPH G, the arboricity is the MINIMUM num- 
ber of line-disjoint acyclic SUBGRAPHS whose UNION is 
G. 


see also ANARBORICITY 


Arc 

In general, any smooth curve joining two points. In 
particular, any portion (other than the entire curve) of 
a CIRCLE or ELLIPSE. 

see also APPLE, CIRCLE-CIRCLE INTERSECTION, FIVE 
DISKS PROBLEM, FLOWER OF LIFE, LEMON, LENS, 
PIECEWISE CIRCULAR CURVE, REULEAUX POLYGON, 
REULEAUX TRIANGLE, SALINON, SEED OF LIFE, TRI- 
ANGLE ARCS, VENN DIAGRAM, YIN- YANG 


Arc Length 
Arc length is defined as the length along a curve, 


s= Frias, (1) 


Defining the line element ds? = |d£|?, parameterizing 
the curve in terms of a parameter t, and noting that 
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ds/dt is simply the magnitude of the VELOCITY with 
which the end of the RADIUS VECTOR r moves gives 


sfai = dt = f| ola (2) 


In POLAR COORDINATES, 


dl = ĉdr + ró de = (Ser + 10) dé, (3) 
so 
dr 
ds = |d] = 4/ r? + 2+ (2) do (4) 
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dr 
s= |d£| = i r2+{—] dé. (5) 
J o. (3) 


In CARTESIAN COORDINATES, 
dl = rf + yy (6) 


ds = y dz? + dy? = (2 y + ldz. (7) 
Therefore, if the curve is written 
r(z) = 2% + f(2)ĵ, (8) 
then 


s= | it f(x) dz. (9) 


If the curve is instead written 


r(t) = 2(t)& + y(1)y, (10) 


then 


s= J 22 (t) + y? (t) dt. (11) 


Or, in three dimensions, 
r(t) = a(t)& + (07 + 2(0)2, (12) 


SO 


s= / x'2(t) + y? (t) + z(t) dt. (13) 


see also CURVATURE, GEODESIC, NORMAL VECTOR, 
RADIUS OF CURVATURE, RADIUS OF TORSION, SPEED, 
SURFACE AREA, TANGENTIAL ANGLE, TANGENT VEC- 
TOR, TORSION (DIFFERENTIAL GEOMETRY), VELOC- 
ITY | 


Arc Minute 

A unit of ANGULAR measure equal to 60 ARC SECONDS, 
or 1/60 of a DEGREE. The arc minute is denoted ' (not 
to be confused with the symbol for feet). 
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Arc Second 

A unit of ANGULAR measure equal to 1/60 of an ARC 
MINUTE, or 1/3600 of a DEGREE. The arc second is de- 
noted ” (not to be confused with the symbol for inches). 


Arccosecant 
see INVERSE COSECANT 


Arccosine 
see INVERSE COSINE 


Arccotangent 
see INVERSE COTANGENT 


Arch 


A 4-POLYHEX. 
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Archimedes Algorithm 

Successive application of ARCHIMEDES’ RECURRENCE 
FORMULA gives the Archimedes algorithm, which can 
be used to provide successive approximations to m (P1). 
The algorithm is also called the BORCHARDT-PFAFF AL- 
GORITHM. Archimedes obtained the first rigorous ap- 
proximation of 7 by CIRCUMSCRIBING and INSCRIBING 
n = 6-2*-gons on a CIRCLE. From ARCHIMEDES’ RE- 
CURRENCE FORMULA, the CIRCUMFERENCES a and b of 
the circumscribed and inscribed POLYGONS are 


a(n) = 2ntan (=) (1) 
b(n) = 2nsin (=) , (2) 

where | 
b(n) < C = 2nr = 2n-1 = 2r < a(n). (3) 


For a HEXAGON, n = 6 and 


6) = 4V3 (4) 
bo = b(6) = 6, (5) 


ao = al 


where az = a(6-2*). The first iteration of ARCHIMEDES’ 
RECURRENCE FORMULA then gives 


a 16 4/3 247/3 
tO 644/38 34273 


by = 4/ 24(2 — V3) -6 = 12V 2 — v3 
= 6(V6 — V2). (7) 


= 24(2— V3) (6) 


Archimedes? Axiom 


Additional iterations do not have simple closed forms, 
but the numerical approximations for k = 0, 1, 2, 3, 4 
(corresponding to 6-, 12-, 24-, 48-, and 96-gons) are 


3.00000 < m < 3.46410 (8) 
3.10583 < m < 3.21539 (9) 
3.13263 < m < 3.15966 (10) 
3.13935 < mr < 3.14609 (11) 
3.14103 < x < 3.14271. (12) 


By taking k = 4 (a 96-gon) and using strict inequalities 
to convert irrational bounds to rational bounds at each 
step, Archimedes obtained the slightly looser result 


22 | 
223 =: 3,14084... < m < % =3.14285.... (13) 
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Archimedes” Axiom 
An AXIOM actually attributed to Eudoxus (Boyer 1968) 
which states that 

a/b= c/d 


IFF the appropriate one of following conditions is satis- 
fied for INTEGERS m and n: 


1. If ma < nb, then mc < md. 
2. If ma = nd, then mc = nd. 
3. If ma > nd, then mc > nd. 


ARCHIMEDES’ LEMMA is sometimes also known as Arch- 
imedes’ axiom. 
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Archimedes” Cattle Problem 

Also called the BOVINUM PROBLEMA. It is stated as 
follows: “Fhe sun god had a herd of cattle consisting of 
bulls and cows, one part of which was white, a second 
black, a third spotted, and a fourth brown. Among the 
bulls, the number of white ones was one half plus one 
third the number of the black greater than the brown; 
the number of the black, one quarter plus one fifth the 
number of the spotted greater than the brown; the num- 
ber of the spotted, one sixth and one seventh the number 
of the white greater than the brown. Among the cows, 
the number of white ones was one third plus one quarter 
of the total black cattle; the number of the black, one 
quarter plus one fifth the total of the spotted cattle; the 
number of spotted, one fifth plus one sixth the total of 
the brown cattle; the number of the brown, one sixth 
plus one seventh the total of the white cattle. What 
was the composition of the herd?” 
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Solution consists of solving the simultaneous DIOPHAN- 
TINE EQUATIONS in INTEGERS W, X,Y, Z (the number 
of white, black, spotted, and brown bulls) and w, 2, y, z 
(the number of white, black, spotted, and brown cows), 


W=3X4+Z (1) 
X=2Y+2Z (2) 
Y = FW+2Z (3) 
w=L(X+2) (4) 
x= a (Y + y) (5) 
y = 3 (2 +2) (6) 
z= Ž(W +w) (7) 
The smallest solution in INTEGERS is 

W = 10,366,482 (8) 
= 7,460,514 (9) 

Y = 7,358,060 (10) 
Z= 4,149,387 (11) 
w= 7,206,360 (12) 
z= 4,893,246 (13) 
y= 3,515,820 (14) 
z= 5,439,213. (15) 


A more complicated version of the problem requires that 
W +X bea SQUARE NUMBER and Y +Z a TRIANGULAR 
NUMBER. The solution to this PROBLEM are numbers 
with 206544 or 206545 digits. 


References 

Amthor, A. and Krumbiegel B. “Das Problema bovinum des 
Archimedes.” Z. Math. Phys. 25, 121-171, 1880. 

Archibald, R. C. “Cattle Problem of Archimedes.” Amer. 
Math. Monthly 25, 411-414, 1918. 

Beiler, A. H. Recreations in the Theory of Numbers: The 
Queen of Mathematics Entertains. New York: Dover, 
pp. 249-252, 1966. 

Bell, A. H. “Solution to the Celebrated Indeterminate Equa- 
tion z? — ny? = 1.” Amer. Math. Monthly 1, 240, 1894. 
Bell, A. H. “‘Cattle Problem.’ By Archimedes 251 BC.” 

Amer. Math. Monthly 2, 140, 1895. 

Bell, A. H. “Cattle Problem of Archimedes.” Math. Mag. 1, 
163, 1882-1884. 

Calkins, K. G. “Archimedes’ Problema Bovinum.” http:// 
www.andrews.edu/~calkins/cattle.html. 

Dorrie, H. “Archimedes’ Problema Bovinum.” §1 in 100 
Great Problems of Elementary Mathematics: Their His- 
tory and Solutions. New York: Dover, pp. 3-7, 1965. 

Grosjean, C. C. and de Meyer, H. E. “A New Contribution 
to the Mathematical Study of the Cattle-Problem of Arch- 
imedes.” In Constantin Carathéodory: An International’ 
Tribute, Vols. 1 and 2 (Ed. T. M. Rassias). Teaneck, NJ: 
World Scientific, pp. 404-453, 1991. 

Merriman, M. “Cattle Problem of Archimedes.” Pop. Sei. 
Monthly 67, 660, 1905. 

Rorres, C. “The Cattle Problem.” http://www.mcs.drexel. 
edu/-crorres/Archimedes/Cattle/Statement.html. 

Vardi, I. “Archimedes’ Cattle Problem.” Amer. Math. 
Monthly 105, 305-319, 1998. 


Fig. 9-30. The final modification. 


The basic circuit for a kill switch is shown in Fig. 9-31. It 
consists of three parts: a contactor (relay) in series with the main 
power line, one or more kill switches, and a reset switch. This last 
is nice if you ever wish to restore power once it has been killed. 
The circuit also shows a transformer, the purpose of which will be 
explained shortly. 

The contactor is the heart of the system. It should have 
high-current capacity contacts at least equal to the trip point of the 
circuit breaker feeding the shack, and preferably twice that. The 
reason is that the contacts will carry all the current your shack is 
using, and if it is necessary to kill power at a time of high-current 
draw, you will want the contact to open cleanly without arcing. 
Good reliable contactors (UL listed) are available from your 
friendly local electrical distributor. 

The contactor should have a low-voltage coil; 24 V ac is a 
readily-available standard. This is so you won't have any unneces- 
sary high voltage running around the shack to the kill switches. The 
transformer secondary voltage should match the contactor coil 
voltage; 24-volt bell transformers are readily available at low cost. 
You also can use 12 V ac, which is a standard and readily available, 
but the current draw by the contactor coil will be about twice as 
much and it will tend to get warm. Whatever you use, the contactor 
should be rated for continuous duty, both in the coil and in the 
contacts. 

The kill switches are normally-closed push-button switches, 
and they should be located so they are easy to get to and easy to 
operate. I prefer industrial-grade actuators with big red push- 
buttons (3” or so in diameter) so they can be hit easily with an 
entire hand— literally, “panic buttons.” On my own service 
benches, kill switches are located so they also can be hit easily just 
by moving a knee. If you use more than one kill switch, they're just 
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Archimedes’ Circles 


Draw the PERPENDICULAR LINE from the intersection 
of the two small SEMICIRCLES in the ÁRBELOS. The 
two CIRCLES Cy; and Ca TANGENT to this line, the large 
SEMICIRCLE, and each of the two SEMICIRCLES are then 
congruent and known as Archimedes’ circles. 


see also ARBELOS, BANKOFF CIRCLE, SEMICIRCLE 


Archimedes’ Constant 


see PI 


Archimedes’ Hat-Box Theorem 

Enclose a SPHERE in a CYLINDER and slice PERPEN- 
DICULARLY to the CYLINDER’s axis. Then the SURFACE 
AREA of the of SPHERE slice is equal to the SURFACE 
AREA of the CYLINDER slice. 


Archimedes’ Lemma 3 

Also known as the continuity axiom, this LEMMA sur- 
vives in the writings of Eudoxus (Boyer 1968). It states 
that, given two magnitudes having a ratio, one can find 
a multiple of either which will exceed the other. This 
principle was the basis for the EXHAUSTION METHOD 
which Archimedes invented to solve problems of AREA 
and VOLUME. 


see also CONTINUITY AXIOMS 
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Archimedes’ Midpoint Theorem 
M 


De 


B 
A 


Let M be the MIDPOINT of the ARC AMB. Pick C 
at random and pick D such that MD L AC (where L 
denotes PERPENDICULAR). Then 


AD = DC + BC. 


see also MIDPOINT 
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Archimedes’ Recurrence Formula 


Archimedes’ Postulate 
see ARCHIMEDES’ LEMMA 


Archimedes’ Problem 
Cut a SPHERE by a PLANE in such a way that the VoL- 
UMES of the SPHERICAL SEGMENTS have a given RATIO. 


see also SPHERICAL SEGMENT 


Archimedes’ Recurrence Formula 


Let an and b, be the PERIMETERS of the CIRCUM- 
SCRIBED and INSCRIBED n-gon and azn and ben the 
PERIMETERS of the CIRCUMSCRIBED and INSCRIBED 2n- 
gon. Then 


2anbn 
ERL 1 
An + bn u) 


bon = wy An Ün . (2) 


The first follows from the fact that side lengths of the 
POLYGONS on a CIRCLE of RADIUS r = 1 are 


Aln = 


sr = 2tan (=) | (3) 
Sp = 2sin (=) ; (4) 
An = 2n tan 8 (5) 
bn = 2n sin (=) i (6) 
But 


2anbn 2. 2n tan (=) - 2n sin (=) 
Qn +bn 2n tan (Z ) + 2nsin (2) 


7 Eo an (5) 
an (2) tsm (E) a 


Using the identity 


tan £ sin £ 
tan(31) = ——_=— 8 
anl ga) tang + singz (8) 
then gives 
24n Dn, TT 
An + bn de an (= ) e ) 
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The second follows from 


y/ Ganbn = 4/4ntan (=) - 2nsin (=) (10) 
2n n 


Using the identity 
sing = 2sin(5x) cos(52) (11) 


gives 


A 42n0dn = 2n4/2tan (=) - 2 sin (E) cos (=) 
= 4n,/ sin? (E) = ån sin (E) = Dans 12) 


Successive application gives the ARCHIMEDES ALGO- 
RITHM, which can be used to provide successive approx- 
imations to PI (7). 


see also ARCHIMEDES ALGORITHM, PI 
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Archimedean Solid 

The Archimedean solids are convex POLYHEDRA which 
have a similar arrangement of nonintersecting regu- 
lar plane CONVEX POLYGONS of two or more differ- 
ent types about each VERTEX with all sides the same 
length. The Archimedean solids are distinguished from 
the PRISMS, ANTIPRISMS, and ELONGATED SQUARE 
GYROBICUPOLA by their symmetry group: the Arch- 
imedean solids have a spherical symmetry, while the 
others have “dihedral” symmetry. The Archimedean 
solids are sometimes also referred to as the SEMIREG- 
ULAR POLYHEDRA. 


Pugh (1976, p. 25) points out the Archimedean solids 
are all capable of being circumscribed by a regular TET- 
RAHEDRON so that four of their faces lie on the faces 
of that TETRAHEDRON. A method of constructing the 
Archimedean solids using a method known as “expan- 
sion” has been enumerated by Stott (Stott 1910; Ball 
and Coxeter 1987, pp. 139-140). 


Let the cyclic sequence S = (pi, p2, . . . , Pq) represent the 
degrees of the faces surrounding a vertex (i.e., S is a list 
of the number of sides of all polygons surrounding any 
vertex). Then the definition of an Archimedean solid 
requires that the sequence must be the same for each 
vertex to within ROTATION and REFLECTION. Walsh 
(1972) demonstrates that S represents the degrees of the 
faces surrounding each vertex of a semiregular convex 
polyhedron or TESSELLATION of the plane IFF 

1. q > 3 and every member of S is at least 3, 

2. 5°" 2 > $¢-1, with equality in the case of a 


i=l pp = 
plane TESSELLATION, and 
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3. for every ODD NUMBER p € S, S contains a subse- 
quence (b, p, b). 


Condition (1) simply says that the figure consists of two 
or more polygons, each having at least three sides. Con- 
dition (2) requires that the sum of interior angles at a 
vertex must be equal to a full rotation for the figure to 
lie in the plane, and less than a full rotation for a solid 
figure to be convex. 


The usual way of enumerating the semiregular polyhe- 
dra is to eliminate solutions of conditions (1) and (2) 
using several classes of arguments and then prove that 
the solutions left are, in fact, semiregular (Kepler 1864, 
pp. 116-126; Catalan 1865, pp. 25-32; Coxeter 1940, 
p. 394; Coxeter et al. 1954; Lines 1965, pp. 202-203; 
Walsh 1972). The following table gives all possible reg- 
ular and semiregular polyhedra and tessellations. In 
the table, ‘P’ denotes PLATONIC SOLID, ‘M’ denotes a 
PRISM or ANTIPRISM, ‘A’ denotes an Archimedean solid, 
and ‘T’ a plane tessellation. 


ho) Fg. Solid Schlafli 
(3, 3, 3) P tetrahedron {3,3} 
(3, 4, 4) M triangular prism t{2,3} 
(3, 6, 6) A truncated tetrahedron t{3,3} 
(3, 8, 8) A truncated cube t{4,3} 
(3, 10, 10) A truncated dodecahedron t{5,3} 
(3, 12, 12) T (plane tessellation) t{6,3} 
(4, 4, n) M  n-gonal Prism t{2,n} 
(4, 4, 4) P cube {4,3} 
(4, 6, 6) A truncated octahedron t{3,4} 
(4, 6, 8) A great rhombicuboct. t : 
(4, 6, 10) A great rhombicosidodec. t : 
(4, 6, 12) T (plane tessellation) t+: 
(4, 8, 8) T (plane tessellation) t{4, 4} 
(5, 5, 5) P dodecahedron {5,3} 
(5, 6, 6) A truncated icosahedron t{3,5} 
(6, 6, 6) T (plane tessellation) {6,3} 
(3, 3, 3, n) M  n-gonal antiprism s{ a y 
(3,3, 3, 3) P octahedron {3,4} 
(3, 4, 3, 4) À cuboctahedron A 

(3, 5, 3, 5) A icosidodecahedron : 

(3, 6, 3, 6) T (plane tessellation) E 

(3, 4, 4, 4) A small rhombicuboct. r ; 
(3, 4, 5, 4) A small rhombicosidodec. r y 
(3, 4, 6, 4) T (plane tessellation) r : 
(4, 4, 4, 4) T (plane tessellation) {4, 4} 
(3, 3,3,3,3) P icosahedron {3,5} 
(3, 3,3,3,4) A snub cube S i 
(3, 3, 3,3,5) A snub dodecahedron S 
(3, 3, 3,3,6) T (plane tessellation) s 
(3, 3,3,4,4) T (plane tessellation) — 

(3, 3,4,3,4) T (plane tessellation) s{ 1 
(3, 3,3,3,3) T (plane tessellation) 13,6) 


As shown in the above table, there are exactly 13 Ar- 
chimedean solids (Walsh 1972, Ball and Coxeter 1987). 
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They are called the CUBOCTAHEDRON, GREAT RHOMB- 
ICOSIDODECAHEDRON, GREAT RHOMBICUBOCTAHE- 
DRON, ICOSIDODECAHEDRON, SMALL RHOMBICOSIDO- 
DECAHEDRON, SMALL RHOMBICUBOCTAHEDRON, SNUB 
CUBE, SNUB DODECAHEDRON, TRUNCATED CUBE, 
TRUNCATED DODECAHEDRON, TRUNCATED ICOSAHE- 
DRON (soccer ball), TRUNCATED OCTAHEDRON, and 
TRUNCATED TETRAHEDRON. The Archimedean solids 
satisfy 
(2r —o)V = 4r, 


where o is the sum of face-angles at a vertex and V is 
the number of vertices (Steinitz and Rademacher 1934, 


Ball and Coxeter 1987). 


Here are the Archimedean solids shown in alphabetical 
order (left to right, then continuing to the next row). 


The following table lists the symbol and number of faces 
of each type for the Archimedean solids (Wenninger 
1989, p. 9). 


Archimedean Solid 


cuboctahedron 


A] 


great rhombicosidodecahedron 
great rhombicuboctahedron 


icosidodecahedron 


small rhombicosidodecahedron 


small rhombicuboctahedron 


snub cube 


snub dodecahedron 


“OA OP WOOO A TAS 


truncated cube 
truncated dodecahedron 
truncated icosahedron 
truncated octahedron 


truncated tetrahedron 


Pa Pe Ta [aT Te TALA 


cuboctahedron i 


great rhombicos. 

great rhombicub. 

Let r be the INRADIUS, p the MIDRADIUS, and R the 
CIRCUMRADIUS. The following tables give the analytic 
and numerical values of r, p, and R for the Archimedean 
solids with EDGES of unit length. 


3 
4 
75 (105 + 645) y 31 + 125 
2 (14+ 42) 13 + 6/2 


3(5+3V5) 
a (15 + 245) y 11 + 4/5 
(6 + 12) y 5+2v2 


icosidodecahedron 
small rhombicos. 
small rhombicub. 
snub cube 

snub dodecahedron 
trunc. cube 

trunc. dodec. 
trunc. icosahedron 


-trunc. octahedron 


trunc. tetrahedron 


cuboctahedron 


great rhombicosidodecahedron 


great rhombicuboctahedron 


icosidodecahedron 


small rhombicosidodecahedron 


small rhombicuboctahedron 


snub cube 


snub dodecahedron 


(54+ 242) y 7 + 4V2 
(1742 + 3/10) y/ 37 + 1545 
35 (21 + 15) y 58 + 1845 


2/10 
2/22 


truncated cube 


truncated dodecahedron 


truncated icosahedron 


truncated octahedron 


truncated tetrahedron 
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cuboctahedron 


great rhombicosidodecahedron 


great rhombicuboctahedron 


icosidodecahedron 
small rhombicosidodecahedron 


small rhombicuboctahedron 


snub cube 


snub dodecahedron 


truncated cube 
truncated dodecahedron 


truncated icosahedron 
truncated octahedron 


truncated tetrahedron 
*The complicated analytic expressions for the CIRCUM- 


RADII of these solids are given in the entries for the SNUB 
CUBE and SNUB DODECAHEDRON. 


cuboctahedron 0.75 0.86603 


great rhombicosidodecahedron 
great rhombicuboctahedron 
icosidodecahedron 

small rhombicosidodecahedron 
small rhombicuboctahedron 
snub cube 

snub dodecahedron 

truncated cube 


truncated dodecahedron 


truncated icosahedron 
truncated octahedron 


truncated tetrahedron 


The DUALS of the Archimedean solids, sometimes called 
the CATALAN SOLIDS, are given in the following table. 


Archimedean Solid 


rhombicosidodecahedron 
small rhombicuboctahedron 
great rhombicuboctahedron 
great rhombicosidodecahedron 


truncated icosahedron 


3.73665 
2.20974 
1.46353 
2.12099 
1.22026 
1.15766 
2.03987 
1.63828 
2.88526 
2.37713 
1.42302 
0.95940 


Dual 


3.76938 
2.26303 
1.53884 
2.17625 
1.30656 
1.24722 
2.09705 
1.70711 
2.92705 
2.42705 
1.5 

1.06066 


3.80239 
2.31761 
1.61803 
2.23295 
1.39897 
1.34371 
2.15583 
1.77882 
2.96945 
2.47802 
1.58114 
1.17260 


deltoidal hexecontahedron 


deltoidal icositetrahedron 


disdyakis dodecahedron 


disdyakis triacontahedron 


pentakis dodecahedron 


snub dodecahedron (laevo) pentagonal hexecontahedron 


(dextro) 
snub cube (laevo) pentagonal icositetrahedron 
(dextro) 
cuboctahedron rhombic dodecahedron 
icosidodecahedron rhombic triacontahedron 


truncated octahedron tetrakis hexahedron 
triakis icosahedron 


triakis octahedron 


truncated dodecahedron 
truncated cube 


truncated tetrahedron triakis tetrahedron 


Here are the Archimedean DUALS (Holden 1971, Pearce 
1978) displayed in alphabetical order (left to right, then 
continuing to the next row). 
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Here are the Archimedean solids paired with their Du- 
ALS. 


The Archimedean solids and their DUALS are all 
CANONICAL POLYHEDRA. 


see also ARCHIMEDEAN SOLID STELLATION, CATA- 
LAN SOLID, DELTAHEDRON, JOHNSON SOLID, KEPLER- 
POINSOT SOLID, PLATONIC SOLID, SEMIREGULAR 
POLYHEDRON, UNIFORM POLYHEDRON 
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Archimedean Solid Stellation 

A large class of POLYHEDRA which includes the Do- 
DECADODECAHEDRON and GREAT ICOSIDODECAHE- 
DRON. No complete enumeration (even with restrictive 
uniqueness conditions) has been worked out. 
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Archimedean Spiral 
A SPIRAL with POLAR equation 


r= ab”, 


where r is the radial distance, @ is the polar angle, and m 
is a constant which determines how tightly the spiral is 
“wrapped.” The CURVATURE of an Archimedean spiral 
is given by 


O nO (I+ n n?o?) 
7 a(1 + n?6?)3/2 


Various special cases are given in the following table. 


lituus 
hyperbolic spiral 

Archimedes’ spiral 
Fermat’s spiral 


Archimedes’ Spiral 


see also ARCHIMEDES’ SPIRAL, DAISY, FERMAT’S SPI- 
RAL, HYPERBOLIC SPIRAL, LITUUS, SPIRAL 
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Archimedean Spiral Inverse Curve 
The INVERSE CURVE of the ARCHIMEDEAN SPIRAL 


r—agi/™ 


with INVERSION CENTER at the origin and inversion RA- 
DIUS k is the ARCHIMEDEAN SPIRAL 


r= kaĝ". 


Archimedes’ Spiral 


An ARCHIMEDEAN SPIRAL with POLAR equation 
r= að. 


This spiral was studied by Conon, and later by Archi- 
medes in On Spirals about 225 BC. Archimedes was able 
to work out the lengths of various tangents to the spiral. 


Archimedes’ spiral can be used for COMPASS and 
STRAIGHTEDGE division of an ANGLE into n parts (in- 
cluding ANGLE TRISECTION) and can also be used for 
CIRCLE SQUARING. In addition, the curve can be used 
as a cam to convert uniform circular motion into uni- 
form linear motion. The cam consists of one arch of the 
spiral above the z-AXIS together with its reflection in 
the x-AxXIs. Rotating this with uniform angular veloc- 
ity about its center will result in uniform linear motion 
of the point where it crosses the y-AXIS. 


Archimedes” Spiral Inverse 


see also ARCHIMEDEAN SPIRAL 
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Archimedes? Spiral Inverse 

Taking the ORIGIN as the INVERSION CENTER, ARCHI- 
MEDES’ SPIRAL r = a8 inverts to the HYPERBOLIC SPI- 
RAL r= a/0. 


Archimedean Valuation 

A VALUATION for which jz| < 1 IMPLIES |1+ 2| < C for 
the constant C = 1 (independent of z). Such a VALUA- 
TION does not satisfy the strong TRIANGLE INEQUALITY 


|z + y] < max((z], lyl). 


Arcsecant 


see INVERSE SECANT 


Arcsine 
see INVERSE SINE 


Arctangent 
see INVERSE TANGENT 


Area 
The AREA of a SURFACE is the amount of material 
needed to “cover” it completely. The AREA of a TRIAN- 
GLE is given by 

An = ih, (1) 


where | is the base length and A is the height, or by 

HERON’S FORMULA 

Aa = ys(s= als — b)(8— ©), (2) 

where the side lengths are a, b, and c and s the 

SEMIPERIMETER. The ÁREA of a RECTANGLE is given 
by 

Arectangle = ab, (3) 


where the sides are length a and b. This gives the special 
case of 
Azanare = a? (4) 


for the SQUARE. The AREA of a regular POLYGON with 
n sides and side length s is given by 


Arctos ins? cot (=) (5) 
n 
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CALCULUS and, in particular, the INTEGRAL, are power- 
ful tools for computing the AREA between a curve f(z) 
and the z-AXIS over an INTERVAL [a,b], giving 


b 
A =j f(a) dz. (6) 
The AREA of a POLAR curve with equation r = r(@) is 
A= / r° dð. (7) 
Written in CARTESIAN COORDINATES, this becomes 
1 dy dz 
A=-— — — y— } dt 8 
2 J ( da? a (8) 
1 
= 5 | (edy - yda) (9) 


For the AREA of special surfaces or regions, see the en- 
try for that region. The generalization of AREA to 3-D 
is called VOLUME, and to higher DIMENSIONS is called 
CONTENT. 


see also ARC LENGTH, AREA ELEMENT, CONTENT, 
SURFACE AREA, VOLUME 
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Area Element 
The area element for a SURFACE with RIEMANNIAN 
METRIC 


ds? = E du? + 2F du du + G dv? 


1s 
dA = ~y EG — F? du A dv, 


where du A dv is the WEDGE PRODUCT. 


see also AREA, LINE ELEMENT, RIEMANNIAN METRIC, 
VOLUME ELEMENT 
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Area-Preserving Map 
A Map F from R” to R” is AREA-preserving if 


m(F(A)) = m(A) 


for every subregion A of R”, where m(A) is the n- 
D MEASURE of A. A linear transformation is AREA- 
preserving if its corresponding DETERMINANT is equal 
to 1. 


see also CONFORMAL MAP, SYMPLECTIC MAP 


70 Area Principle 


Area Principle 


Ay A; 
A) 
B P 
B C P 
A) 
The “AREA principle” states that 
|A P| E |A BC] (1) 
This can also be written in the form 
AP] L149BC]?” 
where ae 
(Ep (3) 


is the ratio of the lengths [A, B] and [C, D] for AB||CD 

with a PLUS or MINUS SIGN depending on if these seg- 

ments have the same or opposite directions, and 
ABC 

Dare! 0 


is the RATIO of signed AREAS of the TRIANGLES. 
Grúnbaum and Shepard show that CEVA’S THEOREM, 
HOEHN’S THEOREM, and MENELAUS’ THEOREM are the 
consequences of this result. 


see also CEVA’S THEOREM, HOEHN’S THEOREM, MEN- 
ELAUS’ THEOREM, SELF-TRANSVERSALITY THEOREM 
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Areal Coordinates 
TRILINEAR COORDINATES normalized so that 


ti ¢te+t3 = 1. 


When so normalized, they become the AREAS of the 
TRIANGLES PA, Az, PA A3, and PA2A3, where P is 
the point whose coordinates have been specified. 


Arf Invariant 

A LINK invariant which always has the value 0 or 1. 
A KNOT has ARF INVARIANT 0 if the KNOT is “pass 
equivalent” to the UNKNOT and 1 if it is pass equiv- 
alent to the TREFOIL KNOT. If K+, K-_, and L are 
projections which are identical outside the region of the 
crossing diagram, and K+ and K- are KNOTS while L 
is a 2-component LINK with a nonintersecting crossing 


Argoh’s Conjecture 


diagram where the two left and right strands belong to 
the different LINKS, then 


a( K+) = a(K-) a i(L1, La), (1) 


where | is the LINKING NUMBER of Lı and L2. The 
Arf invariant can be determined from the ALEXANDER 
POLYNOMIAL or JONES POLYNOMIAL for a KNOT. For 
Ax the ALEXANDER POLYNOMIAL of K, the Arf invari- 
ant is given by 


_ J 1 (mod 8) if Arf) = 0 
es 5 (mod 8) if Arf(K) =1 (2) 


(Jones 1985). For the JONES POLYNOMIAL Wx of a 
KNOT K, 
Arf(K) = Wx (i) (3) 


(Jones 1985), where 7 is the IMAGINARY NUMBER. 
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Argand Diagram 
A plot of COMPLEX NUMBERS as points 


z=r+iy 


using the z-AXIS as the REAL axis and y-AXIS as the 
IMAGINARY axis. This is also called the COMPLEX 
PLANE or ARGAND PLANE. 


Argand Plane 
see ÁRGAND DIAGRAM 


Argoh’s Conjecture 
Let B} be the kth BERNOULLI NUMBER. Then does 


nBn-ı = —1 (mod n) 


IFF n is PRIME? For example, for n = 1, 2,..., nBn-1 
(mod n) is 0, —1, —1, 0, —1, 0, —1, 0, —3, 0, —1,.... 
There are no counterexamples less than n = 5,600. Any 
counterexample to Argoh’s conjecture would be a con- 
tradiction to GIUGA’S CONJECTURE, and vice versa. 


see also BERNOULLI NUMBER, GIUGA’S CONJECTURE 
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Argument Addition Relation 


Argument Addition Relation 

A mathematical relationship relating f(x + y) to f(z) 
and f(y). 

see also ARGUMENT MULTIPLICATION RELATION, 
RECURRENCE RELATION, REFLECTION RELATION, 
TRANSLATION RELATION 


Argument (Complex Number) 
A COMPLEX NUMBER z may be represented as 


z=a+iy=|zle”, (1) 


where |z| is called the MODULUS of z, and @ is called the 
argument 


arg(x + iy) = tan ” (2) , (2) 
Therefore, 
arg(zw) = arg(|zle®? wle") = arg(e 92 2%) 


= argle0=+%] — arg(z) + arg(w). (3) 


Extending this procedure gives 


arg(z") = narg(z). (4) 


The argument of a COMPLEX NUMBER is sometimes 
called the PHASE. 


see also AFFIX, COMPLEX NUMBER, DE MOIVRE'S 
IDENTITY, EULER FORMULA, MODULUS (COMPLEX 
NUMBER), PHASE, PHASOR 


References 
Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 


of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 16, 1972. 


Argument (Elliptic Integral) 
Given an AMPLITUDE d in an ELLIPTIC INTEGRAL, the 
argument u is defined by the relation 


ọ = amu. 
see also AMPLITUDE, ELLIPTIC INTEGRAL 


Argument (Function) 

An argument of a FUNCTION f(x1,...,Tn) is one of 
the n parameters on which the function’s value de- 
pends. For example, the SINE sinz is a one-argument 
function, the BINOMIAL COEFFICIENT (”) is a two- 
argument function, and the HYPERGEOMETRIC FUNC- 
TION 2Fi(a,b;c; z) is a four-argument function. 


Argument Multiplication Relation 
A mathematical relationship relating f(nz) to f(x) for 
INTEGER n. 


see also ARGUMENT ADDITION RELATION, RECUR- 


RENCE RELATION, REFLECTION RELATION, TRANSLA- 
TION RELATION 
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Argument Principle 

If f(z) is MEROMORPHIC in a region R enclosed by a 

curve y, let N be the number of COMPLEX ROOTS of 

f(z) in y, and P be the number of POLES in y, then 
Nepal paa 

2ni Ja f(z) 


Defining w = f(z) and o = f(y) gives 


N-pa— dw 


Oi w 
o 
see also VARIATION OF ARGUMENT 
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Argument Variation 
see VARIATION OF ARGUMENT 


Aristotle’s Wheel Paradox 


A PARADOX mentioned in the Greek work Mechanica, 
dubiously attributed to Aristotle. Consider the above 
diagram depicting a wheel consisting of two concen- 
tric CIRCLES of different DIAMETERS (a wheel within 
a wheel). There is a 1:1 correspondence of points on 
the large CIRCLE with points on the small CIRCLE, so 
the wheel should travel the same distance regardless of 
whether it is rolled from left to right on the top straight 
line or on the bottom one. This seems to imply that 
the two CIRCUMFERENCES of different sized CIRCLES 
are equal, which is impossible. 


The fallacy lies in the assumption that a 1:1 correspon- 
dence of points means that two curves must have the 
same length. In fact, the CARDINALITIES of points in 
a LINE SEGMENT of any length (or even an INFINITE 
LINE, a PLANE, a 3-D SPACE, or an infinite dimensional 
EUCLIDEAN SPACE) are all the same: Nı (ALEPH-1), so 
the points of any of these can be put in a ONE-TO-ONE 
correspondence with those of any other. 


see also ZENO’S PARADOXES 
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Arithmetic 

The branch of mathematics dealing with INTEGERS 
or, more generally, numerical computation. Arithmeti- 
cal operations include ADDITION, CONGRUENCE cal- 
culation, DIVISION, FACTORIZATION, MULTIPLICATION, 
POWER computation, ROOT extraction, and SUBTRAC- 
TION. 


The FUNDAMENTAL THEOREM OF ARITHMETIC, also 
called the UNIQUE FACTORIZATION ‘THEOREM, states 
that any POSITIVE INTEGER can be represented in ex- 
actly one way as a PRODUCT of PRIMES. 


The LOWENHEIMER-SKOLEM THEOREM, which is a fun- 
damental result in MODEL THEORY, establishes the ex- 
istence of “nonstandard” models of arithmetic. 


see also ALGEBRA, CALCULUS, FUNDAMENTAL THE- 
OREM OF ARITHMETIC, GROUP THEORY, HIGHER 
ARITHMETIC, LINEAR ALGEBRA, LOWENHEIMER- 
SKOLEM THEOREM, MODEL THEORY, NUMBER THE- 
ORY, TRIGONOMETRY 
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Arithmetic-Geometric Mean 

The arithmetic-geometric mean (AGM) M(a, b) of two 
numbers a and b is defined by starting with ay = a and 
bo = b, then iterating 


Qn+1 = (an ag bn) (1) 


a/ Andn (2) 


until a, = bn. an and bn converge towards each other 
since 


bn+1 


Qn41 — Dny = 5 (Gn F bn) — y Anbn 


An — 24 4ndn + On 
A 


But Ybn < 


An, SO 


2bn =O Gat (4) 


Now, add an — bn — 2V4anbn to each side 


An + bn — 2Y/ Anda < An — bn, (5) 
S0 
an+1 = bny1 < (an = bn). (6) 


The AGM is very useful in computing the values of 
complete ELLIPTIC INTEGRALS and can also be used 
for finding the INVERSE TANGENT. The special value 
1/M(1, V2) is called Gauss’s CONSTANT. 


Arithmetic-Geometric Mean 


The AGM has the properties 


AM (a,b) = Ma, Ab) (7) 
M(a,b) = M (3(a+ b), Vab) (8) 
M(1,J/1-2?)= M(1+:x,1-2) (9) 
1+b 2V/b 
M(1,b)=—-M (a a (10) 


M(1,1) = Il ¿(1 + ka), (11) 


where ko = x and 


2/kn 
kn+1 = 12 
ne (12) 


Solutions to the differential equation 


d? d | 
(a? - 2) gp Da +ay=0 (13) 


are given by [M (1 + x,1-—x)]* and [M(1, £)] 7+. 


A generalization of the ARITHMETIC-GEOMETRIC 
MEAN is 


z’? dx 


Ip(a,b) = J (xP + aP)1/P(aP + br)(r-1)/p’ (14) 


which is related to solutions of the differential equation 
a(1—2«?)¥"+[1—(pt1)2?]Y'—(p—1)2?-*Y = 0. (15) 


When p = 2 or p = 3, there is a modular transformation 
for the solutions of (15) that are bounded as x — 0. Let- 
ting J,(x) be one of these solutions, the transformation 
takes the form 


JA) = pd p(z), (16) 
where 
l—u 
A (21) 
_1+(p-1)u (18) 
P 
and 
r? +uP =l. (19) 


The case p = 2 gives the ARITHMETIC-GEOMETRIC 


MEAN, and p = 3 gives a cubic relative discussed by 
Borwein and Borwein (1990, 1991) and Borwein (1996) 
in which, for a,b > 0 and I(a,b) defined by 


= t dt 
10,0) = f ara MO) 


Arithmetic Geometry 


1(a,) = 1 (P, [Za + ab +09). (21) 


3 
For iteration with ag = a and bo = b and 


n + 2bn 
Qn41 = Orc +0 (22) 
3 
bn 
bai = T (an + anda + bn’), (23) 
eee e > (24) 


Modular transformations are known when p = 4 and 
p = 6, but they do not give identities for p = 6 (Borwein 
1996). 


see also ARITHMETIC-HARMONIC MEAN 
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Arithmetic Geometry 

A vaguely defined branch of mathematics dealing with 
VARIETIES, the MORDELL CONJECTURE, ARAKELOV 
THEORY, and ELLIPTIC CURVES. 
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Arithmetic-Harmonic Mean 


Let 
Qn+1 = (an + bn) (1) 
bnp = Ae (2) 
Then 


A(ao,60) = lim a, = lim bn = y aobo, (3) 


n — OO mn —> OO 


which is just the GEOMETRIC MEAN. 
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Arithmetic-Logarithmic-Geometric Mean 
Inequality 


a+b b—a 
2 dá Inb— Ina > Vab. 


see also NAPIER'S INEQUALITY 
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Arithmetic Mean 

For a CONTINUOUS DISTRIBUTION function, the arith- 
metic mean of the population, denoted u, z, (x), or 
A(x), is given by 


“= (F(a) = / ” P(2) f(2) de, (1) 


OO 


where (a) is the EXPECTATION VALUE. For a DISCRETE 
DISTRIBUTION, 


= _ Eco Plen) flen) _ ~ 
p= (fle) = Se ay D ene) 

(2) 

The population mean satisfies 
(f(x) + g(x)) = (F(%)) + (glz)) (3) 
(cf (x)) =c(f(zx)), (4) 

and 

(f(x)g9(y)) = (f(x) (gly) (5) 


if x and y are INDEPENDENT STATISTICS. The “sample 
mean,” which is the mean estimated from a statistical 
sample, is an UNBIASED ESTIMATOR for the population 
mean. 


For small samples, the mean is more efficient than the 
MEDIAN and approximately 7/2 less (Kenney and Keep- 
ing 1962, p. 211). A general expression which often holds 
approximately is 


mean — mode = 3(mean — median). (6) 


Given a set of samples {xz;}, the arithmetic mean is 


Aa) =2=u4=(20)= 5 a (7) 


i=l 
Hoehn and Niven (1985) show that 
A(a1 +c,02+C,...,4n +c) = c+ A(a1,02,..., An) (8) 


for any POSITIVE constant c. The arithmetic mean sat- 


isfies 
A>G>H, (9) 


wired in series as shown in Fig. 9-31. Industrial-grade switches are 
highly recommended because what is most important is reliability. 
It would be mortifying, to say the least, to smash one in panic and 
then discover it didn't work because you broke it! 

The reset switch is a normally-open push-button switch, but 
can be any other type of switch as well. It needn't be especially 
reliable or easy to get to, but it should not be located far from the 
contactor because it will have high voltage (110 V ac) on it. Like the 
kill switches, the reset switch need have no great current-carrying 
capacity. 

The contactor should be mounted in an enclosure, UL- 
approved, of course, near where the power line first enters the 
shack. The transformer and reset switch can be mounted near the 
enclosure, or on it, using knockouts, depending on the enclosure 
you get. The whole thing can be placed inside a locked box, if 
desired, to prevent unauthorized access to the reset button. The 
24-volt line (or whatever low-voltage line you have selected) just 
runs out of the box/enclosure. Very simple. 

When wiring up the contactor, a few safety precautions are in 
order. First, make sure power is off at the circuit breaker, and 
verify that it is off by means of a portable lamp or circuit-tester 
inside the shack at the point you plan to cut into the power line. 
Secondly, make sure you insert the contacts into the hot side of the 
power line, not the cold or “neutral” side. In most localities, the 
black wire is the hot and the white wire is the neutral. You never, 
ever, want to put a switch or any other kind of interruption into the 
neutral, 


RESET 
(NORMALLY OPEN) 


ee A y EIA 
3 E - ENCLOSURE 


ze 
46 
=z 
| 


TO WHITE | 
CIRCUIT (NEUTRAL) - TO SHACK 
f OUTLETS 


BREAKER 
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i 
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i 
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I 
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KILL SWITCHES 
S (NORMALLY CLOSED) 


Fig. 9-31. Schematic for the kill-switch system. Only the hot wire may be 
interrupted—the neutral and earth wires must not be broken. Check with 
local authorities to verify respective wire colors in your locality. 
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where G is the GEOMETRIC MEAN and H is the HAR- 
MONIC MEAN (Hardy et al. 1952; Mitrinovié 1970; Beck- 
enbach and Bellman 1983; Bullen et al. 1988; Mitrinovié 
et al. 1993; Alzer 1996). This can be shown as follows. 


For a,b > 0, 
2 
1 1 
A EO 10 
(va) > vm 
1 2 1 
ee eee A i) 11 
> (11) 
1. 1 2 
aE ah prea 12 
a b~ Vab a) 
A (13) 
ats 
H 2G, (14) 


with equality IFF b = a. To show the second part of the 
inequality, 


(Ya— vb} =a-2Vab+b>0 (15) 


2E? > Vab (16) 
A > H, (17) 


with equality IFF a = b. Combining (14) and (17) then 
gives (9). 
Given n independent random GAUSSIAN DISTRIBUTED 


variates 2, each with population mean p; = u and 
VARIANCE 0;* = 0°, 


=> w= (NM) =p, (19) 


so the sample -mean is an UNBIASED ESTIMATOR of 
population mean. However, the distribution of z de- 
pends on the sample size. For large samples, Z is ap- 
proximately NORMAL. For small samples, STUDENT’S 
t-DISTRIBUTION should be used. 


The VARIANCE of the population mean is independent 
of the distribution. 


N 
1 1 
var(%) = var 5 ) zi | = ¿Var ( > Ti 


Arithmetic Progression 


From k-STATISTICS for a GAUSSIAN DISTRIBUTION, the 
UNBIASED ESTIMATOR for the VARIANCE is given by 


eE: N 23 
= 21 
AN C 
where 
y Y 
s= 7 ) (x; — 2)’, (22) 
t=1 
SO 
y? 
TO 9 
var(z) al (23) 


is called the STANDARD ERROR. 


var(Z) = (27) — (2), (25) 
SO 
Asano s +e. (26) 
= Vy, = — à 
N H 
see also ARITHMETIC-GEOMETRIC MEAN, ARITH- 
METIC-HARMONIC MEAN, CARLEMAN’S INEQUAL- 


ITY, CUMULANT, GENERALIZED MEAN, GEOMET- 
RIC MEAN, HARMONIC MEAN, HARMONIC-GEOMETRIC 
MEAN, KURTOSIS, MEAN, MEAN DEVIATION, MEDIAN 
(STATISTICS), MODE, MOMENT, QUADRATIC MEAN, 
ROOT-MEAN-SQUARE, SAMPLE VARIANCE, SKEWNESS, 
STANDARD DEVIATION, TRIMEAN, VARIANCE 
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Arithmetic Progression 
see ARITHMETIC SERIES 


Arithmetic Sequence 


Arithmetic Sequence 
A SEQUENCE of n numbers {do + kd)¡_¿ such that the 
differences between successive terms is a constant d. 


see also ARITHMETIC SERIES, SEQUENCE 


Arithmetic Series 

An arithmetic series is the SUM of a SEQUENCE {ax}, 
k = 1, 2, ..., in which each term is computed from 
the previous one by adding (or subtracting) a constant. 
Therefore, for k > 1, 


ak =0x-1 +d=ax-2+2d=...=01 +d(k-1). (1) 


The sum of the sequence of the first n terms is then 
given by 


Sn 


II 


Sian = X [ar + (k- 1d] 


= na, + dS (k —1)=na,+ dS (k — 1) 
k=1 k=2 l 


n—l 
= na +d ` k (2) 
k=l 
Using the SUM identity 


Y) =¿nm(n+1) (3) 
k=1 


then gives 
Sn = na, + ¿d(n — 1) = ¿n[2a1 + d(n — 1)]. (4) 
Note, however, that 
a1 + Gn = 41 + [a1 + d(n — 1)] = 2a, + d(n— 1), (5) 


SO 
Sn = ¿n(a1 + an), (6) 


or n times the AVERAGE of the first and last terms! 
This is the trick Gauss used as a schoolboy to solve 
the problem of summing the INTEGERS from 1 to 100 
given as busy-work by his teacher. While his classmates 
toiled away doing the ADDITION longhand, Gauss wrote 
a single number, the correct answer 


1 (100)(1 + 100) = 50 - 101 = 5050 (7) 


on his slate. When the answers were examined, Gauss's 
proved to be the only correct one. 


see also ARITHMETIC SEQUENCE, GEOMETRIC SERIES, 
HARMONIC SERIES, PRIME ARITHMETIC PROGRESSION 
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Armstrong Number 

The n-digit numbers equal to sum of nth powers of their 
digits (a finite sequence), also called PLUS PERFECT 
NUMBERS. They first few are given by 1, 2, 3, 4, 5, 
6, 7, 8, 9, 153, 370, 371, 407, 1634, 8208, 9474, 54748, 
... (Sloane’s A005188). 

see also NARCISSISTIC NUMBER 
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Arnold’s Cat Map 
The best known example of an ANOSOV DIFFEOMOR- 
PHISM. It is given by the TRANSFORMATION 


Zn+1 1 1 Tn 
lll œ 


where 2, +1 and y» +1 are computed mod 1. The Arnold 
cat mapping is non-Hamiltonian, nonanalytic, and mix- 
ing. However, it is AREA-PRESERVING since the DETER- 
MINANT is 1. The LYAPUNOV CHARACTERISTIC EXPO- 
NENTS are given by 


l-—o 1 
1 2-0 


=o? 30+1=0, (2) 
SO 
o4 = 3 (3+ V5). (3) 


The EIGENVECTORS are found by plugging o+ into the 
MATRIX EQUATION 


1—o4 1 xp yO 
TS: 
For o+, the solution is 


y=3(14 V5)z = de, (5) 


where ¢ is the GOLDEN RATIO, so the unstable (normal- 
ized) EIGENVECTOR is 


6, = hv50- 1078 aaa yg). (6) 


Similarly, for o_, the solution is 
y=-¿(V5- =p "zx, (7) 


so the stable (normalized) EIGENVECTOR is 
€ = 450+ 10V5 | y 1 . (8) 
(1 — v5) 


see also ANOSOV MAP 
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Arnold Diffusion 

The nonconservation of ADIABATIC INVARIANTS which 
arises in systems with three or more DEGREES OF FREE- 
DOM. 


Arnold Tongue 

Consider the CIRCLE MAP. If K is NONZERO, then 
the motion is periodic in some FINITE region surround- 
ing each rational (2. This execution of periodic motion 
in response to an irrational forcing is known as MODE 
LOCKING. If a plot is made of K versus Q with the re- 
gions of periodic MODE-LOCKED parameter space plot- 
ted around rational 2 values (the WINDING NUMBERS), 
then the regions are seen to widen upward from 0 at 
K = 0 to some FINITE width at K = 1. The region 
surrounding each RATIONAL NUMBER is known as an 
ARNOLD TONGUE. 


At K = 0, the Arnold tongues are an isolated set of 
MEASURE zero. At K = 1, they form a general CAN- 
TOR SET of dimension d = 0.8700. In general, an Arnold 
tongue is defined as a resonance zone emanating out 
from RATIONAL NUMBERS in a two-dimensional param- 
eter space of variables. 


see also CIRCLE MAP 


Aronhold Process 

The process used to generate an expression for a covari- 
ant in the first degree of any one of the equivalent sets 
of COEFFICIENTS for a curve. 

see also CLEBSCH-ARONHOLD NOTATION, JOACHIMS- 
THAL'S EQUATION 
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Aronson’s Sequence 
The sequence whose definition is: “t is the first, fourth, 


eleventh, ... letter of this sentence.” The first few val- 
ues are 1, 4, 11, 16, 24, 29, 33, 35, 39, ... (Sloane’s 
A005224). 
References 
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Arrangement 

In general, an arrangement of objects is simply a group- 
ing of them. The number of “arrangements” of n items 
is given either by a COMBINATION (order is ignored) or 
PERMUTATION (order is significant). 


The division of SPACE into cells by a collection of Hy- 
PERPLANES is also called an arrangement. 


see also COMBINATION, CUTTING, HYPERPLANE, OR- 
DERING, PERMUTATION 


Array 


Arrangement Number 
see PERMUTATION 


Array 

An array is a “list of lists” with the length of each 
level of list the same. The size (sometimes called the 
“shape”) of a d-dimensional array is then indicated as 
mxnX:..xp. The most common type of array en- 
— [M 


dnd is the 2-D m x n rectangular array having m 
columns and n rows. If m = n, a square array results. 
Sometimes, the order of the elements in an array is sig- 
nificant (as in a MATRIX), whereas at other times, arrays 
which are equivalent modulo reflections (and rotations, 
in the case of a square array) are considered identical 
(as in a MAGIC SQUARE or PRIME ARRAY). 


In order to exhaustively list the number of distinct ar- 
rays of a given shape with each element being one of k 
possible choices, the naive algorithm of running through 
each case and checking to see whether it's equivalent to 
an earlier one is already just about as efficient as can 
be. The running time must be at least the number of 
answers, and this is so close to k”™ P that the difference 
isn’t significant. 


However, finding the number of possible arrays of a given 
shape is much easier, and an exact formula can be ob- 
tained using the POLYA ENUMERATION THEOREM. For 
the simple case of an m x n array, even this proves un- 
necessary since there are only a few possible symmetry 
types, allowing the possibilities to be counted explicitly. 
For example, consider the case of m and n EVEN and 
distinct, so only reflections need be included. To take a 
specific case, let m = 6 and n = 4 so the array looks like 


a b c | d e f 
g h i | j k il 
EA == = + == => =S 
m n o | p q r 
s t u | v w oz, 
where each a, b, ..., z can take a value from 1 to k. The 


total number of possible arrangements is k** (k™™ in 


general). The number of arrangements which are equiv- 
alent to their left-right mirror images is k** (in general, 
pan! 2), as is the number equal to their up-down mirror 
images, or their rotations through 180°. There are also 
kê arrangements (in general, k™"/4) with full symmetry. 


In general, it is therefore true that 
na with full symmetry 

with only left-right reflection 

with only up-down reflection 

with only 180° rotation, 


¡mna/2 = pania 
Rpmn/2 n keria 
pinn/2 — pmn/4 


so there are 


praa 3pmn/2 ae opmn/4 


Arrow Notation 


arrangements with no symmetry. Now dividing by the 
number of images of each type, the result, for m £ n 
with m,n EVEN, is 


The number is therefore of order O(k™"/4), with “cor- 
rection” terms of much smaller order. 


see also ANTIMAGIC SQUARE, EULER SQUARE, 
KIRKMAN’S SCHOOLGIRL PROBLEM, LATIN RECT- 
ANGLE, LATIN SQUARE, MAGIC SQUARE, MATRIX, 
Mrs. PERKINS’ QUILT, MULTIPLICATION TABLE, OR- 
THOGONAL ARRAY, PERFECT SQUARE, PRIME ARRAY, 
QUOTIENT-DIFFERENCE TABLE, ROOM SQUARE, STO- 
LARSKY ARRAY, TRUTH TABLE, WYTHOFF ARRAY 


Arrow Notation 

A NOTATION invented by Knuth (1976) to represent 
LARGE NUMBERS in which evaluation proceeds from the 
right (Conway and Guy 1996, p. 60). 


mtn m-m---m 
— aa 
mttn mfime Pm 
o pas 


mitn mttmtt---ttm 


For example, 


mtn=m" (1) 

dl 

mtt2=mtm=mtm=m™ (2) 
yee 


2 
mtt3=mtmtm=mt(mtm) 
Nees paa 


3 


mm 


=mtm™=m™ (3) 
mitt2=mttm=mttm=m™ (4) 


m 


mttt3=mttmttm=mttm™ 


3 TT 
Peg l (5) 
m „m 
m” m” 
KS a Vaaa 


m TT n is sometimes called a POWER TOWER. The 
values nf -+- În are called ACKERMANN NUMBERS. 
ee 


n 
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see also ACKERMANN NUMBER, CHAINED ARROW No- 
TATION, DOWN ARROW NOTATION, LARGE NUMBER, 
POWER TOWER, STEINHAUS-MOSER NOTATION 
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Arrow’s Paradox 
Perfect democratic voting is, not just in practice but in 
principle, impossible. 
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Arrowhead Curve 
see SIERPINSKI ARROWHEAD CURVE 


Art Gallery Theorem 

Also called CHVATAL’S ART GALLERY THEOREM. If 
the walls of an art gallery are made up of n straight 
LINES SEGMENTS, then the entire gallery can always be 
supervised by |n/3| watchmen placed in corners, where 
|x] is the FLOOR FUNCTION. This theorem was proved 
by V. Chvatal in 1973. It is conjectured that an art 
gallery with n walls and h HOLES requires |(n + h)/3| 
watchmen. 


see also ILLUMINATION PROBLEM 
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Articulation Vertex 
A VERTEX whose removal will disconnect a GRAPH, also 
called a CUT-VERTEX. 


see also BRIDGE (GRAPH) 
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Artin Braid Group 
see BRAID GROUP 
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Artin”s Conjecture 

There are at least two statements which go by the name 
of Artin's conjecture. The first is the RIEMANN HY- 
POTHESIS. The second states that every INTEGER not 
equal to —1 or a SQUARE NUMBER is a primitive root 
modulo p for infinitely many p and proposes a density 
for the set of such p which are always rational multi- 
ples of a constant known as ARTIN’S CONSTANT. There 
is an analogous theorem for functions instead of num- 
bers which has been proved by Billharz (Shanks 1993, 
p. 147). 


see also ARTIN’S CONSTANT, RIEMANN HYPOTHESIS 
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Artin’s Constant 

If n 4 —1 and n is not a PERFECT SQUARE, then Artin 
conjectured that the SET S[(n) of all PRIMES for which n 
is a PRIMITIVE ROOT is infinite. Under the assumption 
of the EXTENDED RIEMANN HYPOTHESIS, Artin’s con- 
jecture was solved in 1967 by C. Hooley. If, in addition, 
n is not an rth POWER for any r > 1, then Artin con- 
jectured that the density of S(n) relative to the PRIMES 
is CArtin (independent of the choice of n), where 


1 
Canin = || f - T = 0.3739558136..., 


q prime 


and the PRODUCT is over PRIMES. The significance of 
this constant is more easily seen by describing it as the 
fraction of PRIMES p for which 1/p has a maximal DEC- 
IMAL EXPANSION (Conway and Guy 1996). 
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Artin L-Function 

An Artin Z-function over the RATIONALS Q encodes in 
a GENERATING FUNCTION information about how an 
irreducible monic POLYNOMIAL over Æ factors when re- 
duced modulo each PRIME. For the POLYNOMIAL 2*+1, 
the Artin L-function is 


L(s, Q(2)/Q, sgn) = 


p odd prime 


Artistic Series 


where (—1/p) is a LEGENDRE SYMBOL, which is equiv- 
alent to the EULER L-FUNCTION. The definition over 
arbitrary POLYNOMIALS generalizes the above expres- 
sion. 


see also LANGLANDS RECIPROCITY 
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Artin Reciprocity 
see ARTIN’S RECIPROCITY THEOREM 


Artin’s Reciprocity Theorem 

A general RECIPROCITY THEOREM for all orders. If R 
is a NUMBER FIELD and R’ a finite integral extension, 
then there is a SURJECTION from the group of fractional 
IDEALS prime to the discriminant, given by the Artin 
symbol. For some cycle c, the kernel of this SURJECTION 
contains each PRINCIPAL fractional IDEAL generated by 
an element congruent to 1 mod c. 


see also LANGLANDS PROGRAM 


Artinian Group 
A GROUP in which any decreasing CHAIN of distinct 
SUBGROUPS terminates after a FINITE number. 


Artinian Ring 
A noncommutative SEMISIMPLE RING satisfying the 
“descending chain condition.” 


see also GORENSTEIN RING, SEMISIMPLE RING 
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Artistic Series 
A SERIES is called artistic if every three consecutive 
terms have a common three-way ratio 


(ai + aip + Qi42)Qi41 
Plai, ai41, Giza] = —————=—.. 
QiQi+2 
A SERIES is also artistic IFF its BIAS is a constant. A 
GEOMETRIC SERIES with RATIO r > 0 is an artistic 
series with 


Psi +1tr>3. 


see also BIAS (SERIES), GEOMETRIC SERIES, MELODIC 
SERIES 
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ASA Theorem 


ASA Theorem 


C 


Specifying two adjacent ÁNGLES Á and B and the side 
between them ce uniquely determines a TRIANGLE with 


AREA 
Ce 


KE === 3% 
2(cot A + cot B) 
The angle C is given in terms of A and B by 


(1) 


C=*T-A-B, (2) 


and the sides a and b can be determined by using the 
LAW OF SINES 


a b c 
sinA sinB sinC (3) 
to obtain 
sin A 
— sin(a — Á — B) (4) 
sin B 
See, 5 
sinr- A— B) (5) 


see also AAA THEOREM, AAS THEOREM, ASS THEO- 
REM, SAS THEOREM, SSS THEOREM, TRIANGLE 


Aschbacher’s Component Theorem 

Suppose that E(G) (the commuting product of all com- 
ponents of G) is SIMPLE and G contains a SEMISIM- 
PLE INVOLUTION. Then there is some SEMISIMPLE 
INVOLUTION æ such that Co(x) has a NORMAL SUB- 
GROUP K which is either QUASISIMPLE or ISOMORPHIC 
to OT (4,q)' and such that Q = Ca(K) is TIGHTLY EM- 
BEDDED. 

see also INVOLUTION (GROUP), ISOMORPHIC GROUPS, 


NORMAL SUBGROUP, QUASISIMPLE GROUP, SIMPLE 
GROUP, TIGHTLY EMBEDDED 


ASS Theorem 


\ 


c c 
Specifying two adjacent side lengths a and b of a TRIAN- 
GLE (taking a > b) and one ACUTE ANGLE A opposite 
a does not, in general, uniquely determine a triangle. 
If sin A < a/c, there are two possible TRIANGLES satis- 
fying the given conditions. If sin A = a/c, there is one 
possible TRIANGLE. If sin A > a/c, there are no possible 
TRIANGLES. Remember: don’t try to prove congruence 
with the ASS theorem or you will make make an ASS 
out of yourself. 


see also AAA THEOREM, AAS THEOREM, SAS THEO- 
REM, SSS THEOREM, TRIANGLE 
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Associative 
In simple terms, let x, y, and z be members of an AL- 
GEBRA. Then the ALGEBRA is said to be associative 
if 

g: (y: z) = (x-y): z, | (1) 
where - denotes MULTIPLICATION. More formally, let A 
denote an R-algebra, so that A is a VECTOR SPACE over 


R and 
AxA-A (2) 


(1, y) > T: y. (3) 


Then A is said to be m-associative if there exists an m-D 
SUBSPACE S of A such that 


(y-2)-2=y- (z: z) (4) 


for all y,z € A and z € S. Here, VECTOR MULTIPLI- 
CATION x: y is assumed to be BILINEAR. An n-D n- 
associative ALGEBRA is simply said to be “associative.” 


see also COMMUTATIVE, DISTRIBUTIVE 
References 
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Associative Magic Square 


An n x n MAGIC SQUARE for which every pair of num- 
bers symmetrically opposite the center sum to n? + 1. 
The Lo Suu is associative but not PANMAGIC. Order 
four squares can be PANMAGIC or associative, but not 
both. Order five squares are the smallest which can be 
both associative and PANMAGIC, and 16 distinct asso- 
ciative PANMAGIC SQUARES exist, one of which is illus- 
trated above (Gardner 1988). 


see also MAGIC SQUARE, PANMAGIC SQUARE 
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Astroid 


A 4-cusped HYPOCYCLOID which is sometimes also 
called a TETRACUSPID, CUBOCYCLOID, or PARACYCLE. 
The parametric equations of the astroid can be obtained 
by plugging in n = a/b = 4 or 4/3 into the equations for 
a general HYPOCYCLOID, giving 


x = 3bcos¢ + bcos(3¢) = 4bcos* $ = acos*d (1) 
y = 3bsin ġ — bsin(3¢) = 4bsin® ¢ = asin? ġ. (2) 


In CARTESIAN COORDINATES, 
ey ag e (3) 


In PEDAL COORDINATES with the PEDAL POINT at the 
center, the equation is 


r? + 3p? =a’. (4) 
PU 


The ARC LENGTH, CURVATURE, and TANGENTIAL AN- 
GLE are 


s(t) 
k(t} 


phi ít) 


s(t) = 3] | sin(2t’)| dt’ = 3 sin” t (5) 
K(t) = —2 csc(2t) (6) 
p(t) = —t. (7) 


As usual, care must be taken in the evaluation of s(t) for 
t > 2/2. Since (5) comes from an integral involving the 
ABSOLUTE VALUE of a function, it must be monotonic 
increasing. Each QUADRANT can be treated correctly 


by defining 
2t 
ey pee (rea 
n=|=| +1, (8) 


where |x| is the FLOOR FUNCTION, giving the formula 
s(t) = (Ema ines 2913 sin? t+ 3 | in| ; (9) 


The overall ARC LENGTH of the astroid can be com- 
puted from the general HYPOCYCLOID formula 


Sn = 8a(n — 1) (10) 


Astroid 


with n = 4, 
sa = 6a. (11) 
The AREA is given by 
_ (n—-lj(n—2) 2 
An = ee ee (12) 
with n = 4, 
Ag = 2x’. (13) 


The EVOLUTE of an ELLIPSE is a stretched HyPocy- 
CLOID. The gradient of the TANGENT T from the point 
with parameter p is — tan p. The equation of this TAN- 
GENT T is 


x sin p + y cosp = ža sin(2p) (14) 


(MacTutor Archive). Let T cut the z-AXIS and the y- 
AXIS at X and Y, respectively. Then the length XY is 
a constant and is equal to a. 


! 


L 


f 


The astroid can also be formed as the ENVELOPE pro- 
duced when a LINE SEGMENT is moved with each end 
on one of a pair of PERPENDICULAR. axes (e.g., it is the 
curve enveloped by a ladder sliding against a wall or a 
garage door with the top corner moving along a verti- 
cal track; left figure above). The astroid is therefore 
a GLISSETTE. To see this, note that for a ladder of 
length L, the points of contact with the wall and floor 
are (xo, 0) and (0, VL? — xo? ), respectively. The equa- 
tion of the LINE made by the ladder with its foot at 
(xo, 0) is therefore 


which can be written 


L? = To? 


Lo 


U(z,y, to) =Y + (x — Zo). (16) 


The equation of the ENVELOPE is given by the simulta- 
neous solution of 


U(x, y, ro) = 
aU _  rgo?—Lr? 25 


bso e 


which is 


rt = — (18) 


(19) 


Astroid 


Noting that 


2 


2/3 __ TO 
a = FI (20) 
2/3 _ L? — zo? (21) 
~ DAB | 
allows this to be written implicitly as 
2/3 42/8 — 72/3 (22) 


the equation of the astroid, as promised. 


slotted 
track 


(Xp, 0) 


->|-AL-<— 1 — > 
The related problem obtained by having the “garage 
door” of length L with an “extension” of length AL 
move up and down a slotted track also gives a surprising 
answer. In this case, the position of the “extended” end 
for the foot of the door at horizontal position zo and 
ANGLE @ is given by 


x = —ALcosé@ (23) 


y = y L? — zo? + AL sinó. (24) 


Using 
to = Lcos (25) 
then gives 
AL 


AL 
Y= Li =o (1 F —) ; (27) 
Solving (26) for xo, plugging into (27) and squaring then 
gives 


2 
yal- lA) (28) 
Rearranging produces the equation 
2 2 


AE TEE E 
(AL)? +ALL 


, (29) 


the equation of a (QUADRANT of an) ELLIPSE with 
SEMIMAJOR and SEMIMINOR AXES of lengths AL and 
L+AL. 
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Ma 
PS 
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TO 
EN 


T 
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HA 


A 
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HH- 


Za 

T] | | 
SSI 
Sa 


A 
yt 
[el 


az 
cd] 


Se 


SS 


The astroid is also the ENVELOPE of the family of EL- 
LIPSES | 


—= +2 -1=0, (30) 


illustrated above. 


see also DELTOID, ELLIPSE ENVELOPE, LAMÉ CURVE, 
NEPHROID, RANUNCULOID 
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Astroid Evolute 


VAT 
Lowen 


A HYPOCYCLOID EVOLUTE for n = 4 is another As- 
TROID scaled by a factor n/(n — 2) = 4/2 = 2 and 
rotated 1/(2- 4) = 1/8 of a turn. 


Astroid Involute 


A HYPOCYCLOID INVOLUTE for n = 4 is another AS- 
TROID scaled by a factor (n — 2)/2 = 2/4 = 1/2 and 
rotated 1/(2-4) = 1/8 of a turn. 
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Astroid Pedal Curve 


The PEDAL CURVE of an ASTROID with PEDAL POINT 
at the center is a QUADRIFOLIUM. 


Astroid Radial Curve 


The QUADRIFOLIUM 


z = Lo + 3a cost — 3a cos(3t) 
y = yo + 3asint + 3asin(3t). 


Astroidal Ellipsoid 

The surface which is the inverse of the ELLIPSOID in the 
sense that it “goes in” where the ELLIPSOID “goes out.” 
It.is given by the parametric equations 


3 
x = (acosucosv) 
y = (bsin u cos v)” 


z = (csin v)? 


for u € [-7/2,7/2] and v € [-r, r]. The special case 
a = b = c = 1 corresponds to the HYPERBOLIC OCTA- 
HEDRON. 


see also ELLIPSOID, HYPERBOLIC OCTAHEDRON 
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Asymptosy 

ASYMPTOTIC behavior. A useful yet endangered word, 
found rarely outside the captivity of the Ozford English 
Dictionary. 


see also ASYMPTOTE, ASYMPTOTIC 


Asymptotic Curve 


Asymptote 


asymptotes 
A curve approaching a given curve arbitrarily closely, as 
illustrated in the above diagram. 


see also ASYMPTOSY, ASYMPTOTIC, ASYMPTOTIC 
CURVE 
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Asymptotic 

Approaching a value or curve arbitrarily closely (i.e., 
as some sort of LIMIT is taken). A CURVE A which is 
asymptotic to given CURVE C is called the ASYMPTOTE 
of C. 

see also ASYMPTOSY, ASYMPTOTE, ASYMPTOTIC 


CURVE, ASYMPTOTIC DIRECTION, ASYMPTOTIC SE- 
RIES, LIMIT 


Asymptotic Curve 

Given a REGULAR SURFACE M, an asymptotic curve 
is formally defined as a curve x(t) on M such that the 
NORMAL CURVATURE is 0 in the direction x'(t) for all 
t in the domain of x. The differential equation for the 
parametric representation of an asymptotic curve is 


eu? + 2fu'v’ + gv” =0, (1) 
where e, f, and g are second FUNDAMENTAL FORMS. 
The differential equation for asymptotic curves on a 
MONGE PATCH (u,v, h{u, v)) is 

hun” + 2hauu v + hyu” = 0, (2) 


and on a polar patch (rcos@,rsin@,h(r)) is 


h" (r)r’? + h'(r)ré” = 0. (3) 


The images below show asymptotic curves for the EL- 
LIPTIC HELICOID, FUNNEL, HYPERBOLIC PARABOLOID, 
and MONKEY SADDLE. 


Asymptotic Direction 


see also RULED SURFACE 
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Asymptotic Direction 

An asymptotic direction at a point p of a REGULAR 

SURFACE M € R” is a direction in which the NORMAL 

CURVATURE of M vanishes. 

1. There are no asymptotic directions at an ELLIPTIC 
POINT. 

2. There are exactly two asymptotic directions at a HY- 
PERBOLIC POINT. 

3. There is exactly one asymptotic direction at a PAR- 
ABOLIC POINT. 


4. Every direction is asymptotic at a PLANAR POINT. 
see also ASYMPTOTIC CURVE 


References 
Gray, A. Modern Differential Geometry of Curves and Sur- 
faces.Boca Raton, FL: CRC Press, pp. 270 and 320, 1993. 


Asymptotic Notation 

Let n be a integer variable which tends to infinity and let 
x be a continuous variable tending to some limit. Also, 
let p(n) or d(x) be a positive function and f(n) or f(x) 
any function. Then Hardy and Wright (1979) define 


1. f = O(¢) to mean that |f| < Ad for some constant 
A and all values of n and z, 


. f = o(ġ) to mean that f/¢ > 0, 

. f ~¢ to mean that f/¢— 1, 

f < ¢ to mean the same as f = o(0), 

. f > $ to mean f/¢ > œ, and 

f = O to mean Aig < f < Az for some positive 
constants A, and Az. 


f = o(¢) implies and is stronger than f = O(¢). 


on Pp wp 
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Asymptotic Series 

An asymptotic series is a SERIES EXPANSION of a FUNC- 
TION in a variable z which may converge or diverge 
(Erdelyi 1987, p. 1), but whose partial sums can be made 
an arbitrarily good approximation to a given function 
for large enough æ. To form an asymptotic series R(x) 
of f(x), written 


f(z) ~ R(z), (1) 


take 
e"Ry(z) = 2"[f(z) — Sa (£), (2) 


Atiyah-Singer Index Theorem 83 


where a a 
Sal) = 00 + 24 hh n (3) 


The asymptotic series is defined to have the properties 


lim "R,(2)=0 for fixed n (4) 
Z—>00 
lim z” Rn{x) = œ for fixed z. (5) 
Th 00 
Therefore, 
f(e) = Y ana” (6) 
n=0 


in the limit > oo. If a function has an asymptotic 
expansion, the expansion is unique. The symbol « is 
also used to mean directly SIMILAR. 
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Atiyah-Singer Index Theorem 

A theorem which states that the analytic and topological 
“indices” are equal for any elliptic differential operator 
on an n-D COMPACT DIFFERENTIABLE C” boundary- 
less MANIFOLD. 


see also COMPACT MANIFOLD, DIFFERENTIABLE MAN- 
IFOLD 
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C—C 


If you find a green wire also, don't cut it! It is the earth wire, 
and if it gets broken, you may have all kinds of problems in all sorts 
of places where you don't want them when you don't want them. 
(You may even find your trusty soldering iron is frying you as well 
as the solder, for instance. Not much fun.) If you have any doubts 
about the color coding, check with your local power company or a 
local electrical contractor. Note: In some communities it may be 
required that a licensed electrician actually make the connection 
for you and/or that the result be inspected by the local building 
inspector. 

Once the contactor is wired up, just run the low-voltage line 
through the kill switches and you're in business. Now, and only 
now, you can turn shack power back on at the circuit breaker. The 
shack will still be dead, however, because the contactor contacts 
are open and thus there can be no voltage on the coil to energize it. 
Pressing the reset button applies 110 volts to the transformer, 
which supplies the low voltage to the contactor coil (through the 
kill switches), energizing the contactor and closing the contacts. 
The contactor will remain energized when the reset button is 
released because the transformer—like all the other equipment in 
the shack—is now getting its primary power through the contacts. 

And there you are! With luck, you've got a nice new conveni- 
ence for the shack. With somewhat less luck, you've got a simple 
system that'll keep you from having no luck at all. Just one final 
point: Teach the family how to kill power if they ever need to. If you 
ever need assistance, smashing one of the prominent red buttons 
should be the first thing they do, and such a time is definitely not 
the time to explain the system to them. 


BUILD THIS MINI-COUNTER 


Sooner or later, anyone who does much work with communi- 
cations equipment discovers the need for a accurate frequency 
counter. Let’s face it, crowded communications channels make 
knowing your frequency more important than ever. This is where 
this counter project comes in. 

Would you like to have a counter that measures frequency up 
to 135 MHz and beyond—one that is pocket-portable with battery 
power to make accurate measurements simple anywhere? Of 
course you would! The Model 304 Communications Counter has 
these features and much, much more: a low price tag of about $50, 
easy, one- to two-evening construction, and a superior sensitivity 
from 4-mV rms at 27 MHz to 12-mV rms at 135 MHz with input 
protection. 
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Atkin-Goldwasser-Kilian-Morain Certificate 
A recursive PRIMALITY CERTIFICATE for a PRIME p. 
The certificate consists of a list of 


1. A point on an ELLIPTIC CURVE C 
y” = 2° + g£ + gs (mod p) 


for some numbers g2 and gs. 


2. A PRIME q with q > (pi/4 + 1)*, such that for 
some other number k and m = kq with k Æ 1, 
mC(z, y,92,93,p) is the identity on the curve, but 
kC (x,y, 92,93,p) is not the identity. This guaran- 
tees PRIMALITY of p by a theorem of Goldwasser 
and Kilian (1986). 


3. Each q has its recursive certificate following it. So if 
the smallest g is known to be PRIME, all the numbers 
are certified PRIME up the chain. 


A PRATT CERTIFICATE is quicker to generate for 
small numbers. The Mathematica® (Wolfram Re- 
search, Champaign, IL) task ProvablePrime[n] there- 
fore generates an Atkin-Goldwasser-Kilian-Morain cer- 
tificate only for numbers above a certain limit (10'° by 
default), and a PRATT CERTIFICATE for smaller num- 
bers. 


see also ELLIPTIC CURVE PRIMALITY PROVING, ELLIP- 
TIC PSEUDOPRIME, PRATT CERTIFICATE, PRIMALITY 
CERTIFICATE, WITNESS 
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Atomic Statement 
In LOGIC, a statement which cannot be broken down 
into smaller statements. 


Attraction Basin 
see BASIN OF ATTRACTION 


Attractor 

An attractor is a SET of states (points in the PHASE 
SPACE), invariant under the dynamics, towards which 
neighboring states in a given BASIN OF ATTRACTION 
asymptotically approach in the course of dynamic evo- 
lution. An attractor is defined as the smallest unit which 
cannot be itself decomposed into two or more attractors 


Augmented Amicable Pair 


with distinct BASINS OF ATTRACTION. This restriction 
is necessary since a DYNAMICAL SYSTEM may have mul- 
tiple attractors, each with its own BASIN OF ATTRAC- 
TION. 


Conservative systems do not have attractors, since the 
motion is periodic. For dissipative DYNAMICAL SYS- 
TEMS, however, volumes shrink exponentially so attrac- 
tors have 0 volume in n-D phase space. 


A stable FIXED POINT surrounded by a dissipative re- 
gion is an attractor known as a SINK. Regular attractors 
(corresponding to 0 LYAPUNOV CHARACTERISTIC Ex- 
PONENTS) act as LIMIT CYCLES, in which trajectories 
circle around a limiting trajectory which they asymp- 
totically approach, but never reach. STRANGE ATTRAC- 
TORS are bounded regions of PHASE SPACE (correspond- 
ing to POSITIVE LYAPUNOV CHARACTERISTIC EXPO- 
NENTS) having zero MEASURE in the embedding PHASE 
SPACE and a FRACTAL DIMENSION. Trajectories within 
a STRANGE ATTRACTOR appear to skip around ran- 
domly. 


see also BARNSLEY’S FERN, BASIN OF ATTRACTION, 
CHAOS GAME, FRACTAL DIMENSION, LIMIT CYCLE, 
LYAPUNOV CHARACTERISTIC EXPONENT, MEASURE, 
SINK (MAP), STRANGE ATTRACTOR 


Auction 

A type of sale in which members of a group of buyers 
offer ever increasing amounts. The bidder making the 
last bid (for which no higher bid is subsequently made 
within a specified time limit: “going once, going twice, 
sold”) must then purchase the item in question at this 
price. Variants of simple bidding are also possible, as in 
a VICKERY AUCTION. 


see also VICKERY AUCTION 


Augend 

The first of several ADDENDS, or “the one to which 
the others are added,” is sometimes called the augend. 
Therefore, while a, b, and c are ADDENDS ina+b4c, 
a is the augend. 


see also ADDEND, ADDITION 


Augmented Amicable Pair 
A PAIR of numbers m and n such that 


o(m) ==0(n) =m>+n- 1, 


where o(m) is the DIVISOR FUNCTION. Beck and Najar 
(1977) found 11 augmented amicable pairs. 


see also AMICABLE PAIR, DIVISOR FUNCTION, QUASI- 
AMICABLE PAIR 
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Augmented Dodecahedron 


Augmented Dodecahedron 
see JOHNSON SOLID 


Augmented Hexagonal Prism 
see JOHNSON SOLID 


Augmented Pentagonal Prism 
see JOHNSON SOLID 


Augmented Polyhedron 
A UNIFORM POLYHEDRON with one or more other solids 
adjoined. 


Augmented Sphenocorona 


see JOHNSON SOLID 


Augmented Triangular Prism 
see JOHNSON SOLID 


Augmented Tridiminished Icosahedron 
see JOHNSON SOLID 


Augmented Truncated Cube 
see JOHNSON SOLID 


Augmented Truncated Dodecahedron 
see JOHNSON SOLID 


Augmented Truncated Tetrahedron 
see JOHNSON SOLID 


Aureum Theorema 
Gauss's name for the QUADRATIC RECIPROCITY THE- 
OREM. 


Aurifeuillean Factorization 
A factorization of the form 


7 aad + l= aia _ girl + D Cas + grika + 1). (1) 


The factorization for n = 14 was discovered by Au- 
rifeuille, and the general form was subsequently discov- 
ered by Lucas. The large factors are sometimes written 


as L and M as follows 


ee SO Ra O T ee) (2) 
3gók=3 + j= Ga a Hie = 3k $ 1)(37*"* jo 3k ane 1), 


(3) 
which can be written 


Bo E E DeMar (4) 
3% 4.1 = (3% + 1)L3rMsn (5) 
5% 1 = (5% — 1)L5, Mo», (6) 


Authalic Latitude 85 
where h = 2k — 1 and 


Lon, Mon = 2" +1 2" (7) 
Lan, Msn = 3" +143" (8) 
Lsn, Msn = 5°” 43-5" +14 5*(5" +1). (9) 


see also GAUSS’S FORMULA 
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Ausdehnungslehre 
see EXTERIOR ÁLGEBRA 


Authalic Latitude 
An AUXILIARY LATITUDE which gives a SPHERE equal 
SURFACE AREA relative to an ELLIPSOID. The authalic 
latitude is defined by 


aaa (od. 
ß = sin (+). (1) 
where 


_ 2 sin $ 1 1 — esin ġ 
eae el [tes 7 a (es) » (2) 


and qp is q evaluated at the north pole ($ = 90°). Let Ra 


be the RADIUS of the SPHERE having the same SURFACE 
AREA as the ELLIPSOID, then 


Ry =a,/2. (3) 


The series for @ is 


B=o— (ke? + Let + De +...) sin(2¢) 
+ IT et + ie +...) sin(4d) 
383 ¿0 


+...)sin(6d) +.... (4) 


( 
=A 


45360 


The inverse FORMULA is found from 


Ma (1 — e* sin? py” | q sin $ 


2 cos @ bee 1 — e? sin? $ 
1 1 — esin ġ 
i ti 

tze n (Freeney), (5) 


q = qpsin f (6) 


where 
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and do = sin” *(q/2). This can be written in series form 
as 3 


p= PFG e° + igo € o Fa 
-+ (Le + e” +...) sin(48) 
+( e +...) sin(6B8) +.... (7) 


-) sin(28) 


see also LATITUDE 
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Autocorrelation 
The autocorrelation function is defined by 
f(t+7) dr, 


osf Fi 
(1) 


where * denotes CONVOLUTION and x denotes CROSS- 
CORRELATION. Á finite autocorrelation is given by 


Ci =fxf= Pl 


Cir) = (lu) — yiiy(t +7) — y) (2) 


T/2 
= lim [y(t) — yl ly(t +7) — y]dt. (3) 


Poo —T/2 


III 


If f is a REAL FUNCTION, 


F=f, (4) 


and an EVEN FUNCTION so that 


f(-r) = f(r), (5) 
then xo 
= / f(r) f(E+ 7) dr. (6) 
But let 7? = —7, so dr’ = —dr, then 


=| f(-nse-7)ar 
= j HFrt—rjdr=$*f. (7) 


The autocorrelation discards phase information, return- 
ing only the POWER. It is therefore not reversible. 


There is also a somewhat surprising and extremely im- 
portant relationship between the autocorrelation and 


Autocorrelation 


the FOURIER TRANSFORM known as the WIENER- 
KHINTCHINE THEOREM. Let F[f(x)| = F(k), and F* 
denote the COMPLEX CONJUGATE of F, then the FOUR- 
IER TRANSFORM of the ABSOLUTE SQUARE of F(k) is 


given by 
3 = / “Foei (8) 


The autocorrelation is a HERMITIAN OPERATOR since 
Cy(—t) = C* (t). fx f is MAXIMUM at the ORIGIN. In 
other words, 


/ ; flw)fluta)dus | - Pujdu. (9) 


To see this, let e be a REAL NUMBER. Then 


f [f(u) +ef(u+ a) du > 0 (10) 


f f? (u) du + 2e f f(u)f(u + x) du 


— 00 


e? L flu+a)du>0 (11) 


J Fu) du +2¢ | f(u)f(ut+ a) du 


oo 


E f f’ (u) du > 0. (12) 


Define 
a = f?(u) du (13) 
b= 2 f(u)f(ut x) du. (14) 


Then plugging into above, we have ae? +be+c > 0. This 
QUADRATIC EQUATION does not have any REAL ROOT, 
so b? — 4ac < 0, i.e., 6/2 < a. It follows that 


J EE TE / P(u)du, (15) 


with the equality at z = 0. This proves that fx f is 
MAXIMUM at the ORIGIN. 


see also CONVOLUTION, CROSS-CORRELATION, QUAN- 
TIZATION EFFICIENCY, WIENER-KHINTCHINE THEO- 
REM 
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Automorphic Function 


Automorphic Function | 

An automorphic function f(z) of a COMPLEX variable 
z is one which is analytic (except for POLES) in a do- 
main D and which is invariant under a DENUMERABLY 
INFINITE group of LINEAR FRACTIONAL TRANSFORMA- 
TIONS (also known as MOBIUS TRANSFORMATIONS) 


y az+b 
ez td’ 


Automorphic functions are generalizations of TRIGONO- 
METRIC FUNCTIONS and ELLIPTIC FUNCTIONS. 


see also MODULAR FUNCTION, MOBIUS TRANSFORMA- 
TIONS, ZETA FUCHSIAN 


Automorphic Number 

A number k such that nk? has its last digits equal to 
k is called n-automorphic. For example, 1. 5° = 25 
and 1- 6° = 36 are l-automorphic and 2- 8? = 128 
and 2-88? = 15488 are 2-automorphic. de Guerre and 
Fairbairn (1968) give a history of automorphic numbers. 


The first few l-automorphic numbers are 1, 5, 6, 25, 
76, 376, 625, 9376, 90625, ... (Sloane's A003226, Wells 
1986, p. 130). There are two l-automorphic numbers 
with a given number of digits, one ending in 5 and one in 
6 (except that the 1-digit automorphic numbers include 
1), and each of these contains the previous number with 
a digit prepended. Using this fact, it is possible to con- 
struct automorphic numbers having more than 25,000 
digits (Madachy 1979). The first few 1-automorphic 
numbers ending with 5 are 5, 25, 625, 0625, 90625, ... 
(Sloane's A007185), and the first few ending with 6 are 
6, 76, 376, 9376, 09376, ... (Sloane's A016090). The 1- 
automorphic numbers a(n) ending in 5 are IDEMPOTENT 
(mod 10”) since 


[a(n)]? = a(n) (mod 10”) 


(Sloane and Plouffe 1995). 


The following table gives the 10-digit n-automorphic 
numbers. 


n n-Automorphic Numbers Sloane 

1 0000000001, 8212890625, 1787109376 —, A007185, A016090 

2 0893554688 A030984 

3 6666666667, 7262369792, 9404296875 —, A030985, A030986 

4 0446777344 A030987 

5 3642578125 A030988 

6 3631184896 A030989 

7 7142857143, 4548984375, 1683872768 A030990, A030991, 

A030992 

0223388672 A030993 


9 5754123264, 3134765625, 8888888889 A030994, A030995, — 


see also IDEMPOTENT, NARCISSISTIC NUMBER, NUM- 
BER PYRAMID, TRIMORPHIC NUMBER 
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Automorphism 
An ISOMORPHISM of a system of objects onto itself. 


see also ANOSOV AUTOMORPHISM 


Automorphism Group 

The GROUP of functions from an object G to itself which 
preserve the structure of the object, denoted Aut(G). 
The automorphism group of a GROUP preserves the 
MULTIPLICATION table, the automorphism group of a 
GRAPH the INCIDENCE MATRICES, and that of a FIELD 
the ADDITION and MULTIPLICATION tables. 


see also OUTER AUTOMORPHISM GROUP 


Autonomous 

A differential equation or system of ORDINARY DIFFER- 
ENTIAL EQUATIONS is said to be autonomous if it does 
not explicitly contain the independent variable (usu- 
ally denoted t). A second-order autonomous differen- 
tial equation is of the form F(y,y',y”) = 0, where 
y = dy/dt = v. By the CHAIN RULE, y” can be ex- 
pressed as 


_ du _dudy _ dv 
o dt  dydt dy 


For an autonomous ODE, the solution is independent of 
the time at which the initial conditions are applied. This 
means that all particles pass through a given point in 
phase space. A nonautonomous system of n first-order 
ODEs can be written as an autonomous system of n+1 
ODEs by letting t = 2n41 and increasing the dimension 
of the system by 1 by adding the equation 


din+1 


di == 


Autoregressive Model 
see MAXIMUM ENTROPY METHOD 
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Auxiliary Circle | 

The CIRCUMCIRCLE of an ELLIPSE, i.e., the CIRCLE 
whose center corresponds with that of the ELLIPSE and 
whose RADIUS is equal to the ELLIPSE’s SEMIMAJOR 
AXIS. 


see also CIRCLE, ECCENTRIC ANGLE, ELLIPSE 


Auxiliary Latitude 


see AUTHALIC LATITUDE, CONFORMAL LATITUDE, 
GEOCENTRIC LATITUDE, ISOMETRIC LATITUDE, LAT- 
ITUDE, PARAMETRIC LATITUDE, RECTIFYING LATI- 
TUDE, REDUCED LATITUDE 


Auxiliary Triangle 
see MEDIAL TRIANGLE 


Average 
see MEAN 


Average Absolute Deviation 


N 
1 
a= y Y le wl = (les — pl) 
1i=1 


see also ABSOLUTE DEVIATION, DEVIATION, STANDARD 
DEVIATION, VARIANCE 


Average Function 
If f is CONTINUOUS on a CLOSED INTERVAL |a, b], then 
there is at least one number 2* in [a,b] such that 


b 
J f(aJda = f(a*)(b— a). 


The average value of the FUNCTION (f) on this interval 
is then given by f(x*). 


see MEAN-VALUE THEOREM 


Average Seek Time 
see POINT-POINT DISTANCE—1-D 


Ax-Kochen Isomorphism Theorem 

Let P be the SET of PRIMES, and let Q, and Zp(t) be the 
FIELDS of p-ADIC NUMBERS and formal POWER series 
over Zp = (0,1,...,p— 1). Further, suppose that D is a 
“nonprincipal maximal filter” on P. Then IL, cp Q,/D 
and |] <p Zp(t)/D are ISOMORPHIC. 

see also HYPERREAL NUMBER, NONSTANDARD ANALY- 
SIS 


Axial Vector 
see PSEUDOVECTOR 


Axiom A Flow 


Axiom 

A PROPOSITION regarded as self-evidently TRUE with- 
out PROOF. The word “axiom” is a slightly archaic syn- 
onym for POSTULATE. Compare CONJECTURE or Hy- 
POTHESIS, both of which connote apparently TRUE but 
not self-evident statements. | 


see also ARCHIMEDES’ AXIOM, AXIOM OF CHOICE, AX- 
IOMATIC SYSTEM, CANTOR-DEDEKIND AXIOM, CON- 
GRUENCE AXIOMS, CONJECTURE, CONTINUITY AX- 
IOMS, COUNTABLE ADDITIVITY PROBABILITY AXIOM, 
DEDEKIND’S AXIOM, DIMENSION AXIOM, EILENBERG- 
STEENROD AXIOMS, EUCLID’S AXIOMS, EXCISION AX- 
IOM, FANO’S AXIOM, FIELD AXIOMS, HAUSDORFF AX- 
IOMS, HILBERT’S AXIOMS, HOMOTOPY AXIOM, IN- 
ACCESSIBLE CARDINALS AXIOM, INCIDENCE AXIOMS, 
INDEPENDENCE AXIOM, INDUCTION AXIOM, LAW, 
LEMMA, LONG EXACT SEQUENCE OF A PAIR AXIOM, 
ORDERING AXIOMS, PARALLEL AXIOM, PASCH’sS AX- 
IOM, PEANO’S AXIOMS, PLAYFAIR’S AXIOM, PORISM, 
POSTULATE, PROBABILITY AXIOMS, PROCLUS’ AXIOM, 
RULE, T2-SEPARATION AXIOM, THEOREM, ZERMELO’S 
AXIOM OF CHOICE, ZERMELO-FRAENKEL AXIOMS 


Axiom A Diffeomorphism 

Let 6: M > M be a Ct DIFFEOMORPHISM on a com- 
pact RIEMANNIAN MANIFOLD M. Then ¢ satisfies Ax- 
iom A if the NONWANDERING set 2(¢) of ġ is hyperbolic 
and the PERIODIC POINTS of ¢ are DENSE in Q(¢). Al- 
though it was conjectured that the first of these condi- 
tions implies the second, they were shown to be indepen- 
dent in or around 1977. Examples include the ANOSOV 
DIFFEOMORPHISMS and SMALE HORSESHOE MAP. 


In some cases, Axiom A can be replaced by the condi- 
tion that the DIFFEOMORPHISM is a hyperbolic diffeo- 
morphism on a hyperbolic set (Bowen 1975, Parry and 
Pollicott 1990). 


see also ANOSOV DIFFEOMORPHISM, AXIOM A FLOw, 
DIFFEOMORPHISM, DYNAMICAL SYSTEM, RIEMANNIAN 
MANIFOLD, SMALE HORSESHOE MAP 
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Axiom A Flow 

A FLOW defined analogously to the AXIOM A DIFFEO- 
MORPHISM, except that instead of splitting the TAN- 
GENT BUNDLE into two invariant sub-BUNDLES, they 
are split into three (one exponentially contracting, one 
expanding, and one which is 1-dimensional and tangen- 
tial to the flow direction). 


see also DYNAMICAL SYSTEM 


Axiom of Choice 


Axiom of Choice 

An important and fundamental result in SET THEORY 
sometimes called ZERMELO’S AXIOM OF CHOICE. It was 
formulated by Zermelo in 1904 and states that, given any 
SET of mutually exclusive nonempty SETS, there exists 
at least one SET that contains exactly one element in 
common with each of the nonempty SETS. 


It is related to HILBERT’S PROBLEM 1B, and was proved 
to be consistent with other AXIOMS in SET THEORY in 
1940 by Godel. In 1963, Cohen demonstrated that the 
axiom of choice is independent of the other AXIOMS in 
Cantorian SET THEORY, so the AXIOM cannot be proved 
within the system (Boyer and Merzbacher 1991, p. 610). 


see also HILBERT’S PROBLEMS, SET THEORY, WELL- 
ORDERED SET, ZERMELO-FRAENKEL AXIOMS, ZORN’S 
LEMMA 
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Axiomatic Set Theory 

A version of SET THEORY in which axioms are taken 
as uninterpreted rather than as formalizations of pre- 
existing truths. 


see also NAIVE SET THEORY, SET THEORY 


Axiomatic System 
A logical system which possesses an explicitly stated 
SET of AXIOMS from which THEOREMS can be derived. 


see also COMPLETE AXIOMATIC THEORY, CONSIS- 
TENCY, MODEL THEORY, THEOREM 


Axis 

A LINE with respect to which a curve or figure is drawn, 
measured, rotated, etc. The term is also used to refer 
to a LINE SEGMENT through a RANGE (Woods 1961). 


see also ABSCISSA, ORDINATE, 2-AXIS, y-AXIS, z-AXIS 
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Axonometry 
A METHOD for mapping 3-D figures onto the PLANE. 


see also CROSS-SECTION, MAP PROJECTION, POHLKE’S 
THEOREM, PROJECTION, STEREOLOGY 
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Azimuthal Equidistant Projection 


EE wl sis 


An AZIMUTHAL PROJECTION which is neither equal- 
AREA nor CONFORMAL. Let (1; and Ao be the LATI- 
TUDE and LONGITUDE of the center of the projection, 
then the transformation equations are given by 
z =k'cosósin(A — Ap) (1) 
y = k'[cos ġı sin ġ — sing: cos @cos(A — Ao)]. (2) 


Here, 


(3) 
and 
cos e = sing sin ġ + cos ġı cos ġ cos(àÀ — Ao), (4) 


where c is the angular distance from the center. The 
inverse FORMULAS are 
pa) (5) 
c 


$ = sin’ (cos csin ġı + 


and 


Xo F tan”? (a Pr Sa $1 sin =) 
for ¢1 4 +90" 
y= ¿Ao +tan”? (-5) (6) 
for 1 = 90° 
Ao + tan™ (2), 
for ġı = —90°, 


with the angular distance from the center given by 


C= f/x? + y?. (7) 
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Azimuthal Projection 


see AZIMUTHAL EQUIDISTANT PROJECTION, LAM- 
BERT AZIMUTHAL EQUAL-AREA PROJECTION, ORTHO- 
GRAPHIC PROJECTION, STEREOGRAPHIC PROJECTION 


B*-Algebra 
B 


B*-Algebra 
A BANACH ALGEBRA with an ANTIAUTOMORPHIC IN- 
VOLUTION * which satisfies 


lee (1) 
xy” = (yz) (2) 
age eae): (3) 
(cr) = Gx" (4) 


and whose NORM satisfies 
lear" || Nz": (5) 


A C*-ALGEBRA is a special type of B*-algebra. 
see also BANACH ALGEBRA, C*-ALGEBRA 


B2-Sequence 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Also called a SIDON SEQUENCE. An INFINITE SE- 


QUENCE of POSITIVE INTEGERS 
1< bi < b2 < b3 <... (1) 
such that all pairwise sums 
bi + bj (2) 


for ¿ < 7 are distinct (Guy 1994). An example is 1, 2, 4, 
8, 13, 21, 31, 45, 66, 81, ... (Sloane's A005282). 


Zhang (1993, 1994) showed that 


oo 


SBS sup + 91597, (3) 


ll B2 “Dx 
a sequences y 


The definition can be extended to B,-sequences (Guy 
1994). | 


see also A-SEQUENCE, MIAN-CHOWLA SEQUENCE 
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B,-Theorem 
If Op (G) = 1 and if z is a p-element of G, then 


Ly (Cela) < E(Calz)), 


where L, is the p-LAYER. 


B-Spline 
Po @ to ty @ Pe 
P3 
P? fy 2 h ep, 
è fp r4 
P3 Pj 


A generalization of the BEZIER CURVE. Let a vector 
known as the KNOT VECTOR be defined 


T = ([to,t1,...,tm), (1) 


where T is a nondecreasing SEQUENCE with t; € [0,1], 
and define control points Po, ..., Pn. Define the degree 
as | 

p=m-—n-1. (2) 


The “knots” fp4i, ..- 
KNOTS. 


, tm-p-1 are called INTERNAL 


Define the basis functions as 


1 ift: <t< ti] and t; < tray 
Ni olt) = T + da 3 
ott) Lo otherwise (3) 
t— ti Basiri 
NN e NN 
ti+p — ti titpti — biti 
(4) 
Then the curve defined by 
C(t) = Y PiN: p(t) (5) 
1=0 


is a B-spline. Specific types include the nonperiodic B- 
spline (first p+ 1 knots equal 0 and last p+ 1 equal to 
1) and uniform B-spline (INTERNAL KNOTS are equally 
spaced). A B-Spline with no INTERNAL KNOTS is a 
BEZIER CURVE. 


‘The degree of a B-spline is independent of the number of 


control points, so a low order can always be maintained 
for purposes of numerical stability. Also, a curve is p—k 
times differentiable at a point where k duplicate knot 
values occur. The knot values determine the extent of 
the control of the control points. 


A nonperiodic B-spline is a B-spline whose first p + 1 
knots are equal to 0 and last p + 1 knots are equal to 
1. A uniform B-spline is a B-spline whose INTERNAL 
KNOTS are equally spaced. 


see also BEZIER CURVE, NURBS CURVE 
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B-Tree 

B-trees were introduced by Bayer (1972) and Mc- 
Creight. They are a special m-ary balanced tree used in 
databases because their structure allows records to be 
inserted, deleted, and retrieved with guaranteed worst- 
case performance. An n-node B-tree has height O(lg 2), 
where LG is the LOGARITHM to base 2. The Apple® 
Macintosh® (Apple Computer, Cupertino, CA) HFS fil- 
ing system uses B-trees to store disk directories (Bene- 
dict 1995). A B-tree satisfies the following properties: 


1. The ROOT is either a LEAF (TREE) or has at least 
two CHILDREN. 


2. Each node (except the ROOT and LEAVES) has be- 
tween [m/2] and m CHILDREN, where fæ] is the 
CEILING FUNCTION. 


3. Each path from the ROOT to a LEAF (TREE) has the 
same length. 


Every 2-3 TREE is a B-tree of order 3. The number of 
B-trees of order n= 1, 2,... are 0, 1, 1, 1, 2, 2, 3, 4, 5, 
8, 14, 23, 32, 43, 63, ... (Ruskey, Sloane's A014535). 


see also RED-BLACK TREE 
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Baby Monster Group 
Also known as FISCHER's BABY MONSTER GROUP. The 
SPORADIC GROUP B. It has ORDER 


E GO oT E AN E Ss 1 aa. 


see also MONSTER GROUP 
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BAC-CAB Identity 
The VECTOR TRIPLE PRODUCT identity 


A x (Bx C)=B(A-C)—C(A-B). 


This identity can be generalized to n-D 


az X- X an-ı X (Di X- X bp-1) 
bi sgh baai 
as - Di Sg. aba 
= (ay 
an-1*bi ++: an-1*b-1 


see also LAGRANGE’S IDENTITY 


Backtracking 


BAC-CAB Rule 
see BAC-CAB IDENTITY 


Bachelier Function 
see BROWN FUNCTION 


Bachet’s Conjecture 
see LAGRANGE’S FOUR-SQUARE THEOREM 


Bachet Equation 
The DIOPHANTINE EQUATION 


a 


which is also an ELLIPTIC CURVE. The general equation 
is still the focus of ongoing study. 


Backhouse's Constant 
Let P(x) be defined as the POWER series whose nth term 
has a COEFFICIENT equal to the nth PRIME, 


P(x) =) pra? = 142r +38? +52" 47204110 +..., 
k=0 l 


and let Q(x) be defined by 


Qe) = p = Dome. 


Then N. Backhouse conjectured that 


Gn+1 
dn 


lim = 1.456074948582689671399595351116.... 


TL CO 


The constant was subsequently shown to exist by P. Fla- 
jolet. 
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Backlund Transformation 
A method for solving classes of nonlinear PARTIAL DIF- 
FERENTIAL EQUATIONS. 


see also INVERSE SCATTERING METHOD 
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Backtracking 

A method of drawing FRACTALS by appropriate num- 
bering of the corresponding tree diagram which does not 
require storage of intermediate results. 


Backus-Gilbert Method 


Backus-Gilbert Method 

A method which can be used to solve some classes of 
INTEGRAL EQUATIONS and is especially useful in im- 
plementing certain types of data inversion. It has been 
applied to invert seismic data to obtain density profiles 
in the Earth. 


References 

Backus, G. and Gilbert, F. “The Resolving Power of Growth 
Earth Data.” Geophys. J. Roy. Astron. Soc. 16, 169-205, 
1968. 

Backus, G. E. and Gilbert, F. “Uniqueness in the Inversion 
of Inaccurate Gross Earth Data.” Phil. Trans. Roy. Soc. 
London Ser. A 266, 123-192, 1970. 

Loredo, T. J. and Epstein, R. I. “Analyzing Gamma-Ray 
Burst Spectral Data.” Astrophys. J. 336, 896-919, 1989. 

Parker, R. L. “Understanding Inverse Theory.” Ann. Rev. 
Earth Planet. Sci. 5, 35-64, 1977. 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. “Backus-Gilbert Method.” §18.6 in Numerical 
Recipes in FORTRAN: The Art of Scientific Computing, 
2nd ed. Cambridge, England: Cambridge University Press, 
pp. 806--809, 1992. 


Backward Difference 
The backward difference is a FINITE DIFFERENCE de- 
fined by 

Vp = Vip = fp — fp-1- (1) 


Higher order differences are obtained by repeated oper- 
ations of the backward difference operator, so 


Vi = V(Vp) = Vp - fo-1) =Vfp-Vfp-a (2) 
= (fp = fp-1) — (fp-1 7 fp-2) 
= fo — 2fp-1 + fp-2 (3) 


In general, 


vE = Vf, = Y 1)” ( k ) focrsmo (4) 


m=0 


where (*) is a BINOMIAL COEFFICIENT. 


NEWTON’S BACKWARD DIFFERENCE FORMULA ex- 
presses f, as the sum of the nth backward differences 


fo = fot pVot+ 4plp+1)Vo + 4p(p+1)(pt2)Vot+..., 

(5) 
where V¿ is the first nth difference computed from the 
difference table. 


see also ADAMS’ METHOD, DIFFERENCE EQUATION, 
DIVIDED DIFFERENCE, FINITE DIFFERENCE, FOR- 
WARD DIFFERENCE, NEWTON’S BACKWARD DIFFER- 
ENCE FORMULA, RECIPROCAL DIFFERENCE 
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Bader-Deufihard Method 
A generalization of the BULIRSCH-STOER ALGORITHM 
for solving ORDINARY DIFFERENTIAL EQUATIONS. 
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Baguenaudier 

A PUZZLE involving disentangling a set of rings from a 
looped double rod (also called CHINESE RINGS). The 
minimum number of moves needed for n rings is 


3 (200 — 2) n even 
3(27+Y —1) n odd. 


By simultaneously moving the two end rings, the num- 
ber of moves can be reduced to 


97211 n even 
gral n odd. 


The solution of the baguenaudier is intimately related 
to the theory of GRAY CODES. 
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Bailey?s Method 


see LAMBERT’S METHOD 


Bailey’s Theorem 
Let T(z) be the GAMMA FUNCTION, then 


Pim+4))?f1 11? 1 
“ron | ie * (3) +" 


Baire Category Theorem 

A nonempty complete METRIC SPACE cannot be repre- 
sented as the UNION of a COUNTABLE family of nowhere 
DENSE SUBSETS. 


The 304's battery drain is low enough (130 mA) that you get 
long hours of operation on a set of charged nicads. You get a 
frequency range of below 1 MHz to over 135 MHz, covering ham, 
CB, commercial, radio control, and TV frequencies. And, best of 
all, you can measure the frequency to within 100 hertz of what the 
transmitter is putting out. If you are in a hurry, you can select a 
reading to within 1 kHz, and get five readings per second versus 
one reading per 2 seconds on the 100 Hz range. Accuracy can be up 
to + 0.002% + 1 count if the counter is calibrated on a frequency 
standard. Now that you know what this counter can do, go out and 
look at units selling from twice to three times as much as this one. 
One wonders why no one has thought of this design before. 

Construction of this project will be a pleasant surprise be- 
cause it is very easy. Thanks to a clever PC board layout, this 
project uses only a single-sided PC board, making duplication from 
the pages of this magazine a snap. There are only six wire jumpers 
in the board—for those of you who hate to install jumpers. There 
are sockets for all ICs and a minimum number of components. Since 
there are only three ICs and one transistor, your construction time 
for the board should be about four hours of casual work. Add 
another evening for the cabinet work and you are all set. 

The parts in this counter should be easy to get. The two main 
CMOS chips have been on the market for nearly three years, and 
the prescaler chip has been used for well over one year. The rest of 
the parts are not too critical. All parts are available from the 
surplus houses. To assist you, however, I am including addresses 
of typical suppliers of the key parts, plus the addresses of the 
manufacturers who make the ICs. If necessary, you can write for a 
local dealer’s name and address. 


How It Works 


This counter project is based on three ICs: One amplifies and 
divides the signal by 100, another counts it up and displays 7 digits 
of information, and the third generates precise timing signals to 
control the second chip. Check Fig. 9-32 for details as you read. 

Input signals applied to J1 first encounter a protection network 
composed of C1 (which blocks dc), R1 (which limits input current) 
and D1-D2 (which limits input signal). The purpose of this network 
is to protect the counter from “real world” overloads such as an 
accidental dose of excessive dc voltage, 120 volts ac, and exces- 
sive rf signal. This keeps IC1, the preamp/prescaler chip, safe. 
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Baire Space 

A TOPOLOGICAL SPACE X in which each SUBSET of X 
of the “first category” has an empty interior. A TOPO- 
LOGICAL SPACE which is HOMEOMORPHIC to a complete 
METRIC SPACE is a Baire space. 


Bairstow’s Method 

A procedure for finding the quadratic factors for the 
COMPLEX CONJUGATE ROOTS of a POLYNOMIAL P(x) 
with REAL COEFFICIENTS. 


[zx — (a + ib)][x — (a — ib)] 
= z? +2az + (0 +b*?)=2°+Brt+C. (1) 


Now write the original POLYNOMIAL as 


P(x) = (x° + Bz + C)Q(z)+ Re + 5 (2) 


R(B + 8B, C +80) = R(B,C) + 35 dB + 56 dC (3) 
S(B + 8B, 0 +80) = 5(B,C) + 55 dB + a= dC (4) 
OF =0= (+ B0+ 0) E + Q(4+ a 55 (5) 
-Q(a) = (a? + Ba + CSR + + (6) 
OF = 0 = (27 + Bo+C) 5% +2Q(2) + 5 + 55 (7) 
-oQla) = (2? + Bot 0) 24 Se 4 (8) 


Now use the 2-D NEWTON’S METHOD to find the simul- 
taneous solutions. 
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Baker’s Dozen 
The number 13. 


see also 13, DOZEN 


Baker’s Map 
The Map 
Tn+1 = 24Tn, (1) 


where x is computed modulo 1. A generalized Baker’s 
map can be defined as 


= Neos Un <Q 
ARRE { (1— àb) + Abtn Yn>0 (2) 
Yn 
a) et MSR 
mi = | thse sa (3) 


Ball Triangle Picking 


where 8 = 1—a, Aa +à < 1, and z and y are computed 
mod 1. The q = 1 g-DIMENSION is 


p -14 A) + Bln (5) 5 


1 1 
a ln (+) + B ln (+) 
If Aa = Ap, then the general g-DIMENSION is 


q q 
D,=1+ 1 ln(a +0) 


q=1 In Aa (5) 
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Balanced ANOVA 

An ANOVA in which the number of REPLICATES (sets 
of identical observations) is restricted to be the same for 
each FACTOR LEVEL (treatment group). 


see also ANOVA 


Balanced Incomplete Block Design 
see BLOCK DESIGN 


Ball 

The n-ball, denoted B”, is the interior of a SPHERE 
S"~" and sometimes also called the n-DIsk. (Al- 
though physicists often use the term “SPHERE” to mean 
the solid ball, mathematicians definitely do not!) Let 
Vol(B”) denote the volume of an n-D ball of RADIUS r. 
Then 


y Vol( B”) = E [1 + erf(ryr )], 


where erf(x) is the ERF function. 


see also ALEXANDER’S HORNED SPHERE, BANACH- 
TARSKI PARADOX, BING’S THEOREM, BISHOP’S IN- 
EQUALITY, BOUNDED, DISK, HYPERSPHERE, SPHERE, 
WILD POINT 


References 
Freden, E. Problem 10207. “Summing a Series of Volumes.” 
Amer. Math. Monthly 100, 882, 1993. 


Ball Triangle Picking 

The determination of the probability for obtaining an 
OBTUSE TRIANGLE by picking 3 points at random in 
the unit DISK was generalized by Hall (1982) to the n- 
D BALL. Buchta (1986) subsequently gave closed form 


Ballantine 


evaluations for Hall's integrals, with the first few solu- 
tions being 


9 4 
P, = 8 = 2 = 0.72 
— 3T A 
Py = 32. 0.53 
P, = 0.39 
P; = 0.29, 


The case P2 corresponds to the usual DISK case. 


see also CUBE TRIANGLE PICKING, OBTUSE TRIANGLE 
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Ballantine 
see BORROMEAN RINGS 


Ballieu’s Theorem 


For any set pb = (41, b2,--. 
with o = 0 and 


, in) of POSITIVE numbers 


Hk F Hn [bnk] 
O<k<n-1 Hk+1 


Then all the EIGENVALUES å satisfying P(A) = 0, where 
P(A) is the CHARACTERISTIC POLYNOMIAL, lie on the 
DISK |z| < Mp- 
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Ballot Problem 

Suppose A and B are candidates for office and there are 
2n voters, n voting for Á and n for B. In how many ways 
can the ballots be counted so that A is always ahead of 
or tied with B? The solution is a CATALAN NUMBER 
Cr 


A related problem also called “the” ballot problem is to 
let A receive a votes and B b votes with a > b. This ver- 
sion of the ballot problem then asks for the probability 
that A stays ahead of B as the votes are counted (Vardi 
1991). The solution is (a — b)/(a + b), as first shown 
by M. Bertrand (Hilton and Pedersen 1991). Another 
elegant solution was provided by André (1887) using the 
so-called ANDRÉ’S REFLECTION METHOD. 


The problem can also be generalized (Hilton and Ped- 
ersen 1991). Furthermore, the TAK FUNCTION is con- 
nected with the ballot problem (Vardi 1991). 


see also ANDRE’S REFLECTION METHOD, CATALAN 
NUMBER, TAK FUNCTION 


Banach Measure 95 


References 

André, D. “Solution directe du problème résolu par 
M. Bertrand.” Comptes Rendus Acad. Sci. Paris 105, 
436—437, 1887. 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, p. 49, 1987. 

Carlitz, L. “Solution of Certain Recurrences.” SIAM J. Appl. 
Math. 17, 251-259, 1969. 

Comtet, L. Advanced Combinatorics. Dordrecht, Nether- 
lands: Reidel, p. 22, 1974. 

Feller, W. An Introduction to Probability Theory and Its Ap- 
plications, Vol. 1, 3rd ed. New York: Wiley, pp. 67-97, 
1968. 

Hilton, P. and Pedersen, J. “The Ballot Problem and Cata- 
lan Numbers.” Nieuw Archief voor Wiskunde 8, 209-216, 
1990. 

Hilton, P. and Pedersen, J. “Catalan Numbers, Their Gener- 
alization, and Their Uses.” Math. Intel. 13, 64-75, 1991. 

Kraitchik, M. “The Ballot-Box Problem.” $6.13 in Mathe- 
matical Recreations. New York: W. W. Norton, p. 132, 
1942. 

Motzkin, T. “Relations Between Hypersurface Cross Ratios, 
and a Combinatorial Formula for Partitions of a Polygon, 
for Permanent Preponderance, and for Non-Associative 
Products.” Bull. Amer. Math. Soc. 54, 352-360, 1948. 

Vardi, I. Computational Recreations in Mathematica. Red- 
wood City, CA: Addison-Wesley, pp. 185-187, 1991. 


Banach Algebra 

An ALGEBRA A over a FIELD F with a NORM that 
makes A into a COMPLETE METRIC SPACE, and there- 
fore, a BANACH SPACE. F is frequently taken to be the 
COMPLEX NUMBERS in order to assure that the SPEC- 
TRUM fully characterizes an OPERATOR (i.e., the spec- 
tral theorems for normal or compact normal operators 
do not, in general, hold in the SPECTRUM over the REAL 
NUMBERS). 


see also B*-ALGEBRA 


Banach Fixed Point Theorem 
Let f be a contraction mapping from a closed SUBSET 


F of a BANACH SPACE E into F. Then there exists a 
unique z € F such that f(z) = z. 


see also FIXED POINT THEOREM 
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Banach-Hausdorff-Tarski Paradox 


see BANACH-TARSKI PARADOX 


Banach Measure 
An “AREA” which can be defined for every set—even 
those without a true geometric AREA—which is rigid 
and finitely additive. 
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Banach Space 

A normed linear SPACE which is COMPLETE in the norm- 
determined METRIC. Á HILBERT SPACE is always a Ba- 
nach space, but the converse need not hold. 


see also BESOV SPACE, HILBERT SPACE, SCHAUDER 
FIXED POINT THEOREM 


Banach-Steinhaus Theorem 
see UNIFORM BOUNDEDNESS PRINCIPLE 


Banach-Tarski Paradox 

First stated in 1924, this theorem demonstrates that it 
is possible to dissect a BALL into six pieces which can 
be reassembled by rigid motions to form two balls of 
the same size as the original. The number of pieces was 
subsequently reduced to five. However, the pieces are 
extremely complicated. A generalization of this theo- 
rem is that any two bodies in R? which do not extend 
to infinity and each containing a ball of arbitrary size 
can be dissected into each other (they are are EQUIDE- 
COMPOSABLE). 
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Bang’s Theorem 

The lines drawn to the VERTICES of a face of a TETRA- 
HEDRON from the point of contact of the FACE with the 
INSPHERE form three ANGLES at the point of contact 
which are the same three ANGLES in each FACE. 
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Bankoff Circle 
NI 


> 
A 


y 


In addition to the ARCHIMEDES’ CIRCLES Cı and C2 in 
the ARBELOS figure, there is a third circle C3 congruent 
to these two as illustrated in the above figure. 


see also ARBELOS 


Barbier’s Theorem 
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Banzhaf Power Index 
The number of ways in which a group of n with weights 


>, Wi = 1 can change a losing coalition (one with 
Y w; < 1/2) to a winning one, or vice versa. It was 


proposed by the lawyer J. F. Banzhaf in 1965. 


References 
Paulos, J. A. A Mathematician Reads the Newspaper. New 
York: BasicBooks, pp. 9-10, 1995. 


Bar (Edge) 
The term in rigidity theory for the EDGES of a GRAPH. 


see also CONFIGURATION, FRAMEWORK 


Bar Polyhex 


A POLYHEX consisting of HEXAGONS arranged along a 
line. 


see also BAR POLYIAMOND 
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Bar Polyiamond 


ESTATES 


A POLYIAMOND consisting of EQUILATERAL TRIANGLES 
arranged along a line. 


see also BAR POLYHEX 
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Barber Paradox 

A man of Seville is shaved by the Barber of Seville IFF 
the man does not shave himself. Does the barber shave 
himself? Proposed by Bertrand Russell. 


Barbier’s Theorem 
All CURVES OF CONSTANT WIDTH of width w have the 
same PERIMETER Tu. 


Bare Angle Center 


Bare Angle Center 
The TRIANGLE CENTER with TRIANGLE CENTER 
FUNCTION 

aA. 
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Barnes G-Function 
see G-FUNCTION 


Barnes’ Lemma 

If a CONTOUR in the COMPLEX PLANE is curved such 
that it separates the increasing and decreasing sequences 
of POLES, then 
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sy | Tla+s)I(8+ s)D (y — s)P(6—-s)ds 
_ Tía + yrl + dre +y) +6) 
p r(a+8+y+ ô) 


? 


where I (z) is the GAMMA FUNCTION. 


Barnes- Wall Lattice 
A lattice which can be constructed from the LEECH LAT- 
TICE Aza. 


see also COXETER-TODD LATTICE, LATTICE POINT, 
LEECH LATTICE 
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Barnsley’s Fern 
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The ATTRACTOR of the ITERATED FUNCTION SYSTEM 
given by the set of “fern functions” 


0.85 0.04] [a 0.00 
filz,y) = Rev ee H T bred (1) 
-0.15 0.28] [e 0.00] 
f(x, y) = | 0.26 les H k bA (2) 
0.20 —0.26 0.00 
fal, y) = bre 0.22 | H T ka (3) 
i 


0.00 0.00 
falz, y) = bee a F 


(Barnsley 1993, p. 86; Wagon 1991). These AFFINE 
TRANSFORMATIONS are contractions. The tip of the 
fern (which resembles the black spleenwort variety of 
fern) is the fixed point of fı, and the tips of the lowest 
two branches are the images of the main tip under fa 
and fs (Wagon 1991). 


see also DYNAMICAL SYSTEM, FRACTAL, ITERATED 
FUNCTION SYSTEM 
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Barrier 

A number n is called a barrier of a number-theoretic 
function f(m) if, for all m <n, m+ f(m) < n. Neither 
the TOTIENT FUNCTION ¢(n) nor the DIVISOR FUNC- 
TION o(n) has barriers. 
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98 Barth Sextic 


The Barth decic is a DECIC SURFACE in complex three- 
dimensional projective space having the maximum pos- 
sible number of ORDINARY DOUBLE POINTS (345). It is 
given by the implicit equation 


80? — ¿IDA — ga") 
x(x + y* + 24 — 22 y? — 2x72? — 2y*2”) 
+(3+546)(2° +y +z =w y e +y° +2° — (2-6) w*}’w 
0), 


2 


where @ is the GOLDEN MEAN and w is a parameter 
(Endraf, Nordstrand), taken as w = 1 in the above plot. 
The Barth decic is invariant under the ICOSAHEDRAL 
GROUP. 


see also ÁLGEBRAIC SURFACE, BARTH SEXTIC, DECIC 
SURFACE, ORDINARY DOUBLE POINT 
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Barth Sextic 


The Barth-sextic is a SEXTIC SURFACE in complex 
three-dimensional projective space having the maximum 
possible number of ORDINARY DOUBLE POINTS (65). It 
is given by the implicit equation 
ade — y?)(¢?y? - ¿62 — 2?) 

-(1+ 29) (2? dE wY w? =0% 
where @ is the GOLDEN MEAN, and w is a parameter 
(EndraB, Nordstrand), taken as w = 1 in the above plot. 


The Barth sextic is invariant under the ICOSAHEDRAL 
GROUP. Under the map 


(t,y,z,w) > (2,y",2,w), 


Bartlett Function 


the surface is the eightfold cover of the CAYLEY CUBIC 
(Endraf). 


see also ALGEBRAIC SURFACE, BARTH DECIC, CAYLEY 
CUBIC, ORDINARY DOUBLE POINT, SEXTIC SURFACE 
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Bartlett Function 


041 
0.d8 
0.06 
10] a 
0 2 
-4 -2 2 4 
E 
faja El (1) 
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which is a generalization of the one-argument TRIANGLE 
FUNCTION. Its FULL WIDTH AT HALF MAXIMUM is a. 
It has INSTRUMENT FUNCTION 


I(x) =] gr oaths ( — El) dz 
F | i 
af e` rike (1+ z) dz 


+j eee (1 = z) dz. (2) 
0 a 


Letting x’ = —z in the first part therefore gives 


0 l a 0 a pel 
J a miks (1 T = | de = J panika € = =) (—dz’) 
—a a a g 
i x 
2rikzx 
= l1=-=)| dz. (3 
[ene 
Rewriting (2) using (3) gives 
I(x) = (e2™*** p garita) € _ = | a 
j T 
= 2 | cos(2Tkzx) (1 — = | de. (4) 
i a 
Integrating the first part and using the integral 


1 £ . 
Je cos(bx) dx = pz cos(bx) + 3 sin(bx) (5) 


Barycentric Coordinates 


for the second part gives 


sin(2rkx) 


ae | 2rrk 


1 1 T 
PESE E 9 -> sin(Irk 
f 2k? cos( rkr) + nk sin( TT 3 


z sin(2rka) 
Si l | rk | 


1 | cos(2rka) — 1 n asin(2rka) 
Anak” 27k 


a 


0 


a 
sin? (rka) 
= pra gz lcos(2ka) — 1] = 077 
= a sinc? (rkaj, (6) 


where sinc z is the SINC FUNCTION. The peak (in units 
of a) is 1. The function I(x} is always positive, so there 
are no NEGATIVE sidelobes. The extrema are given by 
letting 6 = rka and solving 


(oa) E 
sin P(sin A — B cos 8) = 0 (8) 

sin 8 — Bcos B=0 (9) 

tan 8 = £. (10) 


Solving this numerically gives G = 4.49341 for the first 
maximum, and the peak POSITIVE sidelobe is 0.047190. 
The full width at half maximum is given by setting z = 
nka and solving 


sinc’ z = 3 (11) 


for £1 /2, yielding 
Ly /2 = ky /24 = 1.39156. (12) 
Therefore, with L = 2a, 


0.885895 1.77179 
= T 


see also APODIZATION FUNCTION, PARZEN ÁPODIZA- 
TION FUNCTION, ‘TRIANGLE FUNCTION 
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Barycentric Coordinates 
Also known as HOMOGENEOUS COORDINATES or TRI- 
LINEAR COORDINATES. 


see TRILINEAR COORDINATES 


Base Curve 
see DIRECTRIX (RULED SURFACE) 
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Base (Logarithm) 

The number used to define a LOGARITHM, which is then 
written log,. The symbol logz is an abbreviation for 
logi9 1, ln æ for log, x (the NATURAL LOGARITHM), and 


Iga for log, z. 


see also E, LG, LN, LOGARITHM, NAPIERIAN LOGA- 


RITHM, NATURAL LOGARITHM 


Base (Neighborhood System) 

A base for a neighborhood system of a point g is a col- 
lection N of OPEN SETS such that x belongs to every 
member of N, and any OPEN SET containing x also con- 
tains a member of N as a SUBSET. 


Base (Number) 

A REAL NUMBER z can be represented using any INTE- 
GER number b as a base (sometimes also called a RADIX 
or SCALE). The choice of a base yields to a representa- 
tion of numbers known as a NUMBER SYSTEM. In base 
b, the DIGITS 0, 1, ..., b — 1 are used (where, by con- 
vention, for bases larger than 10, the symbols A, B, C, 
... are generally used as symbols representing the DEC- 
IMAL numbers 10, 11, 12, ...). 


Base Name 


binary 
ternary 
quaternary 
quinary 
senary 
septenary 
octal 


O con oO oe WB n€ 


nonary 
decimal 
undenary 
duodecimal 
hexadecimal 
vigesimal 
sexagesimal 


= me =e 
N = © 


DN e 
oo O 


Let the base b representation of a number x be written 


AA TS (1) 


(e.g., 123.45610), then the index of the leading DIGIT 
needed to represent the number is 


n = |log,z], (2) 


where |z| is the FLOOR FUNCTION. Now, recursively 
compute the successive DIGITS 


s= (5), o 


where Tn = z and 


Pi-1 = Pi — a,b’ (4) 
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fori =n,n-—1,..., 1, 0,.... This gives the base b 
representation of x. Note that if x is an INTEGER, then 
i need only run through 0, and that if x has a fractional 
part, then the expansion may or may not terminate. 
For example, the HEXADECIMAL representation of 0.1 
(which terminates in DECIMAL notation) is the infinite 
expression 0.19999...». 


Some number systems use a mixture of bases for count- 
ing. Examples include the Mayan calendar and the old 
British monetary system (in which ha’pennies, pennies, 
threepence, sixpence, shillings, half crowns, pounds, and 
guineas corresponded to units of 1/2, 1, 3, 6, 12, 30, 240, 
and 252, respectively). 


Knuth has considered using TRANSCENDENTAL bases. 
This leads to some rather unfamiliar results, such as 
equating 7 to 1 in “base 7,” m = 1,. 


see also BINARY, DECIMAL, HEREDITARY REPRESEN- 
TATION, HEXADECIMAL, OCTAL, QUATERNARY, SEXA- 
GESIMAL, TERNARY, VIGESIMAL 
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Base Space 

The SPACE B of a FIBER BUNDLE given by the MAP 
f: E — B, where E is the TOTAL SPACE of the FIBER 
BUNDLE. | 


see also FIBER BUNDLE, TOTAL SPACE 


Baseball 

The numbers 3 and 4 appear prominently in the game 
of baseball. There are 3-3 = 9 innings in a game, and 
three strikes are an out. However, 4 balls are needed for 
a walk. The number of bases can either be regarded as 
3 (excluding HOME PLATE) or 4 (including it). 


see BASEBALL COVER, HOME PLATE 


Baseball Cover 


Basis 


A pair of identical plane regions (mirror symmetric 
about two perpendicular lines through the center) which 
can be stitched together to form a baseball (or tennis 
ball). A baseball has a CIRCUMFERENCE of 9 1/8 inches. 
The practical consideration of separating the regions far 
enough to allow the pitcher a good grip requires that 
the “neck” distance be about 1 3/16 inches. The base- 
ball cover was invented by Elias Drake as a boy in the 
1840s. (Thompson's attribution of the current design 
to trial and error development by C. H. Jackson in the 
1860s is apparently unsubstantiated, as discovered by 
George Bart.) 


One way to produce a baseball cover is to draw the re- 
gions on a SPHERE, then cut them out. However, it is 
difficult to produce two identical regions in this man- 
ner. Thompson (1996) gives mathematical expressions 
giving baseball cover curves both in the plane and in 
3-D. J. H. Conway has humorously proposed the follow- 
ing “baseball curve conjecture:” no two definitions of 
“the” baseball curve will give the same answer unless 
their equivalence was obvious from the start. 


see also BASEBALL, HOME PLATE, TENNIS BALL THE- 
OREM, YIN-YANG 
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Basin of Attraction 

The set of points in the space of system variables such 
that initial conditions chosen in this set dynamically 
evolve to a particular ATTRACTOR. 


see also WADA BASIN 


Basis 

A (vector) basis is any SET of n LINEARLY INDEPEN- 
DENT VECTORS capable of generating an n-dimensional 
SUBSPACE of R”. Given a HYPERPLANE defined by 


21 + £2 + z3 + £4 45 = 0, 


a basis is found by solving for zı in terms of x2, £3, Ta, 
and 25. Carrying out this procedure, 


L1 = 2 — T3 — La — T5, 
SO 
Ly —1 —1 —1 —1 
T2 1 0 0 0 
£3 | = La 0 +- 13 1 +24 0 +25 0 ; 
La 0 0 1 0 
Ls, 0 0 0 1 


Basis Theorem 


and the above VECTOR form an (unnormalized) BASIS. 

Given a MATRIX Á with an orthonormal basis, the MA- 

TRIX corresponding to a new basis, expressed in terms 

of the original X1,...,Xn 1s 
A = TAR Ax]. 

see also BILINEAR BASIS, MODULAR SYSTEM BASIS, 

ORTHONORMAL BASIS, ‘TOPOLOGICAL BASIS 


Basis Theorem 
see HILBERT BASIS THEOREM 


Basler Problem 
The problem of analytically finding the value of ¢(2), 
where Ç is the RIEMANN ZETA FUNCTION. © 
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Basset Function 


see MODIFIED BESSEL FUNCTION OF THE SECOND 
KIND 


Batch 
A set of values of similar meaning obtained in any man- 
ner. 


References 
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Bateman Function 


k(x) = Papin) 


U(—sv,0, 22) 
for « > 0, where U is a CONFLUENT HYPERGEOMETRIC 
FUNCTION OF THE SECOND KIND. 


see also CONFLUENT HYPERGEOMETRIC DIFFERENTIAL 
EQUATION, HYPERGEOMETRIC FUNCTION 


Batrachion 

A class of CURVE defined at INTEGER values which hops 
from one value to another. Their name derives from the 
word batrachion, which means “frog-like.” Many ba- 
trachions are FRACTAL. Examples include the BLANC- 
MANGE FUNCTION, HOFSTADTER-CONWAY $10,000 SE- 
QUENCE, HOFSTADTER’S Q-SEQUENCE, and MALLOW’S 
SEQUENCE. 
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Bauer?s Identical Congruence 

Let t(m) denote the set of the d(m) numbers less than 
and RELATIVELY PRIME to m, where ¢(n) is the To- 
TIENT FUNCTION. Define 


falo) = | [(=-0). (1) 


t(m) 
A theorem of Lagrange states that 
f(z) =2**™ —1 (mod m). (2) 
This can be generalized as follows. Let p be an ODD 
PRIME DIVISOR of m and p° the highest POWER which 
divides m, then 


F(x) = (@P* — 1°) (mod p*) (3) 


and, in particular, 


fpe (x) = (2?7} — 1) (mod p°). (4) 


Furthermore, if m > 2 is EVEN and 2” is the highest 
POWER of 2 that divides m, then 


fm (x) = (x? — 1)” (mod 2°) (5) 


and, in particular, 


—2 


fzo (£) = (z? —- 1)" (mod 2°). (6) 


see also LEUDESDORF THEOREM 
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Bauer’s Theorem 
see BAUER'S [IDENTICAL CONGRUENCE 


Bauspiel 
A construction for the RHOMBIC DODECAHEDRON. 
References 
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Bayes’ Formula 


Let A and B; be SETS. CONDITIONAL PROBABILITY 
requires that 


P(AN B;) = P(A)P(B;|A), (1) 
where N denotes INTERSECTION (“and”), and also that 


P(AN B;) = P(B; N A) = P(B;)P(A|B;) (2) 
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and 


P(B; N A) = P(B;)P(A|B;). (3) 


Since (2) and (3) must be equal, 

P(ANB;) = P(B; N A). (4) 
From (2) and (3), 

P(AN B;) = P(B;)P(A|B;). (5) 


Equating (5) with (2) gives 


P(A)P(B;|A) = P(B;)P(A|B;), (6) 
: _ P(B;)P(A|B;) 
P(B;|A) = — RA (7) 
Now, let 
S =|] 4, (8) 


so A; is an event is S and A; N A; = Ø for i £ y, then 


A=Ans=AN| [Ja] = Llana) (9 
P(A)=P| | Jana) ] => Panas). (10) 
From (5), this becomes 
P(A) = Y P(A:)P(EIAs), (11) 
P(A;|A) = A E (12) 
3 P(A;)P(A|A5) 


see also CONDITIONAL PROBABILITY, INDEPENDENT 
STATISTICS 
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Bayes’ Theorem 
see BAYES’ FORMULA 


Beam Detector 


Bayesian Analysis 

A statistical procedure which endeavors to estimate pa- 
rameters of an underlying distribution based on the ob- 
served distribution. Begin with a “PRIOR DISTRIBU- 
TION” which may be based on anything, including an 
assessment of the relative likelihoods of parameters or 
the results of non-Bayesian observations. In practice, it 
is common to assume a UNIFORM DISTRIBUTION over 
the appropriate range of values for the PRIOR DISTRI- 
BUTION. 


Given the PRIOR DISTRIBUTION, collect data to obtain 
the observed distribution. Then calculate the LIKELI- 
HOOD of the observed distribution as a function of pa- 
rameter values, multiply this likelihood function by the 
PRIOR DISTRIBUTION, and normalize to obtain a unit 
probability over all possible values. This is called the 
POSTERIOR DISTRIBUTION. The MODE of the distribu- 
tion is then the parameter estimate, and “probability 
intervals” (the Bayesian analog of CONFIDENCE INTER- 
VALS) can be calculated using-the standard procedure. 
Bayesian analysis is somewhat controversial because the 
validity of the result depends on how valid the PRIOR 
DISTRIBUTION is, and this cannot be assessed statisti- 
cally. 


see also MAXIMUM LIKELIHOOD, PRIOR DISTRIBUTION, 
UNIFORM DISTRIBUTION 
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Bays’ Shuffle 
A shuffling algorithm used in a class of RANDOM NUM- 
BER generators. 
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Beam Detector 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Bean Curve 


A “beam detector” for a given curve C is defined as 
a curve (or set of curves) through which every LINE 
tangent to or intersecting C passes. The shortest 1- 
arc beam detector, illustrated in the upper left figure, 
has length Lı = m + 2. The shortest known 2-arc beam 
detector, illustrated in the right figure, has angles 


81 = 1.286 rad (1) 
02 = 1.191 rad, (2) 


given by solving the simultaneous equations 
2cos 81 — sin(502) = 0 (3) 


tan(301) cos(302) + sin(502)[sec"(302) +1] =2. (4) 
The corresponding length is l 


La = 27 — 261 — 62 + 2tan(501) + sec(+62) 
— cos(502)+tan(501) sin($62) = 4.8189264563.... (5) 


A more complicated expression gives the shortest known 


3-arc length L3 = 4.799891547.... Finch defines 
L = inf Ln 6 
a (6) 


as the beam detection constant, or the TRENCH DIG- 
GERS’ CONSTANT. It is known that L > ~x. 
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Bean Curve 
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The PLANE CURVE given by the Cartesian equation 
y? At ay T y = x(a* de y”). 
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Beast Number 

The occult “number of the beast” associated in the Bible 
with the Antichrist. It has figured in many numerolog- 
ical studies. It is mentioned in Revelation 13:13: “Here 
is wisdom. Let him that hath understanding count the 
number of the beast: for it is the number of a man; and 
his number is 666.” 


The beast number has several interesting properties 
which numerologists may find particularly interesting 
(Keith 1982-83). In particular, the beast number is 
equal to the sum of the squares of the first 7 PRIMES 


243458474114 413 +17 = 666, (1) 
satisfies the identity 
$(666) = 6-6-6, (2) 


where @ is the TOTIENT FUNCTION, as well as the sum 


6-6 


Y i= 666. (3) 


¿=1 


The number 666 is a sum and difference of the first three 
6th POWERS, 
666 = 1° — 2° 43" (4) 


(Keith). Another curious identity is that there are ex- 
actly two ways to insert “+” signs into the sequence 
123456789 to make the sum 666, and exactly one way 
for the sequence 987654321, 


666 = 1 + 2 + 3 + 4 + 567 + 89 = 123 + 456+ 78 +9 
(5) 


666 = 9 + 87 + 6 + 543 + 21 (6) 


(Keith). 666 is a REPDIGIT, and is also a TRIANGULAR 
NUMBER 
T6.6 = T36 = 666. (7) 


In fact, it is the largest REPDIGIT TRIANGULAR NUM- 
BER (Bellew and Weger 1975-76). 666 is also a SMITH 
NUMBER. The first 144 DIGITS of n — 3, where ~ is PI, 
add to 666. In addition 144 = (6 + 6) x (6 + 6) (Blatner 
1997). 


A number of the form 2* which contains the digits of the 
beast number “666” is called an APOCALYPTIC NUM- 
BER, and a number having 666 digits is called an APOC- 
ALYPSE NUMBER. 


164 
c= TRO | 
ooua Tee 


Fig. 9-32. (A) Block diagram of the model 304 counter. It features a 6-digit 
display, a 135-MHz counting range, and only three ICs. Power is supplied 
by a 5-volt nicad battery pack. Switch S2 selects either 1-kHz or 100-Hz 
resolution of the input signal. (B) Inside the |CM-7208 (IC2) counter array. 
(C) Inside the ICM-7207A timebase controller. An input connected to the 
divider section controls the gate time, and thus the resolution of the signal 
being counted by IC2. 


Next, the protected signal goes to 1C1. Although this IC was 
designed by National Semiconductor for synthesized FM stereo 
radios, it works great in a counter. It has a preamp stage for high 
gain which has sensitivity of up to 4 mV at 27 MHz, then a series of 
ECL (Emitter Coupled Logic) and low-power Schottky TTL divid- 
ers. It divides the input signal by 100, so 100 MHz in equals 1 MHz 
out. This is necessary because the counter-display chip to be 
described won't count a TTL signal much beyond 2 MHz. 

The divided signal enters IC2, a CMOS/LSI chip that counts it 
and displays the results on an LED display. Figure 9-32 shows a 
general overview of this chip. The signal from IC1 passes through 
seven decade counters. They count up the signal. After it is 
counted, the data is passed on to thedisplay via the latches (one per 
decade counter), through the multiplexing circuitry, and on to the 
display. Actually, the multiplexing circuitry consists of a big data 


427 
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see also APOCALYPSE NUMBER, APOCALYPTIC NUM- Bee 
BER, BIMONSTER, MONSTER GROUP 
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1982-1983. see FISHER-BEHRENS PROBLEM 
Beatty Sequence Behrmann Cylindrical Equal-Area 
The Beatty sequence is a SPECTRUM SEQUENCE with an Projection 
IRRATIONAL base. In other words, the Beatty sequence A CYLINDRICAL AREA-PRESERVING projection which 
corresponding to an IRRATIONAL NUMBER @ is given by uses 30° N as the no-distortion parallel. 
16], [26], [30], ..., where |x] is the FLOOR FUNCTION. 
If œ and 3 are POSITIVE IRRATIONAL NUMBERS such References 
that Dana, P. H. “Map Projections.” http://www.utexas.edu/ 
1 1 i depts/grg/gcraft/notes/mapproj/mapproj.html. 
== 
a B 7 
Bei 
then the Beatty sequences |a], |2a|,... and [8], L28], 
... together contain all the POSITIVE INTEGERS without 
repetition. 
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Beauzamy and Dégot’s Identity -10 3Y 
0 
For P, Q, R, and S POLYNOMIALS in n variables Re(z] 


The IMAGINARY PART of 


A 
[POR S]= Š, grar 


TN 


itsin 20 J, (xe? t) = ber, (x) + i beis (z). (1) 


where The special case y = 0 gives 


A= [RU (D, ci 18 101 EA) 


o Jolivix) = ber(x) + ¿bei(x), (2) 
x Pireo (DD) S (51)... Ln) 
where Jo(z) is the zeroth order BESSEL FUNCTION OF 
D; = 0/0x; is the DIFFERENTIAL OPERATOR, [X,Y] is THE FIRST KIND. 
the BOMBIERI INNER PRODUCT, and 
(11 ,,in) iy in bei(z) = > a” (3) 
Port SD) + DE -= [(2n)!]? f 
n=0 


see also REZNIK’S IDENTITY 
see also BER, BESSEL FUNCTION, KEI, KELVIN FUNC- 


TIONS, KER 


Bell Curve 
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Bell Curve 


see GAUSSIAN DISTRIBUTION, NORMAL DISTRIBUTION 


Bell Number 

The number of ways a SET of n elements can be PARTI- 
TIONED into nonempty SUBSETS is called a BELL NUM- 
BER and is denoted B,. For example, there are five 
ways the numbers (1, 2, 3} can be partitioned: {{1}, 
(2), (3), HL 2), 13)) (11, 3), (2), (1D), (2, 3} 
and {{1, 2, 3}}, so B3 = 5. Bo = 1 and the first few 
Bell numbers for n = 1, 2,... are 1, 2, 5, 15, 52, 203, 
877, 4140, 21147, 115975, ... (Sloane’s A000110). Bell 
numbers are closely related to CATALAN NUMBERS. 


The diagram below shows the constructions giving B3 = 
5 and Ba = 15, with line segments representing elements 
in the same SUBSET and dots representing subsets con- 
taining a single element (Dickau). 


DPPP 


a POSOSOIDODO 
“990990 


The INTEGERS Bn can be defined by the sum 
n 
lap a) 


where SW = is a STIRLING NUMBER OF THE 


n 
k 
SECOND KIND, or by the generating function 


er Bn n 
e i =) 7% A (2) 


The Bell numbers can also be generated using the BELL 
TRIANGLE, using the RECURRENCE RELATION 


Bria = y Br e , (3) 
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a 


where (¿) is a BINOMIAL COEFFICIENT, or using the 


formula of Comtet (1974) 
2n a 
ee a S } me 


where [x] denotes the CEILING FUNCTION. 


The Bell number Bn is also equal to ¢,(1), where ¢n(z) 
is a BELL POLYNOMIAL. DOBINSKI’S FORMULA gives 
the nth Bell number 


ne 


o n 
aD (5) 


Lovász (1993) showed that this formula gives the asymp- 
totic limit 


Ba ~ nAn) t eA, (6) 
where A(n) is defined implicitly by the equation 
A(n) log[A(n)] = n- (7) 
A variation of DOBINSKI'S FORMULA gives 
de k? 8 
B= NENE (8) 
m=1 s=0 


for 1 < k < n (Pitman 1997). de Bruijn (1958) gave the 
asymptotic formula 


In Bn l 1 
a ee Inn — Inlnn- 1+ nan 


lnn Inn 
1 /InInn\? Inlnn 
ea Inn oy Po (9) 


TOUCHARD’S CONGRUENCE states 


Bok = Bk + Bra (mod p), (10) 


when p is PRIME. The only PRIME Bell numbers for 
n < 1000 are Bo, B3, B7, Biz, B42, and B55. The Bell 
numbers also have the curious property that 


Bo Bı Ba ©- By 
Bi Bae Bz 
Bn Bn+1 Ba+2 e Ban 
(Lenard 1986). 


see also BELL POLYNOMIAL, BELL TRIANGLE, DOBIN- 
SKIS FORMULA, STIRLING NUMBER OF THE SECOND 
KIND, TOUCHARD’S CONGRUENCE 
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Bell Polynomial 
14 


12 


10 


02 04 0.6 0.8 1 
Two different GENERATING FUNCTIONS for the Bell 
polynomials for n > 0 are given by 


dla) = 2 (PI) 


where (7) is a BINOMIAL COEFFICIENT. 


Beltrami Differential Equation 


The Bell polynomials are defined such that $, (1) = Bn, 
where B, is a BELL NUMBER. The first few Bell poly- 
nomials are 


go (x) =s1 
oi{z) =z 
a(z) =z +a" 


bala) = xr +30 +r” 

pal£) = £ + 7r? +60 +t 

ós(1) =a + 1527 + 252° + 102% 4 2° 

pelz) = £ + 312? + 902% + 650 + 152° + 2*. 


see also BELL NUMBER 
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Bell Triangle 


I 2 5 15 52 203 877... 
1 3 10 37 151 674 * 
2 7 27 114 523°. 
5 20 87 409 ” 
15 67 322 * 
32219" 
203 ` 


A triangle of numbers which allow the BELL NUMBERS 
to be computed using the RECURRENCE RELATION 


Bna+1 = ` Bk (+) » 
k=0 


see also BELL NUMBER, CLARK’S TRIANGLE, LEIBNIZ 
HARMONIC TRIANGLE, NUMBER TRIANGLE, PASCAL’S 
TRIANGLE, SEIDEL-ENTRINGER-ARNOLD TRIANGLE 


Bellows Conjecture 
see FLEXIBLE POLYHEDRON 


Beltrami Differential Equation 
For a measurable function u, the Beltrami differential . 
equation is given by 


fa = Hfz, 


where f. is a PARTIAL DERIVATIVE and z* denotes the 
COMPLEX CONJUGATE of z. 


see also QUASICONFORMAL MAP 
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Beltrami Field 


Beltrami Field 
A VECTOR FIELD u satisfying the vector identity 


ux(Vxu)=0 


where A x B is the CROSS PRODUCT and V x A is the 
CURL is said to be a Beltrami field. 
see also DIVERGENCELESS FIELD, 
FIELD, SOLENOIDAL FIELD 


IRROTATIONAL 


Beltrami Identity 

An identity in CALCULUS OF VARIATIONS discovered in 
1868 by Beltrami. The EULER-LAGRANGE DIFFEREN- 
TIAL EQUATION is 


Of df of 


Now, examine the DERIVATIVE of z 


O re Of 

dx Oy Ya + OY Yeo + Ox (2) 
Solving for the Of /Oy term gives 

OF ea ie E i 

ay” de Oya ER Ox (3) 


Now, multiplying (1) by yz gives 


Substituting (3) into (4) then gives 


df Of of | i (gL) =o (5) 


dr OY, Gi Ox ue dz \ Oye 
ðf d af \ 
-Aa (sm gt) = : (6) 
This form is especially useful if fe = 0, since in that case 
d. Of 
dr € Ye st | 0, (7) 


which immediately gives 
Of — 
f- Ye Ye =C, (8) 


where C is a constant of integration. 


The Beltrami identity greatly simplifies the solution for 
the minimal ÁREA SURFACE OF REVOLUTION about 
a given axis between two specified points. It also al- 
lows straightforward solution of the BRACHISTOCHRONE 
PROBLEM. 


see also BRACHISTOCHRONE PROBLEM, CALCULUS OF 


VARIATIONS, EULER-LAGRANGE DIFFERENTIAL EQUA- 
TION, SURFACE OF REVOLUTION 
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Bend (Curvature) 

Given four mutually tangent circles, their bends are de- 
fined as the signed CURVATURES of the CIRCLES. If the 
contacts are all external, the signs are all taken as Pos- 
ITIVE, whereas if one circle surrounds the other three, 
the sign of this circle is taken as NEGATIVE (Coxeter 
1969). 


see also CURVATURE, DESCARTES CIRCLE THEOREM, 
SODDY CIRCLES 
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Bend (Knot) 
A KNOT used to join the ends of two ropes together to 
form a longer length. 
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Benford’s Law 

Also called the FIRST DIGIT LAW, FIRST DIGIT PHE- 
NOMENON, or LEADING DIGIT PHENOMENON. In list- 
ings, tables of statistics, etc., the DIGIT 1 tends to oc- 
cur with PROBABILITY ~ 30%, much greater than the 
expected 10%. This can be observed, for instance, by 
examining tables of LOGARITHMS and noting that the 
first pages are much more worn and smudged than later 
pages. The table below, taken from Benford (1938), 
shows the distribution of first digits taken from several 
disparate sources. Of the 54 million real constants in 
Plouffe’s “Inverse Symbolic Calculator” database, 30% 
begin with the DIGIT 1. 


Title First Digit a 


1 2 3 4 5 6 7 8 9 
Rivers, Area 31.0 16.4 10.7 113 7.2 865.542 5.1 335 


Population 33.9 20.4 14.2 8.1 7.2 6.2 4.1 3.7 2.2 3259 
Constants 41.3 144 4.8 8.6 10.6 5.8 1.0 2.9 10.6 104 
Newspapers 30.0 18.0 12.0 10.0 80606050 5.0 100 


Specific Heat 24.0 18.4 16.2 14.6 10.6 4.1 3.2 4.8 4.1 1389 


Pressure 29.6 18.3 128 9.8 8.36.45.7 4.4 4.7 7038 
H.P. Lost 30.0 18.4 11.9 10.8 8.17.05.15.1 3.6 690 
Mol. Wet. 26.7 25.2 15.4 10.8 6.7 5.1 4.1 2.8 3.2 1800 
Drainage 27.1 23.9 138126 8.2 5.0 5.0 2.5 1.9 159 


Atomic Wgt. 47.2 18.7 55 44 66443344 5.5 91 
nt, yn 20.7 20.3 9.7 6.8 6.66.87.28.0 8.9 5000 
Design 26.8 148 143 7.5 8.3 8.4 7.0 7.3 5.6 560 
Reader’s Dig. 33.4 18.5 124 7.5 7.16.55.54.9 4.2 308 
Cost Data 32.4 18.8 10.1 10.1 9.8 5.5 4.755 3.1 741 
X-Ray Volts 27.9 17.5 144 9.0 8.17.45.15.8 4.8 707 
Am. League 32.7 17.6 12.6 9.8 7.4 6.4 4.9 5.6 3.0 1458 
Blackbody 31.0 17.3 14.1 8.7 6.67.05.24.7 5.4 1165 
Addresses 28.9 19.2 126 88 8.5645.65.0 5.0 342 
n',n*...n! 25.3 16.0 12.0 10.0 8.58.86.8 7.1 5.5 900 
Death Rate 27.0 18.6 15.7 9.4 6.76.5 7.24.8 4.1 418 
Average 30.6 18.5 124 94 8.0 6.4 5.1 4.9 4.7 1011 
Prob. Error 0.8 04 04 0.3 0.20.20.20.2 0.3 
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In fact, the first SIGNIFICANT DIGIT seems to follow a 
LOGARITHMIC DISTRIBUTION, with 


P(n) = log(n + 1) — logn 


forn =1,...,9. One explanation uses CENTRAL LIMIT- 
like theorems for the MANTISSAS of random variables 
under MULTIPLICATION. As the number of variables in- 
creases, the density function approaches that of a LOG- 
ARITHMIC DISTRIBUTION. 
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Benham’s Wheel 


An optical ILLUSION consisting of a spinnable top 
marked in black with the pattern shown above. When 
the wheel is spun (especially slowly), the black broken 
lines appear as green, blue, and red colored bands! 
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Benson 's Formula 


Bennequin”s Conjecture 
A BRAID with M strands and R components with P 
positive crossings and N negative crossings satisfies 


¡P-N|<2U+M-RS<P+N, 


where U is the UNKNOTTING NUMBER. While the 
second part of the INEQUALITY was already known to 
be true (Boileau and Weber, 1983, 1984) at the time 
the conjecture was proposed, the proof of the entire 
conjecture was completed using results of Kronheimer 
and Mrowka on MILNOR'S CONJECTURE (and, indepen- 
dently, using MENASCO’S THEOREM). 


see also BRAID, MENASCO’S THEOREM, MILNOR’S CON- 
JECTURE, UNKNOTTING NUMBER 
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Benson’s Formula 
An equation for a LATTICE SUM with n = 3 


—b3(1) = y 


i, J  k=—00 


oo 
= 127 2 


m,n=1,3,... 


{rarest 


ae VET ER? 


sech (iry m? +n? ). 


Here, the prime denotes that summation over (0, 0, 0) is 
excluded. The sum is numerically equal to —1.74756..., 
a value known as “the” MADELUNG CONSTANT. 


see also MADELUNG CONSTANTS 
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Ber 


Ber 


K| Ñ 
fist ie 
TR ae, ar, ir. 


The REAL PART of 
J (xe?™?/*) = ber, (x) + i beis (£). (1) 


The special case v = 0 gives 
Jo(iviz) = ber(x) + ibei(z), (2) 

where Jo is the zeroth order BESSEL FUNCTION OF THE 

FIRST KIND. 

fore) 2+4n 

(—1)"(4) 
b = A e 
er(x) ` Kn az 1)1]2 


(3) 


see also BEI, BESSEL FUNCTION, KEI, KELVIN FUNC- 
TIONS, KER 
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Beraha Constants 
The nth Beraha constant is given by 


2 
Be, =2+2c0s (=). 
n 


The first few are 


Be; =4 
Bez = 0 
Bez = 1 
Beg = 2 
Bes = 3(3+ V5) = 2.618 
Beg = 3 


Bez = 2 + 2cos(27) Y 3.247.... 


They appear to be ROOTS of the CHROMATIC POLY- 
NOMIALS of planar triangular GRAPHS. Be, is 9 + 1, 
where @ is the GOLDEN RATIO, and Ber is the SILVER 
CONSTANT. 
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Berger-Kazdan Comparison Theorem 
Let M be a compact n-D MANIFOLD with INJECTIVITY 
radius inj(M). Then 


vo) > AMO) 
— AT 3 


with equality IFF M is ISOMETRIC to the standard round 
SPHERE S” with RADIUS inj(M), where cn(r) is the 
VOLUME of the standard n-HYPERSPHERE of RADIUS 
T. 


see also BLASCHKE CONJECTURE, HYPERSPHERE, IN- 
JECTIVE, ISOMETRY 
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Bergman Kernel 

A Bergman kernel is a function of a COMPLEX VARI- 
ABLE with the “reproducing kernel” property defined 
for any DOMAIN in which there exist NONZERO ANA- 
LYTIC FUNCTIONS of class L2(D) with respect to the 
LEBESGUE MEASURE dV. 
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Bergman Space 

Let G be an open subset of the COMPLEX PLANE C, and 
let L2(G) denote the collection of all ANALYTIC FUNC- 
TIONS f : G > C whose MODULUS is square integrable 
with respect to AREA measure. Then L3(G), sometimes 
also denoted A?(G), is called the Bergman space for G. 
Thus, the Bergman space consists of all the ANALYTIC 
FUNCTIONS in L?(G). The Bergman space can also be 
generalized to L(G), where 0 < p < œ. 


Bernoulli Differential Equation 


+ p(0)y = a(2)y", (1) 


Let v = y!” for n Æ 1, then 


i = q(x) — p(a)y""" = q(x) — vp(z). (3) 
Plugging (3) into (2), 
© = (1 — n)[alz) —op(e)) (4) 
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Now, this is a linear FIRST-ORDER ORDINARY DIFFER- 
ENTIAL EQUATION of the form 


+ vP(2) = Q(2), (5) 


where P(x) = (1—n)p(z) and Q(x) = (1—n)q(z). It can 
therefore be solved analytically using an INTEGRATING 
FACTOR 


f ed Pez) 1 Qla) dr +C 
y = 2 ea 


od P(z) dz 


_ Gan) pe ir dx +. 


(6) 
(inn) f ple) az 


where Č is a constant of integration. If n = 1, then 
equation (1) becomes 


d 
T =y- P) (7) 
d 
7 = (q — p) dz (8) 
Y = Cae fate) —r(2)] da (9) 


The general solution is then, with Ci and Ch constants, 


s(i-n) f ple) ae 
y= for n #1 
Coed 90) -2(2)] de 
for n = 1. 


1/(l-n) 
a) fer rs, ee 
(10) 


Bernoulli Distribution 
A DISTRIBUTION given by 


= 1- for n = 0 
P(n) = i í for n= 1 (1) 
= p"(1—p)*” for n = 0,1. (2) 


The distribution of heads and tails in COIN TOSSING is 
a Bernoulli distribution with p = q = 1/2. The GENER- 
ATING FUNCTION of the Bernoulli distribution is 


> (3) 
M(t) = (1 — p) + pe’ (4) 
M'(t) = pe' (5) 


Bernoulli Function 


and the MOMENTS about 0 are 


Hı =u=M'(0) =p (8) 
a = M"(0) =p (9) 
Hn = MU (0) =p. (10) 


The MOMENTS about the MEAN are 


po = 2 — (ui)? =p-p” = p(1- p) (11) 
f Hof 1x3 2 3 
H3 = H3 — 3papa + 2(u1) = p — 3p" + 2p 
= p(1 — p)(1 — 2p) (12) 


pa = p4 — Luz + Gua (1) — 31 )* 
= p — dp” + 6p? — 3p* 
= p(1 — p)(3p* — 3p + 1). (13) 


The MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 
then 


=u, =p (14) 
0? = uz = p(l — p) (15) 
yy = 18 — PO —p)U — 2p) 

g? [p(1 — p)? 
=P | 16 
p(1 — p) (16) 
_ Ha PU 2p)(2p"-2p+1) | 
Pop p*(1 — p)? ° 
_ 6p? — 6p +1 
AO) 07 


To find an estimator for a population mean, 


(p) = Y r(x) 07-09" 


Np=0 


N 
— N-1 Np-1 _ Nq 
=9 Y (Jo (1-9) 


Np=1 


=0(0+ (1-0)? =9, (18) 


so (p) is an UNBIASED ESTIMATOR for 6. The probabil- 
ity of Np successes in N trials is then 


(enna gy, (19) 


where 


[number of successes] n (20) 
N NN ) 
see also BINOMIAL DISTRIBUTION 


Bernoulli Function 
see BERNOULLI POLYNOMIAL 


Bernoulli Inequality 


Bernoulli Inequality 


(1+2)” >1+nx2, (1) 


where z €ERK>-1%0,n€Z> 1. This inequality can 
be proven by taking a MACLAURIN SERIES of (1+ 2)”, 
(1+2)" =1+ne+in(n-D)2*+In(n-1)(n-2)2*+.. 

(2) 
Since the series terminates after a finite number of terms 
for INTEGRAL n, the Bernoulli inequality for xz > 0 is 
obtained by truncating after the first-order term. When 
—1 < zx < 0, slightly more finesse is needed. In this case, 
let y = |z| = —x > 0 so that 0 < y < 1, and take 


(1-y)" =1-ny+3n(n— 1)y” —¿n(n— 1)n-—2y4+.... 

(3) 
Since each POWER of y multiplies by a number < 1 and 
since the ABSOLUTE VALUE of the COEFFICIENT of each 
subsequent term is smaller than the last, it follows that 
the sum of the third order and subsequent terms is a 
POSITIVE number. Therefore, 


(1-y)>1-ny, (4) 


or 


(l+a)" >1l+nx, for —-1<zx<0, (5) 


completing the proof of the INEQUALITY over all ranges 
of parameters. 


Bernoulli Lemniscate 
see LEMNISCATE 


Bernoulli Number 

There are two definitions for the Bernoulli numbers. The 
older one, no longer in widespread use, defines the Ber- 
noulli numbers B; by the equations 


Tols 
e? — 1 4 2 = (2n)! 
Biz Bla? Big? 
OTC a a 
for |x| < 27, or 
T x Btn?” 
1—~cot(-—}= z 
go (5) 2 (2n)! 
_ Bix? Bia* Bix? o 
2 4! op (2) 


for |x| < m (Whittaker and Watson 1990, p. 125). Grad- 
shteyn and Ryzhik (1979) denote these numbers Bj, 
while Bernoulli numbers defined by the newer (National 
Bureau of Standards) definition are denoted B, The 
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B} Bernoulli numbers may be calculated from the inte- 


gral 


Br = an | ¿ant 1? (3) 


and analytically from 


< _ 2(2n)! S -an _ 2(2n)! 
BS jan 2? Grr) 9 


for n = 1, 2, 
FUNCTION. 


.., where ((z) is the RIEMANN ZETA 


The first few Bernoulli numbers Bý, are 


Bi =} 

B =t 

B3 = 5 
Be 

Be = 56 

Be = ET 
pa 

B; = Sait 
B; = Saer 
Bik acon 
Bs ve 


Bernoulli numbers defined by the modern definition are 
denoted B, and also called “EVEN-index” Bernoulli 
numbers. These are the Bernoulli numbers returned by 
the Mathematica® (Wolfram Research, Champaign, IL) 
function BernoulliB[n]. These Bernoulli numbers are 
a superset of the archaic ones B} since 


1 for n = 0 
_i = 
B= > P for n = 1 (5) 
(¿0 Br./2 Tor n even 
0 for n odd. 


The B,, can be defined by the identity 


To Bix” 
esl p n! (6) 


n=O 


These relationships can be derived using the generating 
function 
A Br (x)t” 
LE (7) 
n=0 


which converges uniformly for |t| < 27 and all z (Castel- 
lanos 1988). Taking the partial derivative gives 


OF (x,t A Bn-1(x)t” B,,(a)t” 
SS ain y Bee (2) 


n=0 


= tF (x,t). 


(8) 
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The solution to this differential equation is 
F(z,t) Te, (9) 
so integrating gives 


ecd 


/ F(x, t) dr = ru | e” dx = T(t) a 
= ~s/ By, (a) dz 


n=0 


oo 1 
E” 
=1+ ) a) Br(x) dz =1 (10) 
n=1 


or 


te” = B,,(xz)t™ 
ei Dy n! at 
n=0 
(Castellanos 1988). Setting z = 0 and adding t/2 to 
both sides then gives 


1 1 _ n 
Le coth(4t) = 2, Gayl (12) 
Letting t = 27x then gives 
— 2g?” 
z cot r = 2D" Ban may (13) 
n=0 


for x € [—-r,m]. The Bernoulli numbers may also be 
calculated from the integral 


n! 2 dz 
n=) aia oe 
or from i 
x 
Bn = | —— —— E 15 
ao ez akla (t9) 


The Bernoulli numbers satisfy the identity 


k+1 k+1 k+1 
: ) Ber ( ) prat +( : ) Bi+Bo =o 


(16) 
where (7) is a BINOMIAL COEFFICIENT. An asymptotic 
FORMULA is 


n 2n 
iini Bla (2) | (17) 
n—00 TE 
Bernoulli numbers appear in expressions of the form 
Y y, K”, where p = 1, 2, .... Bernoulli numbers also 
appear in the series expansions of functions involving 
tang, cotz, cscz, ln|sin g|, In| cos 2], ln| tan z|, tanh z, 


Bernoulli Number 


coth z, and csch g. An analytic solution exists for EVEN 
orders, 


(-1)”7*2(2n)! 


(—1)"712(2n)! $~ on 
n = === = 2 
= (27)n 2» aj Cn) 
p= 
(18) 
for n = 1, 2, ..., where ((2n) is the RIEMANN ZETA 


FUNCTION. Another intimate connection with the RIE- 
MANN ZETA FUNCTION is provided by the identity 


Bn = (-1)"**n¢(1 — n). (19) 


The DENOMINATOR of Bo, is given by the VON STAUDT- 
CLAUSEN THEOREM 


2k+1 
denom(B2,) = I] P, (20) 


p prime 
(p-1)|2k 


which also implies that the DENOMINATOR of Bo, is 
SQUAREFREE (Hardy and Wright 1979). Another curi- 
ous property is that the fraction part of B, in DECIMAL 
has a DECIMAL PERIOD which divides n, and there is a 
single digit before that period (Conway 1996). 


Bọ = 1 

Bı =-3 
B = 5 
Ba=-% 
Be 5 

Bs = -4 
Bio = 56 
Bi2 di 2750 
Bia=¿ 
Bro = “Eo. 
Bis = S88" 
Boa zit bu 
Boo si att 


(Sloane’s A000367 and A002445). In addition, 
Bon+1 = 0 (21) 


for LD) css 


Bernoulli first used the Bernoulli numbers while com- 
puting >>) _, k”. He used the property of the FIGURATE 
NUMBER TRIANGLE that 


Nay = SEU, (22) 


Bernoulli Number 


along with a form for an; which he derived inductively 
to compute the sums up to n = 10 (Boyer 1968, p. 85). 
For p € Z > 0, the sum is given by 


n 


td B +n + 1)Pt! — Bett 
k=1 


k=1 


where the NOTATION Bl*l means the quantity in ques- 


tion is raised to the appropriate POWER. k, and all terms 
of the form B™ are replaced with the corresponding Ber- 
noulli numbers Bm. Written explicitly in terms of a sum 
of POWERS, 


E Byp! —k+1 
p o PRP: p 
du} Aok . (24) 


It is also true that the COEFFICIENTS of the terms in 
such an expansion sum to 1 (which Bernoulli stated 
without proof). Ramanujan gave a number of curi- 
ous infinite sum identities involving Bernoulli numbers 
(Berndt 1994). 


G. J. Fee and S. Plouffe have computed B200,000, which 
has ~ 800,000 DiciTs (Plouffe). Plouffe and collabora- 
tors have also calculated B, for n up to 72,000. 


see also ARGOH’S CONJECTURE, BERNOULLI FUNC- 
TION, BERNOULLI POLYNOMIAL, DEBYE FUNCTIONS, 
EULER-MACLAURIN INTEGRATION FORMULAS, EULER 
NUMBER, FIGURATE NUMBER TRIANGLE, GENOCCHI 
NUMBER, PASCAL'S TRIANGLE, RIEMANN ZETA FUNC- 
TION, VON STAUDT-CLAUSEN THEOREM 
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Bernoulli’s Paradox 
Suppose the HARMONIC SERIES converges to h: 


oO 
k=1 


Then rearranging the terms in the sum gives 


Sai 


al 


h—-1=h, 


which is a contradiction. 
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Bernoulli Polynomial 


There are two definitions of Bernoulli polynomials in 
use. The nth Bernoulli polynomial is denoted here by 
B, (az), and the archaic Bernoulli polynomial by B} (æ). 
These definitions correspond to the BERNOULLI NUM- 
BERS evaluated at 0, 


Bn = Br, (0) (1) 
B} = B,(0). (2) 

They also satisfy 
Bn(1) = (—1)"Bn(0) (3) 


and 


selector at the output of the latches, squeezing 7 digits (at least 4 
lines each) into a single set of 7-segment lines. The latches hold the 
signal while the decade counters are reset to zero and count up the 
signal again. The latches are then opened allowing the new reading 
to pass through to the display. This prevents the rapidly changing 
decade-counter outputs from reaching the display and causing a 
blur of numbers. The sequence in which the count-latch-display- 
reset cycles occur is determined by the third IC. 

The third IC generates the key signals necessary for 1C2 to 
count the input signal properly. Figure 9-32 shows a block diagram 
of this chip. A 5.24-MHz crystal connected to IC3 is the source of 
the proper frequency. It drives a Pierce-type oscillator inside the 
chip, which has the advantage of very high stability. (The circuit 
isn't much like the old 6AG7 tube Pierce oscillators of days gone 
by, but it accomplishes the same result.) The output drives a 
divider chain composed mostly of binary devices, and then the 
output drives a series of gates generating the precisely-timed gate, 
latch, and reset pulses needed by 1C2. Also, an input connected to 
the divider chain controls its length—or number of stages—and 
selects a 1-second gate time or a 100-ms gate time. An output from 
1C3's divider chain also carries the multiplex signal for 1C2. This 
signal determines when a digit will be scanned by 1C2's multiplex- 
er, and is just as important as the other signals. 


Construction Guide 


The first step is to round up the parts. If you are lucky, you can 
probably scrounge most of them from your junk box, but more 
likely you will have to buy at least the ICs. All of them have been 
available to the industry for years, and they are starting to pop up in 
the ads. 

The LED display is commonly used in low-cost calculators, 
and can be almost any such unit; the pinouts have been pretty much 
standardized by various manufacturers. We have used National 
NSB-188, Litronix DL-94 displays, and others with success. The 
HP unit specified is recommended because of its superior appear- 
ance, but its price tag may drive you to scrounging a junk calculator 
instead. Order any parts you need, plus the crystal. If my own 
experience is any indicator, you should order the crystal first. 
They are custom made, and take time to get. 

The next step is to obtain or make the PC board. Luckily, this 
one is a single-sided type, and can be made at home using the G-C 
“Lift It” kit, or the newer printed circuit transfer films such as PCP 
type A, which is carried by Tri-Tek, Inc. (See Table 9-3 for 
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(Lehmer 1988). The first few Bernoulli POLYNOMIALS 
are 


Bo(z) =1 

By(a)=a—- 

Bala) =2° —2+ 

B(x) = z? Šg + le 
Ba(z) = zf — 22° + x° — 3 
Bs(x) = ° Šg 4 82° — be 


Bernoulli (1713) defined the POLYNOMIALS in terms of 
sums of the POWERS of consecutive integers, 


$L "= = [Ba (m) — Bn (0). (5) 


Euler (1738) gave the Bernoulli POLYNOMIALS B,,(z) in 
terms of the generating function 


tem A E 
rA (6) 
n=0 
They satisfy recurrence relation 
dBn 
=nBA-1(2 T 
r (2) (7) 


(Appell 1882), and obey the identity 
Bn(2)=(B+2)", (8) 


where B* is interpreted here as B,(x). Hurwitz gave 


the FOURIER SERIES 


Ooo 


n! -n 2mikz 
B SS k 
ow) (27i)” ES Í l dá 


for 0 < x < 1, and Raabe (1851) found 
i k 
z E Bn (« + =) =m""Bníma). (10) 


A sum identity involving the Bernoulli POLYNOMIALS is 


D (7) Bnl) 
= —(m— 1)Bm(a+8)+m(a+8-—-1)Bm-ıl&a+8) (11) 


for an INTEGER m and arbitrary REAL NUMBERS a and 
see also BERNOULLI NUMBER, EULER-MACLAURIN IN- 
TEGRATION FORMULAS, EULER POLYNOMIAL 


Bernstein’s Constant 
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Bernoulli’s Theorem 
see WEAK LAW OF LARGE NUMBERS 


Bernoulli Trial 
An experiment in which s TRIALS are made of an event, 
with probability p of success in any given TRIAL. 


Bernstein-Bézier Curve 
see BEZIER CURVE 


Bernstein’s Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let En(f) be the error of the best uniform approxima- 
tion to a REAL function f(x) on the INTERVAL [—1, 1] 
by REAL POLYNOMIALS of degree at most n. If 


a(x) = al, (1) 
then Bernstein showed that 


0.267... < lim 2nEzn(a) < 0.286. (2) 


TL—+ OO 


He conjectured that the lower limit (8) was 8 = 
1/(2//7). However, this was disproven by Varga and 
Carpenter (1987) and Varga (1990), who computed 


B = 0.2801694990.... (3) 


For rational approximations p(z)/qą({x) for p and q of 
degree m and n, D. J. Newman (1964) proved 


A a Banla aae (4) 


Bernstein's Inequality 


for n > 4. Gonchar (1967) and Bulanov (1975) improved 
the lower bound to 


O AA A (5) 


Vjacheslavo (1975) proved the existence of POSITIVE 
constants m and M such that 


m <e™"Enn(a) <M (6) 


(Petrushev 1987, pp. 105-106). Varga et al. (1993) con- 
jectured and Stahl (1993) proved that 


lim er" Esa 2n(a) = 8. (7) 


n—o0 


References 

Bulanov, A. P. “Asymptotics for the Best Rational Approxi- 
mation of the Function Sign «.” Mat. Sbornik 96, 171-178, 
1975. 

Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/brnstn/brnstn.html. 

Gonchar, A. A. “Estimates for the Growth of Rational Func- 
tions and their Applications.” Mat. Sbornik 72, 489-503, 
1967. 

Newman, D. J. “Rational Approximation to |x|.” Michigan 
Math. J. 11, 11-14, 1964. 

Petrushev, P. P. and Popov, V. A. Rational Approzimation of 
Real Functions. New York: Cambridge University Press, 
1987. 

Stahl, H. “Best Uniform Rational Approximation of |x| on 
[—1,1].” Russian Acad. Sci. Sb. Math. 76, 461-487, 1993. 

Varga, R. S. Scientific Computations on Mathematical Prob- 
lems and Conjectures. Philadelphia, PA: SIAM, 1990. 

Varga, R. S. and Carpenter, A. J. “On a Conjecture of 
S. Bernstein in Approximation Theory.” Math. USSR 
Sbornik 57, 547-560, 1987. 

Varga, R. S.; Ruttan, A.; and Carpenter, A. J. “Numerical 
Results on Best Uniform Rational Approximations to |x| 
on [—1,+1]. Math. USSR Sbornik 74, 271-290, 1993. 

Vjacheslavo, N. S. “On the Uniform Approximation of |x| by 
Rational Functions.” Dokl. Akad. Nauk SSSR 220, 512- 
515, 1975. 


Bernstein’s Inequality 
Let P be a POLYNOMIAL of degree n with derivative P’. 
Then 

IPI < all Plloo, 


where 
Pll = max |P(2)1 
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Bernstein Minimal Surface Theorem 

If a MINIMAL SURFACE is given by the equation z = 
f(x,y) and f has CONTINUOUS first and second PARTIAL 
DERIVATIVES for all REAL z and y, then f is a PLANE. 
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Bernstein Polynomial 
The POLYNOMIALS defined by 


Bin(t) = les éa- A, 


where (2) is a BINOMIAL COEFFICIENT. The Bernstein 
polynomials of degree n form a basis for the POWER 


POLYNOMIALS of degree n. 
see also BÉZIER CURVE 


Bernstein’s Polynomial Theorem 

If g(@) is a trigonometric POLYNOMIAL of degree m sat- 
isfying the condition |g(@)| < 1 where @ is arbitrary and 
real, then g’(@) < m. 
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Bernstein-Szegó Polynomials 
The POLYNOMIALS on the interval [—1,1] associated 
with the WEIGHT FUNCTIONS 


w(x) = (1-27) */? 
w(x) = (1-2?) P 


l—z 
1+x2x 


wr) = 


also called BERNSTEIN POLYNOMIALS. 
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Berry-Osseen Inequality 

Gives an estimate of the deviation of a DISTRIBUTION 
FUNCTION as a SUM of independent RANDOM VARI- 
ABLES with a NORMAL DISTRIBUTION. 
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Berry Paradox 

There are several versions of the Berry paradox, the 
original version of which was published by Bertrand 
Russell and attributed to Oxford University librarian 
Mr. G. Berry. In one form, the paradox notes that the 
number “one million, one hundred thousand, one hun- 
dred and twenty one” can be named by the description: 
“the first number not nameable in under ten words.” 
However, this latter expression has only nine words, so 
the number can be named in under ten words, so there 
is an inconsistency in naming it in this manner! 
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Bertelsen’s Number 

An erroneous value of 7(10°), where w(x) is the PRIME 
COUNTING FUNCTION. Bertelsen’s value of 50,847,478 
is 56 lower than the correct value of 50,847,534. 
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Bertini’s Theorem 

The general curve of a system which is LINEARLY IN- 
DEPENDENT on a certain number of given irreducible 
curves will not have a singular point which is not fixed 
for all the curves of the system. 
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Bertrand Curves 

Two curves which, at any point, have a common princi- 
pal NORMAL VECTOR are called Bertrand curves. The 
product of the TORSIONS of Bertrand curves is a con- 
stant. 


Bertrand’s Paradox 
see BERTRAND’S PROBLEM 


Bertrand’s Problem 


Bertrand’s Postulate 
If n > 3, there is always at least one PRIME between n 


-and 2n — 2. Equivalently, if n > 1, then there is always 


at least one PRIME between n and 2n. It was proved 
in 1850-51 by Chebyshev, and is therefore sometimes 
known as CHEBYSHEV’S THEOREM. An elegant proof 
was later given by Erdós. An extension of this result is 
that ifn > k, then there is a number containing a PRIME 
divisor > k in the sequence n, n+1,...,n+k-—1. (The 
case n = k + 1 then corresponds to Bertrand’s postu- 
late.) This was first proved by Sylvester, independently 
by Schur, and a simple proof was given by Erdós. 


A related problem is to find the least value of @ so that 
there exists at least one PRIME between n and n+0(n?) 
for sufficiently large n (Berndt 1994). The smallest 
known value is 8 = 6/11 + e (Lou and Yao 1992). 


see also CHOQUET THEORY, DE POLIGNAC?S CONJEC- 
TURE, PRIME NUMBER 
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Bertrand’s Problem 

What is the PROBABILITY that a CHORD drawn at RAN- 
DOM on a CIRCLE of RADIUS r has length > r? The an- 
swer, it turns out, depends on the interpretation of “two 
points drawn at RANDOM.” In the usual interpretation 
that ANGLES 6, and @2 are picked at RANDOM on the 
CIRCUMFERENCE, 


However, if a point is instead placed at RANDOM on a 
RADIUS of the CIRCLE and a CHORD drawn PERPEN- 


DICULAR to it, 
P= yr = v3 
T 2 

The latter interpretation is more satisfactory in the 
sense that the result remains the same for a rotated CIR- 
CLE, a slightly smaller CIRCLE INSCRIBED in the first, 
or for a CIRCLE of the same size but with its center 
slightly offset. Jaynes (1983) shows that the interpre- 
tation of “RANDOM” as a continuous UNIFORM DISTRI- 
BUTION over the RADIUS is the only one possessing all 
these three invariances. 
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Bertrand 's Test 


Bertrand’s Test 

A CONVERGENCE TEST also called DE MORGAN’S AND 
BERTRAND’S TEST. If the ratio of terms of a SERIES 
{an jn; can be written in the form 


then the series converges if lim»-30Pn > 1 and diverges 
if limpsopn < 1, where limn.. is the LOWER LIMIT 
and limn-+oo is the UPPER LIMIT. 


see also KUMMER’S TEST 
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Bertrand’s Theorem 


see BERTRAND’S POSTULATE 


Besov Space 

A type of abstract SPACE which occurs in SPLINE and 
RATIONAL FUNCTION approximations. The Besov space 
B; is a complete quasinormed space which is a BA- 
NACH SPACE when 1 < p, q < oo (Petrushev and Popov 


1987). 
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Bessel’s Correction 

The factor (N — 1)/N in the relationship between the 
VARIANCE c and the EXPECTATION VALUES of the SAM- 
PLE VARIANCE, 


Ms (1) 


where 
s = (a?) — (ay. (2) 


For two samples, 


2 2 
5? Nis1° + Nasa 


ee eee 3 
Ni + Ne — 2 (3) 


see also SAMPLE VARIANCE, VARIANCE 
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Bessel Differential Equation 


—m*)y = 0. (1) 


Py  1dy m? 
ee ee ——— = 0). {2 

A ( g? jI (2) 
The solutions to this equation define the BESSEL FUNC- 
TIONS. The equation has a regular SINGULARITY at 0 
and an irregular SINGULARITY at oo. 


A transformed version of the Bessel differential equation 
given by Bowman (1958) is 


d? d 
2ay y 2 2r 2 = 
z qa + Apt Yes + (ae +8“ )y=0. (3) 


The solution is 


y = r? (Ciar (27) F C2Yq/r (£=)| (4) 


r 


where 
q= V p? = 0% (5) 


J and Y are the BESSEL FUNCTIONS OF THE FIRST and 
SECOND KINDS, and Cı and Ch are constants. Another 
form is given by letting y = 2° J,(Bx7), n = yr”, and 
E = fx" (Bowman 1958, p. 117), then © 


dy 2a-1d 2 any 
ay _ 20 ay ÉS PA 2 Y y= 
dx zr dr 


The solution is 


_ J| w*[AJn (G27) + BYn(Bx”)] for integral n 
o l AJn (Br) + BJ_,(817)| for nonintegral n. 
(7) 
see also AIRY FUNCTIONS, ANGER FUNCTION, BEI, 
BER, BESSEL FUNCTION, BOURGET’S HYPOTHESIS, 
CATALAN INTEGRALS, CYLINDRICAL FUNCTION, DINI 
EXPANSION, HANKEL FUNCTION, HANKEL’S INTEGRAL, 
HEMISPHERICAL FUNCTION, KAPTEYN SERIES, LIP- 
SCHITZ’S INTEGRAL, LOMMEL DIFFERENTIAL EQUA- 
TION, LOMMEL FUNCTION, LOMMEL’S INTEGRALS, 
NEUMANN SERIES (BESSEL FUNCTION), PARSEVAL’S 
INTEGRAL, POISSON INTEGRAL, RAMANUJAN’S INTE- 
GRAL, RICCATI DIFFERENTIAL EQUATION, SONINE’S 
INTEGRAL, STRUVE FUNCTION, WEBER FUNCTIONS, 
WEBER’S DISCONTINUOUS INTEGRALS 
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Bessel’s Finite Difference Formula 
An INTERPOLATION formula also sometimes known as 


fp = fo + pô1/2 + Bald) +61) + B312 
+ Baló9 +01) + Bsôij2 +-..., (1) 


for p € [0,1], where 6 is the CENTRAL DIFFERENCE and 


Bon = $Gan = 4 (Ezn + Fan) (2) 
Br Cn EI eee). ©) 
En = Gan — Gens = Bon — Ban+1 (4) 
Fan = Gans = Ban + Bans, (5) 


where G; are the COEFFICIENTS from GAUSS’S BACK- 
WARD FORMULA and GAUSS’S FORWARD FORMULA and 
Ex and Fk are the COEFFICIENTS from EVERETT’S FOR- 
MULA. The Bx s also satisfy 


Bon(p) = Ban(q) ~ (6) 
Bon+i(p) = —Bon+1(q), (7) 

for 
g= 1p. (8) 


see also EVERETT’S FORMULA 
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Bessel’s First Integral 
1: l 
Jae) = F cos(n@ — z sin 6) dé, 
g 0 


where J,(xz) is a BESSEL FUNCTION OF THE FIRST 
KIND. 


Bessel’s Formula 


see BESSEL'S FINITE DIFFERENCE FORMULA, BES- 
SEL'S INTERPOLATION FORMULA, BESSEL'S STATISTI- 
CAL FORMULA 


Bessel Function 
A function Z(x) defined by the RECURRENCE RELA- 


TIONS 9 
m 
LZ A E = a ón 


and IZ 
nii = AmE =o 
dx 


Bessel Function of the First Kind 


The Bessel functions are more frequently defined as so- 
lutions to the DIFFERENTIAL EQUATION 


dy dy 
2 2 ON Fs aos 
aa tte +(x my = 0. 


There are two classes of solution, called the BESSEL 
FUNCTION OF THE FIRST KIND J and BESSEL FUNC- 
TION OF THE SECOND KIND Y. (A BESSEL FUNCTION 
OF THE THIRD KIND is a special combination of the first 
and second kinds.) Several related functions are also de- 
fined by slightly modifying the defining equations. 


see also BESSEL FUNCTION OF THE FIRST KIND, 
BESSEL FUNCTION OF THE SECOND KIND, BESSEL 
FUNCTION OF THE THIRD KIND, CYLINDER FUNC- 
TION, HEMICYLINDRICAL FUNCTION, MODIFIED BES- 
SEL FUNCTION OF THE FIRST KIND, MODIFIED BESSEL 
FUNCTION OF THE SECOND KIND, SPHERICAL BESSEL 
FUNCTION OF THE FIRST KIND, SPHERICAL BESSEL 
FUNCTION OF THE SECOND KIND 
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Bessel Function of the First Kind 


The Bessel functions of the first kind J, (x) are defined as 
the solutions to the BESSEL DIFFERENTIAL EQUATION 


wey dy BN: =. 
r 2 ty = + (2 -m)y=0 (1) 


which are nonsingular at the origin. They are some- 
times also called CYLINDER FUNCTIONS or CYLINDRI- 
CAL HARMONICS. The above plot shows J,,(1) for n = 1, 
Dc cn 


To solve the differential equation, apply FROBENIUS 
METHOD using a series solution of the form 


oO oO 
k 
Y=z dat E ) ana, (2) 
n=0 n=0 


Plugging into (1) yields 


OO 


r” X (k +n)(k +n -— 1l)janz 


n=0 


k+n-2 


OO oo 


r Sk +n)anz 


n:=0 n=0 


¡[e e oO 


> (k +n)(k +n — lana” + A +njana +” 


n=0 n=0 
oO oo 
2 k 
+ X aaa en ) ana” + =0. (4) 
m=2 n=0 


The INDICIAL EQUATION, obtained by setting n = 0, is 


aolk(k — 1) +k —m*] =ao(k? —m?)=0. (5) 


Since ao is defined as the first NONZERO term, k?—m? = 


0,sok=-+m. Now, ifk=m 


X [(m +n)(m+n—1)4+ (m+n) - m?lang™t” 


n==0 
+X an-22™'" =0 (6) 


oO 


S [(m +n)? a lane t” + ` pe =0 (7) 


n=0 


y n(2m+n)]a, "+" + ` an-22"=0 (8) 
n=0 n=2 
ai(2m+1)+ S [ann(2m +n) +an—2]2™*" =0. (9) 
n=2 l 


Bessel Function of the First Kind 119 


First, look at the special case m = —1/2, then (9) be- 
comes 


SOlann(n — 1) + an-2]2"*” =0, (10) 
n=2 
SO 
SA A (11) 
EN n(n — 1) ene 
Now let n = 21, where l = 1, 2,.... 
NE ee 
aS Oka A 
_ (=1) 7 
= (Ok DPU- Da ra 
== =) 
~ Qual p (12) 


which, using the identity 2'1!(21 — 1)!! = (21)!, gives 
=) 
aa] = ass (13) 
Similarly, letting n = 21 + 1 


Q2I41 = 421-1 


1 
(A+ DI) 
_ (1! P 
RUAD- DD] 2 


(14) 
which, using the identity 2'11(21 + 1)! = (21 + 1)!, gives 


_ ÓN A DN 
aa Seremi arpas O5) 


Plugging back into (2) with k = m = —1/2 gives 


OO 
— „1/2 
y ang 
n=0 
Oo oO 
-1/2 
=g" ) ant” + ) ang” 
n=1,3,5,... n=0,2,4,... 


OO 
gue gti 
met ate SA | 


i=0 


FUR 


= ao cos z + a1 sin g). (16) 


The BESSEL FUNCTIONS of order +1/2 are therefore de- 


fined as 
2 
F_1/2[(0)= 4/ zp CS2 (17) 
2 . 
Sij2(z) = 4/ =, sing, (18) 
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so the general solution for m = +1/2 is 
y = aoJ-1/2(£) + 0141/2(2). (19) 


Now, consider a general m 4 —1/2. Equation (9) re- 
quires 


1 (2m + 1) =0 (20) 
[ann(2m +n) + an-2J2"*” =0 (21) 

for n = 2, 3,..., So 
ay, = 0 (22) 

1 
An = ~n(2m+n)"? (23) 
for n = 2, 3 . Let n = 2l + 1, where / = 1, 2,..., 
then 
a = Pee A 
2141 = (Ql + 1)[2(m +1) 41] 21-1 

=... = f(n,m)a: =0, (24) 


where f(n,m) is the function of l and m obtained by 
iterating the recursion relationship down to az. Now let 


n = 2l, where l = 1, 2,..., 50 
ao. = eee A = Seah 
ae Om FD AGT) A 
E 1) , 
~ {4l(m + DA- Dím+1-1D)]---[4-(m+D)] 
| (25) 
Plugging back into (9), 
y= Y apart” = Ss ang t™ 4 ` aparta 
n=0 n=1,3,5 n=0,2,4 
= So aa pam y N ane 
i=0 i=0 
= 3 A > A 214 m 
ás E [4l(m + D][4(10— Dm+1-D]---[4-(m+1) 


(=D) 'm(m - 1)---1]28+” 


oa alm + DAU 1)(m+l—D)---[m(m—1)- 4 


oo (Dm oo 
= 2 
DD EN = 00S Ber Th (29) 
Now define 
_< (1) con 
IS pa °F 
¿=0 


where the factorials can be generalized to GAMMA 
FUNCTIONS for nonintegral m. The above equation then 
becomes 


y = 402" m! Im (x) = a0Jm(x). (28) 


Bessel Function of the First Kind 


Returning to equation (5) and examining the case k = 


a1(1— 2m) + Y [ann(n—2m) + an-2Ja””” = 0. (29) 


n=2 


However, the sign of m is arbitrary, so the solutions must 
be the same for +m and —m. We are therefore free to 
replace —m with —|m], so 


oO 


ar (14 2|m)) + Y [aan 


n=2 


(n + 2|m|) + an-2Jel +” =0, 


(30) 
and we obtain the same solutions as before, but with m 
replaced by |m]. 


œ on A 21+|m| 1 
21=0 2 im +i for |m| # => 
Jin (a) = y +: Cos x for m = =5 
2 j 1 
y zz sing form = > 


Mem T 
z 


We can relate Jm and J-m (when m is an INTEGER 
writing 


OO 


=l i 2i—m 
Jha) = Ss A (32) 


Now let l= l +m. Then 


OO 


Joma) D ae am 
ol 22U’+m (1 4+ m)! 
l’+m=—0 


= E = 1)" nae E 5 AE R 
E Wee Q2 tmnt +m)! l+ m)! 


>> (-1)' +" ptm (33) 
Y 22m + m)! ' 


But l! = 00 for l' = —m,...,—1, so the DENOMINA- 
TOR is infinite and the terms on the right are zero. We 
therefore have 


= _4\l+m 
ee D m tido 


(34) 


Note that the BESSEL DIFFERENTIAL EQUATION is 
second-order, so there must be two linearly independent 
solutions. We have found both only for |m| = 1/2. For 
a general nonintegral order, the independent solutions 
are Jm and J_». When m is an INTEGER, the general 
(real) solution is of the form 


Zm = CiJm(2) + C2Ym(x), (35) 


Bessel Function of the First Kind 


where Jm is a Bessel function of the first kind, Ym 
(a.k.a. Nin) is the BESSEL FUNCTION OF THE SECOND 
KIND (a.k.a. NEUMANN FUNCTION or WEBER FUNC- 
TION), and Cı and C2 are constants. Complex solutions 
are given by the HANKEL FUNCTIONS (a.k.a. BESSEL 
FUNCTIONS OF THE THIRD KIND). 


The Bessel functions are ORTHOGONAL in [0, 1] with re- 
spect to the weight factor x. Except when 2n is a NEG- 
ATIVE INTEGER, 


¿1/2 


Ile) = Mo,m(2iz), (36) 


22m41/2m+1/2D(m + 1) 
where I(x) is the GAMMA FUNCTION and Mom is a 
WHITTAKER FUNCTION. 


In terms of a CONFLUENT HYPERGEOMETRIC FUNC- 
TION OF THE FIRST KIND, the Bessel function is written 


1 
S52 eee 


Jy(z) = ho (v + 1; — 42°). (37) 


(52)" 
Py + 1) 
A derivative identity for expressing higher order Bessel 
functions in terms of Jo(x) is 


Jn(a) = iT, (i=) ite). (38) 


where T,(1) is a CHEBYSHEV POLYNOMIAL OF THE 
FIRST KIND. Asymptotic forms for the Bessel functions 


are 1 fay" a 


Jm(1) == CEN 


for z < 1 and 


Fm (ax) & y (> — == — 2) (40) 


for x >> 1. A derivative identity is 


L e Jm(2)] = 2” 4-1 (2). (41) 


An integral identity is 


J u Jolu’) du’ = uJı (u). (42) 

Some sum identities are 
1 = [Jo(x)]? + 2[ Ji (£)? + 2[Jo(x)]? +... (43) 
1 = Jo(x) + 2J2 (£) + 2Ja(a) +... (44) 


and the JACOBI-ANGER EXPANSION 


izcosO __ 


y i Jalz)e™?, (45) 
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which can also be written 
e 008% = Ja(z)+2 ` 1” In(z) cos(n6). (46) 
n=1 
The Bessel function addition theorem states 
NO Im(y)In-m(z). (47) 


m = — oo 


Roots of the FUNCTION Jn (x) are given in the following 
table. 


2. a 3. xd 5. seh 6. = ts LS 

7.0156 8.4172 9.7610 | 11.0647 
10.1735 | 11.6198 | 13.0152 | 14.3725 
13.3237 | 14.7960 | 16.2235 | 17.6160 
16.4706 | 17.9598 | 19.4094 | 20.8269 


8.7715 
12.3386 
15.7002 
18.9801 
22.2178 


9.9201 


8.6537 
11.7915 
14.9309 


Let £n be the nth ROOT of the Bessel function Jo(x), 
then 


1 
So = 0.38479... (48) 


In Jo( Ln) 


(Le Lionnais 1983). 


The RooTSs of its DERIVATIVES are given in the following 


table. 
1 3.8317 1,8412 3.0542 4.2012 5.3175 6.4156 
7.0156 9.9314 6.7061 8.0152 9.2824 |10.5199 
10.1735 8.5363 9.9695 |11.3459 | 12.6819 | 13.9872 
13.3237 | 11.7060 | 13.1704 | 14.5858 | 15.9641 | 17.3128 
20.5755 


16.4706 | 14.8636 {16.3475 | 17.7887 | 19.1960 


Various integrals can be expressed in terms of Bessel 
functions 


Jo(z) = > J e” cos ọdọ (49) 
0 


ka= - J cos(zsin@—n0)d8, (50) 
0 


which is BESSEL'S FIRST INTEGRAL, 


“— A 


Jaz) = 3) ecs? cos(no) de (51) 
0 


27 
Jn (2) = — J ga Catete dh (52) 
for n= 1, 2 
2 q ii . 2n 
ile) = toni | sin“” u cos(x cos u) du (53) 
forn =] Dis 
Jali) = = | e(2/Mí-1/2) 2-1 q, (54) 


122 Bessel Function Fourier Expansion 


for n > —1/2. Integrals involving Ji(x) include - 


i j J(z)dz=1 (55) 
n Jy (a) > T 4 
m Ji (z) i _ 1 

/ El zdx = z (57) 


see also BESSEL FUNCTION OF THE SECOND KIND, DE- 
BYE'S ASYMPTOTIC REPRESENTATION, DIXON-FERRAR 
FORMULA, HANSEN-BESSEL FORMULA, KAPTEYN SE- 
RIES, KNESER-SOMMERFELD FORMULA, MEHLER’S 
BESSEL FUNCTION FORMULA, NICHOLSON’S FORMULA, 
POISSON’S BESSEL FUNCTION FORMULA, SCHLAFLI’S 
FORMULA, SCHLOMILCH’S SERIES, SOMMERFELD’S 
FORMULA, SONINE-SCHAFHEITLIN FORMULA, WAT- 
SON’S FORMULA, WATSON-NICHOLSON FORMULA, WE- 
BER’S DISCONTINUOUS INTEGRALS, WEBER'S FOR- 
MULA, WEBER-SONINE FORMULA, WEYRICH’S FOR- 
MULA 
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Bessel Function Fourier Expansion 

Let n > 1/2 and ai, a2, ...be the POSITIVE ROOTS 
of J. (1) = 0. An expansion of a function in the inter- 
val (0,1) in terms of BESSEL FUNCTIONS OF THE FIRST 
KIND 


f(x) = Y ArJn(20»), (1) 
f=] 


has COEFFICIENTS found as follows: 


/ fix) (ra) de = ye A, / LI n (LAr) In (za) dz. 
7 (2) 


But ORTHOGONALITY of BESSEL FUNCTION ROOTS - 


gives 


1 
/ Ja (za) J (zar) dr = 5 61,rIn+1° (ar) (3) 
0 


Bessel Function of the Second Kind 


(Bowman 1958, p. 108), so 


|| 


1 CO 
/ fla) Jn (za) dx LN Ar dir Ing17 (zar) 
0 r=1 


| 


4 AiJn41° (an), (4) 
and the COEFFICIENTS are given by 


9 1 
A; = —— fin ira) dz. 
pet HoVilwai) (5) 


2 
Jn+1 
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Bessel Function of the Second Kind 


f SKLZ 
TTT RSE 


A Bessel function of the second kind Y,,(z) is a solution 
to the BESSEL DIFFERENTIAL EQUATION which is sin- 
gular at the origin. Bessel functions of the second kind 
are also called NEUMANN FUNCTIONS or WEBER FUNC- 
TIONS. The above plot shows Y, (12) for n = 1, 2, ..., 
5. 


Let v = Jm(2) be the first solution and u be the 
other one (since the BESSEL DIFFERENTIAL EQUATION 
is second-order, there are two LINEARLY INDEPENDENT 
solutions). Then 


zu +u + zru = 0 (1) 


grv” +u+2v=0. (2) 
Take v x (1) — u x (2), 


z(u'v—uv')+u'v—u' =0 (3) 
eG —uv')} =0 (4) 
dz: eS: 


so z(u'v — uv’) = B, where B is a constant. Divide by 
2 
rv", 


uv — uv’ d (u B 
r =a (Gb) =a (5) 
u dz 


Bessel Function of the Third Kind 


Rearranging and using v = Jm(z) gives 


dx 
u = AJm( £) + BJm(z) | —— 
(2) + Bim(a) | Ea 
= A’ Im(x) + BY n(z), (7) 
where the Bessel function of the second kind is defined 
by 
aS Jnl) cos(mr) — Jomít) 
sin(mr) 
AS. 1)*¥x mt2k x 
7 O Qm-+2k km + k)! dé dd (5) ad be | 
LS rtm — k- 1)! à 
Or Q—m+2k k] (8) 
k=0 
m = 0, 1, 2, ..., y is the EULER-MASCHERONI CoN- 
STANT, and 


mei bet RRO ” 


The function is given by 


Lite) = 2 sin(z sin 0 — n0) dé 
ELO 


Ej CA A 77t dt. (10) 
0 


T 


Asymptotic equations are 


m=0,27< 1 
mAÁi0w<l 


2 In(tz 


Tr 


y E ie J sin (z — di — T) z> 1, (12) 


where I (z) is a GAMMA FUNCTION. 


see also BESSEL FUNCTION OF THE FIRST KIND, BOUR- 
GET’S HYPOTHESIS, HANKEL FUNCTION 


(11) 
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Bessel Function of the Third Kind 
see HANKEL FUNCTION 
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Bessel’s Inequality 
If f(x) is piecewise CONTINUOUS and has a general 
FOURIER SERIES 


> aidi (x) (1) 


i 


with WEIGHTING FUNCTION w(x}, it must be true that 


t 


2 
J 1 — ` a] wíx)dx >0 (2) 


| Plew(e) de 2 a | foleo) as 
+a? | 6A@u(o dz >0. (3) 


But the COEFFICIENT of the generalized FOURIER SE- 
RIES is given by 


me J dos (4) 


SO 


[Powe dz — 2 > a+ ` a; >0 (5) 
[ Platea 2 Vas. (6) 


i 
Equation (6) is an inequality if the functions ¢; are not 
COMPLETE. If they are COMPLETE, then the inequality 
(2) becomes an equality, so (6) becomes an equality and 


is known as PARSEVAL’S THEOREM. If f(x) has a simple 
FOURIER SERIES expansion with COEFFICIENTS ao, 41, 


, An and 6;,..., bn, then 
1 [* 2 
FROL 


The inequality can also be derived from SCHWARZ's IN- 
EQUALITY 


lao? + X (ax + be”) < 
k=1 


(fla)? < (FIF) (alg) (8) 


by expanding g in a superposition of EIGENFUNCTIONS 
of f,g= Y, asf; Then 


(flay = Soa (fifi) < Y as (9) 


> 
2 


< (FIA) (alg). (10) 
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IC1-National DS-8629 


IC2-1C3 Intersil 
ICM-72081P| and 
ICM-7207AIPD. 

Note: These parts come 
as a set 

Y1—5.24288 MHz 
crystal 


DIS1—H-P display 


C7—20 pF trimmer cap 


Case—LMB-CR-531 


Factory 


National Semiconductor 
2900 Semiconductor Dr. 
Santa Clara CA 95051 


Intersil, Inc. 
10900 Tantau Ave. 
Santa Clara CA 95014 


JAN Crystals 

2400 Crystal Dr. 

Ft. Meyers FL 33901 
(813)-936-2397 
Hewlett-Packard, Inc. 
Optoelectronics Div. 
1501 Page Mill Rd. 
Palo Alto CA 94304 


Sprague, Erie, etc. 


Heeger, Inc. 
725 Ceres St. 
Los Angeles CA 90021 


Distributor 

Tri-Tek, Inc. 

7808 North 27th Ave. 
Phoenix AZ 85021 
(602)-995-9352 

Poly Paks, Inc. 

PO Box 942 

S. Lynnfield MA 01940 
Stock #92CU4079 
(617)-245-3828 


JAN Crystals 
Table 9-3. Supplier List. 


Poly Paks, Inc. 


Tri-Tek, Inc. 


Stock# CAP9308 


Note on the “Factory” column: These people should be contacted only for a local 
distributor; only JAN Crystals will sell small quantities of parts to individual users. 


124 Bessel’s Interpolation Formula 


If g is normalized, then (g|g) = 1 and 


(FIA 2 X asas. (11) 


see also SCHWARZ’S INEQUALITY, TRIANGLE INEQUAL- 
ITY 
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Bessel’s Interpolation Formula 
see BESSEL’S FINITE DIFFERENCE FORMULA 


Bessel Polynomial 
see BESSEL FUNCTION 


Bessel’s Second Integral 
see POISSON INTEGRAL 


Bessel’s Statistical Formula 


w— WwW wW — w 


t= ———— = >, (1) 
ow/VN $, wi - 8)? 
N(N—1) 
where 
w = 1 — Za (2) 
w = Ha) — H2) (3) 
N=N,+ No (4) 
Beta 


A financial measure of a fund’s sensitivity to market 
movements which measures the relationship between a 
fund’s excess return over Treasury Bills and the excess 
return of a benchmark index (which, by definition, has 
GB = 1). A fund with a beta of 8 has performed r = 
(8 — 1) x 100% better (or |r| worse if r < 0) than its 
benchmark index (after deducting the T-bill rate) in up 
markets and |r| worse (or |r| better if r < 0) in down 
markets. 


see also ALPHA, SHARPE RATIO 


Beta Distribution 


Pq, SS: RSU) 


P(x) 
F 
o “ 
$ — 
Dix) 


Beta Distribution 


A general type of statistical DISTRIBUTION which is re- 
lated to the GAMMA DISTRIBUTION. Beta distributions 
have two free parameters, which are labeled according 
to one of two notational conventions. The usual defini- 
tion calls these a and 8, and the other uses 5” = 8 — 1 
and a’ = a— 1 (Beyer 1987, p. 534). The above plots 
are for (a, 8) = (1,1) [solid], (1, 2) [dotted], and (2, 3) 
[dashed]. The probability function P(x) and DISTRIBU- 
TION FUNCTION D(z) are given by 


_ (La tte 
P = Bap) 
A O _ gy al 
D(z) = ~ PA : (2) 


where B(a,b) is the BETA FUNCTION, 1(x;a,b) is the 
REGULARIZED BETA FUNCTION, and 0 < x < 1 where 
a, B > 0. The distribution is normalized since 


f Pa +8) elf  \B-1 
/ P(x) dz = Farø) zg (sa) dz 
P(a + p) = 
am a 
The CHARACTERISTIC FUNCTION is 
p(t) = 1F,(a, a + b, it). (4) 
The MOMENTS are given by 
_ i ar _T(a+ Bj (a+r) 
M, = l (x — u) de atarie) (5) 
The MEAN is 
— Da + 8) : œ— i1 8-1 
= Tals) J x% (1— 2)" gdr 
_ T(a+8) B 
a o 
2 T(a+ 8)T(e + 1)r(8) __ a (6) 
P(a)P(B)Ta+8+1) ate 
and the VARIANCE, SKEWNESS, and KURTOSIS are 
2. a 
FAA " 
_ AVB- ya Mya + VB)Vi+a+ 8 (8) 
vab (a+ B+ 2) 
_ 6(a? +a? — 406 - 2a? p + B? — 208" +8") 
= aB(at+B+2)(at+B+3) 0 
(9) 
The MODE of a variate distributed as G(a, B) is 
E o (10) 


a+ fB-2 


Beta Function 
In “normal” form, the distribution is written 


Fla) = Ee (1 — a) (11) 


and the MEAN, VARIANCE, SKEWNESS, and KURTOSIS 
are 


oO 


b= Tag (12) 
2o aß 
oP nET oe 
y = Ave vB Vet VE Vl FETE (14) 
yaBla + B +2) 
_3(l+a+8)Qa* — 2aß + a? B + 28? + af?) 
ia aBla+B+2)\(a+8+3) 
(15) 
see also GAMMA DISTRIBUTION 
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Beta Function 

The beta function is the name used by Legendre and 
Whittaker and Watson (1990) for the EULERIAN INTE- 
GRAL OF THE SECOND KIND. To derive the integral 
representation of the beta function, write the product 
of two FACTORIALS as 


OO Oo 
min! af eu du | e “vu” dv. (1) 
0 0 
Now, let u = 2’, v = y?, so 
5 2 = 2 
min! = y pop do | e Y yr dy 
0 
oO oO 2 9 . 
= yl / eT tY) Im MEL de dy. (2) 
—oo Y —o00 


Transforming to POLAR COORDINATES with z = rcos@, 
y=rsing 


nm/2 poo | 
min! =4 J / e (r cos 6)?" +?(r sin 0)?" +r dy de 
0 G 


wm {2 
2 
= yl eo E ar f cos. tI @ sin?” t? 6 do 
0 0 


Ww f2 
= 2(m+n+1)! / cos "+! @sin?"*1 940. (3) 
0 
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The beta function is then defined by 
Bim+1,n+1) = B(n+1,m+ 1) 


7/2 In] 
=2 cos?+1 Asin?” t! 9 gg = LT __ (4) 
A (m+n +1)! 


Rewriting the arguments, 


POr - WEAS e 


Blp,q) = T(p+q) (p+9-1)! 


The general trigonometric form is 
7/2 
/ sin” xcos” gdz = į B(n+ 5,m+ 3). (6) 
0 


Equation (6) can be transformed to an integral over 
POLYNOMIALS by letting u = cos” 0, 


min! : 
B(m+1,n+1)= oo = | u” (1-— u)” du 
(7) 
B(m,n) = a =| avia) du. (8) 


To put it in a form which can be used to derive the 
LEGENDRE DUPLICATION FORMULA, let x = yu, so 
u = x° and du = 22 dz, and 


1 
B(m,n) = J A e r°) (2g dx) 
0 


1 
= 2 | m1 — ay? de. (9) 
o 


To put it in a form which can be used to develop integral 
representations of the BESSEL FUNCTIONS and HYPER- 
GEOMETRIC FUNCTION, let u = 2/(1 + 21), so 


u™ du 


Bim + 1n+t)= f al (10) 


Various identities can be derived using the GAUSS MUL- 
TIPLICATION FORMULA 


_ T(np)T'(ng) 
ao Tín(p + g)] 
ng B(p, g)B(p + h,9)-:Blp+ 22,9) (11) 
B(q, q)B(2q,q):--B([n —1]q,q) ` 
Additional identities include 
_TípT(a+1) _ aT(p+1)T(g) 
AA I(p+9+1) p T([p+1]g) 
= ¿Blp+1,9) (12) 


B(p, q) = B(p + 1,4) + Blp,q+1) (13) 
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B(p,q + 1) = Pe q). (14) 


If n is a POSITIVE INTEGER, then 


7 1.2...n 
B(p,n +1) = CET (15) 
B(p,p)B(p + 3P + 3) = 352, (16) 
B(p+q)B(p + q,r) = Bia, r) Bia +1, p). (17) 


A generalization of the beta function is the incomplete 
beta function 


t 
B(t;2,y) = / u® *(1—u)** du 
0 


= |: a TE ES) 


ty +...) . 
ni{2 +n) y 


(18) 


see also CENTRAL BETA FUNCTION, DIRICHLET IN- 
TEGRALS, GAMMA FUNCTION, REGULARIZED BETA 
FUNCTION 
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Betti Group 


Another “BETA FUNCTION” defined in terms of an in- 
tegral is the “exponential” beta function, given by 


Bn(2) (1) 


Ml 
ae 
{Á m 

Th 

3 
lga] 
| 
N 
+ 

Qu 

party 


(2) 


The exponential beta function satisfies the RECUR- 
RENCE RELATION 


zBn(z) = (ye 


The first few integral values are 


Ta e 7 + nBn—1(2). (3) | 


2 sinh z 
fo(2) = 2h (4 
2(sinh z — z cosh z 
p(z) = EA (5) 
_ 2(2+ z*) sinh z — 4z cosh z 


B2 (a) (6) 


z3 
see also ALPHA FUNCTION 


Beta Prime Distribution 

A distribution with probability function 

211 SE a) ATË 
Bla,B) ? 


where B is a BETA FUNCTION. The MODE of a variate 
distributed as B'(a, 8) is 


P(x) = 


œ — 1 
B+1 


= 


If z is a 8'(a, B) variate, then 1/z is a 6'(8,a) variate. 
If z is a B(a,@) variate, then (1 — 2)/x and «/(1 — zx) 
are 3'(3,a) and 6'(a, 8) variates. If z and y are y(a1) 
and y(a2) variates, then z/y is a P'(01,0%2) variate. If 
22/2 and y?/2 are y(1/2) variates, then z? = (2/y)” is 
a 3'(1/2,1/2) variate. 


Bethe Lattice 
see CAYLEY TREE 


Betrothed Numbers 
see QUASIAMICABLE PAIR 


Betti Group 

The free part of the HOMOLOGY GROUP with a domain 
of COEFFICIENTS in the GROUP of INTEGERS (if this 
HOMOLOGY GROUP is finitely generated). 
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Betti Number 


Betti Number 
Betti numbers are topological objects which were proved 
to be invariants by Poincaré, and used by him to ex- 


tend the POLYHEDRAL FORMULA to higher dimensional . 


spaces. The nth Betti number is the rank of the nth 
HOMOLOGY GROUP. Let pr be the RANK of the Ho- 
MOLOGY GROUP H, of a TOPOLOGICAL SPACE K. For 
a closed, orientable surface of GENUS g, the Betti num- 
bers are po = 1, pı = 2g, and p2 = 1. For a nonori- 
entable surface with k CROSS-CAPS, the Betti numbers 
are po = 1, pı = k — 1, and pz = 0. 


see also EULER CHARACTERISTIC, POINCARE DUALITY 


Bézier Curve 
Py 
6 
Pa 


P; 


o 

P) 
Given a set of n control points, the corresponding Bézier 
curve (or BERNSTEIN-BEZIER CURVE) is given by 


C(t) = y PiBin(t), 


where Bi, n(t) is a BERNSTEIN POLYNOMIAL and t € 
[0, 1]. 


A “rational” Bézier curve is defined by 


C(t) = LPs 
i—0 Bi p(t)wi 

where p is the order, B;p are the BERNSTEIN POLYNO- 
MIALS, P; are control points, and the weight w; of P; is 
the last ordinate of the homogeneous point P;’. These 
curves are closed under perspective transformations, and 
can represent CONIC SECTIONS exactly. 


The Bézier curve always passes through the first and 
last control points and lies within the CONVEX HULL of 
the control points. The curve is tangent to Pı — Po and 
P,-—P,.-1 at the endpoints. The “variation diminishing 
property” of these curves is that no line can have more 
intersections with a Bézier curve than with the curve 
obtained by joining consecutive points with straight line 
segments. A desirable property of these curves is that 
the curve can be translated and rotated by performing 
these operations on the control points. 


Undesirable properties of Bézier curves are their numer- 
ical instability for large numbers of control points, and 
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the fact that moving a single control point changes the 
global shape of the curve. The former is sometimes 
avoided by smoothly patching together low-order Bézier 
curves. A generalization of the Bézier curve is the B- 
SPLINE. 


see also B-SPLINE, NURBS CURVE 


Bézier Spline 
see BÉZIER CURVE, SPLINE 


Bezout Numbers 
Integers (A, 1) for a and b such that 


Na + pb = GCD(a, b). 


For INTEGERS a1, ..., An, the Bezout numbers are a set 
of numbers ky, ..., kn such that 


kiai +k202 +... + knän = d, 


where d is the GREATEST COMMON DIVISOR of a1, ..., 
An 
see also GREATEST COMMON DIVISOR 


Bezout’s Theorem 

In general, two algebraic curves of degrees m and n in- 
tersect in m-n points and cannot meet in more than m:n 
points unless they have a component in common (i.e., 
the equations defining them have a common factor). 
This can also be stated: if P and Q are two POLYNOMI- 
ALS with no roots in common, then there exist two other 
POLYNOMIALS A and B such that AP + BQ = 1. Simi- 
larly, given N POLYNOMIAL equations of degrees n;, n2, 
...ny in N variables, there are in general nin2:--nwn 
common solutions. 


see also POLYNOMIAL 
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Bhargava’s Theorem 

Let the nth composition of a function f(x) be denoted 
f'™ (x), such that f(x) = z and f(z) = f(x). De- 
note f o g(x) = f(g(x)), and define 


Y F(a,b,c) = F(a,b,c) + F(b,c,a) + F(c,a,b). (1) 


Let 
u = (a,b,c) (2) 
lu =a+b+e (3) 
[ul] = af +t + c$, (4) 
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and 
Fu) = (Alu), fa(u), fa(u)) (5) 
= (a(b — c), b(c — a), c(a — b)) (6) 
g(u) = (gı (u), g2(u), ga(u)) 
= (Xab, Y ab?, 3abe) l (7) 
Then if |u| = 0, 
#0" o ge (a) |] = 2(ab + be + ca)?™™ 7 
= [lg o f™ wl, (8) 
where m,n € {0, 1, ...} and composition is done in 


terms of components. 


see also DIOPHANTINE EQUATION—QUARTIC, FORD’S 
THEOREM 
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Bhaskara-Brouckner Algorithm 
see SQUARE ROOT 


Bi-Connected Component 

A maximal SUBGRAPH of an undirected graph such that 
any two edges in the SUBGRAPH lie on a common simple 
cycle. 


see also STRONGLY CONNECTED COMPONENT 


Bianchi Identities 
The RIEMANN TENSOR is defined by 


R -12 gw 

anvin — 9 pgn \ Orr dnt 
oO guv E 0 an + O” Gun 
Oxrdx+  Ox*dar  0Oxr0x? ] 


Permuting v, x, and y (Weinberg 1972, pp. 146-147) 
gives the Bianchi identities 


ió + Baumin + Lune = O. 


see also BIANCHI IDENTITIES (CONTRACTED), RIE- 
MANN ‘TENSOR 
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BIBD 


Bianchi Identities (Contracted) 
CONTRACTING A with y in the BIANCHI IDENTITIES 


Bineg + Hao + ae error = 0 (1) 


gives 


Rerin — Runin + Ro pany = 9. (2) 


CONTRACTING again, 


Rin — R” yu g R aw = 0, (3) 

or 
(RE, > 56" R) su = 0, (4) 

or 
(REY — 59°" R) sn = 0. (5) 


Bias (Estimator) f 
The bias of an ESTIMATOR @ is defined as 


B(6) = (8) —0. 


It is therefore true that 


An ESTIMATOR for which B = 0 is said to be UNBIASED. 
see also ESTIMATOR, UNBIASED 


Bias (Series) 
The bias of a SERIES is defined as 

2 
QiQi42 — Gi+1 


Q[ai,@i41,a:42] = 
4,474414i4+2 


A SERIES is GEOMETRIC IFF Q = 0. A SERIES is ARTIS- 
Tic IFF the bias is constant. 


see also ARTISTIC SERIES, GEOMETRIC SERIES 
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Biased 
An ESTIMATOR which exhibits BIAS. 


Biaugmented Pentagonal Prism 
see JOHNSON SOLID 


Biaugmented Triangular Prism 
see JOHNSON SOLID 


Biaugmented Truncated Cube 


see JOHNSON SOLID 


BIBD 
see BLOCK DESIGN 


Bicentric Polygon 


-Bicentric Polygon 


A POLYGON which has both a CIRCUMCIRCLE and an 
INCIRCLE, both of which touch all VERTICES. All TRI- 
ANGLES are bicentric with 


R? — $ = 2Rr, (1) 


where R is the CIRCUMRADIUS, r is the INRADIUS, and s 
is the separation of centers. In 1798, N. Fuss character- 
ized bicentric POLYGONS of n = 4, 5, 6, 7, and 8 sides. 
For bicentric QUADRILATERALS (FUSS’S PROBLEM), the 
CIRCLES satisfy 


2r?(R? — s”) = (R? — 87)? — 4r?s? (2) 


(Dorrie 1965) and 


a v abcd (3) 
8 
_ 1 /(ace+ bd)(ad + bc)(ab + cd) 
ae 4 abcd . (4) 
(Beyer 1987). In addition, 
1 1 1 
pes E O ee 5 
(R — $)? TRES r? (5) 
and 
a+c=b+d. (6) 
The AREA of a bicentric quadrilateral is 
A = vabcd. (7) 


If the circles permit successive tangents around the IN- 
CIRCLE which close the POLYGON for one starting point 
on the CIRCUMCIRCLE, then they do so for all points on 
the CIRCUMCIRCLE. 


see also PONCELET’S CLOSURE THEOREM 
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Bicentric Quadrilateral 
A 4-sided BICENTRIC POLYGON, also called a CYCLIC- 
INSCRIPTABLE QUADRILATERAL. 
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Bichromatic Graph 

A GRAPH with EDGES of two possible “colors,” usually 
identified as red and blue. For a bichromatic graph with 
R red EDGES and B blue EDGES, 


? 


R+B>2. 


see also BLUE-EMPTY GRAPH, EXTREMAL COLORING, 
EXTREMAL GRAPH, MONOCHROMATIC FORCED TRI- 
ANGLE, RAMSEY NUMBER 


Bicollared 

A SUBSET X C Y is said to be bicollared in Y if there 
exists an embedding b : X x [-1,1] — Y such that 
b(x,0) = z when z € X. The MAP b or its image is then 
said to be the bicollar. 
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Bicorn 


The bicorn is the name of a collection of QUARTIC 
CURVES studied by Sylvester in 1864 and Cayley in 1867 
(MacTutor Archive). The bicorn is given by the para- 
metric equations 


T=asint 
__ acos” t(2 + cost) 


E 3 sin? t 


The graph is similar to that of the COCKED HAT CURVE. 
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Bicubic Spline 
A bicubic spline is a special case of bicubic interpolation 
which uses an interpolation function of the form 


4 4 | 
y(11,t2) = > y cit tur” 


i=1 j=1 


4 4 
Ya. (21, £2) = Ss S = Ljet ut! 


i=1 ¿=1 


4 4 
Yazlar 2a) = Y) Y G- eyt u 


i=1 j=l 


4 4 
Ysist = y > E DG = Det u, 


#=1 j=1 


where ci; are constants and u and t are parameters rang- 
ing from 0 to 1. For a bicubic spline, however, the partial 
derivatives at the grid points are determined globally by 
1-D SPLINES. 


see also B-SPLINE, SPLINE . 
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Bicupola 

Two adjoined CUPOLAS. 

see also CUPOLA, ELONGATED GYROBICUPOLA, ELON- 
GATED ORTHOBICUPOLA, GYROBICUPOLA, ORTHOBI- 
CUPOLA 


Bicuspid Curve 


The PLANE CURVE given by the Cartesian equation 


(x” =a (e= a) + (y ay =0. 


Bicylinder 
see STEINMETZ SOLID 


Bieberbach Conjecture 


Bidiakis Cube 


The 12-VERTEX graph consisting of a CUBE in which two 
opposite faces (say, top and bottom) have edges drawn 
across them which connect the centers of opposite sides 
of the faces in such a way that the orientation of the 
edges added on top and bottom are PERPENDICULAR to 
each other. 


see also BISLIT CUBE, CUBE, CUBICAL GRAPH 


Bieberbach Conjecture 

The nth COEFFICIENT in the POWER series of a UNIVA- 
LENT FUNCTION should be no greater than n. In other 
words, if 


f(z) = ao + aiz +02 +... +092" +... 


is a conformal transformation of a unit disk on any do- 
main, thenla,| < nljai|. In more technical terms, “ge- 
ometric extremality implies metric extremality.” The 
conjecture had been proven for the first six terms (the 
cases n = 2, 3, and 4 were done by Bieberbach, Lowner, 
and Shiffer and Garbedjian, respectively), was known 
to be false for only a finite number of indices (Hayman 
1954), and true for a convex or symmetric domain (Le 
Lionnais 1983). The general case was proved by Louis 
de Branges (1985). De Branges proved the MILIN Con- 
JECTURE, which established the ROBERTSON CONJEC- 
TURE, which in turn established the Bieberbach conjec- 
ture (Stewart 1996). 
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Bienaymé-Chebyshev Inequality 


Bienaymé-Chebyshev Inequality 
see CHEBYSHEV INEQUALITY 


ES 


The PLANE CURVE given by the Cartesian equation 


Bifoliate 


a+ y = 2azy?. 
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K 


A FoLium with b = 0. The bifolium is the PEDAL 
CURVE of the DELTOID, where the PEDAL POINT is the 
MIDPOINT of one of the three curved sides. The Carte- 
sian equation is 


Bifolium 


(a? + yy = dary’ 
and the POLAR equation is 


. 2 
r = asin“ 6 cos 8. 


see also FOLIUM, QUADRIFOLIUM, TRIFOLIUM 
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Bifurcation 

A period doubling, quadrupling, etc., that accompanies 
the onset of CHAOS. It represents the sudden appear- 
ance of a qualitatively different solution for a nonlin- 
ear system as some parameter is varied. Bifurcations 
come in four basic varieties: FLIP BIFURCATION, FOLD 
BIFURCATION, PITCHFORK BIFURCATION, and TRANS- 
CRITICAL BIFURCATION (Rasband 1990). 


see also CODIMENSION, FEIGENBAUM CONSTANT, 
FEIGENBAUM FUNCTION, FLIP BIFURCATION, HOPF 
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BIFURCATION, LOGISTIC MAP, PERIOD DOUBLING, 
PITCHFORK BIFURCATION, TANGENT BIFURCATION, 
TRANSCRITICAL BIFURCATION 
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Bifurcation Theory 
The study of the nature and properties of BIFURCA- 
TIONS. 


see also CHAOS, DYNAMICAL SYSTEM 


Bigraph 
see BIPARTITE GRAPH 


Bigyrate Diminished 
Rhombicosidodecahedron 


see JOHNSON SOLID 


Biharmonic Equation 
The differential equation obtained by applying the BI- 
HARMONIC OPERATOR and setting to zero. 


Vt = 0. (1) 


In CARTESIAN COORDINATES, the biharmonic equation 
is 


Vig = V'(V")¢ 
8? 9? 9? o? 8? 8? 
á (+e ss) (+t) 


= +3 +52 tana +? 


0xt Əy!  0z* Ox? Oy? 
O*¢ ato 
iy 03 Ox2022 $ (2) 


In POLAR COORDINATES (Kaplan 1984, p. 148) 


2 1 2 
Vo = Ọrrrr ES pz Prros + ma 90008 + rer 


2 1 4 1 
= 73 Oros <= ma Orr + 7a 990 + 73 Ôr = 0). (3) 
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For a radial function ¢(r), the biharmonic equation be- 


comes 
2, 1d jd [1d (dg |} 
g rdr Us Eat r) 


2 1 
— Prrrr —Qrrr — Orr + Or = 0. 4 
rrrr + =Ê =o “ao (4) 


Writing the inhomogeneous equation as 


Vid = 648, (5) 
we have 
trad lr [a (ra )i} (0 
sor? + =r |, ae (rar) 7) 
(2er) arar) © 
166r? + Ciinr +C = = 5 (r) (9) 
Hoer Cwine Ori ar. (10) 
e f rmrar = ir? lnr — ir (11) 
to obtain 


4Br* + Ci(3r *Inr — ir ) + ¿Cor? + C3 = r<- (12) 


(40r MEy T! =) dr=db (13) 


olr) = Br* + Ci (Gr? lnr — tr?) 
+1Cor” + C3lnr + Ca 
= Br" 4 ar” +b + (cr? + d) In (=) . (14) 
The homogeneous biharmonic equation can be separated 
and solved in 2-D BIPOLAR COORDINATES. 
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Reading, MA: 
Biharmonic Operator 
Also known as the BILAPLACIAN. 
YS). 
In n-D space, 


v4 (+) _ 3(15 — 8n +n?) 
——— 


see also BIHARMONIC EQUATION 


Billiards 


Bijection 
A transformation which is ONE-TO-ONE and ONTO. 
see also ONE-TO-ONE, ONTO, PERMUTATION 


Bilaplacian 
see BIHARMONIC OPERATOR 


Bilinear 
A function of two variables is bilinear if it is linear with 
respect to each of its variables. The simplest example is 


f(x,y) = zy. 


Bilinear Basis 
A bilinear basis is a BASIS, which satisfies the conditions 


(ax + by) -2=a({x-z)+b(y-2) 
z: (ax + by) = alz-x) +b(z - y). 


see also BASIS 


Billiard Table Problem 

Given a billiard table with only corner pockets and sides 
of INTEGER lengths m and n, a ball sent at a 45° angle 
from a corner will be pocketed in a corner after m+n-—2 
bounces. 


see also ALHAZEN’S BILLIARD PROBLEM, BILLIARDS 


Billiards 

The game of billiards is played on a RECTANGULAR table 
(known as a billiard table) upon which balls are placed. 
One ball (the “cue ball”) is then struck with the end 
of a “cue” stick, causing it to bounce into other balls 
and REFLECT off the sides of the table. Real billiards 
can involve spinning the ball so that it does not travel 
in a straight LINE, but the mathematical study of bil- 
liards generally consists of REFLECTIONS in which the 
reflection and incidence angles are the same. However, 
strange table shapes such as CIRCLES and ELLIPSES are 
often considered. Many interesting problems can arise. 


For example, ALHAZEN’S BILLIARD PROBLEM seeks to 
find the point at the edge of a circular “billiards” table 
at which a cue ball at a given point must be aimed in 
order to carom once off the edge of the table and strike 
another ball at a second given point. It was not until 
1997 that Neumann proved that the problem is insoluble 
using a COMPASS and RULER construction. 


On an ELLIPTICAL billiard table, the ENVELOPE of a 
trajectory is a smaller ELLIPSE, a HYPERBOLA, a LINE 
through the Foc! of the ELLIPSE, or periodic curve (e.g., 
DIAMOND-shape) (Wagon 1991). 


see also ALHAZEN’S BILLIARD PROBLEM, BILLIARD TA- 
BLE PROBLEM, REFLECTION PROPERTY 


Billion 
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Billion 

The word billion denotes different numbers in American 
and British usage. In the American system, one billion 
equals 10°. In the British, French, and German systems, 
one billion equals 10*?. 

see also LARGE NUMBER, MILLIARD, MILLION, TRIL- 
LION 


Bilunabirotunda 
see JOHNSON SOLID 


Bimagic Square 


DECOR 

52] 21] 32| 57/39] 2| 111 46 

[61] 28} 17| 56] 42] 15] 6] 35 
If replacing each number by its square in a MAGIC 
SQUARE produces another MAGIC SQUARE, the square 
is said to be a bimagic square. The first bimagic square 
(shown above) has order 8 with magic constant 260 for 
addition and 11,180 after squaring. Bimagic squares 
are also called DOUBLY MAGIC SQUARES, and are 2- 
MULTIMAGIC SQUARES. 


see also MAGIC SQUARE, MULTIMAGIC SQUARE, 


TRIMAGIC SQUARE 
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Bimedian 
D Mcp C 
bimedians 
Map MBC 
B 
A Map 


A LINE SEGMENT joining the MIDPOINTS of opposite 
sides of a QUADRILATERAL. 


see also MEDIAN (TRIANGLE), VARIGNON’S THEOREM 


Bimodal Distribution 
A DISTRIBUTION having two separated peaks. 


see also UNIMODAL DISTRIBUTION 


Bimonster 

The wreathed product of the MONSTER GROUP by Z2. 
The bimonster is a quotient of the COXETER GROUP 
with the following COXETER-DYNKIN DIAGRAM. 


This had been conjectured by Conway, but was proven 
around 1990 by Ivanov and Norton. If the parameters 
p,q,r in Coxeter’s NOTATION [3?%"] are written side 
by side, the bimonster can be denoted by the BEAST 
NUMBER 666. 


Bin | 
An interval into which a given data point does or does 
not fall. 


see also HISTOGRAM 


Binary 

The BASE 2 method of counting in which only the digits 
O and 1 are used. In this BASE, the number 1011 equals 
1-:2°41-2+0-27+1-2° = 11. This BASE is used in com- 
puters, since all numbers can be simply represented as 
a string of electrically pulsed ons and offs. A NEGATIVE 
—n is most commonly represented as the complement of 
the POSITIVE number n — 1, so —11 = 000010112 would 
be written as the complement of 10 = 000010102, or 
11110101. This allows addition to be carried out with 
the usual carrying and the left-most digit discarded, so 
17 — 11 = 6 gives 


00010001 17 
11110101 -11 
00000110 6 


address.) It might be wise to silver-plate the finished board to 
improve high frequency performance, but that is up to you. While 
the improvement will be slight, the appearance will be considera- 
bly better. Drill all holes with a number 64 drill, and then drill out 
the four corner holes with a Ys” drill. Now let's start the wiring. 

You should install the jumpers and IC sockets before doing 
anything else. Refer to Fig. 9-33, which shows the component side 
of the board. Cut up three 1” pieces of no. 28 solid wire or resistor 
leads. Then cut two 2” pieces of wire. Install one 2” wire between 
the two holes near the right center of the board, as shown in Fig. 
9-33. Install the other 2” jumper between the two holes near the 
left center of the board. Install a 1” jumper near the bottom of the 
board at the cutout. Move up to the center of the board, and install 
the remaining two 1” jumpers. Be sure to get the jumper nearest 
the left center of the board in the proper holes. An 8-pin IC installs 
next to it. When done, check to be sure all connections are sol- 
dered. Also, trim away the PC board at the bottom to form the 
trapezoid-shaped cutout, if you haven't already done so. 

Next, install the 8-pin low-profile IC socket in the top left 
corner, next to that small jumper. Move down from it and install a 
14-pin low-profile socket near the bottom edge. Finally, install the 
28-pin socket next to the right edge of the board. I recommend 
the use of low profile sockets because they make later installation 
in the cabinet easier. Molex® pins will suffice, however. Check for 
solder bridges, fix, and flip the board over. Cut a 1%” piece of 
insulated hookup wire, strip, and solder one end to pin 12 on the 
14-pin socket, and the other end to pin 19 on the 28-pin socket. 
This wire shows up on Fig. 9-34. (Note that there is a “1” to 
identify pin 1 on each socket.) 

The next step is to install the eight segment resistors on the 
foil side of the board. About Y” of each resistor lead appears on the 
other side of the board for mounting the display, so don't trim the 
leads off from the row of wires in the center of the board. Start with 
the A segment resistor, R2. Lay the resistor against the board 
between the A on the socket (28-pin) and the A pad in the center of 
the board. Pass the resistor end through the A pad, so that the lead 
comes through the hole in the center of the board. Remember that 
this is for the display, so don’t trim it. Solder to the pad. Bend the 
resistor body so that the other lead won't touch any other foil but 
the A pad on the 28-pin socket. 

This process is identical for the other resistors, and is shown 
in Fig. 9-34. Repeat with installation of the D segment resistor. 
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The number of times k a given binary number 
bn ---b2bibo is divisible by 2 is given by the position 
of the first bi = 1 counting from the right. For exam- 
ple, 12 = 1100 is divisible by 2 twice, and 13 = 1101 is 
divisible by 2 0 times. 


Unfortunately, the storage of binary numbers in com- 
puters is not entirely standardized. Because computers 
store information in 8-bit bytes (where a bit is a sin- 
gle binary digit), depending on the “word size” of the 
machine, numbers requiring more than 8 bits must be 
stored in multiple bytes. T'he usual FORTRAN77 integer 
size is 4 bytes long. However, a number represented as 
(bytel byte2 byte3 byte4) in a VAX would be read and 
interpreted as (byte4 byte3 byte2 bytel) on a Sun. The 
situation is even worse for floating point (real) num- 
bers, which are represented in binary as a MANTISSA 
and CHARACTERISTIC, and worse still for long (8-byte) 
reals! 


Binary multiplication of single bit numbers (0 or 1) is 
equivalent to the AND operation, as can be seen in the 
following MULTIPLICATION TABLE. 


x |0 1 
010 0 
1 |O 1 


see also BASE (NUMBER), DECIMAL, HEXADECIMAL, 
OCTAL, QUATERNARY, TERNARY 
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Binary Bracketing 

A binary bracketing is a BRACKETING built up entirely 
of binary operations. The number of binary bracketings 
of n letters (CATALAN’S PROBLEM) are given by the 
CATALAN NUMBERS C,-1, where 


o l 2n 1 (2n)! (2n)! 
Cy = es eS ee error rE 
nt+i\n n+l nl? (n+ 1)!n! 


where (*") denotes a BINOMIAL COEFFICIENT and n! 
is the usual FACTORIAL, as first shown by Catalan in 
1838, For example, for the four letters a, 6, c, and d 
there are five possibilities: ((ab)c)d, (a(bc))d, (ab)(cd), 
a({(bc)d), and a(b(cd)), written in shorthand as ((11)1)x, 
(x(xz))z, (ral laa), x((xx)x), and z(x(xx)). 


Binary Tree 


see also BRACKETING, CATALAN NUMBER, CATALAN’S 
PROBLEM 
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Binary Operator 

An OPERATOR which takes two mathematical objects 
as input and returns a value is called a binary operator. 
Binary operators are called compositions by Rosenfeld 
(1968). Sets possessing a binary multiplication opera- 
tion include the GROUP, GROUPOID, MONOID, QUASI- 
GROUP, and SEMIGROUP. Sets possessing both a bi- 
nary multiplication and a binary addition operation in- 
clude the DIVISION ÁLGEBRA, FIELD, RING, RINGOID, 
SEMIRING, and UNIT RING. 


see also AND, BOOLEAN ALGEBRA, CLOSURE, DIVI- 
SION ALGEBRA, FIELD, GROUP, GROUPOID, MONOID, 
OPERATOR, OR, MONOID, NOT, QUASIGROUP, RING, 
RINGOID, SEMIGROUP, SEMIRING, XOR, UNIT RING 
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Binary Quadratic Form 
A 2-variable QUADRATIC FORM of the form 


2 2 
Q(x, y) = aT” + 2a123y + azzy". 
see also QUADRATIC FORM, QUADRATIC INVARIANT 


Binary Remainder Method 
An ALGORITHM for computing a UNIT FRACTION 
(Stewart 1992). 
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Binary Tree 

A TREE with two BRANCHES at each FORK and with 
one or two LEAVES at the end of each BRANCH. (This 
definition corresponds to what is sometimes known as 
an “extended” binary tree.) The height of a binary tree 
is the number of levels within the TREE. For a binary 
tree of height H with n nodes, 


H<n< 27-1. 


Binet Forms 


These extremes correspond to a balanced tree (each 
node except the LEAVES has a left and right CHILD, 
and all LEAVES are at the same level) and a degenerate 
tree (each node has only one outgoing BRANCH), respec- 
tively. For a search of data organized into a binary tree, 
the number of search steps S(n) needed to find an item 
is bounded by 
Ign < S(n) <n. 


Partial balancing of an arbitrary tree into a so-called 
AVL binary search tree can improve search speed. 


The number of binary trees with n internal nodes is 
the CATALAN NUMBER Cn (Sloane's A000108), and the 
number of binary trees of height b is given by Sloane’s 
A001699. 


see also B-TREE, QUADTREE, QUATERNARY TREE, 
RED-BLACK TREE, STERN-BROCOT TREE, WEAKLY 
BINARY TREE 
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Binet Forms 
The two RECURRENCE SEQUENCES 


Un = mU»n-1 + Un-2 (1) 
Va = mVa-1 + Vn-2 (2) 


with Up = 0, Ur = 1 and Vo = 2, Vi = m, can be solved 
for the individual U, and V,. They are given by 


Vn =a” +p", (4) 


where 


ya e (6) 
2 
_ m-A 
A (7) 
A useful related identity is 
Un-1 + Uny1 = Vn. (8) 


BINET’S FORMULA is a special case of the Binet form 
for Un corresponding to m = 1. 


see also FIBONACCI Q-MATRIX 
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Binet’s Formula 
A special case of the U, BINET FORM with m = 0, 
corresponding to the nth FIBONACCI NUMBER, 


(1+ 75)" - (1- V5)" 
2/5 l 


It was derived by Binet in 1843, although the result 
was known to Euler and Daniel Bernoulli more than a 
century earlier. 


see also BINET FORMS, FIBONACCI NUMBER 


A 


Bing’s Theorem 

If M? is a closed oriented connected 3-MANIFOLD such 
that every simple closed curve in M lies interior to a 
BALL in M, then M is HOMEOMORPHIC with the HY- 
PERSPHERE, S°. 


see also BALL, HYPERSPHERE 
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Binomial 
A POLYNOMIAL with 2 terms. 


see also MONOMIAL, POLYNOMIAL, TRINOMIAL 


Binomial Coefficient 

The number of ways of picking n unordered outcomes 
from N possibilities. Also known as a COMBINATION. 
The binomial coefficients form the rows of PASCAL’S 
TRIANGLE. The symbols yC, and 


N N! 
(x) = (N —n)!n! (1) 


are used, where the latter is sometimes known as N 
CHOOSE n. The number of LATTICE PATHS from the 
ORIGIN (0,0) to a point (a,b) is the BINOMIAL COEFFI- 
CIENT (et?) (Hilton and Pedersen 1991). 


For POSITIVE integer n, the BINOMIAL THEOREM gives 


(z +a)” = y (z) r an5. (2) 


k=0 


The FINITE DIFFERENCE analog of this identity is 
known as the CHU-VANDERMONDE IDENTITY. A sim- 
ilar formula holds for NEGATIVE INTEGRAL n, 


(1+a) "= Sy EN a nr (3) 
k=0 
A general identity is given by 
by” = = ee: 
cry (7) (io tetje"? (4) 


a 
j=0 
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(Prudnikov et al. 1986), which gives the BINOMIAL THE- 
OREM as a special case with c = 0. 


The binomial coefficients satisfy the identities: 


y @ rë = (147) (10) 


(the BINOMIAL THEOREM), and 


(2 
y ( mn >) x” =2Fi(Ls +1), t(s +2);5 + 1,42) 
n=0 


29 


Ame A | 


where 2F,(a,b;c;z) is a HYPERGEOMETRIC FUNCTION 
(Abramowitz and Stegun 1972, p. 555; Graham et al. 
1994, p. 203). For NONNEGATIVE INTEGERS n and r 
with r<n+1, 


=(-1* [n E fn vn 
2 mn (a) E G)e=a 


+) (-1) (") (n+1-r- n=l =n! (12) 


Taking n = 2r — 1 gives 


n 4 yk n r—i , 
y E (z) y (") (r= jt = in. (13) 


k=0 j=0 


11) 


Another identity is 


2 ( k ') Pa (a Fe] =1 (14) 


k=0 


(Beeler et al. 1972, Item 42). 
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RECURRENCE RELATIONS of the sums 


5) = y (i) (15) 


are given by 
2s1(n) — si(n+1)=0 (16) 


—2(2n + 1)s2(n) + (n + 1)s2(n) = 0 (17) 


~8(n + 1)*s3(n) + (—16 — 21n — 7n”)s3(n + 1) 
+(n+2)*s3(n+2)=0 (18) 


—4(n + 1)(4n + 3)(4n + 5)s4(n) 
—2(2n + 3)(3n? + 9n + 7)s4(n +1) 
+(n+ 2) si(n+2)=0. (19) 


This sequence for s3 cannot be expressed as a fixed 
number of hypergeometric terms (Petkovšek et al. 1996, 
p. 160). 


A fascinating series of identities involving binomial co- 
efficients times small powers are 


` E = 1 (27V3 + 9) = 0.7363998587... (20) 
n=1 n 
` En = 11V3 = 0.6045997881... (21) 
T} 
n=1 n 
y on = 36(2) = gm (22) 
n=1 n? (72) 
A~ 1l 
Dag RO) 
n=l n 


NED = 243), (24) 


where ¢(z) is the RIEMANN ZETA FUNCTION (Le Lion- 
nais 1983, pp. 29, 30, 41, 36, and 35; Guy 1994, p. 257). 


As shown by Kummer in 1852, the exact POWER of p 
dividing (*+”) is equal to 


Eo tert... +E, (25) 


where this is the number of carries in performing the 
addition of a and b written in base b (Graham et al. 
1989, Exercise 5.36; Ribenboim 1989; Vardi 1991, p. 68). 


Kummer’s result can also be stated in the form that the 


Binomial Coefficient 


exponent of a PRIME p dividing (z) is given by the 
number of integers ¿ > 0 for which 


frac(m/p’) > frac(n/p’), (26) 


where frac(z) denotes the FRACTIONAL PART of x. This 
inequality may be reduced to the study of the exponen- 
tial sums Y, A(n)e(x/n), where A(n) is the MANGOLDT 
FUNCTION. Estimates of these sums are given by Jutila 
(1974, 1975), but recent improvements have been made 
by Granville and Ramare (1996). 


R. W. Gosper showed that 


fin) = ( = ) = year (mod n) (27) 


i(n — 1) 


for all PRIMES, and conjectured that it holds only for 
PRIMES. This was disproved when Skiena (1990) found 
it also holds for the COMPOSITE NUMBER n = 3 x 11 x 
179. Vardi (1991, p. 63) subsequently showed that n = 
p? is a solution whenever p is a WIEFERICH PRIME and 
that if n = pë with k > 3 is a solution, then so is n = 
p*—*. This allowed him to show that the only solutions 
for COMPOSITE n < 1.3x 107 are 5907, 10937, and 3511?, 
where 1093 and 3511 are WIEFERICH PRIMES. 


Consider the binomial coefficients TF the first few 


of which are 1, 3, 10, 35, 126, ... (Sloane’s A001700). 
The GENERATING FUNCTION is 


1 1 2 3 4 

-= | —— — 1| = 2+32° + 10r“ +352*+.... (28 
2 E — 4g | $ i (28) 
These numbers are SQUAREFREE only for n = 2, 3, 4, 
6, 9, 10, 12, 36, ... (Sloane’s A046097), with no others 
less than n = 10,000. Erdós showed that the binomial 


coefficient (z) is never a POWER of an INTEGER for n > 
3 where k Æ 0, 1, n— 1, and n (Le Lionnais 1983, p. 48). 


The binomial coefficients EA ) are called CENTRAL 
BINOMIAL COEFFICIENTS, where |s| is the FLOOR 
FUNCTION, although the subset of coefficients (y is 
sometimes also given this name. Erdős and Graham 
(1980, p. 71) conjectured that the CENTRAL BINOMIAL 
COEFFICIENT (°") is never SQUAREFREE for n > 4, and 
this is sometimes known as the ERDOS SQUAREFREE 
CONJECTURE. SARKOZY’S THEOREM (Sárközy 1985) 
provides a partial solution which states that the BINO- 
MIAL COEFFICIENT (*”) is never SQUAREFREE for all 
sufficiently large n > no (Vardi 1991). Granville and 
Ramare (1996) proved that the only SQUAREFREE val- 
ues are n = 2 and 4. Sander (1992) subsequently showed 
that co) are also never SQUAREFREE for sufficiently 
large n as long as d is not “too big.” 


For p, g, and r distinct PRIMES, then the above function 
satisfies 


Foo fi f(a f(r) = flpa) f(pr)p(ar) (mod | 
29 
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(Vardi 1991, p. 66). 


The binomial coefficient (>) mod 2 can be computed 
using the XOR. operation n XOR m, making PASCAL’S 
TRIANGLE mod 2 very easy to construct. 
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The binomial coefficient “function” can be defined as 


x! 


(30) 


(Fowler 1996), shown above. It has a very complicated 
GRAPH for NEGATIVE z and y which is difficult to render 
using standard plotting programs. 


see also BALLOT PROBLEM, BINOMIAL DISTRIBU- 
TION, BINOMIAL THEOREM, CENTRAL BINOMIAL Co- 
EFFICIENT, CHU-VANDERMONDE IDENTITY, COMBI- 
NATION, DEFICIENCY, ERDOS SQUAREFREE CONJEC- 
TURE, GAUSSIAN COEFFICIENT, GAUSSIAN POLYNOM- 
IAL, KINGS PROBLEM, MULTINOMIAL COEFFICIENT, 
PERMUTATION, ROMAN COEFFICIENT, SARKOZY’S 
THEOREM, STREHL IDENTITY, WOLSTENHOLME’S THE- 
OREM 
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Binomial Distribution 


Binomial Distribution 


The probability of n successes in N BERNOULLI TRIALS 
iS 


P(n|N) = ea =p "= I 


-n 


(1) 
The probability of obtaining more successes than the n 
observed is 


P= > (aja * = bint -N), (2) 


B(x; a, b) 


TI, (a,b) = Bla b) ” 


(3) 
B(a,b) is the BETA FUNCTION, and B(x;a,b) is the 
incomplete BETA FUNCTION. The CHARACTERISTIC 
FUNCTION is 


olt) = (q + per)”. (4) 


The MOMENT-GENERATING FUNCTION M for the dis- 
tribution is 


M(t) = let”) 2 Sve” Mara 


DD ES (pe')"(1—p)"~” 
= [pe* + (1 — p)]™ (5) 
M'(t) = N[pe’ + (1 — p)|*~* (pe’) (6) 
M"(t) = N(N — 1)[pe’ + (1 — p)” (pe)? 
+ N[pe* + (1 — p)|"~*(pe’). (7) 
The MEAN is 
u = M'(0) = N(p+1—p)p= Np. (8) 


The MOMENTS about 0 are 


pı = p= Np (9) 
ya = Np(1 — p + Np) (10) 
pa = Np(1 — 3p + 3Np + 2p? — 3N P? + N?p”) (11) 
ua = Np(1 — Tp + 7Np + 12p? - 18Np° + 6N?p? 

— 6p? +11Np* — 6N? p? + N*p’), (12) 


so the MOMENTS about the MEAN are 


p2 = 0° =[N(N — 1)p° + Np] — (NpY 
= N2p? — Np? + Np- N?p° 


= Np(1 — p) = Npq (13) 
pa = 3 — 3p2H1 + 2(11)" 
= Np(1 — p)(1 — 2p) (14) 


pa = p4 — Apps + Gus ( a)” — 3(pa)* 
= Np(1— p)[3p?(2 — N) + 3p(N — 2) +1]. (15) 


Binomial Distribution 


The SKEWNESS and KURTOSIS are 
ns PES E 


E _ Np(1 — p)(1 — 2p) 
a? [Np(1 — p)]9/2 


vVNp(1-p) vVNpq 
pa 6p" —6p+1 _ 1-— 6pq 

Y2 = —— — 3 = = CO a 17 
ot Np(1 — p) Npq yn 


An approximation to the Bernoulli distribution for large 
N can be obtained by expanding about the value n 
where P(n) is a maximum, i.e., where dP/dn = 0. Since 
the LOGARITHM function is MONOTONIC, we can instead 
choose to expand the LOGARITHM. Let n = n+ , then 


In[P(n)] = In[P(#)]+ Bin+ 4 Ban? + Ban? +..., (18) 


where i 
d" In[P(n)] 
B, = | ——= 19 
A | dn* te! ne 
But we are expanding about the maximum, so, by defi- 
nition, 
dIn[P(n)] 
B; = | —— = 0: 2 
i | dn ie $ (20) 


This also means that Bz is negative, so we can write 
Bz = —|B2|. Now, taking the LOGARITHM of (1) gives 


In[P(n)] = la N!—Inn!—In(N—n)!4+nlnp+(N—n) ln q. 

(21) 
For large n and N — n we can use STIRLING’S APPROX- 
IMATION 


In(n!) = ninn —n, (22) 
so 
A a lan +1) 1 = lan (23) 
d[In(N = n)!] A — niin E = -n 
(Nm) n(N — n) Nn 
= (IN =n) + (N - n) + 1 
= —In(N - n), (24) 
and 
TUPO) — Inn +In(N —n) +Inp— Inq. (25) 


To find n, set this expression to 0 and solve for n, | 


ñ q 
A (27) 
ñ q 
(N — ñ)p = ñq (28) 
n(qt+p)=n= Np, (29) 
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since p+q = 1. We can now find the terms in the 
expansion | 


pie d*In[P(n)] a 
an dn? a ñn N-aña 
a S., --7(4+2) 

Np N(1-p) N\p q 


se TE es oy, 
7 x ( pq ) Npq N(1 — p) i 


B, = d In[P(n)] _1i _ _ 1 
A dn3 ñ2  (N=ñ)? 
1 1 g EOE. 
N2p? N2q? _ N?p?g?2 
N?p?(1 — p)? N? pH =p) 
a d*In[P(n)] _ 2 2 
7 dn4 oie n?  (n-—a)y 
N3p3 ` N3g3 N3p3g3 
_ Ap" -pa+d) 
N3p3g? 
Mi - p) + (1 -2p el 
N?p°(1 — p*) 
_ 2(3p* — 3p+1) (32) 
= Ne- p) 
Now, treating the distribution as continuous, 
N oo 
lim X P(r) x [em dn = J P(ñ+n)d = 1. 
n=0 = oO 
(33) 


Since each term is of order 1/N ~ 1/0* smaller than the 
previous, we can ignore terms higher than B2, so 


P(n) = P(e! B2!7/2, (34) 


The probability must be normalized, so 


J P(j)e7!P21""/? dy =P), = 1, (85) 
añ |B2| 
and 
_ Bal -|Bal(n—ñ)? /2 
P(n) = an + 


(n — x) 
2Npq 


1 
/2nN pq R - 


Defining o? = 2N pg, 
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which is a GAUSSIAN DISTRIBUTION. For p < 1, a 
different approximation procedure shows that the bi- 
nomial distribution approaches the POISSON DISTRIBU- 
TION. The first CUMULANT is 


K1 = NP, (38) 


and subsequent CUMULANTS are given by the RECUR- 
RENCE RELATION 


dKy 
Kr+1 = Pq dp . (39) 


Let x and y be independent binomial RANDOM VARI- 
ABLES characterized by parameters n,p and m, p. The 
CONDITIONAL PROBABILITY of x given that z + y = k 
is 


Pope E PEO 


Plt+y= k) 
A k=) A UPE) 
Pla+y=k)  Ple+y=*k) 


(")p'(1 — po (e Ja a — py 
(mp1 — pnt 


ie e 


Note that this is a HYPERGEOMETRIC DISTRIBUTION! 


see also DE MOIVRE-LAPLACE THEOREM, HYPERGEO- 
METRIC DISTRIBUTION, NEGATIVE BINOMIAL DISTRI- 
BUTION 
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Binomial Expansion 
see BINOMIAL SERIES 


Binomial Formula 
see BINOMIAL SERIES, BINOMIAL THEOREM 


Binomial Number 
A number of the form a” + b”, where a,b, and n are 
INTEGERS. They can be factored algebraically 


all la a bea 2 (1) 


a” +b" = (a+b) (a? 71-a" ?b+...— ab”? +077) (2) 


Binomial Series 


= b™ [am nD 4 a™ e2) 
degs tO N 8) 


In 1770, Euler proved that if (a,b) = 1, then every FAC- 


TOR of E . 
a? + (4) 


is either 2 or of the form 2"**K +1. If p and q are 
PRIMES, then 


a’? — 1)(a— 1 

asn _, (5) 
(ar — 1)(a7 — 1) 
is DIVISIBLE by every PRIME FACTOR of a?! not divid- 
ing a? — 1. 
see also CUNNINGHAM NUMBER, FERMAT NUMBER, 
MERSENNE NUMBER, RIESEL NUMBER, SIERPINSKI 
NUMBER OF THE SECOND KIND 
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Binomial Series 


For |x| < 1, 
(1 +2)? = Y” ti z" (1) 
= e z’ + (") a + (3) 2 + (2) 
n! ! 
y ii +... (3) 
=1+ne + Me 1) “+ (4) 


The binomial series also has the CONTINUED FRACTION 
representation 


dae 


Lep 


LA 


Binomial Theorem 


see also BINOMIAL THEOREM, MULTINOMIAL SERIES, 
NEGATIVE BINOMIAL SERIES 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
pp. 14-15, 1972. 

Pappas, T. “Pascal’s Triangle, the Fibonacci Sequence & Bi- 
nomial Formula.” The Joy of Mathematics. San Carlos, 


CA: Wide World Publ./Tetra, pp. 40-41, 1989. 


Binomial Theorem 
The theorem that, for INTEGRAL POSITIVE n, 


n € n! A n k_n—k 
(x + a) =) un WT. -D (Z) = , 
k=0 k=0 


n 


the so-called BINOMIAL SERIES, where E) are BINO- 
MIAL COEFFICIENTS. The theorem was known for the 
case n = 2 by Euclid around 300 BC, and stated in its 
modern form by Pascal in 1665. Newton (1676) showed 
that a similar formula (with INFINITE upper limit) holds 
for NEGATIVE INTEGRAL n, 


(14 a)" = ` es a 


k=0 


the so-called NEGATIVE BINOMIAL SERIES, which con- 
verges for |x| > jal. 


see also BINOMIAL COEFFICIENT, BINOMIAL SERIES, 
CAUCHY BINOMIAL THEOREM, CHU-VANDERMONDE 
IDENTITY, LOGARITHMIC BINOMIAL FORMULA, NEGA- 
TIVE BINOMIAL SERIES, g-BINOMIAL THEOREM, RAN- 
DOM WALK 
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Binomial Triangle 
see PASCAL’S TRIANGLE 
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Binormal Developable 

A RULED SURFACE M is said to be a binormal de- 
velopable of a curve y if M can be parameterized by 
x(u,v) = y(u)+vB(u), where B is the BINORMAL VEC- 
TOR. 

see also NORMAL DEVELOPABLE, TANGENT DEVEL- 
OPABLE 
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Binormal Vector 
=TxN (1) 


r xr’ 
= —— e 2 
lr’ x rt)” ( ) 


g: 
Il 


where the unit TANGENT VECTOR T and unit “princi- 
pal” NORMAL VECTOR N are defined by 


t= 40 (3) 


(4) 


Here, r is the RADIUS VECTOR, s is the ARC LENGTH, 7 
is the TORSION, and « is the CURVATURE. The binormal 
vector satisfies the remarkable identity 


B,B,B]=r" (=). (5) 


ds Ar 


see also FRENET FORMULAS, NORMAL VECTOR, TAN- 
GENT VECTOR 
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Bioche’s Theorem 

If two complementary PLUCKER CHARACTERISTICS are 
equal, then each characteristic is equal to its comple- 
ment except in four cases where the sum of order and 
class is 9. 
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Biotic Potential 


see LOGISTIC EQUATION 
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Bipartite Graph 


A set of VERTICES decomposed into two disjoint sets 
such that no two VERTICES within the same set are 
adjacent. A bigraph is a special case of a k-PARTITE 
GRAPH with k = 2. | 


see also COMPLETE BIPARTITE GRAPH, k-PARTITE 
GRAPH, KONIG-EGEVÁRY THEOREM 
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Biplanar Double Point 
see ISOLATED SINGULARITY 


Bipolar Coordinates 

Bipolar coordinates are a 2-D system of coordinates. 
There are two commonly defined types of bipolar co- 
ordinates, the first of which is defined by 


asinh v 
f= ——— ; 1 
cosh y — cosu (1) 
asinu 
o ohiei (2) 
where u € [0,27), v € (—00, 00). The following identi- 
ties show that curves of constant u and v are CIRCLES 
in Ty-Space. 


x° + (y —acotu)? =a cs? u (3) 


(x — acothv)* +y? = a’ csch? v. (4) 
The SCALE FACTORS are 


a 
¡A A 
cosh v — cos u (5) 
a 


hy = ————. 6 
cosh v — cos u ( ) 


The LAPLACIAN is 


_ 2 2 2 
y2 — [coshu cos u) (3 E ð : (7) 


a? du? Ov? 


LAPLACE’S EQUATION is separable. 


Bipolar Cylindrical Coordinates 


Two-center bipolar coordinates are two coordinates giv- 
ing the distances from two fixed centers rı and r2, some- 
times denoted r and r'. For two-center bipolar coordi- 
nates with centers at (+c, 0), 


r’ = (e+e) +y (8) 
r2 = (z-e) +y’. (9) 


Combining (8) and (9) gives 
ri — rz? = 4er. (10) 


Solving for CARTESIAN COORDINATES 2 and y gives 


2 2 
RN 1 
x rf (11) 


1 
y= + 16c?r,? — (r1? — r2? + 4c?). (12) 
Solving for POLAR COORDINATES gives 


2 2 _ 92 
E E s (13) 


8c? (ri? + ra? — 2c?) 7 


—1 
Ó = tan ; > 
Ti" — T2 


1}. a4 
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Bipolar Cylindrical Coordinates 


A set of CURVILINEAR COORDINATES defined by 


asinh v 
t= — 1 
cosh v — cos u ( ) 
asinu 
= —_______. 2 
y cosh v — cos u ( ) 
2 E, (3) 


where u € [0,27), v € (—00,00), and z € (—00,00). 
There are several notational conventions, and whereas 
(u,v,z) is used in this work, Arfken (1970) prefers 


Biprism 


(7, €,z). The following identities show that curves of 
constant u and v are CIRCLES in xy-space. 


r? + (y—acotu)* =a’ csc” u (4) 


(x — acothv)* + y? = a’ csch? v. (5) 
The SCALE FACTORS are 


a 


hu = ——————_ 
coshv — cosu (6) 
a 
h, = ——— 7 
cosh v — cos u ( ) 
hs Ye (8) 


The LAPLACIAN is 


V 


a2 


2 _ (coshv — cosu) (0 |  \ 
7 (2 ðv? t ga (9) 


LAPLACE’S EQUATION is not separable in BIPOLAR 
CYLINDRICAL COORDINATES, but it is in 2-D BIPOLAR 
COORDINATES. 
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Biprism 
Two slant triangular PRISMS fused together. 
see also PRISM, SCHMITT-CONWAY BIPRISM 


Bipyramid 
see DIPYRAMID 


Biquadratefree 
80 
60 
40 
20 
20 40 60 80 100 


A number is said to be biquadratefree if its PRIME de- 
composition contains no tripled factors. All PRIMES are 
therefore trivially biquadratefree. The biquadratefree 
numbers are 1, 2, 3, 4, 5, 6, 7, 8, 9, 10, 11, 12, 13, 14, 
15, 17, ... (Sloane's A046100). The biquadrateful num- 
bers (i.e., those that contain at least one biquadrate) 
are 16, 32, 48, 64, 80, 81, 96, ... (Sloane's A046101). 
The number of biquadratefree numbers less than 10, 100, 
1000, ... are 10, 93, 925, 9240, 92395, 923939, ..., and 
their asymptotic density is 1/¢(4) = 90/7* = 0.923938, 
where C(n) is the RIEMANN ZETA FUNCTION. | 
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see also CUBEFREE, PRIME NUMBER, RIEMANN ZETA 
FUNCTION, SQUAREFREE 
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Biquadratic Equation 
see QUARTIC EQUATION 


Biquadratic Number 

A biquadratic number is a fourth POWER, n^. The first 
few biquadratic numbers are 1, 16, 81, 256, 625, ... 
(Sloane’s A000583). The minimum number of squares 
needed to represent the numbers 1, 2, 3, ... are 1, 2, 3, 
4, 5, 6, 7, 8, 9, 10, 11, 12, 13, 14, 15, 1, 2, 3, 4,5,... 
(Sloane’s A002377), and the number of distinct ways to 
represent the numbers 1, 2, 3,... in terms of biquadratic 
numbers are 1, 1, 1, 1, 1, 1, 1, 1, 1,1, 1,1, 1, 1, 1, 2, 2, 
2,2,2,.... A brute-force algorithm for enumerating the 
biquadratic permutations of n is repeated application of 
the GREEDY ALGORITHM. 


Every POSITIVE integer is expressible as a SuM of (at 
most) g(4) = 19 biquadratic numbers (WARING’S PROB- 
LEM). Davenport (1939) showed that G(4) = 16, mean- 
ing that all sufficiently large integers require only 16 
biquadratic numbers. The following table gives the first 
few numbers which require 1, 2, 3, ..., 19 biquadratic 
numbers to represent them as a sum, with the sequences 
for 17, 18, and 19 being finite. 


Sloane Numbers 


000290 1, 16, 81, 256, 625, 1296, 2401, 4096, ... 
003336 2, 17, 32, 82, 97, 162, 257, 272,... 
003337 3, 18, 33, 48, 83, 98, 113, 163, ... 
003338 4, 19, 34, 49, 64, 84, 99, 114, 129,... 
003339 5, 20, 35, 50, 65, 80, 85, 100, 115,... 
003340 6, 21, 36, 51, 66, 86, 96, 101, 116,... 
003341 7, 22, 37, 52, 67, 87, 102, 112, 117, .. 
003342 8, 23, 38, 53, 68, 88, 103, 118, 128,... 
9 003343 9, 24, 39, 54, 69, 89, 104, 119, 134, ... 
10 003344 10, 25, 40, 55, 70, 90, 105, 120, 135, ... 
11 003345 11, 26, 41, 56, 71, 91, 106, 121, 136, ... 
12 003346 12, 27, 42, 57, 72, 92, 107, 122, 137,... 


HE 


won Aaah Wh eK 


The following table gives the numbers which can be rep- 
resented in n different ways as a sum of k biquadrates. 


k n Sloane Numbers 


1 1 000290 1, 16, 81, 256, 625, 1296, 2401, 4096, ... 
2 2 635318657, 3262811042, 8657437697, ... 


The numbers 2, 3, 4, 5, 6, 7, 8, 9, 10, 11, 12, 13, 14, 
15, 18, 19, 20, 21, ... (Sloane's A046039) cannot be 
represented using distinct biquadrates. 


see also CUBIC NUMBER, SQUARE NUMBER, WARING’S 
PROBLEM 
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"304" HERE 
ON REVERSE 


Fig. 9-33. Component side of the board. 


Position it over the A resistor you just installed, and bend the leads 
so they go from the D in the center of the board to pin 2 on the big IC 
socket. Note that there isn’t a D next to pin 2 on the 28-pin socket. 
(There wasn’t room for it.) Continue by installing the E segment 
resistor in the same manner, leaving at least Y” of lead sticking 
through the center of the board to mount the display. Continue with 
the F, G, B, and one end of the C resistors. Attach a piece of bare 
wire to the other end of the C resistor, slip a piece of insulating 
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Biquadratic Reciprocity Theorem 


zt = q (mod p). (1) 


This was solved by Gauss using the GAUSSIAN INTEGERS 
as 


(=) (=) = (1) -DN e)-1)/4 (2) 
Ola ATIA j 


where a and o are distinct GAUSSIAN INTEGER PRIMES, 


N(a+ bi) = Va? +8? (3) 


and N is the norm. 


—1,2, or — 1 otherwise, 


= { 1 if zf = a (mod rr) is solvable 


(4) 


where solvable means solvable in terms of GAUSSIAN IN- 
TEGERS. 


see also RECIPROCITY THEOREM 


Biquaternion 

A QUATERNION with COMPLEX coefhcients. The ALGE- 
BRA of biquaternions is isomorphic to a full matrix ring 
over the complex number field (van der Waerden 1985). 


see also QUATERNION 
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Birational Transformation 
A transformation in which coordinates in two SPACES 
are expressed rationally in terms of those in another. 


see also RIEMANN CURVE THEOREM, WEBER’S THEO- 
REM . 


Birch Conjecture 
see SWINNERTON-DYER CONJECTURE 


Birch—Swinnerton-Dyer Conjecture 
see SWINNERTON-DYER CONJECTURE 


Birthday Attack 


Birkhoff’s Ergodic Theorem 

Let T be an ergodic ENDOMORPHISM of the PROBABIL- 
ITY SPACE X and let f : X — R be a real-valued MEA- 
SURABLE FUNCTION. Then for ALMOST EVERY x € X, 


we have 7 
por) > | fam 
j=l | 


as n => oo. To illustrate this, take f to be the charac- 
teristic function of some SUBSET A of X so that 


fl freA 
fe)= {o frg A. 


The left-hand side of (-1) just says how often the or- 
bit of x (that is, the points z, Tz, T*z, ...) lies in 
A, and the right-hand side is just the MEASURE of A. 
Thus, for an ergodic ENDOMORPHISM, “space-averages 
= time-averages almost everywhere.” Moreover, if T is 
continuous and uniquely ergodic with BOREL PROBA- 
BILITY MEASURE m and f is continuous, then we can 
replace the ALMOST EVERYWHERE convergence in (-1) 
to everywhere. 


Birotunda 
Two adjoined ROTUNDAS. 


see also BILUNABIROTUNDA, CUPOLAROTUNDA, ELON- 
GATED GYROCUPOLAROTUNDA, ELONGATED ORTHO- 
CUPOLAROTUNDA, ELONGATED ORTHOBIROTUNDA, 
GYROCUPOLAROTUNDA, GYROELONGATED ROTUNDA, 
ORTHOBIROTUNDA, TRIANGULAR HEBESPHENOROTUN- 
DA 


Birthday Attack 

Birthday attacks are a class of brute-force techniques 
used in an attempt to solve a class of cryptographic 
hash function problems. These methods take advantage 
of functions which, when supplied with a random in- 
put, return one of k equally likely values. By repeatedly 
evaluating the function for different inputs, the same 
output is expected to be obtained after about 1.2Vk 
evaluations. 


see also BIRTHDAY PROBLEM 
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Birthday Problem 

Consider the probability Qı (n, d) that no two people out 
of a group of n will have matching birthdays out of d 
equally possible birthdays. Start with an arbitrary per- 
son’s birthday, then note that the probability that the 
second person’s birthday is different is (d — 1)/d, that 
the third person’s birthday is different from the first two 
is [(d — 1)/d]|(d — 2)/dl, and so on, up through the nth 
person. Explicitly, 


_d-1d-2 d—(n-1) 
Gide a em 
d—1)(d—2)---|d-—(n-1 
_ (dd) (dt Gy 
But this can be written in terms of FACTORIALS as 
d! 
Qi(n,d) = did (2) 


so the probability Pa(n, 365) that two people out of a 
group of n do have the same birthday is therefore 


d! 


P(n, d) = 1] - Qi(n, d) = 1 — (d nid" 


(3) 
If 365-day years have been assumed, i.e., the existence of 
leap days is ignored, then the number of people needed 
for there to be at least a 50% chance that two share 
birthdays is the smallest n such that P(n, 365) > 1/2. 
This is given by n = 23, since 


Pa(23,365) = 
38093904702297390785243708291056390518886454060947061 
75091883268515350125426207425223147563269805908203125 

æ 0.507297. (4) 


The number of people needed to obtain P2{n, 365) > 1/2 
for n = 1, 2, ..., are 2, 2, 3, 3, 3, 4, 4, 4, 4, 5, 
(Sloane’s A033810). 


The probability P2(n,d) can be estimated as 


Pa(n,d) œ 1 — eM V/24 (5) 
n n—i 
ai= (2 2 3) | (6) 
where the latter has error 

3 

n 
e 7 
ETE (7) 


(Sayrafiezadeh 1994). 
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In general, let Q;(n,d) denote the probability that a 
birthday is shared by exactly i (and no more) people 
out of a group of n people. Then the probability that a 
birthday is shared by k or more people is given by 


P,(n,d) =1 — > Qi(n, d). (8) 


Qz can be computed explicitly as 


i [n/2] 
ni Y HO) 
dr 27 n — 24 
i=1 
ponya] 


d! 
Sa $3 2iil(n — 20) 16d -n +i)! 


Q2(n, d) = 


MOS 


= Cr rra +n) Pl AE, | 


T(1+d-—n) 
(9) 


where (") is a BINOMIAL COEFFICIENT, T'(n) is a 


GAMMA FUNCTION, and PO (2) is an ULTRASPHERI- 
CAL POLYNOMIAL. This gives the explicit formula for 
P(n, d) as 


P(n, d) =1- Qi(n, d) -= Q2(n, d) 
n+1 (—d) 971 2 
ee rin + Pe a (10) 


Qs3(n,d) cannot be computed in entirely closed form, 
but a partially reduced form is 


dt) ey Fra) Fes 
Qalma) = MELD) Ena 


[n/3] t—d 
(= E igli- n)/2 pti- E V2) 
EU REA) 2 CEEE CEE | 


(11) 


where 


+(d — n+1), 5(d -n +2)” 
(12) 


P= (mda) = 1-3 ha 3(1 =n) 521), aoe | 


and 3F2(a,b,c;d,e;z) is a GENERALIZED HYPERGEO- 
METRIC FUNCTION. 


In general, Qx(n, d) can be computed using the RECUR- 
RENCE RELATION 


in/r] nid! 
Qu(n d) = 2, a 


CA a 


dr—ik (13) 


Qe (n —k,d- i) 2 — 
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(Finch). However, the time to compute this recursive 
function grows exponentially with k and so rapidly be- 
comes unwieldy. The minimal number of people to give 
a 50% probability of having at least n coincident birth- 
days is 1, 23, 88, 187, 313, 460, 623, 798, 985, 1181, 
1385, 1596, 1813, ... (Sloane's A014088; Diaconis and 
Mosteller 1989). 


A good approximation to the number of people n such 
that p = Pr(n, d) is some given value can given by solv- 
ing the equation 


1/k 
~n/(dk) _ | ¿R=1711 1 1— i 
ne a k 2(,3,) dk +1) 


(14) 
for n and taking [n], where [n] is the CEILING FUNC- 
TION (Diaconis and Mosteller 1989). For p = 0.5 and 
k = 1, 2, 3, ..., this formula gives n = 1, 23, 88, 187, 
313, 459, 722, 797, 983, 1179, 1382, 1592, 1809, ..., 
which differ from the true values by from 0 to 4. A 
much simpler but also poorer approximation for n such 
that p = 0.5 for k < 20 is given by 


n = 47(k — 1.5)? (15) 


(Diaconis and Mosteller 1989), which gives 86, 185, 307, 
448, 606, 778, 965, 1164, 1376, 1599, 1832, ... for k = 3, 
7 ae 


The “almost” birthday problem, which asks the number 
of people needed such that two have a birthday within 
a day of each other, was considered by Abramson and 
Moser (1970), who showed that 14 people suffice. An ap- 
proximation for the minimum number of people needed 
to get a 50-50 chance that two have a match within k 
days out of d possible is given by 


(Sevast’yanov 1972, Diaconis and Mosteller 1989). 


see also BIRTHDAY ATTACK, COINCIDENCE, SMALL 
WORLD PROBLEM | 
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Bisected Perimeter Point 
see NAGEL POINT 


Bisection Procedure 

Given an interval [a,b], let an and bn be the endpoints 
at the nth iteration and r, be the nth approximate solu- 
tion. Then, the number of iterations required to obtain 
an error smaller than e is found as follows. 


1 
bn — An = TE (b— a) (1) 
Tn = 3 (an + bn) (2) 


Tn —r| < ¿(bn —an)=2 "(b-a)<e (3) 
—n In 2 < Ine — In(b— a), (4) 


SO 
In(b— a) — Ine 


di In 2 


(5) 


see also ROOT 
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Bisector 
Bisection is the division of a given curve or figure into 
two equal parts (halves). 


see also ANGLE BISECTOR, BISECTION PROCEDURE, 
EXTERIOR ANGLE BISECTOR, HALF, HEMISPHERE, 
LINE BISECTOR, PERPENDICULAR BISECTOR, TRISEC- 
TION 


Bishop’s Inequality 

Let V(r) be the volume of a BALL of radius r in a com- 
plete n-D RIEMANNIAN MANIFOLD with RICCI CURVA- 
TURE > (n — 1)x. Then V(r) > V,(r), where Vx is 
the volume of a BALL in a space having constant SEC- 
TIONAL CURVATURE. In addition, if equality holds for 
some BALL, then this BALL is ISOMETRIC to the BALL 
of radius r in the space of constant SECTIONAL CURVA- 
TURE K. 
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Bishops Problem 


Find the maximum number of bishops B(n) which can 
be placed on an n x n CHESSBOARD such that no two 
attack each other. The answer is 2n — 2 (Dudeney 1970, 
Madachy 1979), giving the sequence 2, 4, 6, 8,... (the 
EVEN NUMBERS) for n = 2, 3, .... One maximal so- 
lution for n = 8 is illustrated above. The number of 
distinct maximal arrangements of bishops for n = 1, 2, 

. are 1, 4, 26, 260, 3368, ... (Sloane’s A002465). The 
number of rotationally and reflectively distinct solutions 
on an n x n board for n > 2 is 


Bl 2729/19/24 1] for n even 
e NAAA RRR ge 1] for n odd 


(Dudeney 1970, p. 96; Madachy 1979, p. 45; Pickover 
1995). An equivalent formula is 


B(n) = 934 gl(n—1)/2)-1 
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where |n] is the FLOOR FUNCTION, giving the sequence 
forn=1,2,... as 1, 1, 2, 3, 6, 10, 20, 36, ... (Sloane's 
A005418). 


The minimum number of bishops needed to occupy or 
attack all squares on an n xX n CHESSBOARD is n, ar- 
ranged as illustrated above. 


see also CHESS, KINGS PROBLEM, KNIGHTS PROBLEM, 
QUEENS PROBLEM, ROOKS PROBLEM 
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Bislit Cube 


The 8-VERTEX graph consisting of a CUBE in which two 
opposite faces have DIAGONALS oriented PERPENDICU- 


LAR to each other. 


see also BIDIAKIS CUBE, CUBE, CUBICAL GRAPH 
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Bispherical Coordinates 


A system of CURVILINEAR COORDINATES defined by 


_ asin€cos@ 
-= coshn — cos £ 


asin € sin 
y = Somes (2) 
cosh y — cos £ 
JE asinh y (3) 


cosh y — cos é 


The SCALE FACTORS are 


a 


he = ——— 4 
$ cos Y] — cos Ê (4) 
a 
h, = ——————~¥ 
7 coshn — cos £ (5) 
B asin É (6) 


= coshn—cosé' 


The LAPLACIAN is 


y? — cos u cot? u + 3 cosh v cot? u 
cosh y — cos u 


A —3 cosh? v cot u csc u + cosh? v csc? u ð 
coshv — cos u 


op? 
, 0 


+(cos u — cosh v) sinh v-Ž + (cosh? v — cosu) — 
v 


Ov? 


0 
+(cosh v — cos u) (cosh v cot u — sin u — cos u cot u) Ji 
u 


a? 
+(cosh? v — cos u)? —. 7 
( an (7) 
In bispherical coordinates, LAPLACE’S EQUATION is sep- 
arable, but the HELMHOLTZ DIFFERENTIAL EQUATION 
is not. 


see also LAPLACE’S EQUATION—BISPHERICAL COOR- 
DINATES, TOROIDAL COORDINATES 


References 

Arfken, G. “Bispherical Coordinates (£, 7, f)” $2.14 in 
Mathematical Methods for Physicists, 2nd ed. Orlando, 
FL: Academic Press, pp. 115-117, 1970. 

Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 665-666, 1953. 


Black-Scholes Theory 


Bit Complexity 

The number of single operations (of ADDITION, SUB- 
TRACTION, and MULTIPLICATION) required to complete 
an algorithm. 


see also STRASSEN FORMULAS 
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Bitangent 


bitangent 


A LINE which is TANGENT to a curve at two distinct 
polnts. 

see also KLEIN’S EQUATION, PLUCKER CHARACTERIS- 
TICS, SECANT LINE, SOLOMON’S SEAL LINES, TANGENT 
LINE 


Bivariate Distribution 
see GAUSSIAN BIVARIATE DISTRIBUTION 


Bivector 
An antisymmetric TENSOR of second RANK (a.k.a. 2- 


form). 
xX = Xapw” A pe, 


where A is the WEDGE PRODUCT (or OUTER PROD- 
UCT). 


Biweight 
see TUKEY’S BIWEIGHT 


Black-Scholes Theory 

The theory underlying financial derivatives which in- 
volves “stochastic calculus” and assumes an uncor- 
related LOG NORMAL DISTRIBUTION of continuously 
varying prices. A simplified “binomial” version of the 
theory was subsequently developed by Sharpe et al. 
(1995) and Cox et al. (1979). It reproduces many re- 
sults of the full-blown theory, and allows approximation 
of options for which analytic solutions are not known 
(Price 1996). 


see also GARMAN-KOHLHAGEN FORMULA 
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Black Spleenwort Fern 


Black Spleenwort Fern 
see BARNSLEY’S FERN 


Blackman Function 


-1 -0.5 0.5 I | 
An APODIZATION FUNCTION given by 


A(z) =0.42 + 0.5 cos (7 2) + 0.08 cos (22) . (1) 


Its FULL WIDTH AT HALF MAXIMUM is 0.810957a. The 
APPARATUS FUNCTION is 


I(k) = 
a(0.84 — 0.36a7k* — 2.17 x 107*9a*k*) sin(27ak) (2) 
(1 — a?k2)(1 — 4a?k?) 


The COEFFICIENTS are approximations to 


3969 


20 = 9304 dd 
1155 

a = 1653 A 
715 

42 = 18608” (5) 


which would have produced zeros of F(k) at k = (7/4)a 
and k = (9/4)a. 


see also APODIZATION FUNCTION 
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Blancmange Function 


A CONTINUOUS FUNCTION which is nowhere DIFFER- 
ENTIABLE. The iterations towards the continuous func- 
tion are BATRACHIONS resembling the HOFSTADTER- 
ConwaY $10,000 SEQUENCE. The first six iterations 
are illustrated below. The dth iteration contains N + 1 
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points, where N = 2%, and can be obtained by setting 
b(0) = b(N) = 0, letting 
b(m + =) = 2” + 5 [b(m) + b(m+ 2")], 


ae S over n = d to 1 by steps of —1 and m = Q0 
— 1 by steps of 2” 


ANAA 
LAENEN 


Peitgen and Saupe (1988) refer to this curve as the TAK- 
AGI FRACTAL CURVE. 


see also HOFSTADTER-CONWAY $10,000 SEQUENCE, 
WEIERSTRAB FUNCTION 
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Blaschke Conjecture 

The only WIEDERSEHEN MANIFOLDS are the standard 
round spheres. The conjecture has been proven by com- 
bining the BERGER-KAZDAN COMPARISON THEOREM 
with A. Weinstein's results for n EVEN and C. T. Yang's 
for n ODD. 


References 
Chavel, I. Riemannian Geometry: A Modern Introduction. 
New York: Cambridge University Press, 1994. 


Blaschke’s Theorem 


A convex planar domain in which the minimal length is 
> 1 always contains a CIRCLE of RADIUS 1/3. 


References 
Le Lionnais, F. Les nombres remarquables. Paris: Hermann, 


p. 25, 1983. 


Blecksmith-Brillhart-Gerst Theorem 
A generalization of SCHROTER’S FORMULA. 


References 
Berndt, B. C. Ramanujan’s Notebooks, Part III. New York: 
Springer-Verlag, p. 73, 1985. 
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Blichfeldt’s Lemma 
see BLICHFELDT’S THEOREM 


Blichfeldt’s Theorem 

Published in 1914 by Hans Blichfeldt. It states that any 
bounded planar region with POSITIVE AREA > A placed 
in any position of the UNIT SQUARE LATTICE can be 
TRANSLATED so that the number of LATTICE POINTS 
inside the region will be at least A + 1. The theorem 
can be generalized to n-D. 


BLM/Ho Polynomial 
A 1-variable unoriented KNOT POLYNOMIAL Q(x). It 
satisfies 


Oinkiot= 1 (1) 
and the SKEIN RELATIONSHIP 
Qr} +QL_ = (Qro + Quo). (2) 
It also satisfies 
OL Lo Z QL: Qiz (3) 
where # is the KNOT SUM and 
Qi. = QL, (4) 


where L* is the MIRROR IMAGE of L. The BLM/Ho 
polynomials of MUTANT KNOTS are also identical. 
Brandt et al. (1986) give a number of interesting prop- 
erties. For any LINK L with > 2 components, Qz — 1 is 
divisible by 2(x — 1). If L has c components, then the 
lowest POWER of x in Qu (zx) is 1 — c, and 
. c—1 : c—1 

lim z Q(z) = pena m)" Pill, m}, (5) 
where Pr is the HOMFLY POLYNOMIAL. Also, the de- 
gree of Qz is less than the CROSSING NUMBER of L. If 
L is a 2-BRIDGE KNOT, then 


Qr(z) = 22 Vi (t) V(t! +1- 227"), (6) 


where z = —t — t`! (Kanenobu and Sumi 1993). 


The POLYNOMIAL was subsequently extended to the 2- 
variable KAUFFMAN POLYNOMIAL F(a, z), which satis- 
fies 


Q(x) = F(1, 2). (7) 
Brandt et al. (1986) give a listing of Q POLYNOMIALS 
for KNOTS up to 8 crossings and links up to 6 crossings. 
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Block Design 


Bloch Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let F be the set of COMPLEX analytic functions f de- 
fined on an open region containing the closure of the 
unit disk D = {z : |z| < 1} satisfying f(0) = 0 and 
df /dz(0) = 1. For each f in F, let b(f) be the SUPRE- 
MUM of all numbers r such that there is a disk S in D on 
which f is ONE-TO-ONE and such that f(S) contains a 
disk of radius r. In 1925, Bloch (Conway 1978) showed- 
that b(f) > 1/72. Define Bloch’s constant by 


B = inf{b(f): f € F}. 


Ahlfors and Grunsky (1937) derived 


0.433012701...=1V3<B 
Téyryr2 
sA IO) < 0.4718617. 
1+v3 Plz) 


They also conjectured that the upper limit is actually 
the value of B, 


_ 1 ToN) 
iya PG) 


TF) 
= 0.4718617%.. 


(Le Lionnais 1983). 
see also LANDAU CONSTANT 
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Bloch-Landau Constant 
see LANDAU CONSTANT 


Block 
see also BLOCK DESIGN, SQUARE POLYOMINO 


Block Design 

An incidence system (v, k, A, r, b) in which a set X 
of v points is partitioned into a family A of b subsets 
(blocks) in such a way that any two points determine A 
blocks, there are k points in each block, and each point 
is contained in r different blocks. It is also generally 
required that k < v, which is where the “incomplete” 
comes from in the formal term most often encountered 


Block Design 


for block designs, BALANCED INCOMPLETE BLOCK DE- 
SIGNS (BIBD). The five parameters are not independent, 
but satisfy the two relations 


vr = bk (1) 


Alu —1) = r(k-— 1). (2) 


A BIBD is therefore commonly written as simply (v, k, 
A), since b and r are given in terms of v, k, and A by 


_ v(u—1)A 

== 1) di 
_ M1) 

= 


A BIBD is called SYMMETRIC if b = v (or, equivalently, 
P=): 


Writing X = {zr:}-1 and A = {A;}$_,, then the IN- 
CIDENCE MATRIX of the BIBD is given by the v x b 
MATRIX M defined by 


O otherwise. 


This matrix satisfies the equation 
MM? = (r—AJI4 AJ, (6) 


where | is a v x v IDENTITY MATRIX and J isav xv 
matrix of 1s (Dinitz and Stinson 1992). 


Examples of BIBDs are given in the following table. 
Block Design (v, k, A) 


IV a A e 


affine plane (n*, n, 1) 

Fano plane (7, 3, 1)) 

Hadamard design symmetric (4n + 3, 2n +1, n) 
projective plane symmetric (n?+n+1,n+1, 1) 
Steiner triple system (v, 3, 1) 

unital (4 +1,q+1,1) 


see also ÁFFINE PLANE, DESIGN, FANO PLANE, HADA- 
MARD DESIGN, PARALLEL CLASS, PROJECTIVE PLANE, 
RESOLUTION, RESOLVABLE, STEINER TRIPLE SYSTEM, 
SYMMETRIC BLOCK DESIGN, UNITAL 
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Block Growth 

Let (z01112...) be a sequence over a finite ALPHABET 
A (all the entries are elements of A). Define the block 
growth function B(n) of a sequence to be the number 
of ADMISSIBLE words of length n. For example, in the 


sequence aabaabaabaabaab..., the following words are 
ADMISSIBLE 

Length Admissible Words 

to abo 

2 aa, ab, ba 

3 aab, aba, baa 

4 aaba, abaa, baab 


so B(1) = 2, B(2) = 3, B(3) = 3, B(4) = 3, and so 
on. Notice that B(n) < B(n + 1), so the block growth 
function is always nondecreasing. This is because any 
ADMISSIBLE word of length n can be extended right- 
wards to produce an ÁDMISSIBLE word of length n + 1. 
Moreover, suppose B(n) = B(n+ 1) for some n. Then 
each admissible word of length n extends to a unique 
ADMISSIBLE word of length n + 1. 


For a SEQUENCE in which each substring of length n 
uniquely determines the next symbol in the SEQUENCE, 
there are only finitely many strings of length n, so the 
process must eventually cycle and the SEQUENCE must 
be eventually periodic. This gives us the following the- 
orems: | 


1. If the SEQUENCE is eventually periodic, with least 
period p, then B(n) is strictly increasing until it 
reaches p, and B(n) is constant thereafter. 

2. If the SEQUENCE is not eventually periodic, then 
B(n) is strictly increasing and so B(n) > n+1 for all 
n. If a SEQUENCE has the property that B(n) = n+1 
for all n, then it is said to have minimal block growth, 
and the SEQUENCE is called a STURMIAN SEQUENCE. 


The block growth is also called the GROWTH FUNCTION 
or the COMPLEXITY of a SEQUENCE. 


Block Matrix 

A square DIAGONAL MATRIX in which the diagonal ele- 
ments are SQUARE MATRICES of any size (possibly even 
1 x 1), and the off-diagonal elements are 0. 


Block (Set) 

One of the disjoint SUBSETS making up a SET PARTI- 
TION. A block containing n elements is called an n- 
block. The partitioning of sets into blocks can be de- 


noted using a RESTRICTED GROWTH STRING. 
see also BLOCK DESIGN, RESTRICTED GROWTH 


STRING, SET PARTITION 


Blow-Up 
A common mechanism which generates SINGULARITIES 
from smooth initial conditions. 
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Blue-Empty Coloring 
see BLUE-EMPTY GRAPH 


Blue-Empty Graph 

An EXTREMAL GRAPH in which the forced TRIAN- 
GLES are all the same color. Call R the number of 
red MONOCHROMATIC FORCED T'RIANGLES and B the 
number of blue MONOCHROMATIC FORCED TRIANGLES, 
then a blue-empty graph is an EXTREMAL GRAPH with 
B = 0. For EVEN n, a blue-empty graph can be 
achieved by coloring red two COMPLETE SUBGRAPHS 
of n/2 points (the RED NET method). There is no blue- 
empty coloring for ODD n except for n = 7 (Lorden 
1962). 


see also COMPLETE GRAPH, EXTREMAL GRAPH, 
MONOCHROMATIC FORCED TRIANGLE, RED NET 
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Board 
A subset of d x d, where d = {1, 2,..., d}. 


see also ROOK NUMBER 


Boatman’s Knot 
see CLOVE HITCH 


Bochner Identity 
For a smooth HARMONIC MAP u: M >N, 


A(|Vul?) = |V(du)|? + (Ricu Vu, Vu) 
— (Riemy (u)(Vu, Vu) Vu, Vu), 


where V is the GRADIENT, Ric is the RICCI TENSOR, 
and Riem is the RIEMANN ‘TENSOR. 


References 
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Bochner’s Theorem 

Among the continuous functions on R”, the POSITIVE 
DEFINITE FUNCTIONS are those functions which are the 
FOURIER TRANSFORMS of finite measures. 


Bode’s Rule 


T5 
J f(z) de = ZR(7hi +32f2 + 12f3 + 32f4 + 7f5) 
T1 
-sih fO (6). 
see also HARDY’S RULE, NEWTON-COTES FORMULAS, 


SIMPSON’S 3/8 RULE, SIMPSON’S RULE, TRAPEZOIDAL 
RULE, WEDDLE’S RULE 


Bohemian Dome 
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Bogdanov Map | 
A 2-D MAP which is conjugate to the HÉNON MAP in 
its nondissipative limit. It is given by 


a =e+y 
y = y+ ey + kz(z — 1) + uzy. 


see also HÉNON MAP 
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Bogomolov-Miyaoka- Yau Inequality 

Relates invariants of a curve defined over the INTEGERS. 
If this inequality were proven true, then FERMAT’S LAST 
THEOREM would follow for sufficiently large exponents. 
Miyaoka claimed to have proven this inequality in 1988, 
but the proof contained an error. 


see also FERMAT’S LAST THEOREM 
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Bohemian Dome 


A QUARTIC SURFACE which can be constructed as fol- 
lows. Given a CIRCLE C and PLANE E PERPENDICULAR 
to the PLANE of C, move a second CIRCLE K of the 
same RADIUS as C through space so that its CENTER 
always lies on C and it remains PARALLEL to E. Then 
K sweeps out the Bohemian dome. It can be given by 
the parametric equations 


z = acosu 
y = bcosv + asinu 


z= csinv 


where u,v € [0, 27). In the above plot, a = 0.5, b = 1.5, 
and c= 1. 


see also QUARTIC SURFACE 


Bohr-Favard Inequalities 
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Bohr-Favard Inequalities 
If f has no spectrum in [—A, A], then 


T } 
llos < El llo 


(Bohr 1935). A related inequality states that if Ax is 
the class of functions such that 


f(x) = f(z + 27), (2), F (2), $ Mo) 
are absolutely continuous and f cl f(x) dx = 0, then 


v(k+1) 


lle < E) Gl ls 


(Northcott 1939). Further, for each value of k, there is 
always a function f(x) belonging to A; and not identi- 
cally zero, for which the above inequality becomes an in- 
equality (Favard 1936). These inequalities are discussed 
in Mitrinovic et al. (1991). 
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Bolyai-Gerwein Theorem 
see WALLACE-BOLYAI-GERWEIN THEOREM 


Bolza Problem 
Given the functional 


ty 
u= | flyn,---)Ynj Yr- - -Yn ) dt 
to 


EG (Yi -3 Ynri Mise Yni) 
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find in a class of arcs satisfying p differential and q finite 
equations 


Plica Y yes Ya ) = 0 for a = 1,...,p 
baire Ya) =0 for B=1,...,q 

as well as the r equations on the endpoints 
lidia tes Uli. Ya) = 0 fOr A= Lisa 


one which renders U a minimum. 
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Bolzano Theorem 
see BOLZANO-WEIERSTRAB THEOREM 


Bolzano-Weierstraf Theorem | 
Every BOUNDED infinite set in R” has an ACCUMULA- 
TION POINT. For n = 1, the theorem can be stated as 
follows: If a SET in a METRIC SPACE, finite-dimensional 
EUCLIDEAN SPACE, or FIRST-COUNTABLE SPACE has 
infinitely many members within a finite interval z € 
[a, b], then it has at least one LIMIT POINT 2 such that 
z € [a,b]. The theorem can be used to prove the INTER- 
MEDIATE VALUE THEOREM. 


Bombieri’s Inequality 
For HOMOGENEOUS POLYNOMIALS P and Q of degree 
m and n, then 


where [P - Q]2 is the BOMBIERI NORM. If m = n, this 
becomes 


[P-Q]2 > [P]2[Q]2. 


see also BEAUZAMY AND DEGOT’S IDENTITY, REZNIK’S 
IDENTITY 


Bombieri Inner Product 
For HOMOGENEOUS POLYNOMIALS P and Q of degree 


n, 


[P,Q]= Y (ilin!) (aiin birnin) 


iy yin >0 


Bombieri Norm 
For HOMOGENEOUS POLYNOMIALS P of degree m, 


2 


a! 2 
> | — laal 
m: 


[a] =m 


[Pla = PP] = 


see also POLYNOMIAL BAR NORM 


tubing over it, and solder the wire to the C pad on the big IC socket. 
Pick up another 470-ohm resistor and bend the leads so that one 
end goes to the pad just below “Input” on the board, and to the 
display. Cut the end flush with the board where the lead comes 
through near “Input,” but not the one coming through the center of 
the board. That concludes the resistor installation for the display. 

Continue by cutting up seven 1” wires for use as jumpers. 
These jumpers tie the digit leads from IC2 to the cathodes on the 
display. Heavy wire, just large enough to fit the display holes, 
might work better here, but the wire size you use is up to you. 
Bend one end of each wire into a small right angle, so that the wire 
looks like the letter L. Pass a wire through the foil side of the 
board, and place the short arm against the foil pad. Solder carefully. 
Put a wire in each pad that doesn't have a resistor. Use patience and 
care to prevent the wires from touching the adjacent resistored 
pads. This concludes the hardest part of the project. 

Turn the board over to the component side and very carefully 
clip the 15 wires down to about 4.” above the board. Place the 
display over the wires, being sure to leave the hole on the far left 
side of the display open. All holes on the right side must be used. 
Do not leave a hole open here or the counter won't read right. Press 
the display down flush against the board, and solder quickly. Use a 
minimum of heat to avoid loosening the wires soldered to the 
counter PC board. Clip off the excess wire. 

The rest of the wiring needs no comment; refer to Fig. 9-35 
for details. Install resistors R9 and R10 at the top of the board and 
R1 along the left side. Move to the bottom right and install R12. 
Now you have installed all resistors. 

The semiconductors go in next. Install Q1 at the top center of 
the board, as shown in Fig. 9-35. For your convenience, the E, B, 
and C were marked on the reverse side of the board. Move over to 
the top left side of the board and install D1/D2 in the spaces near 
R1. Note that the bands on these diodes point in opposite direc- 
tions. Move to the bottom right corner of the board, and install D3. 
That completes the semiconductor installation. The IC installation 
will follow later. 

Now let’s install the capacitors on the front of the board. Refer 
to Fig. 9-35, then turn to the top left side of the board. Install 
C2-C3-C4-C6 as close as possible to the board. Jump over the 8-pin 
socket and install C5 as close as possible to the board. Bend it flush 
with the board before soldering. Move down the left side next to 
the 14-pin socket and install C8 near it. Then jump over the socket 


432 


154 Bombieri’s Theorem 


Bombieri’s Theorem 
Define 


E(x;q,a) = (x; q, a) — (1) 


HH 
pla)’ 
where 
p(aa)= Y, Mn) (2) 
nue 
n=a (mod q) 
(Davenport 1980, p. 121), A(n) is the MANGOLDT 
FUNCTION, and ¢(q) is the TOTIENT FUNCTION. Now 
define 
E(z;q)= max |E(z;q,a)| (3) 
(a,q)=1 


where the sum is over a RELATIVELY PRIME to q, 
(a, q) = 1, and 


Ene) sE (4) 
Bombieri's theorem then says that for A > 0 fixed, 


Y E'(2,9) < VeQ(Inz)’, (5) 


qa<Q 


provided that ,/z(Inz)~* < Q < yz. 
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Bond Percolation 


bond percolation site percolation 


A PERCOLATION which considers the lattice edges as the 
relevant entities (left figure). 


see also PERCOLATION THEORY, SITE PERCOLATION 


Bonferroni Correction 

The Bonferroni correction is a multiple-comparison cor- 
rection used when several independent STATISTICAL 
TESTS are being performed simultaneously (since while 
a given ALPHA VALUE a may be appropriate for each 
individual comparison, it is not for the set of all com- 
parisons). In order to avoid a lot of spurious positives, 
the ALPHA VALUE needs to be lowered to account for 
the number of comparisons being performed. 


The simplest and most conservative approach is the 
Bonferroni correction, which sets the ALPHA VALUE for 
the entire set of n comparisons equal to a by taking the 


Bonne Projection 


ALPHA VALUE for each comparison equal to a/n. Ex- 
plicitly, given n tests T; for hypotheses H; (1 < i < n) 
under the assumption Ho that all hypotheses H; are 
false, and if the individual test critical values are < a/n, 
then the experiment-wide critical value is < a. In equa- 
tion form, if 

P(T; passes |Ho) < = 


for 1 < į < n, then 
P(some T; passes |Ho) < a, 


which follows from BONFERRONI’S INEQUALITY. 


Another correction instead uses 1—(1—a)!/”. While this 
choice is applicable for two-sided hypotheses, multivari- 
ate normal statistics, and positive orthant dependent 
statistics, it is not, in general, correct (Shaffer 1995). 


see also ALPHA VALUE, HYPOTHESIS TESTING, STATIS- 
TICAL TEST 
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Bonferroni’s Inequality ? 
Let P(E;) be the probability that E; is true, and 


P (Uf, Es) be the probability that Fi, Ez, ..., En 
are all true. Then 


P UE. < Y P(E). 
i=1 i=l 


Bonferroni Test 
see BONFERRONI CORRECTION 


Bonne Projection 


Book Stacking Problem 


A MAP PROJECTION which resembles the shape of a 
heart. Let @1 be the standard parallel and Ap the central 
meridian. Then 


x= psinE (1) 
y = Rcot d) — pcos R, (2) 
where 
p = cot ġı + d1 — ġ (3) 
2 pS 7 


The inverse FORMULAS are 


$ = cot ġı + ¢1 — P (5) 
_ P —1 L | 
AÀ = Ao + eae tan as ae -} i (6) 
where 
p = t/a? + (cot ġı — y)?. (7) 
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Book Stacking Problem 


=== 
<=! 


How far can a stack of n books protrude over the edge 
of a table without the stack falling over? It turns out 
that the maximum overhang possible dn for n books (in 
terms of book lengths) is half the nth partial sum of the 
HARMONIC SERIES, given explicitly by 


lvl, 
se Pal aa 
= 


where Ẹ(z) is the DIGAMMA FUNCTION and y is the 
EULER-MASCHERONI CONSTANT. The first few values 
are 


1 
di == =0. 
LS 5 

dz = = 0.75 
da = = = 0.91667 


2 
d4 = a 1.04167, 


Boolean Algebra 155 


(Sloane's A001008 and A002805). 


In order to find the number of stacked books required to 
obtain d book-lengths of overhang, solve the dn equation 
for d, and take the CEILING FUNCTION. For n = 1,2,... 
book-lengths of overhang, 4, 31, 227, 1674, 12367, 91380, 
675214, 4989191, 36865412, 272400600, ... (Sloane's 
A014537) books are needed. 
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Boole’s Inequality 


If E; and E; are MUTUALLY EXCLUSIVE for all i and j, 
then the INEQUALITY becomes an equality. 


Boolean Algebra 

A mathematical object which is similar to a BOOLEAN 
RING, but which uses the meet and join operators in- 
stead of the usual addition and multiplication operators. 
A Boolean algebra is a set B of elements a, b, ... with 
BINARY OPERATORS + and - such that 


la. If a and b are in the set B, then a +b is in the set 
B. 


lb. If a and b are in the set B, then a- bis in the set 
B. 


2a. There is an element Z (zero) such that a+ Z =a 
_ for every element a. 


2b. There is an element U (unity) such that a-U =a 
for every element a. 


3a. atb=b+a 
3b. a-b=b-a 
4a.a+b-c=(a+b)(a+c) 
4b. a-(b+c)=a-b+a-c 
5. For every element a there is an element a’ such that 
at+a =U anda-a =Z. 
6. There are are least two distinct elements in the set 
B. 
(Bell 1937, p. 444). 
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In more modern terms, a Boolean algebra is a SET B of 
elements a, b, ... with the following properties: 


1. B has two binary operations, A (WEDGE) and V 
(VEE), which satisfy the IDEMPOTENT laws 


aña=aVva=a, 
the COMMUTATIVE laws 
aNb=bAa 


aVb=bVa, 


and the ASSOCIATIVE laws 
aN\(bAc)=(aAb)Ac 


aV{bVc) = (a V b) V e. 


2. The operations satisfy the ABSORPTION LAW 
anlaVvb)=aV(anb)=a. 

3. The operations are mutually distributive 
af (bVc) = (aAb)V (a Ac) 


aV(bAc) = (aVb)A(aVe). 


4. B contains universal bounds O, Y which satisfy 


ONa=O 
OVa=a 
[fAa=a 
Iva= I. 


5. B has a unary operation a —> a’ of complementation 
which obeys the laws 


a^a =O 
ava =I 


(Birkhoff and Mac Lane 1965). 
union, and complement, the subsets of any set J form a 


Under intersection, 


Boolean algebra. 


Huntington (1933a, b) presented the following basis for 

Boolean algebra, 

1. Commutivity. v+ y S y+. 

2. Associativity. (æ + y) + z = æ + (y +2). 

3. HUNTINGTON EQUATION. n(n(=) + y) + n(n(x) + 
n(y)) ==. 

H. Robbins then conjectured that the HUNTINGTON 


EQUATION could be replaced with the simpler ROBBINS 
EQUATION, 


n(n(æ + y) + n(x + n(y))) = 2. 


Boolean Ring 


The ALGEBRA defined by commutivity, associativity, 
and the ROBBINS EQUATION is called ROBBINS ALGE- 
BRA. Computer theorem proving demonstrated that ev- 
ery ROBBINS ALGEBRA satisfies the second WINKLER 
CONDITION, from which it follows immediately that all 
ROBBINS ALGEBRAS are Boolean. 
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” Trans. 


Boolean Connective 
One of the LOGIC operators AND A, OR V, and NOT ~. 


see also QUANTIFIER 


Boolean Function 
A Boolean function in n variables is a function 


Fil). 


where each x; can be 0 or 1 and f is 0 or 1. Determining 
the number of monotone Boolean functions of n vari- 
ables is known as DEDEKIND’S PROBLEM. The number 
of monotonic increasing Boolean functions of n variables 
is given by 2, 3, 6, 20, 168, 7581, 7828354, ... (Sloane’s 
A000372, Beeler et al. 1972, Item 17). The number of 
inequivalent monotone Boolean functions of n variables 
is given by 2, 3, 5, 10, 30, ... (Sloane’s A003182). 


Let M(n,k) denote the number of distinct monotone 
Boolean functions of n variables with k mincuts. Then 


—1)—3"4 2" 
(2")(2” — 1)(2” — 2) — 6” +5" + 4" - 3". 
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Boolean Ring 
A RING with a unit element in which every element is 
IDEMPOTENT. 


see also BOOLEAN ALGEBRA 


Borchardt-Pfaff Algorithm 


Borchardt-Pfaff Algorithm 
see ARCHIMEDES ALGORITHM 


Border Square 


PRES 
27 
A a 
Gjeje] [35] 37 [35/19/35 


A MAGIC SQUARE that remains magic when its bor- 
der is removed. A nested magic square remains magic 
after the border is successively removed one ring at a 
time. Án example of a nested magic square is the order 
7 square illustrated above (i.e., the order 7, 5, and 3 
squares obtained from it are all magic). 


see also MAGIC SQUARE 
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Bordism 

A relation between COMPACT boundaryless MANIFOLDS 
(also called closed MANIFOLDS). Two closed MANI- 
FOLDS are bordant IFF their disjoint union is the bound- 
ary of a compact (n+1)-MANIFOLD. Roughly, two MAN- 
IFOLDS are bordant if together they form the boundary 
of a MANIFOLD. The word bordism is now used in place 
of the original term COBORDISM. 
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Bordism Group 

There are bordism groups, also called COBORDISM 
GROUPS or COBORDISM RINGS, and there are singu- 
lar bordism groups. The bordism groups give a frame- 
work for getting a grip on the question, “When is a 
compact boundaryless MANIFOLD the boundary of an- 
other MANIFOLD?” The answer is, precisely when all of 
its STIEFEL-WHITNEY CLASSES are zero. Singular bor- 
dism groups give insight into STEENROD’S REALIZATION 
PROBLEM: “When can homology classes be realized as 
the image of fundamental classes of manifolds?” That 
answer is known, too. 


The machinery of the bordism group winds up being 
important for HOMOTOPY THEORY as well. 
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Borel-Cantelli Lemma 

Let {An hp be a SEQUENCE of events occurring with a 
certain probability distribution, and let A be the event 
consisting of the occurrence of a finite number of events 
An, n=1,.... Then if 


NO P(An) < œ, 
rol 
then 
P(A) =1. 
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Borel Determinacy Theorem 

Let T be a tree defined on a metric over a set of paths 
such that the distance between paths p and q is 1/n, 
where n is the number of nodes shared by p and q. Let 
A be a Borel set of paths in the topology induced by this 
metric. Suppose two players play a game by choosing a 
path down the tree, so that they alternate and each time 
choose an immediate successor of the previously chosen 
point. The first player wins if the chosen path is in A. 
Then one of the players has a winning STRATEGY in this 
GAME. 


see also GAME THEORY, STRATEGY 


Borel’s Expansion 
Let p(t) = ae Ant” be any function for which the 
integral 


foo 
I(x) =j e **t? p(t) dt 
0 
converges. Then the expansion 


om Y(p+ 1) 


Ia) = 22 [40 + +) 


| A 
+(p+ Dpt) +... 
where T(z} is the GAMMA FUNCTION, is usually an 
ASYMPTOTIC SERIES for I(x). 


Borel Measure 

If F is the BOREL SIGMA ALGEBRA on some TOPOLOG- 
ICAL SPACE, then a MEASURE m : F — R is said to be 
a Borel measure (or BOREL PROBABILITY MEASURE). 
For a Borel measure, all continuous functions are MEA- 
SURABLE. 


Borel Probability Measure 
see BOREL MEASURE 
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Borel Set 

A DEFINABLE SET derived from the REAL LINE by re- 
moving a FINITE number of intervals. Borel sets are 
measurable and constitute a special type of SIGMA AL- 
GEBRA called a BOREL SIGMA ALGEBRA. 


see also STANDARD SPACE 


Borel Sigma Algebra 

A SIGMA ALGEBRA which is related to the TOPOLOGY 
of a SET. The Borel sigma-algebra is defined to be 
the SIGMA ALGEBRA generated by the OPEN SETS (or 
equivalently, by the CLOSED SETS). 


see also BOREL MEASURE 


Borel Space 
A SET equipped with a SIGMA ÁLGEBRA of SUBSETS. 


Borromean Rings 
A) 


Three mutually interlocked rings named after the Italian 
Renaissance family who used them on their coat of arms. 
No two rings are linked, so if one of the rings is cut, all 
three rings fall apart. They are given the LINK symbol 
0603, and are also called the BALLANTINE. The Bor- 
romean rings have BRAID WORD oi 10201, 10201 +02 
and are also the simplest BRUNNIAN LINK. 
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Borrow 


I yo borrows 


1234 

- 789 -—- 789 
445 445 

The procedure used in SUBTRACTION to “borrow” 10 

from the next higher DIGIT column in order to obtain a 

POSITIVE DIFFERENCE in the column in question. 


see also CARRY 


Borwein Conjectures 


Borsuk’s Conjecture 

Borsuk conjectured that it is possible to cut an n-D 
shape of DIAMETER 1 into n + 1 pieces each with di- 
ameter smaller than the original. It is true for n = 2, 
3 and when the boundary is “smooth.” However, the 
minimum number of pieces required has been shown to 
increase as ~ 1.1%”. Since 1.1¥7 >n+1at n= 9162, 
the conjecture becomes false at high dimensions. In fact, 
the limit has been pushed back to ~ 2000. 


see also DIAMETER (GENERAL), KELLER’S CONJEC- 
TURE, LEBESGUE MINIMAL PROBLEM 
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Borwein Conjectures 
Use the definition of the g-SERIES 


n-—1 


(a; q)n = | [G - ag”) (1) 


j=0 


and define 
(2) 


A lA 
(9;9)m 


Then P. Borwein has conjectured that (1) the POLYNO- 
MIALS An(qg), Bn(q), and C,(q) defined by 


(a, nta”; )n = Anla) — aBn (a) — e COn(q) (3) 


have NONNEGATIVE COEFFICIENTS, (2) the POLYNOMI- 
ALS A (q), Br (q), and C;(q) defined by 


(Eal a = Anl?) —aBrla)- O Cia) (4) 


have NONNEGATIVE COEFFICIENTS, (3) the POLYNOMI- 
ALS Az. (q), Bñ.(q), Cr(q), Dàla), and Es. (q) defined by 


COAC laa iaa a= 
AR) -aBr() a Ca) ODA) Ela) (5) 


Bouligand Dimension 


have NONNEGATIVE COEFFICIENTS, (4) the POLYNOMI- 
ALS Al (m,n,t,q), Bi (m,n,t, q), and Cl (m,n, t,q) de- 
fined by 


(q; )m(9°3 E )m(295 naleg; dm 
2m 
= y Zz [At (m,n, t, q”) ES qB' (m, n, t, q”) 
t=0 
ag O (m, n, t, q°)| (6) 


have NONNEGATIVE COEFFICIENTS, (5) for k ODD and 
1<a<k/2, consider the expansion 


(a°; g" )m (a? 9) 
(k-1)/2 | 
2 
I Y ER) 
v=(1—k)/2 
with 
F,(q) 
an ayi j(k?j+2kv+k—2a)/2 m+n 
ao a Mc (8) 
j=-00 


then if a is RELATIVELY PRIME to k and m = n, the Co- 
EFFICIENTS of F,(q) are NONNEGATIVE, and (6) given 
a+f6<2K and -K +8<n-m < K —a, consider 


G(a, B, K;q) = Y (1) gilK (a+ B)i+K (a+8)]/2 


á been oe 


the GENERATING FUNCTION for partitions inside an m x 
n rectangle with hook difference conditions specified by 
a, B, and K. Let a and 8 be POSITIVE RATIONAL 
NUMBERS and K > 1 an INTEGER such that aK and 
GK are integers. Then if 1 <a+f < 2K —1 (with strict 
inequalities for K = 2) and -K +8 <n-m< K-a, 
then G(a, 8, K;q) has NONNEGATIVE COEFFICIENTS. 


see also q-SERIES 
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Bouligand Dimension 
see MINKOWSKI-BOULIGAND DIMENSION 


Bound 


see GREATEST LOWER BOUND, INFIMUM, LEAST UP- 
PER. BOUND, SUPREMUM 
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Bound Variable 


An occurrence of a variable in a LOGIC which is not 
FREE. 


Boundary 

The set of points, known as BOUNDARY POINTS, which 
are members of the CLOSURE of a given set S and the 
CLOSURE of its complement set. The boundary is some- 
times called the FRONTIER. 


see also SURGERY 


Boundary Conditions 

There are several types of boundary conditions com- 
monly encountered in the solution of PARTIAL DIFFER- 
ENTIAL EQUATIONS. 


1. DIRICHLET BOUNDARY CONDITIONS specify the 
value of the function on a surface T = f(r,t). 


2. NEUMANN BOUNDARY CONDITIONS specify the nor- 
mal derivative of the function on a surface, 


OT 
— =ñ- VT = fir,y). 
z A f(r, y) 
3. CAUCHY BOUNDARY CONDITIONS specify a weighted 
average of first and second kinds. 


4. ROBIN BOUNDARY CONDITIONS. For an elliptic par- 
tial differential equation in a region (2, Robin bound- 
ary conditions specify the sum of œu and the normal 
derivative of u = f at all points of the boundary of 
Q, with a and f being prescribed. 


see also BOUNDARY VALUE PROBLEM, DIRICHLET 
BOUNDARY CONDITIONS, INITIAL VALUE PROBLEM, 
NEUMANN BOUNDARY CONDITIONS, PARTIAL DIFFER- 
ENTIAL EQUATION, ROBIN BOUNDARY CONDITIONS 
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Boundary Map 
The MaP H,(X, A) > Hn-1ı(4A) appearing in the LONG 
EXACT SEQUENCE OF A PAIR AXIOM. 


see also LONG EXACT SEQUENCE OF A PAIR AXIOM 


Boundary Point 

A point which is a member of the CLOSURE of a given 
set S and the CLOSURE of its complement set. If Aisa 
subset of R”, then a point x € R” is a boundary point 
of A if every NEIGHBORHOOD of x contains at least one 
point in A and at least one point not in A. 


see also BOUNDARY 
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Boundary Set 
A (symmetrical) boundary set of RADIUS r and center 
Xo is the set of all points x such that 


[x — xo| = T. 


Let xo be the ORIGIN. In Rt, the boundary set is then 
the pair of points t = r and z = —T. In R?, the 
boundary set is a CIRCLE. In R?, the boundary set 
is a SPHERE. 


see also CIRCLE, DISK, OPEN SET, SPHERE 


Boundary Value Problem 

A boundary value problem is a problem, typically an 
ORDINARY DIFFERENTIAL EQUATION or a PARTIAL 
DIFFERENTIAL EQUATION, which has values assigned 
on the physical boundary of the DOMAIN in which the 
problem is specified. For example, 


oe _-Vu=f ino 
u(0,t) = us on 0 
2u (0, t) = U2 on OQ, 


where ðQ denotes the boundary of Q, is a boundary 
problem. 


see also BOUNDARY CONDITIONS, INITIAL VALUE 
PROBLEM 
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Bounded 

A SET in a METRIC SPACE (X,d) is bounded if it has 
a FINITE diameter, 1.e., there is an R < oo such that 
d(x,y) < R for all x,y € X. A SET in R” is bounded if 
it is contained inside some BALL 21% +... + £n < R? 
of FINITE RADIUS R (Adams 1994). 


see also BOUND, FINITE 
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Bounded Variation 

A FUNCTION f(x) is said to have bounded variation if, 
over the CLOSED INTERVAL z € [a,b], there exists an M 
such that 


|f(vi)~ F(a)|+|f(a2)—F (ai) l+.. +14 (0) -f (£n-1)| < M 


for alla < zti < £2 <... < Zn—1 <b. 


Boustrophedon Transform 


Bourget Function 


1 oer Ly" 1 
aJ (+3) lr) 


= / (2 cos 0)" cos(n0 — z sin 0) dô. 
T 0 


Jnklz) 


see also BESSEL FUNCTION OF THE FIRST KIND 
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Bourget’s Hypothesis 

When n is an INTEGER > 0, then J,(z) and Jnim(z) 
have no common zeros other than at z = 0 for m an 
INTEGER > 1, where Jn(z) is a BESSEL FUNCTION OF 
THE FIRST KIND. The theorem has been proved true 
for m=1 2, 3, and 4. 


References 

Watson, G. N. A Treatise on the Theory of Bessel Functions, 
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Boustrophedon Transform 


The boustrophedon (“ox-plowing”) transform b of a se- 
quence a is given by 


b= D (e Jar 0 


O O @ br Enk (2) 


for n > 0, where En is a SECANT NUMBER or TANGENT 
NUMBER defined by 


Y En = sec x + tanz. (3) 
n=0 f i 


The exponential generating functions of a and b are 
related by 


B(x) = (secz + tans) A(z), (4) 


where the exponential generating function is defined by 
oo g” 
A(x) = > Ans: (5) 
n=0 


see also ALTERNATING PERMUTATION, ENTRINGER 
NUMBER, SECANT NUMBER, SEIDEL-ENTRINGER- 
ARNOLD TRIANGLE, TANGENT NUMBER 
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Bovinum Problema 


Bovinum Problema 
see ARCHIMEDES’ CATTLE PROBLEM 


Bow 


2 
T=cy—y. 
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Bowditch Curve 
see LISSAJOUS CURVE 


Bowley Index 
The statistical INDEX 


Pa = (PL + Pp), 


where Pr is LASPEYRES’ INDEX and Pp is PAASCHE’S 
INDEX. 


see also INDEX 
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Bowley Skewness 
Also known as QUARTILE SKEWNESS COEFFICIENT, 


(Qs — Q2) - (Q2 - Q1) _ Qi — 2Q2 + Q3 
Qs — Qı) Qs-Qı  ” 


where the Qs denote the INTERQUARTILE RANGES. 
see also SKEWNESS 


Bowling | 
Bowling is a game played by rolling a heavy ball down 
a long narrow track and attempting to knock down ten 
pins arranged in the form of a TRIANGLE with its vertex 
oriented towards the bowler. The number 10 is, in fact, 
the TRIANGULAR NUMBER T4 = 4(4 + 1)/2 = 10. 


Two “bowls” are allowed per “frame.” If all the pins are 
knocked down in the two bowls, the score for that frame 
is the number of pins knocked down. If some or none of 
the pins are knocked down on the first bowl, then all the 
pins knocked down on the second, it is called a “spare,” 
and the number of points tallied is 10 plus the number 
of pins knocked down on the bowl of the next frame. 
If all of the pins are knocked down on the first bowl, 
the number of points tallied is 10 plus the number of 
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pins knocked down on the next two bowls. 'Ten frames 
are bowled, unless the last frame is a strike or spare, in 
which case an additional bowl is awarded. 


The maximum number of points possible, corresponding 
to knocking down all 10 pins on every bowl, is 300. 
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Box 
see CUBOID 


Box-and-Whisker Plot 


A HISTOGRAM-like method of displaying data invented 
by J. Tukey (1977). Draw a box with ends at the QUAR- 
TILES Qı and Q3. Draw the MEDIAN as a horizontal 
line in the box. Extend the “whiskers” to the farthest 
points. For every point that is more than 3/2 times the 
INTERQUARTILE RANGE from the end of a box, draw a 
dot on the corresponding top or bottom of the whisker. 
If two dots have the same value, draw them side by side. 
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Box Counting Dimension 
see CAPACITY DIMENSION 


Box Fractal 


Pee 


A FRACTAL which can be constructed using STRING 
REWRITING by creating a matrix with 3 times as 
many entries as the current matrix using the rules 


line 1: "x"->"x* xm toy n 
line 2: "x"->" x "SN "opu n 
line 3: ESSE ae ee ee "Z" 1t 
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Let Nn be the number of black boxes, Ln the length of 
a side of a white box, and A, the fractional AREA of 
black boxes after the nth iteration. 


Nn = 5” (1) 
La=(3)"=3” (2) 
IS A y. (3) 


The CAPACITY DIMENSION is therefore 


o  nNn _ In(5”) 
fp n ~ noo In(3-") 
In5 
= 74 = 1464973521... (4) 


see also CANTOR DUST, SIERPINSKI CARPET, SIERPIN- 
SKI SIEVE 


References 
@ Weisstein, E. W. “Fractals.” http://www.astro.virginia. 
edu/~eww6n/math/notebooks/Fractal.m. 


Box-Muller Transformation 

A transformation which transforms from a 2-D contin- 
uous UNIFORM DISTRIBUTION to a 2-D GAUSSIAN BI- 
VARIATE DISTRIBUTION (or COMPLEX GAUSSIAN DIs- 
TRIBUTION). If zı and z2 are uniformly and indepen- 
dently distributed between 0 and 1, then 21 and z2 as de- 
fined below have a GAUSSIAN DISTRIBUTION with MEAN 
u = 0 and VARIANCE 0? = 1. 


y —21n x1 cos(27x (1) 


2] = (2 2) 
z2 = y —2ln zı sin(2rr2). (2) 


This can be verified by solving for zı and zz, 


2 
EA +z92)/2 (3) 
an (E) 
= — tan — |). 4 
re 2r 21 ) 


Taking the JACOBIAN yields 


0x1 Oz, |} 

O(21, 02) _ a a 
| Ox2 9x2 

O ? z2) 021 922 


Sw ld ¿oa ?/2 I -22/2 
E ll | n 


Box-Packing Theorem 

The number of “prime” boxes is always finite, where a 
set of boxes is prime if it cannot be built up from one 
or more given configurations of boxes. 


see also CONWAY PUZZLE, CUBOID, DE BRUIJN’S THEO- 
REM, KLARNER’S THEOREM, SLOTHOUBER-GRAATSMA 
PUZZLE 


References 
Honsberger, R. Mathematical Gems II. Washington, DC: 
Math. Assoc. Amer., p. 74, 1976. 


Boy Surface 


Boxcar Function 


-O. 


y = c[H(x — a) — H(x — b)], 


5 0.5 


where H is the HEAVISIDE STEP FUNCTION. 


References 
von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, p. 324, 1993. 


Boxcars 

A roll of two 6s (the highest roll possible) on a pair of 
6-sided DICE. The probability of rolling boxcars is 1/36, 
or 2.777...%. 


see also DICE, DOUBLE SIXES, SNAKE EYES 


Boy Surface 

A NONORIENTABLE SURFACE which is one of the three 
possible SURFACES obtained by sewing a MÖBIUS STRIP 
to the edge of a Disk. The other two are the CROSS- 
CAP and ROMAN SURFACE. The Boy surface is a model 
of the PROJECTIVE PLANE without singularities and is 
a SEXTIC SURFACE. 


The Boy surface can be described using the general 
method for NONORIENTABLE SURFACES, but this was 
not known until the analytic equations were found by 
Apéry (1986). Based on the fact that it had been proven 
impossible to describe the surface using quadratic poly- 
nomials, Hopf had conjectured that quartic polynomials 
were also insufficient (Pinkall 1986). Apéry's IMMER- 
SION proved this conjecture wrong, giving the equations 
explicitly in terms of the standard form for a NONORI- 
ENTABLE SURFACE, 


fi(e,y, z) = i22? - y? — lo + y +2) 


+ 2yz(y? — 2) + za (a* — 2) 


+ay(y" — 2”) (1) 
falz, y, z) = 4V3[((y? — 22)(2? + y” + 27) 

+ zæ(2” — z’) + zy(y? a) (2) 
fa(z,y,z) = a+ y + 2)l(0 +y+2) 

+ 4(y — x)(z— y)(z — 2)]. (3) 


Boy Surface 


Plugging in 


x = cosusinv (4) 
y = sinusinv (5) 
z = COSV (6) 


and letting u € [0,7] and v € [0,7] then gives the Boy 
surface, three views of which are shown above. 


3 cto A 
The R” parameterization can also be written as 


es V2 cos? y cos(2u) + cos usin(2v) 
2 — V2sin(3u) sin(2v) 
V2 cos? v sin(2u) + cos usin(2v) 
2 — /2sin(3u) sin(2v) 
E La v (9) 
2 — v2sin(3u) sin(2v) 


(Nordstrand) for u € [-1/2,7/2] and v € [0, 7]. 


Three views of the surface obtained using this parame- 
terization are shown above. 


In fact, a HOMOTOPY (smooth deformation) between 
the ROMAN SURFACE and Boy surface is given by the 
equations 


e o ol) 


= 2 — avV/2sin(3u) sin(2v) (10) 
_ V2sin(2u) cos” v — sin u sin(2v) 
ARE 2 — av2 sin(3u) sin(2v) E 
z(u,v) = 3 cos“ y (12) 


2 — av 2sin(3u) sin(2v) 


as a varies from 0 to 1, where a = 0 corresponds to the 
ROMAN SURFACE and a = 1 to the Boy surface (Wang), 
shown below. 


de ag 


TT | 


ESA LL 
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In R*, the parametric representation is 


ty = V2 (u? +07) (u? — v? + V2 uw) 14) 
z2 = V2 (u? + v*)(2uu — V2 vw) 15) 
23 =3(u +)’, (16) 


and the algebraic equation is 


64(20 — 23) 23" — 48(20 — 23) z3 (321° + 327 + 223°) 
+12(20 — 23)23[27(21* + x27)? — 243 (21* + 22”) 
+36V 22213 (£2 — 3217) + z3] 
+(9217 + 9x2? — 2z3°) 

x[-81(01? + 227)? — 7203 (017 + 227) 
+108V22,23(21? — 3222) + 423°] =0 (17) 


(Apéry 1986). Letting 


Lo = 1 (18) 
£i = T (19) 
La =y (20) 
Ly =z (21) 


l . . m3 
gives another version of the surface in JR”. 


see also CROSS-CAP, IMMERSION, MOBIUS STRIP, 
NONORIENTABLE SURFACE, REAL PROJECTIVE PLANE, 
ROMAN SURFACE, SEXTIC SURFACE 
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E __(POWER SW.) 
Fig. 9-34. Foilside of the board. Take your time and install those resistors 
correctly! 
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Bra 

A (COVARIANT) 1-VECTOR denoted (4|. The bra is 
DUAL to the CONTRAVARIANT KET, denoted |). Taken 
together, the bra and KET form an ANGLE BRACKET 
(bra+ket = bracket). The bra is commonly encountered 
in quantum mechanics. 


see also ANGLE BRACKET, BRACKET PRODUCT, Co- 
VARIANT VECTOR, DIFFERENTIAL k-FORM, KET, ONE- 
FORM 


Brachistochrone Problem 

Find the shape of the CURVE down which a bead sliding 
from rest and ACCELERATED by gravity will slip (with- 
out friction) from one point to another in the least time. 
This was one of the earliest problems posed in the CAL- 
CULUS OF VARIATIONS. The solution, a segment of a 
CYCLOID, was found by Leibniz, L’Hospital, Newton, 
and the two Bernoullis. 


The time to travel from a point Pı to another point Pa 
is given by the INTEGRAL 


2 
ds 
n= | at | (1) 


The VELOCITY at any point is given by a simple appli- 


cation of energy conservation equating kinetic energy to 
gravitational potential energy, 


¿mu = mgy, (2) 


SO 
294. (3) 


Plugging this into (1) then gives 


E 12 2 12 
t= PE Vie a= | l+y de 
i V 2gy 


The function to be varied is thus 
f= (1 +°) (2g). (5) 


To proceed, one would normally have to apply the full- 
blown EULER-LAGRANGE DIFFERENTIAL EQUATION 


of afƏf\_ | 
oo (FF) 0 (6) 


However, the function f(y,y',z) is particularly nice 
since x does not appear explicitly. Therefore, 0f/0x = 
0, and we can immediately use the BELTRAMI IDENTITY 


, OF 
re 7 
y (7) 
Computing 
OF yl (iy?) (agg)? (8) 


Brachistochrone Problem 


subtracting y’(Of/Oy’) from f, and simplifying then 


gives 
1 


VI 1+ y? 


Squaring both sides and rearranging slightly results in 


dy i l 2 
ree = —__ =k 10 
(2) -ga o 


where the square of the old constant C has been ex- 
pressed in terms of a new (POSITIVE) constant k?. This 
equation is solved by the parametric equations 


(9) 


k? (0 — sin 0) (11) 
k*(1 — cos 0), (12) 


€ = 


N/A bj 


y = 


which are—lo and behold—the equations of a CYCLOID. 


If kinetic friction is included, the problem can also be 
solved analytically, although the solution is significantly 
messier. In that case, terms corresponding to the normal 
component of weight and the normal component of the 
ACCELERATION (present because of path CURVATURE) 
must be included. Including both terms requires a con- 
strained variational technique (Ashby et al. 1975), but 
including the normal component of weight only gives an 
elementary solution. The TANGENT and NORMAL VEC- 
TORS are 


I= J” T ds” (13) 
dy. dz., 
N= has abe ds” (14) 


gravity and friction are then 


Fiutavió; = mgy | (15) 


dx 
Friction = —H(F gravity N)T = En (16) 


and the components along the curve are 


F gravity È = mg Y (17) 
Friction T = -umg (18) 
so Newton’s Second Law gives 

mo = e =p qe. (19) 

Sl dv du ld, 
a AP ) (20) 
30 = gly — pa) (21) 
v = y 2g(y — 12), (22) 


Bracket 


SO 
1 132 
+U)? de 


t= | 29(y — ux) 


Using the EULER-LAGRANGE DIFFERENTIAL EQUATION 
gives 


(23) 


[1 +y’ + py’) +2(y-pe)y”=0. (24) 


This can be reduced to 


1 112 
E a (25) 
(1+ uy)? y-pz 
Now letting 
y = cot(}6), (26) 
the solution is 
x= Ik”[(0 — sin 0) + (1 — cos 0)] (27) 
y = 1k*[(1 — cos 0) + (8 + sin 0)]. (28) 


see also CYCLOID, TAUTOCHRONE PROBLEM 
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chistochrone with Coulomb Friction.” Amer. J. Phys. 43, 
902-905, 1975. 
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Bracket 


see ÁNGLE BRACKET, BRA, BRACKET POLYNOMIAL, 
BRACKET PRODUCT, IVERSON BRACKET, KET, LA- 
GRANGE BRACKET, POISSON BRACKET 


Bracket Polynomial 

A one-variable KNOT POLYNOMIAL related to the JONES 
POLYNOMIAL. The bracket polynomial, however, is not 
a topological invariant, since it is changed by type I REI- 
DEMEISTER MOVES. However, the SPAN of the bracket 
polynomial is a knot invariant. The bracket polynom- 
ial is occasionally given the grandiose name REGULAR 
ISOTOPY INVARIANT. It is defined by 


(L) (A, Bd) = X | (L]o) allel, (1) 


where A and B are the “splitting variables,” o runs 
through all “states” of L obtained by SPLITTING the 
LINK, (Llao) is the product of “splitting labels” corre- 
sponding to o, and 


loil = Nz — 1, (2) 
where Nz is the number of loops in ø. Letting 


B=A™ (3) 
d=-—A -A* (4) 
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gives a KNOT POLYNOMIAL which is invariant under 
REGULAR ISOTOPY, and normalizing gives the KAUFF- 
MAN POLYNOMIAL X which is invariant under AMBIENT 
IsoroPY. The bracket POLYNOMIAL of the UNKNOT is 
1. The bracket POLYNOMIAL of the MIRROR IMAGE K” 
is the same as for K but with A replaced by A`}. In 
terms of the one-variable KAUFFMAN POLYNOMIAL X, 
the two-variable KAUFFMAN POLYNOMIAL F and the 
JONES POLYNOMIAL V, 


X(A) = AYTO (L), (5) 
(L) (A) = F(A, A+ A`?) (6) 
(L) (4) = V(A~™), (7) 


where w(£L) is the WRITHE of L. 
see also SQUARE BRACKET POLYNOMIAL 
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Bracket Product 

The INNER PRODUCT in an L2 SPACE represented by an 
ANGLE BRACKET. 

see also ANGLE BRACKET, BRA, KET, L SPACE, ONE- 
FORM 


Bracketing 
Take x itself to be a bracketing, then recursively de- 
fine a bracketing as a sequence B = (Bi,..., Bx) where 


k > 2 and each B; is a bracketing. A bracketing can be 
represented as a parenthesized string of xs, with paren- 
theses removed from any single letter x for clarity of 
notation (Stanley 1997). Bracketings built up of binary 
operations only are called BINARY BRACKETINGS. For 
example, four letters have 11 possible bracketings: 


(r(xx))z 


(22)(12) æ((xx)z) x(rlrz)), 
the last five of which are binary. 


The number of bracketings on n letters is given by the 
GENERATING FUNCTION 


14-41-6042) = g+ gr’ 432% + ilr + dba? 


(Schroder 1870, Stanley 1997) and the RECURRENCE 
RELATION 


3(2n — 3)sn-1 — (n — 3)8n-2 
n 


Sn = 


166 Bradley’s Theorem 


(Sloane), giving the sequence for sn as 1, 1, 3, 11, 45, 
197, 903, ... (Sloane's A001003). The numbers are also 


given by 
n= Y 


11+...4+1p¿=n9 


for n > 2 (Stanley 1997). 


s(t1)-+-s(tz) 


The first PLUTARCH NUMBER 103,049 is equal to s10 
(Stanley 1997), suggesting that Plutarch's problem of 
ten compound propositions is equivalent to the number 
of bracketings. In addition, Plutarch's second number 
310,954 is given by (sio + 811)/2 = 310,954 (Habsieger 
et al. 1998). 


see also BINARY BRACKETING, PLUTARCH NUMBERS 
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Bradley’s Theorem 
Let 


S(a, 6, m; z) = 
(a) + j 


— T(m +jlz+1)r(8 +1 + jz) 
g? Tim+jzt)l(atBt+itsiz+)) 3! 


and a be a NEGATIVE INTEGER. Then 


S(a, B,m; z) = e 


where T'(2) is the GAMMA FUNCTION. 
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Brahmagupta’s Formula 
For a QUADRILATERAL with sides of length a, b, c, and 
d, the AREA K is given by 
K = 
(s — a)(s — b)(s — c)(s — d) — abcd cos?[} (A + B)], 
(1) 
where 
s=3(a+b+c+d) (2) 


is the SEMIPERIMETER, A is the ANGLE between a and 
d, and B is the ANGLE between b and c. For a CYCLIC 


Brahmagupta Matrix 


QUADRILATERAL (i.e., a QUADRILATERAL inscribed in 
a CIRCLE), A+ B = Tr, so 


K = Y (s — a)(s — b)(s — c)(s — d) (3) 
(bc + ad) (ac + bd)(ab + cd) 
ee. © 


where R is the RADIUS of the CIRCUMCIRCLE. If the 
QUADRILATERAL is INSCRIBED in one CIRCLE and CIR- 
CUMSCRIBED on another, then the AREA FORMULA sim- 


plifies to 
K = Vabed. (5) 


see also BRETSCHNEIDER’S FORMULA, HERON’S FOR- 
MULA 
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Brahmagupta Identity 
Let 
B=|Bl=2° -ty’, 


where B is the BRAHMAGUPTA MATRIX, then 


det[B(x1,y1)B(x2, y2)] = det[B (z1, y1)] det[B(x2, y2)] 
= Bi Bo. 
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Brahmagupta Matrix 


T y 
B = À 
(x,y) fA al 
It satisfies 
B(21,41)B(22,y2) = Brive + tyry2, z142 + yi ta). 


Powers of the matrix are defined by 


p= |? J ai bn) = Ba 
ty zx {Yn Tn 
The xz, and y, are called BRAHMAGUPTA POLYNOMI- 


ALS. The Brahmagupta matrices can be extended to 
NEGATIVE INTEGERS 


Br=|* 4 “2 Ree, a |e eae, 
ty x ty_n Ton 


see also BRAHMAGUPTA IDENTITY 
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Brahmagupta Polynomial 


Brahmagupta Polynomial 

One of the POLYNOMIALS obtained by taking POWERS 
of the BRAHMAGUPTA MATRIX. They satisfy the recur- 
rence relation 


Tn+1 = TEn + ÍYyYn (1) 
Yn+1 = TYn + YTn- (2) 


A list of many others is given by Suryanarayan (1996). 
Explicitly, 


n=" +4 (3) ry +t 7 tyt t+... (8) 


Yn = na" ly ld (5) arg + E e ey? ae 


(4) 
The Brahmagupta POLYNOMIALS satisfy 

Oln OYn 
—— rae ee el Noy 5 
Ox Oy : (5) 
Orn Pyn 
—— = a ntyn-1. 6 
Dy By na (6) 


The first few POLYNOMIALS are 


ro — 0 
t1 = T 
La = £ + ty? 


t3 = x” + Stry? 
Pa a4 + 6ta*y + tyt 


and 
Yi =y 
Ya = 2xy 


ys =3x y + ty” 
Ya = dx y AS Atey?. 


Taking x = y = 1 and t = 2 gives yn equal to the PELL 
NUMBERS and z, equal to half the Pell-Lucas num- 
bers. The Brahmagupta POLYNOMIALS are related to 
the MORGAN-VOYCE POLYNOMIALS, but the relation- 
ship given by Suryanarayan (1996) is incorrect. 
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Suryanarayan, E. R. “The Brahmagupta Polynomials.” Fib. 
Quart. 34, 30-39, 1996. 


Brahmagupta's Problem 
Solve the PELL EQUATION 


r’ — 92y =1 


in INTEGERS. The smallest solution is x = 1151, y = 
120. 


see also DIOPHANTINE EQUATION, PELL EQUATION 
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Braid 

An intertwining of strings attached to top and bottom 
“bars” such that each string never “turns back up.” In 
other words, the path of a braid in something that a 
falling object could trace out if acted upon only by grav- 
ity and horizontal forces. 


see also BRAID GROUP 
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Braid Group 

Also called ARTIN BRAID GROUPS. Consider n strings, 
each oriented vertically from a lower to an upper “bar.” 
If this is the least number of strings needed to make a 
closed braid representation of a LINK, n is called the 
BRAID INDEX. Now enumerate the possible braids in a 
group, denoted B,. A general n-braid is constructed by 
iteratively applying the o; (i = 1,...,n — 1) operator, 
which switches the lower endpoints of the ith and (i + 
1)th strings—keeping the upper endpoints fixed —with 
the (i + 1)th string brought above the ith string. If the 
(i+ 1)th string passes below the ¿th string, it is denoted 

-1 


O. 
O, O; 
n i i+] i i+] 


Topological equivalence for different representations of 
a BRAID WORD | [, 9; and |], o; is guaranteed by the 
conditions 


O10; = 0,0; for |i — ¿| > 2 
i à 
0404107 = 0,,10,0,,1 for alli 


1-2 


as first proved by E. Artin. Any n-braid is expressed as 
a BRAID WORD, e.g., 0102030, 01 is a BRAID WORD 
for the braid group B3. When the opposite ends of the 
braids are connected by nonintersecting lines, KNOTS 
are formed which are identified by their braid group and 
BRAID WORD. The BURAU REPRESENTATION gives a 
matrix representation of the braid groups. 
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Braid Index 

The least number of strings needed to make a closed 
braid representation of a LINK. The braid index is equal 
to the least number of SEIFERT CIRCLES in any projec- 
tion of a KNOT (Yamada 1987). Also, for a nonsplit- 
table LINK with CROSSING NUMBER c(L) and braid in- 
dex (L), 

e(L) > 2[é(L) - 1] 


(Ohyama 1993). Let E be the largest and e the small- 
est POWER of £ in the HOMFLY POLYNOMIAL of an 
oriented LINK, and i be the braid index. Then the 
MORTON-FRANKS-WILLIAMS INEQUALITY holds, 


i> HE—-e)+1 
(Franks and Williams 1987). The inequality is sharp for 
all PRIME KNOTS up to 10 crossings with the exceptions 
of 09042, 09049, 10152, 10150, and 10156. 
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Braid Word 

Any n-braid is expressed as a braid word, e.g., 
01 02030, 01 is a braid word for the BRAID GROUP B3. 
By ALEXANDER’S THEOREM, any LINK is representable 
by a closed braid, but there is no general procedure for 
reducing a braid word to its simplest form. However, 
MARKOV’S THEOREM gives a procedure for identifying 
different braid words which represent the same LINK. 


Let by be the sum of POSITIVE exponents, and b_ the 
sum of NEGATIVE exponents in the BRAID GROUP Bp. 
If 

by —-3b_ —n+1>0, 


then the closed braid b is not AMPHICHIRAL (Jones 
1985). 


see also BRAID GROUP 
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Jones, V. F. R. “A Polynomial Invariant for Knots via von 
Neumann Algebras.” Bull. Amer. Math. Soc. 12, 103-111, 
1985. 

Jones, V. F. R. “Hecke Algebra Representations of Braid 
Groups and Link Polynomials.” Ann. Math. 126, 335- 
388, 1987. 


Branch Point 


Braikenridge-Maclaurin Construction 

The converse of PASCAL’S THEOREM. Let Ai, Ba, C1, 
A», and Bı be the five points on a CONIC. Then the 
CONIC is the LOCUS of the point 


Ca == Ai (z g C142) : Bilz A Cı B2), 


where z is a line through the point Ai B2 - Bi Az. 
see also PASCAL’S THEOREM 


Branch 


The segments of a TREE between the points of connec- 
tion (FORKS). 


see also FORK, LEAF (TREE) 


Branch Cut 


Re[Sqrt z] Im[Sqrt 2] |Sqrt z| 


ELISA 


E 
Ma Aa, 
a AE 
O PERA 
= SLED aaa, fy f2 
r recta 
LLP AY /-2 


A line in the COMPLEX PLANE across which a FUNCTION 
is discontinuous. 


(—oo, —1) and (1,00) 
(—ico, —1) and (i, 200) 

(00, 0) 

(—ioo, —¿) and (i, ico) 

o0, —1] and [1, co) 

co, 0) for Rin] < 0; (—oo, 0] for Rin] > 0 


see also BRANCH POINT 
References 


Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 399-401, 1953. 


Branch Line 
see BRANCH CUT 


Branch Point 
An argument at which identical points in the COMPLEX 
PLANE are mapped to different points. For example, 


consider 
Haza 


Brauer Chain 


Then f(e%) = f(1) = 1, but f(e?”*) = e27*%, despite 
the fact that e% = e?™*. PINCH POINTS are also called 
branch points. 


see also BRANCH CUT, PINCH POINT 


References 

Arfken, G. Mathematical Methods for Physicists, 3rd ed. Or- 
lando, FL: Academic Press, pp. 397-399, 1985. 

Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 391-392 and 399-— 
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Brauer Chain 

A Brauer chain is an ADDITION CHAIN in which each 
member uses the previous member as a summand. A 
number n for which a shortest chain exists which is a 
Brauer chain is called a BRAUER NUMBER. 


see also ADDITION CHAIN, BRAUER NUMBER, HANSEN 
CHAIN 


References 

Guy, R. K. “Addition Chains. Brauer Chains. Hansen 
Chains.” §C6 in Unsolved Problems in Number Theory, 
2nd ed. New York: Springer-Verlag, pp. 111-113, 1994. 


Brauer Group 

The GROUP of classes of finite dimensional central sim- 
ple ALGEBRAS over k with respect to a certain equiva- 
lence. 
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Hazewinkel, M. (Managing Ed.). Encyclopaedia of Math- 
ematics: An Updated and Annotated Translation of the 
Soviet “Mathematical Encyclopaedia.” Dordrecht, Nether- 
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Brauer Number 

A number n for which a shortest chain exists which is 
a BRAUER CHAIN is called a Brauer number. There are 
infinitely many non-Brauer numbers. 


see also BRAUER CHAIN, HANSEN NUMBER 
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Brauer-Severi Variety 
An ALGEBRAIC VARIETY over a FIELD K that becomes 
ISOMORPHIC to a PROJECTIVE SPACE. 
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Brauer?s Theorem 
If, in the GERSGORIN CIRCLE THEOREM for a given m, 


la;; — dl > nG + Am 


for all 4 m, then exactly one EIGENVALUE of Á lies in 
the Disk I'm. 


References 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
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Braun’s Conjecture 

Let B = (b1,b2,...) be an INFINITE Abelian SEMI- 
GROUP with linear order bı < bz < ... such that bı is the 
unit element and a < b IMPLIES ac < be for a,b,c € B. 
Define a MOBIUS FUNCTION p on B by (bi) = 1 and 


^ p(ba) = 0 


balbn 


for n = 2, 3, .... Further suppose that u(b,) = p(n) 
(the true MOBIUS FUNCTION) for all n > 1. Then 
Braun’s conjecture states that 


for all m,n > 1. 
see also MOBIUS PROBLEM 


References 


Flath, A. and Zulauf, A. “Does the Möbius Function Deter- 
mine Multiplicative Arithmetic?” Amer. Math. Monthly 
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Breeder 
A pair of POSITIVE INTEGERS (a1,@2) such that the 
equations 


a1 + azz = o(a1) = 0(a2)(x + 1) 


have a POSITIVE INTEGER solution xz, where a(n) is the 
DIVISOR FUNCTION. If z is PRIME, then (a1,a22) is an 
AMICABLE PAIR (te Riele 1986). (a1,a2) is a “special” 
breeder if 


di = au 


a2 = QU, 


where a and u are RELATIVELY PRIME, (a,u) = 1. If 
regular amicable pairs of type (7,1) with i > 2 are of 
the form (au, ap) with p PRIME, then (au, a) are special 
breeders (te Riele 1986). 


References l 

te Riele, H. J. J. “Computation of All the Amicable Pairs 
Below 101°.” Math. Comput. 47, 361-368 and S9-S35, 
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Brelaz’s Heuristic Algorithm 

An ALGORITHM which can be used to find a good, but 
not necessarily minimal, EDGE or VERTEX coloring for 
a GRAPH. 


see also CHROMATIC NUMBER 


Brent’s Factorization Method 
A modification of the POLLARD p FACTORIZATION 
METHOD which uses : 


Ti+1 = Lio =C (mod n). 


References 

Brent, R. “An Improved Monte Carlo Factorization Algo- 
rithm.” Nordisk Tidskrift for Informationsbehandlung 
(BIT) 20, 176-184, 1980. 


Brent’s Method 

A RooT-finding ALGORITHM which combines root 
bracketing, bisection, and INVERSE QUADRATIC IN- 
TERPOLATION. It is sometimes known as the VAN 
WIJNGAARDEN-DEKER-BRENT METHOD. 


Brent's method uses a LAGRANGE INTERPOLATING 
POLYNOMIAL of degree 2. Brent (1973) claims that this 
method will always converge as long as the values of the 
function are computable within a given region contain- 
ing a ROOT. Given three points z1, 12, and x3, Brent’s 
method fits x as a quadratic function of y, then uses the 
interpolation formula 


_ _ ly- fle ily — f(22)]z3 
[f(zs) — Her) llos) — f(z2)] 
+ ly — f(x2)lly — fra) ]zr 
[f(x1) — f(w2)|[f (21) — f(xa)] 
4 ly — f(ra)ly— £(z1)]r2 
[f(z2) — F(z3J[f (£2) — f(z1)] 


Subsequent root estimates are obtained by setting y = 0, 
giving 
P 


T=b+-=, 
Q 


(2) 


where 


P = S[R(R — T)(us — 22) — (1 — R)(e2 —21)] (3) 


Q=(T-1)\(R-1)(S—1) (4) 
with 
_ f(x2) 
R= Fan (5) 
_ f(z2) 
= f (21) Š 
_ f(z) 
fea) Á 


(Press et al. 1992). 


Bretschnei der’s Formula 
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Brent-Salamin Formula 

A formula which uses the ARITHMETIC-GEOMETRIC 
MEAN to compute PI. It has quadratic convergence 
and is also called the GAUSS-SALAMIN FORMULA and 
SALAMIN FORMULA. Let 


an+1 = Han + bn) (1) 

bn+1 = Y Gnbn (2) 

Cn+1 = ¿(Un — bn) (3) 

| ot = bn’, (4) 

and define the initial conditions to be ay = 1, bọ = 


1/v2. Then iterating a, and bn gives the ARITHMETIC- 
GEOMETRIC MEAN, and 7 is given by 


_ 4(M(1, 27%)? 
1- ae 2it1d, 
_ _4[M(1,27*/?))? 
1 — Z i 2i+1¢,2 . 
King (1924) showed that this formula and the LEGEN- 


DRE RELATION are equivalent and that either may be 
derived from the other. 


see also ARITHMETIC-GEOMETRIC MEAN, PI 


(5) 


(6) 
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Bretschneider’s Formula 
Given a general QUADRILATERAL with sides of lengths 
a, b, c, and d (Beyer 1987), the AREA is given by 


Aguadrilateral = Ty 4p? q? = (b2 +d? — a? — ce 


where p and q are the diagonal lengths. 


see also BRAHMAGUPTA’S FORMULA, HERON’S FOR- 
MULA 


References 


Beyer, W. H. (Ed.). CRC Standard Mathematical Tables, 
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Brianchon Point 


Brianchon Point 

The point of CONCURRENCE of the joins of the VER- 
TICES of a TRIANGLE and the points of contact of a 
CONIC SECTION INSCRIBED in the TRIANGLE. A CONIC 
INSCRIBED in a TRIANGLE has an equation of the form 


h 
ie ee 


u v w 


= 0, 


so its Brianchon noint has TRITINEAR OMORNINATES 
(1/f,1/9,1/h). For KIEPERT’s PARABOLA, the Bran- 
chion point has TRIANGLE CENTER FUNCTION 


ae 1 
— a(b? — e)’ 


which is the STEINER POINT. 


Brianchon’s Theorem 

The DUAL of PASCAL’S THEOREM. It states that, given 
a 6-sided POLYGON CIRCUMSCRIBED on a CONIC SEC- 
TION, the lines joining opposite VERTICES (DIAGONALS) 
meet in a single point. 


see also DUALITY PRINCIPLE, PASCAL’S THEOREM 
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Brick 


see EULER BRICK, HARMONIC BRICK, RECTANGULAR 
PARALLELEPIPED 


Bride’s Chair 
One name for the figure used by Euclid to prove the 
PYTHAGOREAN THEOREM. 


see also PEACOCK’S TAIL, WINDMILL 


Bridge Card Game 


Bridge is a CARD game played with a normal deck of 52 
cards. ‘The number of possible distinct 13-card hands is 


52 
N= tel = 635,013,559,600. 
where (7) is a BINOMIAL COEFFICIENT. While the 
chances of being dealt a hand of 13 CARDS (out of 52) 
of the same suit are 


4 1 


A ~ 158,753,389,900° 
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the chance that one of four players will receive a hand 
of a single suit is 


1 
39 688,347,497 


There are special names for specific types of hands. A 
ten, jack, queen, king, or ace is called an “honor.” Get- 


Boies ene e saat Nos Motes REA De ite ad tet anda) 
suits and the ace, king, and queen, and jack of the re- 
maining suit is called 13 top honors. Getting all cards of 
the same suit is called a 13-card suit. Getting 12 cards 
of same suit with ace high and the 13th card not an 
ace is called 2-card suit, ace high. Getting no honors is 


called a Yarborough. 


The probabilities of being dealt 13-card bridge hands 
of a given type are given below. As usual, for a hand 
with probability P, the ODDS against being dealt it are 
(1/P)-1:1. 


Hand Exact Probability 
4 1 
13 top honors N 158,753,389,900 
13-card suit N | 158/753,389.500 
12-card suit, ace high 47236 TERRACE 
Yarborough Ga) asec aco eee 
(5) 11 
four aces N 165 
nine honors CCa) ELEL 
N 93,384,347 
Hand Probability Odds 
13 top honors 6.30 x 1071? 158,753,389,899:1 
13-card suit 6.30 x 1071? 158,753,389,899:1 
12-card suit, ace high 2.72 x 107? 367,484,697.8:1 
Yarborough 5.47 x 10? 1,827.0:1 
four aces 2.64 x 1073 377.6:1 
nine honors 9.51 x 107? 104.1:1 


see also CARDS, POKER 
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Bridge (Graph) 
The bridges of a GRAPH are the EDGES whose removal 
disconnects the GRAPH. 


see also ARTICULATION VERTEX 
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Bridge Index 

A numerical KNOT invariant. For a TAME KNOT K, the 
bridge index is the least BRIDGE NUMBER of all planar 
representations of the KNOT. The bridge index of the 
UNKNOT is defined as 1. 


see also BRIDGE NUMBER, CROOKEDNESS 
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Bridge of Königsberg 
see KONIGSBERG BRIDGE PROBLEM 


Bridge Knot 
An n-bridge knot is a knot with BRIDGE NUMBER n. 


The set of 2-bridge knots is identical to the set of rational 
knots. If L is a 2-BRIDGE KNOT, then the BLM/Ho 
POLYNOMIAL Q and JONES POLYNOMIAL V satisfy 


QOr(z) = 227° Vi (t)Vi(t > + 1- 9271), 


where z = —t—t * (Kanenobu and Sumi 1993). Ka- 
nenobu and Sumi also give a table containing the num- 
ber of distinct 2-bridge knots of n crossings for n = 10 
to 22, both not counting and counting MIRROR IMAGES 


as distinct. 
0 


0 


45 85 


91 182 
176 341 
352 704 
693 1365 

1387 2774 
2752 5461 
5504 11008 
10965 21845 
21931 43862 
43776 87381 
87552 175104 


174933 349525 
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Bridge Number 

The least number of unknotted arcs lying above the 
plane in any projection. The knot 0595 has bridge num- 
ber 2. Such knots are called 2- BRIDGE KNOTS. There is 
a one-to-one correspondence between 2-BRIDGE KNOTS 
and rational knots. The knot 08010 is a 3-bridge knot. A 
knot with bridge number b is an n-EMBEDDABLE KNOT 
where n < b. 


see also BRIDGE INDEX 
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Brill-Noether Theorem 

If the total group of the canonical series is divided into 
two parts, the difference between the number of points 
in each part and the double of the dimension of the 
complete series to which it belongs is the same. 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
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Bring-Jerrard Quintic Form 
A TSCHIRNHAUSEN TRANSFORMATION can be used to 
algebraically transform a general QUINTIC EQUATION 
to the form 

2 -+ cız + co = 0. (1) 


In practice, the general quintic is first reduced to the 
PRINCIPAL QUINTIC FORM 


y + bey”? +biy+bo=0 (2) 


- before the transformation is done. Then, we require that 


the sum of the third POWERS of the ROOTS vanishes, 
so s3{y;) = 0. We assume that the ROOTS z; of the 
Bring-Jerrard quintic are related to the ROOTS y; of the 
PRINCIPAL QUINTIC FORM by 


zi = ays + By? + yy + oy: + €. (3) 


In a similar manner to the PRINCIPAL QUINTIC FORM 
transformation, we can express the COEFFICIENTS cj in 
terms of the bj. 


see also BRING QUINTIC FORM, PRINCIPAL QUINTIC 
FORM, QUINTIC EQUATION 


Bring Quintic Form 

A TSCHIRNHAUSEN TRANSFORMATION can be used to 

take a general QUINTIC EQUATION to the form 
*—-e-a=0, 

where a may be COMPLEX. 


see also BRING-JERRARD QUINTIC FORM, QUINTIC 
EQUATION 


References 
Ruppert, W. M. “On the Bring Normal Form of a Quintic in 
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Brioschi Formula 


Brioschi Formula 
For a curve with METRIC 


ds? = Edu? + F du du + Gdv’, (1) 


where E, F, and G is the first FUNDAMENTAL FORM, 
the GAUSSIAN CURVATURE is 


Mi + Me 
ee 2 
K (EG poy F2)2° ( ) 
where 
—5Euv + Fuv — Guu t Eu Fy — jE 
Mı = F,-1G, E F 
LG, F G 
(3) 
@ 2B 26, 
Ma = E, E F , (4) 
1G, F G 


which can also be written 


al 
== SEG |0u\ VE Ou du \ VG Ov 
(5) 


a3 o Gu $ KA E, (6) 
2VEG |Ou\ VEG) 0vIVEG)| 
see also FUNDAMENTAL FORMS, GAUSSIAN CURVATURE 
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Briot-Bouquet Equation 
An ORDINARY DIFFERENTIAL EQUATION of the form 


oy’ am fe, y), 


where m is a POSITIVE INTEGER, f is ANALYTIC at x = 
y = 0, f(0,0) = 0, and f,(0,0) 4 0. 
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Brocard Angle 


Define the first BROCARD POINT as the interior point 22 
of a TRIANGLE for which the ANGLES ZQAB, ZQBC, 
and ZQCA are equal. Similarly, define the second BRO- 
CARD POINT as the interior point (Y for which the AN- 
CLES ¿0'AC, ZQ'CB, and LQ BA are equal. Then the 
ANGLES in both cases are equal, and this angle is called 
the Brocard angle, denoted w. 


The Brocard angle w of a TRIANGLE AABC is given by 
the formulas 


cotw = cot A + cot B + cot C (1) 
_ al + b? + e? o 
E 0 (2) 

_ 1 + cos @1 COS G2 COS Q3 (3) 

sin @1 sin @2 sin a3 

= sin? a; + sin? a2 + sin? as 4 

2 sin ay sin (2 sin 3 (4) 

_ œ Singa + az sin a2 +43 sin a3 5 
7 a1 COS &1 + G2 COS @2 + a3 COS Qg ( ) 
csc? w = csc? a1 + csc” az + esc” a3 (6) 
ne (7) 


3 
ya1*92? + a22a3? + a3%a1? 


where A is the TRIANGLE AREA, A, B, and C are AN- 
GLES, and a, b, and c are side lengths. 

If an ANGLE a of a TRIANGLE is given, the maximum 
possible Brocard angle is given by 


cotw = 3 tan($a)+ + cos(50). (8) 


Let a TRIANGLE have ANGLES A, B, and C. Then 


sin Asin B sin C < kABC, (9) 
where ‘ 
e= (52) (10) 
27 


(Le Lionnais 1983). This can be used to prove that 
8w? < ABC (11) 


(Abi-Khuzam 1974). 
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Fig. 9-35. Completed component side of the circuit board. Your finished 
board will look like this. 


and install C10 as shown. Bend it flush with the board before 
soldering. Skip over to the bottom right side of the board and install 
C9. Be sure the negative terminal faces the outside edge of the 
board. That completes capacitor installation on the front of the 
board. 

While you are working with the front, dig out Y1 and install it 
next to C8. Also, bend the crystal over against the board edge 
before soldering. Figure 9-35 shows it standing up, but this is not 
normal practice. 
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see also BROCARD CIRCLE, BROCARD LINE, EQUI- 
BROCARD CENTER, FERMAT POINT, ISOGONIC CEN- 
TERS 
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Brocard Axis 

The LINE KO passing through the LEMOINE POINT K 
and CIRCUMCENTER O of a TRIANGLE. The distance 
OK is called the BROCARD DIAMETER. The Brocard 
axis is PERPENDICULAR to the LEMOINE ÁXIS and is 
the ISOGONAL CONJUGATE of KIEPERT’S HYPERBOLA. 
It has equations 


sin(B — C)a+sin(C — A)8 + sin(A — B)y =0 


be(b? — c?)a + ca(c” — a?)8 + abla” — b*)y =0. 


The LEMOINE POINT, CIRCUMCENTER, ISODYNAMIC 
POINTS, and BROCARD MIDPOINT all lie along the Bro- 
card axis. Note that the Brocard axis is not equivalent 
to the BROCARD LINE. 


see also BROCARD CIRCLE, BROCARD DIAMETER, BRO- 
CARD LINE 


Brocard Circle 


~ 
- 
-“ 


ee EE 


The CIRCLE passing through the first and second BRO- 
CARD POINTS Q and Q’, the LEMOINE POINT K, and 
the CIRCUMCENTER O of a given TRIANGLE. The BRO- 
CARD POINTS Q and Q’ are symmetrical about the LINE 
KO» Which is called the BROCARD LINE. The LINE 
SEGMENT KO is called the BROCARD DIAMETER, and 
1t has length 


OK On _ Ryl—4sinéw 


COS W COS w 


where R is the CIRCUMRADIUS and w is the BROCARD 
ANGLE. The distance between either of the BROCARD 
POINTS and the LEMOINE POINT is 


QK = K = O0 tanw. 


Brocard Line 


see also BROCARD ANGLE, BROCARD DIAMETER, BRO- 
CARD POINTS 
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Brocard’s Conjecture 


2 2 
n(Pn+1 )— (pn) > 4 
for n > 2 where r is the PRIME COUNTING FUNCTION. 
see also ANDRICA’S CONJECTURE 


Brocard Diameter 

The LINE SEGMENT KO joining the LEMOINE POINT K 
and CIRCUMCENTER O of a given TRIANGLE. It is the 
DIAMETER of the TRIANGLE’S BROCARD CIRCLE, and 
lies along the BROCARD Axis. The Brocard diameter 
has length 


OK — On e EU eae 


COS w COS w 


where Q is the first BROCARD POINT, R is the CIRCUM- 
RADIUS, and w is the BROCARD ÁNGLE. 


see also BROCARD AXIS, BROCARD CIRCLE, BROCARD 
LINE, BROCARD POINTS 


Brocard Line 


A, A) 


A LINE from any of the VERTICES A; of a TRIANGLE 
to the first Q or second 2’ BROCARD POINT. Let the 
ANGLE at a VERTEX A; also be denoted A;, and denote 
the intersections of 41N and A,’ with A243 as Wi and 
Wa. Then the ANGLES involving these points are 


LA\ QW; = Ay (1) 
LW3QA2 = As (2) 
LAsQW, = Az. (3) 


Distances involving the points W; and W; are given by 


sin w (4) 


Brocard Midpoint 


AQ = as" = sin(A3 =a w) (5) 
AQ am sinw 
W3A1 _ 42 sinw E ey (6) 
WA; a@isin(As—w) laz) ” 


where w is the BROCARD ANGLE (Johnson 1929, 
pp. 267-268). 


The Brocard line, MEDIAN M, and LEMOINE POINT K 
are concurrent, with A10,, A2K, and A3M meeting at 
a point P. Similarly, AQ’, 42M, and A3K meet at 
a point which is the ISOGONAL CONJUGATE point of P 
(Johnson 1929, pp. 268-269). 


see also BROCARD AXIS, BROCARD DIAMETER, BRO- 
CARD POINTS, ISOGONAL CONJUGATE, LEMOINE 
POINT, MEDIAN (TRIANGLE) 


References 
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Brocard Midpoint 
The MIDPOINT of the BROCARD POINTS. It has TRI- 
ANGLE CENTER FUNCTION 


a = a(b? +c”) = sin( A + w), 


where w is the BROCARD ANGLE. It lies on the BRO- 
CARD AXIS. 


References 
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Brocard Points 


A C 

The first Brocard point is the interior point Q (or 71 
or Zi) of a TRIANGLE for which the ANGLES ZQAB, 
¿QBC, and LOCA are equal. The second Brocard point 
is the interior point Q’ (or T2 or Z2) for which the AN- 
GLES ¿(Y AC, ZO'C'B, and ¿0'BA are equal. The AN- 
GLES in both cases are equal to the BROCARD ANGLE 
Y, 


w = LQAB = ¿QBC = QCA 
= LW AC = /Q'CB = £0'BA. 


The first two Brocard points are ISOGONAL CONJU- 
GATES (Johnson 1929, p. 266). 
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Let Cac be the CIRCLE which passes through the ver- 
tices B and C and is TANGENT to the line AC at C, and 
similarly for Cap and Cgc. Then the CIRCLES Cab, 
Cgc, and Cac intersect in the first Brocard point 2. 
Similarly, let Che be the CIRCLE which passes through 
the vertices B and C and is TANGENT to the line AB at 
B, and similarly for Cy gp and Cac. Then the CIRCLES 
Cm, Ceo, and Chc intersect in the second Brocard 
points Q’ (Johnson 1929, pp. 264-265). 


The PEDAL TRIANGLES of 2 and 1’ are congruent, 
and SIMILAR to the TRIANGLE AABC (Johnson 1929, 
p. 269). Lengths involving the Brocard points include 


OO = OM = Ry 1 — 4sin? w (1) 
QO’ = 2Rsinwvy 1 — 4sin? w. (2) 


Brocard’s third point is related to a given TRIANGLE by 
the TRIANGLE CENTER FUNCTION 


a=a? (3) 


(Casey 1893, Kimberling 1994). The third Brocard 
point Q” (or 73 or Z3) is COLLINEAR with the SPIEKER 
CENTER and the ISOTOMIC CONJUGATE POINT of its 
TRIANGLE’S INCENTER. 


see also BROCARD ANGLE, BROCARD MIDPOINT, EQUI- 
BROCARD CENTER, YFF POINTS 
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Brocard’s Problem 

- Find the values of n for which n!+ 1 is a SQUARE NUM- 
BER m°, where n! is the FACTORIAL (Brocard 1876, 
1885). The only known solutions are n = 4, 5, and 
7, and there are no other solutions < 1027. The pairs of 
numbers (m,n) are called BROWN NUMBERS. 


see also BROWN NUMBERS, FACTORIAL, SQUARE NUM- 
BER 
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Brocard Triangles 

Let the point of intersection of A2Q and As’ be Bi, 
where 2 and (Y are the BROCARD POINTS, and similarly 
define Bz and B3. B¡B2Bx3 is the first Brocard trian- 
gle, and is inversely similar to 414243. It is inscribed 
in the BROCARD CIRCLE drawn with OK as the DIAM- 
ETER. The triangles B,A2A3, B2A3Ai1, and B3A1 A2 
are ISOSCELES TRIANGLES with base angles w, where w 
is the BROCARD ANGLE. The sum of the areas of the 
ISOSCELES TRIANGLES is A, the AREA of TRIANGLE 
A,A2A3. The first Brocard triangle is in perspective 
with the given TRIANGLE, with Ai Bi, A2B2, and A3B3 
CONCURRENT. The MEDIAN POINT of the first Brocard 
triangle is the MEDIAN POINT M of the original triangle. 
The Brocard triangles are in perspective at M. 


Let cı, cz, and c3 and cj, co, and cz be the CIRCLES 
intersecting in the BROCARD POINTS Q and Q’, respec- 
tively. Let the two circles cı and c, tangent at A1 to 
A, A2 and A; A3, and passing respectively through A3 
and Az, meet again at Cı. The triangle C1C2C3 is the 
second Brocard triangle. Each VERTEX of the second 
Brocard triangle lies on the second BROCARD CIRCLE. 


The two Brocard triangles are in perspective at M. 


see also STEINER POINTS, TARRY POINT 
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Bromwich Integral 
The inverse of the LAPLACE TRANSFORM, given by 


where y is a vertical CONTOUR in the COMPLEX PLANE 
chosen so that all singularities of f(s) are to the left of 
it. 
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Brown Function 


Brothers 
A PAIR of consecutive numbers. 


see also PAIR, SMITH BROTHERS, TWINS 


Brouwer Fixed Point Theorem 
Any continuous FUNCTION G : D” —> D” has a FIXED 
POINT, where 


D” = {xE R": +...+4n7 <1} 


is the unit n-BALL. 


see also FIXED POINT THEOREM 
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Browkin’s Theorem 

For every POSITIVE INTEGER n, there exists a SQUARE 
in the plane with exactly n LATTICE POINTS in its inte- 
rior. This was extended by Schinzel and Kulikowski to 
all plane figures of a given shape. The generalization of 
the SQUARE in 2-D to the CUBE in 3-D was also proved 
by Browkin. 


see also CUBE, SCHINZEL'S THEOREM, SQUARE 
References 
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Brown’s Criterion 
A SEQUENCE ([»,] of nondecreasing POSITIVE INTEGERS 
is COMPLETE IFF 


1. vy = 1. 
2, Foral k= 2. 3 rers 


Sk-1 = MM + +... +Vk-1 > vk-—l. 


A corollary states that a SEQUENCE for which vı = 1 
and vk+1 < 2vpk is COMPLETE (Honsberger 1985). 


see also COMPLETE SEQUENCE 
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Brown Function 
For a FRACTAL PROCESS with values y(t— At) and y(t+ 
At), the correlation between these two values is given by 
the Brown function 


E ee 1, 


also known as the BACHELIER FUNCTION, LEVY FUNC- 
TION, or WIENER FUNCTION. 


Brown Numbers 


Brown Numbers 
Brown numbers are PAIRS (m,n) of INTEGERS satisfying 
the condition of BROCARD’S PROBLEM, i.e., such that 


ni+1=m* 


where n! is the FACTORIAL and m” is a SQUARE NUM- 
BER. Only three such PAIRS of numbers are known: 
(5,4), (11,5), (71,7), and Erdós conjectured that these 
are the only three such PAIRS. Le Lionnais (1983) points 
out that there are 3 numbers less than 200,000 for which 


(n-1)!+1=0 (mod n°), 


namely 5, 13, and 563. 


see also BROCARD’S PROBLEM, FACTORIAL, SQUARE 
NUMBER 
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Broyden’s Method 
An extension of the secant method of root finding to 
higher dimensions. 
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Bruck-Ryser-Chowla Theorem 

Ifn = 1,2 (mod 4), and the SQUAREFREE part of n is di- 
visible by a PRIME p = 3 (mod 4), then no DIFFERENCE 
SET of ORDER n exists. Equivalently, if a PROJECTIVE 
PLANE of order n exists, and n = 1 or 2 (mod 4), then 
n is the sum of two SQUARES. 


Dinitz and Stinson (1992) give the theorem in the fol- 
lowing form. If a symmetric (v,k,A)-BLOCK DESIGN 
exists, then 


1. Ifv is EVEN, then k — A is a SQUARE NUMBER, 
2. If v is ODD, the the DIOPHANTINE EQUATION 


r? a (k = My” E (epee 


has a solution in integers, not all of which are 0. 


see also BLOCK DESIGN, FISHER’S BLOCK DESIGN IN- 
EQUALITY 
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Buffalo, NY: 


Bruck-Ryser Theorem 
see BRUCK-RYSER-CHOWLA THEOREM 


Brun’s Constant 
The number obtained by adding the reciprocals of the 
TWIN PRIMES, 


E IE 
By BRUN’S THEOREM, the constant converges to a def- 
inite number as p > oo. Any finite sum underesti- 
mates B. Shanks and Wrench (1974) used all the TWIN 
PRIMES among the first 2 million numbers. Brent (1976) 
calculated all TWIN PRIMES up to 100 billion and ob- 
tained (Ribenboim 1989, p. 146) 


B = 1.90216054, (2) 


assuming the truth of the first HARDY-LITTLEWOOD 
CONJECTURE. Using TWIN PRIMES up to 10**, Nicely 
(1996) obtained 


B = 1.9021605778 + 2.1 x 107° (3) 


(Cipra 1995, 1996), in the process discovering a bug in 
Intel’s® Pentium™ microprocessor. The value given by 
Le Lionnais (1983) is incorrect. 


see also TWIN PRIMES, TWIN PRIME CONJECTURE, 
TWIN PRIMES CONSTANT 
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Brunn-Minkowski Inequality 

The nth root of the CONTENT of the set sum of two sets 
in Euclidean n-space is greater than or equal to the sum 
of the nth roots of the CONTENTS of the individual sets. 


see also TOMOGRAPHY 
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Brun’s Sum 
see BRUN’S CONSTANT 


Brun’s Theorem 

The series producing BRUN’S CONSTANT CONVERGES 
even if there are an infinite number of TWIN PRIMES. 
Proved in 1919 by V. Brun. 


Brunnian Link 

A Brunnian link is a set of n linked loops such that 
each proper sublink is trivial, so that the removal of any 
component leaves a set of trivial unlinked UNKNOTS. 
The BORROMEAN RINGS are the simplest example and 
have n = 3. 


see also BORROMEAN RINGS 
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Brute Force Factorization 


see DIRECT SEARCH FACTORIZATION 


Bubble 

A bubble is a MINIMAL SURFACE of the type that is 
formed by soap film. The simplest bubble is a single 
SPHERE. More complicated forms occur when multi- 
ple bubbles are joined together. Two outstanding prob- 
lems involving bubbles are to find the arrangements with 
the smallest PERIMETER (planar problem) or SURFACE 
AREA (AREA problem) which enclose and separate n 
given unit areas or volumes in the plane or in space. 
For n = 2, the problems are called the DOUBLE BUB- 
BLE CONJECTURE and the solution to both problems is 
known to be the DOUBLE BUBBLE. 


see also DOUBLE BUBBLE, MINIMAL 
PLATEAU’S LAWS, PLATEAU’S PROBLEM 


SURFACE, 
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Buffon’s Needle Problem 


Buchberger’s Algorithm 
The algorithm for the construction of a GROBNER BASIS 
from an arbitrary ideal basis. 


see also GROBNER BASIS 
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Buckminster Fuller Dome 
see GEODESIC DOME 


Buffon-Laplace Needle Problem 


TERATE 
ADS A 


ea + 
Find the probability P(£, a,b) that a needle of length £ 
will land on a line, given a floor with a grid of equally 
spaced PARALLEL LINES distances a and b apart, with 
£ > a,b. 
2£(a +b) — £? 


arab 


P(é,a,b) = 
see also BUFFON’S NEEDLE PROBLEM 


Buffon’s Needle Problem 


Bulirsch-Stoer Algorithm 


Find the probability P(é,d) that a needle of length £ 
will land on a line, given a floor with equally spaced 
PARALLEL LINES a distance d apart. 


271 wf2 
£| cos 6| dé £ 
P(£,d) = == — = —4 6 dé 
| / d 2m nd J i 
7 2f.. 7/2 2¢ 
= zg S2 Fo y 


Several attempts have been made to experimentally de- 
termine a by needle-tossing. For a discussion of the 
relevant statistics and a critical analysis of one of the 
more accurate (and least believable) needle-tossings, see 
Badger (1994). 


see also BUFFON-LAPLACE NEEDLE PROBLEM 
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Bulirsch-Stoer Algorithm 
An algorithm which finds RATIONAL FUNCTION extrap- 
olations of the form 


Palt)  po+pir+...+pux? 


Ru; elitm) = = 
CPt) P (æ) gotaurt...+ qe 


and can be used in the solution of ORDINARY DIFFER- 
ENTIAL EQUATIONS. 
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Bullet Nose 


| 


A plane curve with implicit equation 


In parametric form, 
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z =acost (2) 
y = bcott. (3) 

The CURVATURE is 
pen 3abcottcsct (4) 


(b2 csc4 t + a? sin? £)3/2 


and the TANGENTIAL ANGLE is 


ġ = tan * (==) (5) 


a 
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Bumping Algorithm 

Given a PERMUTATION {pi,p2,---,Pn} of (1, ..., nj, 
the bumping algorithm constructs a standard YOUNG 
TABLEAU by inserting the p; one by one into an already 
constructed YOUNG TABLEAU. To apply the bump- 
ing algorithm, start with {{pi}}, which is a YOUNG 
TABLEAU. If pı through px have already been inserted, 
then in order to insert px+1, start with the first line of 
the already constructed YOUNG TABLEAU and search 
for the first element of this line which is greater than 
Pr+i- If there is no such element, append px+1 to the 
first line and stop. If there is such an element (say, pp), 
exchange pp for px4+1, search the second line using pp, 
and so on. 

see also YOUNG TABLEAU 
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Bundle 
see FIBER BUNDLE 


Burau Representation 

Gives a MATRIX representation b; of a BRAID GROUP 
in terms of (n — 1) x (n — 1) MATRICES. A —t always . 
appears in the (7,2) position. 


-t 0 0 es 0 
=d 1 0 ARN 0 
b, = 0 0 1 --+ 0 (1) 
0 0 1 1 
i 0 0 0 
0 -t 0 0 
b; = | 0 —t 0 0 (2) 
0 E i 0 
0 0 0 
0 0 0 1 
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10- 0 0 
0.1 - 0 0 
O E (3) 
0.0. 0 -t 
0 0 es 0 = 


Let Y be the MATRIX PRODUCT of BRAID WORDS, then 
det(l — Y) 
l+t+. +t 


where Az is the ALEXANDER POLYNOMIAL and det is 
the DETERMINANT. 


= An, (4) 
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Burkhardt Quartic 
The VARIETY which is an invariant of degree four and 
is given by the equation 


Yo = yolyi + Ya + y3 + ya) + 3y1y2y3y4 = Q. 
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Burnside’s Conjecture 
Every non-ABELIAN SIMPLE GROUP has EVEN ORDER. 


see also ABELIAN GROUP, SIMPLE GROUP 


Burnside’s Lemma 

Let J be a FINITE GROUP and the image R(J) be a 
representation which is a HOMEOMORPHISM of J into a 
PERMUTATION GROUP S(X), where S(X) is the GROUP 
of all permutations of a SET X. Define the orbits of R(J) 
as the equivalence classes under x ~ y, which is true if 
there is some permutation p in R(J) such that p(x) = y. 
Define the fixed points of p as the elements x of X for 
which p(x) = x. Then the AVERAGE number of FIXED 
POINTS of permutations in R(J) is equal to the number 
of orbits of R(J). 


The LEMMA was apparently known by Cauchy (1845) in 
obscure form and Frobenius (1887) prior to Burnside’s 
(1900) rediscovery. It was subsequently extended and 
refined by Pélya (1937) for applications in COMBINATO- 
RIAL counting problems. In this form, it is known as 
POLYA ENUMERATION THEOREM. 
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Burnside Problem 


Burnside Problem 

A problem originating with W. Burnside (1902), who 
wrote, “A still undecided point in the theory of dis- 
continuous groups is whether the ORDER of a GROUP 
may be not finite, while the order of every operation 
it contains is finite.” This question would now be 
phrased as “Can a finitely generated group be infinite 
while every element in the group has finite order?” 
(Vaughan-Lee 1990). This question was answered by 
Golod (1964) when he constructed finitely generated in- 
finite p- GROUPS. These GROUPS, however, do not have 
a finite exponent. 


Let F, be the FREE GROUP of RANK r and let N be 
the SUBGROUP generated by the set of nth POWERS 
{g"\g € F,}. Then N is a normal subgroup of Fr. We 
define B(r,n) = F,/N to be the QUOTIENT GROUP. We 
call B(r,n) the r-generator Burnside group of exponent 
n. It is the largest r-generator group of exponent n, in 
the sense that every other such group is a HOMEOMOR- 
PHIC image of B(r,n). The Burnside problem is usually 
stated as: “For which values of r and n is B(r,n) a 
FINITE GROUP?” 


An answer is known for the following values. For r = 1, 
B(1,n) is a CYCLIC GROUP of ORDER n. For n = 2, 
B(r, 2) is an elementary ABELIAN 2-group of ORDER 2”. 
For n = 3, B(r,3) was proved to be finite by Burnside. 
The ORDER of the B(r,3) groups was established by 
Levi and van der Waerden (1933), namely 3° where 


o=r+ (7) +G) 0 


where (7) is a BINOMIAL COEFFICIENT. For n = 4, 
B(r, 4) was proved to be finite by Sanov (1940). Groups 
of exponent four turn out to be the most complicated 
for which a POSITIVE solution is known. The precise 
nilpotency class and derived length are known, as are 
bounds for the ORDER. For example, 


|B(2,4)| = 2? (2) 
|B(3,4)| = 2°° (3) 
|B(4, 4)| = 2°” (4) 
E So" (5) 


while for larger values of r the exact value is not yet 
known. For n = 6, B(r,6) was proved to be finite by 
Hall (1958) with ORDER 2*3”, where 


No other Burnside groups are known to be finite. On 
the other hand, for r > 2 and n > 665, with n ODD, 


Busemann-Petty Problem 


B(r, n) is infinite (Novikov and Adjan 1968). There is a 
similar fact for r > 2 and n a large POWER of 2. 


E. Zelmanov was awarded a FIELDS MEDAL in 1994 for 
his solution of the “restricted” Burnside problem. 


see also FREE GROUP 
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Busemann-Petty Problem 

If the section function of a centered convex body in Eu- 
clidean n-space (n > 3) is smaller than that of another 
such body, is its volume also smaller? 
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Busy Beaver 

A busy beaver is an n-state, 2-symbol, 5-tuple TURING 
MACHINE which writes the maximum possible number 
BB(n) of 1s on an initially blank tape before halting. 
For n = 0, 1, 2, ..., BB(n) is given by 0, 1, 4, 6, 13, 
> 4098, > 136612, .... The busy beaver sequence is 
also known as RADO’S SIGMA FUNCTION. 


see also HALTING PROBLEM, TURING MACHINE 
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Butterfly Catastrophe 


A CATASTROPHE which can occur for four control fac- 
tors and one behavior axis. The equations 


a = c(8at? + 24¢°) 

y =c(—G6at”* — 15t*) 
display such a catastrophe (von Seggern 1993). 
References 


von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, p. 94, 1993. 


Butterfly Curve 


A PLANE CURVE given by the implicit equation 
6 2 6 
y =(@ —u). 


see also DUMBBELL CURVE, EIGHT CURVE, PIRIFORM 
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Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
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Butterfly Effect 

Due to nonlinearities in weather processes, a butterfly 
flapping its wings in Tahiti can, in theory, produce a 
tornado in Kansas. This strong dependence of outcomes 
on very slightly differing initial conditions is a hallmark 
of the mathematical behavior known as CHAOS. 


see also CHAOS, LORENZ SYSTEM 


Butterfly Fractal 


The FRACTAL-like curve generated by the 2-D function 
(z? — y?) sin (=) 


x? + y? 


f(z, y) = 
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Butterfly Polyiamond 


References 


Golomb, S. W. Polyominoes: Puzzles, Patterns, Problems, 
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A 6-POLYIAMOND. 


Butterfly Theorem 
A C 


B 


Given a CHORD PQ of a CIRCLE, draw any other two 
CHORDS AB and CD passing through its MIDPOINT. 
Call the points where AD and BC meet PQ X and Y. 
Then M is the MIDPOINT of XY. 


see also CHORD, CIRCLE, MIDPOINT 
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Butterfly Theorem 


C 


C 
The FIELD of COMPLEX NUMBERS, denoted C. 


see also C*, COMPLEX NUMBER, I, N, Q, R, Z 


C* 
The RIEMANN SPHERE CU {oo}. 


see also C, COMPLEX NUMBER, Q, R, RIEMANN 
SPHERE, Z 


C*-Algebra 
A special type of B*-ALGEBRA in which the INVOLU- 
TION is the ADJOINT OPERATOR in a HILBERT SPACE. 


see also B*-ALGEBRA, k- THEORY 


References 
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C-Curve 
see LEVY FRACTAL 


C-Determinant 
A DETERMINANT appearing in PADE APPROXIMANT 
identities: 


Qr—s+1 Gr—s+2 "°° Ar 


Cr/s a 


ar Qr+1 Qr+s—1 


see also PADE APPROXIMANT 


C-Matrix 

Any SYMMETRIC MATRIX (A? = A) or SKEW SYMMET- 
RIC MATRIX (A? = —A) Cn with diagonal elements 0 
and others +1 satisfying 


CCT = (n — 1), 


where | is the IDENTITY MATRIX, is known as a C- 
matrix (Ball and Coxeter 1987). Examples include 


0 + + + 
af 0. fe: SE 
PE Vins, de Oh = 

= — + 0 

0 + + + + + 

+0 +--+ 
Ti+ + 0+ - 

+ — = + 0 + 

+ += — + 0 
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C-Table 
see C-DETERMINANT 


Cable Knot 
Let Kı be a TORUS KNOT. Then the SATELLITE KNOT 
with COMPANION KNOT Ko is a cable knot on Ko. 
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Cactus Fractal 


A MANDELBROT SET-like FRACTAL obtained by iterat- 
ing the map 


3 
Zn+1 = Zn + (zo — 1)2n — 20. 
see also FRACTAL, JULIA SET, MANDELBROT SET 


Cake Cutting 

It is always possible to “fairly” divide a cake among n 
people using only vertical cuts. Furthermore, it is pos- 
sible to cut and divide a cake such that each person 
believes that everyone has received 1/n of the cake ac- 
cording to his own measure. Finally, if there is some 
piece on which two people disagree, then there is a way 
of partitioning and dividing a cake such that each par- 
ticipant believes that he has obtained more than 1/n of 
the cake according to his own measure. 


Ignoring the height of the cake, the cake-cutting problem 
is really a question of fairly dividing a CIRCLE into n 
equal AREA pieces using cuts in its plane. One method 
of proving fair cake cutting to always be possible relies 
on the FROBENIUS-KONIG THEOREM. 


see also CIRCLE CUTTING, CYLINDER CUTTING, EN- 
VYFREE, FROBENIUS-KONIG THEOREM, HAM SAND- 
WICH THEOREM, PANCAKE THEOREM, PIZZA THEO- 
REM, SQUARE CUTTING, TORUS CUTTING 
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Flip the board over to the foil side so that you can install the 
remaining capacitors. Install C1, standing on end, at the input pad. 
Leave the other end free. Install C7 in the spot near the center of 
the board. Note that on most trimmers there are three leads. The 
two closest together go to the heavy ground foil on this counter, 
while the third goes to the crystal and 1C3. That completes 
capacitor installation. 

Next, the switch and mounting hardware are installed. Attach 
six 3” wires to the terminals of S2. Then wire up this switch as 
shown in Fig. 9-35 and Fig. 9-36, cutting the wires to size as you go 
along. Install four spacers in the corners with 4-40 hardware and 
lockwashers. Note that the spacers are on the front side. 

That just about wraps things up on the module. Finish by 
installing the ICs. Be careful about pin 1 orientation. Remember, 


E | = HDNET 


Fig. 9-36. Schematic diagram of the complete model 304 counter. All parts 
except the batteries and jacks and switch mount directly on a PC board. 
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Monthly 87, 640-644, 1980. 


Cal 
see WALSH FUNCTION 


Calabi’s Triangle 

Equilateral Triangle Calabi’s Triangle 
The one TRIANGLE in addition to the EQUILATERAL 
TRIANGLE for which the largest inscribed SQUARE 
can be inscribed in three different ways. The ra- 


tio of the sides to that of the base is given by z = 
1.55138752455... (Sloane’s A046095), where 


(-23 + 31/237 )*/? 11 


+ pee AAA AA as Se Ss 
3+ 22/8 3[2(-23 + 31/237 )]1/3 


T == 


1 
3 
is the largest POSITIVE ROOT of 

2g? — 24? — 3r +2 = 0, 


which has CONTINUED FRACTION [1, 1, 1, 4, 2, 1, 2, 1, 
5, 2, 1, 3, 1, 1, 390, ...] (Sloane’s A046096). 


see also GRAHAM'S BIGGEST LITTLE HEXAGON 
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Calabi-Yau Space 
A structure into which the 6 extra DIMENSIONS of 10-D 
string theory curl up. 


Calculus 
In general, “a” calculus is an abstract theory developed 
in a purely formal way. 


“The” calculus, more properly called ANALYSIS (or 
REAL ANALYSIS or, in older literature, INFINITESIMAL 
ANALYSIS) is the branch of mathematics studying the 
rate of change of quantities (which can be interpreted as 
SLOPES of curves) and the length, AREA, and VOLUME 
of objects. The CALCULUS is sometimes divided into 
DIFFERENTIAL and INTEGRAL CALCULUS, concerned 
with DERIVATIVES J 


da (x) 


Calculus of Variations 


J f(a) de, 


While ideas related to calculus had been known for some 
time (Archimedes’ EXHAUSTION METHOD was a form 
of calculus), it was not until the independent work of 
Newton and Leibniz that the modern elegant tools and 
ideas of calculus were developed. Even so, many years 
elapsed until the subject was put on a mathematically 
rigorous footing by mathematicians such as Weierstraf. 


and INTEGRALS 


respectively. 


see also ARC LENGTH, AREA, CALCULUS OF VARI- 
ATIONS, CHANGE OF VARIABLES THEOREM, DE- 
RIVATIVE, DIFFERENTIAL CALCULUS, ELLIPSOIDAL 
CALCULUS, EXTENSIONS CALCULUS, FLUENT, FLUX- 
ION, FRACTIONAL CALCULUS, FUNCTIONAL CALCULUS, 
FUNDAMENTAL THEOREMS OF CALCULUS, HEAVISIDE 
CALCULUS, INTEGRAL, INTEGRAL CALCULUS, JACO- 
BIAN, LAMBDA CALCULUS, KIRBY CALCULUS, MALLI- 
AVIN CALCULUS, PREDICATE CALCULUS, PROPOSI- 
TIONAL CALCULUS, SLOPE, TENSOR CALCULUS, UM- 
BRAL CALCULUS, VOLUME 
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Calculus of Variations 

A branch of mathematics which is a sort of general- 
ization of CALCULUS. Calculus of variations seeks to 
find the path, curve, surface, etc., for which a given 
FUNCTION has a STATIONARY VALUE (which, in physical 


Calcus 


problems, is usually a MINIMUM or MAXIMUM). Mathe- 
matically, this involves finding STATIONARY VALUES of 
integrals of the form 


= | ia (1) 


I has an extremum only if the EULER-LAGRANGE DIF- 
FERENTIAL EQUATION is satisfied, i.e., if 


of da (Of\ — 
LO o (2) 


The FUNDAMENTAL LEMMA OF CALCULUS OF VARIA- 
TIONS states that, if 


b 
J M(z)h(x)dz = 0 (3) 


for all h(x) with CONTINUOUS second PARTIAL DERIVA- 
TIVES, then 
M(z)=0 | (4) 


on (a,b). 

see also BELTRAMI IDENTITY, BOLZA PROBLEM, 
BRACHISTOCHRONE PROBLEM, CATENARY, ENVE- 
LOPE THEOREM, EULER-LAGRANGE DIFFERENTIAL 
EQUATION, ISOPERIMETRIC PROBLEM, ISOVOLUME 
PROBLEM, LINDELOF’S THEOREM, PLATEAU’S PROB- 
LEM, POINT-POINT DISTANCE—2-D, POINT-POINT 
DISTANCE—-3-D, ROULETTE, SKEW QUADRILATERAL, 
SPHERE WITH TUNNEL, UNDULOID, WEIERSTRAB- 
ERDMAN CORNER CONDITION 
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Calcus 


= i 
1 calcus = EE 


see also HALF, QUARTER, SCRUPLE, UNCIA, UNIT 
FRACTION 
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Calderoén’s Formula 


fl) = Cy l / (5,499) yh (a)a-? da de, 


where 


Ya) = lag (2). 


This result was originally derived using HARMONIC 
ANALYSIS, but also follows from a WAVELETS viewpoint. 


Caliban Puzzle 
A puzzle in LOGIC in which one or more facts must be 
inferred from a set of given facts. 


Calvary Cross 


see also CROSS 


Cameron’s Sum-Free Set Constant 

A set of POSITIVE INTEGERS S is sum-free if the equa- 
tion « + y = z has no solutions zx, y, z € S. The proba- 
bility that a random sum-free set S consists entirely of 
ODD INTEGERS satisfies 


0.21759 < e < 0.21862. 
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Cancellation 
see ANOMALOUS CANCELLATION 


Cancellation Law 
If be = bd (mod a) and (b,a) = 1 (i.e., a and b are 
RELATIVELY PRIME), then c =d (mod a). 


see also CONGRUENCE 
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Cannonball Problem 

Find a way to stack a SQUARE of cannonballs laid out on 
the ground into a SQUARE PYRAMID (i.e., find a SQUARE 
NUMBER which is also SQUARE PYRAMIDAL). This cor- 
responds to solving the DIOPHANTINE EQUATION 


i? = 1k(1+k)(14+ 2k) = N’ 


k 
= 


1 


for some pyramid height k. The only solution is k = 24, 
N = 70, corresponding to 4900 cannonballs (Ball and 
Coxeter 1987, Dickson 1952), as conjectured by Lucas 
(1875, 1876) and proved by Watson (1918). 


see also SPHERE PACKING, SQUARE NUMBER, SQUARE 
PYRAMID, SQUARE PYRAMIDAL NUMBER. 
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Canonical Form 
A clear-cut way of describing every object in a class in 
a ONE-TO-ONE manner. 


see also NORMAL FORM, ONE-TO-ONE 
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Canonical Polyhedron 

A POLYHEDRON is said to be canonical if all its EDGES 
touch a SPHERE and the center of gravity of their contact 
points is the center of that SPHERE. Each combinato- 
rial type of (GENUS zero) polyhedron contains just one 
canonical version. The ARCHIMEDEAN SOLIDS and their 
DUALS are all canonical. 
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Posting to 


Canonical Transformation 


see SYMPLECTIC DIFFEOMORPHISM 


Cantor Comb 
see CANTOR SET 


Cantor Dust 


Cantor-Dedekind Axiom 
The points on a line can be put into a ONE-TO-ONE 
correspondence with the REAL NUMBERS. 


see also CARDINAL NUMBER, CONTINUUM HYPOTHE- 
SIs, DEDEKIND CUT 


Cantor Diagonal Slash 

A clever and rather abstract technique used by Georg 
Cantor to show that the INTEGERS and REALS cannot be 
put into a ONE-TO-ONE correspondence (i.e., the INFIN- 
ITY of REAL NUMBERS is “larger” than the INFINITY of 
INTEGERS). It proceeds by constructing a new member 
S' of a SET from already known members S by arrang- 
ing its nth term to differ from the nth term of the nth 
member of S. The tricky part is that this is done in 
such a way that the SET including the new member has 
a larger CARDINALITY than the original SET S. 


see also CARDINALITY, CONTINUUM HYPOTHESIS, DE- 
NUMERABLE SET 
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Cantor Dust 


WRITING by creating a matrix three times the size of the 
current matrix using the rules 


line 1: "x"->"xk o! ; noish " 
line 2; "*"->" Won noon n 
line 3: "*x"—->"x k" h n" " 


Let Nn be the number of black boxes, Ln the length of 
a side of a white box, and A, the fractional AREA of 
black boxes after the nth iteration. 


Na = 5” (1) 
La = (4)" =3” (2) 
An = En Nn = (2)”. (3) 


The CAPACITY DIMENSION is therefore 


In Nn o In(5”) 
deap = l == fanny 
p Paea n Ln Bas In(3-”) 
In5 
= — = 1.464973521.... 4 
In 3 (4) 


see also BOX FRACTAL, SIERPINSKI CARPET, SIERPIN- 
SKI SIEVE 


Cantor’s Equation 
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Cantor’s Equation 


wW =E, 


where w is an ORDINAL NUMBER and e is an INACCES- 
SIBLE CARDINAL. 


see also INACCESSIBLE CARDINAL, ORDINAL NUMBER 
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Cantor Function 
The function whose values are 


(Z+. P +32) 


2 gma" gm 


for any number between 


a= en ae + Cm-1 TEA 
Tn a 3gm-1 gm 
and À 
ee NEL y Se 
3 $ E gm-1 = 3™ 


Chalice (1991) shows that any real-values function F(z) 
on [0, 1] which is MONOTONE INCREASING and satisfies 
1. F(0) = 0, 

2. F(a/3) =F (2) /2, 

3. F(1-x2)=1-F( zx) 

is the Cantor function. 

see also CANTOR SET, DEVIL'S STAIRCASE 
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Cantor’s Paradox 

The SET of all SETS is its own POWER SET. Therefore, 
the CARDINALITY of the SET of all SETS must be bigger 
than itself. 


see also CANTOR’S THEOREM, POWER SET 
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Cantor Set 

The Cantor set (Too) is given by taking the interval [0,1] 
(set To), removing the middle third (Tı), removing the 
middle third of each of the two remaining pieces (T2), 
and continuing this procedure ad infinitum. It is there- 
fore the set of points in the INTERVAL [0,1] whose ternary 
expansions do not contain 1, illustrated below. 


This produces the SET of REAL NUMBERS {z} such that 
en Fist (1) 


where cn may equal 0 or 2 for each n. This is an infinite, 
PERFECT SET. The total length of the LINE SEGMENTS 
in the nth iteration is 


o a 


and the number of LINE SEGMENTS is Nn = 2”, so the 


_ length of each element is 


NE 
REN (3) (3) 
and the CAPACITY DIMENSION is 
d In N =a i nin 2 
“ap orlne  n>e-—nin3 
In 2 

= —— = 0.630929.... 4 
In3 ( ) 


The Cantor set is nowhere DENSE, so it has LEBESGUE 
MEASURE 0. 


A general Cantor set is a CLOSED SET consisting en- 
tirely of BOUNDARY POINTS. Such sets are UNCOUNT- 
ABLE and may have 0 or POSITIVE LEBESGUE MEA- 
SURE. The Cantor set is the only totally disconnected, 
perfect, COMPACT METRIC SPACE up to a HOMEOMOR- 
PHISM (Willard 1970). 


see also ALEXANDER'S HORNED SPHERE, ANTOINE’S 
NECKLACE, CANTOR FUNCTION 
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A FRACTAL which can be constructed using STRING RE- 
WRITING by creating a matrix three times the size of the 
current matrix using the rules 


line 1: "*"->"xxx" " SM 
line 2: "x'"=>'"o x" > " 
line 3: Mak Hm > kkk! tht " 


The first few steps are illustrated above. 


The size of the unit element after the nth iteration is 


and the number of elements is given by the RECUR- 
RENCE RELATION 


where N; = 5, and the first few numbers of elements are 
5, 65, 665, 6305, .... Expanding out gives 


Nn = DIS O 
k=0 


The CAPACITY DIMENSION is therefore 


Dis in Na _ ee In(9” — 4”) 
n>00 In Les n—>00 (8%) 
ta D) m9 203, 
n->00 In(377) In 3 In 3 


Since the DIMENSION of the filled part is 2 (i.e., the 
SQUARE is completely filled), Cantor’s square fractal is 
not a true FRACTAL. 


see also BOX FRACTAL, CANTOR DUST 
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Cantor’s Theorem 

The CARDINAL NUMBER of any set is lower than the 
CARDINAL NUMBER of the set of all its subsets. A 
COROLLARY is that there is no highest N (ALEPH). 


see also CANTOR’S PARADOX. 


Cap 
see CROSS-CAP, SPHERICAL CAP 


Capacity 
see TRANSFINITE DIAMETER 


Cardano’s Formula 


Capacity Dimension 

A DIMENSION also called the FRACTAL DIMEN- 
SION, HAUSDORFF DIMENSION, and HAUSDORFF- 
BESICOVITCH DIMENSION in which nonintegral values 
are permitted. Objects whose capacity dimension is dif- 
ferent from their TOPOLOGICAL DIMENSION are called 
FRACTALS. The capacity dimension of a compact MET- 
RIC SPACE X is a REAL NUMBER deapacity such that if 
n(e) denotes the minimum number of open sets of diam- 
eter less than or equal to e, then n(e) is proportional to 


e”? ase > 0. Explicitly, 


deapacity = — lim 


(if the limit exists), where N is the number of elements 
forming a finite COVER of the relevant METRIC SPACE 
and e is a bound on the diameter of the sets involved 
(informally, € is the size of each element used to cover 
the set, which is taken to to approach 0). If each ele- 
ment of a FRACTAL is equally likely to be visited, then 
deapacity = dinformation) where dinformation 18 the INFOR- 
MATION DIMENSION. The capacity dimension satisfies 


correlation < dinformation < deapacity 


where deorrelation 18 the CORRELATION DIMENSION, and 
is conjectured to be equal to the LYAPUNOV DIMENSION. 


see also CORRELATION EXPONENT, DIMENSION, HAUS- 
DORFF DIMENSION, KAPLAN-YORKE DIMENSION 
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Carathéodory Derivative 
A function f is Carathéodory differentiable at a if there 
exists a function f which is CONTINUOUS at a such that 


f(x) — fla) = p(x)tz — a). 


Every function which is Carathéodory differentiable is 
also FRECHET DIFFERENTIABLE. 


see also DERIVATIVE, FRECHET DERIVATIVE 


Carathéodory’s Fundamental Theorem 
Each point in the CONVEX HULL of a set S in R” is in 
the convex combination of n + 1 or fewer points of S. 


see also CONVEX HULL, HELLY’S THEOREM 


Cardano’s Formula 
see CUBIC EQUATION 


Cardinal Number 


Cardinal Number 
In informal usage, a cardinal number is a number used 
in counting (a COUNTING NUMBER), such as 1, 2, 3,.... 


Formally, a cardinal number is a type of number defined 
in such a way that any method of counting SETS using it 
gives the same result. (This is not true for the ORDINAL 
NUMBERS.) In fact, the cardinal numbers are obtained 
by collecting all ORDINAL NUMBERS which are obtain- 
able by counting a given set. A set has No (ALEPH-0) 
members if it can be put into a ONE-TO-ONE correspon- 
dence with the finite ORDINAL NUMBERS. 


Two sets are said to have the same cardinal number if 
all the elements in the sets can be paired off ONE-TO- 
ONE. An INACCESSIBLE CARDINAL cannot be expressed 
in terms of a smaller number of smaller cardinals. 


see also ALEPH, ALEPH-0 (No), ALEPH-1 (81), CAN- 
TOR-DEDEKIND AXIOM, CANTOR DIAGONAL SLASH, 
CONTINUUM, CONTINUUM HYPOTHESIS, EQUIPOL- 
LENT, INACCESSIBLE CARDINALS AXIOM, INFINITY, 
ORDINAL NUMBER, POWER SET, SURREAL NUMBER, 
UNCOUNTABLE SET 
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Cardinality 
see CARDINAL NUMBER 


Cardioid 


The curve given by the POLAR equation 
r=a(1+cos@), (1) 
sometimes also written 
r = 2b(1 + cos 0), (2) 
where b = a/2, the CARTESIAN equation 


(z? + y? — ax)? = a° (a? + y?), (3) 
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and the parametric equations 


x = acost(1-+ cost) (4) 
y = asint(1+ cost). (5) 


The cardioid is a degenerate case of the LIMACON. It is 
also a 1-CUSPED EPICYCLOID (with r = R) and is the 
CAUSTIC formed by rays originating at a point on the 
circumference of a CIRCLE and reflected by the CIRCLE. 


The name cardioid was first used by de Castillon in 
Philosophical Transactions of the Royal Society in 1741. 
Its ARC LENGTH was found by La Hire in 1708. There 
are exactly three PARALLEL TANGENTS to the cardioid 
with any given gradient. Also, the TANGENTS at the 
ends of any CHORD through the CUSP point are at 
RIGHT ANGLES. The length of any CHORD through the 
CUSP point is 2a. 


/ 


( 


n 


The cardioid may also be generated as follows. Draw 
a CIRCLE C and fix a point A on it. Now draw a set 
of CIRCLES centered on the CIRCUMFERENCE of C and 
passing through A. The ENVELOPE of these CIRCLES 
is then a cardioid (Pedoe 1995). Let the CIRCLE C be 
centered at the origin and have RADIUS 1, and let the 
fixed point be A = (1,0). Then the RADIUS of a CIRCLE 
centered at an ANGLE @ from (1, 0) is 


r° = (0 — cos@)? + (1 — sin 0)? 
= cos*6+1—2sin@ + sin? 6 
= 2(1 — sin 8). (6) 


s(t) 
kit) 
phi(t) 


tE 
The ARC LENGTH, CURVATURE, and TANGENTIAL AN- 
GLE are 


= /arcost3014t = aasiaga) (7) 
0 
_ 3|sec(50)| 
LT a 8) 
p= 56. (9) 


As usual, care must be taken in the evaluation of s(t) 
for t > m. Since (7) comes from an integral involving the 
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ABSOLUTE VALUE of a function, it must be monotonic 


increasing. Each QUADRANT can be treated correctly 
by defining 


TV 


n= =| +1, (10) 


where |z| is the FLOOR FUNCTION, giving the formula 


s(t) = ayn (mod DIA sin(3t) +8 |¿n] (11) 
The PERIMETER of the curve is 
27 T 
L = | |2a cos(>6)| dé = sa | cos(30) dé 
0 0 


a f2 r/2 
= sa | cos p(2 dé) = 8a | cos $ do 
0 0 
= 8a[sin $]? = 8a. (12) 


The AREA is 


2r 27 
a=; f Pao = ta? | (1 + 2cos@ + cos? 6) dé 
0 0 


27 
a f {1+ 2cos8 + Ł[1 + cos(20)]) de 
0 


27 
= za? | [2 + 2cos@ + 3 cos(20)] dé 
0 


= TAEL + 2sin@ + t sin(20)]5" = ira”. (13) 


see also CIRCLE, CISSOID, CONCHOID, EQUIANGULAR 
SPIRAL, LEMNISCATE, LIMACON, MANDELBROT SET 
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Cardioid Caustic 

The CATACAUSTIC of a CARDIOID for a RADIANT POINT 
at the CUSP is a NEPHROID. The CATACAUSTIC for 
PARALLEL rays crossing a CIRCLE is a CARDIOID. 


Cards 


Cardioid Evolute 


z = 2a + zacos0(1 — cos 0) 


y = zasin0(1 — cos). 


This is a mirror-image CARDIOID with a’ = a/3. 


Cardioid Inverse Curve 
If the Cusp of the cardioid is taken as the INVERSION 
CENTER, the cardioid inverts to a PARABOLA. 


Cardioid Involute 


x = 2a + 3a cos 0(1 — cos@) 
y = 3asin0(1 — cos 0). 


This is a mirror-image CARDIOID with a' = 3a. 


Cardioid Pedal Curve 


The PEDAL CURVE of the CARDIOID where the PEDAL 
POINT is the CUSP is CAYLEY’S SEXTIC. 


Cards 

Cards are a set of n rectangular pieces of cardboard 
with markings on one side and a uniform pattern on the 
other. The collection of all cards is called a “deck,” and 
a normal deck of cards consists of 52 cards of four dif- 
ferent “suits.” The suits are called clubs (+), diamonds 
(<>), hearts (9), and spades (@). Spades and clubs are 


Carleman’s Inequality 


colored black, while hearts and diamonds are colored 
red. The cards of each suit are numbered 1 through 13, 
where the special terms ace (1), jack (11), queen (12), 
and king (13) are used instead of numbers 1 and 11-13. 


The randomization of the order of cards in a deck is 
called SHUFFLING. Cards are used in many gambling 
games (such as POKER), and the investigation of the 
probabilities of various outcomes in card games was one 
of the original motivations for the development of mod- 
ern PROBABILITY theory. 


see also BRIDGE CARD GAME, CLOCK SOLITAIRE, 
COIN, COIN TOSSING, DICE, POKER, SHUFFLE 


Carleman’s Inequality 
Let {a;}#_, be a SET of POSITIVE numbers. Then the 
GEOMETRIC MEAN and ARITHMETIC MEAN satisfy 


Tt 


n 
ri 
. 1 n 
= 


i=l 


Here, the constant e is the best possible, in the sense 
that counterexamples can be constructed for any stricter 
INEQUALITY which uses a smaller constant. 


see also ARITHMETIC MEAN, e, GEOMETRIC MEAN 
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Carlson-Levin Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Assume that f is a NONNEGATIVE REAL function on 
[0, 00) and that the two integrals 


J PM fo) de (1) 


/ © gt (a) de (2) 


exist and are FINITE. If p= q = 2 and À = p= 1, 
Carlson (1934) determined 


oo CO 1/4 
/ f(2) dx < yr (| Ala) de) 
00 1/4 
alfa dx 3 
x ( J HO} (3) 


and showed that yr is the best constant (in the sense 
that counterexamples can be constructed for any stricter 
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INEQUALITY which uses a smaller constant). For the 
general case 


| ” f(a)de < C ( J Í PAP de) 
x ( J Sopas) (4) 


and Levin (1948) showed that the best constant 


Q 


PONE ESA 
= (ps)*(qt)* | (A+ wr (4) | j 
where 
_ H 
°= put qn 6) 
t= A (7) 
pp + qa 
a=1-s-t (8) 


and T(z) is the GAMMA FUNCTION. 
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Carlson’s Theorem 

If f(z) is regular and of the form O(e*!*l) where k < 7, 
for R[z] > 0, and if f(z) = 0 for z = 0, 1,..., then f(z) 
is identically zero. 


see also GENERALIZED HYPERGEOMETRIC FUNCTION 
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Carlyle Circle 


Consider a QUADRATIC EQUATION 2” —sxz+p = 0 where 
s and p denote signed lengths. ‘The CIRCLE which has 
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the points A = (0,1) and B = (s,p) as a DIAMETER 
is then called the Carlyle circle Cy p of the equation. 
The CENTER of Cy p is then at the MIDPOINT of AB, 
M = (s/2,(1+ p)/2), which is also the MIDPOINT of 
S = (s,0) and Y = (0,1 + p). Call the points at which 
Cs, p crosses the z-AXIS Hı = (21,0) and H2 = (2,0) 
(with zı > 22). Then 


s = Lı +H £o 


p= 1122 
(x — xı (x — 22) = z? — sr +p, 


so £1 and gzz are the RoorTSs of the quadratic equation. 


see also 257-GON, 65537-GON, HEPTADECAGON, PEN- 
TAGON 
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Carmichael Condition 
A number n satisfies the Carmichael condition IFF (p — 
1)|(n/p — 1) for all PRIME DIVISORS p of n. This is 


equivalent to the condition (p — 1)|(n — 1) for all PRIME 


DIVISORS p ofn. 
see also CARMICHAEL NUMBER 
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Carmichael”s Conjecture 
Carmichael's conjecture asserts that there are an IN- 
FINITE number of CARMICHAEL NUMBERS. This was 
proven by Alford et al. (1994). 


see also CARMICHAEL NUMBER, CARMICHAEL’S TO- 
TIENT FUNCTION CONJECTURE 
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Carmichael Number 


Carmichael Function 

A(n) is the LEAST COMMON MULTIPLE (LCM) of all the 
FACTORS of the TOTIENT FUNCTION @(n), except that 
if 8|n, then 2°~* is a FACTOR instead of 2%”*, 


p(n) 

forn=p*,p=2anda< 2, orp>3 
zon) 

for n = 2% and a > 3 
LOMÍ[A(p;”*)]: 

for n = [[; p:“. 


Some special values are 


M1) =1 
M2) =1 
MA) =2 

M9”) = 9-2 


for r > 3, and 


for p an ODD PRIME and r > 1. The ORDER of a (mod 
n) is at most A(n) (Ribenboim 1989). The values of A(n) 
for the first few n are 1, 1, 2, 2, 4, 2, 6, 4, 10, 2, 12,... 
(Sloane's A011773). 


see also MODULO MULTIPLICATION GROUP 
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Carmichael Number 
A Carmichael number is an ODD COMPOSITE NUMBER 
n which satisfies FERMAT’S LITTLE THEOREM 


a” —~1=0 (mod n) 


for every choice of a satisfying (a,n) = 1 (i.e., a and 
n are RELATIVELY PRIME) with 1 < a < n. A Car- 
michael number is therefore a PSEUDOPRIMES to any 
base. Carmichael numbers therefore cannot be found 
to be COMPOSITE using FERMAT’S LITTLE THEOREM. 
However, if (a,n) Æ 1, the congruence of FERMAT’S LIT- 
TLE THEOREM is sometimes NONZERO, thus identifying 
a Carmichael number n as COMPOSITES. 


Carmichael numbers are sometimes called ABSOLUTE 
PSEUDOPRIMES and also satisfy KORSELT’S CRITERION. 
R. D. Carmichael first noted the existence of such num- 
bers in 1910, computed 15 examples, and conjectured 
that there were infinitely many (a fact finally proved by 
Alford et al. 1994). 


Carmichael Number 


The first few Carmichael numbers are 561, 1105, 1729, 
2465, 2821, 6601, 8911, 10585, 15841, 29341, 
(Sloane's A002997). Carmichael numbers have at least 
three PRIME FACTORS. For Carmichael numbers with 
exactly three PRIME FACTORS, once one of the PRIMES 
has been specified, there are only a finite number of Car- 
michael numbers which can be constructed. Numbers of 
the form (6k+1)(12k+1)(18k+1) are Carmichael num- 
bers if each of the factors is PRIME (Korselt 1899, Ore 
1988, Guy 1994). This can be seen since for 


N = (6k+1)(12k+1)(18k+1) = 1296k*+396k*+36k+1, 


N — 1 is a multiple of 36k and the LEAST COMMON 
MULTIPLE of 6k, 12k, and 18k is 36k, so a~t? = 1 
modulo each of the PRIMES 6k + 1, 12k + 1, and 18k + 
1, hence a¥~* = 1 modulo their product. The first 
few such Carmichael numbers correspond to k = 1, 6, 
35, 45, 51, 55, 56, ... and are 1729, 294409, 56052361, 
118901521, ... (Sloane's A046025). The largest known 
Carmichael number of this form was found by H. Dubner 
in 1996 and has 1025 digits. 


The smallest Carmichael numbers having 3, 4, ... fac- 
tors are 561 = 3 x 11 x 17, 41041 = 7 x 11 x 13 x 41, 
825265, 321197185, (Sloane’s A006931). In total, 
there are only 43 Carmichael numbers < 10°, 2163 
< 2.5 x 107°, 105,212 < 10%, and 246,683 < 10** (Pinch 
1993). Let C(n) denote the number of Carmichael num- 
bers less than n. Then, for sufficiently large n (n ~ 10° 
from numerical evidence), 


Cln) ~n?” 


(Alford et al. 1994). 


The Carmichael numbers have the following properties: 


1. If a PRIME p divides the Carmichael number 
n, then n = 1 (mod p- 1) implies that n = 
p (mod p(p — 1)). 

2. Every Carmichael number is SQUAREFREE. 


3. An ODD COMPOSITE SQUAREFREE number n is a 
Carmichael number IFF n divides the DENOMINATOR 
of the BERNOULLI NUMBER B,,-1. 


see also CARMICHAEL CONDITION, PSEUDOPRIME 
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Carmichael Sequence 
A FINITE, INCREASING SEQUENCE of INTEGERS {a1, 
, Am j such that 


(a; — 1)|(a1---ai-1) 


fori = 1,..., m, where min indicates that m DIVIDES n. 
A Carmichael sequence has exclusive EVEN or ODD ele- 
ments. There are infinitely many Carmichael sequences 
for every order. 


see also GIUGA SEQUENCE 
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sohn, R. “Giuga’s Conjecture on Primality.” Amer. Math. 
Monthly 103, 40-50, 1996. 


Carmichael’s Theorem 
If a and n are RELATIVELY PRIME so that the GREATEST 
COMMON DENOMINATOR GCD(a,n) = 1, then 


aX") =1 (mod n), 
where A is the CARMICHAEL FUNCTION. 


Carmichael’s Totient Function Conjecture 

It is thought that the TOTIENT VALENCE FUNCTION 
Ng(m) > 2 (ie., the TOTIENT VALENCE FUNCTION 
never takes the value 1). This assertion is called Car- 
michael’s totient function conjecture and is equivalent 
to the statement that there exists an m Y n such 
that ¢(n) = p(m) (Ribenboim 1996, pp. 39-40). Any 
counterexample to the conjecture must have more than 
10,000 DiciTs (Conway and Guy 1996). Recently, 
the conjecture was reportedly proven by F. Saidak in 
November, 1997 with a proof short enough to fit on a 
postcard. 


see also TOTIENT FUNCTION, TOTIENT VALENCE 


FUNCTION 
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194 Carnot’s Polygon Theorem 


Carnot’s Polygon Theorem 
If Pi, Pa, ..., are the VERTICES of a finite POLYGON 
with no “minimal sides” and the side P; P; meets a curve 
in the POINTS Pij1 and Pij2, then 


[], Pi Pia: | [; PoPaa: + Jh; Pn Pai | 
I]; Py Puii- | f; Pe Poi 


3 


where AB denotes the DISTANCE from POINT A to B. 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, p. 190, 1959. 


Carnot’s Theorem 

Given any TRIANGLE A, 4243, the signed sum of PER- 
PENDICULAR distances from the CIRCUMCENTER O to 
the sides is 


OO; + O02 +003 = R +r, 


where r is the INRADIUS and R is the CIRCUMRADIUS. 
The sign of the distance is chosen to be POSITIVE IFF 
the entire segment OO; lies outside the TRIANGLE. 


see also JAPANESE TRIANGULATION THEOREM 
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Carotid-Kundalini Fractal 


Fractal Valley 


Gaussian Mtn. Oscillation Land 


A fractal-like structure is produced for x < 0 by super- 
posing plots of CAROTID-KUNDALINI FUNCTIONS CK, 
of different orders n. The region —1 < z < 0 is called 
FRACTAL LAND by Pickover (1995), the central region 
the GAUSSIAN MOUNTAIN RANGE, and the region z > 0 
OSCILLATION LAND. The plot above shows n = 1 to 25. 
Gaps in FRACTAL LAND occur whenever 


p 


1 
E 2r- 


LCOS — 


for p and q RELATIVELY PRIME INTEGERS. At such 
points x, the functions assume the |(q + 1)/2] values 


Cartan Torsion Coefficient 


cos(2rr/q) for r = 0, 1, ..., |¢/2|, where [z] is the 
CEILING FUNCTION and |z] is the FLOOR FUNCTION. 
References 

Pickover, C. A. “Are Infinite Carotid-Kundalini Functions 


Fractal?” Ch. 24 in Keys to Infinity. New York: W. H. 
Freeman, pp. 179-181, 1995. 


Carotid-Kundalini Function 
The FUNCTION given by 


CKn(x) = cos(nzcos * 2), 


where n is an INTEGER and —1 < gz < 1. 
see also CAROTID-KUNDALINI FRACTAL 


Carry 


1 | caries 
1 5 8- addend 1 
+ 2 4 9 ~@ addend 2 


4 0 7 <@ sum 


The operating of shifting the leading DIGITS of an AD- 
DITION into the next column to the left when the SUM of 
that column exceeds a single DIGIT (i.e., 9 in base 10). 


see also ADDEND, ADDITION, BORROW 


Carrying Capacity 
see LOGISTIC GROWTH CURVE 


Cartan Matrix 
A MATRIX used in the presentation of a LIE ALGEBRA. 


References 
Jacobson, N. Lie Algebras. New York: Dover, p. 121, 1979. 


Cartan Relation | | 

The relationship Sg (x — y) = Ey4r=:8q? (2) — Sq (y) 
encountered in the definition of the STEENROD ALGE- 
BRA. 


Cartan Subgroup 
A type of maximal Abelian SUBGROUP. 


References 


Knapp, A. W. “Group Representations and Harmonic Anal- 
ysis, Part 11.” Not. Amer. Math. Soc. 43, 537-549, 1996. 


Cartan Torsion Coefficient 
The ANTISYMMETRIC parts of the CONNECTION COEF- 
FICIENT I yp. 


Cartesian Coordinates 


Cartesian Coordinates 
z-axis 


x-axis - 
y-axis 


Cartesian coordinates are rectilinear 2-D or 3-D coordi- 
nates (and therefore a special case of CURVILINEAR CoO- 
ORDINATES) which are also called RECTANGULAR Co- 
ORDINATES. The three axes of 3-D Cartesian coordi- 
nates, conventionally denoted the z-, y-, and z-AXES (a 
NOTATION due to Descartes) are chosen to be linear and 
mutually PERPENDICULAR. In 3-D, the coordinates z, 
y, and z may lie anywhere in the INTERVAL (—oo, 00). 


The SCALE FACTORS of Cartesian coordinates are all 
unity, h; = 1. The LINE ELEMENT is given by 


ds = dr X + dy y +dzZ, (1) 


and the VOLUME ELEMENT by 


dV = dz dy dz. (2) 


The GRADIENT has a particularly simple form, 


O O O 
V = ġ— + ŷ— +2 3 
Eo T i (3) 
as does the LAPLACIAN 
2 2 2 
pia OE e oF (4) 


_ OF OF F 
Ox? Oy? Oz? 
OF, ds PE, OF, 

Ox? Oy? Oz? 

af OF BY. “OF By) F, 
eS ( Ox? a Oy? ar Oz? 

: (55 OF, oe) 
+z : 


Ox? Oy” j Oz? 


(5) 


The DIVERGENCE is 


O 
XL 


and the CURL 1s 


x Y 4 
= ð ð ð 
VESI “ay: “Ge 
Es Ey To 
OF, OF,\. (5 =) A 
Oy Z Oz Ox 
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The GRADIENT of the DIVERGENCE is 


9 f dug Oty duz 
Oz ( Ox + Oy A Oz 


Miva |g (Sect es) 


a 
2 
_ |e Ou,  Ouy | Ouz 
=|] (G+ Be), (8) 


LAPLACE’S EQUATION is separable in Cartesian coordi- 
nates. 


see also COORDINATES, HELMHOLTZ DIFFERENTIAL 
EQUATION—-CARTESIAN COORDINATES 
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Cartesian Ovals 


| 
| 
\ ti 


ay 
KY 


A curve consisting of two ovals which was first studied 
by Descartes in 1637. It is the locus of a point P whose 
distances from two FOCI Fi and Fù in two-center BIPO- 
LAR COORDINATES satisfy 


mr nr =k, (1) 


where m,n are POSITIVE INTEGERS, k is a POSITIVE 
real, and r and r’ are the distances from F, and Fz. If 
m = n, the oval becomes an an ELLIPSE. In CARTESIAN 
COORDINATES, the Cartesian ovals can be written 


my/ (z — a)? +y? +ny/ (z +a)? +y? =k° (2) 


(£ +y +a m — n’) — 2ax(m? +n’) k’ 


= —2ny (x +a)? + y?, (3) 


[(mé —n Ya? + y +a’) — 2ax(m* + na)” 
= 2 m* +n’)(n? +y*+a%) — 4ax(m* —n*)—k?. (4) 


Now define 


a) 
Il 
3 
+ 
3 
2 


196 Cartesian Product 
and set a = 1. Then 
[b(2?+y?) —2ca +b]? +4ba +k? —2c = 2c(x* +y’). (7) 
If c' is the distance between F; and Fz, and the equation 
r+mr =a (8) 
is used instead, an alternate form is 


(Im) (a? +y)+2m*c 2+0*—méc "Y = 4a’*(x*+y"). 

(9) 
The curves possess three Foci. If m = 1, one Cartesian 
oval is a central CONIC, while if m = a/c, then the curve 
is a LIMACON and the inside oval touches the outside 
one. Cartesian ovals are ANALLAGMATIC CURVES. 
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Cartesian Product 


see DIRECT PRODUCT (SET) 


Cartesian Trident 
see TRIDENT OF DESCARTES 


Cartography 
The study of MAP PROJECTIONS and the making of ge- 
ographical maps. 


see also MAP PROJECTION 


Cascade 

A Z-ACTION or N-ACTION. A cascade and a single MAP 
X — X are essentially the same, but the term “cascade” 
is preferred by many Russian authors. 


see also ACTION, FLOW 


Casey’s Theorem 
Four CIRCLES are TANGENT to a fifth CIRCLE or a 
straight LINE IFF 


ti2t34  tigta2 trates = O, 


where t;¿ is a common TANGENT to CIRCLES 7 and 7. 
see also PURSER’S THEOREM 
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Cassini Ovals 
Casimir Operator 


An OPERATOR 
Tit 
= X Bn uF 
iml 
on a representation R of a LIE ALGEBRA. 


References 
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Cassini Ellipses 
see CASSINI OVALS 


Cassini’s Identity 
For Fn the nth FIBONACCI NUMBER, 


Fa-1Fn41 Fa = (-1)”. 


see also FIBONACCI NUMBER 
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Cassini Ovals 


ZA MO OS SO 


The curves, also called CASSINI ELLIPSES, described by 
a point such that the product of its distances from two 
fixed points a distance 2a apart is a constant b*. The 
shape of the curve depends on b/a. If a < b, the curve 
is a single loop with an OVAL (left figure above) or dog 
bone (second figure) shape. The case a = b produces 
a LEMNISCATE (third figure). If a > b, then the curve 
consists of two loops (right figure). The curve was first 
investigated by Cassini in 1680 when he was studying 
the relative motions of the Earth and the Sun. Cassini 
believed that the Sun traveled around the Earth on one 
of these ovals, with the Earth at one FOCUS of the oval. 


Cassini ovals are ANALLAGMATIC CURVES. The Cassini 
ovals are defined in two-center BIPOLAR COORDINATES 


by the equation 
T1T2 = oe (1) 


with the origin at a Focus. Even more incredible curves 
are produced by the locus of a point the product of 
whose distances from 3 or more fixed points is a con- 
stant. 


The Cassini ovals have the CARTESIAN equation 
(x-a)? + y lie + a) +y] = b? (2) 
or the equivalent form 


(a? + y dE ay = Aa’ x? = b* (3) 


Cassini Ovals 


and the polar equation 
ri +a‘ — 2a’r? cos(26) = b*. (4) 

Solving for r? using the QUADRATIC EQUATION gives 

> 2a? cos(26) + ./4a4 cos?(26) — 4(a4 — bt) 

2 
at cos? (20) + bt — a4 
at[cos? (20) — 1] + b4 

bt — a? sin? (20) 


* cos(28) + 
* cos(26) 
a” cos(20) + 


I 
paa] 
QO 
O 
th 


Q 
e] 
e 
Ü 


a? |cos(20) + Gy — sin? (20) | . (5) 


If a < b, the curve has AREA 


4 
A= ¿rap | r° dð =a? +b E GI (6) 
—n/4 


wf 


where the integral has been done over half the curve 
and then multiplied by two and E(x) is the complete 
ELLIPTIC INTEGRAL OF THE SECOND KIND. If a = b, 
the curve becomes 


r? =a? [cos(20) + y 1 — sin? J = 2a* cos(26), (7) 
which is a LEMNISCATE having AREA 
A = 2a* (8) 


(two loops of a curve V2 the linear scale of the usual 
lemniscate r? = a? cos(28), which has area A = a*/2 
for each loop). If a > b, the curve becomes two disjoint 


ovals with equations 


0 = sin” (2) | : (10) 


see also CASSINI SURFACE, LEMNISCATE, MANDELBROT 
SET, OVAL 
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Cassini Projection 


A MAP PROJECTION. 


2 = sin * B (1) 
= 4 tan @ 
ee laa = | i (2) 
where 
B = cos psin(A — Ag). (3) 


The inverse FORMULAS are 


$ =sin”* (sin D cos z) (4) 
A = Ào + tan? (=) (5) 
where 
D = y + ġo. (6) 
References 


Snyder, J. P. Map Projections—A Working Manual. U. $. 
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Cassini Surface 


The QUARTIC SURFACE obtained by replacing the con- 
stant c in the equation of the CASSINI OVALS 


le a+ Ye +a)? + y] = 0? (1) 
by c = 2”, obtaining 
(z-a)? + lora +y (a) 


As can be seen by letting y = 0 to obtain 


198 Castillon’s Problem 


the intersection of the surface with the y = 0 PLANE is 
a CIRCLE of RADIUS a. 
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Castillon’s Problem 


ae Di, 


Inscribe a TRIANGLE in a CIRCLE such that the sides of 
the TRIANGLE pass through three given POINTS A, B, 
and C. 
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Casting Out Nines 

An elementary check of a MULTIPLICATION which makes 
use of the CONGRUENCE 10” = 1 (mod 9) for n > 2. 
From this CONGRUENCE, a MULTIPLICATION ab = c 


must give 
a= Sas =a 
b= Y b; 
c= yaaa 


so ab = a*b* must be = c* (mod 9). Casting out nines 
is sometimes also called “the HINDU CHECK.” 


b* 
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Cat Map | 
see ARNOLD’S CAT MAP 


Catacaustic l 
The curve which is the ENVELOPE of reflected rays. 


Catalan’s Conjecture 


Curve Source Catacaustic 
cardioid cusp nephroid 
circle not on circumf. limaçon 
circle on circumf. cardioid 
circle point at oo nephroid 
cissoid of Diocles focus cardioid 


l arch of a cycloid rays | axis 2 arches of a cycloid 


deltoid point at co astroid 

lng rays || axis catenary 

logarithmic spiral origin equal logarithmic spiral 
parabola rays L axis Tschirnhausen cubic 
quadrifolium center astroid 


Tschirnhausen cubic focus semicubical parabola 


see also CAUSTIC, DIACAUSTIC 
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Catalan’s Conjecture 

8 and 9 (2? and 3°) are the only consecutive POWERS 
(excluding 0 and 1), i.e., the only solution to CATA- 
LAN’S DIOPHANTINE PROBLEM. Solutions to this prob- 
lem (CATALAN’S DIOPHANTINE PROBLEM) are equiva- 
lent to solving the simultaneous DIOPHANTINE EQUA- 
TIONS 


x?-yri-1] 
May es I 


This CONJECTURE has not yet been proved or refuted, 
although it has been shown to be decidable in a Fi- 
NITE (but more than astronomical) number of steps. 
In particular, if n and n+ 1 are POWERS, then n < 
exp exp exp exp 730 (Guy 1994, p. 155), which follows 
from R. Tijdeman’s proof that there can be only a Ft- 
NITE number of exceptions should the CONJECTURE not 
hold. 


Hyyró and Makowski proved that there do not exist 
three consecutive POWERS (Ribenboim 1996), and it is 
also known that 8 and 9 are the only consecutive CUBIC 
and SQUARE NUMBERS (in either order). 


see also CATALAN’S DIOPHANTINE PROBLEM 
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Catalans Constant 


Catalan's Constant 

A constant which appears in estimates of combinatorial 
functions. It is usually denoted K, G(2), or G. It is not 
known if K is IRRATIONAL. Numerically, 


K = 0.915965594177... (1) 
(Sloane’s A006752). The CONTINUED FRACTION for K 


is [0, 1, 10, 1, 8, 1, 88, 4, 1, 1, ...] (Sloane's A014538). 
K can be given analytically by the following expressions, 


K = AQ) (2) 
- Sayre atate 8) 
af oe (5) 

i 1 
e 6) 


where @(z) is the DIRICHLET BETA FUNCTION. In terms 
of the POLYGAMMA FUNCTION V; (2), 


K = 3% (2) - 3% (3) (7) 
= AY) + Y(t) - ir (8) 
= #0,(4) - 301(3) - 4v2. (9) 


Applying CONVERGENCE IMPROVEMENT to (3) gives 


=D (m+1 Ec (m+2), (0) 


mol 


where ¢(z) is the RIEMANN ZETA FUNCTION and the 
identity 


1 1 — Baa 2 
a rm an 


ml 


has been used (Flajolet and Vardi 1996). The Flajolet 
and Vardi algorithm also gives 


ME ion” 
ene all (1 k at ) | 7 Ue 


where ((z) is the DIRICHLET BETA FUNCTION. Glaisher 
(1913) gave 
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(Vardi 1991, p. 159). W. Gosper used the related FOR- 
MULA 


91/2 e 1/(2k+) 
1 1 1 
ERa za EE 
(14) 
where r 
ioe dav, (15) 


mm(gm — ])4m-1B,,” 


where B,, is a BERNOULLI NUMBER and w(x) is a POLY- 
GAMMA FUNCTION (Finch). The Catalan constant may 
also be defined by 


K= if K(k) dk, (16) 


where K(k) (not to be confused with Catalan’s constant 
itself, denoted K) is a complete ELLIPTIC INTEGRAL OF 
THE FIRST KIND. | 


TT In 2 E a; 
== +) ema OP 
i=1 
where 
{a:i} = {1,1, 1,0, —1, —1, —1, 0} (18) 


is given by the periodic sequence obtained by appending 
copies of {1, 1, 1, 0, —1, —1, —1, 0} (in other words, 
Qi = Q(i-1) (mod 8)}41 for ¿ > 8) and |z] is the FLOOR 
FUNCTION (Nielsen 1909). 


see also DIRICHLET BETA FUNCTION 
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Catalan’s Diophantine Problem 
Find consecutive POWERS, i.e., solutions to 


a —«= 1, 
excluding 0 and 1. CATALAN’S CONJECTURE is that the 
only solution is 3? — 2° = 1, so 8 and 9 (2° and 37) are 
the only consecutive POWERS (again excluding 0 and 1). 


see also CATALAN’S CONJECTURE 
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Catalan Integrals 
Special cases of general FORMULAS due to Bessel. 


Joly 2? — y?) = | e”? cos(z sin 0) dd, 
0 


where Jp is a BESSEL FUNCTION OF THE FIRST KIND. 
Now, let z = 1 — z’ and y = 1 + z’. Then 


Jo(2iVz) = = J etz) cos8 cos[(1 — z) sin 0] dé. 


0 


Catalan Number 

The Catalan numbers are an INTEGER SEQUENCE {C,,} 
which appears in TREE enumeration problems of the 
type, “In how many ways can a regular n-gon be di- 
vided into n — 2 TRIANGLES if different orientations 
are counted separately?” (EULER’S POLYGON DIVI- 
SION PROBLEM). The solution is the Catalan number 
Cn—2 (Dorrie 1965, Honsberger 1973), as graphically il- 
lustrated below (Dickau). 
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Catalan Number 


The first few Catalan numbers are 1, 2, 5, 14, 42, 132, 
429, 1430, 4862, 16796, ... (Sloane's A000108). The 
only ODD Catalan numbers are those of the form Cax_1, 
and the last DIGIT is five for k = 9 to 15. The only 
PRIME Catalan numbers for n < 215 _ 1 are Cz = 2 and 
C3 = 5. 


The Catalan numbers turn up in many other related 
types of problems. For instance, the Catalan number 
Cn-1 gives the number of BINARY BRACKETINGS of n 
letters (CATALAN’S PROBLEM). The Catalan numbers 
also give the solution to the BALLOT PROBLEM, the 
number of trivalent PLANTED PLANAR TREES (Dickau), 


TL 


the number of states possible in an n-FLEXAGON, the 
number of different diagonals possible in a FRIEZE PAT- 
TERN with n + 1 rows, the number of ways of forming 
an n-fold exponential, the number of rooted planar bi- 
nary trees with n internal nodes, the number of rooted 
plane bushes with n EDGES, the number of extended 
BINARY TREES with n internal nodes, the number of 
mountains which can be drawn with n upstrokes and 
n downstrokes, the number of noncrossing handshakes 
possible across a round table between n pairs of peo- 
ple (Conway and Guy 1996), and the number of SE- 
QUENCES with NONNEGATIVE PARTIAL SUMS which can 
be formed from n 1s and n —1s (Bailey 1996, Buraldi 
1992)! 


An explicit formula for Cn is given by 


O. = 1 f2n\ 1 (Qn! (2n) 
T pa+liln) ntl n2 — (nt Din" 


where (27) denotes a BINOMIAL COEFFICIENT and n! is 
the usual FACTORIAL. A RECURRENCE RELATION for 
Cn is obtained from 


Cay1 _ (2n + 2)! (n+ 1)(n!)? 
CMD? Cn) 
_, (20+ 2)Qn+1)(r+1) 
7 (n+ 2)(n + 1)? 
_ 2(2n+1)(n+1)* _ 2(2n+1) 
~ (n+1)2(n+2)  n+2 


(1) 


» (2) 


Catalan Number 
5o 2(2n + 1) 


On. (3) 


GA = 


Other forms include 


2-6-10---(4n — 2) 


ee (n+ 1)! (4) 
2" (2n — 1)! 
7 7 + Sl (5) 
2n)! 
7 rent (6) 


SEGNER’S RECURRENCE FORMULA, given by Segner in 
1758, gives the solution to EULER’s POLYGON DIVISION 
PROBLEM 


En = E2En-1 + EsEn-2 +... + En-1É2. (7) 


With E; = Ez = 1, the above RECURRENCE RELATION 
gives the Catalan number Cn-2 = En. 


The GENERATING FUNCTION for the Catalan numbers 
is given by 


1-yl-4r _ = n 4: 2 3 
F =): Cue = 1+2+42x7?+52?+.... (8) 


n=0 
The asymptotic form for the Catalan numbers is 


4k 
Ck ~ JT k3/2 (9) 


(Vardi 1991, Graham et al. 1994). 


A generalization of the Catalan numbers is defined by 


_1f pk \ | 1 pk 
TEHA = mala) (10) 


for k > 1 (Klarner 1970, Hilton and Pederson 1991). 
The usual Catalan numbers Ck = 2dx are a special case 
with p = 2. pdp gives the number of p-ary TREES with k 
source-nodes, the number of ways of associating k appli- 
cations of a given p-ary OPERATOR, the number of ways 
of dividing a convex POLYGON into k disjoint (p + 1)- 
gons with nonintersecting DIAGONALS, and the number 
of p-GOOD PATHS from (0, —1) to (k, (p—1)k—1) (Hilton 
and Pederson 1991). 


A further generalization is obtained as follows. Let p 
be an INTEGER > 1, let P, = (k,(p — 1)k — 1) with 
k > 0, and q < p— 1. Then define pdyo = 1 and let pdgk 
be the number of p-GOOD PATHS from (1, q — 1) to Pk 
(Hilton and Pederson 1991). Formulas for pdg; include 
the generalized JONAH FORMULA 


2) Ela) o 
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and the explicit formula 


p—q [pk-q 
dak = —— l 12 
pUgk pk -q k _ 1 ( ) 
A RECURRENCE RELATION is given by 


pagk = €... pdgtr,j (13) 
1,3 


where 1,3, >1,k>1,g<p-r,anddi+3=k>w1 
(Hilton and Pederson 1991). 


see also BALLOT PROBLEM, BINARY BRACKETING, 
BINARY TREE, CATALAN’S PROBLEM, CATALANS 
TRIANGLE, DELANNOY NUMBER, EULER’S POLYGON 
DIVISION PROBLEM, FLEXAGON, FRIEZE PATTERN, 
MOTZKIN NUMBER, p-GOOD PATH, PLANTED PLANAR 
TREE, SCHRODER NUMBER, SUPER CATALAN NUMBER 
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Catalans Problem 

The problem of finding the number of different ways in 
which a PRODUCT of n different ordered FACTORS can be 
calculated by pairs (i.e., the number of BINARY BRACK- 
ETINGS of n letters). For example, for the four FAc- 
TORS a, b, c, and d, there are five possibilities: ((ab)c)d, 
(a(bc))d, (ab)(cd), a((bc)d), and a(b(cd)). The solution 
was given by Catalan in 1838 as 


2-6-10-(4n—6 
C= = ) 
Th: 


and is equal to the CATALAN NUMBER Cn-1 = Ch. 


see also BINARY BRACKETING, CATALAN’S DIOPHAN- 
TINE PROBLEM, EULER’S POLYGON DIVISION PROBLEM 
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Catalan Solid 
The DUAL POLYHEDRA of the ARCHIMEDEAN SOLIDS, 
given in the following table. 


Archimedean Solid Dual 


rhombicosidodecahedron 
small rhombicuboctahedron 
great rhombicuboctahedron 


great rhombicosidodecahedron 


truncated icosahedron 
snub dodecahedron 
(laevo) 
snub cube 
(laevo) 
cuboctahedron 
icosidodecahedron 
truncated octahedron 
truncated dodecahedron 
truncated cube 


truncated tetrahedron 


deltoidal hexecontahedron 

deltoidal icositetrahedron 

disdyakis dodecahedron 

disdyakis triacontahedron 

pentakis dodecahedron 

pentagonal hexecontahedron 
(dextro) 

pentagonal icositetrahedron 
(dextro) 

rhombic dodecahedron 

rhombic triacontahedron 

tetrakis hexahedron 

triakis icosahedron 

triakis octahedron 


triakis tetrahedron 


Catalan’s Surface 


Here are the ARCHIMEDEAN Duars (Holden 1971, 
Pearce 1978) displayed in alphabetical order (left to 
right, then continuing to the next row). 


Here are the Archimedean solids paired with the corre- 
sponding Catalan solids. 


see also ARCHIMEDEAN SOLID, DUAL POLYHEDRON, 
SEMIREGULAR POLYHEDRON 
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Catalan’s Surface 


z(u,v) = u — sin u cosh v (1) 


y(u, v) = 1 — cos u cosh v (2) 
z(u,v) = 4sin(5u) sinh(5v) (3) 


Catalan's Triangle 
(Gray 1398) or 


z(r, p) = asin(2¢) — 2a¢ + žav * cos(2¢) (4) 


y(r, $) = —acos(2¢) — dav cos(2¢) (5) 
z(r, fp) = 2avsin o, (6) 

where 
v=-—r+ : (7) 


(de Carmo 1986). 
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Catalan's Triangle 
A triangle of numbers with entries given by 


(n + m)!(n — m+ 1) 
mi(n +1)! 


Cnm > a 


for 0 < m < n, where each element is equal to the one 
above plus the one to the left. Furthermore, the sum 
of each row is equal to the last element of the next row 
and also equal to the CATALAN NUMBER Ch. 


1 

1 1 

1 2 2 

1 3 5 5 

1 4 9 14 14 

1 5 14 28 42 42 

1 6 20 48 90 132 132 


(Sloane’s A009766). 


see also BELL TRIANGLE, CLARK’S TRIANGLE, EU- 
LER’S TRIANGLE, LEIBNIZ HARMONIC TRIANGLE, NUM- 
BER TRIANGLE, PASCAL’S TRIANGLE, PRIME TRIAN- 
GLE, SEIDEL-ENTRINGER-ARNOLD TRIANGLE 
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Catalan’s Trisectrix 
see TSCHIRNHAUSEN CUBIC 
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Catastrophe 


see BUTTERFLY CATASTROPHE, CATASTROPHE THE- 
ORY, CUSP CATASTROPHE, ELLIPTIC UMBILIC CATAS- 
TROPHE, FOLD CATASTROPHE, HYPERBOLIC UMBILIC 
CATASTROPHE, PARABOLIC UMBILIC CATASTROPHE, 
SWALLOWTAIL CATASTROPHE 


Catastrophe Theory 

Catastrophe theory studies how the qualitative nature 
of equation solutions depends on the parameters that 
appear in the equations. Subspecializations include bi- 
furcation theory, nonequilibrium thermodynamics, sin- 
gularity theory, synergetics, and topological dynamics. 
For any system that seeks to minimize a function, only 
seven different local forms of catastrophe “typically” 
cur for four or fewer variables: (1) FOLD CATASTROPHE, 
(2) CusP CATASTROPHE, (3) SWALLOWTAIL CATASTRO- 
PHE, (4) BUTTERFLY CATASTROPHE, (5) ELLIPTIC UM- 
BILIC CATASTROPHE, (6) HYPERBOLIC UMBILIC CATAS- 
TROPHE, (7) PARABOLIC UMBILIC CATASTROPHE. 


More specifically, for any system with fewer than five 
control factors and fewer than three behavior axes, these 
are the only seven catastrophes possible. The following 
tables gives the possible catastrophes as a function of 
control factors and behavior axes (Goetz). 


Control 1 Behavior 2 Behavior 


Factors Axis Axes 


1 fold — 

2 cusp — 

3 swallowtail hyperbolic umbilic, elliptic umbilic 

4 butterfly parabolic umbilic 
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Categorical Game 
A GAME in which no draw is possible. 


Categorical Variable 
A variable which belongs to exactly one of a finite num- 
ber of CATEGORIES. 


PT 


pin 1 is identified on the PC board if you get confused. Then cut two 
1” pieces of hookup wire, strip both ends, and install at the bottom 
of the board near the cutout. See Fig. 9-34. Also, cut a 5” piece of 
the same wire and attach near the end in the bottom left corner of 
the board. That completes the module assembly. It can be tested 
by applying 5-volts dc to the wire off the bottom center of the 
board. 


Now you get to work the case. Figure 9-37 shows a drilling 
template for the front of the box. Drill out the box and nibble the 
display hole. Clean up the box, label it with press-on transfers, and 
spray it with clean acrylic spray to preserve the finish. 

Complete the assembly by installing the module in the box and 
wiring it up. First, install J1 and J2 in the top of the box. Then slip 


Fig. 9-38. Rear view of PC board showing switch wiring. 
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Category 

A category consists of two things: an OBJECT and a 
MORPHISM (sometimes called an “arrow”). An OB- 
JECT is some mathematical structure (e.g., a GROUP, 
VECTOR SPACE, or DIFFERENTIABLE MANIFOLD) and a 
MORPHISM is a MAP between two OBJECTS. The MOR- 
PHISMS are then required to satisfy some fairly natural 
conditions; for instance, the IDENTITY MAP between 
any object and itself is always a MORPHISM, and the 
composition of two MORPHISMS (if defined) is always a 
MORPHISM. 


One usually requires the MORPHISMS to preserve the 
mathematical structure of the objects. So if the objects 
are all groups, a good choice for a MORPHISM would be 
a group HOMOMORPHISM. Similarly, for vector spaces, 
one would choose linear maps, and for differentiable 
manifolds, one would choose differentiable maps. 


In the category of TOPOLOGICAL SPACES, homomor- 
phisms are usually continuous maps between topologi- 
cal spaces. However, there are also other category struc- 
tures having TOPOLOGICAL SPACES as objects, but they 
are not nearly as important as the “standard” category 
of TOPOLOGICAL SPACES and continuous maps. 


see also ABELIAN CATEGORY, ALLEGORY, EILENBERG- 
STEENROD AXIOMS, GROUPOID, HOLONOMY, LOGOS, 
MONODROMY, TOPOS 
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Category Theory 

The branch of mathematics which formalizes a number 
of algebraic properties of collections of transformations 
between mathematical objects (such as binary relations, 
groups, sets, topological spaces, etc.) of the same type, 
subject to the constraint that the collections contain the 
identity mapping and are closed with respect to compo- 
sitions of mappings. The objects studied in category 
theory are called CATEGORIES. 


see also CATEGORY 


Catenary 


The curve a hanging flexible wire or chain assumes when 
supported at its ends and acted upon by a uniform grav- 
itational force. The word catenary is derived from the 
Latin word for “chain.” In 1669, Jungius disproved 
Galileo’s claim that the curve of a chain hanging un- 
der gravity would be a PARABOLA (MacTutor Archive). 
The curve is also called the ALYSOID and CHAINETTE. 
The equation was obtained by Leibniz, Huygens, and 
Johann Bernoulli in 1691 in response to a challenge by 
Jakob Bernoulli. 


Catenary 


Huygens was the first to use the term catenary in a letter 
to Leibniz in 1690, and David Gregory wrote a treatise 
on the catenary in 1690 (MacTutor Archive). If you roll 
a PARABOLA along a straight line, its FOCUS traces out 
a catenary. As proved by Euler in 1744, the catenary is 
also the curve which, when rotated, gives the surface of 
minimum SURFACE AREA (the CATENOID) for the given 
bounding CIRCLE. 


The CARTESIAN equation for the catenary is given by 
y= tafe”? +e */*) = a cosh (=) ; (1) 
and the CESÀRO EQUATION is 
(5? +a") = —a. (2) 


The catenary gives the shape of the road over which a 
regular polygonal “wheel” can travel smoothly. For a 
regular n-gon, the corresponding catenary is 


y = — Á cosh (=) (3) 
where 
A = Rcos (=) (4) 


t t 
The ARC LENGTH, CURVATURE, and TANGENTIAL ÅN- 
GLE are 


= = sech” (=) i (6) 
$ = —2 tan`! [tanh (=) . (7) 


The slope is proportional to the ARC LENGTH as mea- 
sured from the center of symmetry. 


see also CALCULUS OF VARIATIONS, CATENOID, LINDE- 
LOF’S THEOREM, SURFACE OF REVOLUTION 
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Catenary Evolute Catenary Radial Curve 


The KAMPYLE OF EUDOXUS. 


Catenoid 


x = alx — ; sinh(2t)] 
y = 2acosh t. 


Catenary Involute 


A CATENARY of REVOLUTION. The catenoid and PLANE 
are the only SURFACES OF REVOLUTION which are also 
MINIMAL SURFACES. The catenoid can be given by the 
parametric equations 


x = ccosh (2) cos u (1) 
c 
The parametric equation for a CATENARY is TERTIA (=) ener (2) 
t =D (3) 
r(t) =a EA | a) 
where u € [0, 27). The differentials are 
SO 
dr | i | dx = sinh (2) cos u du — cosh (2) sinudu (4) 
a (2) 
A amne dy = sinh (=) sin u du + cosh (2) cosudu (5) 
c c 
= = av 1 + sinh? t = acosh t (3) dz = du, (6) 
and F so the LINE ELEMENT is 
Ñ= T sech £ (4) 
g tanh t ds? = dz? + dy? + dz? 
2 [U 2 2 [fU 2 
ds? = Idr" | = a° (1 + sinh? t) dt? = a? cosh? dt? (5) = [sinh (2) ae 1 du” + cosh (=) du 
2 fV 2 2/U 2 
= E (6) = cosh (2) du” + cosh (2) du”. (7) 
Therefore, The PRINCIPAL CURVATURES are 
1 2 fv 
s=a | coshtdt = asinhé (7) 2 sech (=) (8) 
| K2 = a sech* (=) (9) 
and the equation of the INVOLUTE is C c 
z = a(t — tanh t) (8) The MEAN CURVATURE of the catenoid is 
y = asecht. (9) H=0 (10) 


This curve is called a TRACTRIX. 
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and the GAUSSIAN CURVATURE is 


The HELICOID can be continuously deformed into a 
catenoid with c = 1 by the transformation 


z(u,v) = cosa sinh vsin u + sina coshvcosu (12) 
y(u, v) = — cos a sinh v cos u + sin a cosh v sin u (13) 


z(u,v) = ucosa + usina, (14) 


where a = O corresponds to a HELICOID and a = 1/2 
to a catenoid. 


see also CATENARY, COSTA MINIMAL SURFACE, HELI- 
COID, MINIMAL SURFACE, SURFACE OF REVOLUTION 
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Caterpillar Graph 
A TREE with every NODE on a central stalk or only one 
EDGE away from the stalk. 
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Cattle Problem of Archimedes 
see ARCHIMEDES’ CATTLE PROBLEM 


Cauchy Binomial Theorem 


m_m(m+1)/2[ Nn — k 
dy q (2) =Tla+w. ), 


k=1 
where a is a GAUSSIAN COEFFICIENT. 


see also q-BINOMIAL THEOREM 


Cauchy Distribution 


Cauchy Boundary Conditions 

BOUNDARY CONDITIONS of a PARTIAL DIFFERENTIAL 
EQUATION which are a weighted AVERAGE of DIRICH- 
LET BOUNDARY CONDITIONS (which specify the value 
of the function on a surface) and NEUMANN BOUNDARY 
CONDITIONS (which specify the normal derivative of the 
function on a surface). 


see also BOUNDARY CONDITIONS, CAUCHY PROB- 
LEM, DIRICHLET BOUNDARY CONDITIONS, NEUMANN 
BOUNDARY CONDITIONS 
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Cauchy’s Cosine Integral Formula 


nw /2 
J cos# tT? gettlu—v¥ +26) 79 
—r/2 
= mM (ut+v—1) 
DE Dz) 


where T'(2) is the GAMMA FUNCTION. 


Cauchy Criterion 

A NECESSARY and SUFFICIENT condition for a SE- 
QUENCE S; to CONVERGE. The Cauchy criterion is sat- 
isfied when, for all e > 0, there is a fixed number N such 
that |S; — S¿| < e for all 2,7 > N. 


Cauchy Distribution 


X 


The Cauchy distribution, also called the LORENTZIAN 
DISTRIBUTION, describes resonance behavior. It also de- 
scribes the distribution of horizontal distances at which 
a LINE SEGMENT tilted at a random ANGLE cuts the 
x-AXIS. Let @ represent the ANGLE that a line, with 
fixed point of rotation, makes with the vertical axis, as 
shown above. Then 


tan @ = > (1) 

pda ($) (2) 

9 ae 
14+ 5 b be +2 


so the distribution of ANGLE @ is given by 


d8 1 bdr 
Oa 2 (4) 


TT ab? +r? 


Cauchy Distribution 


This is normalized over all angles, since 
mw /2 
9 
J W i (5) 
—n/2 E 


e bd 
De oe 


and 


Pix) 
Dix) 


The general Cauchy distribution and its cumulative dis- 
tribution can be written as 


1 H 
PO eat GD 
il (ar a A 


where I is the FULL WIDTH AT HALF MAXIMUM (T = 
2b in the above example) and y is the MEAN (p = 0 in 
the above example). The CHARACTERISTIC FUNCTION 


iS 
1 f° etT2/2-u) 
MEn 


wS EF q? 
e Ht f” cos(Ttx/2) da 
TT a 14 (Tx/2)* 
— ¿it lel/2 (9) 


I 


The MOMENTS are given by 


H2 = g’ = 00 (10) 
JO foru=0 

Ms = 4 o, for y 40 (11) 

H4 = 00, (12) 


and the STANDARD DEVIATION, SKEWNESS, and KUR- 
TOSIS by 


o = oœ (13) 
fO foru=0 

neda for y #0 (14) 

y2 = 00 (15) 


If X and Y are variates with a NORMAL DISTRIBUTION, 
then Z = X/Y has a Cauchy distribution with MEAN 
p = 0 and full width 


(16) 
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see also GAUSSIAN DISTRIBUTION, NORMAL DISTRIBU- 
TION 
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Cauchy Equation 
see EULER EQUATION 


Cauchy’s Formula 
The GEOMETRIC MEAN is smaller than the ARITH- 


METIC MEAN, 
N 1/N N 
( n) < A Tti 
2 > 
lI N 
i=l 


Cauchy Functional Equation 
The fifth of HILBERT’S PROBLEMS is a generalization of 
this equation. 


Cauchy-Hadamard Theorem 
The RADIUS OF CONVERGENCE of the TAYLOR SERIES 


2 
do tajz+agz +... 


is 


1 


im (Jan |)" 
> 00 


n 


see also RADIUS OF CONVERGENCE, TAYLOR SERIES 


Cauchy Inequality 
A special case of the HOLDER SUM INEQUALITY with 


p=q=2, 


(E) (Be) (Ee) o 


where equality holds for ax = cb,. In 2-D, it becomes 
(a? + b?)(c? + a”) > (ac + bd)’. (2) 


It can be proven by writing 


Tl Tl 


S (aiz + b;)* = > aj (2 + a =Q. (3) 


1=1 i=] 


If b;/a; is a constant c, then x = —c. If it is not a 
constant, then all terms cannot simultaneously vanish 
for REAL zx, so the solution is COMPLEX and can be 


found using the QUADRATIC EQUATION 


—2 X` a;b; + T09 aibi) —~ 4 Y a? Yb? í ) 
e ee A A 


25) as? 


T 
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In order for this to be COMPLEX, it must be true that 


E e 


with equality when b;/a; is a constant. The VECTOR 
derivation is much simpler, 


(a-b)? = a°b? cos? 6 < ab’, (6) 


where 


d aas as, (7) 


and similarly for b. 


see also CHEBYSHEV INEQUALITY, HOLDER SUM IN- 
EQUALITY 
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Cauchy Integral Formula 


= 8 + (0) 


Y Yo e 


Given a CONTOUR INTEGRAL of the form 


f(z) dz 
Ta (1) 
a 0 
define a path yo as an infinitesimal CIRCLE around the 
point zo (the dot in the above illustration). Define the 
path yr as an arbitrary loop with a cut line (on which 
the forward and reverse contributions cancel each other 
out) so as to go around 2p. 


The total path is then 


Y = Yo + Yr, (2) 
de. |z, foe 


From the CAUCHY INTEGRAL THEOREM, the CONTOUR 
INTEGRAL along any path not enclosing a POLE is 0. 
Therefore, the first term in the above equation is 0 since 
Yo does not enclose the POLE, and we are left with 


da _ f fa 


2 — Z AA 
Y 0 Yr 0 


(4) 


Cauchy Integral Formula 


Now, let z = zo + re’’, so dz = ire? d9. Then 


=f Le Pae ire? d8 
2365. — ZO 
= / f(zo + re’ ide. (5) 
Yr 


But we are free to allow the radius r to shrink to 0, so 


f(z) dz = m | torre” id= freee 
one ma 


= if (zo) J dð = 2nif (zo), (6) 


T 


and 
1 / fl dz (7) 


Hizo) ~ 272 p Z— 20 


If multiple loops are made around the POLE, then equa- 
tion (7) becomes 


1 / f(z)dz (8) 


2711 2= 20 ' 
Y 


ny, 20) f (20) = 


where n(y, Zo) is the WINDING NUMBER. 


A similar formula holds for the derivatives of f(z), 


n Ho +h) - Fh) 


f (zo) = Te h 
Ee flz)dz — | f(z)dz 
aso 2rih y 27 20h y 4720 
tise E te 
= k=>0 27rih (z — zo — h) (z — 20) 
a 1 hf (z) dz 
a am 2rih J (z — zo — h)(z — 20) 
as f(z) dz 
o l (z — zo)? (9) 
Iterating again, 
n 2 f(z) dz 
j a o aa (z — 20)? (10) 


Continuing the process and adding the WINDING NUM- 


BER n, 
r! f(z) dz 
ne (z — 20) U) 


see also MORERA’S THEOREM 


n{y, 20) f°” (z0) = 
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Cauchy Integral Test 


Cauchy Integral Test 
see INTEGRAL TEST 


Cauchy Integral Theorem 

If f is continuous and finite on a simply connected region 
R and has only finitely many points of nondifferentia- 
bility in R, then 


$ fe)dz=0 (1) 


for any closed CONTOUR y completely contained in R. 
Writing z as 
2=x+iy (2) 


and f(z) as 
f(z) Suri (3) 


then gives 


pios = | CHON + 149 
= | ude-vdy +i | vdz+udy. (4) 


Og Of 
- ff (2-2) dx dy, 
(5) 
Lteneeraente= fa dx dy (6) 


) becomes 


fe JJ (>) 00 
“ff (ao © 


But the CAUCHY-RIEMANN EQUATIONS require that 


From GREEN’S THEOREM, 


[tena — g(x, y) dy = 


ðu Ov 
a Oy (8) 
Ou Ov 
Aa 0% (9) 
SO 
f(z) dz =0, (10) 
Y 
Q. E. D. 
For a MULTIPLY CONNECTED region, 
f(z) dz = f(z) dz. (11) 
Cy Ca 


see also CAUCHY INTEGRAL THEOREM, MORERA’S 
THEOREM, RESIDUE THEOREM (COMPLEX ANALYSIS) 
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Cauchy-Kovalevskaya Theorem 
The theorem which proves the existence and uniqueness 
of solutions to the CAUCHY PROBLEM. 


see also CAUCHY PROBLEM 


Cauchy-Lagrange Identity 


(aa a 0d das 
= (a1b2 — azb1 y + (a1b3 — a3bi)* Toes 
+(dn-1bn = A 


From this identity, the n-D CAUCHY INEQUALITY fol- 
lows. 


Cauchy-Maclaurin Theorem 
see MACLAURIN-CAUCHY THEOREM 


Cauchy Mean Theorem 
For numbers > 0, the GEOMETRIC MEAN < the ARITH- 
METIC MEAN. 


Cauchy Principal Value 


00 R 
pv | f(z)dz= Jim / f(x) dz 
eS IR 


b c—€ b 
ev | f(x) de = lim p f(x) de + f(e) de ; 
a a c+e 


where e > Dand a <c<b. 
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Cauchy Problem 

If f(x, y) is an ANALYTIC FUNCTION in a NEIGHBOR- 
HOOD of the point (zo, yo) (i.e., it can be expanded in 
a series of NONNEGATIVE INTEGER POWERS of (x — xo) 
and (y — yo)), find a solution y(x) of the DIFFERENTIAL 
EQUATION 


PA 
with initial conditions y = yo and z = xo. The existence 
and uniqueness of the solution were proven by Cauchy 
and Kovalevskaya in the CAUCHY-KOVALEVSKAYA THE- 
OREM. The Cauchy problem amounts to determining 
the shape of the boundary and type of equation which 
yield unique and reasonable solutions for the CAUCHY 
BOUNDARY CONDITIONS. 


see also CAUCHY BOUNDARY CONDITIONS 


Cauchy Ratio Test 
see RATIO TEST 
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Cauchy Remainder Form 
The remainder of n terms of a TAYLOR SERIES is given 
by 


(x — co)" (z - a) 


R, = (n) 
wherea<c<r. 
Cauchy-Riemann Equations 
Let | 
f(x,y) = u(x, y) + iv(z, y), (1) 
where 
z=2+1Yy, (2) 
SO 
dz = dæ + idy. (3) 


The total derivative of f with respect to z may then be 
computed as follows. 


y= == (4) 
LS Ro iy, (5) 
so 
Oy 1 
Oz i ' (6) 
Ox 
and 
af _ 0102 Ofdy_Of t ¡y 
dz Ox@z OyOz Oz “Oy 


In terms of u and v, (8) becomes 


Along the real, or z-Axis, Of /Oy = 0, so 


df ðu dv 


dz On Bae (10) 


Along the imaginary, or y-axis, Of /Ox = 0, so 


df _ Ou Ov 


If f is COMPLEX DIFFERENTIABLE, then the value of the 
derivative must be the same for a given dz, regardless of 
its orientation. Therefore, (10) must equal (11), which 
requires that 


v2 (12) 


and 
— =-=—. (13) 


Cauchy Root Test 


These are known as the Cauchy-Riemann equations. 
They lead to the condition 


Oru y 


= — i 14 
OxOy ðrðy (14) 


The Cauchy-Riemann equations may be concisely writ- 
ten as 


Of, OF _ (Ou, Ov) (Du pide 
dz" Ox Oy \ðr Ox Oy Oy 


In POLAR COORDINATES, 
flre) = Rr, ek, (16) 


so the Cauchy-Riemann equations become 


ee Be: (17) 
10R ðO 
D -Ror (18) 


If u and v satisfy the Cauchy-Riemann equations, they 
also satisfy LAPLACE’S EQUATION in 2-D, since 


du 8u ð {ðv ð Ov 
Sat + Bet ~ Be (ae) tay (gs) = 9) 


2 2 
cat ee me (ge) +e (3) =o (20) 
Ox? Oy? ðr Oy Oy \ Oz 
By picking an arbitrary f(z), solutions can be found 
which automatically satisfy the Cauchy-Riemann equa- 
tions and LAPLACE’S EQUATION. This fact is used to 
find so-called CONFORMAL SOLUTIONS to physical prob- 


lems involving scalar potentials such as fluid flow and 
electrostatics. 

see also CAUCHY INTEGRAL THEOREM, CONFORMAL 
SOLUTION, MONOGENIC FUNCTION, POLYGENIC FUNC- 
TION 
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Cauchy’s Rigidity Theorem 
see RIGIDITY THEOREM 


Cauchy Root Test 
see ROOT TEST 


Cauchy-Schwarz Integral Inequality 


Cauchy-Schwarz Integral Inequality 
Let f(x) and g(x) by any two REAL integrable functions 
of [a,b], then 


| / ' Hole) ie] < | | Pl) de | / Pa] | 


with equality IFF f(x) = kg(x) with k real. 
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Cauchy-Schwarz Sum Inequality 


a - b| < Ja |b]. 
n 2 n n 
S arbr < y Y 4 
k=1 k=1 k=1 


Equality holds IFF the sequences a1, az, ... and bi, b2, 


. are proportional. 
see also FIBONACCI IDENTITY 
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Cauchy Sequence 
A SEQUENCE aj, az, .. 
satisfies 


. such that the METRIC d{am, Un) 


lim Glan. ar) =: 
min(m,n)—>00 
Cauchy sequences in the rationals do not necessarily 
CONVERGE, but they do CONVERGE in the REALS. 


REAL NUMBERS can be defined using either DEDEKIND 
CUTS or Cauchy sequences. 


see also DEDEKIND CUT 


Cauchy Test 
see RATIO TEST 


Caustic 

The curve which is the ENVELOPE of reflected (CAT- 
ACAUSTIC) or refracted (DIACAUSTIC) rays of a given 
curve for a light source at a given point (known as the 
RADIANT POINT). The caustic is the EVOLUTE of the 
ORTHOTOMIC. 
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Cavalieri’s Principle 


1. If the lengths of every one-dimensional slice are equal 
for two regions, then the regions have equal AREAS. 


2. If the AREAS of every two-dimensional slice (CROSS- 
SECTION) are equal for two SOLIDS, then the SOLIDS 
have equal VOLUMES. 


see also CROSS-SECTION, PAPPUS’S CENTROID THEO- 
REM 
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Cayley Algebra 

The only NONASSOCIATIVE DIVISION ALGEBRA with 
REAL SCALARS. There is an 8-square identity corre- 
sponding to this algebra. The elements of a Cayley al- 
gebra are called CAYLEY NUMBERS or OCTONIONS. 


References 
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Cayley-Bacharach Theorem 

Let X,, X2 C P? be CUBIC plane curves meeting in nine 
points pı, ..., po. If X C P? is any CUBIC containing 
P1, ---, Pa, then X contains pg as well. It is related to 
GORENSTEIN RINGS, and is a generalization of PAPPUS’S 
HEXAGON THEOREM and PASCAL’S 'THEOREM. 
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Cayley Cubic 


A CUBIC RULED SURFACE (Fischer 1986) in which the 
director line meets the director CONIC SECTION. Cay- 
ley?s surface is the unique cubic surface having four OR- 
DINARY DOUBLE POINTS (Hunt), the maximum possible 
for CUBIC SURFACE (Endraf). The Cayley cubic is in- 
variant under the TETRAHEDRAL GROUP and contains 
exactly nine lines, six of which connect the four nodes 
pairwise and the other three of which are coplanar (En- 
draf). 


If the ORDINARY DOUBLE POINTS in projective 3-space 
are taken as (1, 0, 0, 0), (0, 1, 0, 0), (0, 0, 1, 0), (0, 
0, 0, 1), then the equation of the surface in projective 
coordinates is 
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(Hunt). Defining “affine” coordinates with plane at in- 
finity v = Lo + 121 + £2 + 2x3 and 


LO 
T=— 
UV 
£i 
y = — 
Vv 
£2 
DEAR 
Vv 


then gives the equation 
ayi ety? z+z y+z r)+2(ry+ez+yz) = 0 


plotted in the left figure above (Hunt). The slightly 
different form 


A(z? +y? +2? +w?) -(c+yt+z+w)? =0 


is given by Endraf which, when rewritten in TETRAHE- 
DRAL COORDINATES, becomes 


cry — gz +yz +z —1=0, 


plotted in the right figure above. 


The Hessian of the Cayley cubic is given by 


> 2 
0 = zo (2122 + 2103 + 223) + E (Tota + To£3 + T273) 


2 2 
+22(L0L1 + Lola + 2123) + 23(LoT1 + Lot2 + 2122). 


in homogeneous coordinates Zo, 21, 22, and 23. Taking 
the plane at infinity as v = 5(zo +21 + £2 +223)/2 and 
setting z, y, and z as above gives the equation 


250 (y+2)+y (242) +2 (04y)1450(0 y +0 24 yz 
—125(z° yz +y rz+z zy) +60zyz —4(xy+gzz+yz) = 0, 


plotted above (Hunt). The Hessian of the Cayley cubic 
has 14 ORDINARY DOUBLE POINTS, four more than a 
the general Hessian of a smooth CUBIC SURFACE (Hunt). 
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Cayley Graph 

The representation of a GROUP as a network of directed 
segments, where the vertices correspond to elements and 
the segments to multiplication by group generators and 
their inverses. 


see also CAYLEY TREE 


References 
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Cayley’s Group Theorem 
Every FINITE GROUP of order n can be represented as 
a PERMUTATION GROUP on n letters, as first proved by 
Cayley in 1878 (Rotman 1995). 


see also FINITE GROUP, PERMUTATION GROUP 
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Cayley-Hamilton Theorem 


Given 
4112 a12 aa Qim 
Q21 d22 Z cu: 42m 
Qm1 m2 Umm ~ T 
m m—l1 
=w Fenit +...+c, (1) 
then 


A™ + ¢m-1A™ > +... + col = 0, (2) 


where | is the IDENTITY MATRIX. Cayley verified this 
identity for m = 2 and 3 and postulated that it was true 
for all m. For m = 2, direct verification gives 


= (a — z)(d — z) — be 


= x? — (a+ d)x + (ad — be) = z? +c1x +c2 (3) 


Cayley's Hypergeometric Function Theorem 


a b 
sa o 
2 a b a b 
å a A b 4 
a° +be ab-+ bd 
ee ee (5) 
o | a vane] O 
(ad wat = [%77 Pure (7) 
so 
A (ab a)A+ (ad bet = |o J (8) 


The Cayley-Hamilton theorem states that a n x n MA- 
TRIX A is annihilated by its CHARACTERISTIC POLY- 
NOMIAL det(x1 — A), which is monic of degree n. 
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Cayley’s Hypergeometric Function Theorem 


If m 
(1 — 2)" oF (2a, 2b; 2c; z) = One 
n=0 
then 
2Fi (a, bic+ 5; z)2F¡(c—a,c— b; cs; z) 
== de (c)n a z” 
1, one > 
ae (os) 


where 2/1(a, b;c; z) is a HYPERGEOMETRIC FUNCTION. 
see also HYPERGEOMETRIC FUNCTION 


Cayley-Klein Parameters 

The parameters a, G, y, and 6 which, like the three 
EULER ANGLES, provide a way to uniquely characterize 
the orientation of a solid body. These parameters satisfy 
the identities 


aa + yy = 1 (1) 
aa” + BB" =1 (2) 
BB" +66" =1 (3) 
aB +y =0 (4) 
ad — Py =1 (5) 
and 
B=-=Y (6) 


=a, (7) 
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where 2* denotes the COMPLEX CONJUGATE. In terms 
of the EULER ANGLES 0, ¢, and y, the Cayley-Klein 
parameters are given by 


a=e 4 +90? cos( +80) (8) 
B = ieil-0/2 sin( 10) (9) 
y = te T9)? sin(10) (10) 
¿=e TO)? cos(50) (11) 


(Goldstein 1960, p. 155). 


The transformation matrix is given in terms of the 
Cayley-Klein parameters by 


A= 
F(a? — 7? 48-88) Bi(y?- 0? + 6?- 6) vial 
pila? +7? 8-8) F(a? +774? +67) ilap +6) 
BS — ay i(ay + Bô) ad + By 
(12) 


(Goldstein 1960, p. 153). 


The Cayley-Klein parameters may be viewed as param- 
eters of a matrix (denoted Q for its close relationship 
with QUATERNIONS) 


_|a@ £ 
hal (13) 
which characterizes the transformations 


u = au + Bu (14) 


i 


v = yu + dv. (15) 


of a linear space having complex axes. This matrix sat- 
isfies 


QİQ = QQt =I, (16) 


where | is the IDENTITY MATRIX and A‘ the MATRIX 
TRANSPOSE, as well as 


IQI" IQ] = 1. (17) 


In terms of the EULER PARAMETERS e; and the PAULI 
MATRICES 0;, the Q-matrix can be written as 


Q = eol + i(e101 + e202 + e303) (18) 


(Goldstein 1980, p. 156). 


see also EULER ANGLES, EULER PARAMETERS, PAULI 
MATRICES, QUATERNION 
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the module into the box and secure it to the front with screws and 
lockwashers. Mount S2 on the top of the box, too. Snap in S1 and 
wire it up. Install the battery pack and wire it up to the other side of 
S2 and ground. Finish up the job by wiring up J2 and C1 to J1. Don't 
close up the box until you finish calibration. Charge up the batteries 
and you are all set! 


Calibration and Operation 

There are several ways to calibrate your counter, with the 
simplest being to measure a known frequency. This is how I 
calibrated the model 304 counter. Connect a signal of 50 mV or so 
at 10 MHz from a frequency standard to J1. Your standard should be 
accurate to at least + 0.001%; +0.0005% or better would be highly 
desirable. Press the check button and set the resolution switch to 
100 Hz. You will get areading close to 10 MHz. Adjust trimmer C7 
until you get a reading of exactly 10.000 MHz. That completes 
calibration with a standard. If you don’t have access to a frequency 
standard, a transmitter will do as well. You should have a high- 
quality counter to measure the transmitter. A CB set will do. 
Attach a piece of coat-hanger wire about 12” long to J1. Then key 
the transmitter after you set the resolution switch to the 100-Hz 
position. Key the transmitter in brief steps and do not modulate it. 
A walkie-talkie is ideal for this since little power is necessary. 


Table 9-4, Model 304 Counter Specifications. 


Model 304 Counter Specifications 


1. Accuracy: Adjustable to up to +0.0002% or better, short term. 
Also +1 count error on all measurements. 

2. Frequency Range: From below 1 MHz to over 135 MHz. 

3. Gate Times: Switched 1 second or 0.1 second. Display cor- 
respondingly updated 2 seconds or 0.2 seconds respectively. 

4. Input: About 500 Ohms at low signal levels (below 0.5 volt). 

5. Power requirements: 5 V de at 130 mA, no signal. Power supplied | 
by nicad batteries. 


6. Resolution: 100 Hz and 1 kHz of the measured frequency. 

7. Sensitivity: Typical rms sine wave sensitivity for stable count is | 
55 mV at 1 MHz, 4 mV at 27 MHz, 5 mV at 50 MHz and 12 mV at 135 | 
MHz. | 
8. Special Features: Hand-held portable unit. Diode-protected in- 
put, easy construction, long battery life, etc. 

9. Display: 0.105" LED calculator-type with 7 digits. 
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Cayley-Klein-Hilbert Metric 
The METRIC of Felix Klein's model for HYPERBOLIC 
GEOMETRY, 


a*(1 = 297) 
gil = 2 212 
(1 — 19 — La ) 


= a x1 22 
912 (1 — 21? — 222) 
a? (1 — £17) 
gaa ie ee 
(1 — 21? — x2?)? 


see also HYPERBOLIC GEOMETRY 


Cayley Number 

There are two completely different definitions of Cayley 
numbers. The first type Cayley numbers is one of the 
eight elements in a CAYLEY ALGEBRA, also known as 
an OCTONION. A typical Cayley number is of the form 


a + bio + ci1 + dig + ei3 + fia + gis + hig, 


where each of the triples (to, 71,73), (41, i2, 44), (i2, ¢3, és), 
(i3, la, ie), (ta, 15, to), (és, 16, 11), (i6, t0, i2) behaves like 
the QUATERNIONS (i, j, k). Cayley numbers are not As- 
SOCIATIVE. They have been used in the study of 7- and 
8-D space, and a general rotation in 8-D space can be 
written 


w’ — ((((((xc1)c2)cs)ca)cs)ce)cr. 


The second type of Cayley number is a quantity which 
describes a DEL PEZZO SURFACE. 


see also COMPLEX NUMBER, DEL PEZZO SURFACE, 
QUATERNION, REAL NUMBER 
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Cayley’s Ruled Surface 
see CAYLEY CUBIC 


Cayley’s Sextic 


Cayley’s Sextic Evolute 


A plane curve discovered by Maclaurin but first studied 
in detail by Cayley. The name Cayley’s sextic is due 
to R. C. Archibald, who attempted to classify curves in 
a paper published in Strasbourg in 1900 (MacTutor Ar- 
chive). Cayley’s sextic is given in POLAR COORDINATES 
by 
371 
r=acos (30), (1) 


or 
n= 4b cos* (10), (2) 


where 6 = a/4. In the latter case, the CARTESIAN equa- 
tion is 


A(z? +y? — br)? = 270 (2? +y’). (3) 


The parametric equations are 


z(t) = 4a cos’ (2t)(2 cost — 1) (4) 
y(t) = 4a cos” (it) sin(3¢). (5) 


E t t 
The ARC LENGTH, CURVATURE, and TANGENTIAL AN- 
GLE are 


s(t) = 3(t + sint), (6) 
k(t) = 1 sec?(1t), (7) 
P(t) = 2t. (8) 
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Cayley’s Sextic Evolute 


= ¿a+ 4al[3cos(2t) — cos(2t)] 


which is a NEPHROID. 


Cayley Tree 


Cayley Tree 

A TREE in which each NODE has a constant number of 
branches. The PERCOLATION THRESHOLD for a Cayley 
tree having z branches is 


see also CAYLEY GRAPH 


Cayleyian Curve 

The ENVELOPE of the lines connecting correspond- 
ing points on the JACOBIAN CURVE and STEINERIAN 
CURVE. The Cayleyian curve of a net of curves of or- 
der n has the same GENUS (CURVE) as the JACOBIAN 
CURVE and STEINERIAN CURVE and, in general, the 
class 3n(n ~ 1). 
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Cech Cohomology 

The direct limit of the COHOMOLOGY groups with Co- 
EFFICIENTS in an ABELIAN GROUP of certain coverings 
of a TOPOLOGICAL SPACE. 


Ceiling Function 


[x] Ceiling 
[x] Nint (Round) 
— — — |x| Floor 


The function |x] which gives the smallest INTEGER > 2, 
shown as the thick curve in the above plot. Schroeder 
(1991) calls the ceiling function symbols the “GALLOWS” 
because of the similarity in appearance to the structure 
used for hangings. The name and symbol for the ceiling 
function were coined by K. E. Iverson (Graham et al. 
1990). It can be implemented as ceil(x)=-int(-x), 
where int(x) is the INTEGER PART of z. 


see also FLOOR FUNCTION, INTEGER PART, NINT 
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Cell 
A finite regular POLYTOPE. 


see also 16-CELL, 24-CELL, 120-CELL, 600-CELL 


Cellular Automaton 

A grid (possibly 1-D) of cells which evolves according to 
a set of rules based on the states of surrounding cells. 
von Neumann was one of the first people to consider 
such a model, and incorporated a cellular model into 
his “universal constructor.” von Neumann proved that 
an automaton consisting of cells with four orthogonal 
neighbors and 29 possible states would be capable of 
simulating a TURING MACHINE for some configuration 
of about 200,000 cells (Gardner 1983, p. 227). 


1-D automata are called “elementary” and are repre- 
sented by a row of pixels with states either 0 or 1. 
These can be represented with an 8-bit binary num- 
ber, as shown by Stephen Wolfram. Wolfram further 
restricted the number from 2% = 256 to 32 by requiring 
certain symmetry conditions. 


The most well-known cellular automaton is Conway’s 
game of LIFE, popularized in Martin Gardner’s Scien- 
tific American columns. Although the computation of 
successive LIFE generations was originally done by hand, 
the computer revolution soon arrived and allowed more 
extensive patterns to be studied and propagated. 


see LIFE, LANGTON’S ANT 
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Cellular Space 
A HAUSDORFF SPACE which has the structure of a so- 
called CW-COMPLEX. 


Center 

A special POINT which usually has some symmetric 
placement with respect to points on a curve or in a 
SOLID. The center of a CIRCLE is equidistant from all 
points on the CIRCLE and is the intersection of any two 
distinct DIAMETERS. The same holds true for the center 
of a SPHERE. 


see also CENTER (GROUP), CENTER OF MASS, CIR- 
CUMCENTER, CURVATURE CENTER, ELLIPSE, EQUI- 
BROCARD CENTER, EXCENTER, HOMOTHETIC CEN- 
TER, INCENTER, INVERSION CENTER, ISOGONIC CEN- 
TERS, MAJOR TRIANGLE CENTER, NINE-POINT CEN- 
TER, ORTHOCENTER, PERSPECTIVE CENTER, POINT, 
RADICAL CENTER, SIMILITUDE CENTER, SPHERE, 
SPIEKER CENTER, TAYLOR CENTER, TRIANGLE CEN- 
TER, TRIANGLE CENTER FUNCTION, YFF CENTER OF 
CONGRUENCE 


Center Function 
see TRIANGLE CENTER FUNCTION 


Center of Gravity 
see CENTER OF MASS 


Center (Group) 

The center of a GROUP is the set of elements which 
commute with every member of the GROUP. It is equal 
to the intersection of the CENTRALIZERS of the GROUP 
elements. 


see also ISOCLINIC GROUPS, NILPOTENT GROUP 


Center of Mass 
see CENTROID (GEOMETRIC) 


g(x’ + 5x? + 5a 4 1) 


Centered Pentagonal Number 


Centered Cube Number 


A FIGURATE NUMBER of the form, 
CCubn = n? + (n — 1)? = (2n — 1)(n* -n + 1). 


The first few are 1, 9, 35, 91, 189, 341, ... (Sloane's 
A005898). The GENERATING FUNCTION for the cen- 
tered cube numbers is 


2 3 4 
(e — 1)4 = I+90" + 352° + O9lx +.... 


see also CUBIC NUMBER 


References 

Conway, J. H. and Guy, R. K. The Book of Numbers. New 
York: Springer-Verlag, p. 51, 1996. 

Sloane, N. J. A. Sequence A005898/M4616 in “An On-Line 


Version of the Encyclopedia of Integer Sequences.” 


Centered Hexagonal Number 
see HEX NUMBER 


Centered Pentagonal Number 


A CENTERED POLYGONAL NUMBER consisting of a cen- 
tral dot with five dots around it, and then additional 
dots in the gaps between adjacent dots. The general 
term is (5n? — 5n + 2)/2, and the first few such num- 
bers are 1, 6, 16, 31, 51, 76, ... (Sloane's A005891). 
The GENERATING FUNCTION of the centered pentago- 
nal numbers is 


743241 
O oa gages eae en: 
(z — 1)? 
see also CENTERED SQUARE NUMBER, CENTERED TRI- 
ANGULAR NUMBER 
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Centered Polygonal Number 


Centered Polygonal Number 


>9D0 


A FIGURATE NUMBER in which layers of POLYGONS are 
drawn centered about a point instead of with the point 
at a VERTEX. 

see also CENTERED PENTAGONAL NUMBER, CENTERED 
SQUARE NUMBER, CENTERED TRIANGULAR NUMBER 
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Centered Square Number 


A CENTERED POLYGONAL NUMBER consisting of a cen- 
tral dot with four dots around it, and then additional 
dots in the gaps between adjacent dots. The general 
term is n* + (n — 1)’, and the first few such numbers 
are 1, 5, 13, 25, 41, ... (Sloane’s A001844). Centered 
square numbers are the sum of two consecutive SQUARE 
NUMBERS and are congruent to 1 (mod 4). The GEN- 
ERATING FUNCTION giving the centered square numbers 
is 

a(x +1) 


Gane te Re Peewee 


see also CENTERED PENTAGONAL NUMBER, CENTERED 
POLYGONAL NUMBER, CENTERED TRIANGULAR NUM- 
BER, SQUARE NUMBER 
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Centered Triangular Number 


A CENTERED POLYGONAL NUMBER consisting of a cen- 
tral dot with three dots around it, and then additional 
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dots in the gaps between adjacent dots. The general 
term is (3n? — 3n + 2)/2, and the first few such numbers 
are 1, 4, 10, 19, 31, 46, 64, ... (Sloane’s A005448). The 
GENERATING FUNCTION giving the centered triangular 
numbers is 


2 
1 
Are) = g + 4z? 4102 + 197% +.... 
(1 — z)? 
see also CENTERED PENTAGONAL NUMBER, CENTERED 
SQUARE NUMBER 
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Centillion 
In the American system, 1 


see also LARGE NUMBER 


0393. 


Central Angle 


ho 


An ANGLE having its VERTEX at a CIRCLE’s center 
which is formed by two points on the CIRCLE’S CIR- 
CUMFERENCE. For angles with the same endpoints, 


0. = 20;, 


where 9; is the INSCRIBED ANGLE. 
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Central Beta Function 
10 


The central beta function is defined by 


B(p) = Bip, p), (1) 
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where B(p,q) is the BETA FUNCTION. It satisfies the 
identities 


B(p) = 27 B(p, 3) (2) 
= 2'~*? cos(rp)B( — p, p) (3) 
! 4P dt 
j J a rey (4) 
2 (n+ o n(n+ 2p) _ 
Ali pa +p) ©) 


With p = 1/2, the latter gives the WALLIS FORMULA. 
When p = a/b, 


bB(a/b) = 22? J(a,d), (6) 
where i i 
B dt 
The central beta function satisfies 
(2+ 4x)3(1+ x) = xf(z) (8) 
(1 — 2x) (1 — x) B(x) = 2r cot(az) (9) 
BG =f) = ga tan(mx) A(x) (10) 
B(x) G(x + 3) = 2°° nB(2x) 8 (2x + 3). (11) 


For p an ODD POSITIVE INTEGER, the central beta func- 
tion satisfies the identity 


(p—1)/2 2h 1 p-1 


= m a s E). (12) 


Blpx) = 


see also BETA FUNCTION, REGULARIZED BETA FUNC- 
TION 
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Central Binomial Coefficient 
The nth central binomial coefficient is defined as (ae 1) , 


where (7) is a BINOMIAL COEFFICIENT and |n] is the 
FLOOR FUNCTION. The first few values are 1, 2, 3, 6, 10, 
20, 35, 70, 126, 252, ... (Sloane’s A001405). The central 


binomial coefficients have GENERATING FUNCTION 


— 4r? — ./] — 472 
e N ee A 
2(223 — x?) 
The central binomial coefficients are SQUAREFREE only 
forn = 1, 2, 3, 4, 5, 7, 8, 11, 17, 19, 23, 71,... (Sloane’s 

A046098), with no others less than 1500. 


Central Conic 


The above coefficients are a superset of the alternative 
“central” binomial coefficients 


a _ (2n)! 
nj] (n!)?? 


which have GENERATING FUNCTION 


1 
y 1 — 4z 


The first few values are 2, 6, 20, 70, 252, 924, 3432, 
12870, 48620, 184756, ... (Sloane’s A000984). 


Erdős and Graham (1980, p. 71) conjectured that 
the central binomial coefficient (27) is never SQUARE- 
FREE for n > 4, and this is sometimes known as the 
ERDÓS SQUAREFREE CONJECTURE. SÁRKOZY'S THE- 
OREM (Sárközy 1985) provides a partial solution which 
states that the BINOMIAL COEFFICIENT (2) is never 
SQUAREFREE for all sufficiently large n > no (Vardi 
1991). Granville and Ramare (1996) proved that the 
only SQUAREFREE values are n = 2 and 4. Sander 
(1992) subsequently showed that rae) are also never 
SQUAREFREE for sufficiently large n as long as d is not 
“too big.” 


see also BINOMIAL COEFFICIENT, CENTRAL TRINO- 
MIAL COEFFICIENT, ERDOS SQUAREFREE CONJEC- 
TURE, SARKOZY’S THEOREM, QUOTA SYSTEM 


— 1424+ 6x? + 202% + 70r* +... 
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Central Conic 
An ELLIPSE or HYPERBOLA. 


see also CONIC SECTION 
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Central Difference 


Central Difference 
The central difference for a function tabulated at equal 
intervals f; is defined by 


5(fn+1/2) = On41/2 =Ón+1/2 = fnti- fn. (1) 


Higher order differences may be computed for EVEN and 
ODD powers, 


2k 
2k 
4/2 = ) 1) e (2) 
j=0 J 
2k +1 
¿2+1 


j=0 


see also BACKWARD DIFFERENCE, DIVIDED DIFFER- 
ENCE, FORWARD DIFFERENCE 
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Central Limit Theorem 

Let 21,t2,...,y be a set of N INDEPENDENT random 
variates and each x; have an arbitrary probability distri- 
bution P(z1,...,2n) with MEAN u; and a finite VARI- 
ANCE o;7. Then the normal form variate 


i— a Hi 


A norm = a) (1) 


Sy a? 


has a limiting distribution which is NORMAL (GAUS- 
SIAN) with MEAN p = 0 and VARIANCE o = 1. If 
conversion to normal form is not performed, then the 


variate 
N 
X= we (2) 


is NORMALLY DISTRIBUTED with px = py and ox = 
o,/VN. To prove this, consider the INVERSE FOURIER 


TRANSFORM of Px(f). 


= y rm a X” p(X) dx 
n=0 ee 
= E pay" (3) 


Oe ene 


n+1/2 — WG 1) E y ; Ín+r+1-j- (3) 
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Now write 


(x1 +a2+...+2yn)") 


: ] N-" (ay +..+2n)”p(e1) plen) des ---den, 


so we have 
A (2rif)” 
Fur = Y) ETD" er) 
n=0 
oo 9 . z ao 
=o een | N-"(a,+...+ an)” 
n! 
n=0 ee 
x p[x1)-«-pl2p)dx1 «din 
e DA 
7 a N n! 
© n=0 ; 
x p(xı):--p(xyn )dzı' -dEn 
-f Prat +2 00/N pg.) py) de; -deN 


| erraya 

7 coon [arme ten] 
[emma 
Ea Cater Jana)” 
-|f roa Z f enter 


= (2717 E a* p(x) de + own) 


2N? 


= (+= a EE 2nif (x) — Gri)" (a?) + O(N=>)| 


co {aris 22 o - Crt (2?) + O(N- s|} 


(5) 


Now expand 
In(1 +g) =z — tr’ + ir? +..., (6) 


sO 


F-"|Px(f)] 


LOR Gi? 4 ons) ! 
| (21) ((2?) — (2)”) -2 
= exp an (xz) — D + O(N“) 
2 , (2rf)0,* 
~ exp aris SN | , (7) 
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Ha = (2) (8) 
on” = (a*) — (2). (9) 


Taking the FOURIER TRANSFORM, 


Px= J ESA PON 


Oo 


e 2 
a e2tif (ue 2) (27 f) oe [2N df. (10) 


— 00 


This is of the form 
J ¿e ag. (11) 


where a = 2r (ua — x) and b = (2707)"/2N. But, from 
Abramowitz and Stegun (1972, p. 302, equation 7.4.6), 


/ elf OF" ap = ete JE (12) 


Therefore, 
T -[27r (p — x)|’ 
Px e (270 y )2 Exp Quo)” 
2N 2N 
2nN _ 4 (We — 2) 2N 
410.7? 4 i An? oy? 
= VN on (Het)? N/2007 (13) 
Or V 2T 
But ox = C/V N and px = Hz, SO 
Py g e (14) 
OXN IT 


The “fuzzy” central limit theorem says that data which 
are influenced by many smali and unrelated random ef- 
fects are approximately NORMALLY DISTRIBUTED. 


see also LINDEBERG CONDITION, LINDEBERG-FELLER 
CENTRAL LIMIT THEOREM, LYAPUNOV CONDITION 
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Centroid (Geometric) 


Central Trinomial Coefficient 

The nth central binomial coefficient is defined as the co- 
efficient of x” in the expansion of (1+x2+x*)”. The first 
few are 1, 3, 7, 19, 51, 141, 393, ... (Sloane's A002426). 
This sequence cannot be expressed as a fixed number 
of hypergeometric terms (Petkovšek et al. 1996, p. 160). 
The GENERATING FUNCTION is given by 


1 


Ya + x2)(1 — 32) 


see also CENTRAL BINOMIAL COEFFICIENT 


fix) = ey ee ee ae AS 
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Centralizer 
The centralizer of a FINITE non-ABELIAN SIMPLE 
GROUP G is an element z of order 2 such that 


Calz) = {g E G: gz = zg}. 
see also CENTER (GROUP), NORMALIZER 


Centrode 


C=7rT + KB, 


where 7 is the TORSION, x is the CURVATURE, T is the 
TANGENT VECTOR, and B is the BINORMAL VECTOR. 


Centroid (Function) 
By analogy with the GEOMETRIC CENTROID, the cen- 
troid of an arbitrary function f(x) is defined as 


ee xf (x) dx 


Se ne f(x) dx 
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Centroid (Geometric) 

The CENTER OF MASS of a 2-D planar LAMINA or a 
3-D solid. The mass of a LAMINA with surface density 
function a(x, y) is 


M = J / a(z, y) dA. (1) 


The coordinates of the centroid (also called the CENTER 
OF GRAVITY) are 


g= 


ff me y) dA (2) 


Centroid (Orthocentric System) 
olx, y) dA 
ja LEER (3) 


The centroids of several common laminas along the non- 
symmetrical axis are summarized in the following table. 
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In 3-D, the mass of a solid with density function 


p(z, y, z) is 
M= J J ey Dav, (4) 


and the coordinates of the center of mass are 


fff plz, y, 2) dV 


e as (5) 
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see also PAPPUS’S CENTROID THEOREM 
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Centroid (Orthocentric System) 

The centroid of the four points constituting an ORTHO- 
CENTRIC SYSTEM is the center of the common NINE- 
POINT CIRCLE (Johnson 1929, p. 249). This fact auto- 
matically guarantees that the centroid of the INCENTER 
and EXCENTERS of a TRIANGLE is located at the CIR- 
CUMCENTER. 
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Centroid (Triangle) 

The centroid (CENTER OF Mass) of the VERTICES of 
a TRIANGLE is the point M (or G) of intersection of 
the TRIANGLE’S three MEDIANS, also called the MEDIAN 
POINT (Johnson 1929, p. 249). The centroid is always 
in the interior of the TRIANGLE, and has TRILINEAR 
COORDINATES 


1 1 
TEE (1) 


or 


csc A: csc B : csc C. (2) 


If the sides of a TRIANGLE are divided so that 


AzP; Az Pz Ai Pz p (3) 
Dae Boe pe 


the centroid of the TRIANGLE AP, PzP; is M (Johnson 
1929, p. 250). 


Pick an interior point X. The TRIANGLES BXC, CX A, 
and AX B have equal areas IFF X corresponds to the 
centroid. The centroid is located one third of the way 
from each VERTEX to the MIDPOINT of the opposite side. 
Each median divides the triangle into two equal areas; 
all the medians together divide it into six equal parts, 
and the lines from the MEDIAN POINT to the VERTICES 
divide the whole into three equivalent TRIANGLES. In 
general, for any line in the plane of a TRIANGLE ABC, 


d= ¿(da + da + do), (4) 


where d, da, dg, and dg are the distances from the cen- 
troid and VERTICES to the line. A TRIANGLE will bal- 
ance at the centroid, and along any line passing through 
the centroid. The TRILINEAR POLAR of the centroid is 
called the LEMOINE AxIS. The PERPENDICULARS from 
the centroid are proportional to Si, 


41P2 = a2p2 = a3p3 = <A, (5) 


where A is the AREA of the TRIANGLE. Let P be an 
arbitrary point, the VERTICES be A;, A2, and A3, and 
the centroid M. Then 


PA,’ +PA2 +PAs = MA +MAz +MA; +3PM.. 
(6) 

If O is the CIRCUMCENTER of the triangle's centroid, 
then ‘ 

OM = R?—-i(a? +b? +c’). (7) 
The centroid lies on the EULER LINE. 
The centroid of the PERIMETER of a TRIANGLE is the 
triangle’s SPIEKER CENTER (Johnson 1929, p. 249). 
see also CIRCUMCENTER, EULER LINE, EXMEDIAN 
POINT, INCENTER, ORTHOCENTER 
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Certificate of Compositeness 
see COMPOSITENESS CERTIFICATE 


Certificate of Primality 
see PRIMALITY CERTIFICATE 


Cesaro Equation 

An INTRINSIC EQUATION which expresses a curve in 
terms of its ARC LENGTH s and RADIUS OF CURVA- 
TURE R (or equivalently, the CURVATURE &). 


see also ARC LENGTH, INTRINSIC EQUATION, NATURAL 
EQUATION, RADIUS OF CURVATURE, WHEWELL EQUA- 
TION 
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Cesaro Fractal 


Piero eens 
“Cece 


A FRACTAL also known as the TORN SQUARE FRAC- 
TAL. The base curves and motifs for the two fractals 


illustrated above are show below. 


see also FRACTAL, KOCH SNOWFLAKE 
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Ceva’s Theorem 


Cesaro Mean 
see FEJES TOTH’S INTEGRAL 


Ceva’s Theorem 


D 
B 


Given a TRIANGLE with VERTICES A, B, and C and 
points along the sides D, E, and F, a NECESSARY and 
SUFFICIENT condition for the CEVIANS ÁD, BE, and 
CF to be CONCURRENT (intersect in a single point) is 
that 

BD-CE-AF=DC.-EA- FB. (1) 


Let P = [Vi,...,Vn] be an arbitrary n-gon, C a given 
point, and k a POSITIVE INTEGER such that 1 < k < 


n/2. For i=1,..., n, let W; be the intersection of the 
lines CV; and V;_.Vi+k, then 
Y [VW 
| E 2 
Ld [cool (2) 
Here, AB||CD and 
AB 
— 3 
CD. (3) 


is the RATIO of the lengths |A, B] and [C, D] with a plus 
or minus sign depending on whether these segments have 
the same or opposite directions (Griinbaum and Shepard 
1995). 


Another form of the theorem is that three CONCURRENT 
lines from the VERTICES of a TRIANGLE divide the op- 
posite sides in such fashion that the product of three 
nonadjacent segments equals the product of the other 
three (Johnson 1929, p. 147). 


see also HOEHN’S THEOREM, MENELAUS’ THEOREM 
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Cevian 


Cevian 


b 


A line segment which joins a VERTEX of a TRIANGLE 
with a point on the opposite side (or its extension). In 
the above figure, 


. I 
b sin a 


sin(y + a’) 
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Cevian Conjugate Point 
see ISOTOMIC CONJUGATE POINT 


Cevian Transform 
Vandeghen’s (1965) name for the transformation taking 
points to their ISOTOMIC CONJUGATE POINTS. 


see also ISOTOMIC CONJUGATE POINT 
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Cevian Triangle 
A3 


A A% Ay 
Given a center a: §: y, the cevian triangle is defined 
as that with VERTICES 0: 8:7, a:0: y, anda: 
B: 0. If A'B'C' is the CEVIAN TRIANGLE of X and 
A" B"C" is the ANTICEVIAN TRIANGLE, then X and 
A” are HARMONIC CONJUGATE POINTS with respect to 
A and A’. 


see also ANTICEVIAN TRIANGLE 
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Chain 
Let P be a finite PARTIALLY ORDERED SET. A chain 


‘in P is a set of pairwise comparable elements (i.e., a 


TOTALLY ORDERED subset). The WIDTH of P is the 
maximum CARDINALITY of an ANTICHAIN in P. For a 
PARTIAL ORDER, the size of the longest CHAIN is called 
the WIDTH. 

see also ADDITION CHAIN, ANTICHAIN, BRAUER CHAIN, 
CHAIN (GRAPH), DILWORTH’S LEMMA, HANSEN CHAIN 


Chain Fraction 
see CONTINUED FRACTION 


Chain (Graph) 

A chain of a GRAPH is a SEQUENCE {21, 22,-.-,2%n} such 
that (21,122), (12,13), ---, (Un-1, Un) are EDGES of the 
GRAPH. 


Chain Rule 

If g(x) is DIFFERENTIABLE at the point x and f(z) is 
DIFFERENTIABLE at the point g(x), then f og is DIF- 
FERENTIABLE at z. Furthermore, let y = f(g(z)) and 


u = g(x), then 
dy _ dy . du 


reer eee (1) 


There are a number of related results which also go un- 
der the name of “chain rules.” For example, if z = 
f(a,y), £ = g(t), and y = h(t), then 


dz _ Oz dz Oz dy 


dt  O0xdt ` Oy dt’ (2) 


The “general” chain rule applies to two sets of functions 


yi = fi(ui,...,Up) 


:(3) 


Tall gu) 


and 


Up = Ip[T1, s O 


Defining the m x n JACOBI MATRIX by 


0y1 ðyı ... Oy 
Or, On Örn 
OY: Ez . . E . (5) 
dE . * - . 3 
02; a . s . 
0Ym ym Ta 0Ym 
Or, 0x2 Atn 


and similarly for (Oy;/Ou;) and (Qu;/Ox;) then gives 


OY: = Oyi Ou; 
(2) E (2) (2) : (6) 


Table 9-5. Parts List for Counter. 


Parts List 

Bi—4 “AA” Nicad batteries in square holder 
Ci—0.1-uF, 200-volt Mylar capacitor 
C2, C3, C4, C6B—0.01-uF, 50-volt disc capacitors 
C5, C10—0.1-uF, 25-volt disc capacitors 
C7 —6-to-20-pF trimmer 
C8—27-pF mica capacitor 
C9—100-uF, 6.3-volt electrolytic 
D1, D2—1N4148 diodes 
D3—1N4002 rectifier diode 
IC1—National DS-8629N VHF prescaler 
1C2—Intersil |CM-72081PI counter chip“ 
IC3—Intersil |CM-7207AIPD timebase controller chip* 
Ji—BNC connector, UG-1094, Amphenol 31-221 
J2—RCA jack 
Q1—2N3905 PNP silicon transistor 

Resistors: All resistors V4-Watt film except for R12. 
Ri—47-Ohm resistor 
R2 through R8, R11—470-Ohm resistors 
R9—10k resistor 
A10—15k resistor 
R12—100-Ohm, Y2-Watt resistor 
S1—SPST Push-button switch 
S2—DPDT miniature toggle switch 
DIS-1—Hewlett-Packard 5082-7441 9-digit LED display, “Industry 
Standard" calculator LED display, Poly Paks 92CU2954, or similar. 
Y1—5.24288 MHz crystal in HC-18/U holder with wire leads. 
Loading capacitance is 12 pF, accuracy is +0.005% at room 
temperature. 
Misc. —9-volt ac/dc battery charger with RCA plug, PC board, Bezel, 
3/8” spacers (4 each), LMB CR-531 case, 4-40 screws, wire, etc. 
“Available from Poly Paks as a set. Stock #92CU4079. 


PC Boards 
The PC board (stock #STGM-279) for this project is avail- 
able for $5.60 (drilled) or $4.00 (undrilled) from O. C. Stafford 
Electronic Development, 427 South Benbow Rd., Greens- 
boro NC 27401. Add $1.00 for shipping. 


Adjust C7 until the counter reads the exact transmitter frequency 
when the counter is held near the antenna. That completes calibra- 
tion of the counter. Close up the counter case and secure it with 
Screws. 
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In differential form, this becomes 


Əy ĝuı 
Ou O21 


Oy 8 Oy ð 
+ ee + pa dtz+... (7) 


dur Ox. |" 
(Kaplan 1984). 
see also DERIVATIVE, JACOBIAN, POWER RULE, PROD- 


UCT RULE 
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Chained Arrow Notation 
A NOTATION which generalizes ARROW NOTATION and 


is defined as 


at---tb=arybR-e. 
— pr 
€ 
see also ARROW NOTATION 
References 


Conway, J. H. and Guy, R. K. The Book of Numbers. New 
York: Springer-Verlag, p. 61, 1996. 


Chainette 
see CATENARY 


Chair 


A SURFACE with tetrahedral symmetry which, according 
to Nordstrand, looks like an inflatable chair from the 
1970s. It is given by the implicit equation 


(1+y +2 ak?) —b[(z—k)? —227][(z +k)? — 247] = 0. 


see also BRIDE’S CHAIR 
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Champernowne Constant 


Chaitin’s Constant 

An IRRATIONAL NUMBER Q which gives the probability 
that for any set of instructions, a UNIVERSAL TURING 
MACHINE will halt. The digits in (2 are random and 
cannot be computed ahead of time. 


see also HALTING PROBLEM, TURING MACHINE, UNI- 
VERSAL TURING MACHINE 
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Chaitin’s Number 
see CHAITIN’S CONSTANT 


Chaitin’s Omega 
see CHAITIN’S CONSTANT 


Champernowne Constant 

Champernowne’s number 0.1234567891011... (Sloane’s 
A033307) is the decimal obtained by concatenating the 
POSITIVE INTEGERS. It is NORMAL in base 10. In 1961, 
Mahler showed it to also be ‘TRANSCENDENTAL. 


The CONTINUED FRACTION of the Champernowne con- 
stant is [0, 8, 9, 1, 149083, 1, 1, 1, 4, 1, 1, 1, 3, 4, 1, 1, 
1, 15, 


457540111391031076483646628242956118599603939--- 
710457555000662004393090262659256314937953207 - - - 
747128656313864120937550355209460718308998457 - - - 
5801469863148833592141783010987, 


6, 1, 1, 21, 1, 9, 1, 1, 2, 3, 1, 7, 2, 1, 83, 1, 156, 4, 
58, 8, 54, ...] (Sloane’s A030167). The next term of 
the CONTINUED FRACTION is huge, having 2504 digits. 
In fact, the coefficients eventually become unbounded, 
making the continued fraction difficult to calculate for 
too many more terms. Large terms greater than 10° oc- 
cur at positions 5, 19, 41, 102, 163, 247, 358, 460,... and 
have 6, 166, 2504, 140, 33102, 109, 2468, 136, ... digits 
(Plouffe). Interestingly, the COPELAND-ERDÓS CoN- 
STANT, which is the decimal obtained by concatenating 
the PRIMES, has a well-behaved CONTINUED FRACTION 
which does not show the “large term” phenomenon. 


see also COPELAND-ERDÓS CONSTANT, SMARANDACHE 
SEQUENCES 


Change of Variables Theorem 
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Change of Variables Theorem 

A theorem which effectively describes how lengths, ar- 
eas, volumes, and generalized n-dimensional volumes 
(CONTENTS) are distorted by DIFFERENTIABLE FUNC- 
TIONS. In particular, the change of variables theorem 
reduces the whole problem of figuring out the distortion 
of the content to understanding the infinitesimal dis- 
tortion, i.e., the distortion of the DERIVATIVE (a linear 
MAP), which is given by the linear MAP’s DETERMI- 
NANT. So f: R” > R” is an AREA-PRESERVING linear 
MAP IFF |det(f)| = 1, and in more generality, if S is 
any subset of R”, the CONTENT of its image is given by 
| det( f)| times the CONTENT of the original. The change 
of variables theorem takes this infinitesimal knowledge, 
and applies CALCULUS by breaking up the DOMAIN into 
small pieces and adds up the change in ÁREA, bit by 
bit. 


The change of variable formula persists to the general- 
ity of DIFFERENTIAL FORMS on MANIFOLDS, giving the 


formula 
J Gus J (w) 
M W 


under the conditions that M and W are compact con- 
nected oriented MANIFOLDS with nonempty boundaries, 
f:M > W is a smooth map which is an orientation- 
preserving DIFFEOMORPHISM of the boundaries. 


In 2-D, the explicit statement of the theorem is 


J f(x, y) dz dy 


m O(z, y) 
= J Fetu) vu, o) E | dudo 
and in 3-D, it is 
f rena dx dy dz 
R 
Ole ruse). du du dw, 


-j fle(u, v, w), y(u, v, w), z(u, v, w)] | = 
es O(u,v, w) 
where R = f(R*) is the image of the original region R*, 


A(z, y, 2) 
O(u, v, w) 


is the JACOBIAN, and f is a global orientation-preserving 
DIFFEOMORPHISM of R and R* (which are open subsets 
of R”). 
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The change of variables theorem is a simple consequence 
of the CURL THEOREM and a little DE RHAM COHOMOL- 
OGY. The generalization to n-D requires no additional 
assumptions other than the regularity conditions on the 
boundary. 


see also IMPLICIT FUNCTION ‘THEOREM, JACOBIAN 
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Chaos 
A DYNAMICAL SYSTEM is chaotic if it 


1. Has a DENSE collection of points with periodic or- 
bits, 

2. Is sensitive to the initial condition of the system (so 
that initially nearby points can evolve quickly into 
very different states), and 


3. Is TOPOLOGICALLY TRANSITIVE. 


Chaotic systems exhibit irregular, unpredictable behav- 
ior (the BUTTERFLY EFFECT). The boundary between 
linear and chaotic behavior is characterized by PERIOD 
DOUBLING, following by quadrupling, etc. 


An example of a simple physical system which displays 
chaotic behavior is the motion of a magnetic pendulum 
over a plane containing two or more attractive magnets. 
The magnet over which the pendulum ultimately comes 
to rest (due to frictional damping) is highly dependent 
on the starting position and velocity of the pendulum 
(Dickau). Another such system is a double pendulum (a 
pendulum with another pendulum attached to its end). 


see also ACCUMULATION POINT, ATTRACTOR, BASIN 
OF ATTRACTION, BUTTERFLY EFFECT, CHAOS GAME, 
FEIGENBAUM CONSTANT, FRACTAL DIMENSION, GIN- 
GERBREADMAN MAP, HENON-HEILES EQUATION, 
HENON MAP, LIMIT CYCLE, LOGISTIC EQUATION, LYA- 
PUNOV CHARACTERISTIC EXPONENT, PERIOD THREE 
THEOREM, PHASE SPACE, QUANTUM CHAOS, RESO- 
NANCE OVERLAP METHOD, SARKOVSKII’S THEOREM, 
SHADOWING THEOREM, SINK (MAP), STRANGE AT- 
TRACTOR 
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Chaos Game 

Pick a point at random inside a regular n-gon. Then 
draw the next point a fraction r of the distance between 
it and a VERTEX picked at random. Continue the pro- 
cess (after throwing out the first few points). The result 
of this “chaos game” is sometimes, but not always, a 
FRACTAL. The case (n,r) = (4,1/2) gives the interior 
of a SQUARE with all points visited with equal probabil- 


ity. 
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see also BARNSLEY’S FERN 


Character Table 
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Character (Group) 

The GROUP THEORY term for what is known to physi- 
cists as the TRACE. All members of the same CONJU- 
GACY CLASS in the same representation have the same 
character. Members of other CONJUGACY CLASSES may 
also have the same character, however. An (abstract) 
GROUP can be uniquely identified by a listing of the 
characters of its various representations, known as a 
CHARACTER TABLE. Some of the SCHONFLIES SYM- 
BOLS denote different sets of symmetry operations but 
correspond to the same abstract GROUP and so have the 
same CHARACTER TABLES. 


Character (Multiplicative) 

A continuous HOMEOMORPHISM of a GROUP into the 
NONZERO COMPLEX NUMBERS. A multiplicative char- 
acter w gives a REPRESENTATION on the 1-D SPACE C 
of COMPLEX NUMBERS, where the REPRESENTATION ac- 
tion by g € G is multiplication by w(g). A multiplicative 
character is UNITARY if it has ABSOLUTE VALUE 1 ev- 
ery where. 


References 
Knapp, A. W. “Group Representations and Harmonic Anal- 
ysis, Part II.” Not. Amer. Math. Soc. 43, 537-549, 1996. 


Character (Number Theory) 
A number theoretic function y(n) for POSITIVE integral 
n is a character modulo k if 


for all m,n, and 


xx(n) = 0 


if (k,n) 4 1. xx can only assume values which are p(k) 
ROOTS OF UNITY, where ¢ is the TOTIENT FUNCTION. 


see also DIRICHLET L-SERIES 
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Apo 


EEE Re, 


2C4 Ca 20, 


2 2cos 72° 2c0s 144” 
2 2cos144° 2cos 72° 


2cos 29 
2cos 3@ 
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ed. New York: Wiley, 1990. 

Iyanaga, S. and Kawada, Y. (Eds.). “Characters of Finite 

1 1 -1 |z, R: Groups.” Appendix B, Table 5 in Encyclopedic Dictionary 

2 2cos 72° 2cos144° 0 |(s,y)(Rz, Ry) | (xz, yz) of Mathematics. Cambridge, MA: MIT Press, pp. 1496- 

2 2cos144° 2cos 72° 0 (z? — y?, zy) 1503, 1980. 
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Characteristic Class 

Characteristic classes are COHOMOLOGY classes in the 
BASE SPACE of a VECTOR BUNDLE, defined through 
OBSTRUCTION theory, which are (perhaps partial) ob- 
structions to the existence of k everywhere linearly 
independent vector FIELDS on the VECTOR BUNDLE. 
The most common examples of characteristic classes 
are the CHERN, PONTRYAGIN, and STIEFEL-WHITNEY 
CLASSES. 


Characteristic (Elliptic Integral) 
A parameter n used to specify an ELLIPTIC INTEGRAL 
OF THE THIRD KIND. 


see also AMPLITUDE, ELLIPTIC INTEGRAL, MODULAR 
ANGLE, MODULUS (ELLIPTIC INTEGRAL), NOME, PA- 
RAMETER 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 590, 1972. 


Characteristic Equation 

The equation which is solved to find a MATRIX’s EIGEN- 
VALUES, also called the CHARACTERISTIC POLYNOMIAL. 
Given a 2 x 2 system of equations with MATRIX 


a b 
M= |: k (1) 


the MATRIX EQUATION is 


E a 


which can be rewritten 


la. e 


M can have no MATRIX INVERSE, since otherwise 


IS 


which contradicts our ability to pick arbitrary x and y. 
Therefore, M has no inverse, so its DETERMINANT is 0. 
This gives the characteristic equation 


a—t b 


where |A| denotes the DETERMINANT of A. For a general 
k x k MATRIX 


Qi1 0412 «.-- Gtk 
G@21 0422 +... 02% 


Characteristic (Field) 


the characteristic equation is 


ail — t a412 PF Qik 
421 a —t ... 02k j (7) 
ak1 k2 âkk — t 


see also BALLIEU'S THEOREM, CAYLEY-HAMILTON 
THEOREM, PARODI’S THEOREM, ROUTH-HURWITZ 
‘THEOREM 


References 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, pp. 1117-1119, 1979. 


Characteristic (Euler) 
see EULER CHARACTERISTIC 


Characteristic Factor 

A characteristic factor is a factor in a particular fac- 
torization of the TOTIENT FUNCTION ¢(n) such that 
the product of characteristic factors gives the represen- 
tation of a corresponding abstract GROUP as a DIRECT 
PRODUCT. By computing the characteristic factors, any 
ABELIAN GROUP can be expressed as a DIRECT PROD- 
UCT of CYCLIC SUBGROUPS, for example, Z2 ® Z4 or 
22922892. There is a simple algorithm for determining 
the characteristic factors of MODULO MULTIPLICATION 
GROUPS. 


see also CYCLIC GROUP, DIRECT PRODUCT (GROUP), 
MODULO MULTIPLICATION GROUP, TOTIENT FUNC- 
TION 


References 
Shanks, D. Solved and Unsolved Problems in Number Theory, 
4th ed. New York: Chelsea, p. 94, 1993. 


Characteristic (Field) 

For a FIELD K with multiplicative identity 1, consider 
the numbers 2=1+1,3=1+1+1,4=1+1+13+1, 
etc. Either these numbers are all different, in which 
case we say that K has characteristic 0, or two of them 
will be equal. In this case, it is straightforward to show 
that, for some number p, we have 1+1+...+1= 0. 

p times 

If p is chosen to be as small as possible, then p will 
be a PRIME, and we say that K has characteristic p. 
The FIELDS Q, R, C, and the p-ADIC NUMBERS Q, 
have characteristic 0. For p a PRIME, the GALOIS FIELD 
GF(p”) has characteristic p. 


If H is a SUBFIELD of K, then H and K have the same 
characteristic. 


see also FIELD, SUBFIELD 


Characteristic Function 


Characteristic Function 

The characteristic function ġ(t) is defined as the FOUR- 
IER TRANSFORM of the PROBABILITY DENSITY FUNC- 
TION, 


ot) = FIP(a)]= | eras (1) 
= T Peded if oP (de 

+ 2 (it)? J g’ P(z)dr +... (2) 

yo | (3) 


k 
= 1+ itp — Hna hitus + Et ugt... (4) 


where u„ (sometimes also denoted vn} is the nth MO- 
MENT about 0 and uo = 1. The characteristic function 
can therefore be used to generate MOMENTS about 0, 


(n) (py = =e] Oomi 
WORE A (5) 
or the CUMULANTS Kn, 
OS it)” 
Ing(t) =X kn a (6) 
n=0 


A DISTRIBUTION is not uniquely specified by its Mo- 
MENTS, but is uniquely specified by its characteristic 
function. 


see also CUMULANT, MOMENT, MOMENT-GENERATING 
FUNCTION, PROBABILITY DENSITY FUNCTION 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 


p. 928, 1972. 
Kenney, J. F. and Keeping, E. S. “Moment-Generating and 
Characteristic Functions,” “Some Examples of Moment- 


Generating Functions,” and “Uniqueness Theorem for 
Characteristic Functions.” 84.6-4.8 in Mathematics of 
Statistics, Pt. 2, 2nd ed. Princeton, NJ: Van Nostrand, 
pp. 72-77, 1951. 


Characteristic (Partial Differential 
Equation) 

= Paths in a 2-D plane used to transform PARTIAL DIF- 
FERENTIAL EQUATIONS into systems of ORDINARY DIF- 
FERENTIAL EQUATIONS. They were invented by Rie- 
mann. For an example of the use of characteristics, con- 
sider the equation 


uz — Guu, = 0. 


Now let u(s) = u(x(s),t(s)). Since 
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it follows that dt/ds = 1, dx/ds = —6u, and du/ds = 
0. Integrating gives t(s) = s, g(s) = —6suo(x), and 
u(s) = uo(x), where the constants of integration are 0 
and uo(x) = u(z, 0). 


Characteristic Polynomial 
The expanded form of the CHARACTERISTIC EQUATION. 


det(zl — A), 


where A is an n x n MATRIX and | is the IDENTITY 
MATRIX. 


see also CAYLEY-HAMILTON THEOREM 


Characteristic (Real Number) 
For a REAL NUMBER z, |x| = int(x) is called the char- 
acteristic. Here, |x| is the FLOOR FUNCTION. 


see also MANTISSA, SCIENTIFIC NOTATION 


Charlier’s Check 


A check which can be used to verify correct computation 
of MOMENTS. 


Chasles-Cayley-Brill Formula 
The number of coincidences of a (v,v’) correspondence 
of value y on a curve of GENUS p is given by 


v +v + 2py. 


see also ZEUTHEN’S THEOREM 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, p. 129, 1959. 


Chasles’s Contact Theorem 

If a one-parameter family of curves has index N and 
class M, the number tangent to a curve of order nı and 
class mı in general position is 


miN + ni M. 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, p. 436, 1959. 


Chasles’s Polars Theorem 

If the TRILINEAR POLARS of the VERTICES of a TRI- 
ANGLE are distinct from the respectively opposite sides, 
they meet the sides in three COLLINEAR points. 


see also COLLINEAR, TRIANGLE, TRILINEAR POLAR 
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Chasles”s Theorem 

If two projective PENCILS of curves of orders n and n’ 
have no common curve, the LOCUS of the intersections of 
corresponding curves of the two is a curve of order n+n' 
through all the centers of either PENCIL. Conversely, if 
a curve of order n + n’ contains all centers of a PENCIL 
of order n to the multiplicity demanded by NOETHER’S 
FUNDAMENTAL THEOREM, then it is the Locus of the 
intersections of corresponding curves of this PENCIL and 
one of order n' projective therewith. 


see also NOETHER’S FUNDAMENTAL THEOREM, PENCIL 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 


York: Dover, p. 33, 1959. 


Chebyshev Approximation Formula 
Using a CHEBYSHEV POLYNOMIAL OF THE FIRST KIND 
T, define 


ĉj = Y Feu) Ty(ae) 
e w(k — 5) wj(k — 5) 
= woud eos (2)! cos f HER) | 
Then 


fla) = 


Ch lt (x) = teo. 
k=0 


It is exact for the N zeros of Tn (x). This type of ap- 
proximation is important because, when truncated, the 
error is spread smoothly over [—1,1]. The Chebyshev 
approximation formula is very close to the MINIMAX 
POLYNOMIAL. 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, 5. A.; and 
Vetterling, W. T. “Chebyshev Approximation,” “Deriva- 
tives or Integrals of a Chebyshev- Approximated Function,” 
and “Polynomial Approximation from Chebyshev Coeffi- 
cients.” §5.8, 5.9, and 5.10 in Numerical Recipes in FOR- 
TRAN: The Art of Scientific Computing, 2nd ed. Cam- 
bridge, England: Cambridge University Press, pp. 184- 
188, 189-190, and 191-192, 1992. 


Chebyshev Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


The constants 


A = inf suple * —r(z 
TH Tt fe RS bee | ( I, 


where 


p and q are mth and nth order POLYNOMIALS, and Rm,n 
is the set all RATIONAL FUNCTIONS with REAL coefi- 
cients. 


Chebyshev Differential Equation 


see also ONE-NINTH CONSTANT, RATIONAL FUNCTION 
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Petrushev, P. P. and Popov, V. A. Rational Approximation of 
Real Functions. New York: Cambridge University Press, 
1987. 

Varga, R. S. Scientific Computations on Mathematical Prob- 
lems and Conjectures. Philadelphia, PA: SIAM, 1990. © 

Philadelphia, PA: SIAM, 1990. 


Chebyshev Deviation 


max {|f (x) — p(x)|w(z)}- 


a<a<b 


References 
Szegő, G. Orthogonal Polynomials, 4th ed. Providence, RI: 
Amer. Math. Soc., p. 41, 1975. 


Chebyshev Differential Equation 


dy d 
(1-0) 73-27 +my=0 (1) 


for |z| < 1. The Chebyshev differential equation has reg- 
ular SINGULARITIES at —1, 1, and oo. It can be solved 
by series solution using the expansions 


Oo 


= Y ane” (2) 


n=0 


= S (n + lD)an+11" (3) 


n=0 


y = N (n +1)nangiz” * = S (n + 1)nanyia””* 
n=1 


= N (n +2) (n + 1)an+2t". (4) 


Now, plug (2-4) into the original equation (1) to obtain 


(1 — x7) N (n + 2)(n+ l)an+22" 


n=0 
—2 N (n + 1)nn+11" +m ` ant” =0 (5) 
n=0 n=0 
Y (n+2)(n+ 1)an+22" — Y (n+2)(n+ 1)anyaz”*” 
n=0 n=0 
— S (n + Dani! + m* 5 ant” =0 (6) 
n=0 n=0 


Chebyshev Differential Equation 


N (n +2)(n+ Dan+21” — Y n(n — 1)anzx"* 
n=0 n=2 


— . +m? 5 age =O (7) 
n=1 n=0 


2- las +3: 2a3z — 1- ax +m*a0 + max 
+ S [n + 2)(n + 1)an+2 — n(n — lan 
n=2 


-nan + Manje” =0 (8) 


(2a2 + m'a) + [(m? — 1)aı + 6ag]x 


oO 


+) O(n + 2)(n+ 1)an+2 + (m*—n?)an]j2"=0, (9) 
n=2 
sO 

2a2 + m ao = 0 (10) 
(m? — 1)aı + 6az = 0 (11) 

2 2 

n -n 
n42 = —— an forn=2,3,.... (12 
Un+2 n+DM+2" or n ( ) 


The first two are special cases of the third, so the general 
recurrence relation is 


2 
n? —m 


(n+ D(n +2)” for 1 = Ui Loc (13) 


Un+2 = 


From this, we obtain for the EVEN COEFFICIENTS 


a2 = —im’*ao (14) 
= 27 — m? E (2? — m?)(—m?) 
a4 = Es = 7.9.3.4 70 (15) 
ap, = C - mila — 2)’ — mi] [om] | 
: (2n)! 0, 
(16) 


and for the ODD COEFFICIENTS 


05 = Ea (17) 
i a E i (3? E 1 AN m?) sia 

apy [ln D? mën = 3)? =m?) (Pm, 
NN (2n + 1)! 1 
(19) 


So the general solution is 


pa E y A E 


k=2,4,... 


SS [(6 = 2)? — m?][(k ~ 2)? mé]: 
ay = `S F 
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If n is EVEN, then yı terminates and is a POLYNOMIAL 
solution, whereas if n is ODD, then y2 terminates and 
is a POLYNOMIAL solution. The POLYNOMIAL solutions 
defined here are known as CHEBYSHEV POLYNOMIALS 
OF THE FIRST KIND. The definition of the CHEBYSHEV 
POLYNOMIAL OF THE SECOND KIND gives a similar, but 
distinct, recurrence relation 


as f = 0,1,.... (21 
an+2 (n+ 2)(n+3)°” or n 0,1, ( ) 


Chebyshev Function 


(x) = > In p, 


por 


where the sum is over PRIMES p, so 


T 
lim —— = 1. 
z> O(a) 


Chebyshev-Gauss Quadrature 

Also called CHEBYSHEV QUADRATURE. Å GAUSSIAN 
QUADRATURE over the interval [—1,1] with WEIGHT- 
ING FUNCTION W (g) = 1/v1 — 2?. The ABSCISSAS for 
quadrature order n are given by the roots of the CHEBY- 
SHEV POLYNOMIAL OF THE FIRST KIND T,(2), which 
occur symmetrically about 0. The WEIGHTS are 


EE An+1'Yn = An Yn-1 
' AT (80) Ta+ilci) Anai Tazile:) Inle) 
where A, is the COEFFICIENT of 2” in T, (2). For HER- 
MITE POLYNOMIALS, 


AS (2) 
SO 7 
n+l 
EA = 2. 3 
A (3) 
Additionally, 
Yn = in, (4) 
so a 
Wi = — zz 5 
Thile) tle) (5) 
Since 
Tn (x) = cos(ncos * 2), (6) 


the ABSCISSAS are given explicitly by 


Ti = COS (E l (7) 
Since 
_1)itly, 
Ty (a) = A (8) 
Tn41(i) = (-1) sin os, (9) 
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where (2i 1) 
i — lr 
Oe pe (10) 


all the WEIGHTS are 
Tr 
i=. 11 
wi == (11) 
The explicit FORMULA is then 


" f(x) dz 
ae ee 


= 59 f [cos (2) + no. (12) 


A A + 
2 +0.707107 1.5708 
3 0 1.0472 
+0.866025 1.0472 
4 +0.382683 0.785398 
+0.92388 0.785398 
5 0 0.628319 


+0.587785 0.628319 
+0.951057 0.628319 


References 
Hildebrand, F. B. Introduction to Numerical Analysis. New 
York: McGraw-Hill, pp. 330-331, 1956. 


Chebyshev Inequality 
Apply MARKOV’s INEQUALITY with a = k? to obtain 


Pl(e — u >] < 1e =m 0 


Therefore, if a RANDOM VARIABLE « has a finite MEAN 
u and finite VARIANCE a”, then V k > 0, 


Plle= u| > k) < 77 (2) 


1 
Ple -u| > ko) < =. (3) 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 11, 1972. 


Chebyshev Integral 


fea — z)’ dz. 


Chebyshev Polynomial 


Chebyshev Integral Inequality 


f hea f hoar f faja 


b 
< (b= a)" | enile) fala) de 


where fi, fe,..., fn are NONNEGATIVE integrable func- 
tions on [a, b] which are monotonic increasing or decreas- 
ing. 

References 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 


ries, and Products, 5th ed. San Diego, CA: Academic 
Press, p. 1092, 1979. 


Chebyshev Phenomenon 
see PRIME QUADRATIC EFFECT 


Chebyshev Polynomial of the First Kind 


A set of ORTHOGONAL POLYNOMIALS defined as the so- 
lutions to the CHEBYSHEV DIFFERENTIAL EQUATION 
and denoted T, (1). They are used as an approxima- 
tion to a LEAST SQUARES FIT, and are a special case 
of the ULTRASPHERICAL POLYNOMIAL with a = 0. The 
Chebyshev polynomials of the first kind T,,(x) are illus- 
trated above for x € [0,1] and n=1,2,..., 5. 


The Chebyshev polynomials of the first kind can be ob- 
tained from the generating functions 


er = 
t,x) = ————, =T 2 > Tr(xjt” (1 
De) =F oe T 2, jeje" AT) 
and A 
= l— xt = A 
g2(t, x) = Lena A N (2) 


for |z| < 1 and |t| < 1 (Beeler et al. 1972, Item 15). 
(A closely related GENERATING FUNCTION is the basis 
for the definition of CHEBYSHEV POLYNOMIAL OF THE 
SECOND KIND.) They are normalized such that Ta (1) = 
1. They can also be written 


[n/2| a 
Ta(a) = 2 y EL a Gp (3) 


Chebyshev Polynomial 


or in terms of a DETERMINANT 


z 1 0 0 0 0 
1 2z 1 0 0 0 
0 1 2z 1 0 0 
Ta=|0 0 1 22 0 0 (4) 
00 0 0 1 2% 


In closed form, 


[n/2] 
Tn (x) = cos(ncos”* z) = So ( g re - 1)”, 


m=0 


where (7) is a BINOMIAL COEFFICIENT and |æ] is the 


FLOOR FUNCTION. Therefore, zeros occur when 


kl 
x = cos A 2 (6) 
n 
fork = 1, 2,..., n. Extrema occur for 
T = COS (=) ; (7) 
n 


where k = 0,1,...,n. At maximum, T,(1) = 1, and 
at minimum, T,(2) = —1. The Chebyshev POLYNOMI- 
ALS are ORTHONORMAL with respect to the WEIGHTING 
FUNCTION (1 — q?) */? 


f Tm(2)T»(2) de _ | inônm form#0,n#0 
a vi- r for m = n = 0, 

(8) 
where ómn is the KRONECKER DELTA. Chebyshev poly- 
nomials of the first kind satisfy the additional discrete 
identity 


m for i = j = 0, 


= l -; for2 ) 
SORET) E POIO 9) 


k=1 


where zp for k = 1, ..., m are the m zeros of Tm (x). 
They also satisfy the RECURRENCE RELATIONS 


Ta+1[2) = 2aT, (x) — Tn-1(x) (10) 


Tn+1(2) = 2Tn(2) — y (1 —22)(1- [Trt2)25 (11) 


for n > 1. They have a COMPLEX integral representa- 


tion Se alada 
EZ dz (12) 
a 1 — 22z+4+ z? 


and a Rodrigues representation 


"yr (1— 27)? gr 2\n—1/2 
Tao) = AA E a-a], 19) 
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Using a FAST FIBONACCI TRANSFORM with multiplica- 
tion law 


(A, B)(C, D) = (AD + BC + 22AC, BD — AC) (14) 
gives 


(Tr+1(2), Tn(2)) = (T1(2), —To(x))(1,0)". (15) 


Using GRAM-SCHMIDT ORTHONORMALIZATION in the 
range (—1,1) with WEIGHTING FUNCTION (1—27)‘"1/?) 
gives 


polz) = 1 (16) 
fi, 2-2?) de 
(gz, 

E a Lia RES o e -z (17) 
a z? (1 — z?) i? de 
p2(z) = . = Par Paya = 


12/4 _ m2\—1/2 
E Ja (1 — 2%) dx e 
fi, — 22)-12 de 


= [2 —Oja - 2 = z? —}, (18) 


3 [ols 
ba 


etc. Normalizing such that T,(1) = 1 gives 


To(x) = 1 

Tiz) =z 

Toa) = 2z” — 1 
T3(x) = 4a? — 3a 


Ts(x) = 8x" — 827 +1 
Ts(x) = 16x° — 202° + 52 
Te(x) = 322" — 4827 + 1827 — 1. 


The Chebyshev polynomial of the first kind is related 
to the BESSEL FUNCTION OF THE FIRST KIND J, (2) 
and MODIFIED BESSEL FUNCTION OF THE FIRST KIND 
I, (1) by the relations 


A eae Ga Ke) (19) 
In(£) = Tn (<=) Io(a). (20) 


Letting xz = cos 0 allows the Chebyshev polynomials of 
the first kind to be written as 


Tn (x) = cos(n@) = cos(n cos * z). (21) 


Operation is a snap with this counter. Simply connect low- 
level signals to be measured to J1 and press S1. You then read the 
frequency off the display. The resolution switch, S2, is designed to 
offer you two time bases, and, thus, two different gate times. Use 
the 0, 1-second position where you want a speedy display of fre- 
quency, and use the 1-second position where you want greater 
accuracy. This will allow you to read up to the last 1 kHz position on 
the display with S2 set to 0.1 second, and read to the last 100 Hz 
position with S2 set to 1 second. As you can see, each has advan- 
tages. 

A few tips on using this counter: You might want to fabricate a 
12” whip antenna out of a male BNC connector and a piece of 
coathanger wire. Epoxy the wire inside the plug. With this setup, 
you should be able to measure a 100-mW CB walkie-talkie at least 
15 feet away. If your performance-select IC1, this counter will 
cover the 2 meter ham band. Finally, whenever you measure a 
transmitter or signal generator, be sure to operate it in the unmod- 
ulated mode, or SSB units in the CW mode. This will give you 
maximum accuracy in your measurements. 

Also, see Fig. 9-38 and Tables 9-4 and 9-5. 
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The second linearly dependent solution to the trans- 
formed differential equation 


dTa 5 
is then given by 
Vn (1) = sin(n@) = sin(ncos”? 2), (23) 


which can also be written 


Valz) = y 1 -— 2? Un-1 (x), (24) 


where Un is a CHEBYSHEV POLYNOMIAL OF THE SEC- 
OND KIND. Note that V, (1) is therefore not a POLY- 
NOMIAL. 


The POLYNOMIAL 
gr a) (25) 


(of degree n— 2} is the POLYNOMIAL of degree < n which 
stays closest to æ” in the interval (—1,1). The maximum 
deviation is 217” at the n + 1 points where 


kr 


T = COS (=) (26) 


for k = 0,1,..., n (Beeler et al. 1972, Item 15). 


see also CHEBYSHEV APPROXIMATION FORMULA, 
CHEBYSHEV POLYNOMIAL OF THE SECOND KIND 
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Chebyshev Polynomial of the Second Kind 


Chebyshev Polynomial 


A modified set of Chebyshev POLYNOMIALS defined by a 
slightly different GENERATING FUNCTION. Used to de- 
velop four-dimensional SPHERICAL HARMONICS in an- 
gular momentum theory. They are also a special case 
of the ULTRASPHERICAL POLYNOMIAL with a = 1. The 
Chebyshev polynomials of the second kind U,(x) are 
illustrated above for z € [0,1] and n= 1, 2,..., 5. 


The defining GENERATING FUNCTION of the Chebyshev 
polynomials of the second kind is 


g2{t, £) = TR => Ua (1) 


n= 


for |z| < 1 and |t| < 1. To see the relationship to 
a CHEBYSHEV POLYNOMIAL OF THE FIRST KIND (T), 
take 0g/0t, 


29 L (1 — 20t4 8) (22 + 24) 


= 2t-2(1-20t4+t) * 
= Ss nUn (a)i. (2) 
n=0 
Multiply (2) by t, 


(2t? — 2rt)(1 — 2zt + t)? = DEAG (3) 


and take (3)—(2), 


(2t°—2tr)-(1-22t+t?)  t“-1 
(1 — 2xt + #?)? ~ (1 — 2xt +t)? 


=) (n-1Un(a)t”. (4) 


The Rodrigues representation is 


_  CDn+Dyr_ da 
Te) geet + DIG = a) dan T 


The polynomials can also be written 


[n/2| a 
Un(a) = Y ar ( a 
r=0 


n/2 
-5 bak 


ah ,) Parma? ay”, (6) 


where |z] is the FLOOR FUNCTION and [2] is the CEIL- 
ING FUNCTION, or in terms of a DETERMINANT 


22 1 0 0 ---» 0 0 
0 2r 1 O >. 0 0 
U,=|0 1 2% 1 -- 0 OF, (7) 


Chebyshev Quadrature 


The first few POLYNOMIALS are 


Uolx)= 1 

Uilt) = 2x 
U(x) = 4z? — 1 
Us(x) = 8z? — 4 


Us(x) = 162? — 122741 
Us(x) = 322% — 322° + 62 
Us(x) = 642° — 80x4 + 2427 — 1. 


Letting x = cos@ allows the Chebyshev polynomials of 
the second kind to be written as 


(8) 


The second linearly dependent solution to the trans- 
formed differential equation is then given by 


Wigs ee (9) 


sin @ 
which can also be written 


W, (2) = (1— 27)? Thi (a), (10) 
where Tn is a CHEBYSHEV POLYNOMIAL OF THE FIRST 
KIND. Note that W,(z) is therefore not a POLYNOMIAL. 


see also CHEBYSHEV APPROXIMATION FORMULA, 
CHEBYSHEV POLYNOMIAL OF THE FIRST KIND, ULTRA- 
SPHERICAL POLYNOMIAL 
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Chebyshev Quadrature 

A GAUSSIAN QUADRATURE-like FORMULA for numeri- 
cal estimation of integrals. It uses WEIGHTING FUNC- 
TION W(az) = 1 in the interval [—1, 1] and forces ail the 
weights to be equal. The general FORMULA is 


| sede =2 tea 
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The ABSCISSAS are found by taking terms up to y” in 
the MACLAURIN SERIES of 


Sn(y) = exp =n E + In(1 — y) (: ~ 3 
1 
+ In(1 +y) (el 


G(x) = £” Sn (=) À 


and then defining 


The ROOTS of Ga (x) then give the ABSCISSAS. The first 


- few values are 


Golx) = 

Gua) =a 

G(x) = + (32° 1) 
G3(z) = 1(22* — z) 


45a* — 3027 + 1) 

Gs(x) = 4,(72x° — 60x" + 72) 

Go(z) = zg (1052° — 1052* + 212” — 1) 

Gr(x) = ¿(64802 — 75602° + 21422° — 1492) 


Ga(x) = =< (42525x? — 56700x* + 20790x* 


42525 
— 22202” — 43) 
Go(x) = =. (224002° — 3360027 + 151207" 


22400 


— 2280x* + 532). 


P 

Ha 

nn, 

8 

Mr 

| 
El 

~ SS 


Because the ROOTS are all REAL for n < 7 and n = 9 
only (Hildebrand 1956), these are the only permissible 
orders for Chebyshev quadrature. The error term is 


PEE) 
E Ca n n odd 
S IA (a, 
Cn nF n even, 
where 
n odd 


mn J, Gral) dx 
JE x*Gn(x)dxe n even. 


The first few values of cn are 2/3, 8/45, 1/15, 32/945, 
13/756, and 16/1575 (Hildebrand 1956). Beyer (1987) 
gives abscissas up to n = 7 and Hildebrand (1956) up 
ton = 9. 
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E S 
+0.57735 
3 0 
+0.707107 
4 +0.187592 
+0.794654 
5 0 
+0.374541 
+0.832497 
6 +0.266635 
+0.422519 
+0.866247 
T 0 
+0.323912 
+0.529657 
+0.883862 
9 0 
+0.167906 
+0.528762 
+0.601019 
+0.911589 


The ABSCISSAS and weights can be computed analyti- 
cally for small n. 


bo 


Th Ti 
+iV/3 
3 0 
+42 
'{ /5-2 
4 + 345 
Y 5+2 
+ 3/5 
5 0 
1 5B-V1i 
13 3 
1 54711 
+5 3 


see also CHEBYSHEV QUADRATURE, LOBATTO QUAD- 
RATURE 
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Chebyshev-Radau Quadrature 

A GAUSSIAN QUADRATURE-like FORMULA over the in- 
terval [—1, 1] which has WEIGHTING FUNCTION W (æ) = 
x. The general FORMULA is 


J 2f(0) de = Y wi(f(2s) — Fe). 


i= 


- Chebyshev’s Theorem 


n Ti Wi 
1 0.7745967 0.4303315 
2 0.5002990 0.2393715 
0.8922365 0.2393715 
3 0.4429861 0.1599145 
0.7121545 0.1599145 
0.9293066 0.1599145 
4 0.3549416 0.1223363 
0.6433097 0.1223363 
0.7783202 0.1223363 
0.9481574 0.1223363 
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Chebyshev Sum Inequality 
If 


then 


This is true for any distribution. 


see also CAUCHY INEQUALITY, HOLDER SUM INEQUAL- 
ITY 
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Chebyshev-Sylvester Constant 
In 1891, Chebyshev and Sylvester showed that for suf- 
ficiently large x, there exists at least one prime number 
p satisfying 

z<p<(l1+aj)z, 


where a = 0.092.... Since the PRIME NUMBER THE- 
OREM shows the above inequality is true for all a > 0 
for sufficiently large x, this constant is only of historical 
interest. 
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Chebyshev’s Theorem 
see BERTRAND’S POSTULATE 


Checker-Jumping Problem 


Checker-Jumping Problem 

Seeks the minimum number of checkers placed on a 
board required to allow pieces to move by a sequence of 
horizontal or vertical jumps (removing the piece jumped 
over) n rows beyond the forward-most initial checker. 
The first few cases are 2, 4, 8, 20. It is, however, impos- 
sible to reach level 5. 
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Checkerboard 
see CHESSBOARD 


Checkers 

Beeler et al. (1972, Item 93) estimated that there are 
about 101° possible positions. However, this disagrees 
with the estimate of Jon Schaeffer of 5 x 10% plausible 
positions, with 10! reachable under the rules of the 
game. Because “solving” checkers may require only the 
SQUARE ROOT of the number of positions in the search 
space (i.e., 10°), so there is hope that some day checkers 
may be solved (i.e., it may be possible to guarantee a 
win for the first player to move before the game is even 
started; Dubuque 1996). 


Depending on how they are counted, the number of Eu- 
LERIAN CIRCUITS on an n X n checkerboard are either 
1, 40, 793, 12800, 193721, ... (Sloane’s A006240) or 1, 
13, 108, 793, 5611, 39312, ... (Sloane’s A006239). 


see also CHECKERBOARD, CHECKER-JUMPING PROB- 
LEM 
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Checksum 

A sum of the digits in a given transmission modulo some 
number. The simplest form of checksum is a parity bit 
appended on to 7-bit numbers (e.g., ASCII characters) 
such that the total number of 1s is always EVEN (“even 
parity”) or ODD (“odd parity”). A significantly more 
sophisticated checksum is the CYCLIC REDUNDANCY 
CHECK (or CRC), which is based on the algebra of poly- 
nomials over the integers (mod 2). It is substantially 
more reliable in detecting transmission errors, and is 
one common error-checking protocol used in modems. 
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see also CYCLIC REDUNDANCY CHECK, ERROR- 


CORRECTING CODE 
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Cheeger’s Finiteness Theorem 

Consider the set of compact n- RIEMANNIAN MANIFOLDS 
M with diameter(M) < d, Volume(M) > V, and |K| < 
k where x is the SECTIONAL CURVATURE. Then there 
is a bound on the number of DIFFEOMORPHISMS classes 
of this set in terms of the constants n, d, V, and k. 
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Chefalo Knot 

A fake KNOT created by tying a SQUARE KNOT, then 
looping one end twice through the KNOT such that when 
both ends are pulled, the KNOT vanishes. 


Chen’s Theorem 

Every “large” EVEN INTEGER may be written as 2n = 
p + m where p is a PRIME and m € Pas is the SET of 
SEMIPRIMES (i.e., 2- ALMOST PRIMES). 


see also ALMOST PRIME, PRIME NUMBER, SEMIPRIME 
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Chern Class 

A GADGET defined for COMPLEX VECTOR BUNDLES. 
The Chern classes of a COMPLEX MANIFOLD are the 
Chern classes of its TANGENT BUNDLE. The ith Chern 
class is an OBSTRUCTION to the existence of (n — i + 
1) everywhere COMPLEX linearly independent VECTOR 
FIELDS on that VECTOR BUNDLE. The ¿th Chern class 
is in the (27)th cohomology group of the base SPACE. 


see also OBSTRUCTION, PONTRYAGIN CLASS, STIEFEL- 
WHITNEY CLASS 


Chern Number 

The Chern number is defined in terms of the CHERN 
CLASS of a MANIFOLD as follows. For any collection 
CHERN CLASSES such that their cup product has the 
same DIMENSION as the MANIFOLD, this cup product 
can be evaluated on the MANIFOLD’s FUNDAMENTAL 
CLASS. The resulting number is called the Chern num- 
ber for that combination of Chern classes. The most 
important aspect of Chern numbers is that they are 
COBORDISM invariant. 


see also PONTRYAGIN NUMBER, STIEFEL- WHITNEY 
NUMBER 
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Chernoff Face 

A way to display n variables on a 2-D surface. For in- 
stance, let z be eyebrow slant, y be eye size, z be nose 
length, etc. 
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Chess 

Chess is a game played on an 8x8 board, called a CHESS- 
BOARD, of alternating black and white squares. Pieces 
with different types of allowed moves are placed on the 
board, a set of black pieces in the first two rows and 
a set of white pieces in the last two rows. The pieces 
are called the bishop (2), king (1), knight (2), pawn (8), 
queen (1), and rook (2). The object of the game is to 
capture the opponent’s king. It is believed that chess 
was played in India as early as the sixth century AD. 


In a game of 40 moves, the number of possible board 
positions is at least 10'% according to Peterson (1996). 
However, this value does not agree with the 10*° pos- 
sible positions given by Beeler et al. (1972, Item 95). 
This value was obtained by estimating the number of 
pawn positions (in the no-captures situation, this is 158), 
times all pieces in all positions, dividing by 2 for each 
of the (rook, knight) which are interchangeable, divid- 
ing by 2 for each pair of bishops (since half the posi- 
tions will have the bishops on the same color squares). 
There are more positions with one or two captures, since 
the pawns can then switch columns (Schroeppel 1996). 
Shannon (1950) gave the value 


64! 


~ a1n43 
321(81)2(21)9 ae 


P(40) = 


The number of chess games which end in exactly n plies 
(including games that mate in fewer than n plies) for 
n = 1, 2, 3, ... are 20, 400, 8902, 197742, 4897256, 
119060679, 3195913043, ... (K. Thompson, Sloane’s 
A007545). Rex Stout’s fictional detective Nero Wolfe 
quotes the number of possible games after ten moves as 
follows: “Wolfe grunted. One hundred and sixty-nine 
million, five hundred and eighteen thousand, eight hun- 
dred and twenty-nine followed by twenty-one ciphers. 
The number of ways the first ten moves, both sides, 
may be played” (Stout 1983). The number of chess 
positions after n moves for n = 1, 2, ... are 20, 400, 
5362, 71852, 809896?, 91324847, ... (Schwarzkopf 1994, 
Sloane’s A019319). 


Cunningham (1889) incorrectly found 197,299 games 
and 71,782 positions after the fourth move. C. Flye 
St. Marie was the first to find the correct number of po- 
sitions after four moves: 71,852. Dawson (1946) gives 
the source as Intermediare des Mathematiques (1895), 
but K. Fabel writes that Flye St. Marie corrected the 
number 71,870 (which he found in 1895) to 71,852 in 


Chess 


1903. The history of the determination of the chess se- 
quences is discussed in Schwarzkopf (1994). 
Two problems in recreational mathematics ask 


1. How many pieces of a given type can be placed on a 
CHESSBOARD without any two attacking. | 


2. What is the smallest number of pieces needed to oc- 
cupy or attack every square. 


The answers are given in the following table (Madachy 
1979). 


Piece Max. Min. 
bishops 14 8 


kings 16 9 
knights 32 12 
queens 8 5 
rooks 8 8 


see also BISHOPS PROBLEM, CHECKERBOARD, CHECK- 
ERS, FAIRY CHESS, GO, GOMORY’S THEOREM, HARD 
HEXAGON ENTROPY CONSTANT, KINGS PROBLEM, 
KNIGHT’S TOUR, MAGIC TOUR, QUEENS PROBLEM, 
Rooks PROBLEM, TOUR 
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Chessboard 


A board containing 8 x 8 squares alternating in color 
between black and white on which the game of CHESS is 
played. The checkerboard is identical to the chessboard 
except that chess's black and white squares are colored 
red and white in CHECKERS. It is impossible to cover a 
chessboard from which two opposite corners have been 
removed with DOMINOES. 


see also CHECKERS, CHESS, DOMINO, GOMORY’S THE- 
OREM, WHEAT AND CHESSBOARD PROBLEM 
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Chevalley Groups 

Finite SIMPLE GROUPS of LIE-TYPE. 
four families of linear SIMPLE GROUPS: 
PSU(n, q), PSp(2n, q), or PQS(n, q). 


see also TWISTED CHEVALLEY GROUPS 


They include 
PSL(n, q), 
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Chevalley?s Theorem 

Let f(x) be a member of a FINITE FIELD 
Flx1,22,...,2n] and suppose f(0,0,...,0) = 0 and n 
is greater than the degree of f, then f has at least two 
zeros in A”(F). 
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Chevron 


A 6-POLYIAMOND. 


Chi 
20 


13 


10 


Re[CoshIntegral z] Im[CoshIntegral z] |CoshIntegral z| 


Chi(z) =y+ine+ | 
0 
where y is the EULER-MASCHERONI CONSTANT. The 
function is given by the Mathematica® (Wolfram Re- 
search, Champaign, IL) command CoshIntegral [z]. 


see also COSINE INTEGRAL, SHI, SINE INTEGRAL 
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Chi Distribution 
The probability density function and cumulative distri- 
bution function are 


gl-n/2,,n—-1—#7 /2 


2 


Dna(z) = Q($n, $2”), (2) 


Pa (z) = 


where Q is the REGULARIZED GAMMA FUNCTION. 


J2T(A(n+1 

p= (3) 

2 

2T (4n) (1 + in) —T?(4(n + 1)) 

g? a 2 2 2 4 
aay A (4) 

O ars(f(n+1)) = 3r (fn (s(n +1))P + 32) 
OOOO Eny in) -T(G (n + YP? 
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r2(4n)P(2£2) 
t Gaa in) Ea Tipp? ©) 
—314(5(n + 1)) + 6 (gn) + TP"(5(n + 1)T(1+35n) 
TENE) PE + 
AT? (En) G (+1) ME2) + r° (En) ($E) 
TEE) Earn 


Y2 = 
, (6) 


where u is the MEAN, o° the VARIANCE, 71 the SKEW- 
NESS, and y2 the KURTOSIS. For n = 1, the x distribu- 
tion is a HALF-NORMAL DISTRIBUTION with 0 = 1. For 
n = 2, it is a RAYLEIGH DISTRIBUTION with o = 1. 


see also CHI-SQUARED DISTRIBUTION, HALF-NORMAL 
DISTRIBUTION, RAYLEIGH DISTRIBUTION 


Chi Inequality 
The inequality 


(j + Das + as > (j + 1)i, 


which is satisfied by all A-SEQUENCES. 
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Chi-Squared Distribution 

A x? distribution is a GAMMA DISTRIBUTION with 6 = 2 
and a = r/2, where r is the number of DEGREES OF 
FREEDOM. If Y, have NORMAL INDEPENDENT distribu- 
tions with MEAN 0 and VARIANCE 1, then 


X= Y Y (1) 
i=1 


is distributed as x? with n DEGREES OF FREEDOM. If 
xi? are independently distributed according to a x? dis- 
tribution with ni, n2, ..., Nk DEGREES OF FREEDOM, 


then 
k 
Y xs (2) 
3=1 


F Eg . 9. E n 
is distributed according to x° with n = 2 n; DE- 
GREES OF FREEDOM. 


r/2—1 —=f2 
ane ce Ti -f z 
P, (2) = riper LETS (gy 
0 for x < 0. 
The cumulative distribution function is then 
x? ¿r/2-1,-t/2 
Dalx?) = / t e edi 
ý o  T(ir)2r/2 
yn, ax) 1. 1.2 
SS Peni S ; 4 


Chi-Squared Distribution 


where P(a,z) is a REGULARIZED GAMMA FUNCTION. 
The CONFIDENCE INTERVALS can be found by finding 
the value of x for which D,(x) equals a given value. 
The MOMENT-GENERATING FUNCTION of the x” distri- 
bution is 


M(t) = (1-2t) "9 (5) 
R(t) = In M(t) = —$rIn(1 — 2t) (6) 
Rit) = 33 (7) 
P 2r 
RB") = ¿7 (8) 
p= R'(0) =r (9) 
o” = R" (0) = 2r (10) 
n= (11) 
nee. (12) 


The nth MOMENT about zero for a distribution with n 
DEGREES OF FREEDOM is 
eS) 


Ue P(r) =r(r+2)---(r+2n—2), (13) 


and the moments about the MEAN are 


a = 21 (14) 
H3 = 8r (15) 
ya = 12n? + 48n. (16) 


The nth CUMULANT is 


Kn =2"T(n)(ir) = 27 (n — 1)tr. (17) 


The MOMENT-GENERATING FUNCTION is 


—r/2 
M(t) = e/V (1-2 
y 27 
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As r > 00, 
2 
lim M(t) =e’ ’?, (19) 


T+ OO 


so for large r, 


VE (SEE A 


z 


Chi-Squared Distribution 


is approximately a GAUSSIAN DISTRIBUTION with 
MEAN vĉ2r and VARIANCE 0? = 1. Fisher showed that 


= as 


is an improved estimate for moderate r. Wilson and 


Hilferty showed that 
2\ 1/3 
X 
œ 22 
(E) (22 


is a nearly GAUSSIAN DISTRIBUTION with MEAN j= 
1 — 2/(9r) and VARIANCE o° = 2/(9r). 


In a GAUSSIAN DISTRIBUTION, 


1 2 2 
Ple) de = —e 642" de, 23 
(x) ae (23) 
let 
2=(2-/0”. (24) 
Then 
dz = es eve Ge (25) 
o o 
SO a 
dz = ——=dz. 2 
x WE z (26) 
But 
P(z)dz = 2P (x) dz, (27) 
SO 
P(x) dx = 2 . e *Pdz= "e "dz. (28) 
Oy 27 TT 


This is a x? distribution with r = 1, since 


1/2-1_—2/2 -1/2,-1/2 
z e a e 
Pz) dz = Tar dz = ae dz. (29) 


If X; are independent variates with a NORMAL DISTRI- 
BUTION having MEANS p; and VARIANCES o;° for i = 1, 
"seia 7, then 


TL 


TEDD eo (30) 


20,2 
t=1 
is a GAMMA DISTRIBUTION variate with a = n/2, 


1 


=> —x?/2/1,. 2\(n/2)-1 3/1. 2 
= e (0) d(5x°). 
T(3n) 2 $ 


PÊ) dhê) 
(31) 


The noncentral chi-squared distribution is given by 


P(x) = 2 P eT NARA ln lag), (32) 


2 


where 
oF, (; a; z) 


F(a,z)= Tia) 


(33) 
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of, is the CONFLUENT HYPERGEOMETRIC LIMIT FUNC- 
TION and I is the GAMMA FUNCTION. The MEAN, 
VARIANCE, SKEWNESS, and KURTOSIS are 


p=A+n (34) 
o” = 2(2A +n) (35) 
2/2 (3A + n) 
OS a 
_ 12(4A+n) 
j= (AFM? (37) 


see also CHI DISTRIBUTION, SNEDECOR’S F-DISTRIBU- 
TION 
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Chi-Squared Test 
Let the probabilities of various classes in a distribution 
be pı, p2, ..., Pk. The expected frequency 


oe: (mi — Np;)* 
Xs =>, Np; 


i=1 


is a measure of the deviation of a sample from expecta- 
tion. Karl Pearson proved that the limiting distribution 
of xs” is x? (Kenney and Keeping 1951, pp. 114-116). 


Pr(x? > xo?) = / 106) 40d) 


($ ) (k-3)/2 
J Pa) 
x 


2 s? r (43) 
=j Ma) 
P(E) 
cl] FS) 
Ak=1) 2 


where I(z,n) is PEARSON’S FUNCTION. There are some 
subtleties involved in using the x° test to fit curves (Ken- 
ney and Keeping 1951, pp. 118-119). 


When fitting a one-parameter solution using x”, the 
best-fit parameter value can be found by calculating y? 
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at three points, plotting against the parameter values of 
these points, then finding the minimum of a PARABOLA 
fit through the points (Cuzzi 1972, pp. 162-168). 
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Child 
A node which is one EDGE further away from a given 
EDGE in a ROOTED TREE. 


see also ROOT (TREE), ROOTED TREE, SIBLING 


Chinese Hypothesis 

A PRIME p always satisfies the condition that 2? — 2 
is divisible by p. However, this condition is not true 
exclusively for PRIME (e.g., 2%* — 2 is divisible by 341 = 
11-31). COMPOSITE NUMBERS n (such as 341) for which 
2” — 2 is divisible by n are called POULET NUMBERS, 
and are a special class of FERMAT PSEUDOPRIMES. The 
Chinese hypothesis is a special case of FERMAT’S LITTLE 
THEOREM. 


see also CARMICHAEL NUMBER, EULER’S THEOREM, 
FERMAT’S LITTLE THEOREM, FERMAT PSEUDOPRIME, 
POULET NUMBER, PSEUDOPRIME 
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Chinese Remainder Theorem 

Let r and s be POSITIVE INTEGERS which are RELA- 
TIVELY PRIME and let a and b be any two INTEGERS. 
Then there is an INTEGER N such that 


N =a (mod r) (1) 


and 
N =b (mod s). (2) 


Moreover, N is uniquely determined modulo rs. An 
equivalent statement is that if (r,s) = 1, then every 
pair of RESIDUE CLASSES modulo r and s corresponds 
to a simple RESIDUE CLASS modulo rs. 


The theorem can also be generalized as follows. Given 
a set of simultaneous CONGRUENCES 


r =a; (mod mi) (3) 


fori = 1, ..., r and for which the m; are pairwise RELA- 
TIVELY PRIME, the solution of the set of CONGRUENCES 
is 
M M 
gz = a,b, — +... + arb, 
m1 My, 


(mod M), (4 


where 
M = mim Mr (5) 


Choose 


and the b; are determined from 


M 


i 


bi 


= 1 (mod m,). (6) 
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Chinese Rings 
see BAGUENAUDIER 


Chiral 
Having forms of different HANDEDNESS which are not 
mirror-symmetric. 


see also DISYMMETRIC, ENANTIOMER, HANDEDNESS, 
MIRROR IMAGE, REFLEXIBLE 


Choice Axiom 
see AXIOM OF CHOICE 


Choice Number 
see COMBINATION 


Cholesky Decomposition 


Given a symmetric POSITIVE DEFINITE MATRIX A, the 
Cholesky decomposition is an upper TRIANGULAR MA- 
TRIX U such that 

A = UTU. 


see also LU DECOMPOSITION, QR DECOMPOSITION 
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Choose 

An alternative term for a BINOMIAL COEFFICIENT, in 
which (x) is read as “n choose k.” R. K. Guy suggested. 
this pronunciation around 1950, when the notations “C, 
and nC, were commonly used. Leo Moser liked the pro- 
nunciation and he and others spread it around. It got 
the final seal of approval from Donald Knuth when he 
incorporated it into the TeX mathematical typesetting 
language as {n\choose k}. 


Choquet Theory 


Choquet Theory 

Erdós proved that there exist at least one PRIME of the 
form 4k + 1 and at least one PRIME of the form 4k + 3 
between n and 2n for all n > 6. 


see also EQUINUMEROUS, PRIME NUMBER 


Chord 
chord 


mM 


The LINE SEGMENT joining two points on a curve. The 
term is often used to describe a LINE SEGMENT whose 
ends lie on a CIRCLE. In the above figure, r is the RA- 
DIUS of the CIRCLE, a is called the APOTHEM, and s the 
SAGITTA. 


The shaded region in the left figure is called a SECTOR, 
and the shaded region in the right figure is called a SEG- 
MENT. 


All ANGLES inscribed in a CIRCLE and subtended by 
the same chord are equal. The converse is also true: 
The Locus of all points from which a given segment 
subtends equal ANGLES is a CIRCLE. 


Let a CIRCLE of RADIUS R have a CHORD at distance r. 
The AREA enclosed by the CHORD, shown as the shaded 
region in the above figure, is then 


TRES 
A= 2 | z(y) dy. (1) 
0 
But 
y +(rt+a) =R, (2) 


sO 


(y) = yR -y~r (3) 
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Checking the limits, when r = R, A = 0 and when 


r— 0, 
AS LAR?, (5) 


see also ANNULUS, APOTHEM, BERTRAND’S PROBLEM, 
CONCENTRIC CIRCLES, RADIUS, SAGITTA, SECTOR, 
SEGMENT 


Chordal 


see RADICAL AXIS 


Chordal Theorem 


R alee 
Ls 
ZA 

R IN 

ANA INI 


The Locus of the point at which two given CIRCLES 
possess the same POWER is a straight line PERPENDIC- 
ULAR to the line joining the MIDPOINTS of the CIRCLE 
and is known as the chordal (or RADICAL AXIS) of the 
two CIRCLES. 
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Chow Coordinates 

A generalization of GRASSMANN COORDINATES to m-D 
varieties of degree d in P”, where P” is an n-D pro- 
jective space. To define the Chow coordinates, take 
the intersection of a m-D VARIETY Z of degree d by 
an (n — m)-D SUBSPACE U of P”. Then the coordi- 
nates of the d points of intersection are algebraic func- 
tions of the GRASSMANN COORDINATES of U, and by 
taking a symmetric function of the algebraic functions, 
a hHOMOGENEOUS POLYNOMIAL known as the Chow 
form of Z is obtained. The Chow coordinates are then 


Chapter 10 
Special Projects 
and Useful Information 


Here are some different types of projects. Did you know, for 
instance, that you can build your own automobile voltage reg- 
ulator? Well, you can, and here we show you two different ways to 
do it. There are other projects too, of course, and some very useful 
information on home-brewing circuit boards. There's even a pro- 
ject to build your own electronic TV games! 


441 


244 Chow Ring 


the COEFFICIENTS of the Chow form. Chow coordinates 
can generate the smallest field of definition of a divisor. 
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Chow Ring 
The intersection product for classes of rational equiva- 
lence between cycles on an ALGEBRAIC VARIETY. 
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Chow Variety 

The set Cr m,a of all m-D varieties of degree d in an n-D 
projective space P” into an M-D projective space P™. 
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Christoffel-Darboux Formula 
For three consecutive ORTHOGONAL POLYNOMIALS 


Pn(z) = (Ant + Bn)pn-1@ — Cnpn-2{z) (1) 


for n = 2, 3, ..., where A, > 0, Bn, and Cn > O are 
constants. Denoting the highest COEFFICIENT of pn(z) 
by kn, 


Kn 

An = 2 | (2) 
Ay knkn—2 

C= = f 3 
Ån-1 kana“ ( ) 


Then 


polz)po(y) +... + pnlz)pn(y) 
= kn Pn+1 (2)pn(y) in Pn[2)Pn+1 (y) (4) 
kn+1 TY 


In the special case of x = y, (4) gives 


[po(x)]° +... + [pn(x)]" 


CIO 
n+l 
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Christoffel Number 


Christoffel- Darboux Identity 


k=0 Yk Am Ym (x = y), 
(1) 
where ¿fx(x) are ORTHOGONAL POLYNOMIALS with 
WEIGHTING FUNCTION W(z), 


o / (bm (a) W (a) de, (2) 
and 4 
_— Arti 


where A; is the COEFFICIENT of z” in px (2). 
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Christoffel Formula 
Let {pn(xz)} be orthogonal POLYNOMIALS associated 
with the distribution da(z) on the interval [a,b]. Also 
let l 

p = e(z — tı)(x — 22): (£ — 21) 


(for c 4 0) be a POLYNOMIAL of order l which is 
NONNEGATIVE in this interval. Then the orthogonal 
POLYNOMIALS {q(x)} associated with the distribution 
p(x)da(x) can be represented in terms of the POLYNO- 
MIALS pn(z) as 


palz) papala) Pn+1(2) 

| Pn(t1) Ppn+1(z1) Pn+1 (11) 
p(x)qn(zx) = . 

Pn(@1) pn+1(21) Pn+1(21) 


In the case of a zero zp of multiplicity m > 1, we replace 
the corresponding rows by the derivatives of order 0, 1, 


2, ..., M — 1 of the POLYNOMIALS pn[2t:), ..., Pn+1(21) 
at © = £k. 
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Christoffel Number 
One of the quantities A; appearing in the GAUSS-JACOBI 
MECHANICAL QUADRATURE. They satisfy 


Ay HAt. = f dala) = a(6) alo) (1) 


Christoffel Symbol of the First Kind 


and are given by 


pen De 
a kn Pn+1[2,)pn(2,) de 
Kn 1 
7 kn—1 Pn—1 (tv) Ph (a) 4) 
(Av)~* = [plan +... + [ponla], (5) 


where kn is the higher COEFFICIENT of pn (£). 
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Christoffel Symbol of the First Kind 
Variously denoted [ij, k], E — |, Pose, or fab, c}. 


ag t 7 a um OG; , OG 
Z= = m T; = m . So ` P 
lij, k] | k l gImxlij = Ime“ ga = g 
(1) 
where gmx is the METRIC TENSOR and 
he OF che 
Es = dg == h;ĉi. (2) 
But 
Ogi; TE Oe; . _ OÈ; 
Bgt T Age OH) = age FR Bk 
= |tk, 3] + [5k, t], (3) 
so 
lab, c] = 5 (Gac,b + gbe,a — Jab c). (4) 
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Christoffel Symbol of the Second Kind 
Variously denoted a at or Ty. 


ij 


= Di; = E 7 = Ik 
le i} E aga? ae 


l km f Ogik , O9jn _ O9i; 


where [jj is a CONNECTION COEFFICIENT and (bc, dy 
is a CHRISTOFFEL SYMBOL OF THE FIRST KIND. 


te El = gaa{be, d}. (2) 
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The Christoffel symbols are given in terms of the first 
FUNDAMENTAL FORM BE, F, and G by 


GE, —2FF,4+ FE, 

— HEG- F2) (3) 
Ch = pE (4) 
th = ae (5) 
T? = = o (6) 
r= on (7) 
TM, = ECF) e —, (8) 


1 
lii = 


and T}, =T}, and r3, =T%,. If F = 0, the Christoffel 
symbols of the second kind simplify to 


ia (9) 
n= (10) 
Ti = -2e (11) 
Ti = -2 (12) 
rh = = (13) 
Th= 5 (14) 


(Gray 1993). 


The following relationships hold between the Christoffel 
symbols of the second kind and coefficients of the first 
FUNDAMENTAL FORM, 


Ti E+TiF= E, (15) 
PpE+TiF = PE, (16) 
TE +T3F=PF,-1G, (17) 
TLF+1,G=F,-1E, (18) 
rF +Ti2G = {Gu (19) 
TP +T22G = 3G» (20 


) 
Ti, + Tig = (In VEG — F?), (21) 
Tio +r} = (In VEG- F?), (22) 


(Gray 1993). 


For a surface given in MONGE’S FORM z = F(z, y), 


r ZijZk 


IE e 


see also CHRISTOFFEL SYMBOL OF THE FIRST KIND, 
CONNECTION COEFFICIENT, GAUSS EQUATIONS 
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Chromatic Number 

The fewest number of colors y(G) necessary to color a 
GRAPH or surface. The chromatic number of a surface 
of GENUS g is given by the HEAWOOD CONJECTURE, 


v(g) = (7+ y 489 + 1)| 


where |x| is the FLOOR FUNCTION. -y(g) is sometimes 
also denoted x(g). For g = 0, 1,..., the first few values 
of x(g) are 4, 7, 8, 9, 10, 11, 12, 12, 13, 13, 14, 15, 15, 
16, ... (Sloane's A000934). 


The fewest number of colors necessary to color each 
EDGE of a GRAPH so that no two EDGES incident on the 
same VERTEX have the same color is called the “EDGE 
chromatic number.” 


see also BRELAZ'S HEURISTIC ALGORITHM, CHRO- 
MATIC POLYNOMIAL, EDGE-COLORING, EULER CHAR- 
ACTERISTIC, HEAWOOD CONJECTURE, MAP COLOR- 
ING, TORUS COLORING 
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Chromatic Polynomial 

A POLYNOMIAL P(z) of a graph g which counts the 
number of ways to color g with exactly z colors. Tutte 
(1970) showed that the chromatic POLYNOMIALS of pla- 
nar triangular graphs possess a ROOT close to ¢* = 
2.618033..., where ¢ is the GOLDEN MEAN. More pre- 
cisely, if n is the number of VERTICES of G, then 


Palo) <p” 


(Le Lionnais 1983). 
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Chu Identity 
see CHU-VANDERMONDE IDENTITY 


Cl 


Chu Space 

A Chu space is a binary relation from a SET A to an 
antiset X which is defined as a SET which transforms 
via converse functions. 


References 
Stanford Concurrency Group. “Guide to Papers on Chu 
Spaces.” http://boole.stanford.edu/chuguide.html. 


Chu-Vandermonde Identity 


ra (7) atada 
where (z) 


z) is a BINOMIAL COEFFICIENT and (a)n 
a{a—1)---(a—n-+1) is the POCHHAMMER SYMBOL. 
special case gives the identity 


E (0-07) 


see also BINOMIAL THEOREM, UMBRAL CALCULUS 
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Church’s Theorem 
No decision procedure exists for ARITHMETIC. 


Church’s Thesis 
see CHURCH-TURING THESIS 


Church-Turing Thesis 

The TURING MACHINE concept defines what is meant 
mathematically by an algorithmic procedure. Stated 
another way, a function f is effectively COMPUTABLE 
IFF it can be computed by a TURING MACHINE. 


see also ALGORITHM, COMPUTABLE FUNCTION, TUR- 
ING MACHINE 
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Chvatal’s Art Gallery Theorem 
see ART GALLERY THEOREM 


Chvatal’s Theorem 

Let the GRAPH G have VERTICES with VALENCES dı < 
... < dm. If for every i < n/2 we have either dj > 741 
or dn_; > n—i, then the GRAPH is HAMILTONIAN. 


ci 
see COSINE INTEGRAL 


Ci 


Ci 
see COSINE INTEGRAL 


Cigarettes 

It is possible to place 7 cigarettes in such a way that 
each touches the other if l/d > 73/2 (Gardner 1959, 
p. 115). 
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Cin 


see COSINE INTEGRAL 


Circle 


C 


NY 


A circle is the set of points equidistant from a given 
point O. The distance r from the CENTER is called the 
RADIUS, and the point O is called the CENTER. Twice 
the RADIUS is known as the DIAMETER d = 2r. The 
PERIMETER C of a circle is called the CIRCUMFERENCE, 
and is given by 


C =n: = 2nr. (1) 


The circle is a CONIC SECTION obtained by the intersec- 
tion of a CONE with a PLANE PERPENDICULAR to the 
CONE’s symmetry axis. A circle is the degenerate case 
of an ELLIPSE with equal semimajor and semiminor axes 
(i.e., with ECCENTRICITY 0). The interior of a circle is 
called a Disk. The generalization of a circle to 3-D is 
called a SPHERE, and to n-D for n > 4 a HYPERSPHERE. 


The region of intersection of two circles is called a LENS. 
The region of intersection of three symmetrically placed 
circles (as in a VENN DIAGRAM), in the special case of 
the center of each being located at the intersection of 
the other two, is called a REULEAUX TRIANGLE. 


The parametric equations for a circle of RADIUS a are 


z= a cost (2) 


y = asint. (3) 


For a body moving uniformly around the circle, 


gz = —asint (4) 
y =acost, (5) 
and 
if 
= —acost (6) 


y = —asint. (7) 
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When normalized, the former gives the equation for the 
unit TANGENT VECTOR of the circle, (— sint, cost). The 
circle can also be parameterized by the rational func- 
tions 


1— t? 

”= 4040 (8) 
2t 

a (9) 


but an ELLIPTIC CURVE cannot. The following plots 
show a sequence of NORMAL and TANGENT VECTORS 
for the circle. 


s(t) 
k(t) 
phi(t) 


| 
| 
' 
| 


t E t 
The ARC LENGTH s, CURVATURE k, and TANGENTIAL 
ANGLE ¢ of the circle are 


s(t) = fas = J x’ + y? dt = at (10) 


2 y" = y x" 1 
K(t) = (124 yl2)3/2 — a oe 


g(t) = J doas =. (12) 


The CESARO EQUATION is 


In POLAR COORDINATES, the equation of the circle has 
a particularly simple form. 


reg (14) 

is a circle of RADIUS a centered at ORIGIN, 
r = 2a cos 8 (15) 

is circle of RADIUS a centered at (a, 0), and 


r = 2asinð (16) 
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is a circle of RADIUS a centered on (0,a). In CARTE- 
SIAN COORDINATES, the equation of a circle of RADIUS 
a centered on (zo, yo) is 


(£ — z0)? + (y— yo)" = a”. (17) 


In PEDAL COORDINATES with the PEDAL POINT at the 
center, the equation is 


pa=r’. (18) 
The circle having Pı Po as a diameter is given by 


(x — 1)(z@ — 22) + (y—yi)(y — y2) = 0. (19) 


The equation of a circle passing through the three points 
(xi, yi) for i = 1, 2, 3 (the CIRCUMCIRCLE of the TRI- 
ANGLE determined by the points) is 


a? + y? T Y 
£1? + y’ Ti Yı 
qa? + ya? Z2 Y2 
£3? + ya" T3 Y3 


=0. (20) 


= a Aa 


The CENTER and RADIUS of this circle can be identified 
by assigning coefficients of a QUADRATIC CURVE 


az? +cy +de+ey+f=0, (21) 


where a = c and b= 0 (since there is no xy cross term). 
COMPLETING THE SQUARE gives 


dN? e y? d + e? 
a(z+ 5) ta(y+ 3) Prea N 


The CENTER can then be identified as 


d 
= —— 23 
To oe (23) 
e 
== 24 
Yo oF (24) 
and the RADIUS as 
d*+e* f 
T= Aye g a ’ (25) 
where 
£1 Yi 1 
a=|=z ye 1 (26) 
T3 Y3 1 
zı? + y yı 1 
d=— | z2 +y? ya 1 (27) 


f=- za? + yo” Ta Yal. (29) 
z3” + y3* Ta Y3 


Circle 


Four or more points which lie on a circle are said to be 
CONCYCLIC. Three points are trivially concyclic since 
three noncollinear points determine a circle. 


The CIRCUMFERENCE-to-DIAMETER ratio C/d for a cir- 
cle is constant as the size of the circle is changed (as 
it must be since scaling a plane figure by a factor s in- 
creases its PERIMETER by s), and d also scales by s. This 
ratio is denoted m (P1), and has been proved TRANSCEN- 
DENTAL. With d the DIAMETER and r the RADIUS, 


GC =nd = 21. (30) 


Knowing C/d, we can then compute the AREA of the 
circle either geometrically or using CALCULUS. From 
CALCULUS, 


a= f af rár— (2r) (ir) = ar’. (31) 


Now for a few geometrical derivations. Using concentric 


strips, we have 
y € 211r SW 


r 


As the number of strips increases to infinity, we are left 
with a TRIANGLE on the right, so 


A = 4 (2rr)r = rr’. (32) 


This derivation was first recorded by Archimedes in 
Measurement of a Circle (ca. 225 BC). If we cut the 
circle instead into wedges, 


aa 
Ss 


As the number of wedges increases to infinity, we are 
left with a RECTANGLE, so 


A = (rr)r = nr’. (33) 


see also ARC, BLASCHKE’S THEOREM, BRAHMAGUPTA’S 
FORMULA, BROCARD CIRCLE, CASEY’S THEOREM, 
CHORD, CIRCUMCIRCLE, CIRCUMFERENCE, CLIF- 
FORD’S CIRCLE THEOREM, CLOSED DISK, CONCENTRIC 
CIRCLES, COSINE CIRCLE, COTES CIRCLE PROPERTY, 
DIAMETER, DISK, DROZ-FARNY CIRCLES, EULER TRI- 
ANGLE FORMULA, EXCIRCLE, FEUERBACH’S THEOREM, 


Circles-and-Squares Fractal 


FIVE DISKS PROBLEM, FLOWER OF LIFE, FORD CIR- 
CLE, FUHRMANN CIRCLE, GERSGORIN CIRCLE THEO- 
REM, HOPF CIRCLE, INCIRCLE, INVERSIVE DISTANCE, 
JOHNSON CIRCLE, KINNEY’S SET, LEMOINE CIRCLE, 
LENS, MAGIC CIRCLES, MALFATTI CIRCLES, MCCAY 
CIRCLE, MIDCIRCLE, MONGE’S THEOREM, MOSER’S 
CIRCLE PROBLEM, NEUBERG CIRCLES, NINE-POINT 
CIRCLE, OPEN DISK, P-CIRCLE, PARRY CIRCLE, PI, 
POLAR CIRCLE, POWER (CIRCLE), PRIME CIRCLE, 
PTOLEMY’S THEOREM, PURSER’S THEOREM, RADI- 
CAL AXIS, RADIUS, REULEAUX TRIANGLE, SEED OF 
LIFE, SEIFERT CIRCLE, SEMICIRCLE, SODDY CIRCLES, 
SPHERE, TAYLOR CIRCLE, TRIANGLE INSCRIBING IN 
A CIRCLE, TRIPLICATE-RATIO CIRCLE, TUCKER CIR- 
CLES, UNIT CIRCLE, VENN DIAGRAM, VILLARCEAU 
CIRCLES, YIN- YANG 
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Circles-and-Squares Fractal 


cata a Dy 
E ds 


E eR 
e A 
Ni 


A FRACTAL produced by iteration of the equation 
Zn41 = Zn (mod m) 


which results in a M@IRE-like pattern. 
see also FRACTAL, MØIRÉ PATTERN 
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Circle Caustic 

Consider a point light source located at a point (y, 0). 
The CATACAUSTIC of a unit CIRCLE for the light at u = 
oo is the NEPHROID 


x = 4 [3 cost — cos(3t)] (1) 
= 1[3sint — sin(3€)]. (2) 


The CATACAUSTIC for the light at a finite distance pz > 1 
is the curve 


_ p(1 — 3pcost + 2p cos? t) 
© =(1+ 2p?) + 3ucost 
B 2u? sin? + 

= 1+2u2-—3ucost” 


(3) 


y (4) 


and for the light on the CIRCUMFERENCE of the CIRCLE 


u = 1 is the CARDIOID 


x = $cost(1+ cost) — 5 (5) 


sin t(1 + cost). (6) 


tolto colt 


y = 


If the point is inside the circle, the catacaustic is a dis- 
continuous two-part curve. These four cases are illus- 
trated below. 


The CATACAUSTIC for PARALLEL rays crossing a CIRCLE 
is a CARDIOID. 


see also CATACAUSTIC, CAUSTIC 


Circle-Circle Intersection 


Let two CIRCLES of RADII R and r and centered at (0,0) 
and (d, 0) intersect in a LENS-shaped region. The equa- 
tions of the two circles are 


r +y = R (1) 
(1d +y =r. (2) 


250 Circle-Circle Intersection 
Combining (1) and (2) gives 
(x —d)? + (R 2) =r4. (3) 
Multiplying through and rearranging glves 
r? — 2dr + d — x° = r’ R. (4) 
Solving for x results in 


Fer aR 


F (5) 


T = 


The line connecting the cusps of the LENS therefore has 
half-length given by plugging x back in to obtain 


d? — y? + R? f 
2 2 2 2 

E 7) O y MEA 
7 j ( 2d 


4d? R? EN (d? — q? + R*)? 


giving a length of 


a= S VaR — (d? — r? + R2) 
1 
¿[Ed+r - R)(-d -r + R) 


x |(-d +r + R)(d+r + R). (7) 


This same formulation applies directly to the SPHERE- 
SPHERE INTERSECTION problem. 


To find the AREA of the asymmetric “LENS” in which 


the CIRCLES intersect, simply use the formula for the | 


circular SEGMENT of radius R'and triangular height d' 
t 


A(R',d') = R? cos™* (5) — dy R”? — d’? (8) 


twice, one for each half of the “Lens.” Noting that the 
heights of the two segment triangles are 


The result is 


A= A(Rı, dı) + A(Ra, d2) 


E EA 
T 2dr 


2 ee. 


—~iV(d-r—R)(dt+r—R)(d—-r+R)(dt+r+R). 


(11) 


Circle Cutting 


The limiting cases of this expression can be checked to 
give 0 when d= R +r and 


A = 2R’ cos™* (5) — idy4R?-d? (12) 
= 2A(d, R) (13) 


when r = R, as expected. In order for half the area of 
two UNIT Disks (R = 1) to overlap, set A = 7R?/2 = 
a /2 in the above equation 


+r = 2cos”* (4d) — ¿dy 4 — d? (14) 


and solve numerically, yielding d = 0.807946. 


see also LENS, SEGMENT, SPHERE-SPHERE INTERSEC- 
TION 


Circle Cutting 
2 4 7 11 


Determining the maximum number of pieces in which 
it is possible to divide a CIRCLE for a given number of 
cuts is called the circle cutting, or sometimes PANCAKE 
CUTTING, problem. The minimum number is always 
n + 1, where n is the number of cuts, and it is always 
possible to obtain any number of pieces between the 
minimum and maximum. The first cut creates 2 regions, 
and the nth cut creates n new regions, so 


(1) =2 (1) 
f2) =2+ F() (2) 
f(n) =n+ f(n- 1) (3) 


Therefore, 
f(n) =n + [(n — 1) + f(n - 2)] 
n+(n-1)+...+2+$(1)=) kf) 


Y k-1+7(1) =3n(n+1)-1+2 
k=1 
= k(n? +n +2). (4) 


li 


Evaluating for n = 1, 2,... gives 2, 4, 7, 11, 16, 22,... 
(Sloane’s A000124). 


002g 


A related problem, sometimes called MOSER'S CIRCLE 
PROBLEM, is to find the number of pieces into which 
a CIRCLE is divided if n points on its CIRCUMFERENCE 


Circle Evolute 


are joined by CHORDS with no three CONCURRENT. The 
answer 1s 


g(n) = C) + 8 +1 (5) 


2 (n* — 6n? + 23n* — 18n + 24 3 6 
24 


(Yaglom and Yaglom 1987, Guy 1988, Conway and Guy 
1996, Noy 1996), where (") is a BINOMIAL COEFFI- 
CIENT. The first few values are 1, 2, 4, 8, 16, 31, 57, 
99, 163, 256, ... (Sloane’s A000127). This sequence 
and problem are an example of the danger in making 
assumptions based on limited trials. While the series 
starts off like 277?, it begins differing from this GEO- 
METRIC SERIES at n = 6. 


see also CAKE CUTTING, CYLINDER CUTTING, HAM 
SANDWICH THEOREM, PANCAKE THEOREM, PIZZA 
THEOREM, SQUARE CUTTING, TORUS CUTTING 
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Circle Evolute 


x= cost x’ = —sint xg = — cost (1) 


y = sint y = cost 
so the RADIUS OF CURVATURE is 
(a? y g ds 

ya = gla! 


(sin? t + cos? t)3/? 


"Ena Eras > O 
and the TANGENT VECTOR is 
tlus y 
Therefore, 
cosr =Î. $ = — sint (5) 
sinr =T - y = cost, (6) 
so 
Elt) = xz — Rsinr =cost—1-cost = 0 (7) 


n(t) = y + Rceost =sint+1-(—sint)=0, (8) 
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and the EVOLUTE degenerates to a POINT at the ORI- 
GIN. 


see also CIRCLE INVOLUTE 
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Circle Inscribing 
If r is the RADIUS of a CIRCLE inscribed in a RIGHT 
TRIANGLE with sides a and b and HYPOTENUSE c, then 


r= (a +b-—e). 
see INSCRIBED, POLYGON 


Circle Involute 

First studied by Huygens when he was considering clocks 
without pendula for use on ships at sea. He used the cir- 
cle involute in his first pendulum clock in an attempt to 
force the pendulum to swing in the path of a CYCLOID. 


For a CIRCLE with a = 1, the parametric equations of 
the circle and their derivatives are given by 


az = cost 2 =-—sint 2 =-—cost (1) 


y = sint y = cost y” = —sint. (2) 


The TANGENT VECTOR is 
a — sint 
pS | cost | (3) 


and the ARC LENGTH along the circle is 


s=. iy fa: (4) 


so the involute is given by 
ns pS oy af =sint|  |cost+tsint 
e oa sin t | cost |  |sint—ftcost |’ 


or 


xz = a(cost + tsin t) (6) 
y = a(sint — t cost). (7) 


252 Circle Involute Pedal Curve 


| 
t t t 


The Arc LENGTH, CURVATURE, and TANGENTIAL ÁN- 


GLE are 
s= fas = J £’? + y? dt = lat” (8) 
1 E 
Dona 


sit) 
kit) 
phi (t) 


R (9) 
ó=t. (10) 
The CESARO EQUATION is 
1 
= —. 11 
a (11) 


see also CIRCLE, CIRCLE EVOLUTE, ELLIPSE INVOLUTE, 
INVOLUTE 


References 

Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, p. 83, 1993. 

Lawrence, J. D. A Catalog of Special Plane Curves. New 
York: Dover, pp. 190-191, 1972. 

MacTutor History of Mathematics Archive. “Involute of a 
Circle.” http: //www-groups.dcs.st-and.ac.uk/-history 
/Curves/Involute.html. 


Circle Involute Pedal Curve 


The PEDAL CURVE of CIRCLE INVOLUTE 


f = cost + tsint 


g = sint — t cost 


with the center as the PEDAL POINT is the ARCHIME- 
DES” SPIRAL 


g = tsint 


y = —t cost. 


Circle Lattice Points 

For every POSITIVE INTEGER n, there exists a CIRCLE 
which contains exactly n lattice points in its interior. 
H. Steinhaus proved that for every POSITIVE INTEGER 
n, there exists a CIRCLE of AREA n which contains ex- 
actly n lattice points in its interior. 


Circle Lattice Points 


SCHINZEL'S THEOREM shows that for every POSITIVE 
INTEGER n, there exists a CIRCLE in the PLANE hav- 
ing exactly n LATTICE POINTS on its CIRCUMFERENCE. 
The theorem also explicitly identifies such “SCHINZEL 
CIRCLES” as 


5 1541 for n = 2k 
(1-3 +y? = 15° forn=2k+1. 


(1) 


HA 
a 
& 
| 
MS 
+ 
e 
bo 
|l 


Note, however, that these solutions do not necessarily 
have the smallest possible RADIUS. For example, while 
the SCHINZEL CIRCLE centered at (1/3, 0) and with 
RADIUS 625/3 has nine lattice points on its CIRCUM- 
FERENCE, so does the CIRCLE centered at (1/3, 0) with 
RADIUS 65/3. 


Let r be the smallest INTEGER RADIUS of a CIRCLE cen- 
tered at the ORIGIN (0, 0) with L(r) LATTICE POINTS. 
In order to find the number of lattice points of the CIR- 
CLE, it is only necessary to find the number in the first 
octant, i.e., those with 0 < y < [r/v2| , Where |z] is the 
FLOOR FUNCTION. Calling this N(r), then for r > 1, 
L(r) = 8N (r) — 4, so L(r) = 4 (mod 8). The multipli- 
cation by eight counts all octants, and the subtraction 
by four eliminates points on the axes which the multi- 
plication counts twice. (Since v2 is IRRATIONAL, the 
MIDPOINT of a are is never a LATTICE POINT.) 


GAuss's CIRCLE PROBLEM asks for the number of lat- 
tice points within a CIRCLE of RADIUS r 


Lr] 
N(r)=14+4 |r) +40 |v]. (2) 
Gauss showed that 
N(r) = nr? + Elr), (3) 


where 


JE(r)| < 242 rr. (4) 


CUMFERENCE of 


circles centered at (0, 0) with radii 0, 1,2,... are 1, 4, 4, 
4, 4,12, 4, 4, 4,4, 12, 4, 4, ... (Sloane’s A046109). The 
following table gives the smallest RADIUS r < 111,000 
for a circle centered at (0, 0) having a given number of 
LATTICE POINTS L(r). Note that the high water mark 
radii are always multiples of five. 


Circle Lattice Points 


L(r) r 
1 0 

4 1 

12 5 
20 25 
28 125 
36 65 
44 3,125 
52 15,625 
60 325 


68 < 390, 625 
76 < 1,953,125 


84 1,625 

92 < 48,828,125 
100 4,225 
108 1,105 
132 40,625 
140 21,125 
180 5,525 
252 27,625 
300 71,825 
324 32,045 


then the 


CIRCLES of RADII 1/2, 3/2, 5/2, ... have 2, 2, 6, 2, 2, 
2, 6, 6, 6, 2, 2, 2, 10, 2,... (Sloane’s A046110) on their 
CIRCUMFERENCES. If the CIRCLE is instead centered 
at (1/3, 0), then the number of lattice points on the 
CIRCUMFERENCE of the CIRCLES of RADIUS 1/3, 2/3, 
4/3, 5/3, 7/3, 8/3, ... are 1, 1, 1, 3, 1, 1, 3, 1, 3, 1, 1, 
3, 1, 3, 1, 1, 5, 3, ... (Sloane’s A046111). 


Let 


1. a, be the RADIUS of the CIRCLE centered at (0, 0) 
having 8n + 4 lattice points on its CIRCUMFERENCE, 


2. bn/2 be the RADIUS of the CIRCLE centered at (1/2, 
0) having 4n + 2 lattice points on its CIRCUMFER- 
ENCE, 

3. Cn/3 be the RADIUS of CIRCLE centered at (1/3, 0) 
having 2n +1 lattice points on its CIRCUMFERENCE. 

Then the sequences {an ), {bn}, and {cn ) are equal, with 

the exception that bn = 0 if 2|n and cn = 0 if 3[n. How- 

ever, the sequences of smallest radii having the above 
numbers of lattice points are equal in the three cases 
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and given by 1, 5, 25, 125, 65, 3125, 15625, 325, ... 
(Sloane's A046112). 


KULIKOWSKI’S THEOREM states that for every POSI- 
TIVE INTEGER n, there exists a 3-D SPHERE which has 
exactly n LATTICE POINTS on its surface. The SPHERE 
is given by the equation 


(z-a) + (y -bF +(z-V2)* =e? +2, 


where a and b are the coordinates of the center of the 
so-called SCHINZEL CIRCLE and c is its RADIUS (Hons- 
berger 1973). 


see also CIRCLE, CIRCUMFERENCE, GAUSS’S CIRCLE 
PROBLEM, KULIKOWSKI’S THEOREM, LATTICE POINT, 
SCHINZEL CIRCLE, SCHINZEL’S THEOREM 
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we Weisstein, E. W. “Circle Lattice Points.” http:// www . 


astro. virginia. edu / ~eww6n/ math / notebooks / Circle 
LatticePoints.m. 


Circle Lattice Theorem 
see GAUSS’S CIRCLE PROBLEM 


Circle Map 
A 1-D MAP which maps a CIRCLE onto itself 


ee habe ~ sin(270,.), (1) 


where 0, +1 is computed mod 1. Note that the circle map 
has two parameters: Q and K. Q can be interpreted as 
an externally applied frequency, and K as a strength of 
nonlinearity. The 1-D JACOBIAN is 


O6n+1 


0, 7 1 — K cos(276,), (2) 


so the circle map is not AREA-PRESERVING. It is related 
to the STANDARD MAP 


K 
277 
Onti = On + In+1, (4) 


A SIMPLE CAR VOLTAGE REGULATOR 


A price of $22 for a new voltage regulator in my automobile 
gave birth to this simple yet very effective solid state replacement. 
The circuit should be usable in almost any negative ground system 
using an alternator. 

A few words about the automotive battery charging system 
will help in understanding the operation of this circuit. An alter- 
nator's output voltage, and thus its charging current, is controlled 
by varying the field current in the alternator. Full voltage on the 
field winding will give full output from the alternator, and reducing 
the field voltage will result in reduced output. The output capacity 
of any alternator is limited by its design, primarily the wire size 
used. In fact, loading an alternator heavily will rarely damage it, as 
it will put out just so much current, and beyond that its output 
voltage will drop, limiting the total power available. 

In the usual electromechanical type regulator, a resistor is 
switched in series with the field winding to reduce the alternator 
output. When the battery voltage drops due to a heavy load, the 
resistor is shunted by a pair of contacts on the relay, which is 
voltage sensitive. Under normal conditions, with the engine run- 
ning, battery voltage should be approximately 13.6 to 13.8 volts, 
indicating the battery is receiving a charge. 

In order to best understand the electronic circuit, it can be 
looked at as a switch, either supplying no or full voltage to the field 
winding. Start with a low battery voltage. Diode D1, a 13.0 volt 
zener, does not conduct as longas the battery is below 13.0 volts. If 
D1 is not conducting, no bias is applied to Q1 base, keeping Q1 
turned off. If Q1 is off, Q2 is on fully, being biased by R2, 120 
Ohms. It then applies full battery voltage to the field winding on the 
alternator. This of course means the alternator will put out full 
voltage to the battery, causing it to charge. 

Now, as soon as the battery voltage increases to 13 volts, a 
small amount of bias is applied to Q1 base as the diode begins to 
conduct. If the battery reaches 13.6 volts, the zener diode will 
conduct fully, dropping 13.0 volts and leaving .6 volts to bias Q1. 
When this happens, Q1 turns on fully, reducing the voltage on Q2 
base to very close to zero. Q2 turns off, removing all voltage from 
the field. Now the alternator output is reduced to zero, so the 
battery receives no charging current. 

In actual use, this entire process happens very rapidly, and the 
constantly changing alternator is in effect smoothed out by the 
battery. Battery voltage will always be the zener diode voltage 


442 
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for I and f computed mod 1. Writing 6,41 as 
K . 
T 


gives the circle map with In = Q and K = —K. The 
unperturbed circle map has the form 


On+1 ==> On + Q. (6) 


If Q is RATIONAL, then it is known as the map WINDING 
NUMBER, defined by 


n=w=É, (7) 
q 

and implies a periodic trajectory, since @, will return 
to the same point (at most) every q ORBITS. If Q is 
IRRATIONAL, then the motion is quasiperiodic. If K is 
NONZERO, then the motion may be periodic in some 
finite region surrounding each RATIONAL (2. This exe- 
cution of periodic motion in response to an IRRATIONAL 
forcing is known as MODE LOCKING. 


If a plot is made of K vs. 2 with the regions of pe- 
riodic MODE-LOCKED parameter space plotted around 
RATIONAL Q values (WINDING NUMBERS), then the re- 
gions are seen to widen upward from 0 at K = 0 to some 
finite width at K = 1. The region surrounding each RA- 
TIONAL NUMBER is known as an ARNOLD TONGUE. At 
K = 0, the ARNOLD TONGUES are an isolated set of 
MEASURE zero. At K = 1, they form a CANTOR SET 
of DIMENSION d & 0.08700. For K > 1, the tongues 
overlap, and the circle map becomes noninvertible. The 
circle map has a FEIGENBAUM CONSTANT 


oe 2.833, (8) 


see also ARNOLD TONGUE, DEVIL’S STAIRCASE, MODE 
LOCKING, WINDING NUMBER (MAP) 


Circle Method 
see PARTITION FUNCTION P 


Circle Negative Pedal Curve 

The NEGATIVE PEDAL CURVE of a circle is an ELLIPSE 
if the PEDAL POINT is inside the CIRCLE, and a HY- 
PERBOLA if the PEDAL POINT is outside the CIRCLE. 


Circle Notation 

A NOTATION for LARGE NUMBERS due to Steinhaus 
(1983) in which (2) is defined in terms of STEINHAUS- 
MOSER NOTATION as n in n SQUARES. The particular 
number known as the MEGA is then defined as follows. 


o-0-A-A-E-E 


see also MEGA, MEGISTRON, STEINHAUS-MOSER NO- 
TATION 
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Circle Packin g 


Circle Order 


A POSET Pis a circle order if it is ISOMORPHIC to a SET 
of DISKS ordered by containment. 


see also ISOMORPHIC POSETS, PARTIALLY ORDERED 
SET 


Circle Orthotomic 


The ORTHOTOMIC of the CIRCLE represented by 


xz = cost (1) 
y = sint (2) 


with a source at (x,y) is 


x = zx cos(2t) — ysin(2t) + 2sint (3) 
y = —zsin(2t) — ycos(2t) + 2 cost. (4) 


Circle Packing 


The densest packing of spheres in the PLANE is the 
hexagonal lattice of the bee's honeycomb (illustrated 
above), which has a PACKING DENSITY of 


n = —— = 0.9068996821.... 


2/3 


Gauss proved that the hexagonal lattice is the densest 
plane lattice packing, and in 1940, L. Fejes Tóth proved 
that the hexagonal lattice is indeed the densest of all 
possible plane packings. 


Solutions for the smallest diameter CIRCLES into which 
n UNIT CIRCLES can be packed have been proved op- 
timal for n = 1 through 10 (Kravitz 1967). The best 
known results are summarized in the following table. 


Circle Packing 
1 


1.00000 
2 2.00000 
1+ 2v3 2.15470... 
1+ v2 2.41421... 
14 y2(1+1/v5) |2.70130... 
3 3.00000 
3 3.00000 
1 + esc(7/7) 3.30476... 


14+ y/2(2+ 42) | 3.61312... 
3182-24 


a 


2 
3 
4 
5 
6 
T 
8 
9 


= = 
e © 


4.02... 


E 
bo 


For CIRCLE packing inside a SQUARE, proofs are known 
only for n = 1 to 9. 


1 1 1.000 
0.58... 
0.500... 
0.500 
0.41... 
0.37... 
0.348... 
0.341... 
0.333... 
0.148204... 


2 
3 
4 
5 
6 
7 
8 
9 


E 
© 


The smallest SQUARE into which two UNIT CIRCLES, 


one of which is split into two pieces by a chord, can be 
packed is not known (Goldberg 1968, Ogilvy 1990). 


see also HYPERSPHERE PACKING, MALFATTI'S RIGHT 
TRIANGLE PROBLEM, MERGELYAN-WESLER THEOREM, 
SPHERE PACKING 
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Circle Pedal Curve 


The PEDAL CURVE of a CIRCLE is a CARDIOID if the 
PEDAL POINT is taken on the CIRCUMFERENCE, 


DOOS 


and otherwise a LIMAÇON. 


Circle-Point Midpoint Theorem 


Taking the locus of MIDPOINTS from a fixed point to a 
circle of radius r results in a circle of radius r/2. This 
follows trivially from 


—zx 1 rcos@ —7 
H= | 0 er fen = | 0 J) 
E ir cos — $2 
> sinó 
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Circle Radial Curve 


The RADIAL CURVE of a unit CIRCLE from a RADIAL 
POINT (z,0) is another CIRCLE with parametric equa- 
tions 


z(t) =z — cost 
y(t) = —sint. 


Circle Squaring 

Construct a SQUARE equal in AREA to a CIRCLE using 
only a STRAIGHTEDGE and COMPASS. This was one of 
the three GEOMETRIC PROBLEMS OF ANTIQUITY, and 
was perhaps first attempted by Anaxagoras. It was fi- 
nally proved to be an impossible problem when PI was 
proven to be TRANSCENDENTAL by Lindemann in 1882. 


However, approximations to circle squaring are given 
by constructing lengths close to m = 3.1415926.... 
Ramanujan (1913-14) and Olds (1963) give geomet- 
ric constructions for 355/113 = 3.1415929.... Gard- 
ner (1966, pp. 92-93) gives a geometric construc- 
tion for 3 + 16/113 = 3.1415929.... Dixon (1991) 
gives constructions for 6/5(1 + ¢) = 3.141640... and 


4 + [3 — tan(30°)] = 3.141533... 


While the circle cannot be squared in EUCLIDEAN 
SPACE, it can in GAUSS-BOLYAI-LOBACHEVSKY SPACE 
(Gray 1989). 


see also GEOMETRIC CONSTRUCTION, QUADRATURE, 
SQUARING 
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Circle Tangents 


Circle Strophoid 

The STROPHOID of a CIRCLE with pole at the center 
and fixed point on the CIRCUMFERENCE is a FREETH'S 
NEPHROID. 


Circle Tangents 

There are four CIRCLES that touch all the sides of a 
given TRIANGLE. These are all touched by the CIRCLE 
through the intersection of the ANGLE BISECTORS of 
the TRIANGLE, known as the NINE-POINT CIRCLE. 


B 


Given the above figure, GE = FH, since 


AB = AG + GB = GE + GF = GE + (GE + EF) 
= 2G + EF 

CD =CH + HD = EH + FH = FH + (FH + EF) 
= EF +2FH. 


Because AB = CD, it follows that GE = FH. 


The line tangent to a CIRCLE of RADIUS a centered at 
(x,y) 


i 
xz —a-+acost 


y =y+asint 
through (0,0) can be found by solving the equation 
$ F o l e] =, 
y+asint asint i 
giving 


-az + yy/1* + y? — a? 


t= cos * 
ge + y? 


Circuit 


Two of these four solutions give tangent lines, as illus- 
trated above. 

see also KISSING CIRCLES PROBLEM, MIQUEL POINT, 
MONGE’S PROBLEM, PEDAL CIRCLE, TANGENT LINE, 
TRIANGLE 


References : 

Dixon, R. Mathographics. New York: Dover, p. 21, 1991. 

Honsberger, R. More Mathematical Morsels. Washington, 
DC: Math. Assoc. Amer., pp. 4-5, 1991. | 


Circuit 
see CYCLE (GRAPH) 


Circuit Rank 

Also known as the CYCLOMATIC NUMBER. The circuit 
rank is the smallest number of EDGES y which must be 
removed from a GRAPH of N EDGES and n nodes such 
that no CIRCUIT remains. 


y=N-—n-+1. 


Circulant Determinant 
Gradshteyn and Ryzhik (1970) define circulants by 


L1 Ta T3 ei Tn 
Tn Ly T2 `t En-1 
Tn—1 In 21 is In—2 
T2 T3 Ta “oe Li 
= | [e + Lew; + Tgwj' Hoest Enwi Tt), (1) 
j=l 


where w; is the nth ROOT OF UNITY. The second-order 
circulant determinant is 


T1 Ta 


Le = (zı + 22) (21 — 22), (2) 


and the third order is 


T1 Ta T3 
Tag Ti Ta 
ZT2 23 T1 


= (21 + 12 + T3) (11 + wae + ES +w rz + wx), 
(3) 


where w and w? are the COMPLEX CUBE ROOTS of 
UNITY. 


The EIGENVALUES A of the corresponding n xn circulant 
matrix are 


Aj = 21 + Low; + Taw seda Enw t. (4) 


see also CIRCULANT MATRIX 
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Circulant Graph 

A GRAPH of n VERTICES in which the ith VERTEX is 
adjacent to the (i + j)th and (i — j)th VERTICES for 
each 7 in a list 1. 


Circulant Matrix 
An n x n MATRIX C defined as follows, 


C= . . : x 
O @) Goo 1 
n—i 
C= | [IG +," - 1], 
j=0 
where w = 1, w1, ., Wn-1 are the nth ROOTS 


OF UNITY. Circulant matrices are examples of LATIN 
SQUARES. 


see also CIRCULANT DETERMINANT 
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Circular Cylindrical Coordinates 


see CYLINDRICAL COORDINATES 


Circular Functions 

The functions describing the horizontal and vertical po- 
sitions of a point on a CIRCLE as a function of ANGLE 
(COSINE and SINE) and those functions derived from 
them: 


cot £ = aa (1) 
tan zx sin z 
1 
= 2 
rs sin x ( ) 
sec t = : (3) 
~ COSE 
tang = 22. (4) 
COS 2 


The study of circular functions is called TRIGONOME- 
TRY. 


see also COSECANT, COSINE, COTANGENT, ELLIPTIC 
FUNCTION, GENERALIZED HYPERBOLIC FUNCTIONS, 
HYPERBOLIC FUNCTIONS, SECANT, SINE, TANGENT, 
TRIGONOMETRY 
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Circular Permutation 
The number of ways to arrange n distinct objects along 
a CIRCLE is 

Pa = (n-— 1)!. 


The number is (n — 1)! instead of the usual FACTORIAL 
n! since all CYCLIC PERMUTATIONS of objects are equiv- 
alent because the CIRCLE can be rotated. 


see also PERMUTATION, PRIME CIRCLE 


Circumcenter 


circumcenter 


The center O of a TRIANGLE’S CIRCUMCIRCLE. It can 
be found as the intersection of the PERPENDICULAR BI- 
SECTORS. If the TRIANGLE is ACUTE, the circumcenter 
is in the interior of the TRIANGLE. In a RIGHT TRI- 
ANGLE, the circumcenter is the MIDPOINT of the Hy- 
POTENUSE. 


OO; + O02 + 003 = R +r, (1) 


where O; are the MIDPOINTS of sides A;, R is the 
CIRCUMRADIUS, and r is the INRADIUS (Johnson 1929, 
p. 190). The TRILINEAR COORDINATES of the circum- 


center are 
cos A: cos B : cos C, (2) 


and the exact trilinears are therefore 
Rcos A: Rcos B : ReosC. (3) 
The AREAL COORDINATES are 
(żacot A, żbcot B, $c cot C). (4) 
The distance between the INCENTER and circumcenter 
is VR(R ~= 2r). Given an interior point, the distances 


to the VERTICES are equal IFF this point is the circum- 
center. It lies on the BROCARD AXIS. 


Circumcircle 


The circumcenter O and ORTHOCENTER H are ISOGO- 
NAL CONJUGATES. 


The ORTHOCENTER H of the PEDAL TRIANGLE 
AO¡0203 formed by the CIRCUMCENTER O concurs 
with the circumcenter O itself, as illustrated above. The 
circumcenter also lies on the EULER LINE. 


see also BROCARD DIAMETER, CARNOT’S THEOREM, 
CENTROID (TRIANGLE), CIRCLE, EULER LINE, INCEN- 
TER, ORTHOCENTER 
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Circumcircle 


Circumcircle 


A TRIANGLE’S circumscribed circle. Its center O is 
called the CIRCUMCENTER, and its RADIUS R the CIR- 
CUMRADIUS. The circumcircle can be specified using 
TRILINEAR COORDINATES as 


Bya + yab + ac = 0. (1) 


The STEINER POINT S and TARRY POINT T lie on the 
circumcircle. 


A GEOMETRIC CONSTRUCTION for the circumcircle is 
given by Pedoe (1995, pp. xii-xiii). The equation for the 


circumcircle of the TRIANGLE with VERTICES (x4, y;) for 


Vel, 230 18 
r? + y? zr y 1 
2 2 
Mi +y zz ya il 
= 2 
mo +y z2 ya 1 (2) 
3 +y z3 yz 1 
Expanding the DETERMINANT, 
a(z? + y?) + 2d1 + 2fy+g=0, (3) 
where 
D1 Yi 1 
a = T2? Y2 1 (4) 
zaz ya 1 


gi? +y? y 1 
d= => g2 + yo” 
a+ y? ys 1 
a? t+y a 1 
ry? + ya” T? 1 (6) 
z3? +y a3 1 
x17 + y Zi Yı 
g =— |2 +y? 2 Ya |. (7) 
ma” + ya? Ta Y3 


~ 
| 
tole 


COMPLETING THE SQUARE gives 
d 2 2 d? 2 
a(z+ 5] +a(y+É) =—==-—+g=0 (8) 
a a a a 
which is a CIRCLE of the form 


(æ — zo) +(y- yo) =r, (9) 


with CIRCUMCENTER 


Yo = — 


Qi. SIA 


and CIRCUMRADIUS 


2 
r= EL = (12) 


see also CIRCLE, CIRCUMCENTER, CIRCUMRADIUS, EX- 
CIRCLE, INCIRCLE, PARRY POINT, PURSER’S THEOREM, 
STEINER POINTS, TARRY POINT 
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Circumference 
The PERIMETER of a CIRCLE. For RADIUS r or DIAM- 
ETER d = 2r, 

C= 2 = ad, 


where 7 is PI. 
see also CIRCLE, DIAMETER, PERIMETER, PI, RADIUS 


Circuminscribed 

Given two closed curves, the circuminscribed curve is 
simultaneously INSCRIBED in the outer one and CIR- 
CUMSCRIBED on the inner one. 


see also PONCELET’S CLOSURE THEOREM 


Circumradius 

The radius of a TRIANGLE’S CIRCUMCIRCLE or of a 
POLYHEDRON’s CIRCUMSPHERE, denoted R. For a TRI- 
ANGLE, 


abc 
(atb+c)(b+e—a)(e+a—b)(at+b—c) 
(1) 


where the side lengths of the TRIANGLE are a, b, and c. 


Re 


PON 


This equation can also be expressed in terms of the 
RADII of the three mutually tangent CIRCLES centered 
at the TRIANGLE’S VERTICES. Relabeling the diagram 
for the SODDY CIRCLES with VERTICES 01, Oo, and Oz 
and the radii r1, 12, and r3, and using 


a=rı +72 (2) 
b = ra +73 (3) 
c = T1 +73 (4) 
then gives 
R= (rı +r2)(rı + 13)(r2 + r3) (5) 


4,/rirer3(r1 + r2 +13) 


If O is the CIRCUMCENTER and M is the triangle CEN- 
TROID, then 


2 


OM = R? — tla? +b +c"). (6) 


Rr = a (7) 
4s 
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T 


COS @ + COS Q2 + cos œg = 1+ R (8) 
r = 2R cos a1 COS œz COS 3 (9) 
ay” +a? + a3” = 4rR + 8R°? (10) 


(Johnson 1929, pp. 189-191). Let d be the distance 
between INRADIUS r and circumradius R, d = rR. Then 


R? — dé =2Rr (11) 


1 1 1 
=— + —— = - 12 
R-d ij R+d r (12) 
(Mackay 1886-87). These and many other identities are 
given in Johnson (1929, pp. 186-190). 


For an ARCHIMEDEAN SOLID, expressing the circumra- 
dius in terms of the INRADIUS r and MIDRADIUS p gives 


R=2(r4 yr? +a?) (13) 
= 4/p? + 3a? (14) 


for an ARCHIMEDEAN SOLID. 


see also CARNOT’S THEOREM, CIRCUMCIRCLE, CIR- 
CUMSPHERE 
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Circumscribed 
A geometric figure which touches only the VERTICES (or 
other extremities) of another figure. 


see also CIRCUMCENTER, CIRCUMCIRCLE, CIRCUMIN- 
SCRIBED, CIRCUMRADIUS, INSCRIBED 


Circumsphere 
A SPHERE circumscribed in a given solid. Its radius is 
called the CIRCUMRADIUS. 


see also INSPHERE 
Cis 


Cisr = e = cosz +isinz. 


Goda Did 


Cissoid 

Given two curves Cı and C2 and a fixed point O, let a 
line from O cut C at Q and C at R. Then the Locus of 
a point P such that OP = QR is the cissoid. The word 
cissoid means “ivy shaped.” 


Curve 1 Curve 2 Pole Cissoid 


line parallel line any point line 


line circle center conchoid of 
Nicomedes 

circle tangent line on C oblique cissoid 

circle tangent line on C opp. cissoid of Diocles 

tangent 

circle radial line on C strophoid 

circle concentric circle center circle 

circle same circle (av2, 0) lemniscate 


see also CISSOID OF DIOCLES 
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Cissoid of Diocles 


i 


A curve invented by Diocles in about 180 BC in con- 
nection with his attempt to duplicate the cube by geo- 
metrical methods. The name “cissoid” first appears in 
the work of Geminus about 100 years later. Fermat and 
Roberval constructed the tangent in 1634. Huygens and 
Wallis found, in 1658, that the AREA between the curve 
and its asymptote was 3a (MacTutor Archive). From a 
given point there are either one or three TANGENTS to 
the cissoid. 


Given an origin O and a point P on the curve, let S be 
the point where the extension of the line OP intersects 
the line z = 2a and R be the intersection of the CIRCLE 
of RADIUS a and center (a, 0) with the extension of OP. 
Then the cissoid of Diocles is the curve which satisfies 


OP = RS. 


Cissoid of Diocles 


The cissoid of Diocles is the ROULETTE of the VERTEX 
of a PARABOLA rolling on an equal PARABOLA. Newton 
gave a method of drawing the cissoid of Diocles using 
two line segments of equal length at RIGHT ANGLES. If 
they are moved so that one line always passes through a 
fixed point and the end of the other line segment slides 
along a straight line, then the MIDPOINT of the sliding 
line segment traces out a cissoid of Diocles. 


The cissoid of Diocles is given by the parametric equa- 
tions 


z = 2asin’ 6 (1) 
= 2a sin? 9 
~ cosé 


Converting these to POLAR COORDINATES gives 


- 6 
r =r +y = 4a’ (sito aa 4 


cos? 6 
= 4a” sinf 0(1 + tan” 0) = 4a’ sinf 9 sec” 6, (3) 
so 
r = 2asin’ 0 secó = 2a sin 0 tan 9. (4) 


In CARTESIAN COORDINATES, 


zs = 8a* sin? Y 42 sinf 6 
2a-x  2a—2asin?g — 1 — sin? 8 
- 6 
sin” 0 20 
— da? = 5 
” cos? (5) 
An equivalent form is 
x(x” + y") = 2ay’. (6) 
Using the alternative parametric form 
2at? 
t)= 7 
s) = E (7) 
2at? 
i= 8 
u(t) = (8) 
(Gray 1993), gives the CURVATURE as 
3 
t) = 7 9 
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Cissoid of Diocles Caustic 
The CAUSTIC of the cissoid where the RADIANT POINT 
is taken as (8a,0) is a CARDIOID. 


Cissoid of Diocles Inverse Curve 

If the cusp of the CISSOID OF DIOCLES is taken as 
the INVERSION CENTER, then the cissoid inverts to a 
PARABOLA. 


Cissoid of Diocles Pedal Curve 
|] 
| 


| 
\| 
The PEDAL CURVE of the cissoid, when the PEDAL 
POINT is on the axis beyond the ASYMPTOTE at a dis- 
tance from the cusp which is four times that of the 
ASYMPTOTE is a CARDIOID. 


Clairaut’s Differential Equation 


_ dy ($) 
PRE, T dx 


y = pz + f(p), 


or 


where f is a FUNCTION of one variable and p = dy/dz. 
The general solution is y = cx + f(c). The singular 
solution ENVELOPES are x = —f'(c) and y = f(e) — 
cf'(c). 


see also D’ALEMBERT’S EQUATION 
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Clarity 

The RATIO of a measure of the size of a “fit” to the size 
of a “residual.” 

References 
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Clark’s Triangle 


(m-1) 
0 F4 ae 
6 1 PS 
BT | 
18 19 8 1 


24 37 27 9 1 
30 61 64 36 10 1 
36 91 125 100 46 11 1 
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A NUMBER TRIANGLE created by setting the VERTEX 
equal to 0, filling one diagonal with 1s, the other diag- 
onal with multiples of an INTEGER f, and filling in the 
remaining entries by summing the elements on either 
side from one row above. Call the first column n = 0 
and the last column m = n so that 


c(m,0) = fm (1) 
c(m,m) = 1, (2) 


then use the RECURRENCE RELATION 
c(m, n) = c(m — e 1) +c(m-— 1,n) (3) 
to compute the rest of the entries. For n = 1, we have 
c(m, 1) = c(m — 1,0) + c(m — 1,1) (4) 


c(m,1) —c(m-—1,1)=c(m-1,0)= fím-—1). (5) 


For arbitrary m, the value can be computed by SUM- 
MING this RECURRENCE, 


1 


c(m,1) = f (Z) +1=lfm(m-1)+1. (6) 
k=1 
Now, for n = 2 we have 


c(m, 2) = e(m — 1,1) + e(m — 1,2) (7) 


c(m, 2)—c(m—1, 2) = c(m-1,1) = ¿f(m-1)m+1, (8) 
so SUMMING the RECURRENCE gives 


c(m,2) = $ [3fk(k-1)+1]=0 Gfk’ — 31k+1) 
k=1 

= 3f[¿m(m + 1)Qm + 1)] - ¿f[lm(m+1)] +m 

2 


= ¿(m-— 1)(fm* -2fm +6). (9) 
Similarly, for n = 3 we have 


c(m, 3) — c(m — 1,3) = c(m — 1,2) 
=¿im*-fm+(Ef+1)]m-(f+2). (10) 


Taking the Sum, 
c(m,3) =Y A fk? — fk? + (f+ 1)k — ($+2). (11) 
k=2 l 


Evaluating the SUM gives 


c(m,3) = 4 (m — 1)(m — 2)(fm? —3fm +12). (12) 


Class Number 


So far, this has just been relatively boring ALGEBRA. 
But the amazing part is that if f = 6 is chosen as the 
INTEGER, then c(m, 2) and c(m, 3) simplify to 


c(m,2) = ¿(m — 1)(6m* — 12m + 6) 
= (m- 1) (13) 
c(m, 3) = ¿(m — 1} (m — 2)’, (14) 


which are consecutive CUBES (m — 1)? and nonconsecu- 
tive SQUARES n? = [(m — 1)(m — 2) /2]?. 

see also BELL TRIANGLE, CATALAN’S TRIANGLE, 
EULER'S TRIANGLE, LEIBNIZ HARMONIC TRIANGLE, 
NUMBER TRIANGLE, PASCAL’S TRIANGLE, SEIDEL- 
ENTRINGER-ARNOLD TRIANGLE, SUM 
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Class 

see CHARACTERISTIC CLASS, CLASS INTERVAL, CLASS 
(MULTIPLY PERFECT NUMBER), CLASS NUMBER, 
CLASS (SET), CONJUGACY CLASS 


Class (Group) 
see CONJUGACY CLASS 


Class Interval 
The constant bin size in a HISTOGRAM. 


see also SHEPPARD’S CORRECTION 


Class (Map) 
A MAP u: R” > R” from a DOMAIN G is called a map 
of class C” if each component of 


A MA A imn irita) 


is of class C” (0 < r < œ or r = w) in G, where C? 
denotes a continuous function which is differentiable d 
times. 


Class (Multiply Perfect Number) 
The number k in the expression s(n) = kn for a MUL- 
TIPLY PERFECT NUMBER is called its class. 


Class Number 
For any IDEAL J, there is an IDEAL J; such that 


Ll; = 2, (1) 


where z is a PRINCIPAL IDEAL, (i.e., an IDEAL of rank 
1). Moreover, there is a finite list of ideals J; such that 
this equation may be satisfied for every J. The size 
of this list is known as the class number. When the 
class number is 1, the RING corresponding to a given 
IDEAL has unique factorization and, in a sense, the class 


Class Number 


number is a measure of the failure of unique factorization 
in the original number ring. 


A finite series giving exactly the class number of a RING 
is known as a CLASS NUMBER FORMULA. A CLASS 
NUMBER FORMULA is known for the full ring of cyclo- 
tomic integers, as well as for any subring of the cyclo- 


tomic integers. Finding the class number is a computa- 


tionally difficult problem. 


Let h(d) denote the class number of a quadratic ring, 
corresponding to the BINARY QUADRATIC FORM 


ax” + bry + cy’, (2) 
with DISCRIMINANT 
d = b? — 4ac. (3) 


Then the class number h(d) for DISCRIMINANT d gives 
the number of possible factorizations of ax” + bry + cy’ 
in the QUADRATIC FIELD Q(Vd). Here, the factors are 
of the form z +yvVd, with x and y half INTEGERS. 


Some fairly sophisticated mathematics shows that the 
class number for discriminant d can be given by the 
CLASS NUMBER FORMULA 


del we 
h(d) = — zy Lera (dlr) In sin (7) ford>0 
— Dr (dlr)r for d < 0, 


where (d|r) is the KRONECKER SYMBOL, n(d) is the 
FUNDAMENTAL UNIT, w(d) is the number of substitu- 
tions which leave the BINARY QUADRATIC FORM un- 
changed 


(4) 


6 for d= —3 

w(d) = t for d = —4 (5) 
2 otherwise, 

and the sums are taken over all terms where the KRON- 

ECKER SYMBOL is defined (Cohn 1980). The class num- 

ber for d > 0 can also be written 


d—1 


era) — II sin lr) (=) (6) 


r=1 


for d > 0, where the PRODUCT is taken over terms for 
which the KRONECKER SYMBOL is defined. 


The class number is related to the DIRICHLET L-SERIES 
by 
_ La(1) 


where k(d) is the DIRICHLET STRUCTURE CONSTANT. 


Wagner (1996) shows that class number A(—d) satisfies 
the INEQUALITY 


* 2 
h(-d) > TI | — Bal) Ind, (8) 


pld 
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for —d < 0, where |x| is the FLOOR FUNCTION, the 
product is over PRIMES dividing d, and the * indicates 
that the GREATEST PRIME FACTOR of d is omitted from 
the product. 


The Mathematica® (Wolfram Research, Champaign, 
IL) function NumberTheory ‘NumberTheoryFunctions ‘ 
ClassNumber[n] gives the class number h(d) for d a 
NEGATIVE SQUAREFREE number of the form 4k + 1. 


GAUSS’S CLASS NUMBER PROBLEM asks to determine 
a complete list of fundamental DISCRIMINANTS —d such 
that the CLASS NUMBER is given by h(—d) = m for 
a given m. This problem has been solved for n < 7 
and ODD n < 23. Gauss conjectured that the class 
number h(—d) of an IMAGINARY quadratic field with 
DISCRIMINANT —d tends to infinity with d, an assertion 
now known as GAUSS’S CLASS NUMBER CONJECTURE. 


The discriminants d having h{—d) = 1, 2, 3, 4, 5, ... 
are Sloane’s AQ14602 (Cohen 1993, p. 229; Cox 1997, 
p. 271), Sloane’s A014603 (Cohen 1993, p. 229), Sloane’s 
A006203 (Cohen 1993, p. 504), Sloane’s A013658 (Co- 
hen 1993, p. 229), Sloane’s A046002, Sloane’s A046003, 

The complete set of negative discriminants hav- 
ing class numbers 1-5 and ODD 7-23 are known. Buell 
(1977) gives the smallest and largest fundamental class 
numbers for d < 4,000,000, partitioned into EVEN dis- 
criminants, discriminants 1 (mod 8), and discriminants 
5 (mod 8). Arno et al. (1993) give complete lists of val- 
ues of d with h(—d) = k for ODD k = 5, 7, 9, ..., 23. 
Wagner gives complete lists of values for k = 5, 6, and 
di 


Lists of NEGATIVE discriminants corresponding to 
IMAGINARY QUADRATIC FIELDS Q(«/—d(n)) having 
small class numbers h(—d) are given in the table below. 
In the table, N is the number of “fundamental” values 
of —d with a given class number h(—d), where “funda- 
mental” means that —d is not divisible by any SQUARE 
NUMBER s” such that h(—d/s*) < h(—d). For example, 
although h(-63) = 2, —63 is not a fundamental dis- 
criminant since 63 = 3? -7 and h(-63/3*%) = h(-7) = 
1 < h(-63). EVEN values 8 < h(—d) < 18 have been 
computed by Weisstein. The number of negative dis- 
criminants having class number 1, 2, 3, ... are 9, 18, 
16, 54, 25, 51, 31, ... (Sloane's A046125). The largest 
negative discriminants having class numbers 1, 2, 3,... 
are 163, 427, 907, 1555, 2683, ... (Sloane's A038552). 


The following table lists the numbers with small class 
numbers < 11. Lists including larger class numbers are 
given by Weisstein. 
h(-d N d 
1 9 38,4, 7, 8, 11, 19, 43, 67, 163 
2 18 15, 20, 24, 35, 40, 51, 52, 88, 91, 115, 
123, 148, 187, 232, 235, 267, 403, 427 
3 16 23,31, 59, 83, 107, 139, 211, 283, 307, 
331, 379, 499, 547, 643, 883, 907 


IGNITION 
SWITCH 


= AUTOMOBILE 
BATTERY 


Fig. 10-1. Simple car voltage regular schematic. 


plus the drop across the base-emitter junction of Q1, about .6 to .7 
volts. Resistor R3 limits the base current to a safe value. 

My unit was built on a large heat sink with all parts being 
supported by the transistor leads. This is not really necessary, as 
both transistors are operating as switches and consume very little 
power. The circuit has survived the past winter in my car, and has 
always kept the battery properly charged, and at a fraction of the 
cost of a new regulator. It might be a handy circuit to keep in mind 
the next time you are left with a dead battery due to a faulty 
regulator, or if you are doing any experimentation with windmill 
power and surplus auto alternators. 


SOLID-STATE CAR REGULATOR 


Many car owners, at one time or another, experience electri- 
cal system problems usually resulting from a dead battery. In many 
instances, the battery is blamed for the malfunction when, in 
actuality, the electromechanical type voltage regulator is the real 
cause of the problem. This is usually the case, even though the 
voltage regulator may appear to be functioning properly. 

To understand why this happens, consider the fact that a 
properly charged and maintained lead-acid storage battery should 
last the life of your automobile. When an early failure occurs, it’s 
usually due to the voltage regulator consistently undercharging or 
overcharging the battery in the system. In fact, more battery 
failures result from improper voltage regulation in automotive 
electrical systems than for any other reason. 

Excessive undercharging will cause the battery plates to be- 
come covered with lead sulfate, commonly referred to as “sulfat- 
ing.” On the other hand, overcharging a storage battery raises the 
temperature of the electrolyte, resulting in extreme oxidation of 
the plates, which eventually crack or buckle. The end result of both 


443 


Class Number 


264 
AD N 
4 54 
5. 425 
6 51 
7 31 
8 131 
9 34 
10 87 


d 

39, 55, 56, 68, 84, 120, 132, 136, 155, 
168, 184, 195, 203, 219, 228, 259, 280, 
291, 292, 312, 323, 328, 340, 355, 372, 
388, 408, 435, 483, 520, 532, 555, 568, 
595, 627, 667, 708, 715, 723, 760, 763, 
772, 795, 955, 1003, 1012, 1027, 1227, 
1243, 1387, 1411, 1435, 1507, 1555 

47, 79, 103, 127, 131, 179, 227, 347, 443, 
523, 571, 619, 683, 691, 739, 787, 947, 
1051, 1123, 1723, 1747, 1867, 2203, 2347, 
2683 

87, 104, 116, 152, 212, 244, 247, 339, 
411, 424, 436, 451, 472, 515, 628, 707, 
771, 808, 835, 843, 856, 1048, 1059, 1099, 
1108, 1147, 1192, 1203, 1219, 1267, 1315, 
1347, 1363, 1432, 1563, 1588, 1603, 1843, 
1915, 1963, 2227, 2283, 2443, 2515, 2563, 
2787, 2923, 3235, 3427, 3523, 3763 

71, 151, 223, 251, 463, 467, 487, 587, 
811, 827, 859, 1163, 1171, 1483, 1523, 
1627, 1787, 1987, 2011, 2083, 2179, 2251, 
2467, 2707, 3019, 3067, 3187, 3907, 4603, 
5107, 5923 

95, 111, 164, 183, 248, 260, 264, 276, 
295, 299, 308, 371, 376, 395, 420, 452, 
456, 548, 552, 564, 579, 580, 583, 616, 
632, 651, 660, 712, 820, 840, 852, 868, 
904, 915, 939, 952, 979, 987, 995, 1032, 
1043, 1060, 1092, 1128, 1131, 1155, 
1195, 1204, 1240, 1252, 1288, 1299, 1320, 
1339, 1348, 1380, 1428, 1443, 1528, 1540, 
1635, 1651, 1659, 1672, 1731, 1752, 1768, 
1771, 1780, 1795, 1803, 1828, 1848, 1864, 
1912, 1939, 1947, 1992, 1995, 2020, 2035, 
2059, 2067, 2139, 2163, 2212, 2248, 2307, 
2308, 2323, 2392, 2395, 2419, 2451, 2587, 
2611, 2632, 2667, 2715, 2755, 2788, 2827, 
2947, 2968, 2995, 3003, 3172, 3243, 3315, 
3355, 3403, 3448, 3507, 3595, 3787, 3883, 
3963, 4123, 4195, 4267, 4323, 4387, 4747, 
4843, 4867, 5083, 5467, 5587, 5707, 5947, 
6307 

199, 367, 419, 491, 563, 823, 1087, 1187, 
1291, 1423, 1579, 2003, 2803, 3163, 3259, 
3307, 3547, 3643, 4027, 4243, 4363, 4483, 
4723, 4987, 5443, 6043, 6427, 6763, 6883, 
7723, 8563, 8803, 9067, 10627 

119, 143, 159, 296, 303, 319, 344, 415, 
488, 611, 635, 664, 699, 724, 779, 788, 
803, 851, 872, 916, 923, 1115, 1268, 
1384, 1492, 1576, 1643, 1684, 1688, 1707, 
1779, 1819, 1835, 1891, 1923, 2152, 2164, 
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h(—d) N d 

2363, 2452, 2643, 2776, 2836, 2899, 3028, 
3091, 3139, 3147, 3291, 3412, 3508, 3635, 
3667, 3683, 3811, 3859, 3928, 4083, 4227, 
4372, 4435, 4579, 4627, 4852, 4915, 5131, 
5163, 5272, 5515, 5611, 5667, 5803, 6115, 
6259, 6403, 6667, 7123, 7363, 7387, 7435, 
7483, 7627, 8227, 8947, 9307, 10147, 
10483, 13843 
167, 271, 659, 967, 1283, 1303, 1307, 
1459, 1531, 1699, 2027, 2267, 2539, 2731, 
2851, 2971, 3203, 3347, 3499, 3739, 3931, 
4051, 5179, 5683, 6163, 6547, 7027, 7507, 
7603, 7867, 8443, 9283, 9403, 9643, 9787, 
10987, 13003, 13267, 14107, 14683, 15667 


11 41 


The table below gives lists of POSITIVE fundamental 
discriminants d having small class numbers h(d), cor- 
responding to REAL quadratic fields. All POSITIVE 
SQUAREFREE values of d < 97 (for which the KRON- 
ECKER SYMBOL is defined) are included. 


h(d) d 
1. 5, 13, 17, 21, 29, 37, 41, 53, 57, 61, 69, 73, 77 
2 65 


The POSITIVE d for which h(d) = 1 is given by Sloane’s 
A014539. 


see also CLASS NUMBER FORMULA, DIRICHLET L- 
SERIES, DISCRIMINANT (BINARY QUADRATIC FORM), 
GAUSS'S CLASS NUMBER CONJECTURE, GaAUSS’S 
CLASS NUMBER PROBLEM, HEEGNER NUMBER, IDEAL, 
7-FUNCTION 
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Class Number Formula 

A class number formula is a finite series giving exactly 
the CLASS NUMBER of a RING. For a RING of quadratic 
integers, the class number is denoted h(d), where d is the 
discriminant. A class number formula is known for the 
full ring of cyclotomic integers, as well as for any subring 
of the cyclotomic integers. This formula includes the 
quadratic case as well as many cubic and higher-order 
rings. 


see also CLASS NUMBER 


Class Representative 

A set of class representatives is a SUBSET of X which 
contains exactly one element from each EQUIVALENCE 
CLASS. 


Class (Set) 

A class is a special kind of SET invented to get around 
RUSSELL’S PARADOX while retaining the arbitrary cri- 
teria for membership which leads to difficulty for SETS. 
The members of classes are SETS, but it is possible to 
have the class C of “all SETS which are not members of 
themselves” without producing a paradox (since C is a 
proper class (and not a SET), it is not a candidate for 
membership in C). 


see also AGGREGATE, RUSSELL’S PARADOX, SET 


Classical Groups 
The four following types of GROUPS, 


1. LINEAR GROUPS, 

2. ORTHOGONAL GROUPS, 

3. SYMPLECTIC GROUPS, and 
4. UNITARY GROUPS, 


which were studied before more exotic types of groups 
(such as the SPORADIC GROUPS) were discovered. 


see also GROUP, LINEAR GROUP, ORTHOGONAL 
GROUP, SYMPLECTIC GROUP, UNITARY GROUP 


Classification 

The classification of a collection of objects generally 
means that a list has been constructed with exactly one 
member from each ISOMORPHISM type among the ob- 
jects, and that tools and techniques can effectively be 
used to identify any combinatorially given object with 
its unique representative in the list. Examples of math- 
ematical objects which have been classified include the 
finite SIMPLE GROUPS and 2-MANIFOLDS but not, for 
example, KNOTS. 


Clausen Formula 265 


Classification Theorem 

The classification theorem of FINITE SIMPLE GROUPS, 
also known as the ENORMOUS THEOREM, which states 
that the FINITE SIMPLE GROUPS can be classified com- 
pletely into 


1. CYCLIC GROUPS Z, of PRIME ORDER, 
2. ALTERNATING GROUPS A, of degree at least five, 


3. LIE-TYPE  CHEVALLEY GROUPS  PSL(n,q), 
PSU(n,q), PsP(2n,q), and PQ*(n, q), 


4. LIE-TYPE (TWISTED CHEVALLEY GROUPS or the 
Tits Group) *Da(q), Es(q), Er(q), Es(q), Fa(a), 
*F4(2")', G2(q), 7G2(3”), *B(2”), 

5. SPORADIC GROUPS Mii, Mie, Maz, Ma3, Moa, Jo = 
HJ, Suz, HS, MeL, Cos, Coa, Cox, He, Fiz, Fiz3, 
Fiza4, HN, Th, B, M, Ji, ON, Jz, Ly, Ru, Ja. 


The “PROOF” of this theorem is spread throughout the 
mathematical literature and is estimated to be approx- 
imately 15,000 pages in length. 


see also FINITE GROUP, GROUP, j7-FUNCTION, SIMPLE 
GROUP | 
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Clausen Formula 
Clausen's 4F3 identity 


ob e d,s] Canala t Da 


F. 
4 ah f 9 (2a + 2b) aaa) a) 


holds for a+b+c=d=1/2,e=a+b4+1/2a+f= 
d+1i1=6+4g, da nonpositive integer, and (a), is the 
POCHHAMMER SYMBOL (Petkovšek et al. 1996). 


Another identity ascribed to Clausen which in- 
volves the HYPERGEOMETRIC FUNCTION 2F(a, b; c; z) 
and the GENERALIZED HYPERGEOMETRIC FUNCTION 
3F2(a,b,c;d,e; z) is given by 


—.F 2a,a +b,2b 0 | 
ee epee an 


see also GENERALIZED HYPERGEOMETRIC FUNCTION, 
HYPERGEOMETRIC FUNCTION 
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Clausen Function 


and write 
Sale) = 12 SED y even 
Cln(e) = 4 Ie) = La er (3) 
Cn (2) = k=1 ka n odd. 


Then the Clausen function Cl, (1) can be given symbol- 
ically in terms of the POLYLOGARITHM as 


$ tilLin(e™t®) — Lin(e*")] n even 
c= | llie) + Life) n odd. 


For n = 1, the function takes on the special form 
Cl (2) = Cı (z) = — In |2sin(5x)| (4) 


and for n = 2, it becomes CLAUSEN?S INTEGRAL 
Cla (x) = S2(x2) = -| In[2 sin(5¢)] dt. (5) 
0 


The symbolic sums of opposite parity are summable 
symbolically, and the first few are given by 


C(x) = ir” - ång + ig’ (6) 

Cav) = 4 - mr + prr — Ee (7) 

Sı(z) = ¿(1 — x) (8) 

Sale) = mr tna? + 42° (9) 
E led 1,2,,3 1 4 1 5 

S(x) = 5r r- an r + int -zmr (10) 


for 0 < z < 2r (Abramowitz and Stegun 1972). 


see also CLAUSEN’S INTEGRAL, POLYGAMMA FUNC- 
TION, POLYLOGARITHM 


CLEAN Algorithm 
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Clausen’s Integral 


The CLAUSEN FUNCTION 
8 
CL (0) = — / In[2sin(+£)] dt. 
0 


see also CLAUSEN FUNCTION 
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CLEAN Algorithm 

An iterative algorithm which DECONVOLVES a sampling 
function (the “DIRTY BEAM”) from an observed bright- 
ness (“DIRTY MAP”) of a radio source. This algorithm 
is of fundamental importance in radio astronomy, where 
it is used to create images of astronomical sources which 
are observed using arrays of radio telescopes (“synthesis 
imaging”). As a result of the algorithm’s importance to 
synthesis imaging, a great deal of effort has gone into 
optimizing and adjusting the ALGORITHM. CLEAN is a 
nonlinear algorithm, since linear DECONVOLUTION algo- 
rithms such as WIENER FILTERING and inverse filtering 


CLEAN Algorithm 


are inapplicable to applications with invisible distribu- 
tions (i.e., incomplete sampling of the spatial frequency 
plane) such as map obtained in synthesis imaging. 


The basic CLEAN method was developed by Hogbom 
(1974). It was originally designed for point sources, but 
it has been found to work well for extended sources 
as well when given a reasonable starting model. The 
Hógbom CLEAN constructs discrete approximations In 
to the CLEAN MAP in the (£,7) plane from the CoN- 
VOLUTION equation 


cee may E (1) 


where b’ is the DIRTY BEAM, I’ is the DIRTY MAP (both 
in the (£, y) PLANE), and f *g denotes a CONVOLUTION. 


The CLEAN algorithm starts with an initial approxi- 
mation lp = 0. At the nth iteration, it then searches for 
the largest value in the residual map 


In = I b Ina. (2) 


A DELTA FUNCTION is then centered at the location of 
the largest residual flux and given an amplitude y (the 
so-called “LOOP GAIN”) times this value. An antenna’s 
response to the DELTA FUNCTION, the DIRTY BEAM, is 
then subtracted from /J,_1 to yield f,. Iteration con- 
tinues until a specified iteration limit N is reached, or 
until the peak residual or ROOT-MEAN-SQUARE resid- 
ual decreases to some level. The resulting final map is 
denoted Iyn, and the position of each DELTA FUNCTION 
is saved in a “CLEAN component” table in the CLEAN 
MAP file. At the point where component subtraction is 
stopped, it is assumed that the residual brightness dis- 
tribution consists mainly of NOISE. | 


To diminish high spatial frequency features which may 
be spuriously extrapolated from the measured data, 
each CLEAN component is convolved with the so-called 
CLEAN BEAM 8, which is simply a suitably smoothed 
version of the sampling function (“DIRTY BEAM”). Usu- 
ally, a GAUSSIAN is used. Á good CLEAN BEAM should: 


1. Have a unity FOURIER TRANSFORM inside the sam- 
pled region of (u,v) space, 

2. Have a FOURIER TRANSFORM which tends to 0 out- 
side the sampled (u, v) region as quickly as possible, 
and 

3. Not have any effects produced by NEGATIVE side- 
lobes larger than the NOISE level. 


A CLEAN MAP is produced when the final residual 
map is added to the the approximate solution, 


[clean map] = In * b+ [1' — b' x In] (3) 


in order to include the NOISE. 


CLEAN will always converge to one (of possibly many) 
solutions if the following three conditions are satisfied 
(Schwarz 1978): 
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1. The beam must be symmetric. 


2. The FOURIER TRANSFORM of the DIRTY BEAM is 
NONNEGATIVE (positive definite or positive semidef- 
inite). 

3. There must be no spatial frequencies present in the 
dirty image which are not also present in the DIRTY 
BEAM. 


These conditions are almost always satisfied in practice. 
If the number of CLEAN components does not exceed 
the number of independent (u,v) points, CLEAN con- 
verges to a solution which is the least squares fit of the 
FOURIER TRANSFORMS of the DELTA FUNCTION com- 
ponents to the measured visibility (Thompson et al. 
1986, p. 347). Schwarz claims that the CLEAN algo- 
rithm is equivalent to a least squares fitting of cosine 
and sine parts in the (u,v) plane of the visibility data. 
Schwab has produced a NOISE analysis of the CLEAN 
algorithm in the case of least squares minimization of 
a noiseless image which involves an N x M MATRIX. 
However, no NOISE analysis has been performed for a 
REAL image. 


Poor modulation of short spacings results in an under- 
estimation of the flux, which is manifested in a bowl of 
negative surface brightness surrounding an object. Pro- 
viding an estimate of the “zero spacing” flux (the to- 
tal flux of the source, which cannot be directly mea- 
sured by an interferometer) can considerably reduce 
this effect. Modulations or stripes can occur at spa- 
tial frequencies corresponding to undersampled parts 
of the (u,v) plane. This can result in a golf ball-like 
mottling for disk sources such as planets, or a corru- 
gated pattern of parallel lines of peaks and troughs 
(“stripes”). A more accurate model can be used to sup- 
press the “golf ball” modulations, but may not elimi- 
nate the corrugations. A tapering function which de- 
emphasizes data near (u,v) = (0,0) can also be used. 
Stripes can sometimes be eliminated using the Cornwell 
smoothness-stabilized CLEAN (a.k.a. Prussian helmet 
algorithm; Thompson et al. 1986). CLEANing part way, 
then restarting the CLEAN also seems to eliminate the 
stripes, although this fact is more disturbing than reas- 
suring. Stability the the CLEAN algorithm is discussed 
by Tan (1986). 


In order to CLEAN a map of a given dimension, it is nec- 
essary to have a beam pattern twice as large so a point 
source can be subtracted from any point in the map. 
Because the CLEAN algorithm uses a FAST FOURIER 
TRANSFORM, the size must also be a POWER of 2. 


There are many variants of the basic Hógbom CLEAN 
which extend the method to achieve greater speed and 
produce more realistic maps. Alternate nonlinear DE- 
CONVOLUTION methods, such as the MAXIMUM EN- 
TROPY METHOD, may also be used, but are gener- 
ally slower than the CLEAN technique. The Astro- 
nomical Image Processing Software (AIPS) of the Na- 
tional Radio Astronomical Observatory includes 2-D 
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DECONVOLUTION algorithms in the tasks DCONV and 
UVMAP. Among the variants of the basic Hogbom CLEAN 
are Clark, Cornwell smoothness stabilized (Prussian 
helmet), Cotton-Schwab, Gerchberg-Saxton (Fienup), 
Steer, Steer-Dewdney-Ito, and van Cittert iteration. 


In the Clark (1980) modification, CLEAN picks out only 
the largest residual points, and subtracts approximate 
point source responses in the (€,7) plane during minor 
(Hégbom CLEAN) cycles. It only occasionally (dur- 
ing major cycles) computes the full J, residual map by 
subtracting the identified point source responses in the 
(u,v) plane using a FAST FOURIER TRANSFORM for the 
CONVOLUTION. The ALGORITHM then returns to a mi- 
nor cycle. This algorithm modifies the Hógbom method 
to take advantage of the array processor (although it also 
works without one). It is therefore a factor of 2-10 faster 


than the simple Hógbom routine. It is implemented as © 


the AIPS task APCLN. 


The Cornwell smoothness stabilized variant was devel- 
oped because, when dealing with two-dimensional ex- 
tended structures, CLEAN can produce artifacts in the 
form of low-level high frequency stripes running through 
the brighter structure. These stripes derive from poor 
interpolations into unsampled or poorly sampled re- 
gions of the (u,v) plane. When dealing with quasi-one- 
dimensional sources (i.e., jets), the artifacts resemble 
knots (which may not be so readily recognized as spuri- 
ous). APCLN can invoke a modification of CLEAN that 
is intended to bias it toward generating smoother solu- 
tions to the deconvolution problem while preserving the 
requirement that the transform of the CLEAN compo- 
nents list fits the data. The mechanism for introducing 
this bias is the addition to the DIRTY BEAM of a DELTA 
FUNCTION (or “spike”) of small amplitude (PHAT) while 
searching for the CLEAN components. The beam used 
for the deconvolution resembles the helmet worn by Ger- 
man military officers in World War I, hence the name 
“Prussian helmet” CLEAN. 


The theory underlying the Cornwell smoothness stabi- 
lized algorithm is given by Cornwell (1982, 1983), where 
it is described as the smoothness stabilized CLEAN. It 
is implemented in the AIPS tasks APCLN and MX. The 
spike performs a NEGATIVE feedback into the dirty im- 
age, thus suppressing features not required by the data. 
Spike heights of a few percent and lower than usual loop 
gains are usually needed. Also according to the MX doc- 
umentation, 


| (noise)? 1 

PHAT = == —__.... 
2(signal) 2(SNR) 
Unfortunately, the addition of a Prussian helmet gen- 
erally has “limited success,” so resorting to another de- 
convolution method such as the MAXIMUM ENTROPY 
METHOD is sometimes required. 
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The Cotton-Schwab uses the Clark method, but the 
major cycle subtractions of CLEAN components are 
performed on ungridded visibility data. The Cotton- 
Schwab technique is often faster than the Clark variant. 
It is also capable of including the w baseline term, thus 
removing distortions from noncoplanar baselines. It is 
often faster than the Clark method. The Cotton-Schwab 
technique is implemented as the AIPS task MX. 


The Gerchberg-Saxton variant, also called the Fienup 
variant, is a technique originally introduced for solv- 
ing the phase problem in electron microscopy. It was 
subsequently adapted for visibility amplitude measure- 
ments only. A Gerchberg-Saxton map is constrained to 
be NONZERO, and positive. Data and image plane con- 
straints are imposed alternately while transforming to 
and from the image plane. If the boxes to CLEAN are 
chosen to surround the source snugly, then the algorithm 
will converge faster and will have more chance of finding 
a unique image. The algorithm is slow, but should be 
comparable to the Clark technique (APCLN) if the map 
contains many picture elements. However, the resolu- 
tion is data dependent and varies across the map. It is 
implemented as the AIPS task APGS (Pearson 1984). 


The Steer variant is a modification of the Clark variant 
(Cornwell 1982). It is slow, but should be comparable 
to the Clark algorithm if the map contains many pic- 
ture elements. The algorithm used in the program is 
due to David Steer. The principle is similar to Barry 
Clark’s CLEAN except that in the minor cycle only 
points above the (trim level) x (peak in the residual map) 
are selected. In the major cycle these are removed us- 
ing a FAST FOURIER TRANSFORM. If boxes are chosen 
to surround the source snugly, then the algorithm will 
converge faster and will have more chance of finding a 
unique image. It is implemented in AIPS as the exper- 
imental program STEER and as the Steer-Dewdney-Ito 
variant combined with the Clark algorithm as SDCLN. 


The Steer-Dewdney-Ito variant is similar to the Clark 
variant, but the components are taken as all pixels 
having residual flux greater than a cutoff value times 
the current peak residual. This method should avoid 
the “ripples” produced by the standard CLEAN on ex- 
tended emission. The AIPS task SDCLN does an AP- 
based CLEAN of the the Clark type, but differs from 
APCLN in that it offers the option to switch to the Steer- 
Dewdney-Ito method. 


Finally, van Cittert iteration consists of two steps: 


1. Estimate a correction to add to the current map es- 
timate by multiplying the residuals by some weight. 
In the classical van Cittert algorithm, this weight is 
a constant, where as in CLEAN the weight is zero 
everywhere except at the peak of the residuals. 


2. Add the step to the current estimate, and subtract 
the estimate, convolved with the DIRTY BEAM, from 
the residuals. 
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Though it is a simple algorithm, it works well (if slowly) 
for cases where the DIRTY BEAM is positive semidefinite 
(as it is in astronomical observations). The basic idea is 
that the DIRTY MAP is a reasonably good estimate of 
the deconvolved map. The different iterations vary only 
in the weight to apply to each residual in determining 
the correction step. van Cittert iteration is implemented 
as the AIPS task APVC, which is a rather experimental 
and ad hoc procedure. In some limiting cases, it reduces 
to the standard CLEAN algorithm (though it would be 
impractically slow). 


see also CLEAN BEAM, CLEAN Map, DIRTY BEAM, 
DIRTY MAP 
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CLEAN Beam 

An ELLIPTICAL GAUSSIAN fit to the DIRTY BEAM in 
order to remove sidelobes. The CLEAN beam is con- 
volved with the final CLEAN iteration to diminish spu- 
rious high spatial frequencies. 


see also CLEAN ALGORITHM, CLEAN Map, DECON- 
VOLUTION, DIRTY BEAM, DIRTY MAP 


CLEAN Map 

The deconvolved map extracted from a finitely sampled 
DIRTY MAP by the CLEAN ALGORITHM, MAXIMUM 
ENTROPY METHOD, or any other DECONVOLUTION pro- 
cedure. 


Clebsch Diagonal Cubic 269 


see also CLEAN ALGORITHM, CLEAN BEAM, DECON- 
VOLUTION, DIRTY BEAM, DIRTY MAP | 


Clebsch-Aronhold Notation 

A notation used to describe curves. The fundamen- 
tal principle of Clebsch-Aronhold notation states that 
if each of a number of forms be replaced by a POWER of 
a linear form in the same number of variables equal to 
the order of the given form, and if a sufficient number 
of equivalent symbols are introduced by the ARONHOLD 
PROCESS so that no actual COEFFICIENT appears except 
to the first degree, then every identical relation holding 
for the new specialized forms holds for the general ones. 
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Clebsch Diagonal Cubic 


A CUBIC ALGEBRAIC SURFACE given by the equation 
Lo? + 21° + 22° + 23° + 24° = 0, (1) 
with the added constraint 
To + 11 + £2 + £3 + 24 = 0. (2) 


The implicit equation obtained by taking the plane at 
infinity as Zo + 21 + 22 +23/2 is 


sla+ y + 2°) 1800 y+ 20 z+y a+ y 24222 +2*y) 
+54xyz + 126(xy + vz + yz) - O(a? +y” +2) 
-9(£ +y +2)+1=0 (3) 


(Hunt, Nordstrand). On Clebsch’s diagonal surface, 
all 27 of the complex lines (SOLOMON’S SEAL LINES) 
present on a general smooth CUBIC SURFACE are real. 
In addition, there are 10 points on the surface where 3 
of the 27 lines meet. These points are called ECKARDT 
POINTS (Fischer 1986, Hunt), and the Clebsch diago- 
nal surface is the unique CUBIC SURFACE containing 10 
such points (Hunt). 


If one of the variables describing Clebsch’s diagonal sur- 
face is dropped, leaving the equations 


£o” + a +a2°+23° = 0, (4) 
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£o +21 + £2 +23 = 0, (5) 


the equations degenerate into two intersecting PLANES 
given by the equation 


(x + y)(x + z)(y+z)}=0. (6) 


see also CUBIC SURFACE, ECKARDT POINT 
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Clebsch-Gordon Coefficient 


A mathematical symbol used to integrate products of 
three SPHERICAL HARMONICS. Clebsch-Gordon coeff- 
cients commonly arise in applications involving the ad- 
dition of angular momentum in quantum mechanics. If 
products of more than three SPHERICAL HARMONICS 
are desired, then a generalization known as WIGNER 
67-SYMBOLS or WIGNER 9j-SYMBOLS is used. The 
Clebsch-Gordon coefficients are written 


Chima = (1jomimaljijojm) (1) 
and are defined by 


Vom = 


` Cit, mo Y Mı Ma > (2) 
M=Mi+Mo2 


where J = J, + J2. The Clebsch-Gordon coefficients 


are sometimes expressed using the related RACAH V- 
COEFFICIENTS 


V (51323; mimm) (3) 


or WIGNER 3j-SYMBOLS. Connections among the three 
are 


(j1j2mime|jijom) 


= (—1) 77 tine /27 +1 & J2 J ) (4) 
(jijamimoljijajm) 
= (14/25 + 1V (jajaj; mimo — m) (5) 


V (5132; mmm) = (—1)~21 T3249 ( Jı J2 Jı ) l 


ma mli mo 
(6) 
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They have the symmetry 


Gijamimaljijajm) = (— ya WRR (jzjimzmı|jzjijm), 


(7) 
and obey the orthogonality relationships 
S | (irjamimaljrj2jm)(jrj2jm|jrjamy ma) 
jm 
N (ijmmlijja (jj m |jijamama) 
mi m2 
= Ój5'0mm» (9) 


see also RACAH V-COEFFICIENT, RACAH W-COEF- 
FICIENT, WIGNER 3j-SYMBOL, WIGNER 6j-SYMBOL, 
WIGNER 97-SYMBOL 
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Clement Matrix 


see KAC MATRIX 


Clenshaw Recurrence Formula 

The downward Clenshaw recurrence formula evaluates a 
sum of products of indexed COEFFICIENTS by functions 
which obey a recurrence relation. If 


and 


Cliff Random Number Generator 


where the cks are known, then define 


YN+2 = YN+1 = 0 
Yr = a(k, 2)Yx+1 + B(k +1, £)Yk+2 + Ce 


for k = N,N —1,... 
and yı. 


and solve backwards to obtain ya 


Ch = Y» — a(k, 2)ye+1 — Elk +1,0)yn+2 


N 


f(z) = Y caFe(2) 


= coFo(x) + [yi — a(1, 2) y2 — B(2, 2) ys] Fi (a) 
+[y2 — a(2, 2)ys — B(3, 2) ya] Fo(z) 
+lya — a(3, 2)ya — B(4, 2)ys] Fs (£) 
+lya — a(4, 0)ys — B(5, 2) ye} Fa(x) +... 

= coFo(z) + y Fi(a) + y2[Fo(x) — a(1, 0) Fi (x)] 
+ ya [Fa(x) — a(2, 2) Fe(x) — P(, x)| 
+ yal F(x) — a(3,2)F3(x) — P(3,2)]+... 

= coFo(x) + ya lla(1, 2) Fi(x) + BC, 2) Folz=)) 
— a(1,2)F1(2)] + y Fi (x) 

= coFolx) + y File) + B(1, 2) Fole)ya. 


The upward Clenshaw recurrence formula is 


y-2=Y-1=0 
1 
A B(k+1,x) 
for k = 0,1,..., N — 1. 


[yk-2 — a(k, £)yk-1 — Ch] 


f(z) = cen Fn (z) — PB(N,2)Fn-1(2)yn-1 — Fr(z)yn-2. 
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Cliff Random Number Generator 
A RANDOM NUMBER generator produced by iterating 


Xn+1 = |100 In Xn (mod 1)| 


for a SEED Xy = 0.1. This simple generator passes 
the NOISE SPHERE test for randomness by showing no 
structure. 


see also RANDOM NUMBER, SEED 


References 

Pickover, C. A. “Computers, Randomness, Mind, and In- 
finity.” Ch. 31 in Keys to Infinity. New York: W. H. 
Freeman, pp. 233-247, 1995. 


Clique Number 271 


Clifford Algebra 

Let V be an n-D linear SPACE over a FIELD K, and let Q 
be a QUADRATIC FORM on V. A Clifford algebra is then 
defined over the T(V)/I(Q), where T(V) is the tensor 
algebra over V and J is a particular IDEAL of T(V). 
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Clifford’s Circle Theorem 

Let C1, C2, C3, and C4 be four CIRCLES of GENERAL 
POSITION through a point P. Let P,; be the second 
intersection of the CIRCLES C; and C}. Let Cijx be 
the CIRCLE PijPirPje. Then the four CIRCLES P234, 
Pi3a4, Piza, and Pio3 all pass through the point Pi34. 
Similarly, let Cs be a fifth CIRCLE through P. Then the 
five points P2345, P1345, Pras, Py235 and Pi234 all lie on 
one CIRCLE C2345. And so on. 


see also CIRCLE, COX’S THEOREM 


Clifford’s Curve Theorem 


The dimension of a special series can never exceed half 
its order. . 
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Clique 

In a GRAPH of N VERTICES, a subset of pairwise ad- 
jacent VERTICES is known as a clique. A clique is a 
fully connected subgraph of a given graph. The prob- 
lem of finding the size of a clique for a given GRAPH is 
an NP-COMPLETE PROBLEM. The number of graphs on 
n nodes having 3 cliques are 0, 0, 1, 4, 12, 31, 67, ... 
(Sloane’s A005289). 


see also CLIQUE NUMBER, MAXIMUM CLIQUE PROB- 
LEM, RAMSEY NUMBER, TURAN’S THEOREM 
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Clique Number | 
The number of VERTICES in the largest CLIQUE of G, 
denoted w(G). For an arbitrary GRAPH, 


= 1 
w(G)>) 30 
i=1 


where d; is the DEGREE of VERTEX 1. 
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Monthly 102, 808-816, 1995. 
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Clock Solitaire 
A solitaire game played with CARDS. The chance of 
winning is 1/13, and the AVERAGE number of CARDS 
turned up is 42.4. 


References 

Gardner, M. Mathematical Magic Show: More Puzzles, 
Games, Diversions, Illusions and Other Mathematical 
Sleight-of-Mind from Scientific American. New York: 
Vintage, pp. 244-247, 1978. 


Close Packing 
see SPHERE PACKING 


Closed Curve 


DELE 


closed curves open curves 
A CURVE with no endpoints which completely encloses 
an AREA. A closed curve is formally defined as the con- 


tinuous IMAGE of a CLOSED SET. 
see also SIMPLE CURVE 


Closed Curve Problem 

Find NECESSARY and SUFFICIENT conditions that de- 
termine when the integral curve of two periodic func- 
tions «(s) and 7(s) with the same period L is a CLOSED 
CURVE. 


Closed Disk 

An n-D closed disk of RADIUS r is the collection of points 
of distance < r from a fixed point in EUCLIDEAN n- 
space. 


see also DISK, OPEN DISK 


Closed Form 

A discrete FUNCTION A(n,k) is called closed form (or 
sometimes “hypergeometric” ) in two variables if the ra- 
tios A(n+1,k)/A(n,k) and A(n,k+1)/A(n,k) are both 
RATIONAL FUNCTIONS. A pair of closed form functions 
(F, G) is said to be a WILF-ZEILBERGER PAIR if 


F(n+1,k) — F(n,k) = G(n,k +1) — G(n,k). 


see also RATIONAL FUNCTION, WILF-ZEILBERGER PAIR 


References 

Petkovšek, M.; Wilf, H. $.; and Zeilberger, D. A=B. Welles- 
ley, MA: A. K. Peters, p. 141, 1996. 

Zeilberger, D. “Closed Form (Pun Intended!).” Contempo- 
rary Math. 143, 579-607, 1993. 


Closure 


Closed Graph Theorem 
A linear OPERATOR between two BANACH SPACES is 
continuous IFF it has a “closed” GRAPH. 


see also BANACH SPACE 


References 
Zeidler, E. Applied Functional Analysis: Applications to 
Mathematical Physics. New York: Springer-Verlag, 1995. 


Closed Interval | 

An INTERVAL which includes its LIMIT PoINts. If the 
endpoints of the interval are FINITE numbers a and b, 
then the INTERVAL is denoted [a,b]. If one of the end- 
points is too, then the interval still contains all of its 
LIMIT POINTS, so [a,oo) and (—oo,b] are also closed 
intervals. 


see also HALF-CLOSED INTERVAL, OPEN INTERVAL 


Closed Set 


There are several equivalent definitions of a closed SET. 


A SET $ is closed if 

1. The COMPLEMENT of S is an OPEN SET, 

2. S is its own CLOSURE, 

3. Sequences/nets/filters in S which converge do so 
within S, 

4, Every point outside S has a NEIGHBORHOOD disjoint 
from $. 


The POINT-SET TOPOLOGICAL definition of a closed set 
is a set which contains all of its LIMIT Points. There- 
fore, a closed set C is one for which, whatever point gz 
is picked outside of C, x can always be isolated in some 
OPEN SET which doesn’t touch C. 


see also CLOSED INTERVAL 


Closure 

A SET S and a BINARY OPERATOR x are said to ex- 
hibit closure if applying the BINARY OPERATOR to two 
elements S returns a value which is itself a member of 


S. 


The term “closure” is also used to refer to a “closed” 

version of a given set. The closure of a SET can be 

defined in several equivalent ways, including 

1. The SET plus its LIMIT POINTS, also called “bound- 
ary” points, the union of which is also called the 
“frontier,” 

2. The unique smallest CLOSED SET containing the 
given SET, 

3. The COMPLEMENT of the interior of the COMPLE- 
MENT of the set, 

4. The collection of all points such that every NEIGH- 
BORHOOD of them intersects the original SET in a 
nonempty SET. 


In topologies where the T2-SEPARATION AXIOM is as- 
sumed, the closure of a finite SET S is S itself. 


Clothoid 


see also BINARY OPERATOR, EXISTENTIAL CLOSURE, 
REFLEXIVE CLOSURE, TIGHT CLOSURE, TRANSITIVE 
CLOSURE 


Clothoid 
see also CORNU SPIRAL 


Clove Hitch 


A HITCH also called the BOATMAN’S KNOT or PEG 
KNOT. 


References 
Owen, P. Knots. Philadelphia, PA: Courage, pp. 24-27, 1993. 


Clump 
see RUN 


Cluster 
Given a lattice, a cluster is a group of filled cells which 
are all connected to their neighbors vertically or hori- 
zontally. 


see also CLUSTER PERIMETER, PERCOLATION THEORY, 
s-CLUSTER, s-RUN 


References 
Stauffer, D. and Aharony, A. Introduction to Percolation 
Theory, 2nd ed. London: Taylor & Francis, 1992. 


Cluster Perimeter 
The number of empty neighbors of a CLUSTER. 


see also PERIMETER POLYNOMIAL 


Coanalytic Set 
A DEFINABLE SET which is the complement of an AN- 
ALYTIC SET. 


see also ANALYTIC SET 


Coastline Paradox 

Determining the length of a country’s coastline is not 
as simple as it first appears, as first considered by 
L. F. Richardson (1881-1953). In fact, the answer de- 
pends on the length of the RULER you use for the mea- 
surements. A shorter RULER measures more of the sin- 
uosity of bays and inlets than a larger one, so the esti- 
mated length continues to increase as the RULER length 
decreases. 


In fact, a coastline is an example of a FRACTAL, and 
plotting the length of the RULER versus the measured 
length of the coastline on a log-log plot gives a straight 
line, the slope of which is the FRACTAL DIMENSION of 
the coastline (and will be a number between 1 and 2). 
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References 

Lauwerier, H. Fractals: Endlessly Repeated Geometric Fig- 
ures. Princeton, NJ: Princeton University Press, pp. 29- 
31, 1991. 


Coates-Wiles Theorem 

In 1976, Coates and Wiles showed that ELLIPTIC 
CURVES with COMPLEX MULTIPLICATION having an in- 
finite number of solutions have £L-functions which are 
zero at the relevant fixed point. This is a special case of 
the SWINNERTON-DYER CONJECTURE. 


References 


Cipra, B. “Fermat Prover Points to Next Challenges.” Scz- 
ence 271, 1668-1669, 1996. 


Coaxal Circles 


CIRCLES which share a RADICAL LINE with a given cir- 
cle are said to be coaxal. The centers of coaxal circles 
are COLLINEAR. It is possible to combine the two types 
of coaxal systems illustrated above such that the sets 
are orthogonal. 


see also CIRCLE, COAXALOID SYSTEM, GAUSS- 


BODENMILLER THEOREM, RADICAL LINE 


References 

Coxeter, H. S. M. and Greitzer, S. L. Geometry Revisited. 
Washington, DC: Math. Assoc. Amer., pp. 35-36 and 122, 
1967. 

Dixon, R. Mathographics. New York: Dover, pp. 68-72, 1991. 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 34-37, 199, and 279, 1929. 


Coaxal System 
A system of COAXAL CIRCLES. 


Coaxaloid System 
A system of circles obtained by multiplying each RADIUS 
in a COAXAL SYSTEM by a constant. 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 276-277, 1929. 


Cobordant Manifold 

Two open MANIFOLDS M and M’ are cobordant if there 
exists a MANIFOLD with boundary WT? such that an 
acceptable restrictive relationship holds. 


see also COBORDISM, h-COBORDISM THEOREM, MORSE 
THEORY 


Cobordism 
see BORDISM, h-COBORDISM 


of these improper charging conditions is the same . . . a dead 


Electronic Voltage Regulation 


To overcome the above problems, it's necessary to regulate 
the charging voltage at the proper level. It's up to the voltage 
regulator to maintain the proper system voltage and, for many 
years, this task has been accomplished with an electromechanical 
device. The main disadvantages of these devices are voltage varia- 
tions due to temperature changes, unadjustable voltage settings, 
and mechanical type failures. 

Many auto manufacturers have recognized these problem 
areas and as a result are switching over to solid state designs. In 
fact, if you own a late model car, it may already have an electronic 
voltage regulator. However, there are still many cars in existence 
today with the old style electromechanical regulator. If yours 
happens to be one, you can easily update it with a precision, 
electronic voltage regulator. 

For less than $10 in electronic components, you can build your 
own solid state voltage regulator that should outperform any elec- 
tromechanical regulator on the market today. 


TO IGNITION 
SWITCH 


ALTERMATOR 
FIELD 
WINDING 


Fig. 10-2. Schematic. D1—18 volt zener diode, 1 watt; D2—1N4007, 100 piv, 
1 Amp rectifier; |C1—LM723 voltage regulator (14 pin, DIP); Qi— 2N2063A 
(SK3009) 10 Amp PNP transistor; R1, R3—470 Ohm, Y2 watt, 10% resistor; 
R2—500 Ohm, 10 turn trimpot; R4—51 Ohm, Y. watt, 10% resistor; 
Miscellaneous—T0-3 transistor socket, 14 pin DIP socket, barrier terminal 
strip, TO-3 mica washer kit, PC board, minibox, optional relay (see text). 


aga 
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Cobordism Group 
see BORDISM GROUP 


Cobordism Ring 
see BORDISM GROUP 


Cochleoid 


The cochleoid, whose name means “snail-form” in Latin, 
was first discussed by J. Peck in 1700 (MacTutor Ar- 
chive). The points of contact of PARALLEL TANGENTS 
to the cochleoid lie on a STROPHOID. 


In POLAR COORDINATES, 


a sin 9 
dr a (1) 


In CARTESIAN COORDINATES, 
(1 +y*) tan” (2) = AY. (2) 


The CURVATURE is 


2/2 0° [26 — sin(26)] 


a [1 + 26? — cos(26) — 26 sin(20)]3/2" (3) 


see also QUADRATRIX OF HIPPIAS 


References 

Lawrence, J. D. A Catalog of Special Plane Curves. New 
York: Dover, pp. 192 and 196, 1972. 

MacTutor History of Mathematics Archive. “Cochleoid.” 
http: //www-groups.dcs.st-and.ac.uk/-history/Curves 
/Cochleoid.html. 


Cochleoid Inverse Curve 


The INVERSE CURVE of the COCHLEOID 


sin @ 


== (1) 


Code 


with INVERSION CENTER at the ORIGIN and inversion 
radius k is the QUADRATRIX OF HIPPIAS. 


x = ktcot 0 (2) 
y= kt: (3) 


Cochloid 


see CONCHOID OF NICOMEDES 


Cochran’s Theorem 
The converse of FISHER’S THEOREM. 


Cocked Hat Curve 


The PLANE CURVE 


2 


(a? + 2ay — ay = y? (a? — 2’), 


which is similar to the BICORN. 


References 
Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., p. 72, 1989. 


Cocktail Party Graph 


A GRAPH consisting of two rows of paired nodes in which 
all nodes but the paired ones are connected with an 
EDGE. It is the complement of the LADDER GRAPH. 


Coconut 
see MONKEY AND COCONUT PROBLEM 


Codazzi Equations 
see MAINARDI-CODAZZI EQUATIONS 


Code 

A code is a set of n-tuples of elements (“WORDS”) taken 
from an ALPHABET. 

see also ALPHABET, CODING THEORY, ENCODING, 


ERROR-CORRECTING CODE, GRAY CODE, HUFFMAN 
CODING, ISBN, LINEAR CODE, WORD 


Codimension 


Codimension 

The minimum number of parameters needed to fully de- 
scribe all possible behaviors near a nonstructurally sta- 
ble element. 


see also BIFURCATION 


Coding Theory 

Coding theory, sometimes called ALGEBRAIC CODING 
THEORY, deals with the design of ERROR-CORRECTING 
CODES for the reliable transmission of information 
across noisy channels. It makes use of classical and 
modern algebraic techniques involving FINITE FIELDS, 
GROUP THEORY, and polynomial algebra. It has con- 
nections with other areas of DISCRETE MATHEMATICS, 
especially NUMBER THEORY and the theory of experi- 
mental designs. 


see also ENCODING, ERROR-CORRECTING CODE, GA- 
LOIS FIELD, HADAMARD MATRIX 


References 

Alexander, B. “At the Dawn of the Theory of Codes.” Math. 
Intel. 15, 20-26, 1993. 

Golomb, S. W.; Peile, R. E.; and Scholtz, R. A. Basic Con- 
cepts in Information Theory and Coding: The Adventures 
of Secret Agent 00111. New York: Plenum, 1994. 

Humphreys, O. F. and Prest, M. Y. Numbers, Groups, and 
Codes. New York: Cambridge University Press, 1990. 

MacWilliams, F. J. and Sloane, N. J. A. The Theory of Error- 
Correcting Codes. New York: Elsevier, 1978. 
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Springer-Verlag, 1992. 


Coefficient 

A multiplicative factor (usually indexed) such as one of 
the constants a; in the POLYNOMIAL anz” tan_12" *+ 
... + azz? + aiz + ao. 


see also BINOMIAL COEFFICIENT, CARTAN TOR- 
SION COEFFICIENT, CENTRAL BINOMIAL COEFFI- 
CIENT, CLEBSCH-GORDON COEFFICIENT, COEFFI- 
CIENT FIELD, COMMUTATION COEFFICIENT, CON- 
NECTION COEFFICIENT, CORRELATION COEFFICIENT, 
CROSS-CORRELATION COEFFICIENT, EXCESS COEF- 
FICIENT, GAUSSIAN COEFFICIENT, LAGRANGIAN Co- 
EFFICIENT, MULTINOMIAL COEFFICIENT, PEARSON’S 
SKEWNESS COEFFICIENTS, PRODUCT-MOMENT Co- 
EFFICIENT OF CORRELATION, QUARTILE SKEWNESS 
COEFFICIENT, QUARTILE VARIATION COEFFICIENT, 
RACAH V-COEFFICIENT, RACAH W-COEFFICIENT, RE- 
GRESSION COEFFICIENT, ROMAN COEFFICIENT, TRI- 
ANGLE COEFFICIENT, UNDETERMINED COEFFICIENTS 
METHOD, VARIATION COEFFICIENT 


Coefficient Field 

Let V be a VECTOR SPACE over a FIELD K, and let A be 
a nonempty SET. For an appropriately defined AFFINE 
- SPACE A, K is called the COEFFICIENT field. 
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Coercive Functional 

A bilinear FUNCTIONAL ¢ on a normed SPACE F is called 
coercive (or sometimes ELLIPTIC) if there exists a Pos- 
ITIVE constant K such that 


(2, a) > Kljell 


for all z € E. 
see also LAX-MILGRAM THEOREM 


References 

Debnath, L. and Mikusiíski, P. Introduction to Hilbert 
Spaces with Applications. San Diego, CA: Academic Press, 
1990. 


Cofactor 

The MINOR of a DETERMINANT is another DETERMI- 
NANT |C| formed by omitting the ¿th row and jth col- 
umn of the original DETERMINANT |M]. 


see also DETERMINANT EXPANSION BY MINORS, MINOR 


Cohen-Kung Theorem 
Guarantees that the trajectory of LANGTON’S ANT is 
unbounded. 


Cohomology 

Cohomology is an invariant of a TOPOLOGICAL SPACE, 
formally “dual” to HOMOLOGY, and so it detects “holes” 
in a SPACE. Cohomology has more algebraic structure 
than HOMOLOGY, making it into a graded ring (multi- 
plication given by “cup product”), whereas HOMOLOGY 
is just a graded ABELIAN GROUP invariant of a SPACE. 


A generalized homology or cohomology theory must sat- 
isfy all of the EILENBERG-STEENROD AXIOMS with the 
exception of the dimension axiom. 


see also ALEKSANDROV-CECH COHOMOLOGY, ALEXAN- 
DER-SPANIER COHOMOLOGY, CECH COHOMOLOGY, DE 
RHAM COHOMOLOGY, HOMOLOGY (TOPOLOGY) 


Cohomotopy Group 

Cohomotopy groups are similar to HOMOTOPY GROUPS. 
A cohomotopy group is a GROUP related to the HOMO- 
TOPY classes of MAPS from a SPACE X into a SPHERE 
S”. 

see also HOMOTOPY GROUP 


Coin 

A flat disk which acts as a two-sided DIE. 

see BERNOULLI TRIAL, CARDS, COIN PARADOX, COIN 
TOSSING, DICE, FELLER’S COIN-TOSSING CONSTANTS, 
FOUR COINS PROBLEM, GAMBLER'S RUIN 


References 
Brooke, M. Fun for the Money. New York: Scribner’s, 1963. 
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Coin Flipping 
see COIN TOSSING 


Coin Paradox 


After a half rotation of the coin on the left around the 
central coin (of the same RADIUS), the coin undergoes 
a complete rotation. 


References 
Pappas, T. “The Coin Paradox.” The Joy of Mathematics. 
San Carlos, CA: Wide World Publ./Tetra, p. 220, 1989. 


Coin Problem 

Let there be n > 2 INTEGERS 0 < az < ... < Gy with 
(a1, @2,...,@n) = 1 (all RELATIVELY PRIME). For large 
enough N = Xa ai£i, there is a solution in NONNEG- 
ATIVE INTEGERS z;. The greatest N = g(aı,a2,... an) 
for which there is no solution is called the coin problem. 
Sylvester showed 


g(a1,@2) = (a1 — 1)(a2 — 1) — 1, 


and an explicit solution is known for n = 3, but no 
closed form solution is known for larger N. 


References 

Guy, R. K. “The Money-Changing Problem.” §C7 in Un- 
solved Problems in Number Theory, 2nd ed. New York: 
Springer-Verlag, pp. 113-114, 1994. 


Coin Tossing 

An idealized coin consists of a circular disk of zero thick- 
ness which, when thrown in the air and allowed to fall, 
will rest with either side face up (“heads” H or “tails” T) 
with equal probability. A coin is therefore a two-sided 
DIE. A coin toss corresponds to a BERNOULLI DISTRI- 
BUTION with p = 1/2. Despite slight differences between 
the sides and NONZERO thickness of actual coins, the 
distribution of their tosses makes a good approximation 
to a p = 1/2 BERNOULLI DISTRIBUTION. 


There are, however, some rather counterintuitive prop- 
erties of coin tossing. For example, it is twice as likely 
that the triple TTH will be encountered before THT 
than after it, and three times as likely that THH will 
precede HTT. Furthermore, it is six times as likely that 
HTT will be the first of HTT, TTH, and TTT to oc- 
cur (Honsberger 1979). More amazingly still, spinning 
a penny instead of tossing it results in heads only about 
30% of the time (Paulos 1995). 


Let w(n) be the probability that no RUN of three consec- 


utive heads appears in n independent tosses of a COIN. | 


The following table gives the first few values of w(n). 


Coin Tossing 


n w(n) 
o 1 
1 1 
2 1 
st 
4 3 
53 


Feller (1968, pp. 278-279) proved that 


lim w(nja”** = B, (1) 


TL OO 


where 


a = 1[(136 + 24433)'/* — 8(136 + 244/33) */% — 2] 


73 


= 1.087378025... (2) 
and 9 
~Q 
i= nen 1.236839845.... (3) 


The corresponding constants for a RUN of k > 1 heads 
are Gx, the smallest POSITIVE ROOT of 


1—a2+(iz)*** =0, (4) 
and 5 
— a 
A 5 
Br k+ 1-— kak ( ) 


These are modified for unfair coins with P(H) = p and 
P(T) = q = 1- p to a,, the smallest POSITIVE ROOT 
of 


1 — x+ qpr" = 0, (6) 
and 
7 1 — pay, 
eee es ae 7 
Br (k+1-ko)p (7) 


(Feller 1968, pp. 322-325). 


see also BERNOULLI DISTRIBUTION, CARDS, COIN, 
DICE, GAMBLER'S RUIN, MARTINGALE, RUN, SAINT 
PETERSBURG PARADOX 
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Coincidence 


Coincidence 

A coincidence is a surprising concurrence of events, per- 
ceived as meaningfully related, with no apparent causal 
connection (Diaconis and Mosteller 1989). 


see also BIRTHDAY PROBLEM, LAW OF TRULY LARGE 
NUMBERS, ODDS, PROBABILITY, RANDOM NUMBER 
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Colatitude 

The polar angle on a SPHERE measured from the North 
Pole instead of the equator. The angle ¢ in SPHERICAL 
COORDINATES is the COLATITUDE. It is related to the 
LATITUDE 6 by @ = 90° — ô. 


see also LATITUDE, LONGITUDE, SPHERICAL COORDI- 
NATES 


Colinear 
see COLLINEAR 


Collatz Problem 

A problem posed by L. Collatz in 1937, also called the 
32 + 1 MAPPING, HASSE’S ALGORITHM, KAKUTANI’S 
PROBLEM, SYRACUSE ALGORITHM, SYRACUSE PROB- 
LEM, THWAITES CONJECTURE, and ULAM’S PROBLEM 
(Lagarias 1985). Thwaites (1996) has offered a £1000 
reward for resolving the CONJECTURE. Let n be an IN- 
TEGER. Then the Collatz problem asks if iterating 


1 
_Jjgn for n even 1 
f(n) { 3n+1 for n odd (1) 


always returns to 1 for POSITIVE n. This question 
has been tested and found to be true for all numbers 
< 5.6 x 10’* (Leavens and Vermeulen 1992), and more 
recently, 10% (Vardi 1991, p. 129). The members of 
the SEQUENCE produced by the Collatz are sometimes 
known as HAILSTONE NUMBERS. Because of the dif- 
ficulty in solving this problem, Erdós commented that 
“mathematics is not yet ready for such problems” (La- 
garias 1985). If NEGATIVE numbers are included, there 


are four known cycles (excluding the trivial 0 cycle): (4, — 


Collatz Problem 277 


2, 1), (22, -1), (-5, —7, -10), and (-17, —25, —37, 
—55, —82, —41, —61, —91, —136, —68, —34). The num- 
ber of tripling steps needed to reach 1 for n= 1, 2,... 
are 0, 0, 2, 0, 1, 2, 5, 0, 6, ... (Sloane's A006667). 


The Collatz problem was modified by Terras (1976, 
1979), who asked if iterating 


iy for x even 
Taj | 132 +1) for z odd (2) 
always returns to 1. If NEGATIVE numbers are included, 
there are 4 known cycles: (1, 2), (-1), (-5, —7, —10), 
and (-17, —25, -37, —55, —82, —41, —61, —91, —136, 
—68, —34). It is a special case of the “generalized Collatz 
problem” with d = 2, mo = 1, mı = 3, ro = 0, and 
rı = —1. Terras (1976, 1979) also proved that the set 
of INTEGERS Sk = {n : n has stopping time < k} has a 
limiting asymptotic density F(k), so the limit 


Fk) = lim: =; (3) 


z—oo XL 


for {n : n < x and o(n) < k} exists. Furthermore, 
F(k) + 1 as k > 00, so almost all INTEGERS have a 
finite stopping time. Finally, for all k > 1, 


1 — F(k) = lim — LI (4) 
where 
y = 1 — H(0) = 0.05004... (5) 
TE a (6) 
-5 (7) 


(Lagarias 1985). 


Conway proved that the original Collatz problem has 
no nontrivial cycles of length < 400. Lagarias (1985) 
showed that there are no nontrivial cycles with length 
< 275,000. Conway (1972) also proved that Collatz- 
type problems can be formally UNDECIDABLE. 


A generalization of the COLLATZ PROBLEM lets d > 2 be 
a POSITIVE INTEGER and mo, ..., Ma-1 be NONZERO 
INTEGERS. Also let r; € Z satisfy 


ri = im; (mod d). (8) 
Then 
Mir — Ti 
T(x) = TEE (9) 


for x = i (mod d) defines a generalized Collatz mapping. 
An equivalent form is 


T(x) = [=s] iN (10) 
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for x =i (mod d) where Xo, ..., Xg-1 are INTEGERS 
and |r| is the FLOOR FUNCTION. The problem is con- 
nected with ERGODIC THEORY and MARKOV CHAINS 
(Matthews 1995). Matthews (1995) obtained the fol- 
lowing table for the mapping 


ly for z = 0 (mod 2) 
Tike) = i 3x+k) for zr =1 (mod 2), ep 
where k = Tre. | 
k # Cycles Max. Cycle Length 
0 5 27 
1 10 34 
2 13 118 
3 17 118 
4 19 118 
5 21 165 
6 23 433 


Matthews and Watts (1984) proposed the following con- 

jectures. 

1. If jmo ---ma-1| < df, then all trajectories (TF (n)} 
for n € Z eventually cycle. 

2. If [mo---ma-1] > dt, then almost all trajectories 
[T* (n)} for n € Z are divergent, except for an ex- 
ceptional set of INTEGERS n satisfying 


#{n E S|]-X<n<X)=o0(X). 


3. The number of cycles is finite. 


4. If the trajectory {T* (n)) for n € Z is not eventually 
cyclic, then the iterates are uniformly distribution 
mod d“ for each a > 1, with 


lim yy cardíK < NIT (n) =j (mod d*)) 


=d-* (12) 


for 0 < j < d% — 1. 


Matthews believes that the map 


TZ+3 for x = 0 (mod 3) 
T(x) = 3 (7a +2) for r=1 (mod 3) (13) 
¿lr-2) forx=2 (mod 3) 
will either reach 0 (mod 3) or will enter one of the cycles 
(—1) or (—2, —4), and offers a $100 (Australian?) prize 
for a proof. 


see also HAILSTONE NUMBER 
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Collinear 
P> E 


Three or more points Pı, Pa, Ps, ..., are said to be 
collinear if they lie on a single straight LINE L. (Two 
points are always collinear.) This will be true IFF the 
ratios of distances satisfy | 


T2 — Lı : Y — Yı :22 — 21 = T3 — T1 : Y3 — Yı : 23 — Z1. 


Two points are trivially collinear since two points deter- 
mine a LINE. 


see also CONCYCLIC, DIRECTED ANGLE, N-CLUSTER, 
SYLVESTER’S LINE PROBLEM 


Collineation 

A transformation of the plane which transforms COL- 
LINEAR points into COLLINEAR points. A projective 
collineation transforms every 1-D form projectively, and 
a perspective collineation is a collineation which leaves 
all lines through a point and points through a line invari- 
ant. In an ELATION, the center and axis are incident; in 


Cologarithm 


a HOMOLOGY they are not. For further discussion, see 
Coxeter (1969, p. 248). 


see also AFFINITY, CORRELATION, ELATION, EQUI- 
AFFINITY, HOMOLOGY (GEOMETRY), PERSPECTIVE 
COLLINEATION, PROJECTIVE COLLINEATION 
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Cologarithm 

The LOGARITHM of the RECIPROCAL of a number, equal 
to the NEGATIVE of the LOGARITHM of the number it- 
self, 


1 
colog x = log (=) = — log z. 
T 
see also ANTILOGARITHM, LOGARITHM 


Colon Product 
Let AB and CD be DyYaps. Their colon product is 
defined by 


AB:CD=C-AB-D=(A-C)(B-D). 


Colorable 
Color each segment of a KNOT DIAGRAM using one of 
three colors. If 


1. at any crossing, either the colors are all different or 
all the same, and 


2. at least two colors are used, 


then a KNOT is said to be colorable (or more specif- 
ically, THREE-COLORABLE). Colorability is invariant 
under REIDEMEISTER MOVES, and can be generalized. 
For instance, for five colors 0, 1, 2, 3, and 4, a KNOT is 
five-colorable if 


1. at any crossing, three segments meet. If the overpass 
is numbered a and the two underpasses B and C, 
then 2a = b + c (mod 5), and 


2. at least two colors are used. 


Colorability cannot alway distinguish HANDEDNESS. 
For instance, three-colorability can distinguish the mir- 
ror images of the TREFOIL KNOT but not the FIGURE- 
OF-EIGHT KNOT. Five-colorability, on the other hand, 
distinguishes the MIRROR IMAGES of the FIGURE-OF- 
EIGHT KNOT but not the TREFOIL KNOT. 


see also COLORING, THREE-COLORABLE 


Coloring 

A coloring of plane regions, LINK segments, etc., is an 
assignment of a distinct labelling (which could be a 
number, letter, color, etc.) to each component. Col- 
oring problems generally involve TOPOLOGICAL consid- 
erations (i.e., they depend on the abstract study of the 
arrangement of objects), and theorems about colorings, 


Combination 279 


such as the famous FOUR-COLOR THEOREM, can be ex- 
tremely difficult. to prove. 


see also COLORABLE, EDGE-COLORING, FOUR-COLOR 
THEOREM, k-COLORING, POLYHEDRON COLORING, 
SIX-COLOR THEOREM, THREE-COLORABLE, VERTEX 
COLORING 
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Columbian Number 
see SELF NUMBER 


Colunar Triangle 

Given a SCHWARZ TRIANGLE (p q r), replacing each 
VERTEX with its antipodes gives the three colunar 
SPHERICAL TRIANGLES 


(od r) (p ar),(p gr), 


where 
1 1 
2+==1 
p P 
1 1 | 
24 ==1 
q q 
1 1 
24+==1 
r r 


see also SCHWARZ TRIANGLE, SPHERICAL TRIANGLE 
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Comb Function 
see SHAH FUNCTION 


Combination | 

The number of ways of picking r unordered outcomes 
from n possibilities. Also known as the BINOMIAL Co- 
EFFICIENT or CHOICE NUMBER and read “n choose r.” 


_ CA _ n! 
eC (") ~ liner)? 


where n! is a FACTORIAL. 


see also BINOMIAL COEFFICIENT, DERANGEMENT, FAC- 
TORIAL, PERMUTATION, SUBFACTORIAL 
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Combination Lock 

Let a combination of n buttons be a SEQUENCE of dis- 
joint nonempty SUBSETS of the SET (1, 2, ..., n}. If 
the number of possible combinations is denoted an, then 
ân satisfies the RECURRENCE RELATION 


an = + ( 1 ) 
“dar \2—et 


where the definition 0% = 1 has been used. Furthermore, 


Un = yea = So Anno, (3) 
k=1 k=1 


where A, 4 are EULERIAN NUMBERS. In terms of the 
STIRLING NUMBERS OF THE SECOND KIND s(n,k), 


z=0 


an = X kis(n,k). (4) 


an can also be given in closed form as 
an = 2 Li-n(4), (5) 


where Li,(z) is the POLYLOGARITHM. The first few 
values of an forn = 1, 2, ... are 1, 3, 13, 75, 541, 
4683, 47293, 545835, 7087261, 102247563, ... (Sloane’s 
A000670). 


The quantity 


satisfies the inequality 
1 1 
—— <b, < T 
2(In2)" ~ 7 (In2)” (7) 
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Combinatorial Species 
see SPECIES 


Combinatorial Topology 

Combinatorial topology is a special type of ALGEBRAIC 
TOPOLOGY that uses COMBINATORIAL methods. For 
example, SIMPLICIAL HOMOLOGY is a combinatorial 
construction in ALGEBRAIC TOPOLOGY, so it belongs 
to combinatorial topology. 


see also ALGEBRAIC TOPOLOGY, SIMPLICIAL HOMO- 
LOGY, TOPOLOGY 


Combinatorics 


Combinatorics 

The branch of mathematics studying the enumeration, 
combination, and permutation of sets of elements and 
the mathematical relations which characterize these 
properties. 


see also ANTICHAIN, CHAIN, DILWORTH’S LEMMA, 
DIVERSITY CONDITION, ERDOS-SZEKERES THEO- 
REM, INCLUSION-EXCLUSION PRINCIPLE, KIRKMAN’S 
SCHOOLGIRL PROBLEM, KIRKMAN TRIPLE SYSTEM, 
LENGTH (PARTIAL ORDER), PARTIAL ORDER, PIGEON- 
HOLE PRINCIPLE, RAMSEY’S THEOREM, SCHRODER- 
BERNSTEIN THEOREM, SCHUR’S LEMMA, SPERNER’S 
THEOREM, TOTAL ORDER, VAN DER WAERDEN’S THE- 
OREM, WIDTH (PARTIAL ORDER) 
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Comma Derivative 


OA 
Ak = Izk = Oj A 
x. TOA k 
„k = Jk Ərk = Oj A . 


see also COVARIANT DERIVATIVE, SEMICOLON DERIV- 
ATIVE 


Comma of Didymus 
The musical interval by which four fifths exceed a sev- 
enteenth (i.e., two octaves and a major third), 


y 34 81 


to 
bo 
—, 


also called a SYNTONIC COMMA. 
see also COMMA OF PYTHAGORAS, DIESIS, SCHISMA 
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Comma of Pythagoras 
The musical interval by which twelve fifths exceed seven 
octaves, 


(3) 32 531441 
27 219 524288 


Successive CONTINUED FRACTION CONVERGENTS to 
log 2/log(3/2) give increasingly close approximations 
m/n of m fifths by n octaves as 1, 2, 5/3, 12/7, 41/24, 
53/31, 306/179, 665/389, ... (Sloane’s A005664 and 
A046102; Jeans 1968, p. 188), shown in bold in the ta- 
ble below. All near-equalities of m fifths and n octaves 
having 


= 1.013643265. 


(3)"™ gr 


R = gn = 9m-+n 


with |R — 1| < 0.02 are given in the following table. 


n Ratio 


155 1.010495356 
294 172 0.9855324037 
306 179 0.9989782832 
318 186 1.012607608 
347 203 0.9875924759 
359 210 1.001066462 
371 217 1.014724276 
400 234 0.9896568543 
412 241 1.003159005 
424 248 1.016845369 
453 265 0.9917255479 
465 272 1.005255922 
477 279 1.018970895 
289 0.9804224033 


m n Ratio m 


1.013643265 
41 24 0.9886025477 
53 31 1.002090314 
65 38 1.015762098 
94 55 0.9906690375 

106 62 1.004184997 

118 69 1.017885359 

147 86 0.9927398469 

159 93 1.006284059 

188 110 0.9814251419 

200 117 0.994814985 

212 124 1.008387509 

241 141 0.9834766286 

0.9968944607 


see also COMMA OF DIDYMUS, DIESIS, SCHISMA 
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Common Cycloid 
see CYCLOID 


Common Residue l 
The value of b, where a = 6 (mod m), taken to be Non- 
NEGATIVE and smaller than nm. 


see also MINIMAL RESIDUE, RESIDUE (CONGRUENCE) 


Commutation Coefficient 

A coefficient which gives the difference between partial 
derivatives of two coordinates with respect to the other 
coordinate, o 


ct Ey = (Za, E] = Vats — Vaca. 


see also CONNECTION COEFFICIENT 
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Commutative 
Let A denote an R-algebra, so that A is a VECTOR 


SPACE over R and 
AxXA>A 


(2, y) > xy. 
Now define 
Z={rea:a-y forsome yE AFD}, 


where 0 € Z. An ASSOCIATIVE JR-algebra is commuta- 
tive if 2 - y = y- x for all z,y € A. Similarly, a RING is 
commutative if the MULTIPLICATION operation is com- 
mutative, and a LIE ALGEBRA is commutative if the 
COMMUTATOR [A, B] is 0 for every A and B in the LIE 
ALGEBRA. 


see also ABELIAN, ASSOCIATIVE, TRANSITIVE 
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Commutative Algebra 
An ALGEBRA in which the + operators and x are COM- 
MUTATIVE. 


see also ALGEBRAIC GEOMETRY, GROBNER BASIS 
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Commutator 
Let A, B, ...be OPERATORS. Then the commutator of 
A and B is defined as 


[A,B] = AB - BA. (1) 
Let a, b, ... be constants. Identities include 
[f(x),2] = 0 (2) 
[A, A] = 0 (3) 
(A, B] = -[B, A] (4) 
(A, BC] = [4,B]C + BIA, Č] (5) 
(4B, Č] =(A,C]B + A[B,6 (6) 
[la + A,b+ B] = (A, B] (7) 
(A+ B,C + D] =[A,C] + (4, D] + [B,C] + [B, D] 


The commutator can be interpreted as the “infinitesi- 
mal” of the commutator of a LIE GROUP. 


Let A and B be TENSORS. Then 
[A,B = VaB — VBA. (9) 


see also ANTICOMMUTATOR, JACOBI IDENTITIES 


Compactness Theorem 


Compact Group 

If the parameters of a LIE GROUP vary over a CLOSED 
INTERVAL, the GROUP is compact. Every representation 
of a compact group is equivalent to a UNITARY repre- 
sentation. 


Compact Manifold 

A MANIFOLD which can be “charted” with finitely many 
EUCLIDEAN SPACE charts. The CIRCLE is the only com- 
pact 1-D MANIFOLD. The SPHERE and n-TORUS are 
the only compact 2-D MANIFOLDS. It is an open ques- 
tion if the known compact MANIFOLDS in 3-D are com- 
plete, and it is not even known what a complete list in 
4-D should look like. The following terse table there- 
fore summarizes current knowledge about the number 
of compact manifolds N(D) of D dimensions. 


D N(D) 
1 1 
2 2 


see also TYCHONOF COMPACTNESS THEOREM 


Compact Set 

The SET S is compact if, from any SEQUENCE of ele- 
ments Xı, X2, ...of S, a subsequence can always be 
extracted which tends to some limit element X of S. 
Compact sets are therefore closed and bounded. 


Compact Space 

A TOPOLOGICAL SPACE is compact if every open cover 
of X has a finite subcover. In other words, if X is the 
union of a family of open sets, there is a finite subfamily 
whose union is X. A subset A ofa TOPOLOGICAL SPACE 
X is compact if it is compact as a TOPOLOGICAL SPACE 
with the relative topology (i.e., every family of open 
sets of X whose union contains A has a finite subfamily 
whose union contains Á). 


Compact Surface 

A surface with a finite number of TRIANGLES in its TRI- 
ANGULATION. The SPHERE and TORUS are compact, 
but the PLANE and TORUS minus a DISK are not. 


Compactness Theorem 
Inside a BALL B in RŽ, 


{rectifiable currents S in BL AREA S <c, 
length 0S < c} 


is compact under the FLAT NORM. 
References 
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Companion Knot 


Companion Knot 

Let Kı be a knot inside a TORUS. Now knot the TORUS 
in the shape of a second knot (called the companion 
knot) K2. Then the new knot resulting from K is called 
the SATELLITE KNOT K3. 
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Comparability Graph 

The comparability graph of a PosET P = (X, <) is the 
GRAPH with vertex set X for which vertices x and y are 
adjacent IFF either z < y or y < z in P. 


see also INTERVAL GRAPH, PARTIALLY ORDERED SET 


Comparison Test 

Let Y ax and > by be a SERIES with POSITIVE terms 

and suppose ai < bi, az < ba, .... 

1. If the bigger series CONVERGES, then the smaller 
series also CONVERGES. 


2. If the smaller series DIVERGES, then the bigger series 
also DIVERGES. 


see also CONVERGENCE TESTS 
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Compass 

A tool with two arms joined at their ends which can 
be used to draw CIRCLES. In GEOMETRIC CONSTRUC- 
TIONS, the classical Greek rules stipulate that the com- 
pass cannot be used to mark off distances, so it must 
“collapse” whenever one of its arms is removed from 
the page. This results in significant complication in the 
complexity of GEOMETRIC CONSTRUCTIONS. 


see also CONSTRUCTIBLE POLYGON, GEOMETRIC CON- 
STRUCTION, GEOMETROGRAPHY, MASCHERONI CON- 
STRUCTION, PLANE GEOMETRY, POLYGON, PONCELET- 
STEINER THEOREM, RULER, SIMPLICITY, STEINER 
CONSTRUCTION, STRAIGHTEDGE 
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Compatible 

Let ||A|| be the MATRIX NORM associated with the MA- 
TRIX A and |ix¡| be the VECTOR NORM associated with 
a VECTOR x. Let the product Ax be defined, then ||A]| 
and ||x!| are said to be compatible if 


|Ax|| < [AI II. 
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Complement Graph 

The complement GRAPH G of G has the same VERTICES 
as G but contains precisely those two-element SUBSETS 
which are not in G. 


Complement Knot 
see KNOT COMPLEMENT 


Complement Set 
Given a set S with a subset E, the complement of £ is 
defined as 

E'=AF:FES,F EE). (1) 


If E = S, then 
E=S=0, (2) 


where Ø is the EMPTY SET. Given a single SET, the 
second PROBABILITY AXIOM gives 


1 = P(S)= P(EUE’). (3) 
Using the fact that EN E' = ©, 
1 = P(E)+ P(E’) (4) 


P(E') =1-— P(E). (5) 


This demonstrates that 


P(S’') = P(@) =1-P(S)=1-1=0. (6) 


Given two SETS, 


P(E” F') = P(E) — P(E F) (7) 
PE'NF)=1-P(E)-P(P+P(ENF). (8) 


Complementary Angle 

Two ANGLES a and 7/2 — a are said to be complemen- 
tary. 

see also ANGLE, SUPPLEMENTARY ANGLE 


Complete 


see COMPLETE AXIOMATIC THEORY, COMPLETE BI- 
GRAPH, COMPLETE FUNCTIONS, COMPLETE GRAPH, 
COMPLETE QUADRANGLE, COMPLETE QUADRILAT- 
ERAL, COMPLETE SEQUENCE, COMPLETE SPACE, 
COMPLETENESS PROPERTY, WEAKLY COMPLETE SE- 
QUENCE 


Complete Axiomatic Theory 

An axiomatic theory (such as a GEOMETRY) is said to be 
complete if each valid statement in the theory is capable 
of being proven true or false. 


see also CONSISTENCY 


2? S/#in 
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Fig. 10-3. Construction details. 


How It Works 

As indicated in the schematic diagram (Fig. 10-2), this solid 
state automotive regulator uses a minimum of components to 
achieve high performance without sacrificing reliability. The heart 
of the unit is the LM723 precision voltage regulator IC, which is 
internally temperature compensated. This integrated circuit is 
connected as a switching type regulator to control current flow to 
the field of the alternator. Resistor R2 is adjusted to maintain a 
system voltage of 13.8 volts, the fully charged voltage of most 
standard car batteries. 

If the alternator tries to produce a voltage above the set level, 
the LM723 turns off the pass transistor, Q1, thereby cutting off 
field excitation in the alternator. When this happens, the output 
voltage from the alternator begins to drop. As soon as the output 
level drops below 13.8 volts, the regulator turns the field current 
back on toraise the output voltage. This cycle is repeated hundreds 
of times a second to maintain the alternator's output voltage pre- 
cisely at the set level. 

The external pass transistor, Q1, is required to handle the 
large field current of most alternators (approximately 3 amps), 
since the LM723 has a maximum output current capability of 150 
mA. 


Construction Details 


The solid state voltage regulator may be built in a small 
minibox (2-%"" x 2-Ya” x 1-56”) as shown in Fig. 10-3. Transistor 


445 


284 Complete Bigraph 


Complete Bigraph 
see COMPLETE BIPARTITE GRAPH 


Complete Bipartite Graph 


A BIPARTITE GRAPH (i.e., a set of VERTICES decom- 
posed into two disjoint sets such that there are no two 
VERTICES within the same set are adjacent) such that 
every pair of VERTICES in the two sets are adjacent. If 
there are p and q VERTICES in the two sets, the complete 
bipartite graph (sometimes also called a COMPLETE BI- 
GRAPH) is denoted Kp q. The above figures show K3 2 
and Kas. 


see also BIPARTITE GRAPH, COMPLETE GRAPH, 
COMPLETE k-PARTITE GRAPH, k-PARTITE GRAPH, 
THOMASSEN GRAPH, UTILITY GRAPH 


References 
Saaty, T. L. and Kainen, P. C. The Four-Color Problem: 
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Complete Functions 

A set of ORTHONORMAL FUNCTIONS @n(z) is termed 
complete in the CLOSED INTERVAL z € [a, b] if, for every 
piecewise CONTINUOUS FUNCTION f(z) in the interval, 
the minimum square error 


En = ||f —(cidi +... + Enn)? 


(where || denotes the NORM) converges to zero as n be- 
comes infinite. Symbolically, a set of functions is com- 
plete if 


2 


b m 
sim, f Fx) or ` AnÓn (x) w(x) dx = 0, 
S n=0 


where w(x) is a WEIGHTING FUNCTION and the above 
is a LEBESGUE INTEGRAL. 


see also BESSEL’S INEQUALITY, HILBERT SPACE 


References 

Arfken, G. “Completeness of Eigenfunctions.” §9.4 in Mathe- 
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Complete Graph 


Complete Graph 


K; K, 
A GRAPH in which each pair of VERTICES is connected 
by an EDGE. The complete graph with n VERTICES is 


denoted K,. In older literature, complete GRAPHS are 
called UNIVERSAL GRAPHS. 


K4 is the TETRAHEDRAL GRAPH and is therefore a PLA- 
NAR GRAPH. Ks is nonplanar. Conway and Gordon 
(1983) proved that every embedding of Ke is INTRINSI- 
CALLY LINKED with at least one pair of linked triangles. 
They also showed that any embedding of K7 contains a 
knotted HAMILTONIAN CYCLE. 


The number of EDGES in K, is v(v — 1)/2, and the 
GENUS is (v — 3} (v — 4}/12 for v > 3. The number of dis- 
tinct variations for K, (GRAPHS which cannot be trans- 
formed into each other without passing nodes through 
an EDGE or another node) for n = 1, 2,... are 1, 1, 1, 
1, 1, 1, 6, 3, 411, 37, .... The ADJACENCY MATRIX of 
the complete graph takes the particularly simple form 
of all 1s with Os on the diagonal. 


It is not known in general if a set of TREES with 1, 2,..., 
n — 1 EDGES can always be packed into Kn. However, 
if the choice of TREES is restricted to either the path or 
star from each family, then the packing can always be 
done (Zaks and Liu 1977, Honsberger 1985). 
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Complete k-Partite Graph 


Complete k-Partite Graph 


A k-PARTITE GRAPH (i.e., a set of VERTICES decom- 
posed into k disjoint sets such that no two VERTICES 
within the same set are adjacent) such that every pair 
of VERTICES in the k sets are adjacent. If there are 
P, q, --., T VERTICES in the k sets, the complete k- 
partite graph is denoted Ko,q,.....- The above figure 
shows Ka 3.5. 

see also COMPLETE GRAPH, COMPLETE k-PARTITE 
GRAPH, k-PARTITE GRAPH 


References 
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Complete Metric Space 

A complete metric space is a METRIC SPACE in which 
every CAUCHY SEQUENCE is CONVERGENT. Examples 
include the REAL NUMBERS with the usual metric and 
the p-ADIC NUMBERS. 


Complete Permutation 
see DERANGEMENT 


Complete Quadrangle 

If the four points making up a QUADRILATERAL are 
joined pairwise by six distinct lines, a figure known as 
a complete quadrangle results. Note that a complete 
quadrilateral is defined differently from a COMPLETE 
QUADRANGLE. 


The midpoints of the sides of any complete quadrangle 
and the three diagonal points all lie on a CONIC known 
as the NINE-POINT CONIC. If it is an ORTHOCENTRIC 
QUADRILATERAL, the CONIC reduces to a CIRCLE. The 
ORTHOCENTERS of the four TRIANGLES of a complete 
quadrangle are COLLINEAR on the RADICAL LINE of the 
CIRCLES on the diameters of a QUADRILATERAL. 


see also COMPLETE QUADRANGLE, PTOLEMY’S THEO- 
REM 
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Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 61-62, 1929. 

Ogilvy, C. S. Excursions in Geometry. New York: Dover, 
pp. 101-104, 1990. 


Complete Quadrilateral 

The figure determined by four lines and their six points 
of intersection (Johnson 1929, pp. 61-62). Note that 
this is different from a COMPLETE QUADRANGLE. The 
midpoints of the diagonals of a complete quadrilateral 
are COLLINEAR (Johnson 1929, pp. 152-153). 


A theorem due to Steiner (Mention 1862, Johnson 1929, 
Steiner 1971) states that in a complete quadrilateral, the 
bisectors of angles are CONCURRENT at 16 points which 
are the incenters and EXCENTERS of the four TRIAN- 
GLES. Furthermore, these points are the intersections of 
two sets of four CIRCLES each of which is a member of 
a conjugate coaxal system. The axes of these systems 
intersect at the point common to the CIRCUMCIRCLES 
of the quadrilateral. 


see also COMPLETE QUADRANGLE, GAUSS-BODENMIL- 
LER THEOREM, POLAR CIRCLE 
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Complete Residue System 
A set of numbers ao, a1, ..., Gm-1 (mod m) form a 


complete set of residues if they satisfy 


a; = i (mod m) 


fori = 0, 1, ..., m — 1. In other words, a complete 
system of residues is formed by a base and a modulus if 
the residues r; in b = r; (mod m) fori=1,...,m-—1 


run through the values 1, 2, ...,m-— 1. 


see also HAUPT-EXPONENT 


Complete Sequence 

A SEQUENCE of numbers V = {vn} is complete if every 
POSITIVE INTEGER n is the sum of some subsequence of 
V, i.e., there exist a; = 0 or 1 such that 


oo 
n= y Qili 
¿i=1 


(Honsberger 1985, pp. 123-126). The FIBONACCI NUM- 
BERS are complete. In fact, dropping one number still 
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leaves a complete sequence, although dropping two num- 
bers does not (Honsberger 1985, pp. 123 and 126). The 
SEQUENCE of PRIMES with the element {1} prepended, 


{1,2,3,5,7, 11,13, 17,19, 23,...} 


is complete, even if any number of PRIMES each > 7 are 
dropped, as long as the dropped terms do not include 
two consecutive PRIMES (Honsberger 1985, pp. 127- 
128). This is a consequence of BERTRAND’S POSTU- 
LATE. 


see also BERTRAND’S POSTULATE, BROWN’S CRI- 
TERION, FIBONACCI DUAL THEOREM, GREEDY AL- 
GORITHM, WEAKLY COMPLETE SEQUENCE, ZECK- 
ENDORF’S THEOREM 
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Hoggatt, V. E. Jr.; Cox, N.; and Bicknell, M. “A Primer for 
Fibonacci Numbers. XII.” Fib. Quart. 11, 317-331, 1973. 

Honsberger, R. Mathematical Gems III. Washington, DC: 
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Complete Space 
A SPACE of COMPLETE FUNCTIONS. 


see also COMPLETE METRIC SPACE 


Completely Regular Graph 

A POLYHEDRAL GRAPH is completely regular if the 
DUAL GRAPH is also REGULAR. There are only five 
types. Let p be the number of EDGES at each node, p* 
the number of EDGES at each node of the DUAL GRAPH, 
V the number of VERTICES, E the number of EDGES, 
and F the number of faces in the PLATONIC SOLID cor- 
responding to the given graph. The following table sum- 
marizes the completely regular graphs. 


Tetrahedral 
Cubical 


Dodecahedral 
Octahedral 
Icosahedral 


Completeness Property 
All lengths can be expressed as REAL NUMBERS. 


Completing the Square 
The conversion of an equation of the form az” + br + c 


to the form 
bye b? 
a(t zs) + (2), 


which, defining B = b/2a and C = c — b? /4a, simplifies 
to 
a(x + BJ +C. 


Complex Analysis 


Complex 
A finite SET of SIMPLEXES such that no two have a 
common point. A 1-D complex is called a GRAPH. 


see also CW-COMPLEX, SIMPLICIAL COMPLEX 


Complex Analysis 

The study of COMPLEX NUMBERS, their DERIVATIVES, 
manipulation, and other properties. Complex analysis is 
an extremely powerful tool with an unexpectedly large 
number of practical applications to the solution of phys- 
ical problems. CONTOUR INTEGRATION, for example, 
provides a method of computing difficult INTEGRALS by 
investigating the singularities of the function in regions 
of the COMPLEX PLANE near and between the limits of 
integration. 


The most fundamental result of complex analysis is the 
CAUCHY-RIEMANN EQUATIONS, which give the condi- 
tions a FUNCTION must satisfy in order for a com- 
plex generalization of the DERIVATIVE, the so-called 
COMPLEX DERIVATIVE, to exist. When the COMPLEX 
DERIVATIVE is defined “everywhere,” the function is 
said to be ANALYTIC. A single example of the unex- 
pected power of complex analysis is PICARD’S THEO- 
REM, which states that an ANALYTIC FUNCTION as- 
sumes every COMPLEX NUMBER, with possibly one ex- 
ception, infinitely often in any NEIGHBORHOOD of an 
ESSENTIAL SINGULARITY! 


see also ANALYTIC CONTINUATION, BRANCH CUT, 
BRANCH POINT, CAUCHY INTEGRAL FORMULA, CAU- 
CHY INTEGRAL THEOREM, CAUCHY PRINCIPAL VALUE, 
CAUCHY-RIEMANN EQUATIONS, COMPLEX NUMBER, 
CONFORMAL MAP, CONTOUR INTEGRATION, DE 
MOIVRE’S IDENTITY, EULER FORMULA, [NSIDE- 
OUTSIDE THEOREM, JORDAN’S LEMMA, LAURENT SE- 
RIES, LIOUVILLE’S CONFORMALITY THEOREM, MONO- 
GENIC FUNCTION, MORERA’S THEOREM, PERMANENCE 
OF ALGEBRAIC FORM, PICARD’S THEOREM, POLE, 
POLYGENIC FUNCTION, RESIDUE (COMPLEX ANALY- 
SIS) 
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Complex Conjugate 


Complex Conjugate 

The complex conjugate of a COMPLEX NUMBER z = 
a-+bi is defined to be z* = a—bi. The complex conjugate 
is ASSOCIATIVE, (z1 +22)" = 21" + 22”, since 


(ar + byt)” + (a2 + bai)" = ay — ibı + a2 — ibe 
= (a1 = ibi) + (az = 1b2) 
= (a1 +b1) + (a2 + b2)", 


and DISTRIBUTIVE, (z122)" = 21° 22", since 


(ai + bii) (az + b2i)]* = [(a1a2 — b1b2) + i(arbe + azb1)]" 
= (a a2 — bib2) — i(a1b2 + a2b1) 
= (a1 — ib, ){a2 — ib2) 
= (a; + 1b1)'(a2 + ibe)”. 
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Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
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Complex Derivative 

A DERIVATIVE of a COMPLEX function, which must sat- 
isfy the CAUCHY-RIEMANN EQUATIONS in order to be 
COMPLEX DIFFERENTIABLE. 


see also CAUCHY-RIEMANN EQUATIONS, COMPLEX 
DIFFERENTIABLE, DERIVATIVE 


Complex Differentiable 

If the CAUCHY-RIEMANN EQUATIONS are satisfied for a 
function f(x) = u(x)++v(x) and the PARTIAL DERIVA- 
TIVES of u(x) and v(x) are CONTINUOUS, then the COM- 
PLEX DERIVATIVE df /dz exists. 

see also ANALYTIC FUNCTION, CAUCHY-RIEMANN 


EQUATIONS, COMPLEX DERIVATIVE, PSEUDOANALYTIC 
FUNCTION 


Complex Function 
A FUNCTION whose RANGE is in the COMPLEX NUM- 
BERS is said to be a complex function. 


see also REAL FUNCTION, SCALAR FUNCTION, VECTOR 
FUNCTION 


Complex Matrix 
A MATRIX whose elements may contain COMPLEX NUM- 
BERS. The MATRIX PRODUCT of two 2 x 2 complex 
matrices is given by 


211 t Yit 12+ yi2t uii +V? U2 + U121 
£21 + yoit G22 + yoot| | U21 t+ v2it U22 + V221 


a Rit Ri bg hı hz 
Ro Rz la Lal” 
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where 


Ray = 4117211 + 421712 — U11Y11 — U21Y12 
R12 = 412711 + U22712 — Vi2Y11 — V22Y12 
Ray = 41121 + U21T22 — V1i1Y21 — V21Y22 
Roe = U12%21 + U2eF22 — UL2Y21 — V22Y22 
Thy = 011211 + U1T%12 + U11Y11 + 421412 
Lig = U12T11 + U22%12 + U12Y11 + U22Y12 
L21 = V11%21 + V21022 + U11Y21 + U21Y22 


fon = U1221 + V22£%22 + U12Y21 + U22Y22- 
see also REAL MATRIX 


Complex Multiplication 
Two COMPLEX NUMBERS x = a + ib and y = c+ td are 
multiplied as follows: 


xy = (a+ ib)(c + id) = ac + ibc + iad — bd 
= (ac — bd) + ¿(ad + be). 


However, the multiplication can be carried out using 
only three REAL multiplications, ac, bd, and (a+b)(c+d) 
as 


Ri(a + ib)(c + éd)] = ac — bd 
S[(a + ib)(c + id)] = (a + bj(c + d) — ac — bd. 


Complex multiplication has a special meaning for EL- 
LIPTIC CURVES. 


see also COMPLEX NUMBER, ELLIPTIC CURVE, IMAGI- 
NARY PART, MULTIPLICATION, REAL PART 
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Complex Number 

The complex numbers are the FIELD C of numbers of the 
form z + iy, where x and y are REAL NUMBERS and ? is 
the IMAGINARY NUMBER equal to y—1. When a single 
letter z = z + iy is used to denote a complex number, it 
is sometimes called an “AFFIX.” The FIELD of complex 
numbers includes the FIELD of REAL NUMBERS as a 
SUBFIELD. 


Through the EULER FORMULA, a complex number 
z=x+1y (1) 
may be written in “PHASOR” form 
z = |z|(cos ð + ¿sin 0) = Izle. (2) 


Here, |z| is known as the MODULUS and @ is known as 
the ARGUMENT or PHASE. The ABSOLUTE SQUARE of 
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z is defined by |z|? = 22", and the argument may be 
computed from 


arg(z) = 0 = tan”? (2) . (3) 


DE MOIVRE’S IDENTITY relates POWERS of complex 
numbers 


z” = |z|"[cos(n6) + ¿sin(n6)). (4) 


Finally, the REAL R(z) and IMAGINARY PARTS S(2) are 
given by 


R(z) =3(2+2") (5) 


EN —ši(z — z*) = żi(z* — z). (6) 


The POWERS of complex numbers can be written in 
closed form as follows: 


The first few are explicitly 


z= (a — y") + i(2ay) (8) 
z? = (£? — 3xy”) +1(32 y — y”) (9) 
z* = (zf — 60 y +y*) + ¿(42 y — 4ey?) (10) 


z” = (a — 100 y” + 52y*) + 1(52*y — 10x7y? + y?) 


(11) 


(Abramowitz and Stegun 1972). 


see also ABSOLUTE SQUARE, ARGUMENT (COMPLEX 
NUMBER), COMPLEX PLANE, I, IMAGINARY NUMBER, 
MODULUS, PHASE, PHASOR, REAL NUMBER, SURREAL 
NUMBER 
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Complex Structure 


Complex Plane 


Imaginary 


Real 


The plane of COMPLEX NUMBERS spanned by the vec- 
tors 1 and 2, where 2 is the IMAGINARY NUMBER. Every 
COMPLEX NUMBER corresponds to a unique POINT in 
the complex plane. The LINE in the plane with i = 0 is 
the REAL LINE. The complex plane is sometimes called 
the ARGAND PLANE or GAUSS PLANE, and a plot of 
COMPLEX NUMBERS in the plane is sometimes called 
an ÁRGAND DIAGRAM. 


see also ÁFFINE COMPLEX PLANE, ÁRGAND DIAGRAM, 
ARGAND PLANE, BERGMAN SPACE, COMPLEX PROJEC- 
TIVE PLANE 
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Complex Projective Plane 

The set IP” is the set of all EQUIVALENCE CLASSES 
[a,b,c] of ordered triples (a,b,c) € C*\(0,0,0) under 
the equivalence relation (a,b,c) ~ (a’,b’,c’) if (a,b,c) = 
(Aa’, Ab’, Ac’) for some NONZERO COMPLEX NUMBER A. 


Complex Representation 
see PHASOR 


Complex Structure 
The complex structure of a point x = 71,72 in the 
PLANE is defined by the linear MAP J: R? > R? 


J(x1, %2) = (—22,21), 


and corresponds to a clockwise rotation by 7/2. This 
map satisfies | 


J? =-I 
(Jx) - (Jy) =x-y 
(Jx)-x=0, 


where I is the IDENTITY MAP. 


More generally, if V is a 2-D VECTOR SPACE, a linear 
map J: V > V such that J? = —I is called a complex 
structure on V. If V = R?, this collapses to the previous 
definition. 
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Complexity (Number) 


Complexity (Number) 

The number of 1s needed to represent an INTEGER us- 
ing only additions, multiplications, and parentheses are 
called the integer’s complexity. For example, 


ic 
Z= LA 1 
sas 


4=(14+1)11+1 =14141+41 
5=(1+1)1+1)+1=14+14+14+1+1 
6=(14+1041+1) 
7=(14+D01+1+1)+1 
8=(1+D4+D0+1) 
9=(1+1+D(1+1+1) 
10=(1+1+D01+1+1)+1 
=(141)1414+14141)) 


So, for the first few n, the complexity is 1, 2, 3, 4, 5, 5, 
6, 6, 6, 7, 8, 7, 8, ... (Sloane’s A005245). 
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Complexity (Sequence) 
see BLOCK GROWTH 


Complexity Theory 

Divides problems into “easy” and “hard” categories. 
A problem is easy and assigned to the P-PROBLEM 
(POLYNOMIAL time) class if the number of steps needed 
to solve it is bounded by some POWER of the prob- 
lem's size. A problem is hard and assigned to the NP- 
PROBLEM (nondeterministic POLYNOMIAL time) class if 
the number of steps is not bounded and may grow ex- 
ponentially. 


However, if a solution is known to an NP-PROBLEM, it 
can be reduced to a single period verification. A prob- 
lem is NP-COMPLETE if an ALGORITHM for solving it 
can be translated into one for solving any other NP- 
PROBLEM. Examples of NP-COMPLETE PROBLEMS in- 
clude the HAMILTONIAN CYCLE and TRAVELING SALES- 
MAN PROBLEMS. LINEAR PROGRAMMING, thought to 
be an NP-PROBLEM, was shown to actually be a P- 
PROBLEM by L. Khachian in 1979. It is not known if all 
apparently NP-PROBLEMS are actually P-PROBLEMS. 
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see also BIT COMPLEXITY, NP-COMPLETE PROBLEM, 
NP-PROBLEM, P-PROBLEM 
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Component 
A GROUP L is a component of H if L is a QUASISIMPLE 
GROUP which is a SUBNORMAL SUBGROUP of H. 


see also GROUP, QUASISIMPLE GROUP, SUBGROUP, 
SUBNORMAL 


Composite Knot 
A KNOT which is not a PRIME KNOT. Composite knots 
are special cases of SATELLITE KNOTS. 


see also KNOT, PRIME KNOT, SATELLITE KNOT 


Composite Number 
A POSITIVE INTEGER which is not PRIME (i.e., which 
has FACTORS other than 1 and itself). 


A composite number C can always be written as a 
PRODUCT in at least two ways (since 1 - C is always 
possible). Call these two products 


C = ab = cd, (1) 


then it is obviously the case that Clab (C divides ab). 
Set 
c= mn, (2) 


where m is the part of C which divides a, and n the part 


of C which divides n. Then there are p and q such that 


a = mp (3) 
b = nq. (4) 
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Solving ab = cd for d gives 


Po IO so, (5) 
c mn 


It then follows that 
S=a r pelad 
= mp” + nq $ mn + pg 
= (m? + q" )(n* + p°). (6) 


It therefore follows that a? +b? +c* +d? is never PRIME! 
In fact, the more general result that 


Saa 4h dd 40 (7) 


is never PRIME for k an INTEGER > 0 also holds (Hons- 
berger 1991). 


There are infinitely many integers of the form |(3/2)” | 
and |(4/3)”| which are composite, where |x| is the 
FLOOR FUNCTION (Forman and Shapiro, 1967; Guy 
1994, p. 220). The first few composite |(3/2)"} occur 
for n = 8, 9, 10, 11, 12, 13, 14, 15, 16, 17, 18, 19, 20, 
23, ..., and the the few composite |(4/3)”] occur for 
n = 5, 8, 13, 14, 15, 16, 17, 18, 19, 20, 21, 22,.... 

see also AMENABLE NUMBER, GRIMM’S CONJECTURE, 
HIGHLY COMPOSITE NUMBER, PRIME FACTORIZATION 
PRIME GAPS, PRIME NUMBER 
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Composite Runs 
see PRIME GAPS 


Compositeness Certificate 

A compositeness certificate is a piece of information 
which guarantees that a given number p is COMPOSITE. 
Possible certificates consist of a FACTOR of a number 
(which, in general, is much quicker to check by direct 
division than to determine initially), or of the determi- 
nation that either 


aP=* #1 (mod p), 
(i.e., p violates FERMAT’S LITTLE THEOREM), or 
a A —1,1 and a? =1 (mod p). 


A quantity a satisfying either property is said to be a 
WITNESS to p’s compositeness. 

see also ADLEMAN-POMERANCE-RUMELY PRIMALITY 
TEST, FERMAT’S LITTLE THEOREM, MILLER’S PRI- 
MALITY TEST, PRIMALITY CERTIFICATE, WITNESS 


Composition Theorem 


Compositeness Test 

A test which always identifies PRIME numbers correctly, 
but may incorrectly identify a COMPOSITE NUMBER as 
a PRIME. 


see also PRIMALITY TEST 


Composition 

The combination of two FUNCTIONS to form a single new 
OPERATOR. The composition of two functions f and g 
is denoted f o g and is defined by 


f °g = flglz)) 


when f and g are both functions of z. 


An operation called composition is also defined on BI- 
NARY QUADRATIC FORMS. For two numbers repre- 
sented by two forms, the product can then be repre- 
sented by the composition. For example, the composi- 
tion of the forms 2x* + 15y* and 3z? + 10y° is given by 
6z? + 5y*, and in this case, the product of 17 and 13 
would be represented as (6 -36 + 5-1 = 221). There 
are several algorithms for computing binary quadratic 
form composition, which is the basis for some factoring 
methods. 


see also ADEM RELATIONS, BINARY OPERATOR, BI- 
NARY QUADRATIC FORM 


Composition Series 

Every FINITE GROUP G of order greater than one pos- 
sesses a finite series of SUBGROUPS, called a composition 
series, such that 


ICH,c...C H2C HCG, 


where H;41 is a maximal subgroup of H;. The Quo- 
TIENT GROUPS G/H,, Hi/H2, ..., Hs-1/Hs, Hs are 
called composition quotient groups. 

see also FINITE GROUP, JORDAN-HOLDER THEOREM, 
QUOTIENT GROUP, SUBGROUP 
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Composition Theorem 


Let 
Qle,y) =z + y. 
Then 
Q(z, y)Q(z’, y) = Q(x — yy’, 1 y + zy’), 
since 


(x? + y)? + y?) = (2x0 — yy Y + (uy +2 y) 
— qe q? + yy” +a*y + ay”. 


see also GENUS THEOREM 


Compound Interest 


Compound Interest 

Let P be the PRINCIPAL (initial investment), r be the 
annual compounded rate, ¿? the “nominal rate,” n be 
the number of times INTEREST is compounded per year 
(i.e., the year is divided into n CONVERSION PERIODS), 
and t be the number of years (the “term”). The INTER- 
EST rate per CONVERSION PERIOD is then 


r= —. (1) 


If interest is compounded n times at an annual rate of r 
(where, for example, 10% corresponds to r = 0.10}, then 
the effective rate over 1/n the time (what an investor 
would earn if he did not redeposit his interest after each 
compounding) is 

a+r)”. (2) 


The total amount of holdings A after a time t when 
interest is re-invested is then 


(ny \ 
a=p(1 5) = P(1+r)”, (3) 


Note that even if interest is compounded continuously, 
the return is still finite since 


Iy” 
lim (1 =) =e, > 
im (1+ — e (4) 


n—+00 


where e is the base of the NATURAL LOGARITHM. 


The time required for a given PRINCIPAL to double (as- 
suming n = 1 CONVERSION PERIOD) is given by solving 


2P=P(1+rY, (5) 
di In 2 
= In(1+r)’ (6) 


where LN is the NATURAL LOGARITHM. This function 
can be approximated by the so-called RULE OF 72: 


t= —. (7) 


see also e, INTEREST, LN, NATURAL LOGARITHM, PRIN- 
CIPAL, RULE OF 72, SIMPLE INTEREST 
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Compound Polyhedron 
see POLYHEDRON COMPOUND 


Computability 
see COMPLEXITY THEORY 
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Computable Function 

Any computable function can be incorporated into a 
PROGRAM using while-loops (i.e., “while something is 
true, do something else”). For-loops (which have a fixed 
iteration limit) are a special case of while-loops, so com- 
putable functions could also be coded using a combina- 
tion of for- and while-loops. The ACKERMANN FUNC- 
TION is the simplest example of a well-defined TOTAL 
FUNCTION which is computable but not PRIMITIVE RE- 
CURSIVE, providing a counterexample to the belief in 
the early 1900s that every computable function was also 
primitive recursive (Dótzel 1991). 


see also ACKERMANN FUNCTION, CHURCH’S THESIS, 
COMPUTABLE NUMBER, PRIMITIVE RECURSIVE FUNC- 
TION, TURING MACHINE 
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Computable Number 

A number which can be computed to any number of 
DIGITS desired by a TURING MACHINE. Surprisingly, 
most IRRATIONALS are not computable numbers! 
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Computational Complexity 
see COMPLEXITY THEORY 


Concatenated Number Sequences 
see CONSECUTIVE NUMBER SEQUENCES 


Concatenation 

The concatenation of two strings a and bis the string ab 
formed by joining a and 6. Thus the concatenation of 
the strings “book” and “case” is the string “bookcase”. 
The concatenation of two strings a and b is often de- 
noted ab, a||b, or (in Mathematica? (Wolfram Research, 
Champaign, IL) a <> 6. Concatenation is an asso- 
ciative operation, so that the concatenation of three or 
more strings, for example abc, abcd, etc., is well-defined. 


The concatenation of two or more numbers is the num- 
ber formed by concatenating their numerals. For exam- 
ple, the concatenation of 1, 234, and 5678 is 12345678. 
The value of the result depends on the numeric base, 
which is typically understood from context. 


The formula for the concatenation of numbers p and q 
in base 6 is 
l 
pilq = pb? + q, 


where 
(q) = log, q] PI 


is the LENGTH of q in base b and |z] is the FLOOR 
FUNCTION. 
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see also CONSECUTIVE NUMBER SEQUENCES, LENGTH 
(NUMBER), SMARANDACHE SEQUENCES 


Concave 


CONCAVE CONVEX 


A SET in R® is concave if it does not contain all the 
LINE SEGMENTS connecting any pair of its points. If 
the SET does contain all the LINE SEGMENTS, it is called 
CONVEX. 


see also CONNECTED SET, CONVEX FUNCTION, CON- 
VEX HULL, CONVEX OPTIMIZATION THEORY, CONVEX 
POLYGON, DELAUNAY TRIANGULATION, SIMPLY CON- 
NECTED 


Concave Function 
A function f(x) is said to be concave on an interval fa, b] 
if, for any points xı and Z2 in [a,b], the function — f(x) 
is CONVEX on that interval. If the second DERIVATIVE 
of f 

f(x) > 0, 


on an open interval (a,b) (where f”(x) is the second 
DERIVATIVE), then f is concave up on the interval. If 


f(x) <0 


on the interval, then f is concave down on it. 
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Concentrated 

Let u be a POSITIVE MEASURE on a SIGMA ALGEBRA 
M, and let A be an arbitrary (real or complex) MEASURE 
on M. If there is a SET A € M such that A(E) = 
AAN E) for every E € M, then lambda is said to be 
concentrated on A. This is equivalent to requiring that 
A(E) = 0 whenever EN A= Ø. 


see also ABSOLUTELY CONTINUOUS, MUTUALLY SINGU- 
LAR 
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Concentric | 

Two geometric figures are said to be concentric if their 
CENTERS coincide. The region between two concentric 
CIRCLES is called an ANNULUS. 


see also ANNULUS, CONCENTRIC CIRCLES, CONCYCLIC, 
ECCENTRIC 


Conchoid 


Concentric Circles 
The region between two CONCENTRIC circles of different 
RADII is called an ANNULUS. 


Given two concentric circles with RADII R and 2R, what 
is the probability that a chord chosen at random from 
the outer circle will cut across the inner circle? Depend- 
ing on how the “random” CHORD is chosen, 1/2, 1/3, or 
1/4 could all be correct answers. 


1. Picking any two points on the outer circle and con- 
necting them gives 1/3. 


2. Picking any random point on a diagonal and then 
picking the CHORD that perpendicularly bisects it - 
gives 1/2. 

3. Picking any point on the large circle, drawing a line 
to the center, and then drawing the perpendicularly 
bisected CHORD gives 1/4. | 


So some care is obviously needed in specifying what is 
meant by “random” in this problem. 


Given an arbitrary CHORD BB’ to the larger of two 
concentric CIRCLES centered on O, the distance be- 
tween inner and outer intersections is equal on both 
sides (AB = A'B'). To prove this, take the PERPEN- 
DICULAR to BB’ passing through O and crossing at P. 
By symmetry, it must be true that PA and PA’ are 
equal. Similarly, PB and PB’ must be equal. There- 
fore, PB — PA = AB equals PB’ — PA' = A'P'. Inci- 
dentally, this is also true for HOMEOIDS, but the proof 
is nontrivial. 


see also ANNULUS 


Concho-Spiral 


The SPACE CURVE with parametric equations 


| 
g 


see also CONICAL SPIRAL, SPIRAL 


Conchoid 

A curve whose name means “shell form.” Let C be a 
curve and O a fixed point. Let P and P’ be points 
on a line from O to C meeting it at Q, where P'Q = 
QP = k, with k a given constant. For example, if C is a 
CIRCLE and O is on C, then the conchoid is a LIMACON, 
while in the special case that k is the DIAMETER of C, 


Conchoid of de Sluze 


then the conchoid is a CARDIOID. The equation for a 
parametrically represented curve (f(t), g(t)) with O = 
(Zo, yo) is | 


(f — £0)? + (9 — yo)? 
= k(g — yo) 
y=9 


ED a 
y (F — 20)? + (g — yo)” 


see also CONCHO-SPIRAL, CONCHOID OF DE SLUZE, 
CONCHOID OF NICOMEDES, CONICAL SPIRAL, DURER'S 
CONCHOID 
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Conchoid of de Sluze 


A curve first constructed by René de Sluze in 1662. In 
CARTESIAN COORDINATES, 


a(x — a)(x? + y?) = k’r?, 
and in POLAR COORDINATES, 


k? cos 6 
r= + asec@. 
a 


The above curve has k?/a = 1, a = —0.5. 


Conchoid of Nicomedes 


fee 


A curve studied by the Greek mathematician Nicomedes 
in about 200 BC, also called the COCHLOID. It is the 
Locus of points a fixed distance away from a line as 
measured along a line from the FOCUS point (MacTutor 
Archive). Nicomedes recognized the three distinct forms 
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seen in this family. This curve was a favorite with 17th 
century mathematicians and could be used to solve the 
problems of CUBE DUPLICATION and ANGLE TRISEC- 
TION. 


In POLAR COORDINATES, 
r=b+asecé. (1) 
In CARTESIAN COORDINATES, 
(x-a) (s? +y) = ba. (2) 


The conchoid has x = a as an asymptote and the ÁREA 
between either branch and the ASYMPTOTE is infinite. 
The ÁREA of the loop is 


Sh? n2 
A = ay b? — a? — 2ab ln (E) 
a 
+ b? cos GE (3) 


see also CONCHOID 
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Concordant Form 
A concordant form is an integer TRIPLE (a,b, N) where 


a? + b? = e? 
a + Nb’ = d’, 


with c and d integers. Examples include 


{ 146637 + 111384? = 112345? 

14663? + 47 - 111384? = 763751? 

{ 1141? + 13260? = 13309? 
1141? + 53 - 13260? = 96541? 

{ 2873161? + 24010807 = 3744361? 
2873161? + 83 - 24010807 = 220627617. 


Dickson (1962) states that C. H. Brooks and S. Watson 
found in The Ladies? and Gentlemen's Diary (1857) that 
r? + y? and z? + Ny? can be simultaneously squares for 
N < 100 only for 1, 7, 10, 11, 17, 20, 22, 23, 24, 27, 
30, 31, 34, 41, 42, 45, 49, 50, 52, 57, 58, 59, 60, 61, 
68, 71, 72, 74, 76, 77, 79, 82, 85, 86, 90, 92, 93, 94, 97, 


Q1 is mounted on top of the minibox, which is used as a heat sink. 
Insulate the transistor from the metal case using a TO-3 transistor 
socket and mica washer kit. This is necessary to prevent the 
transistor’s case (collector) from shorting to ground. 

A barrier type terminal strip (3 terminal) is used to bring the 
BATT, GND and FIELD connections out. If a relay is required (see 
installation details), you may elect to construct the unit in a larger 
minibox to house the relay. Also, a six terminal barrier strip will 
then be required to make external connections to the relay. 

In some installations, depending on the mounting location of 
the regulator, you may want to seal the enclosure for moisture 
protection. However, if the mounting location under the hood is 
carefully chosen, this should not be a problem. 

The external pass transistor is not critical and almost any 10 
amp, PNP transistor will be adequate. However plan to use only a 
DIP version of the LM723 and not the T0-5 version. The reason for 
this is that the DIP version has an internal reference zener diode 
(Vz) and the T0-5 version does not. The T0-5 may be used, but you 
will have to add an external zener reference diode. Also, the 
printed circuit board layout (Fig 10-4) has been designed for the 
DIP version. 


How to Install Your Electronic Regulator 

First, try to obtain a copy of the schematic diagram for your 
automotive electrical system. Most local libraries will have au- 
tomotive manuals containing this type of information. You should 
become thoroughly familiar with this diagram before proceeding 
with the installation. 

Referring to Figs. 10-5 through 10-8, determine which system 
best fits your own car. Four basic types of alternator systems are 
illustrated: Ford/Autolite, Delcotron/GM, Motorola/AMC, and 
the Chrysler/Plymouth system with an ammeter. With the excep- 
tion of Chrysler/Plymouth, most systems will require an external 
relay to maintain the alternator charge indicator light function. 
However, if you install an external ammeter you can eliminate the 
requirement of the relay. Simply connect the regulator as shown in 
Fig. 10-5. 

The next step is to find a suitable location under the hood to 
mount the electronic regulator. Preferably, this location should be 
near the battery and away from areas subject to moisture or exces- 
sive heat. 

Disconnect the old regulator and mark each of the connecting 
wires for future reference, and use crimp-on connectors to connect 
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99, and 100 (which evidently omits 47, 53, and 83 from 
above). The list of concordant primes less than 1000 
is now complete with the possible exception of the 16 
primes 103, 131, 191, 223, 271, 311, 431, 439, 443, 593, 
607, 641, 743, 821, 929, and 971 (Brown). 


see also CONGRUUM 
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Concur 
Two or more lines which intersect in a POINT are said 
` to concur. 


see also CONCURRENT 


Concurrent 

Two or more LINES are said to be concurrent if they 
intersect in a single point. Two LINES concur if their 
TRILINEAR COORDINATES satisfy 


li TILL n:1 
la mea na| =O. (1) 
la ma Ta 


Three LINES concur if their TRILINEAR COORDINATES 
satisfy 


lha+miB+niy=0 (2) 
loa+tme2G+ nay = 0 (3) 
Ilsa + mb + nay = 0, (4) 


in which case the point is 
Mans — Terns : Nols = long : loma = Mels. (5) 


Three lines 


Aiz + Biyt+ Ci =0 (6) 
Aor + Bay + Cz =0 (7) 
A3z+ B3y + C3 = 0. (8) 


are concurrent if their COEFFICIENTS satisfy 


A By Ci 
Ar Bo Cal|=0. (9) 
Az Bz C3 


see also CONCYCLIC, POINT 


Conditional Convergence 


Concyclic 


P> P3 


P 
P; : 


Four or more points Pi, Pa, P3, Pa, ... which lie on a 
CIRCLE C are said to be concyclic. Three points are 
trivially concyclic since three noncollinear points deter- 
mine a CIRCLE. The number of the n? LATTICE POINTS 
z,y € [1,n] which can be picked with no four concyclic 
is O(n? — €) (Guy 1994). 


A theorem states that if any four consecutive points of 
a POLYGON are not concyclic, then its AREA can be 
increased by making them concyclic. This fact arises in 
some PROOFS that the solution to the ISOPERIMETRIC 
PROBLEM is the CIRCLE. 


see also CIRCLE, COLLINEAR, CONCENTRIC, CYCLIC 
HEXAGON, CYCLIC PENTAGON, CYCLIC QUADRILAT- 
ERAL, ECCENTRIC, N-CLUSTER 
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Condition 
A requirement NECESSARY for a given statement or the- 
orem to hold. Also called a CRITERION. 


see also BOUNDARY CONDITIONS, CARMICHAEL CON- 
DITION, CAUCHY BOUNDARY CONDITIONS, CONDITION 
NUMBER, DIRICHLET BOUNDARY CONDITIONS, DIVER- 
SITY CONDITION, FELLER-LEVY CONDITION, HOLDER 
CONDITION, LICHNEROWICZ CONDITIONS, LINDEBERG 
CONDITION, LIPSCHITZ CONDITION, LYAPUNOV CON- 
DITION, NEUMANN BOUNDARY CONDITIONS, ROBERT- 
SON CONDITION, ROBIN BOUNDARY CONDITIONS, TAY- 
LOR’S CONDITION, TRIANGLE CONDITION, WEIER- 
STRAB-ERDMAN CORNER CONDITION, WINKLER CON- 
DITIONS 


Condition Number 

The ratio of the largest to smallest SINGULAR VALUE of 
a system. A system is said to be singular if the condition 
number is INFINITE, and ill-conditioned if it is too large. 


Conditional Convergence 
If the SERIES 


CONVERGES, but 


Conditional Probability 


does not, where |x| is the ABSOLUTE VALUE, then the 
SERIES is said to be conditionally CONVERGENT. 


see also ABSOLUTE CONVERGENCE, CONVERGENCE 
TESTS, RIEMANN SERIES THEOREM, SERIES 


Conditional Probability 
The conditional probability of A given that B has oc- 
curred, denoted P(A|B), equals 


P(ANB) 


P(AIB) = Soa 


(1) 


which can be proven directly using a VENN DIAGRAM. 
Multiplying through, this becomes 


P(A|B)P(B) = P(AN B), (2) 
which can be generalized to 
P(AUBUC)=P(A)P(BIA)P(C|AUB). (3) 
Rearranging (1) gives 


P(BN A) 


P(BIA) = Tra, 


(4) 


Solving (4) for P(BN A) = P(AN B) and plugging in 
to (1) gives 


P(A) P(BIA) 


P(AIB) = To 


| (5) 


see also BAYES’ FORMULA 


Condom Problem 
see GLOVE PROBLEM 


Condon-Shortley Phase 

The (—1)™ phase factor in some definitions of the 
SPHERICAL HARMONICS and associated LEGENDRE 
POLYNOMIALS. Using the Condon-Shortley convention 
gives 


= l f 
YOG) = (—1)"4/ TE a Pim cosd)e* 


see also LEGENDRE POLYNOMIAL, SPHERICAL HAR- 
MONIC 
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Conductor 
see 7-CONDUCTOR 


Cone 


A cone is a PYRAMID with a circular CROSS-SECTION. 
A right cone is a cone with its vertex above the center 
of its base. A right cone of height h can be described by 
the parametric equations 


xz = r(h — z)cos6 (1) 
y =r(h-—2z)sin9 (2) 
2=z (3) 


for z € [0,h] and 8 € [0, 27}. The VOLUME of a cone is 
therefore 


V = 5Abh, (4) 
where A, is the base AREA and A is the height. If the 
base is circular, then 


ar’ h. (5) 


This amazing fact was first discovered by Eudoxus, and 
other proofs were subsequently found by Archimedes in 
On the Sphere and Cylinder (ca. 225 BC) and Euclid in 
Proposition XII.10 of his Elements (Dunham 1990). 


The CENTROID can be obtained by setting Ra = 0 in the 
equation for the centroid of the CONICAL FRUSTUM, 


mE _ h(Ri? + Ri Re + Ra?) (6) 
V 4(Ry? + 2Rı Rə + 3R2?)' 


(Beyer 1987, p. 133) yielding 


h. (7) 


Ale 


z 


For a right circular cone, the SLANT HEIGHT s is 


s= yr? +h? (8) 


and the surface AREA (not including the base) is 


S =Trs=rryr?+h?2. (9) 


In discussions of CONIC SECTIONS, the word cone is of- 
ten used to refer to two similar cones placed apex to 
apex. This allows the HYPERBOLA to be defined as the 
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intersection of a PLANE with both NAPPES (pieces) of 
the cone. 


The Locus of the apex of a variable cone containing 
an ELLIPSE fixed in 3-space is a HYPERBOLA through 
the FOCI of the ELLIPSE. In addition, the Locus of 
the apex of a cone containing that HYPERBOLA is the 
original ELLIPSE. Furthermore, the ECCENTRICITIES of 
the ELLIPSE and HYPERBOLA are reciprocals. 


see also CONIC SECTION, CONICAL FRUSTUM, CYLIN- 
DER, NAPPE, PYRAMID, SPHERE 
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Beyer, W. H. (Ed.) CRC Standard Mathematical Tables, 
28th ed. Boca Raton, FL: CRC Press, pp. 129 and 133, 
1987. 

Dunham, W. Journey Through Genius: The Great Theorems 
of Mathematics. New York: Wiley, pp. 76-77, 1990. 

Yates, R. C. “Cones.” A Handbook on Curves and Their 
Properties. Ann Arbor, MI: J. W. Edwards, pp. 34-35, 
1952. 


Cone Graph 
A GRAPH Cn + Km, where Cn is a CYCLIC GRAPH and 
Km is a COMPLETE GRAPH. 


Cone Net | 

The mapping of a grid of regularly ruled squares onto a 
CONE with no overlap or misalignment. Cone nets are 
possible for vertex angles of 90°, 180%, and 270°, and 
are beautifully illustrated by Steinhaus (1983). 
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Cone (Space) | 

The JOIN of a TOPOLOGICAL SPACE X and a point P, 
C(X)=Xx*P. 

References 


Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
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Cone-Sphere Intersection 
Let a CONE of opening parameter c and vertex at (0, 0, 0) 
intersect a SPHERE of RADIUS r centered at (to, yo, 20), 
with the CONE oriented such that its axis does not pass 
through the center of the SPHERE. Then the equations 
of the curve of intersection are 


ety? g 
(x — 20) + (y— yo)* + (2 — 20)? =r’. (2) 


Combining (1) and (2) gives 


2 2 + y 2z0 2 9 - 232 
(1—=0) +(y—yo) + 02 A yz =P 
(3) 


Confidence Interval 


2 1 2 1 
£ (1+ =) — 291 + y (1+ 5] — 2yoy 
2 
Hao” + yo? + 207 — r°) — NE +y?=0. (4) 
Therefore, x and y are connected by a complicated 


QUARTIC EQUATION, and zx, y, and z by a QUADRA- 
TIC EQUATION. 


If the CONE-SPHERE intersection is on-azis so that a 


_ CONE of opening parameter c and vertex at (0,0, zo) is 


oriented with its AXIS along a radial of the SPHERE of 
radius r centered at (0,0,0), then the equations of the 
curve of intersection are 


r? y 
(2-1) = E 6) 
ety H =r’. (6) 
Combining (5) and (6) gives 
clz—20) +22 =r" (7) 
e(z? —2zaz+27)+2 =r? (8) 
z (e +1) — 2c? 2zoz + (200 —r*) =0. (9) 


Using the QUADRATIC EQUATION gives 


2c? zo + 1/4ctz0? — 4(c? + 1) (2020? — r?) 
Si 2(c? + 1) 
c? zo + 4/c?(r?2 — 202) +r? 


TA PA 1 
cĉ +1 (10) 


Z 


So the curve of intersection is planar. Plugging (10) 
into (5) shows that the curve is actually a CIRCLE, with 
RADIUS given by | 


—~ 27, (11) 


Confidence Interval 

The probability that a measurement will fall within a 
given CLOSED INTERVAL fa, 6]. For a continuous distri- 
bution, 


CI(a, b) = T P(x) dz, (1) 


where P(x) is the PROBABILITY DISTRIBUTION FUNC- 
TION. Usually, the confidence interval of interest is sym- 
metrically placed around the mean, so 


+e 
Cl(iz) = Cl(4 — z, yu + x) = f P(x)dz, (2) 


pz 


Configuration 


where y is the MEAN. For a GAUSSIAN DISTRIBUTION, 


the probability that a measurement falls within no of 


the mean yp is 


1 WER 


ON LES une 


2 ds Stee 
= —— / ceuta 1) 
Q 


og 


á P 
En Ee R den 


CI(no) 


Now let u = (x — p)/V20, so du = dz/ v20. Then 


2 AR. ag 
vio | e” du 
0 


oy 2n 


n/vV2 a a 
= =. | e * du=erf (=): (4) 


where erf(x) is the so-called ERF function. The variate 
value producing a confidence interval CI is often denoted 
LCI, SO 


Cl(no) = 


tar = V2 erf *(CI). (5) 


0.6826895 
0.9544997 


0.9973002 
0.9999366 
0.9999994 


To find the standard deviation range corresponding to 
a given confidence interval, solve (4) for n. 


n = v2erf *(CI) (6) 


+1.281550 
+1.644850 
31.959960 


+2.575830 
+2.807030 
+3.290530 


Configuration 
A finite collection of points p = (pi,.. 
where R? is a EUCLIDEAN SPACE. 


see also BAR (EDGE), EUCLIDEAN SPACE, FRAME- 
WORK, RIGID 


d 
an), Pi € R , 


Confluent Hypergeometric Differential 
Equation 


zy” +(b— ay — ay=0, (1) 


where y' = dy/dx and with boundary conditions 


iF, (a; b;0) =1 (2) 
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lab] =F. (3) 
The equation has a REGULAR SINGULAR POINT at 0 
and an irregular singularity at co. The solutions are 
called CONFLUENT HYPERGEOMETRIC FUNCTION OF 
THE FIRST or SECOND KINDS. Solutions of the first 
kind are denoted 1F1(a;b;x) or M(a, b, x). 


see also HYPERGEOMETRIC DIFFERENTIAL EQUATION, 
WHITTAKER DIFFERENTIAL EQUATION 
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Confluent Hypergeometric Function 


see CONFLUENT HYPERGEOMETRIC FUNCTION OF THE 
FIRST KIND, CONFLUENT HYPERGEOMETRIC FUNC- 
TION OF THE SECOND KIND 


Confluent Hypergeometric Function of the 
First Kind 

The confluent hypergeometric function a degenerate 
form the HYPERGEOMETRIC FUNCTION 2F(a, b; c; z) 
which arises as a solution the the CONFLUENT HYPER- 
GEOMETRIC DIFFERENTIAL EQUATION. It is commonly 
denoted 1 Fi (a; 6; z), M(a,b,z), or (a;b; z), and is also 
known as KUMMER’S FUNCTION of the first kind. An 
alternate form of the solution to the Confluent Hyper- 


_ geometric Differential Equation is known as the WHIT- 


TAKER FUNCTION. 


The confluent hypergeometric function has a HYPERGE- 
OMETRIC SERIES given by 


2 
1F (a; b; z) eee Da 
(1) 
where (a), and (b)x are POCHHAMMER SYMBOLS. If a 
and 6 are INTEGERS, a < 0, and either 6 > 0 or b < a, 
then the series yields a POLYNOMIAL with a finite num- 
ber of terms. If b is an INTEGER < 0, then ¡Fi (a; b; z) is 
undefined. The confluent hypergeometric function also 
has an integral representation 


. h- no r (b) i zt,a—1 b-a-—1 
1 F(a; b; z) = aa) e t (1 + t) dt 
(2) 
(Abramowitz and Stegun 1972, p. 505). 


BESSEL FUNCTIONS, the ERROR FUNCTION, the incom- 
plete GAMMA FUNCTION, HERMITE POLYNOMIAL, LA- 
GUERRE POLYNOMIAL, as well as other are all special 
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cases of this function (Abramowitz and Stegun 1972, 
p. 509). 


KUMMER’S SECOND FORMULA gives 


¡Fi (5 +m; 2m + 1; z) = Mo,m(z) = qa 


zop 


i Dn » (3) 


where 1 F, is the CONFLUENT HYPERGEOMETRIC FUNC- 
TION and m # —1/2, —1, -3/2,.... 


see also CONFLUENT HYPERGEOMETRIC DIFFERENTIAL 
EQUATION, CONFLUENT HYPERGEOMETRIC FUNCTION 
OF THE SECOND KIND, CONFLUENT HYPERGEOMET- 
RIC LIMIT FUNCTION, GENERALIZED HYPERGEOMET- 
RIC FUNCTION, HEINE HYPERGEOMETRIC SERIES, 
HYPERGEOMETRIC FUNCTION, HYPERGEOMETRIC SE- 
RIES, KUMMER’S FORMULAS, WEBER-SONINE FOR- 
MULA, WHITTAKER FUNCTION 
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Confluent Hypergeometric Function of the 
Second Kind 

Gives the second linearly independent solution to the 
CONFLUENT HYPERGEOMETRIC DIFFERENTIAL EQUA- 
TION. It is also known as the KUMMER'S FUNCTION of 
the second kind, the TRICOMI FUNCTION, or the GOR- 
DON FUNCTION. It is denoted U(a,b,z) and has an in- 
tegral representation 


1 f” z 7 
U(a,b,z) = na) e77 EA dt 
0 


(Abramowitz and Stegun 1972, p. 505). The WHIT- 
TAKER FUNCTIONS give an alternative form of the solu- 
tion. For small z, the function behaves as ee 


see also BATEMAN FUNCTION, CONFLUENT HYPERGE- 
OMETRIC FUNCTION OF THE FIRST KIND, CONFLU- 
ENT HYPERGEOMETRIC LIMIT FUNCTION, COULOMB 
WAVE FUNCTION, CUNNINGHAM FUNCTION, GORDON 


Confocal Conics 


FUNCTION, HYPERGEOMETRIC FUNCTION, POISSON- 
CHARLIER POLYNOMIAL, TORONTO FUNCTION, WE- 
BER FUNCTIONS, WHITTAKER FUNCTION 
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Confluent Hypergeometric Limit Function 


oFfi(;a;z) = lim if (aa 3 . (1) 
q=>+00 q 
It has a series expansion 
z” 

Fi(;a; z) = 2 
pee du (a)nn! (2) 

and satisfies 5 | 

dy, dy 

2 _a=0. 3 
E dz? TET 3 (3) 


A BESSEL FUNCTION OF THE FIRST KIND can be ex- 
pressed in terms of this function by 


dto omnia) A 


(Petkovšek et al. 1996). 


see also CONFLUENT HYPERGEOMETRIC FUNCTION, 
GENERALIZED HYPERGEOMETRIC FUNCTION, HYPER- 
GEOMETRIC FUNCTION 
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Confocal Conics 

Confocal conics are CONIC SECTIONS sharing a common 
FOCUS. Any two confocal CENTRAL CONICS are orthog- 
onal (Ogilvy 1990, p. 77). 


see also CONIC SECTION, FOCUS 
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Confocal Ellipsoidal Coordinates 


Confocal Ellipsoidal Coordinates 

The confocal ellipsoidal coordinates (called simply el- 
lipsoidal coordinates by Morse and Feshbach 1953) are 
given by the equations 


2 2 2 
x y 2 
=1 1 
Pane ee a (1) 
2 2 2 
T Y z 
EA A a E 2 
atn Bin etn (2) 
2 2 2 
T Y z 
A A Al 
e+e Pte eto. (3) 


where —c? < £ < œ, —b? < 4 < —c’, and a? < 
¢ < —b?, Surfaces of constant £ are conical ELLIP- 
SOIDS, surfaces of constant y are one-sheeted HYPER- 
BOLOIDS, and surfaces of constant ¢ are two-sheeted 
HYPERBOLOIDS. For every (x,y,z), there is a unique 
set of ellipsoidal coordinates. However, (£, n, C) specifies 
eight points symmetrically located in octants. Solving 
for z, y, and z gives 


2 _ (È + Ela? +m) +0) 
v= eae) E 


2 (Em) 
y= (Ne — B) (5) 


2 (+ Ec +n)? +0) 
oa? AN) dis 


The LAPLACIAN is 


Wy — (nm A ow 
Vv =(n vog (103 | 
O Ow ð oY 
HO) Fn) a sn +(S— MFG) Be Kose ; 
(7) 
where 
f(z) = y (x + a?)(x + b?)(x 4 c?). (8) 
Another definition is 
r? y? ye E 
ee ema do (9) 
ap? y? 7 A 
a aan (10) 
up? y? z2 7 
aap ae a (11) 
where 
A<O<p<BP<v<a (12) 


(Arfken 1970, pp. 117-118). Byerly (1959, p. 251) uses a 
slightly different definition in which the Greek variables 
are replaced by their squares, and a = 0. Equation (9) 
represents an ELLIPSOID, (10) represents a one-sheeted 
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HYPERBOLOID, and (11) represents a two-sheeted Hy- 
PERBOLOID. In terms of CARTESIAN COORDINATES, 


2 _ (0% —A)(a* — ula? -= v) 
OE GF m 
2 _ (b? —A)(b* — p) (b? - v) 
Y = (a)? — 2) ae 
ENANA ag 


(c? — a?)(c? — b?) 
The SCALE FACTORS are 


_ (4 — Av — A) | 
ASA? (16) 

a (v — HA —u) 
rara Y” 


4(a? — v)(b? — v)(c? — v) 


The LAPLACIAN is 
ab? + ale? + b*c? — 2v(a? + b? +c?) +31? 0 
(p — v)(v — A) dv 
4(a? — v)(b? — v)(c? — v) 8? 
(u—v)(v—rA) Ov? 
a?b? + a?e? + b?c? — 2u(a? + b? +c?) + 3p? 0 
(v — Nu — A) Ou 
A(a? — p)(b? — p)(c? — u) 0% 
(u — Av — p) Op? 
—(a?b? + a?e? + b?c?) + 2A(a? + b? +c?) — 3X7 0 
(u — A)(v — >) ðA 
4(a? — A)(b? ACA) 8? (19) 
(u — A)(y — A) Or 


VS 2 


+ 


+2 


Using the NOTATION of Byerly (1959, pp. 252-253), this 
can be reduced to 

a? 
A o 70 
+à -p Fri (20) 


v= 1 


Op? 


I dA 

Qe i q__——_—_—_ a _ __—_——— rr 

è (A? — b2) (A2 — c?) 
C 


where 


| 
“Y 
iS 
io 
13 
alee 
| 
"y 
oo, 
on a 
un 
pla 
2, 
Pa 
AER 
>| 
eee” 
See” 
an, 
bo 
— 
ee” 


= F (2,sin™ (7) (23) 
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Here, F is an ELLIPTIC INTEGRAL OF THE FIRST KIND. 
In terms of a, 6, and y, 


à = cdc (a, 3 (24) 
b2 
u= bnd | 8, l-z (25) 
b 
v = bsn (7,2), (26) 


where dc, nd and sn are JACOBI ELLIPTIC FUNCTIONS. 
The HELMHOLTZ DIFFERENTIAL EQUATION is separable 
in confocal ellipsoidal coordinates. 


see also HELMHOLTZ DIFFERENTIAL EQUATION— 
CONFOCAL ELLIPSOIDAL COORDINATES 
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Confocal Parabolic Coordinates 
see CONFOCAL PARABOLOIDAL COORDINATES 


Confocal Paraboloidal Coordinates 


r? y? 

aa ea (1) 
q? Y 
=p by 2=p (2) 
2 2 
A ee iy (3) 


aż -rv bp 


where A € (—00,b*), y € (b?, a”), and v € (a?, 00). 


am (b? — a?) (4) 

2 _ (b° — A)(b? — u) (b? - v) 
y es (a? _ b2) (5) 
z=à+u+v-a —b. (6) 


The SCALE FACTORS are 


(4 — A)(v — A) 
= VF — FN) PA 
(v ~ yA- 1) 
MV Ha ul — p) 
h, = A=" —v) | (9) 


16(a? — v)(b? — v) 


Conformal Latitude 


The LAPLACIAN is 

y? 2(a? + b? — 2v) 0 4(a* 

(u—v)v—A) Ov 

2(a? + b°? —2u) 8 

(u — Au — u) Op 
2(2A\—a*—b?) 8  4(A— aè )(A- b?) 0? 
TEDS N L 

The HELMHOLTZ DIFFERENTIAL EQUATION is SEPARA- 

BLE. 


—v)(v — b°) a 
MPA) A 
4(a? — p)(p - b?) 8? 


i ==) dy? 


(10) 


see also HELMHOLTZ DIFFERENTIAL EQUATION— 
CONFOCAL PARABOLOIDAL COORDINATES 


References 

Arfken, G. “Confocal Parabolic Coordinates (1, £2, &3).” 
§2.17 in Mathematical Methods for Physicists, 2nd ed. Or- 
lando, FL: Academic Press, pp. 119-120, 1970. 

Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, p. 664, 1953. 


Conformal Latitude 
An AUXILIARY LATITUDE defined by 


aa e/2 
x=2tan diner 50) DS — in 
| ns T l 1/2 qe 
1—sing \l+esing H 
=¢- (ie + ġe + Se® e +...) sin(2¢) 
+ (Že + Le + oor os +...)sin(4¢) 
(e + 44 +...) sin(6d) 
+ (181250 +...) sin(8¢) + 
The inverse is obtained by iterating the equation 
: e/2 
$= 2tan™* tact + 5x) (js) -ir 
using @ = x as the first trial. A series form is 
oa 2 4 Ze + ze + 13 e? +...)sin(2x) 
+ (£ oo Hoe ve alle” +...) sin(4y) 
+ (ape + 3120 11200 +. . .) sin(6x) 


ea e" +...)sin(8x)+.. 


The conformal latitude was called the ISOMETRIC LAT- 
ITUDE by Adams (1921), but this term is now used to 
refer to a different quantity. 


see also AUXILIARY LATITUDE, LATITUDE 
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Conformal Map 


Conformal Map 

A TRANSFORMATION which preserves ÁNGLES is known 
as conformal. For a transformation to be conformal, it 
must be an ÁNALYTIC FUNCTION and have a NONZERO 
DERIVATIVE. Let 6 and ¢ be the tangents to the curves 
+ and f(y) at z and wo, 


EP 2 0) 


w— wo = f(z) — flo az 


f(z) — f(zo) 


< — 20 


arg(w — wo) = arg | | + arg(z — zo). (2) 


Then as w > wo and z > Zo, 
$ = arg f' (zo) +9 (3) 


jw] = |f (20)1 121. (4) 


see also ANALYTIC FUNCTION, HARMONIC FUNCTION, 
MOBIUS TRANSFORMATION, QUASICONFORMAL MAP, 
SIMILAR 
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Conformal Solution 

By letting w = f(z), the REAL and IMAGINARY PARTS of 
w must satisfy the CAUCHY-RIEMANN EQUATIONS and 
LAPLACE’S EQUATION, so they automatically provide a 
scalar POTENTIAL and a so-called stream function. Ifa 
physical problem can be found for which the solution is 
valid, we obtain a solution—which may have been very 
difficult to obtain directly—by working backwards. Let 


Az” = Arte”? (1) 


the REAL and IMAGINARY PARTS then give 


$ = Ar” cos(né) (2) 

y = Ar” sin(né). (3) 
For n = —2, 

$ = — cos(20) (4) 

y = —— sin(20), (5) 
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which is a double system of LEMNISCATES (Lamb 1945, 
p. 69). For n = —1, 


$ = É cos | (6) 


y= -2 sing. (7) 


This solution consists of two systems of CIRCLES, and 
@ is the POTENTIAL FUNCTION for two PARALLEL op- 
posite charged line charges (Feynman et al. 1989, §7-5; 
Lamb 1945, p. 69). For n = 1/2, 


@ gives the field near the edge of a thin plate (Feynman 
et al. 1989, 87-5). For n= 1, | 


@= Arcos@ = Az (10) 
y = Arsin@ = Ay. (11) 


This is two straight lines (Lamb 1945, p. 68). For n = 
3/2, 

ia Ar3/? e382. (12) 
@ gives the field near the outside of a rectangular corner 
(Feynman et al. 1989, §7-5). For n = 2, 


w = A(z + iy)’ = Al(u* — y”) + 2ixy] (13) 


$ = A(z’ — y”) = Ar” cos(26) (14) 
Y = 2Axy = Ar’ sin(26). (15) 


These are two PERPENDICULAR HYPERBOLAS, and ¢ is 
the POTENTIAL FUNCTION near the middle of two point 
charges or the field on the opening side of a charged 
RIGHT ANGLE conductor (Feynman 1989, 87-3). 

see also CAUCHY-RIEMANN EQUATIONS, CONFORMAL 
MAP, LAPLACE’S EQUATION 
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Conformal Tensor 
see WEYL TENSOR 


Conformal Transformation 


see CONFORMAL MAP 
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Congruence 

If b —c is integrally divisible by a, then b and c are said 
to be congruent with MODULUS a. This is written math- 
ematically as b = c (mod a). If b—c is not divisible by a, 
then we say b # c (mod a). The (mod a) is sometimes 
omitted when the MODULUS a is understood for a given 
computation, so care must be taken not to confuse the 
symbol = with that for an EQUIVALENCE. The quantity 
b is called the RESIDUE or REMAINDER. The COMMON 
RESIDUE is taken to be NONNEGATIVE and smaller than 
m, and the MINIMAL RESIDUE is b or b— m, whichever 
is smaller in ABSOLUTE VALUE. In many computer lan- 
guages (such as FORTRAN or Mathematic® ), the COMMON 
RESIDUE of e (mod a) is written mod(c,a). 


Congruence arithmetic is perhaps most familiar as a 
generalization of the arithmetic of the clock: 40 min- 
utes past the hour plus 35 minutes gives 40 + 35 = 
15 (mod 60), or 15 minutes past the hour, and 10 o*clock 
a.m. plus five hours gives 10+ 5 = 3 (mod 12), or 3 
o’clock p.m. Congruences satisfy a number of impor- 
tant properties, and are extremely useful in many areas 
of NUMBER THEORY. Using congruences, simple DI- 
VISIBILITY TESTS to check whether a given number is 
divisible by another number can sometimes be derived. 
For example, if the sum of a number’s digits is divisible 
by 3 (9), then the original number is divisible by 3 (9). 


Congruences also have their limitations. For example, if 
a = b and c = d (mod n), then it follows that a” = b”, 
but usually not that 2° = x% or a* = b?. In addition, 
by “rolling over,” congruences discard absolute informa- 
tion. For example, knowing the number of minutes past 
the hour is useful, but knowing the hour the minutes are 


past is often more useful still. 


Let a = a’ (mod m) and b = b' (mod m), then im- 
portant properties of congruences include the following, 
where => means “IMPLIES”: 


1. Equivalence: a =b (mod 0) > a =b. 


2. Determination: either a = b (mod m) or a # 
b (mom m). 
3. Reflexivity: a =a (mod m). 


4. Symmetry: a =b (mod m} > b =a (mod m). 


5. Transitivity: a = b (modm) and b = 
c (mod m) >a =c (mod m). 

6. a+b=a +b (mod m). 

7.a—b=a —b (mod m). 

8. ab =a b (mod m). 

9. a=b (mod m) > ka = kb (mod m). 


10. a =b (mod m) > a” =b" (mod m). 

11. a = b (mod mı) and a = b (mod m2) > a = 
b (mod [m3,ma2]), where [m1, m2] is the LEAST 
COMMON MULTIPLE. 


12. ak = bk (mod m) >a=b (mod <] iere 
(k, m) is the GREATEST COMMON DIVISOR. 


Congruence 


13. Ifa =b (mod m), then P(a) = P(b) (mod m), for 
P(x) a POLYNOMIAL. 


Properties (6-8) can be proved simply by defining 


a=a +rd (1) 
b=b' +sd, (2) 


where r and s are INTEGERS. Then 


a+b=a' +b +(r+s)d (3) 
a—b=a — b + (r-— s)d (4) 
ab=ab' + (a's +b'r + rsd)d, (5) 


so the properties are true. 
Congruences also apply to FRACTIONS. For example, 
note that (mod 7) 


2x4=1 3x3=2 6x6=1 (mod 7), (6) 


sO 


=E 2=3 = 6 (mod 7). (7) 


1 
6 


To find p/q mod m, use an ALGORITHM similar to the 
GREEDY ALGORITHM. Let go = q and find 


e A i (8) 


where [z] is the CEILING FUNCTION, then compute 
qı = qopo (mod m). (9) 


Iterate until qn = 1, then 


n—l 


=p I] pi (mod m). (10) 


i=0 


This method always works for m PRIME, and sometimes 
even for m COMPOSITE. However, for a COMPOSITE m, 
the method can fail by reaching 0 (Conway and Guy 
1996). 


A LINEAR CONGRUENCE 
az =b (mod m) (11) 
is solvable IFF the congruence 
b=0 (mod (a, m)) (12) 
is solvable, where d = (a, m) is the GREATEST COMMON 
DIVISOR, in which case the solutions are £o, £o + m/d, 


zo + 2m/d, ..., zo + (d — 1)m/d, where ro < m/d. If 
d = 1, then there is only one solution. 


Congruence Axioms 
A general QUADRATIC CONGRUENCE 
az2* +a12+a0 = 0 (mod n) (13) 
can be reduced to the congruence 
z? =q (mod p) (14) 


and can be solved using EXCLUDENTS. Solution of the 
general polynomial congruence 


amt”+...+azr +aiz+ao =0 (modn) (15) 


is intractable. Any polynomial congruence will give con- 
gruent results when congruent values are substituted. 


Two simultaneous congruences 
x =a (mod m) (16) 


2 = b (mod n) (17) 


are solvable only when z = b (mod (m,n)), and the 
single solution is 


x= 0 (mod [m,n}), (18) 


where ro < m/d. 


see also CANCELLATION LAW, CHINESE REMAINDER 
THEOREM, COMMON RESIDUE, CONGRUENCE AXIOMS, 
DIVISIBILITY TESTS, GREATEST COMMON DIVISOR, 
LEAST COMMON MULTIPLE, MINIMAL RESIDUE, MOD- 
ULUS (CONGRUENCE), QUADRATIC RECIPROCITY LAw, 
RESIDUE (CONGRUENCE) 
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Congruence Axioms 
The five of HILBERT’S AXIOMS which concern geometric 
equivalence. 


see also CONGRUENCE AXIOMS, CONTINUITY AXIOMS, 
HILBERT’S AXIOMS, INCIDENCE AXIOMS, ORDERING 
AXIOMS, PARALLEL POSTULATE 
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Congruence (Geometric) 

Two geometric figures are said to be congruent if they 
are equivalent to within a ROTATION. This relationship 
is written A Y B. (Unfortunately, this symbol is also 
used to denote ISOMORPHIC GROUPS.) 


see also SIMILAR 


Congruence Transformation 
A transformation of the form g = D'7D, where det(D) 
# 0 and det(D) is the DETERMINANT. 


see also SYLVESTER’S INERTIA LAW 


Congruent 
A number a is said to be congruent to b modulo m if 


m|a — b (m DIVIDES a — b). 


Congruent Incircles Point 

The point Y for which TRIANGLES BYC, CYA, and 
AY B have congruent INCIRCLES. It is a special case of 
an ELKIES POINT. 
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Congruent Isoscelizers Point 
C 


A B 
In 1989, P. Yff proved there is a unique configuration of 
ISOSCELIZERS for a given TRIANGLE such that all three 
have the same length. Furthermore, these ISOSCELIZERS 
meet in a point called the congruent isoscelizers point, 
which has TRIANGLE CENTER FUNCTION 


a = cos(4B) + cos(3C) — cos(3A). 
see also CONGRUENT ISOSCELIZERS POINT, ISOSCE- 
LIZER 
References 
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Congruent Numbers 
A set of numbers (a, x,y,t) such that 


q? + ay? = z2 
r? — ay? =t: 


Lov 


¿M2063A 
(BOTTOM | 


Fig. 10-4. PC board layout. 
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They are a generalization of the CONGRUUM PROBLEM, 
which is the case y = 1. For a = 101, the smallest 
solution is 


x = 2015242462949760001961 
y = 118171431852779451900 
2 = 2339148435306225006961 
t = 1628124370727269996961. 


see also CONGRUUM 
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Congruum 
A number h which satisfies the conditions of the CON- 
GRUUM PROBLEM: 


eth=a’ 


and 
2? —h=b’. 


see also CONCORDANT FORM, CONGRUUM PROBLEM 


Congruum Problem 

Find a SQUARE NUMBER gr^ such that, when a given 
number h is added or subtracted, new SQUARE NUM- 
BERS are obtained so that 


2 


+h=a" (1) 


and 
a —h=b’. (2) 


This problem was posed by the mathematicians 
Théodore and Jean de Palerma in a mathematical tour- 
nament organized by Frederick II in Pisa in 1225. The 
solution (Ore 1988, pp. 188-191) is 


=m’ +n? (3) 
h = 4mn(m? — n°), (4) 


where m and n are INTEGERS. Fibonacci proved that 
all numbers h (the CONGRUA) are divisible by 24. FER- 
MAT’S RIGHT TRIANGLE THEOREM is equivalent to the 
result that a congruum cannot be a SQUARE NUMBER. 
A table for small m and n is given in Ore (1988, p. 191), 
and a larger one (for h < 1000) by Lagrange (1977). 


m n h z 
2 1 24 5 
3 1 96 10 
3 2 120 13 
4 1 240 17 
4 3 


336 25 


Conic Equidistant Projection 


see also CONCORDANT FORM, CONGRUENT NUMBERS, 
SQUARE NUMBER 
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Conic 
see CONIC SECTION 


Conic Constant 


= 2 
SFE a 


where e is the ECCENTRICITY of a CONIC SECTION. 
see also CONIC SECTION, ECCENTRICITY 


Conic Double Point 
see ISOLATED SINGULARITY 


Conic Equidistant Projection 


A MAP PROJECTION with transformation equations 


x= psin l (1) 
y = po — p cos ð, (2) 
where 

p=(G= $) (3) 

7 = n(A = Ao) (4) 

po = (G — Bo) (5) 

G= SO + 6) 

y “os pı — cos Pa | (7) 


p2 — Qı 


Conic Projection 


The inverse FORMULAS are given by 


p=G=p (8) 
0 
AO (9) 


where 


Conic Projection 


see ALBERS EQUAL-AREA CONIC PROJECTION, CONIC 
EQUIDISTANT PROJECTION, LAMBERT AZIMUTHAL 
EQUAL-AREA PROJECTION, POLYCONIC PROJECTION 


Conic Section 


Hyperbola 


The conic sections are the nondegenerate curves gener- 
ated by the intersections of a PLANE with one or two 
NAPPES of a CONE. For a PLANE parallel to a CROSS- 
SECTION, a CIRCLE is produced. The closed curve pro- 
duced by the intersection of a single NAPPE with an 
inclined PLANE is an ELLIPSE or PARABOLA. The curve 
produced by a PLANE intersecting both NAPPES is a 
HYPERBOLA. The ELLIPSE and HYPERBOLA are known 
as CENTRAL CONICS. 


Because of this simple geometric interpretation, the 
conic sections were studied by the Greeks long before 
their application to inverse square law orbits was known. 
Apollonius wrote the classic ancient work on the subject 
entitled On Conics. Kepler was the first to notice that 
planetary orbits were ELLIPSES, and Newton was then 
able to derive the shape of orbits mathematically us- 
ing CALCULUS, under the assumption that gravitational 
force goes as the inverse square of distance. Depending 
on the energy of the orbiting body, orbit shapes which 
are any of the four types of conic sections are possible. 


A conic section may more formally be defined as the 
locus of a point P that moves in the PLANE of a fixed 
point F called the FOCUS and a fixed line d called the 
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DIRECTRIX (with F not on d) such that the ratio of the 
distance of P from F to its distance from d is a constant 
e called the ECCENTRICITY. For a Focus (0,0) and 
DIRECTRIX x = —a, the equation is 


a? ty? = eleta). 


If e = 1, the conic is a PARABOLA, if e < 1, the conic is 
an ELLIPSE, and if e > 1, it is a HYPERBOLA. 


In standard form, a conic section is written 
y? = 2Rz — (1-e)2*, 


where R is the RADIUS OF CURVATURE and e is the 


ECCENTRICITY. Five points in a plane determine a conic 
(Le Lionnais 1983, p. 56). 


see also BRIANCHON’S THEOREM, CENTRAL CONIC, 
CIRCLE, CONE, ECCENTRICITY, ELLIPSE, FERMAT 
CONIC, HYPERBOLA, NAPPE, PARABOLA, PASCAL’S 
THEOREM, QUADRATIC CURVE, SEYDEWITZ’S THEO- 
REM, SKEW CONIC, STEINER’S THEOREM 
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Conic Section Tangent 
Given a CONIC SECTION 


+ y + 2ge + 2fyt+e=0, 
the tangent at (z1, y1) is given by the equation 


rzi + yyı t glx + xzı)+ fly +y) +ce=0. 
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Conical Coordinates 

Arfken (1970) and Morse and Feshbach (1953) use 
slightly different definitions of these coordinates. The 
system used in Mathematica® (Wolfram Research, Inc., 
Champaign, Illinois) is 


_ Apu 
_a (arar) 

E paR (2) 
_ A | (ue? — 6?) (y? — b?) 

a= b b2 — a? ’ (3) 


where b? > u? > c? > v?. The NOTATION of Byerly 
replaces A with r, and a and b with b and c. The above 
equations give 


HHYH HN (4) 
q? y? 2? 
ager tee (5) 
r? y? y? 
A gee (6) 
The SCALE FACTORS are 
hr, =1 | (7) 
AE 
"=y TEA 12) PA 
ECON 
hy = ANA 9) 
The LAPLACIAN is 
v v(24? — a? — b°) O 
EDIEDI 
(a—v)(a+v)(v — b)(v + b) o? 
(v — p)(v + 1) A? Ov? 
¿Pa Se) O 
(v — pu) (y + u)A? Op 
= bu + bu- alu ta) 07 
w- wt oe 
20 8? 
TITO (40) 


The HELMHOLTZ DIFFERENTIAL EQUATION is separable 
in conical coordinates. 


see also HELMHOLTZ DIFFERENTIAL EQUATION-— 
CONICAL COORDINATES 
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Conical Frustum 
Ry 


A conical frustum is a FRUSTUM created by slicing the 
top off a CONE (with the cut made parallel to the base). 
For a right circular CONE, let s be the slant height and 
Ri and Ra the top and bottom RADII. Then 


S = (Ri = Rz)? + h2. (1) 


The SURFACE AREA, not including the top and bottom 
CIRCLES, is 


A = n(Rı +R2)s = T(Ri¡+Ro2) (Rı — RaP + h?. (2) 


The VOLUME of the frustum is given by 


h 
Vos / [r(2)}? dz. (3) 
But z 
r(z) = Ra + (Ra — Ri), (4) 
h z 2 
V&n Ri Ra—Ri)zi dz 

J | +( H 

= Imh(Ri? + RiRa + Ra”). (5) 


This formula can be generalized to any PYRAMID by 
letting A; be the base AREAS of the top and bottom of 
the frustum. Then the VOLUME can be written as 


V = ih(Aı + As + VA Ap ). (6) 


The weighted mean of z over the frustum is 


h 
(z) = f z[r(z)]? dz = 4h? (Ri? + 2Rı Ro + 3R2°). 
0 


12 
(7) 
The CENTROID is then given by 
h(Ri? + Rı R2 + Ra?) 


KZ) 
te es PEA 8 
V 4(R1* + 2Rı Rz + 3R2°) ( ) 


(Beyer 1987, p. 133). The special case of the CONE is 
given by taking R2 = 0, yielding z = h/4. 

see also CONE, FRUSTUM, PYRAMIDAL FRUSTUM, 
SPHERICAL SEGMENT 
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Conical Function 


Conical Function 

Functions which can be expressed in terms of LEGENDRE 
FUNCTIONS OF THE FIRST and SECOND KINDS. See 
Abramowitz and Stegun (1972, p. 337). 


Ap? + 11 
A o 6) =1+ = oe sin” (26) 
4p? + 17)(4p? + 3°) . 
ee) Ae sin"(36) +... 
_2 2 cosh(pt) dt 
T Jo 4/2(cost — cos 6) 
| N i cos(pt) dt 

Q“ (cos @) = Łisinh(pr) 1—1 
id ) l o «/2(cosht + cos 8) 


cosh(pt) dt 


o 4/2(cost— cos 0) 


see also TOROIDAL FUNCTION 
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Conical Spiral 


A surface modeled after the shape of a SEASHELL. One 
parameterization (left figure) is given by 


x = 2[1 — e] cosu cos? (Lv) (1) 
y =2[-1+e%/67) cos’ (4v) sin u (2) 
z=1—e%/8") _ siny + e 447) sin v, (3) 


where v € (0,27), and u € [0, 6r) (Wolfram). Nord- 
strand gives the parameterization 


w5 16 — =| (1+ cosu) + e cos(nv) (4) 


t= 16 — Z) (1 + cosu) + e sin(nu) (5) 
== 2 +asinu(1- 3.) (6) 


for u,v € [0,27] (right figure with a = 0.2, b = 1, c = 
0.1, and n = 2). 
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Conical Wedge 
The SURFACE also called the CONOCUNEUS OF WALLIS 


and given by the parametric equation 


T = UCOS U 
y = usInu 


z = c(l — 2 cos" v). 


see also CYLINDRICAL WEDGE, WEDGE 


References 
von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, p. 302, 1993. 


Conjecture 

A proposition which is consistent with known data, but 
has neither been verified nor shown to be false. It is 
synonymous with HYPOTHESIS. 


see also ABC CONJECTURE, ABHYANKAR’S CONJEC- 
TURE, ABLOWITZ-RAMANI-SEGUR CONJECTURE, AN- 
DRICA’S CONJECTURE, ANNULUS CONJECTURE, AR- 
GOH’S CONJECTURE, ARTIN’S CONJECTURE, AX- 
IOM, BACHET’S CONJECTURE, BENNEQUIN’S CONJEC- 
TURE, BIEBERBACH CONJECTURE, BIRCH CONJEC- 
TURE, BLASCHKE CONJECTURE, BORSUK’S CONJEC- 
TURE, BORWEIN CONJECTURES, BRAUN’S CONJEC- 
TURE, BROCARD’S CONJECTURE, BURNSIDE’S CON- 
JECTURE, CARMICHAEL’S CONJECTURE, CATALAN’S 
CONJECTURE, CRAMER CONJECTURE, DE POLIG- 
NAC’S CONJECTURE, DIESIS, DODECAHEDRAL CON- 
JECTURE, DOUBLE BUBBLE CONJECTURE, EBER- 
HART’S CONJECTURE, EULER’S CONJECTURE, EULER 
POWER CONJECTURE, EULER QUARTIC CONJECTURE, 
FEIT-THOMPSON CONJECTURE, FERMAT’S CONJEC- 
TURE, FLYPING CONJECTURE, GILBREATH’S CONJEC- 
TURE, GIUGA’S CONJECTURE, GOLDBACH CONJEC- 
TURE, GRIMM’S CONJECTURE, GUY’S CONJECTURE, 
HARDY-LITTLEWOOD CONJECTURES, HASSE’S CON- 
JECTURE, HEAWOOD CONJECTURE, HYPOTHESIS, JA- 
COBIAN CONJECTURE, KAPLAN-YORKE CONJECTURE, 
KELLER’S CONJECTURE, KELVIN’S CONJECTURE, KE- 
PLER CONJECTURE, KREISEL CONJECTURE, KUM- 
MER’S CONJECTURE, LEMMA, LOCAL DENSITY CON- 
JECTURE, MERTENS CONJECTURE, MILIN CONJEC- 
TURE, MILNOR’S CONJECTURE, MORDELL CONJEC- 
TURE, NETTO’S CONJECTURE, NIRENBERG’S CON- 
JECTURE, ORE’S CONJECTURE, PADE CONJECTURE, 
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PALINDROMIC NUMBER CONJECTURE, PILLAI'S CON- 
JECTURE, POINCARE CONJECTURE, PÓLYA CON- 
JECTURE, PORISM, PRIME k-TUPLES CONJECTURE, 
PRIME PATTERNS CONJECTURE, PRIME POWER CON- 
JECTURE, PROOF, QUILLEN-LICHTENBAUM CONJEC- 
TURE, RAMANUJAN-PETERSSON CONJECTURE, Ro- 
BERTSON CONJECTURE, SAFAREVICH CONJECTURE, 
SAUSAGE CONJECTURE, SCHANUEL’S CONJECTURE, 
SCHISMA, SCHOLZ CONJECTURE, SEIFERT CONJEC- 
TURE, SELFRIDGE’S CONJECTURE, SHANKS’ CON- 
JECTURE, SMITH CONJECTURE, SWINNERTON-DYER 
CONJECTURE, SZPIRO’S CONJECTURE, TAIT’S HAM- 
ILTONIAN GRAPH CONJECTURE, TAIT’S KNOT CON- 
JECTURES, TANIYAMA-SHIMURA CONJECTURE, TAU 
CONJECTURE, THEOREM, THURSTON'S GEOMETRIZA- 
TION CONJECTURE, THWAITES CONJECTURE, Vo- 
JTA’S CONJECTURE, WANG’S CONJECTURE, WARING’S 
PRIME CONJECTURE, WARING’S SUM CONJECTURE, 
ZARANKIEWICZ'S CONJECTURE 


References 
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Conjugacy Class 

A complete set of mutually conjugate GROUP elements. 
Each element in a GROUP belongs to exactly one class, 
and the identity (J = 1) element is always in its own 
class. The ORDERS of all classes must be integral FAC- 
TORS of the ORDER of the GROUP. From the last two 
statements, a GROUP of PRIME order has one class for 
each element. More generally, in an ABELIAN GROUP, 
each element is in a conjugacy class by itself. Two opera- 
tions belong to the same class when one may be replaced 
by the other in a new COORDINATE SYSTEM which is ac- 
cessible by a symmetry operation (Cotton 1990, p. 52). 
These sets correspond directly to the sets of equivalent 
operation. 


Let G be a FINITE GROUP of ORDER |G|. If |G| is ODD, 
then 
|G| = s (mod 16) 


(Burnside 1955, p. 295). Furthermore, if every PRIME 
pi DIVIDING |G] satisfies p; = 1 (mod 4), then 


|G| = s (mod 32) 


(Burnside 1955, p. 320). Poonen (1995) showed that if 
every PRIME p; DIVIDING |G| satisfies p; = 1 (mod m) 
for m > 2, then 


[G| = s (mod 2m") 
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Conjunction 


Conjugate Element 

Given a GROUP with elements A and X, there must 
be an element B which is a SIMILARITY TRANSFORMA- 
TION of A,B = X7*AX so A and B are conjugate with 
respect to X. Conjugate elements have the following 
properties: 

1. Every element is conjugate with itself. 


2. If A is conjugate with B with respect to X, then B 
is conjugate to A with respect to X. 

3. If A is conjugate with B and C, then B and C are 
conjugate with each other. 


see also CONJUGACY CLASS, CONJUGATE SUBGROUP 


Conjugate Gradient Method 

An ALGORITHM for calculating the GRADIENT Vf(P) 
of a function at an n-D point P. It is more robust than 
the simpler STEEPEST DESCENT METHOD. 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
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Conjugate Points 


see HARMONIC CONJUGATE POINTS, ISOGONAL CON- 
JUGATE, ISOTOMIC CONJUGATE POINT 


Conjugate Subgroup 

A SUBGROUP H of an original GROUP G has elements h,. 
Let x be a fixed element of the original GROUP G which 
is not a member of H. Then the transformation thy", 
(i= 1, 2,...) generates a conjugate SUBGROUP Hzx”?. 
If, for all z, zHx"* = H, then H is a SELF-CONJUGATE 
(also called INVARIANT or NORMAL) SUBGROUP. All 
SUBGROUPS of an ABELIAN GROUP are invariant. 


Conjugation 
l 2 n-1 1 2 n-1 


SE E 
A ee A 


A type I MARKOV MOVE. 
see also MARKOV MOVES, STABILIZATION 


Conjunction 
A product of ANDs, denoted 


n 
A Ags 
k+1 


see also AND, DISJUNCTION 


Connected Graph 


Connected Graph 
1 0 


LT id od 


A GRAPH which is connected (as a TOPOLOGICAL 
SPACB), i.e., there is a path from any point to any other 
point in the GRAPH. The number of n-VERTEX (unla- 
beled) connected graphs for n = 1, 2,... are 1, 1, 2, 6, 
21, 112, 853, 11117, ... (Sloane’s A001349). 
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Connected Set 

A connected set is a SET which cannot be partitioned 
into two nonempty SUBSETS which are open in the rel- 
ative topology induced on the SET. Equivalently, it is 
a SET which cannot be partitioned into two nonempty 
SUBSETS such that each SUBSET has no points in com- 
mon with the closure of the other. 


The REAL NUMBERS are a connected set. 


see also CLOSED SET, EMPTY SET, OPEN SET, SET, 
SUBSET 


Connected Space 

A SPACE D is connected if any two points in D can be 
connected by a curve lying wholly within D. A SPACE 
is 0-connected (a.k.a. PATHWISE-CONNECTED) if every 
MAP from a 0-SPHERE to the SPACE extends contin- 
uously to the 1-Disk. Since the 0-SPHERE is the two 
endpoints of an interval (1-DISK), every two points have 
a path between them. A space is 1-connected (a.k.a. 
SIMPLY CONNECTED) if it is O-connected and if every 
MAP from the 1-SPHERE to it extends continuously to 
a MAP from the 2-Disk. In other words, every loop 
in the SPACE is contractible. A SPACE is n-MULTIPLY 
CONNECTED if it is (n — 1)-connected and if every MAP 
from the n-SPHERE into it extends continuously over the 
(n + 1)-Disk. 


A theorem of Whitehead says that a SPACE is infinitely 
connected 1FF it is contractible. 

see also CONNECTIVITY, LOCALLY PATHWISE-CON- 
NECTED SPACE, MULTIPLY CONNECTED, PATHWISE- 
CONNECTED, SIMPLY CONNECTED 
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Connected Sum 

The connected sum M, 34M of n-manifolds Mı and M2 
is formed by deleting the interiors of n-BALLS B; in 
M? and attaching the resulting punctured MANIFOLDS 
M; — B; to each other by a HOMEOMORPHISM h : OB2 > 
OB, so 


Mı #M = (Mi — Bs) | J(Ma — Ba). 
h 


B; is required to be interior to M; and OB; bicollared in 
M; to ensure that the connected sum is a MANIFOLD. 


The connected sum of two KNOTS is called a KNOT SUM. 


see also KNOT SUM 
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Connected Sum Decomposition 
Every COMPACT 3-MANIFOLD is the CONNECTED SUM 
of a unique collection of PRIME 3-MANIFOLDS. 


see also JACO-SHALEN-JOHANNSON TORUS DECOMPO- 
SITION 


Connection 


see CONNECTION COEFFICIENT, GAUSS-MANIN CON- 
NECTION 


Connection Coefficient 

A quantity also known as a CHRISTOFFEL SYMBOL OF 

THE SECOND KIND. Connection COEFFICIENTS are de- 

fined by | 
Des =e s (Ve, €B) (1) 


Ey 


(long form) or 


"+ (WE); (2) 


Tey =€ 


(abbreviated form), and satisfy 


(long form) and 
V yee = Dg, 2a (4) 


(abbreviated form). 


Connection COEFFICIENTS are not TENSORS, but have 
TENSOR-like CONTRAVARIANT and COVARIANT indices. 
A fully COVARIANT connection COEFFICIENT is given 
by 


lapy = 5 (Gab, + gay, + Capry + Cayó — Cara), (5) 


where the gs are the METRIC TENSORS, the cs are COM- 
MUTATION COEFFICIENTS, and the commas indicate the 
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COMMA DERIVATIVE. In an ORTHONORMAL BASIS, 
9a8,y =9 and guy = duy, SO 


Papy = Da ur = Tag" = 5 (Copy + Cayó — Cya) (6) 


and 
Tir =0 toritj3Af4k (7) 
1 OGii . 
Tice => Ərk for 2 A k (8) 
1 ii 
Laj = Daz 2 dai (9) 
ri =0  forifdjAHk (10) 
k = 1 OGii : 
Tri n Oxk for i Æ k (11) 
A A A 6) 


2943 O23 2 Ox 


For TENSORS of RANK 3, the connection COEFFICIENTS 
may be concisely summarized in MATRIX form: 


Pee Dio Tes 
pe ES re, rs l (13) 
+ The Tos 


Connection COEFFICIENTS arise in the computation of 
GEODESICS. The GEODESIC EQUATION of free motion 
iS 


dr? = —nag de” dé”, (14) 
or ] 
d E~ 
= 0: 15 
dr? (t6) 
Expanding, 
d (OE do") arder, PE do de” _ 
dr \ðz”t dr)  09xt dr? Oxvdxr dr dr 6) 
1 
Og dada, OE de da" Ox" =0. (17) 
Ox dr? DES * Darndar dr dr dto ` 
But 4 
DE” Ox A 
Dar dea F’ (18) 
so 
5> d'r” 87 Ee da? dx“ du” 
£ dr? Ox¥ Ox’ ðe | dr dr 
de q? x da dz” 
= 2 $ 
dr? BY dr dr’ i) 
where a r 
> Or ES Ox (20) 


wy Axe day ges” 


see also CARTAN TORSION COEFFICIENT, CHRISTOF- 
FEL SYMBOL OF THE FIRST KIND, CHRISTOFFEL SYM- 
BOL OF THE SECOND KIND, COMMA DERIVATIVE, COM- 
MUTATION COEFFICIENT, CURVILINEAR COORDINATES, 
SEMICOLON DERIVATIVE, ‘TENSOR 
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Connectivity 


see CONNECTED SPACE, EDGE CONNECTIVITY, VER- 
TEX CONNECTIVITY 


Connes Function 


A(z) = € — =). 


Its FULL WIDTH AT HALF MAXIMUM is 
and its INSTRUMENT FUNCTION is 


A— 2\/2a, 


Js /2(27ka) 

I(x) = 8av 27 (2rka)5/? >” 

where J,{z) is a BESSEL FUNCTION OF THE FIRST 
KIND. 


see also APODIZATION FUNCTION 


Conocuneus of Wallis 
see CONICAL WEDGE 


Conoid 


see PLUCKER’S CONOID, RIGHT CONOID 


Consecutive Number Sequences 

Consecutive number sequences are sequences con- 
structed by concatenating numbers of a given type. 
Many of these sequences were considered by Smaran- 
dache, so they are sometimes known as SMARANDACHE 
SEQUENCES. 


The nth term of the consecutive integer sequence con- 
sists of the concatenation of the first n POSITIVE inte- 
gers: 1, 12, 123, 1234, ... (Sloane’s A007908; Smaran- 
dache 1993, Dumitrescu and Seleacu 1994, sequence 1; 
Mudge 1995; Stephen 1998). This sequence gives the 
digits of the CHAMPERNOWNE CONSTANT and contains 
no PRIMES in the first 4,470 terms (Weisstein). This 
is roughly consistent with simple arguments based on 
the distribution of prime which suggest that only a sin- 
gle prime is expected in the first 15,000 or so terms. 
The number of digits of the n term can be computed 
by noticing the pattern in the following table, where 
d = |log,,n| + 1 is the number of digits in n. 


d n Range Digits 

1 1-9 n 

2 10-99 9 + 2(n — 9) 

3 100-999 9+90-2+3(n-— 99) 

4 1000-9999 9+ 90.2 + 900 - 3 + 4(n — 999) 


Consecutive Number Sequences 


Therefore, the number of digits D(n) in the nth term 
can be written 


d—1 
D(n) = d(n + 1 — 10°71) + Y 9k - 108? 
k=1 
d —* 
= (n + 1)d — aes 


9 } 
where the second term is the REPUNIT Ra. 


The nth term of the reverse integer sequence consists 
of the concatenation of the first n POSITIVE integers 
written backwards: 1, 21, 321, 4321, (Sloane’s 
A000422; Smarandache 1993, Dumitrescu and Seleacu 
1994, Stephen 1998). The only PRIME in the first 
3,576 terms (Weisstein) of this sequence is the 82nd 
term 828180...321 (Stephen 1998), which has 155 dig- 
its. This is roughly consistent with simple arguments 
based on the distribution of prime which suggest that a 
single prime is expected in the first 15,000 or so terms. 
The terms of the reverse integer sequence have the same 


number of digits as do the consecutive integer sequence. 


The concatenation of the first n PRIMES gives 2, 23, 
235, 2357, 235711, ... (Sloane’s A019518; Smith 1996, 
Mudge 1997). This sequence converges to the digits 
of the COPELAND-ERDOS CONSTANT and is PRIME for 
terms 1, 2, 4, 128, 174, 342, 435, 1429, ... (Sloane’s 
A046035; Ibstedt 1998, pp. 78-79), with no others less 
than 2,305 (Weisstein). 


The concatenation of the first n ODD NUMBERS gives 
1, 13, 135, 1357, 13579, ... (Sloane’s A019519; Smith 
1996, Marimutha 1997, Mudge 1997). This sequence is 
PRIME for terms 2, 10, 16, 34, 49, 2570, ... (Sloane’s 
A046036; Weisstein, Ibstedt 1998, pp. 75-76), with no 
others less than 2,650 (Weisstein). The 2570th term, 
given by 1 3 5 7...5137 5139, has 9725 digits and was 
discovered by Weisstein in Aug. 1998. 


The concatenation of the first n EVEN NUMBERS gives 
2, 24, 246, 2468, 246810, ... (Sloane’s A019520; Smith 
1996; Marimutha 1997; Mudge 1997; Ibstedt 1998, 
pp. 77-78). 


The concatenation of the first n SQUARE NUMBERS gives 
1, 14, 149, 14916, ... (Sloane's A019521; Marimutha 
1997). The only PRIME in the first 2,090 terms is the 
third term, 149, (Weisstein). 


The concatenation of the first n CUBIC NUMBERS gives 
1, 18, 1827, 182764, ... (Sloane's A019522; Marimutha 
1997). There are no PRIMES in the first 1,830 terms 
(Weisstein). 

see also CHAMPERNOWNE CONSTANT, CONCATENA- 
TION, COPELAND-ERDÓS CONSTANT, CUBIC NUM- 
BER, DEMLO NUMBER, EVEN NUMBER, ODD NUMBER, 
SMARANDACHE SEQUENCES, SQUARE NUMBER 
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Conservation of Number Principle 

A generalization of Poncelet’s PERMANENCE OF MATH- 
EMATICAL RELATIONS PRINCIPLE made by H. Schubert 
in 1874-79. The conservation of number principle as- 
serts that the number of solutions of any determinate 
algebraic problem in any number of parameters under 
variation of the parameters is invariant in such a man- 
ner that no solutions become INFINITE. Schubert called 
the application of this technique the CALCULUS of ENU- 
MERATIVE GEOMETRY. 


see also DUALITY PRINCIPLE, HILBERT’S PROBLEMS, 
PERMANENCE OF MATHEMATICAL RELATIONS PRINCI- 
PLE 
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Conservative Field 
The following conditions are equivalent for a conserva- 
tive VECTOR FIELD: 


1. For any oriented simple closed curve C, the LINE 
INTEGRAL $, F -ds = 0. 

2. For any two oriented simple curves C; and C2 with 
the same endpoints, f Es F . ds = des F . ds. 

3. There exists a SCALAR POTENTIAL FUNCTION f 
such that F = Vf, where V is the GRADIENT. 


4. The CURL V x F =0. 


see also CURL, GRADIENT, LINE INTEGRAL, POTENTIAL 
FUNCTION, VECTOR FIELD 


Consistency 

The absence of contradiction (i.e., the ability to prove 
that a statement and its NEGATIVE are both true) in an 
AXIOMATIC THEORY is known as consistency. 


see also COMPLETE AXIOMATIC THEORY, CONSIS- 
TENCY STRENGTH 
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Consistency Strength 

If the CONSISTENCY of one of two propositions implies 
the CONSISTENCY of the other, the first is said to have 
greater consistency strength. 


Constant 

Any REAL NUMBER which is “significant” (or interest- 
ing) in some way. In this work, the term “constant” is 
generally reserved for REAL nonintegral numbers of in- 
terest, while “NUMBER” is reserved for interesting INTE- 
GERS (e.g., BRUN’S CONSTANT, but BEAST NUMBER). 


Certain constants are known to many DECIMAL DIGITS 
and recur throughout many diverse areas of mathemat- 
ics, often in unexpected and surprising places (e.g., PI, 
e, and to some extent, the EULER-MASCHERONI CON- 
STANT y). Other constants are more specialized and 
may be known to only a few DIGITS. S. Plouffe main- 
tains a site about the computation and identification of 
numerical constants. Plouffe’s site also contains a page 
giving the largest number of DIGITS computed for the 
most common constants. S. Finch maintains a delight- 
ful, more expository site containing detailed essays and 
references on constants both common and obscure. 


see also ABUNDANT NUMBER, ALLADI-GRINSTEAD 
CONSTANT, APERY’S CONSTANT, ARCHIMEDES’ CON- 
STANT, ARTIN’S CONSTANT, BACKHOUSE’S CONSTANT, 
BERAHA CONSTANTS, BERNSTEIN’S CONSTANT, BLOCH 
CONSTANT, BRUN’S CONSTANT, CAMERON’S SUM- 
FREE SET CONSTANT, CARLSON-LEVIN CONSTANT, 
CATALAN’S CONSTANT, CHAITIN’S CONSTANT, CHAM- 
PERNOWNE CONSTANT, CHEBYSHEV CONSTANTS, 
CHEBYSHEV-SYLVESTER CONSTANT, COMMA OF DIDY- 
MUS, COMMA OF PYTHAGORAS, CONIC CONSTANT, 
CONSTANT FUNCTION, CONSTANT PROBLEM, CON- 
TINUED FRACTION CONSTANT, CONWAY’S CONSTANT, 
COPELAND-ERDOS CONSTANT, COPSON-DE BRUIJN 
CONSTANT, DE BRUIJN-NEWMAN CONSTANT, DELIAN 
CONSTANT, DIESIS, DU BOIS RAYMOND CONSTANTS, e, 
ELLISON-MENDES-FRANCE CONSTANT, ERDŐS RECIP- 
ROCAL SUM CONSTANTS, EULER-MASCHERONI CON- 
STANT, EXTREME VALUE DISTRIBUTION, FAVARD 
CONSTANTS, FELLER’S COIN-TOSSING CONSTANTS, 
FRANSEN-ROBINSON CONSTANT, FREIMAN’S CON- 
STANT, GAUSS'S CIRCLE PROBLEM, GAUSS’S CON- 
STANT, GAUSS-KUZMIN-WIRSING CONSTANT, GEL- 
FOND-SCHNEIDER CONSTANT, GEOMETRIC PROBA- 
BILITY CONSTANTS, GIBBS CONSTANT, GLAISHER- 
KINKELIN CONSTANT, GOLDEN MEAN, GOLOMB 
CONSTANT, GOLOMB-DICKMAN CONSTANT, GOM- 
PERTZ CONSTANT, GROSSMAN’S CONSTANT, GRO- 
THENDIECK’S MAJORANT, HADAMARD-VALLEE POUS- 
SIN CONSTANTS, HAFNER-SARNAK-MCCURLEY CON- 
STANT, HALPHEN CONSTANT, HARD SQUARE EN- 
TROPY CONSTANT, HARDY-LITTLEWOOD CONSTANTS, 
HERMITE CONSTANTS, HILBERT’S CONSTANTS, INFI- 
NITE PRODUCT, ITERATED EXPONENTIAL CONSTANTS, 


Constant 


KHINTCHINE’S CONSTANT, KHINTCHINE-LEVY CoN- 
STANT, KOEBE’S CONSTANT, KOLMOGOROV CON- 
STANT, LAL’S CONSTANT, LANDAU CONSTANT, LAN- 
DAU-KOLMOGOROV CONSTANTS, LANDAU-RAMANUJAN 
CONSTANT, LEBESGUE CONSTANTS (FOURIER SE- 
RIES), LEBESGUE CONSTANTS (LAGRANGE INTERPO- 
LATION), LEGENDRE’S CONSTANT, LEHMER’S CON- 
STANT, LENGYEL’S CONSTANT, LEVY CONSTANT, LIN- 
NIK’S CONSTANT, LIOUVILLE’S CONSTANT, LIOUVILLE- 
ROTH CONSTANT, LUDOLPH’S CONSTANT, MADELUNG 
CONSTANTS, MAGIC CONSTANT, MAGIC GEOMETRIC 
CONSTANTS, MASSER-GRAMAIN CONSTANT, MERTENS 
CONSTANT, MILLS’ CONSTANT, MOVING SOFA CON- 
STANT, NAPIER’S CONSTANT, NIELSEN-RAMANUJAN 
CONSTANTS, NIVEN’S CONSTANT, OMEGA CONSTANT, 
ONE-NINTH CONSTANT, OTTER’S TREE ENUMERA- 
TION CONSTANTS, PARITY CONSTANT, PI, PISOT- 
VIJAYARAGHAVAN CONSTANTS, PLASTIC CONSTANT, 
PLOUFFE’S CONSTANT, POLYGON CIRCUMSCRIBING 
CONSTANT, POLYGON INSCRIBING CONSTANT, POR- 
TER'S CONSTANT, PYTHAGORAS’S CONSTANT, QUAD- 
RATIC RECURRENCE, QUADTREE, RABBIT CONSTANT, 
RAMANUJAN CONSTANT, RANDOM WALK, RENYI’S 
PARKING CONSTANTS, ROBBIN CONSTANT, SALEM 
CONSTANTS, SELF-AVOIDING WALK, SHAH-WILSON 
CONSTANT, SHALLIT CONSTANT, SHAPIRO’S CYCLIC 
SUM CONSTANT, SIERPINSKI CONSTANT, SILVER CON- 
STANT, SILVERMAN CONSTANT, SMARANDACHE CON- 
STANTS, SOLDNER’S CONSTANT, SPHERE PACKING, 
STIELTJES CONSTANTS, STOLARSKY-HARBORTH CON- 
STANT, SYLVESTER’S SEQUENCE, THUE CONSTANT, 
THUE-MORSE CONSTANT, TOTIENT FUNCTION CON- 
STANTS, TRAVELING SALESMAN CONSTANTS, TREE 
SEARCHING, TWIN PRIMES CONSTANT, VARGA’S 
CONSTANT, W2-CONSTANT, WEIERSTRA CONSTANT, 
WHITNEY-MIKHLIN EXTENSION CONSTANTS, WIL- 
BRAHAM-GIBBS CONSTANT, WIRTINGER-SOBOLEV ISO- 
PERIMETRIC CONSTANTS 
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Constant Function 


-1 -0.5 0.5 1 
A FUNCTION f(x) = c which does not change as its 
parameters vary. The GRAPH of a 1-D constant FUNC- 
TION is a straight LINE. The DERIVATIVE of a constant 


FUNCTION ¢ is 


d 
Aa = 0, (1) 


[cas Cr: (2) 


The FOURIER TRANSFORM of the constant function 
f(x) = 1 is given by 


and the INTEGRAL is 


Fl] = a e Pk? dg = (k), (3) 


oo 


where (k) is the DELTA FUNCTION. 
see also FOURIER TRANSFORM—1 


References 

Spanier, J. and Oldham, K. B. “The Constant Function c.” 
Ch. 1 in An Atlas of Functions. Washington, DC: Hemi- 
sphere, pp. 11-14, 1987. 


Constant Precession Curve 
see CURVE OF CONSTANT PRECESSION 


Constant Problem 

Given an expression involving known constants, integra- 
tion in finite terms, computation of limits, etc., deter- 
mine if the expression is equal to ZERO. The constant 
problem is a very difficult unsolved problem in TRANS- 
CENDENTAL NUMBER theory. However, it is known 
that the problem is UNDECIDABLE if the expression in- 
volves oscillatory functions such as SINE. However, the 
FERGUSON-FORCADE ALGORITHM is a practical algo- 
rithm for determining if there exist integers a; for given 
real numbers z; such that 


artı + a@er%2+...+antn = 0, 


or else establish bounds within which no relation can 
exist (Bailey 1988). 


see also FERGUSON-FORCADE ALGORITHM, INTEGER 
RELATION, SCHANUEL’S CONJECTURE 


Constructible Number 313 


References 

Bailey, D. H. “Numerical Results on the Transcendence of 
Constants Involving z, e, and Euler’s Constant.” Math. 
Comput. 50, 275-281, 1988. 

Sackell, J. “Zero-Equivalence in Function Fields Defined by 
Algebraic Differential Equations.” Trans. Amer. Math. 
Soc. 336, 151-171, 1993. 


Constant Width Curve 
see CURVE OF CONSTANT WIDTH 


Constructible Number 

A number which can be represented by a FINITE num- 
ber of ADDITIONS, SUBTRACTIONS, MULTIPLICATIONS, 
DIVISIONS, and FINITE SQUARE ROOT extractions of in- 
tegers. Such numbers correspond to LINE SEGMENTS 
which can be constructed using only STRAIGHTEDGE 
and COMPASS. 


All RATIONAL NUMBERS are constructible, and all con- 
structible numbers are ALGEBRAIC NUMBERS (Courant 
and Robbins 1996, p. 133). If a CUBIC EQUATION with 
rational coefficients has no rational root, then none of 
its roots is constructible (Courant and Robbins, p. 136). 


In particular, let Fo be the FIELD of RATIONAL NUM- 
BERS. Now construct an extension field Fi of con- 
structible numbers by the adjunction of vko, where ko 
is in Fo, but vko is not, consisting of all numbers of the 
form ao + bo /ko, where ao, bo € Fo. Next, construct an 
extension field F of F, by the adjunction of ki, de- 
fined as the numbers a1 + bı Vkı, where a1,b1 € Fi, and 
kı is a number in F} for which Vk; does not lie in F}. 
Continue the process n times. Then constructible num- 
bers are precisely those which can be reached by such 
a sequence of extension fields Fn, where n is a measure 
of the “complexity” of the construction (Courant and 
Robbins 1996). | 


see also ALGEBRAIC NUMBER, COMPASS, CON- 
STRUCTIBLE POLYGON, EUCLIDEAN NUMBER, RATIO- 
NAL NUMBER, STRAIGHTEDGE 
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ELECTRONIC 


VOLTAGE 
REGULATOR 


Fig. 10-5. Simplified diagram for a typical electrical system containing an 
ammeter in lieu of the alternator indicator light. This type of system does 
not require an external relay to convert to an electronic voltage regulator. 


the new regulator to the system. This will maintain the integrity of 
the original system connections should you ever want to convert 
back to the original configuration. If an external relay is required, 
mount it in a protected space, preferably with a dust cover or within 
the regulator enclosure. 

After the unit is installed, recheck all wiring to insure that the 
system is properly connected. Before starting the engine, turn off 
all loads until the system voltage is properly adjusted and stable. 
After the engine is started, adjust the system voltage (with trimpot 
R2) for 13.8 volts at the positive terminal of the battery. 

Check to see if the regulator is functioning properly by in- 
creasing the engine speed and adding loads to the system. The 
voltage should remain constant. Note: At slow idle, with loads 


MOTE COMME TOY ADAL O A ADA 

SR CLOSE AS POSTE TO POT 

TEMA > ALTERNATO 
ALT ERNATOR LIGHT 


ELECTRONIC 
VOLTAGE 
REGULATOR 


Fig. 10-6. Simplified diagram for a typical Ford electrical system with a 
charge indicator light. This type of system requires an external relay to 
maintain the function of the indicator light. RLY 1—any 6 volt relay with3 
Amp SPDT contacts. 
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Constructible Polygon 


B 
O Po 
Equilateral Triangle Square 


Pentagon 
COMPASS and STRAIGHTEDGE constructions dating 
back to Euclid were capable of inscribing regular poly- 
gons of 3, 4, 5, 6, 8, 10, 12, 16, 20, 24, 32, 40, 48, 
64, ..., sides. However, this listing is not a complete 
enumeration of “constructible” polygons. Á regular n- 
gon (n > 3) can be constructed by STRAIGHTEDGE and 
COMPASS IFF 

n = 2" pipe "*' Ds, 


where k is in INTEGER > 0 and the p; are distinct FER- 
MAT PRIMES. FERMAT NUMBERS are of the form 


Fie OF he 


where m is an INTEGER > 0. The only known PRIMES of 
this form are 3, 5, 17, 257, and 65537. The fact that this 
condition was SUFFICIENT was first proved by Gauss in 
1796 when he was 19 years old. That this condition was 
also NECESSARY was not explicitly proven by Gauss, and 
the first proof of this fact is credited to Wantzel (1836). 


see also COMPASS, CONSTRUCTIBLE NUMBER, GE- 
OMETRIC CONSTRUCTION, GEOMETROGRAPHY, HEP- 
TADECAGON, HEXAGON, OCTAGON, PENTAGON, POLY- 
GON, SQUARE, STRAIGHTEDGE, TRIANGLE 
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Contact Triangle 


Wantzel, P. L. “Recherches sur les moyens de reconnaitre si 
un Probleme de Géométrie peut se résoudre avec la règle 
et le compas.” J. Math. pures applig. 1, 366-372, 1836. 


Construction 
see GEOMETRIC CONSTRUCTION 


Constructive Dilemma 

A formal argument in LOGIC in which it is stated that 
(1) P > Q and R = S (where => means “IMPLIES” ), 
and (2) either P or R is true, from which two statements 
it follows that either Q or S is true. 


see also DESTRUCTIVE DILEMMA, DILEMMA 


Contact Angle 


contact 
angle 


The ANGLE a between the normal vector of a SPHERE 
(or other geometric object) at a point where a PLANE is 
tangent to it and the normal vector of the plane. In the 
above figure, 


see also SPHERICAL CAP 


Contact Number 
see KISSING NUMBER 


Contact Triangle 
T3 


Ti C; Tə 


The TRIANGLE formed by the points of intersection of 
a TRIANGLE T’s INCIRCLE with T. This is the PEDAL 
TRIANGLE of T with the INCENTER as the PEDAL POINT 
(c.f., TANGENTIAL TRIANGLE). The contact triangle 


Content 


and TANGENTIAL TRIANGLE are perspective from the 
GERGONNE POINT. 


see also GERGONNE POINT, PEDAL TRIANGLE, TAN- 
GENTIAL TRIANGLE 
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Content 
The generalized VOLUME for an n-D object (the “Hy- 
PERVOLUME”). 


see also VOLUME 


Contiguous Function 

A HYPERGEOMETRIC FUNCTION in which one parame- 
ter changes by +1 or —1 is said to be contiguous. There 
are 26 functions contiguous to 2Fi(a,b,c;x) taking one 
pair at a time. There are 325 taking two or more pairs 
at a time. See Abramowitz and Stegun (1972, pp. 557- 
558). 


see also HYPERGEOMETRIC FUNCTION 
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Continued Fraction 
A “general” continued fraction representation of a REAL 
NUMBER « is of the form 


oo (1) 
2 
bi + 
a3 
ba + 
ba +... 
which can be written 
a, ae 
= bb + — 2 
úl E b1+ b2+ (2) 


The SIMPLE CONTINUED FRACTION representation of x 
(which is usually what is meant when the term “contin- 
ued fraction” is used without qualification) of a number 
is given by 


= 265 =<— E (3) 


a 
a3 F... 


which can be written in a compact abbreviated NOTA- 
TION as 
x = [ao, 41,02,43,...). (4) 


Here, 


ao = |z] (5) 
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is the integral part of o (where |x| is the FLOOR FUNC- 


TION), 
a = | : l (6) 


T — aq 


is the integral part of the RECIPROCAL of x —ao, az is the 
integral part of the reciprocal of the remainder, etc. The 
quantities a; are called PARTIAL QUOTIENTS. An ar- 
chaic word for a continued fraction is ANTHYPHAIRETIC 
RATIO. 


Continued fractions provide, in some sense, a series of 
“best” estimates for an IRRATIONAL NUMBER. Func- 
tions can also be written as continued fractions, pro- 
viding a series of better and better rational approxima- 
tions. Continued fractions have also proved useful in 
the proof of certain properties of numbers such as e and 
m (PD. Because irrationals which are square roots of 
RATIONAL NUMBERS have periodic continued fractions, 
an exact representation for a tabulated numerical value 
(i.e., 1.414... for PYTHAGORAS’S CONSTANT, V2) can 
sometimes be found. 


Continued fractions are also useful for finding near com- 
mensurabilities between events with different periods. 
For example, the Metonic cycle used for calendrical pur- 
poses by the Greeks consists of 235 lunar months which 
very nearly equal 19 solar years, and 235/19 is the sixth 
CONVERGENT of the ratio of the lunar phase (synodic) 
period and solar period (365.2425 /29.53059). Continued 
fractions can also be used to calculate gear ratios, and 
were used for this purpose by the ancient Greeks (Guy 
1990). 


If only the first few terms of a continued fraction are 
kept, the result is called a CONVERGENT. Let Pn/Qn 
be convergents of a nonsimple continued fraction. Then 


Pat. OpS0 (7) 


Qo=1 (8) 


and subsequent terms are calculated from the RECUR- 
RENCE RELATIONS 


Po = bo 


P; = b;P;-1 + a5Pj-2 (9) 
Qj = diQj-1 + 05Q5-2 (10) 
for j = 1, 2,..., n. It is also true that 


PiQ naai = Pria = (=p Ig (11) 
k=l 


The error in approximating a number by a given CON- 
VERGENT is roughly the MULTIPLICATIVE INVERSE of 
the square of the DENOMINATOR of the first neglected 
term. 


A finite simple continued fraction representation termi- 
nates after a finite number of terms. To “round” a con- 
tinued fraction, truncate the last term unless it is +1, 
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in which case it should be added to the previous term 
(Beeler et al. 1972, Item 101A). To take one over a con- 
tinued fraction, add (or possibly delete) an initial 0 term. 
To negate, take the NEGATIVE of all terms, optionally 
using the identity 

[—a, —b, —c, —d,...] =[-a—1,1,b-1,c,d,...J. (12) 
A particularly beautiful identity involving the terms of 
the continued fraction is 


= (an, An—15+ ++ 01, do] (13) 


Cae reer 


[@0,@1,.-.,@n| 
[@o, @1, sii eranen] 


Finite simple fractions represent rational numbers and 
all rational numbers are represented by finite continued 
fractions. There are two possible representations for a 
finite simple fraction: 


[a | a = [a1,---,@n—1,4n — 1,1] for an > 1 
ICE Un] — [@1,-.-,@n—2,4n-1 + 1] for An = 1. 
(14) 


On the other hand, an infinite simple fraction represents 
a unique IRRATIONAL NUMBER, and each IRRATIONAL 
NUMBER has a unique infinite continued fraction. 


Consider the CONVERGENTS Pn /qn of a simple continued 
fraction, and define 


p-1 =0 g-1=1 (15) 
Pl = ai qd = 1. (17) 


Then subsequent terms can be calculated from the RE- 
CURRENCE RELATIONS 


Pi = Gipi-1 + Pi-2 (18) 


Gi = Qigi-1 + Gi-2. (19) 


The CONTINUED FRACTION FUNDAMENTAL RECUR- 
RENCE RELATION for simple continued fractions is 


Pndn-1 — Pn-14n = =D”. (20) 


It is also true that if a; 40, 


Pe = lan, On-1,..-,41] (21) 
Pn-1 
n | 
—— = [an,..., a2]. (22) 
dn—1 
Furthermore, 


dn GQn+1 — Qn-—1 


Pn = (n — 1)pn-1 + (n — 1)pn-2 + (n — 2)Pn-3 
+...+3p2+2p1 + pı +1. (24) 


Continued Fraction 
Also, if p/q > 1 and 
o T [01,02,--:54m), (25) 


then 
: = [0,a1,...,@n). (26) 


Similarly, if p/q < 1 so 


= [0, a1,...,an], (27) 


then á 
— a peers Un + 28 
1 ( ) 


The convergents also satisfy 


—1 n 
Cn — Cn—1 = Ey (29) 
GQnGn-1 
A zi | n-—1 
Cn — Cn-2 = @n(~1)" (30) 
GnGn—2 


The ODD convergents con+1 of an infinite simple contin- 
ued fraction form an INCREASING SEQUENCE, and the 
EVEN convergents Can form a DECREASING SEQUENCE 
(so any ODD convergent is less than any EVEN conver- 
gent). Summarizing, 


Cy < C3 < C5 S++) < Conga <-** 
< Can <te < Ce < C4 < cg. (31) 


Furthermore, each convergent for n > 3 lies between 
the two preceding ones. Each convergent is nearer to the 
value of the infinite continued fraction than the previous 
one. Let pn/qn be the nth continued fraction represen- 
tation. Then 


1 
(Qn41 + 2)qn* 


1 


G4n+14n 


Pn 
qn 


< lO 


dd (32) 


2 . 


The SQUARE ROOT of a SQUAREFREE INTEGER has a 
periodic continued fraction of the form 


yn = [a1,42,...,@n, 2a1 | (33) 


(Rose 1994, p. 130). Furthermore, if D is not a SQUARE 
NUMBER, then the terms of the continued fraction of 
VD satisfy 

0 < an < 2VD. (34) 


In particular, 


[a] = a+ yvat+4 verte (35) 
1,9 = AA (36) 
[a, 2a] = Ya? + 1 (37) 
aea) = 2H (38) 


Continued Fraction 


[213 7-., Gn] 
—(qn-1 a Pn) as (Qn—-1 = Dn)? + AdnPn-1 
eee ee A AAA (39) 
= 1 
ai1,61,...,6,| =a: + ==>n> 40 
[pues e CHA a 
ERAS fbi,- -- bn]Pn + Pn-1 (41) 


[b1, ...3 bnlan + In—1 


The first follows from 


1 
a=n+ 
n+ > 
1 
n + 
TAR 
1 
=n+ (42) 
1 
n+ i 
n + 
n 
Therefore, 
a=n= E EE: (43) 
m+ 
1 
n+ 
RT 
so plugging (43) into (42) gives 
1 1 
sappe =n+-. 44 
E Pa a ea oe 
Expanding 
a’ —~na—1=0, (45) 
and solving using the QUADRATIC FORMULA gives 
244 
a= ate. (46) 


The analog of this treatment in the general case gives 


= APn T Pn—1 (47) 

Aqn + Qn-1 
The following table gives the repeating simple continued 
fractions for the square roots of the first few integers 
(excluding the trivial SQUARE NUMBERS). 
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N ON N UN 
2 [1,2] | 22 [4,1,2,4,2,1,8] 
3 (1,1,2] | 23 (4, 1,3,1,8] 
5 [2,4] | 24 [4,1,8] 
6 [2,2,4] |26 [5, 10] 
7 [2,1,1,1,4] |27 [5,5,10] 
8 [2,1,4] |28 [5, 3, 2, 3, 10] 
10 [3,6] | 29 [5, 2, 1,1, 2, 10] 
11 [3,3,6] | 30 [5, 2, 10] 
12 [3,2,6] | 31 (5,1,1,3,5,3,1,1,10] 
13 [3,1,1,1,1,6] | 32 [5,1,1,1,10] 
14 [3,1,2,1,6] | 33 [5, 1, 2, 1,10] 
15 [3,1,6] | 34 [5, 1,4, 1,10] 
17 [4,8] 135 [5, 1, 10] 
18 4,4,8] |37 [6, 12] 
19 [4,2,1,3,1,2,8] |38 [6, 6, 12] 
20 [4,2,8] |39 [6, 4,12] 
21 [4,1,1,2,1,1,8] |40 [6,3,12] 


The periods of the continued fractions of the square 
roots of the first few nonsquare integers 2, 3, 5, 6, 7, 
8, 10, 11, 12, 13, ... (Sloane’s A000037) are 1, 2, 1, 2, 
4, 2, 1, 2, 2, 5, ... (Sloane's A013943; Williams 1981, 
Jacobson et al. 1995). An upper bound for the length is 
roughly O(In DVD). 


An even stronger result is that a continued fraction is 
periodic IFF it is a ROOT of a quadratic POLYNOMIAL. 
Calling the portion of a number z remaining after a 
given convergent the “tail,” it must be true that the 
relationship between the number x and terms in its tail 
is of the form 


7 +6 
= ed+d’ 
which can only lead to a QUADRATIC EQUATION. 


(48) 


LOGARITHMS log,, b1 can be computed by defining bz, 
...and the POSITIVE INTEGER nj, ...such that 


bt < bo <b ba = —— (49) 
6," 
n2 n2 +1 b1 
bo < b1 < ba b3 = = (50) 
b2”? 
and so on. Then 
log,, b1 = [n1, n2,73,...]. (51) 
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A geometric interpretation for a reduced FRACTION y/z 
consists of a string through a LATTICE of points with 
ends at (1,0) and (x,y) (Klein 1907, 1932; Steinhaus 
1983; Ball and Coxeter 1987, pp. 86-87; Davenport 
1992). This interpretation is closely related to a simi- 
lar one for the GREATEST COMMON DIVISOR. The pegs 
it presses against (%,,y;) give alternate CONVERGENTS 
yi/xi, while the other CONVERGENTS are obtained from 
the pegs it presses against with the initial end at (0, 1). 
The above plot is for e — 2, which has convergents 0, 1, 
2/3, 3/4, 5/7, .... 


Let the continued fraction for z be written [a1, az, ..., 
An]. Then the limiting value is almost always KHINT- 
CHINE’S CONSTANT 


K = lim (aiaz an)” = 2.68545.... (52) 


TL OO 


Continued fractions can be used to express the POsI- 
TIVE ROOTS of any POLYNOMIAL equation. Continued 
fractions can also be used to solve linear DIOPHANTINE 
EQUATIONS and the PELL EQUATION. Euler showed 
that if a CONVERGENT SERIES can be written in the 
form 

C1 + Cica + €1C2C3 +..., (53) 


then it is equal to the continued fraction 


2 (54) 
1 z 


Cc 
l+ «9 — : 


l+c3=... 


Gosper has invented an ALGORITHM for performing ana- 
lytic ADDITION, SUBTRACTION, MULTIPLICATION, and 
DIVISION using continued fractions. It requires keep- 
ing track of eight INTEGERS which are conceptually ar- 
ranged at the VERTICES of a CUBE. The ALGORITHM 
has not, however, appeared in print (Gosper 1996). 


An algorithm for computing the continued fraction for 
(ax + b)/(cx + d) from the continued fraction for æ is 
given by Beeler et al. (1972, Item 101), Knuth (1981, 
Exercise 4.5.3.15, pp. 360 and 601), and Fowler (1991). 
(In line 9 of Knuth’s solution, X, + | A/C] should be 
replaced by X, + min(|A/C],{|(A+B)/(C + D)]).) 
Beeler et al. (1972) and Knuth (1981) also mention the 
bivariate case (axy +bx+cy+d)/(Ary+ Br+Cy+D). 


see also GAUSSIAN BRACKETS, HURWITZ'S IRRA- 
TIONAL NUMBER THEOREM, KHINTCHINE’S CON- 
STANT, LAGRANGE’S CONTINUED FRACTION THEO- 
REM, LAME’S THEOREM, LEVY CONSTANT, PADE AP- 
PROXIMANT, PARTIAL QUOTIENT, PI, QUADRATIC IR- 
RATIONAL NUMBER, QUOTIENT-DIFFERENCE ALGO- 
RITHM, SEGRE’S ‘THEOREM 
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Wall, H. S. Analytic Theory of Continued Fractions. New 

York: Chelsea, 1948. 
Williams, H. C. “A Numerical Investigation into the Length 


of the Period of the Continued Fraction Expansion of VD.” 
Math. Comp. 36, 593-601, 1981. 


Continued Fraction Constant 
A continued fraction with partial quotients which in- 
crease in ARITHMETIC PROGRESSION is 


Iayp (4) 


[A+ D, A+2D,A+3D,...] = 
Thiasp ($), 


where f(x) is a MODIFIED BESSEL FUNCTION OF THE 
FIRST KIND (Beeler et al. 1972, Item 99). A special case 
is 


1+ i 
2+ i 
3+ i 
4+ 
5+.. 
which has the value 
11 (2) 


= 0.697774658... 


(Lehmer 1973, Rabinowitz 1990). 


see also e, GOLDEN MEAN, MODIFIED BESSEL FUNC- 
TION OF THE FIRST KIND, PI, RABBIT CONSTANT, 
THUE-MORSE CONSTANT 
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Continued Fraction Factorization Algorithm 
A PRIME FACTORIZATION ALGORITHM which uses 
RESIDUES produced in the CONTINUED FRACTION of 
vVmN for some suitably chosen m to obtain a SQUARE 
NUMBER. The ALGORITHM solves 


a? =y” (mod n) 


by finding an m for which m? (mod n) has the small- 


est upper bound. The method requires (by conjecture) 


about exp(./2 log n log log n ) steps, and was the fastest 
PRIME FACTORIZATION ALGORITHM in use before the 
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QUADRATIC SIEVE FACTORIZATION METHOD, which 
eliminates the 2 under the SQUARE ROOT (Pomerance 
1996), was developed. 


see also EXPONENT VECTOR, PRIME FACTORIZATION 
ALGORITHMS 
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Continued Fraction Fundamental 
Recurrence Relation 

For a SIMPLE CONTINUED FRACTION ø = [ao,a1,...| 
with CONVERGENTS Pn/qn, the fundamental RECUR- 
RENCE RELATION is given by 


Pn dn-1 — Pn-1idn = (—1)”. 
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Continued Fraction Map 


0.5 1 Lio 2 2.5 
ra=- [žl 


for x € [0,1], where |z] is the FLOOR FUNCTION. The 
INVARIANT DENSITY of the map is 


1 
ply) = (1+y)In2' 


References 

Beck, C. and Schlógl, F. Thermodynamics of Chaotic Sys- 
tems. Cambridge, England: Cambridge University Press, 
pp. 194-195, 1995. 


Continued Fraction Unit Fraction Algorithm 
An algorithm for computing a UNIT FRACTION, called 
the FAREY SEQUENCE method by Bleicher (1972). 
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Continued Square Root 
Expressions of the form 


im To + Y £i +V r2 +V... +k. 


Herschfeld (1935) proved that a continued square root 
of REAL NONNEGATIVE terms converges IFF (2)? is 
bounded. He extended this result to arbitrary POWERS 
(which include continued square roots and CONTINUED 
FRACTIONS as well), which is known as HERSCHFELD’S 
CONVERGENCE THEOREM. 


see also CONTINUED FRACTION, HERSCHFELD’S CON- 
VERGENCE THEOREM, SQUARE ROOT 
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Continued Vector Product 
see VECTOR TRIPLE PRODUCT 


Continuity 
The property of being CONTINUOUS. 


see also CONTINUITY AXIOMS, CONTINUITY CORREC- 
TION, CONTINUITY PRINCIPLE, CONTINUOUS DISTRI- 
BUTION, CONTINUOUS FUNCTION, CONTINUOUS SPACE, 
FUNDAMENTAL CONTINUITY THEOREM 


Continuity Axioms 

“The” continuity axiom is an additional AXIOM which 
must be added to those of Euclid’s Elements in order to 
guarantee that two equal CIRCLES of RADIUS r intersect 
each other if the separation of their centers is less than 
2r (Dunham 1990). The continuity azioms are the three 
of HILBERT’S AXIOMS which concern geometric equiva- 
lence. 


ARCHIMEDES’ LEMMA is sometimes also known as “the 
continuity axiom.” 


see also CONGRUENCE AXIOMS, HILBERT’S AXIOMS, IN- 
CIDENCE AXIOMS, ORDERING AXIOMS, PARALLEL POS- 
TULATE 
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Continuous Distribution 


Continuity Correction 
A correction to a discrete BINOMIAL DISTRIBUTION to 
approximate a continuous distribution. 


P(a < X <b) 
1 1 
os A a e b— 5 -— np | 
y np(1 — p) y np(1 — p) 
where 
z= EH) 
a 


is a continuous variate with a NORMAL DISTRIBUTION 
and X is a variate of a BINOMIAL DISTRIBUTION. 


see also BINOMIAL DISTRIBUTION, NORMAL DISTRIBU- 
TION 


Continuity Principle 


see PERMANENCE OF MATHEMATICAL RELATIONS 
PRINCIPLE 


Continuous 

A general mathematical property obeyed by mathemat- 
ical objects in which all elements are within a NEIGH- 
BORHOOD of nearby points. 


see also ABSOLUTELY CONTINUOUS, CONTINUOUS DIS- 
TRIBUTION, CONTINUOUS FUNCTION, CONTINUOUS 
SPACE, JUMP 


Continuous Distribution 
A DISTRIBUTION for which the variables may take on 
a continuous range of values. Abramowitz and Stegun 
(1972, p. 930) give a table of the parameters of most 
common discrete distributions. 


see also BETA DISTRIBUTION, BIVARIATE DISTRIBU- 
TION, CAUCHY DISTRIBUTION, CHI DISTRIBUTION, 
CHI-SQUARED DISTRIBUTION, CORRELATION COEF- 
FICIENT, DISCRETE DISTRIBUTION, DOUBLE EX- 
PONENTIAL DISTRIBUTION, EQUALLY LIKELY OUT- 
COMES DISTRIBUTION, EXPONENTIAL DISTRIBUTION, 
EXTREME VALUE DISTRIBUTION, F-DISTRIBUTION, 
FERMI-DIRAC DISTRIBUTION, FISHER’S z-DISTRIBU- 
TION, FISHER-TIPPETT DISTRIBUTION, GAMMA DIS- 
TRIBUTION, GAUSSIAN DISTRIBUTION, HALF-NORMAL 
DISTRIBUTION, LAPLACE DISTRIBUTION, LATTICE DIS- 
TRIBUTION, LEVY DISTRIBUTION, LOGARITHMIC Dis- 
TRIBUTION, LOG-SERIES DISTRIBUTION, LOGISTIC Dis- 
TRIBUTION, LORENTZIAN DISTRIBUTION, MAXWELL 
DISTRIBUTION, NORMAL DISTRIBUTION, PARETO DIS- 
TRIBUTION, PASCAL DISTRIBUTION, PEARSON TYPE 
III DISTRIBUTION, POISSON DISTRIBUTION, PÓLYA 


‘DISTRIBUTION, RATIO DISTRIBUTION, RAYLEIGH DIS- 


TRIBUTION, RICE DISTRIBUTION, SNEDECOR’S F- 
DISTRIBUTION, STUDENT’S t-DISTRIBUTION, STU- 
DENT’S z-DISTRIBUTION, UNIFORM DISTRIBUTION, 
WEIBULL DISTRIBUTION 


Continuous Function 
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Continuous Function 

A continuous function is a FUNCTION f : X — Y where 

the pre-image of every OPEN SET in Y is OPEN in X. 

A function f(z) in a single variable z is said to be con- 

tinuous at point zo if 

1. f(zo) is defined, so Zo is the DOMAIN of f. 

2. limg+e, f(x) exists. 

where lim denotes a LIMIT. If f is DIFFERENTIABLE at 

point zo, then it is also continuous at xo. If f and g are 

continuous at xo, then 

1. f +g is continuous at Zo. 

2. f — g is continuous at Zo. 

3. f X g is continuous at Zo. 

4. f +g is continuous at Zo if g(zo) # 0 and is discon- 
tinuous at zo if g(zo) = 0. 

5. f og is continuous, where o denotes using g as the 
argument to f. 


see also CRITICAL POINT, DIFFERENTIABLE, LIMIT, 
NEIGHBORHOOD, STATIONARY POINT 


Continuous Space - 
A TOPOLOGICAL SPACE. 


see also NET 


Continuum | 
The nondenumerable set of REAL NUMBERS, denoted 
C. It satisfies 


Not C=C (1) 
and 
C=C, (2) 
where No is No (ALEPH-0). It is also true that 
No" = C. (3) 
However, 
CF =F (4) 


is a SET larger than the continuum. Paradoxically, there 
are exactly as many points C on a LINE (or LINE SEG- 
MENT) as in a PLANE, a 3-D SPACE, or finite HYPER- 
SPACE, since all these SETS can be put into a ONE-TO- 
ONE correspondence with each other. 


The CONTINUUM HYPOTHESIS, first proposed by Georg 
Cantor, holds that the CARDINAL NUMBER of the con- 
tinuum is the same as that of &,. The surprising truth 
is that this proposition is UNDECIDABLE, since neither it 
nor its converse contradicts the tenets of SET THEORY. 


see also ALEPH-0 (No), ALEPH-1 (N1), CONTINUUM HY- 
POTHESIS, DENUMERABLE SET 
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Continuum Hypothesis 

The proposal originally made by Georg Cantor that 
there is no infinite SET with a CARDINAL NUMBER be- 
tween that of the “small” infinite SET of INTEGERS No 
and the “large” infinite set of REAL NUMBERS C (the 
“CONTINUUM”). Symbolically, the continuum hypoth- 
esis is that Ni = C. Gödel showed that no contra- 
diction would arise if the continuum hypothesis were 
added to conventional ZERMELO-FRAENKEL SET THE- 
ORY. However, using a technique called FORCING, Paul 
Cohen (1963, 1964) proved that no contradiction would 
arise if the negation of the continuum hypothesis was 
added to Ser THEORY. Together, Godel’s and Cohen’s 
results established that the validity of the continuum 
hypothesis depends on the version of SET THEORY be- 
ing used, and is therefore UNDECIDABLE (assuming the 
ZERMELO-FRAENKEL AXIOMS together with the AXIOM 
OF CHOICE). 


Conway and Guy (1996) give a generalized version of 
the Continuum Hypothesis which is also UNDECIDABLE: 
is 2%8 = X41 for every a? 


see also ALEPH-0 (No), ALEPH-1 (Ni), AXIOM OF 
CHOICE, CARDINAL NUMBER, CONTINUUM, DENUMER- 
ABLE SET, FORCING, HILBERT’S PROBLEMS, LEBESGUE 
MEASURABILITY PROBLEM, UNDECIDABLE, ZERMELO- 
FRAENKEL AXIOMS, ZERMELO-FRAENKEL SET THE- 
ORY 
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Contour 
A path in the COMPLEX PLANE over which CONTOUR 
INTEGRATION is performed. 


see also CONTOUR INTEGRATION 


Contour Integral 
see CONTOUR INTEGRATION 


Contour Integration 

Let P(x) and Q(x) be POLYNOMIALS of DEGREES n and 
m with COEFFICIENTS b,,..., bo and Cm, ..., Co. Take 
the contour in the upper half-plane, replace x by z, and 
write z = Re*?. Then 


e P(ejdz a ý P(z)dz 
/ RG) = tm] ay Y 


— 00 
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Define a path yr which is straight along the REAL axis 
from —R to R and makes a circular arc to connect the 
two ends in the upper half of the COMPLEX PLANE. The 
RESIDUE THEOREM then gives 


im] P(z) dz 
YR 


R> Q(z) 
=a úl P(z) dz " P(Re**) i 
= ja f Q(z) Sr cae E O( Rei) e a 
l P(z) 
= 271 De Res Pat (2) 


3[2]>0 


where Res denotes the RESIDUES. Solving, 


R 
lim J P(z) dz 
Roo _R Q(z) 
. P(z) z m P(Re**) p 18 
= — | -c ; 
2m y RES Oia) eu (Rew) ES d. (3) 
3[2]>0 
Define 
JE 10 
I, = lim Ple"): re! ao 


ea >» Q(Ret?) 


f bn (Rei?) + by_1(Re®)"-2 +... + bo 
= lim AA Y A A 
0 


iR do 
Cm (Rei?) + Cm—1( Ret? )™-1 +... + co 


T bn 
= im f — (Ret? )”-™iR dd 
0 


R—00 Cm 
AAA 
= lim — RPT ™ ie" )"—™ dð (4) 
A — oo Cm 
and set 
e=-(n+1-™m), (5) 


then equation (4) becomes 


2 b ji 
I= lim —— (20:19 6 
R>00 RE Cm / (6) 
Now, 
lim R=0 (7) 
R>00 


for e > 0. That means that for -n — 1+m > 1, or 
m>n+2, IR =0, so 


~ P(z) dz ee P(z) 
i QG) = 2m1 y Res pa 


ee S[z]>0 


for m > n+ 2. Apply JORDAN’S LEMMA with f(z) = 
P(x)/Q(x). We must have 


o) 
eee” 


lim f(x) = 0, 


T-—00 


Contraction (Tensor) 


so we require m > n + 1. Then 


i Plz) iaz Bs 2m es Plz) iaz 
Ma Es | oe 


&[z]>0 


form > n+l. 


Since this must hold separately for REAL and IMAGI- 
NARY PARTS, this result can be extended to 


pl P(x) P(z) iaz 
J Ol) cos(ax) drz = 2rR Ne Res ES | 


S[z]>0 
(11) 
oe P(x) A P(z) iaz 
sin(ax)dx = 213 Res | e | 
J. Q(z) 2 Q(z) 
(12) 
It is also true that 
~ P(z) a 
9 20 In(az) dz = 0. (13) 


see also CAUCHY INTEGRAL FORMULA, CAUCHY IN- 
TEGRAL THEOREM, INSIDE-OUTSIDE THEOREM, JOR- 
DAN’S LEMMA, RESIDUE (COMPLEX ANALYSIS), SINE 
INTEGRAL 
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Contracted Cycloid 
see CURTATE CYCLOID 


Contraction 
see DILATION 


Contraction (Graph) 
The merging of nodes in a GRAPH by eliminating seg- 
ments between two nodes. 


Contraction (Tensor) 

The contraction of a TENSOR is obtained by setting un- 
like indices equal and summing according to the EIN- 
STEIN SUMMATION convention. Contraction reduces the 
RANK of a TENSOR by 2. For a second RANK TENSOR, 


contr(B;') = B; 


: Ox. Ox; Oz; 
li k k l pk k 
io Z = B — ô B — B . 
OL k Ox; OL y : ió je 


Therefore, the contraction is invariant, and must be a 
SCALAR. In fact, this SCALAR is known as the TRACE 
of a MATRIX in MATRIX theory. 
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Contradiction Law 


Contradiction Law 
No A is not-A. 


see also NOT 


Contravariant Tensor 

A contravariant tensor is a TENSOR having specific 
transformation properties (c.f., a COVARIANT TENSOR). 
To examine the transformation properties of a contra- 
variant tensor, first consider a TENSOR of RANK 1 (a 
VECTOR) | 


dr = dx1X1 + dxi2X2 + dx3X3, (1) 
for which 3g 
dz’, = a dz 5. (2) 


Now let A; = dz;, then any set of quantities A; which 
transform according to 


, Ox; 
A; = —— A,, 3 
or, defining 
_ OR; 
a (4) 
according to 
l A; = ij Aj (5) 


is a contravariant tensor. Contravariant tensors are in- 
dicated with raised indices, i.e., a”. 


COVARIANT TENSORS are a type of TENSOR with differ- 
ing transformation properties, denoted a,. However, in 
3-D CARTESIAN COORDINATES, 


Ox; Oz; 
F = dij (6) 
Ox! Oz; 

for i,j = 1, 2, 3, meaning that contravariant and co- 


variant tensors are equivalent. The two types of tensors 
do differ in higher dimensions, however. Contravariant 
FOUR-VECTORS satisfy 


= Na. (7) 
where A is a LORENTZ TENSOR. 


To turn a COVARIANT TENSOR into a contravariant ten- 
sor, use the METRIC TENSOR g*” to write 


= g ap. (8) 


Covariant and contravariant indices can be used simul- 
taneously in a MIXED TENSOR. 


see also COVARIANT TENSOR, FOUR-VECTOR, LOR- 
ENTZ TENSOR, METRIC TENSOR, MIXED TENSOR, 
TENSOR 


a” 
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Contravariant Vector 
A CONTRAVARIANT TENSOR of RANK 1. 


see also CONTRAVARIANT TENSOR, VECTOR 


Control Theory 

The mathematical study of how to manipulate the pa- 
rameters affecting the behavior of a system to produce 
the desired or optimal outcome. 


see also KALMAN FILTER, LINEAR ÁLGEBRA, PON- 
TRYAGIN MAXIMUM PRINCIPLE 
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Convective Acceleration 
The acceleration of an element of fluid, given by the 
CONVECTIVE DERIVATIVE of the VELOCITY v, 


2 00 dah Vv, 
Dt Ot 


where V is the GRADIENT operator. 


see also ACCELERATION, CONVECTIVE DERIVATIVE, 
CONVECTIVE OPERATOR 
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Convective Derivative 
A DERIVATIVE taken with respect to a moving coordi- 
nate system, also called a LAGRANGIAN DERIVATIVE. It 
is given by 
ee +v-V, 
Di ot” 
where V is the GRADIENT operator and v is the VE- 
LOCITY of the fluid. This type of derivative is especially 
useful in the study of fluid mechanics. When applied to 
V, 
Dv ðv 2 
— = — V xv}xv+V(łví). 
see also CONVECTIVE OPERATOR, DERIVATIVE, VE- 


LOCITY 
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Convective Operator 
Defined for a VECTOR FIELD A by (A - V), where V is 
the GRADIENT operator. 


Applied in arbitrary orthogonal 3-D coordinates to a 
VECTOR FIELD B, the convective operator becomes 


(A: a 


Ax OB; Br Oh; hk 
= A;—— — Ar—— ; 1 
-Y E 00k Tah ( 7 Odn i 09; )| ( ) 
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SWITCH 
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ELECTRONIC 
VOLTAGE 
REGULATOR 


Fig. 10-7. Simplified diagram fora typical Delcotron (GM) electrical system 
with a charge indicator light. This system also requires an external relay if 
you want to maintain the function of the indicator light. RLY1—any 6 voit 
relay with 3 Amp SPDT contacts. 


turned on, the voltage may drop slightly, since the alternator is not 
producing at its rated output. At cruising speed, however, the 
correct voltage should be maintained if the system is operating 
properly. 


Conclusion 

This completes the installation and check-out of your elec- 
tronic voltage regulator. It should provide many years of trouble- 
free operation in addition to extending the life of your lead-acid 
battery. 

As a final suggestion, you may want to monitor the system 
voltage on a continuous basis for the first few weeks after installa- 
tion. If no problems are experienced during this initial trial period, 
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Fig. 10-8. Simplified diagram for a typical Motorola (AMC) electrical sys- 
tem with an internal isolation diode. An external relay will be required to 
maintain the function of the indicator light. RLY1—any 12 volt relay with 3 
Amp SPDT contacts. 
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where the his are related to the METRIC TENSORS by 
hi = gi. In CARTESIAN COORDINATES, 


AWB = (4.2% OB. a) a 


Ox TA Oy + As Oz 


OB, OB, ðB, \ . 
EYA A Az —— 
+(a x ek a a a) 


B, z ae 
+ (4.5 pa eg OE )- (2) 


Ox Oy Oz 


In CYLINDRICAL COORDINATES, 


OB, | Ag OB, OB, AgBe\. 
A.V)B=| A, — As 
eV) ( Or di r 09 = Oz r ) 
ð Bo Ag OB OBs AgBr e 
A, — — + A, — + — 
+ Or r 00 as OZ r 4 
OB, Ag OB, OB, A 
Ay — A,—— |Ê. 
+( ðr r Ob car (3) 
In SPHERICAL COORDINATES, 
(A - V)B 
Z (4,92 , Ae OB, Aj OB, ABe + aa E 
Or r 00 rsin@ 0% r 
de (4.5 + Ao Ə Bə As Ə Bə As B, _ A,B, 22) ra 
Or r 06 rsin@ öğ r r 
OB, Ag OB, Ag OB, A,B, AgBe cot el ^ 
+ (4. r e wae e+ AE y, Aot) g, 


(4) 


see also CONVECTIVE ACCELERATION, CONVECTIVE 
DERIVATIVE, CURVILINEAR COORDINATES, GRADIENT 


Convergence Acceleration 
see CONVERGENCE IMPROVEMENT 


Convergence Improvement 

The improvement of the convergence properties of a SE- 
RIES, also called CONVERGENCE ACCELERATION, such 
that a SERIES reaches its limit to within some accuracy 
with fewer terms than required before. Convergence im- 
provement can be effected by forming a linear combina- 
tion with a SERIES whose sum is known. Useful sums 
include 


— 1 
2 y (1) 
E 1 1 
2, n(n +1)(n +2) ~ 4 (2) 
i 1 1 
2, n(n+1)(n+2)(n+3) 18 (3) 
= 1 1 


o) Y 


n=l 


Convergence Improvement 


Kummer’s transformation takes a convergent series 


s= > as (5) 


k=0 


and another convergent series 


TD. (6) 


k=0 
with known c such that 


lim — =r #0. (7) 


Then a series with more rapid convergence to the same 
value is given by 


s=ot 5 (1-42) a (8) 
k 
k=0 


(Abramowitz and Stegun 1972). 


EULER’S TRANSFORM takes a convergent alternating se- 
ries 


Y (Das = day blas (9) 


k=0 


into a series with more rapid convergence to the same 
value to 


y ees (10) 


where 


Aap SO Si)" (5 Jan (11) 
0 


(Abramowitz and Stegun 1972; Beeler et al. 1972, Item 
120). 


Given a series of the form 


e 


where f(z) is an ANALYTIC at 0 and on the closed unit 
DIsk, and 
f(z)|z40 = O(2”), (13) 


then the series can be rearranged to 


Convergence Tests 


where 
oo 


IA a (15) 


m=2 


is the MACLAURIN SERIES of f and ¢(z) is the RIEMANN 
ZETA FUNCTION (Flajolet and Vardi 1996). The trans- 
formed series exhibits geometric convergence. Similarly, 
if f(z) is ANALYTIC in |z| < 1/no for some POSITIVE 
INTEGER no, then 


+O Sfm kom- -o eae ` (16) 


which converges geometrically (Flajolet and Vardi 
1996). (16) can also be used to further accelerate the 
convergence of series (14). 


see also EULER'S TRANSFORM, WILF-ZEILBERGER PAIR 
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Convergence Tests 
A test to determine if a given SERIES CONVERGES or 
DIVERGES. 


see also ABEL’S UNIFORM CONVERGENCE TEST, 
BERTRAND’S TEST, D’ALEMBERT RATIO TEST, DIVER- 
GENCE TESTS, ERMAKOFF’S TEST, GAUSS’S TEST, IN- 
TEGRAL TEST, KUMMER’S TEST, RAABE’S TEST, RA- 
TIO TEST, RIEMANN SERIES THEOREM, ROOT TEST 
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Convergent 

The RATIONAL NUMBER obtained by keeping only a 
limited number of terms in a CONTINUED FRACTION is 
called a convergent. For example, in the SIMPLE CON- 
TINUED FRACTION for the GOLDEN RATIO, 
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the convergents are 


1 3 1 5 
je ee E = 
1 2 1++5 


The word convergent is also used to describe a CONVER- 
GENT SEQUENCE or CONVERGENT SERIES. 


see also CONTINUED FRACTION, CONVERGENT SE- 
QUENCE, CONVERGENT SERIES, PARTIAL QUOTIENT, 
SIMPLE CONTINUED FRACTION 


Convergent Sequence 
A SEQUENCE Sn converges to the limit S 


lim S, = 
ROO 


if, for any e > 0, there exists an N such that |S, — 
S| < e for n > N. If Sn does not converge, it is said 
to DIVERGE. Every bounded MONOTONIC SEQUENCE 
converges. Every unbounded SEQUENCE diverges. This 
condition can also be written as 


lim S, = lim Sn = S. 


Tt OO n—00 


see also CONDITIONAL CONVERGENCE, STRONG CON- 
VERGENCE, WEAK CONVERGENCE 


Convergent Series 
The infinite SERIES abs An is convergent if the SE- 
QUENCE of partial sums 


Ti 
k=1 


is convergent. Conversely, a SERIES is divergent if the 
SEQUENCE of partial sums is divergent. If Y` us and 
> Uk are convergent SERIES, then > (ur + vk) and 
X` (uk — vk) are convergent. If c 4 0, then > uz and 
c uk both converge or both diverge. Convergence 
and divergence are unaffected by deleting a finite num- 
ber of terms from the beginning of a series. Constant 
terms in the denominator of a sequence can usually 
be deleted without affecting convergence. All but the 
highest POWER terms in POLYNOMIALS can usually be 
deleted in both NUMERATOR and DENOMINATOR of a 
SERIES without affecting convergence. If a SERIES con- 
verges absolutely, then it converges. 


see also CONVERGENCE TESTS, RADIUS OF CONVER- 
GENCE 
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Conversion Period 
The period of time between INTEREST payments. 


see also COMPOUND INTEREST, INTEREST, SIMPLE IN- 
TEREST 


Convex 


concave 


CONVEX 


A SET in EUCLIDEAN SPACE R* is convex if it contains 
allthe LINE SEGMENTS connecting any pair of its points. 
If the SET does not contain all the LINE SEGMENTS, it 
is called CONCAVE. 


see also CONNECTED SET, CONVEX FUNCTION, CON- 
VEX HULL, CONVEX OPTIMIZATION THEORY, CONVEX 
POLYGON, DELAUNAY TRIANGULATION, MINKOWSKI 
CONVEX BODY THEOREM, SIMPLY CONNECTED 
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Convex Function 


aA 


concave up concavedown 
A function whose value at the MIDPOINT of every IN- 
TERVAL in its DOMAIN does not exceed the AVERAGE of 
its values at the ends of the INTERVAL. In other words, 
a function f(x) is convex on an INTERVAL [a,b] if for any 
two points zı and zz in fa, b], 


fl (01 + w2)] < 3[f(x1) + f(x2). 


If f(x) has a second DERIVATIVE in [a,b], then a NEC- 
ESSARY and SUFFICIENT condition for it to be convex on 
that INTERVAL is that the second DERIVATIVE f”(x) > 0 
for all x in [a,b]. 


see also CONCAVE FUNCTION, LOGARITHMICALLY CON- 
VEX FUNCTION 
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Convex Polyhedron 


Convex Hull 

The convex hull of a set of points S is the INTERSECTION 
of all convex sets containing S. For N points pi, ..., 
pn, the convex hull C is then given by the expression 


N N 
C= S Asp; 1 Aj > 0 for all j and yet 


j=l j=l 


see also CARATHEODORY’S FUNDAMENTAL THEO- 
REM, CROSS POLYTOPE, GROEMER PACKING, GROE- 
MER THEOREM, SAUSAGE CONJECTURE, SYLVESTER’S 
FOUR-POINT PROBLEM 
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Convex Optimization Theory 

The problem of maximizing a linear function over a con- 
vex polyhedron, also known as OPERATIONS RESEARCH 
or OPTIMIZATION THEORY. The general problem of con- 
vex optimization is to find the minimum of a convex (or 
quasiconvex) function f on a FINITE-dimensional con- 
vex body A. Methods of solution include Levin’s al- 
gorithm and the method of circumscribed ELLIPSOIDS, 
also called the Nemirovsky- Yudin-Shor method. 


References 
Tokhomirov, V. M. “The Evolution of Methods of Convex 
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Convex Polygon 

A POLYGON is CONVEX if it contains all the LINE SEG- 
MENTS connecting any pair of its points. Let f(n) be 
the smallest number such that when W is a set of more 
than f(n) points in GENERAL POSITION (with no three 
points COLLINEAR) in the plane, all of the VERTICES of 
some convex n-gon are contained in W. The answers for 
n = 2, 3, and 4 are 2, 4, and 8. It is conjectured that 
f(n) = 2”7?, but only proven that 


22 < Fin) < fe 7 a 


n-—2 


n 


e is a BINOMIAL COEFFICIENT. 


where ( 


Convex Polyhedron 

A POLYHEDRON for which a line connecting any two 
(noncoplanar) points on the surface always lies in the 
interior of the polyhedron. The 92 convex polyhedra 
having only REGULAR POLYGONS as faces are called the 
JOHNSON SOLIDS, which include the PLATONIC SOLIDS 
and ARCHIMEDEAN SOLIDS. No method is known for 
computing the VOLUME of a general convex polyhedron 
(Ogilvy 1990, p. 173). 

see also ARCHIMEDEAN SOLID, DELTAHEDRON, JOHN- 
SON SOLID, KEPLER-POINSOT SOLID, PLATONIC SOLID, 
REGULAR POLYGON 
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Convolution 


Convolution 

A convolution is an integral which expresses the amount 
of overlap of one function g(t) as it is shifted over an- 
other function f(t). It therefore “blends” one function 
with another. For example, in synthesis imaging, the 
measured DIRTY MAP is a convolution of the “true” 
CLEAN Map with the Dirty BEAM (the FOURIER 
TRANSFORM of the sampling distribution). The con- 
volution is sometimes also known by its German name, 
FALTUNG (“folding”). A convolution over a finite range 
[0, €] is given by 


f(t) g(t) = f TTE (a) 


where the symbol f*g (occasionally also written as f @q) 
denotes convolution of f and g. Convolution is more 
often taken over an infinite range, 


oO 


g(r) f(t—7) dr. 
(2) 


Let f, g, and h be arbitrary functions and a a constant. 
Convolution has the following properties: 


f(t) «9(t) = / - (Scenes Í 


— 00 


frg=gx*f (3) 
f*(gx*h)=(f*g9)*h (4) 
fr*lg+h)=(f*rg)+(fx*h) (5) 
a(f *g) = (af)*g = f * (ag). (6) 


The INTEGRAL identity 


| | soaa= [cara (7) 


also gives a convolution. Taking the DERIVATIVE of a 
convolution gives 


q ssh pi N oe 
(fa) = agf. (8) 


The AREA under a convolution is the product of areas 
under the factors, 


| urna f7 tato -») a de 
¡ES |f” se-a du 
| J © flu) a | [oe ts a 


The horizontal CENTROIDS add 


J Ea Er 0) 


— oO 
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as do the VARIANCES 


feo) de= (faa) an 


OO 


where 


oO n 
_ ae a” f(x) dx 
= —>_-—.. 
La f(x) dx 
see also AUTOCORRELATION, CONVOLUTION THEOREM, 


CROSS-CORRELATION, WIENER-KHINTCHINE THEO- 
REM 


(x" F) (12) 
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Convolution Theorem 
Let f(t) and f(t) be arbitrary functions of time ¢ with 
FOURIER TRANSFORMS. ‘Take 


f(t) = FOF) = J roed 0) 


— 20 


g(t) = F[G(v)] = J Go) av, (2) 


oO 


where F7* denotes the inverse FOURIER TRANSFORM 
(where the transform pair is defined to have constants 
A = l and B = -—271). Then the CONVOLUTION is 


feos | ria 


oo 


- ao [remo a e 6 


Interchange the order of integration, 


oo oo 
f * g= | F(v) J glt je? J pore dv 


= I F(v)G(v)e?™ dv 


oO 


=F 'Fv)G(v)]. (4) 


So, applying a FOURIER TRANSFORM to each side, we 
have 


Ff * 9) = FAP lo]. (5) 
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The convolution theorem also takes the alternate forms 


Flfgi = F|] * Flo] (6) 
F(F[FIFig]) = f *9 (7) 
F(F[F] * Fig]) = $9. (8) 


see also AUTOCORRELATION, CONVOLUTION, FOURIER 
TRANSFORM, WIENER-KHINTCHINE THEOREM 
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Conway-Alexander Polynomial 
see ALEXANDER POLYNOMIAL 


Conway’s Constant 
The constant 


A = 1.303577269034296... 


(Sloane's A014715) giving the asymptotic rate of growth 
CAF of the number of DIGITS in the kth term of the 
LOOK AND SAY SEQUENCE. A is given by the largest 
ROOT of the POLYNOMIAL 


71 
O=x 


69 68 67 66 65 64 
—a —2r -gz +2 +2 +r ol or oz 


a a 2 + 4 30 — an — 102 * 
30 — 99°? 4 6251 y 67% y gt? y 908 — 347 
Ta" — 82% — 82% + 102% + 62% +82 — 4r“ 
120 4 70% — 72% + 74 4 2% — 32% + 102% 
par a Gap Oe T Ba? Oe Oe"? 
— 32% + 142% — 82% — 72% + 97% — 3x79 — dg*? 
— 10g!" — 72 + 122 + 70% + 20 — 12r"? 
—4g** — 2g"? — 5g? +r’ — 72° 


+72 — 4274 120° — 62? + 32 — 6. 


The POLYNOMIAL given in Conway (1987, p. 188) con- 
tains a misprint. The CONTINUED FRACTION for A is 1, 
3, 3, 2, 2, 54, 5, 2, 1, 16, 1, 30, 1, 1, 1, 2, 2,1,14,1,... 
(Sloane’s A014967). 


see also CONWAY SEQUENCE, COSMOLOGICAL THEO- 
REM, LOOK AND SAY SEQUENCE 
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Conway Notation 


Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/cnwy/cnwy.html. 

Sloane, N. J. A. Sequence A014967 in “An On-Line Version 
of the Encyclopedia of Integer Sequences.” 

Vardi, I. Computational Recreations in Mathematica. Read- 
ing, MA: Addison-Wesley, pp. 13-14, 1991. 


Conway’s Game of Life 
see LIFE 


Conway Groups 

The AUTOMORPHISM GROUP Co, of the LEECH LAT- 
TICE modulo a center of order two is called “the” 
Conway group. There are 15 exceptional CONJUGACY 
CLASSES of the Conway group. This group, combined 
with the GROUPS Coz and Coz obtained similarly from 
the LEECH LATTICE by stabilization of the 1-D and 2-D 
sublattices, are collectively called Conway groups. The 
Conway groups are SPORADIC GROUPS. 


see also LEECH LATTICE, SPORADIC GROUP 
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Conway’s Knot 
The KNOT with BRAID WORD 


3 —1 -2 —1 —1 
02 0103 02 0102 0103 E 


The JONES POLYNOMIAL of Conway’s knot is 
E(t Ot O ae Sor TO, =r A 
the same as for the KINOSHITA-TERASAKA KNOT. 


Conway’s Knot Notation 

A concise NOTATION based on the concept of the TAN- 
GLE used by Conway (1967) to enumerate KNOTS up 
to 11 crossings. An ALGEBRAIC KNOT containing no 
NEGATIVE signs in its Conway knot NOTATION is an 
ALTERNATING KNOT. 
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Conway, J. H. “An Enumeration of Knots and Links, and 
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Conway’s Life 


see LIFE 


Conway Notation 


see CONWAY’S KNOT NOTATION, CONWAY POLYHE- 
DRON NOTATION 


Conway Polyhedron Notation ` 


Conway Polyhedron Notation 

A NOTATION for POLYHEDRA which begins by speci- 
fying a “seed” polyhedron using a capital letter. The 
PLATONIC SOLIDS are denoted, T (TETRAHEDRON), O 
(OCTAHEDRON), C (CUBE), I (ICOSAHEDRON), and D 
(DODECAHEDRON), according to their first letter. Other 
polyhedra include the PRISMS, Pn, ANTIPRISMS, An, 
and PYRAMIDS, Yn, where n > 3 specifies the number 
of sides of the polyhedron’s base. 


Operations to be performed on the polyhedron are then 
specified with lower-case letters preceding the capital 
letter. 


see also POLYHEDRON, SCHLAFLI SYMBOL, WYTHOFF 
SYMBOL 
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Conway Polynomial 
see ALEXANDER POLYNOMIAL 


Conway Puzzle 
Construct a 5 x 5 x 5 cube from 13 1 x 2 x 4 blocks, 1 
2 x 2x2 block, 1 1 x 2 x 2 and 31x 1x 3 blocks. 


see also BOX-PACKING THEOREM, CUBE DISSECTION, 
DE BRUIJN’S THEOREM, KLARNER’S THEOREM, POLY- 
CUBE, SLOTHOUBER-GRAATSMA PUZZLE 


References 
Honsberger, R. Mathematical Gems IT. Washington, DC: 
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Conway Sequence 
The LOOK AND SAY SEQUENCE generated from a start- 
ing DIGIT of 3, as given by Vardi (1991). 


see also CONWAY’S CONSTANT, LOOK AND SAY SE- 
QUENCE 
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Conway Sphere 


C 


A sphere with four punctures occurring where a KNOT 
passes through the surface. 
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Coordinate Geometry 
see ANALYTIC GEOMETRY 


Coordinate System 
A system of COORDINATES. 


Coordinates 

A set of n variables which fix a geometric object. If the 
coordinates are distances measured along PERPENDICU- 
LAR axes, they are known as CARTESIAN COORDINATES. 
The study of GEOMETRY using one or more coordinate 
systems is known as ANALYTIC GEOMETRY. 


see also AREAL COORDINATES, BARYCENTRIC COOR- 
DINATES, BIPOLAR COORDINATES, BIPOLAR CYLIN- 
DRICAL COORDINATES, BISPHERICAL COORDINATES, 
CARTESIAN COORDINATES, CHOW COORDINATES, CIR- 
CULAR CYLINDRICAL COORDINATES, CONFOCAL EL- 
LIPSOIDAL COORDINATES, CONFOCAL PARABOLOIDAL 
COORDINATES, CONICAL COORDINATES, CURVILINEAR 
COORDINATES, CYCLIDIC COORDINATES, CYLINDRICAL 
COORDINATES, ELLIPSOIDAL COORDINATES, ELLIPTIC 
CYLINDRICAL COORDINATES, GAUSSIAN COORDINATE 
SYSTEM, GRASSMANN COORDINATES, HARMONIC Co- 
ORDINATES, HOMOGENEOUS COORDINATES, OBLATE 
SPHEROIDAL COORDINATES, ORTHOCENTRIC COORDI- 
NATES, PARABOLIC COORDINATES, PARABOLIC CYLIN- 
DRICAL COORDINATES, PARABOLOIDAL COORDINATES, 
PEDAL COORDINATES, POLAR COORDINATES, PRO- 
LATE SPHEROIDAL COORDINATES, QUADRIPLANAR CO- 
ORDINATES, RECTANGULAR COORDINATES, SPHERICAL 
COORDINATES, TOROIDAL COORDINATES, TRILINEAR 
COORDINATES 
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Coordination Number 
see KISSING NUMBER 


Copeland-Erdós Constant 

The decimal 0.23571113171923... (Sloane's A033308) 
obtained by concatenating the PRIMES: 2, 23, 235, 2357, 
235711, ... (Sloane's A033308; one of the SMARAN- 
DACHE SEQUENCES). In 1945, Copeland and Erdós 
showed that it is a NORMAL NUMBER. The first few 
digits of the CONTINUED FRACTION of the Copeland- 
Erdos are 0, 4, 4, 8, 16, 18, 5, 1, ... (Sloane's A030168). 
The positions of the first occurrence of n in the CON- 
TINUED FRACTION are 8, 16, 20, 2, 7, 15, 12, 4, 17, 
254, ... (Sloane's A033309). The incrementally largest 
terms are 1, 27, 154, 1601, 2135, ... (Sloane’s A033310), 
which occur at positions 2, 5, 11, 19, 1801, ... (Sloane’s 
A033311). 
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see also CHAMPERNOWNE CONSTANT, PRIME NUMBER 
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Coplanar 

Three noncollinear points determine a plane and so are 
trivially coplanar. Four points are coplanar IFF the vol- 
ume of the TETRAHEDRON defined by them is 0, 


zi y z1 0 
tz Ya 2 Ü 
3 ys 23 O 
Za Ya 24 0 


Coprime 
see RELATIVELY PRIME 


Copson-de Bruijn Constant 
see DE BRUIJN CONSTANT 


Copson’s Inequality 
Let {an} be a NONNEGATIVE SEQUENCE and f(x) a 
NONNEGATIVE integrable function. Define 


n 


An = Y ax (1) 


k=1 
pes 3 ii (2) 

and = 
F(a) = / fE di (3) 
G(x) = / ” f(t) dt, (4) 


and take 0 < p < 1. For integrals, 


FT. (5) [vere © 


(unless f is identically 0). For sums, 

1 — /Bn\? p YE 
1) ara E (Ey > (2) Sow 
G+.) Í ve - > (27) a 


(unless all a,, = 0). 
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Cornish-Fisher Asymptotic Expansion 


Copula 

A function that joins univariate distribution functions to 
form multivariate distribution functions. Á 2-D copula 
is a function C : I? —+ I such that 


C(0,t) = C(t,0) =0 


and 
C(1,t) = C(é,1) =t 


for all t € J, and 
C(uz, v2) — C (u1, v2) — C (uz, v1) + C (u1, v1) > 0 


for all ui, u2, v1, v — 2 € J such that wi < uz and vı < 
v— 2. 
see also SKLAR’S THEOREM 


Cork Plug 

A 3-D SOLID which can stopper a SQUARE, TRIANGU- 
LAR, or CIRCULAR HOLE. There is an infinite family of 
such shapes. The one with smallest VOLUME has TRI- 
ANGULAR CROSS-SECTIONS and V = ar’; that with the 
largest VOLUME is made using two cuts from the top 
diameter to the EDGE and has VOLUME V = 4rr* /3. 


see also STEREOLOGY, TRIP-LET 


Corkscrew Surface 


A surface also called the TWISTED SPHERE. 
References 


Gray, A. Modern Differential Geometry of Curves and Sur- 
faces.Boca Raton, FL: CRC Press, pp. 493-494, 1993. 


Cornish-Fisher Asymptotic Expansion 


yurmt+ouw, 


where 


w = z + [nh (2) + [yho(2) + y hu (e)) 
+ [ysha (z£) + yy hazlo) + 9 hin (£) 
+ [yaha (x) + ya hoz (a) + y yshis(2) 
+9 yhus(1) + yi hiíla)]+..., 


Cornu Spiral 


where 


hi(z) = = He2(x) 
ho(x) = 37 Hes(x) 
hii(x) = — [2 Hes (x) + Her (2)] 
h3(x) = 5 Hea(z) 
hi2(x) = — 33 [He4 (£) + Hea(z)| 
hi11 (2) = 3,112 Hea (x) + 19 He2(2)] 
ha(a) = =, Hes(x) 
he2(x) = — 557 [3 Hes (x) + 6 Hes(x) + 2 Hei (x)| 
hi3(x) = — [2 Hes +3 Hez (2) 


180 
hiio(x) = sag [14 Hes(x) + 37 He3(z) + 8 Hei (z)| 


Rhi111 (2) = — 7776 [252 Hes (x) + 832 He3(z) + 227 He; (x)]. 


see also EDGEWORTH SERIES, GRAM-CHARLIER SERIES 
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Cornu Spiral 


A plot in the COMPLEX PLANE of the points 


BC) =c tis = | ¿1/2 dr, (1) 
0 


where C(z) and S(z) are the FRESNEL INTEGRALS. The 
Cornu spiral is also known as the CLOTHOID or EULER’S 
SPIRAL. A Cornu spiral describes diffraction from the 
edge of a half-plane. 


1.75 


1 2 3 4 5 
The SLOPE of the Cornu spiral 


m(t) = 20 (2) 
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is plotted above. 


The SLOPE of the curve’s TANGENT VECTOR (above 
right figure) is 


== = tan(4nt’), (3) 


plotted below. 
10 


-10 


The CESARO EQUATION for a Cornu spiral is p = c?/s, 
where p is the RADIUS OF CURVATURE and s the ARC 
LENGTH. The TORSION is 7 = 0. 


Gray (1993) defines a generalization of the Cornu spiral 
given by parametric equations 


t yal 
st) =a | sin (Z5) du (4) 


sit} 


kit) 
phi(t] 
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The ARC LENGTH, CURVATURE, and TANGENTIAL AN- 
GLE of this curve are 


s(t) = at (3) 

n(t) =-= (4) 
n+1 

g) =-= (5) 


The CESARO EQUATION is 


Sas (6) 


Dillen (1990) describes a class of “polynomial spirals” 
for which the CURVATURE is a polynomial function of the 
ARC LENGTH. These spirals are a further generalization 
of the Cornu spiral. 


see also FRESNEL INTEGRALS, NIELSEN’S SPIRAL 
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Cornucopia 


The SURFACE given by the parametric equations 


bu av 
L=€O cosu +e COSUCOSU 


bu _. av i 
y=e snmnu+e cosusinv 


av. 
Z2¿=E SINu, . 
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Corollary 

An immediate consequence of a result already proved. 
Corollaries usually state more complicated THEOREMS 
in a language simpler to use and apply. 


see also LEMMA, PORISM, THEOREM 


Correlation Coefficient 


Corona (Polyhedron) 


see AUGMENTED SPHENOCORONA, HEBESPHENOMEGA- 
CORONA, SPHENOCORONA, SPHENOMEGACORONA 


Corona (Tiling) 

The first corona of a TILE is the set of all tiles that have 
a common boundary point with that tile (including the 
original tile itself). The second corona is the set of tiles 
that share a point with something in the first corona, 
and so on. 


"References 


Eppstein, D. “Heesch's Problem.” http: //www.ics.uci.edu 
/-eppstein/junkyard/heesch. 


Correlation 


see AUTOCORRELATION, CORRELATION COEFFICIENT, 
CORRELATION (GEOMETRIC), CORRELATION (STATIS- 
TICAL), CROSS-CORRELATION 


Correlation Coefficient 

The correlation coefficient is a quantity which gives the 
quality of a LEAST SQUARES FITTING to the original 
data. To define the correlation coefficient, first consider 
the sum of squared values SSzx, SSzy, and ssy, of a set 
of n data points (x;,y;) about their respective means, 


SSzz = U(x — zy = Ya? — 278% + Ez’ 


= Da? —-2n1 + n# = Dr’ — nz? (1) 
SSyy = U(yi — y)” = Ey” — 29 Ly + Eg" 
= Ey -2ny + ny” = Ey" — ny (2) 


SSey = D(x; — Z)(yi — y) = E(xiyi — Tyi — TiY + TY) 
= Dry — NTY — NIY + NIY = Lary — NIG. (3) 


For linear LEAST SQUARES FITTING, the COEFFICIENT 
bin 
y =a+br (4) 


is given by 


_n) ey- r9 Y _ SSay (5) 


o npr- (Ne)? See! 
and the COEFFICIENT b’ in 
r=a +Dby (6) 


is given by 
y Rw Dede a 
n diy? — (Ly) 


Correlation Coefficient 


The correlation coefficient r? (sometimes also denoted 


R?) is then defined by 


DI ey 


r= vbb = —_ AAA 
PXL- (£| pEr- E] 
| (8) 
which can be written more simply as 
2 
q? SSzy (9) 


SSzaSSyy 


The correlation coefficient is also known as the 
PRODUCT-MOMENT COEFFICIENT OF CORRELATION or 
PEARSON’S CORRELATION. The correlation coefficients 
for linear fits to increasingly noise data are shown above. 


The correlation coefficient has an important physical in- 
terpretation. To see this, define 


A = (Ex? — ng’)! (10) 


and denote the “expected” value for y; as Y;. Sums of 
ği are then 


ĝi = a + bzi = J — bZ + bri = 7 + b(x; — z) 
= A(gL1" — Ery + 1:Lty — NTYL;) 


= AlgEz” + (a; — 2)Exy — nzye;) (11) 
OG; = A(ngua” — n°z y) (12) 
Dg; = A ing (Ex) - nz y (Ez) 
— 2néEy(D1y) La”) + 2n*E (Cary) 
+ (Za*)(Lay)” — nz*(Exy)] (13) 


Eyii = AD [y:gDx* + yi(e; — 2)Exy — náge;yi] 
= Alny Er’ + (Zay)? — nzgUzy — nzy(Xcy)| 
= Alng Er? + (Day)? — 2nTyE 84). (14) 


The sum of squared residuals is then 


SSR = X(g: — 9)? = UG? — 299; + 9?) 


——\2 
— AZ aha 2 A (Lay — nzy) 
=b ssr = Say = SSyyT” = b’ssez, (15) 
See 
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and the sum of squared errors is 


SSE = Xy; — 91)” = U(yi — y + bi — bai)? 
= Djy: — y — ble; — z)? 
= Dy — y)” +0 D(a — 2)” — 2U(ai — z) (y: — 9) 


= SSyy + D SS q — 20887 y - (16) 
But 
SS xy 
= t 
a (17) 
2 “ey (18) 
SSz 2 8Syy 
so 
SSE — SSzy" y Sey 
A a an ery 
2 
SSay 
= SSyy — 24 19 
SSyy nE (19) 
SSey- — 2 
= SSyy | 1 — ae ha SSyy(1 — r^) 
a Sy” a s9”, (20) 
and 


SSE + SSR = ssyy(1 — r°) + SSyyr” =sSyy- (21) 


The square of the correlation coefficient r* is therefore 
given by 


(Say — nī) 
(La? — nz?) (Ey? — ny?) 


2 SSR SSay 
r == SS ——— Z 


SSyy  SSzaSSyy 


In other words, r” is the proportion of ssy, which is 
accounted for by the regression. 


If there is complete correlation, then the lines obtained 
by solving for best-fit (a,b) and (a',b') coincide (since 
all data points lie on them), so solving (6) for y and 
equating to (4) gives 


a £ 


y= y ty ot be. (23) 
Therefore, a = —a'/b' and b = 1/0’, giving 


r? = bb’ = 1. (24) 


The correlation coefficient is independent of both origin 
and scale, so 


r(u, v) = rio, y), (25) 

where 
yes m (26) 
y= ER (27) 


it can be safely assumed that the voltage regulator is compatible 
with your particular electrical system. 


HOME-BREW CIRCUIT BOARDS 


Hand wiring circuit boards is a not-uncommon means of mak- 
ing quite satisfactory boards which can match in effectiveness, if 
not always in appearance, those which have been etched. It is my 
purpose to pass along some ideas which have worked for me to 
make the job easier and/or more economical. 

Some projects in which the usual procedures of applying a 
resist (mechanically or photographically) and then etching do not 
pay, include: one-of-a-kind devices with complex patterns, those 
for which commercially-available boards are not available or are 
inordinately expensive, those in which the builder wishes to make 
changes from a published design, and those for which the builder 
does not have facilities for applying resist, etching, and drilling. Of 
course, there is always the tinkerer who stubbornly insists on 
doing a job in his own way, trying something new and different from 
the established methods of handling a project. 

One has to start with a board of some kind. The phenolic, 
prepunched board sold by Radio Shack is good, given the shortcom- 
ings of phenolic. It is punched . 100 x .100 inches for IC sockets and 
other small components. This is a 2-34” x 6” board and two larger 
sizes are also sold. You will probably need to cut boards to size for 
specific use; a fine hacksaw or model railroad track saw works well 
with phenolic or epoxy boards. 

Higher-quality board, usually glass epoxy, is available as 
surplus cards from computers and other devices. The trick here is 
to buy boards which have high-density packaging so that there are 
many ICs mounted on them. This leaves a lot of holes from which to 
select when you come to arranging your own layout. I once found an 
8-42" x 14” board which included 82 ICs, neatly arranged in rows, 
plus a 1.8 MHz crystal and associated transistors, capacitors, and 
resistors, all for $1.75. A better buy was an etched board without 
any components for a couple of cents. Cut into pieces (after the 
components were removed from the first board), these boards have 
provided numerous smaller boards for various projects. 

A surplus board must be cleaned off. Removing the capacitors 
and resistors is an easy trick, even if you want to be careful enough 
to use them again. Slip a small screwdriver under the component, 
heat one lead on the other side of the board, pry up gently, and 
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see also CORRELATION INDEX, CORRELATIÓN COEFFI- 
CIENT—GAUSSIAN BIVARIATE DISTRIBUTION, CORRE- 
LATION RATIO, LEAST SQUARES FITTING, REGRESSION 
COEFFICIENT 
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Correlation Coefficient—Gaussian Bivariate 
Distribution 

For a GAUSSIAN BIVARIATE DISTRIBUTION, the distri- 
bution of correlation COEFFICIENTS is given by 


2,\(N—4)/2 2,({N—1}/2 
y 09/21 = pA 


P(r) = (N —2\(1-r 


Pe A 
â ; (cosh 8 — priN-1 


1 24 (N --4)/2 2 Pala T(N — 1) 
= —(N — 2)(1 — T= LA A rA 
m aa (E=) 2 T(N — }) 
x(1 — pr) NP (E, 2, 2; orth) 
21 2? + 2 
(N= 2)P(N DA ANP — reae 
7 yY2rT(N — Da — pr)N-3/2 
2 
AE e AA A (i) 
42N ~1 ' 16(2N — 1)(2N +1) 


where p is the population correlation COEFFICIENT, 
2Fi(a,b;c;x) is a HYPERGEOMETRIC FUNCTION, and 
T(z) is the GAMMA FUNCTION (Kenney and Keeping 
1951, pp. 217-221). The MOMENTS are 


(r) =p- ZO (2) 
var(r) = a-y (: + ae F ) (3) 

n= de (1+ TE + ) 

asta a (4) 


p = 0 and 
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Correlation Coefiicient—Gaussian... 


pe LEI o e ome _ p2yin-ay/2 
ON — 4)287?-% yr 
rs)? 
2% (N — 2)T(N — 1) 2)(N-4/2) (6 
mp” 6) 


But from the LEGENDRE DUPLICATION FORMULA, 


VaT(N—1)=2"" 744%), (7) 
ARANA o 
di BE id 
MAC 
2/nT( 2) 
_ 1 ote) -i p2ye-2)/2 
yrr +1) 
al ee _ p2y(¥—2)/2 
“ei (3) 


The uncorrelated case can be derived more simply by 
letting 8 be the true slope, so that 7 = a+ Bz. Then 


t=(- pea A O 


is distributed as STUDENT?S t with v = N — 2 DEGREES 
OF FREEDOM. Let the population regression COEFFI- 
CIENT p be 0, then 8 = 0, so 


y 
t= TIa (10) 


and the distribution is 


1 23) 


Pao A 
y UT T(2) (1+ an +1)/2 


dt. (11) 


Plugging in for t and using 


a p e7 
V ber +r? 
NR O ar 
= a dr (12) 


Correlation Coeflicient—Gaussian. .. 


gives 
1 NM) V 
P(t) dt = SA E E AO, PA / 
VUT ay 2 (v+1)/2 Y (1 — r)? 
NS) 1 + a | 
ME eas a ad 
= y (v+1)/2 
vm ME) (z) 
LI) : 7 
ie re) (1—r?) pe) +D/2 dr 
ME) 2\(v—2)/2 
= Te) (1 —r*) dr, (13) 
2 
Í (3) 
LL 2\(v—2)/2 
P(r) = == 70-2) (14) 
vm T (5) 


as before. See Bevington (1969, pp. 122-123) or Pugh 
and Winslow (1966, $12-8). If we are interested instead 
in the probability that a correlation COEFFICIENT would 
be obtained > |r|, where r is the observed COEFFICIENT, 
then 


1 ir] 
Pan N) =2 f P(r, Nya =1—2 | P(r’, N) dr’ 
| 0 


ri 


) ¡NES T E 
1216 1 20D dp 
E 


(15) 


Let I = $(v — 2). For EVEN v, the exponent I is an 
INTEGER so, by the BINOMIAL THEOREM, 


Amy = Je (16) 


and 
2 2) Jl a 128: q 
A E T) (=1 a el 2," 
7 2 MEA) E po Bo pp 
Pe ae T(2) i» (I — k)!k! aE 


k=0 
(17) 


For ODD y, the integral is 


ll 
Pin) = 1 -— 2 | P(r’) dr’ 


ees : 
= | — — =p) dr. (18) 
FT S, 
Let r = sin g so dr = cos z dx, then 
r24) ee 
Polo) =1- E ae of os 7% gcos zx dx 
JT 


—-1 

J r( tL) - Lr | = 

=j|-——=* + cos «dz. (19) 
yr Ps) 0 
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But y is ODD, so v — 1 = 2n is EVEN. Therefore 


274) 2Tm+)_ 2 nm 

Je TG) 9 Vrl(n+3) var eiva 
22 al _ 2 (2n)! 
~ m (2n—1)!! r(2n-D1 (20) 


Combining with the result from the COSINE INTEGRAL 
gives 


2 (2n)!(2n — 1)! 


Ple iL 22 — 
(7) = 1 en — DER" 
sin”? |r| 
n—1 
(2k)!! 2k-+1 
x sing Y Ck+ 1)! TH (21) 
=0 0 
Use 


e id de = (1 i op aes (22) 


=y yan 


(23) 


costa =(1—r 
and define J = n — 1 = (v — 3)/2, then 


PAY) 


2 | 
7 1-2 fain pin Y a 


(In Bevington 1969, this is given incorrectly.) Combin- 
ing the correct solutions 


I 
= D[(v+1)/2} es. Been AAA 
1— Jnr  Tíw/2) 2 E 1) (1—k)!k! | 


P.(r) = for v even 
j J 
1— 2 |sin~* |r| + |r] > e! E aer 
k=0 
for v odd 


(24) 

If p 4 0, askew distribution is obtained, but the variable 
z defined by 

z = tanh! r (25) 


is approximately normal with 


uz = tanh” p (26) 
1 
o: = week (27) 


(Kenney and Keeping 1962, p. 266). 


Let b; be the slope of a best-fit line, then the multiple 
correlation COEFFICIENT is 


n 2 n 
2 Sjy = Sin, 
=e (i a | Ez (i Sins), (28) 
I= 


j=l 


where sjy is the sample VARIANCE. 
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On the surface of a SPHERE, 


J fg dQ 
Prada f gan 


(29) 


where dQQ is a differential SOLID ANGLE. This definition 
guarantees that -1 < r < 1. If f and g are expanded in 
REAL SPHERICAL HARMONICS, 


f(0,0) = YY [CY (0, p) sin(mg) 


I=0 m=0 


+ SY," (6, #)] (30) 


9(9,¢) = Y [ATY (0, p) sin(me) 


I=0 m=0 
+ Bi Y" (0, p)]. (31) 
Then 
= neal CMAP + SBM) O O 
er SP yar ee) 
(32) 


The confidence levels are then given by 


G(r) = r 
Go(r) = r(1 + 15%) = ir(3— r°) 
G3(r) = r[1 + $8°(1 + 28°)] = 3r(15 — 10r” + 3r*) 
Ga(r) = r{1 + is [1 + ¿5 (1+ ž s”)]} 
= Lr(35 — 35r? + 21r* — 51), 


where 


s=vV1-r? (33) 


(Eckhardt 1984). 


see also FISHER’S z’-TRANSFORMATION, SPEARMAN 
RANK CORRELATION, SPHERICAL HARMONIC 
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Correlation Dimension 
Define the correlation integral as 


Correlation Exponent 


where H is the HEAVISIDE STEP FUNCTION. When the 
below limit exists, the correlation dimension is then de- 


fined as 
C(e) 
E E E m [ga] r 
2 = Úecor = sae in (5) E 


If y is the CORRELATION EXPONENT, then 


lim v > Da. (3) 
It satisfies A 
decor < dinf < deap = diya. (4) 


To estimate the correlation dimension of an M- 

dimensional system with accuracy (1— Q) requires Nmin 
data points, where 

M 

R(2 - Q) 

N min > Tata AAN , 5 

| 210) dé 

where R > 1 is the length of the “plateau region.” If 

an ATTRACTOR exists, then an estimate of Da saturates 

above some M given by 


M>2D+1, (6) 


which is sometimes known as the fractal Whitney em- 
bedding prevalence theorem. 


see also CORRELATION EXPONENT, q-DIMENSION 
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Correlation Exponent 

A measure v of a STRANGE ATTRACTOR which allows 
the presence of CHAOS to be distinguished from random 
noise. It is related to the CAPACITY DIMENSION D and 
INFORMATION DIMENSION øg, satisfying 


y<oa<D. (1) 


It satisfies 
v < Dry, (2) 


where Dky is the KAPLAN-YORKE DIMENSION. As the 
cell size goes to zero, 


lim v => Da, (3) 


e-—>0 


where Də is the CORRELATION DIMENSION. 
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Correlation (Geometric) 


Correlation (Geometric) 

A point-to-line and line-to-point TRANSFORMATION 
which transforms points A into lines a’ and lines 6 into 
points B’ such that a’ passes through B’ IFF A’ lies on 
b. 


see also POLARITY 


Correlation Index 


Sara 

(og ee 
Sy 8% 

fT = — =1- yi 
Sy Sy 


see also CORRELATION COEFFICIENT 


Correlation Integral 
Consider a set of points X; on an ATTRACTOR, then the 
correlation integral is 


where f is the number of pairs (4, 7) whose distance |X;— 
X;| < 1. For small l, 


CI) Wl, 


where v is the CORRELATION EXPONENT. 
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Correlation Ratio | 
Let there be N; observations of the tth phenomenon, 


where 1=1,..., p and 
N= >_N, (1) 
Yi = F N Yia (2) 
=D) mo (3) 
Then 
E? = D N: (J: — y) (4) 


Let Nys be the population correlation ratio. If N; = Nj 
fori Æ j, then 


e MESE? F, (a, b; AE’) 


B(a,b) » ©) 


AE J= 
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where 
_ Nr 
*= a-n) k 
Zm 
a 
b= 5 (8) 


and 1F\{a,b;z) is the CONFLUENT HYPERGEOMETRIC 
LIMIT FUNCTION. If A = 0, then 


f(E’) = (a,b) (9) 


(Kenney and Keeping 1951, pp. 323-324). 


see also CORRELATION COEFFICIENT, REGRESSION CoO- 
EFFICIENT 
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Correlation (Statistical) 
For two variables x and y, 


cov(z, y) 


(1) 


cor(x, y) = es 
zy 


where o, denotes STANDARD DEVIATION and cov(z, y) 
is the COVARIANCE of these two variables. For the gen- 
eral case of variables z; and xj, where 2, = 1, 2,..., 
nr, 

cov(zi,2;) 
where V;; are elements of the COVARIANCE MATRIX. In 
general, a correlation gives the strength of the relation- 
ship between variables. The variance of any quantity is 
alway NONNEGATIVE by definition, so 


var (= + z) > 0. (3) 


(2) 


cor(#;,2;) = 


From a property of VARIANCES, the sum can be ex- 
panded 


T y TH Y 
2 
1+1+ cov(z, y) = 2+ cov(z,y) > 0. (6) 
Oxy Tx y 
Therefore, 
cov(x, y) 
cor(z, y) = > —1. (7) 
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Similarly, 


var(1) + -5 var(y) — cov({z,y) >0 (10) 


Or" Ta GiTy 
2 
14+1- cov(z,y) = 2 — cov(z,y) > 0. (11) 
Therefore, 
ag EL. 1, (12) 
Try 


so —1 < cor(z,y) < 1. For a linear combination of two 
variables, 


var(y) H var(—bx) + 2 cov(y, —bx) 
var(y) + b? var(x) — 2bcov(z, y) 
oy +02 — 2bcov(z, y). (13) 


var(y — bx) 


| 


Examine the cases where cor(z, y) = +1, 


cov(z, y) 


cor(z,y) = el (14) 


Ory 


var(y — br) =b%0. +0, F2bog0, = (bos Foy)”. (15) 


The VARIANCE will be zero if b = tto,/oz, which re- 
quires that the argument of the VARIANCE is a constant. 
Therefore, y — br = a, so y =a + bz. If cor(z,y) = +1, 
y is either perfectly correlated (b > 0} or perfectly anti- 
correlated (b < 0) with z. 


see also COVARIANCE, COVARIANCE MATRIX, VARI- 
ANCE 


Cosecant 


Re[Cse 2] 


Im[Csc z] 


a 
ai 


aN eas 


. ANG: E ty CANS 
0 SN ele 


Q ERRAN VA 
f 
“i 
-5 


ye 0 
A Im[z] 


Cosine 


The function defined by cscx = 1/sinz, where singz 
is the SINE. The MACLAURIN SERIES of the cosecant 


function is 


1 
csc £ = a ly 4+ 2 + Slat... 
EYU227"— 1) Ban ant 


On)! 


tie 


where Bon is a BERNOULLI NUMBER. 
see also INVERSE COSECANT, SECANT, SINE 
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Coset 
Consider a countable SUBGROUP H with ELEMENTS h; 
and an element x not in A, then 


hiz (2) 


for į = 1, 2, ... are left and right cosets of the SUB- 
GROUP H with respect to x. The coset of a SUBGROUP 
has the same number of ELEMENTS as the SUBGROUP. 
The ORDER of any SUBGROUP is a divisor of the ORDER 
of the GROUP. The original GROUP can be represented 
by 

G=H+xHw+x2H4+.... (3) 


For G a not necessarily FINITE GROUP with H a SUB- 
GROUP of G, define an EQUIVALENCE RELATION 2 ~ y 
if £x = hy for some h in H. Then the EQUIVALENCE 
CLASSES are the left (or right, depending on conven- 
tion) cosets of H in G, namely the sets 


{xz € G : x = ha for some h in H}, (4) 


where a is an element of G. 


see also EQUIVALENCE CLASS, GROUP, SUBGROUP 


Cosh 


see HYPERBOLIC COSINE 


Cosine 


Cosine 


Let 6 be an ANGLE measured counterclockwise from the 
z-axis along the arc of the unit CIRCLE. Then cos? 
is the horizontal coordinate of the arc endpoint. As a 
result of this definition, the cosine function is periodic 
with period 27. 


The cosine function can be defined algebraically using 
the infinite sum 


B = (Sra. q? nt ¿e 
n==0 


or the INFINITE PRODUCT 


== 4a* 
coll a) (2) 


A close approximation to cos(x) for x € [0, 7/2] is 


2 
COs (Z2) PEET A (3) 


a+ (1 r) / 2 


(Hardy 1959). The difference between cos x and Hardy’s 
approximation is plotted below. 


Lan 


5 1 
-0.00005 


-0.0001 
-0.00015 
-0,0002 
-0.00025 


-0.0003 


The FOURIER TRANSFORM of cos(27kox) is given by 


Flcos(2rkox)] = J AUR cos(2rkox) de 


oo 


115(k — ko) + 8(k + ko), (4) 
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where 6(k) is the DELTA FUNCTION. 


The cosine sum rule gives an expansion of the COSINE 
function of a multiple ANGLE in terms of a sum of POW- 
ERS of sines and cosines, 


cos(n9) = 2 cos 8 cos[(n — 1)6} — cos[(n — 2)8] 


= cos” 6 — (3) cos”? 6 sin? 0 


-+ (3) cos” *@sin*@—.... (5) 


Summing the COSINE of a multiple angle from n = 0 to 
N — 1 can be done in closed form using 


N-1 N-11 
y cos(nz) = R y et]. (6) 
n=0 n=0 


The EXPONENTIAL SUM FORMULAS give 


N-1 1 
Y cos(na) = R ES 


a sin( 5a) 
sin(3 Nz) 
= —2—- cos[zu(N — 1). (7) 
sin(51) 
Similarly, 
ye cos(nz) = R SN pre (8) 
n=0 n=0 


where |p| < 1. The EXPONENTIAL SUM FORMULA gives 


P9 1—pe™* 
n Ee E AA 
2 dead 1 — 2pc0s x + p? 
1 — pcosz 


St ae Pree I) (9) 


= 1—2pcoszx +p? 


Cvijović and Klinowski (1995) note that the following 


series 
00 


os(2k + l)a 
C, (a) = y eae (10) 


has closed form for v = 2n, 


Con(a) = (=1)” 


aa Ema (=) (11) 


where En(x) is an EULER POLYNOMIAL. 


see also EULER POLYNOMIAL, EXPONENTIAL SUM FOR- 
MULAS, FOURIER TRANSFORM—COSINE, HYPERBOLIC 
COSINE, SINE, TANGENT, TRIGONOMETRIC FUNCTIONS 
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Cosine Apodization Function 


A(z) = cos (=) : 


Its FULL WIDTH AT HALF MAXIMUM is 4a/3. Its IN- 
STRUMENT FUNCTION is 


4a cos(2rak) 


E m(1 — 16a?k2) ' 


see also APODIZATION FUNCTION 


Cosine Circle 


Ay Q; P, Az 
Also called the second LEMOINE CIRCLE. Draw lines 
through the LEMOINE POINT K and PARALLEL to the 
sides of the TRIANGLES. The points where the antiparal- 
lel lines intersect the sides then lie on a CIRCLE known as 
the cosine circle with center at K. The CHORDS P2Q3, 
P3Qı, and PıQ2 are proportional to the COSINES of the 
ANGLES of AA; 4243, giving the circle its name. 


TRIANGLES Pı PzP and AA; 4243 are directly similar, 
and TRIANGLES AQ1Q20Q3 and Ai A2A3 are similar. 
The MIQUEL POINT of AP, P)P3 is at the BROCARD 
POINT Q of AP, Po P. 


Cosine Integral 


see also BROCARD POINTS, LEMOINE CIRCLE, MIQUEL 
POINT, TUCKER CIRCLES 
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Cosine Integral 


0.5 


0.25 


Im[CosIntegral z] [CosIntegral z| 


There are (at least) three types of “cosine integrals,” 
denoted ci(x), Ci(x), and Cin(z): 


agas J i = = (1) 
= t (eii) + ei(—izx)] (2) 

= —3/E, (ix) + Eı(—iz)], (3) 

Cie) sy tines [ET a (4) 
Cin(z) = | (Aa cost) di (5) 
— ~ Cin) + in zx+y. (6) 


Here, ei(x) is the EXPONENTIAL INTEGRAL, En(x) is 
the E,-FUNCTION, and y is the EULER-MASCHERONI 
CONSTANT. ci{x) is the function returned by the 
Mathematica? (Wolfram Research, Champaign, IL) 
command CosIntegral [x] and displayed above. 


To compute the integral of an EVEN power times a co- 
sine, 


I= [= cos(mx) dz, (7) 

use INTEGRATION BY PARTS. Let 
u =r" du = cos(mz) dz (8) 
du = 2n2"? de v= ~ sin(mz), (9) 


Cosine Integral 


sO 


I= Lan sin(mxu) — El par sin(ma)dx. (10) 
m m 


u = r?! dy = sin(mz) dz (11) 
2n—2 1 
du = (2n — 1)z dx RR cos(ma), (12) 
and 
qe cos(mz) du 
= ~g” sin(mx) — 2 |- =e” cos(mz) 
m 
zi je cos(mz) de 


1 , 2n 2n—1 
= 2” sin(mz) + — 2" 
m m 


A fa cos(mz) dx 


cos(mz) 


m? 


Tn — 


1 2 
— gz?” sin(mx) + a * cos(mz) 
m m 


pot EX f a° cos(me) da 


ml 


2 ie 
= +42 sin(mz) + =p * cos(mz) 
m m 
2n)! 
Taek ur sin(mz) 


: k+1 (2n)! 2n—2k 
= sin(ma) X (-1) Qn — 2k)imar+1? 
k=0 


n 


k+1 (2n)! 2n—2k+1 
+ cos(mz) Y (1) q (2k — 2n — 1)im2*" E 
k=l f 
(13) 
Letting k' =n-— k, 
fe cos(max) dx 
L (2n)! 2k 


: n—k-+1 
=sin(mz) + (-1) (2k)lm2e— 2k FI 
k 


=0 
y (2n)! 
n~k+1 n). 2k+1 

+cos(ma) Y (-1) dd (2k — 1)iman-2k* 
l k=0 
SED 
(2R)]Ime?=231 E 
k=0 


g aoe 2k 1 


= (~1)"**(2n)! sii 
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To find a closed form for an integral power of a cosine 
function, 


[= f eos” zas, (15) 
perform an INTEGRATION BY PARTS so that 
u=cos” g dv = cos x dz (16) 
du = -(m — 1) cos” *zsinadx  v=sing. (17) 
Therefore 


: -1 = in) 
I = sin z cos” c+(m=1) f cos” asin” x dz 


. m-—1l 
= sın T COS 4h 


+(m — 1) J cos”? ada — ES ede 


= sin g cos™ + z+ (m -— 1) / cos”? x dx — r , (18) 


so 
I{1+(m—1)] = sing cos” z + (m-— 1) | cos”? zdz 
(19) 
I= f cost zaz 
sinzcos”""*x m-—1 
A o das (20) 
m m 


Now, if m is EVEN so m = 2n, then 


2 
fos " xdg 


sinzcos" tg 2n—1 incs 
ze SS + cos zdr 


2n 2N 


2n — 1 ES cos?" 3 x 


2n — 2 


2n— 3 2n—4 
Ai oos zaz] 
ee 1 2n—1 2n —1 2n—3 
= sin g E cos 2 T nGa 2) cos x 


CeCe E 
+ Gry(2n — 2) | i 


sin z cos?” t x 
se A e + 


2n n 


E A pe cos" a+ 
(2n)(2n — 2) ÓN 


¿Ur ee Sn a U e feo zaz 


(2n) (2n — 2)---2 


- — 2k)! — 1)! 
egies y (2n 2k) (2n ) 
k=1 


g ARFA a 
(Qn)! (Qn—2k+1)! 
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Now let k'=n-—k>+1,so0n—-k=k'-—1, 


2 
J eos *edz 


Co ER (2k — 2) ED aa (2n— 1)! 
=sinz > Gal I 7+ Ont” 


(2n)!! 
(22) 
Now if m is ODD so m = 2n + 1, then 
[ cote zdz 
sin z cos?” x 2n | 
= ETE y | eos ade 
sing cos?” 2 2n sin z cos?” ~? x 
on +1 2n +1 2n — 1 
2n ~ 2 2n—3 
AEE cos zdz 
= 1 In, 2n 2n-—2 
= sinal S Tr J 
(2n)(2n — 2) S24 
Qn+1(Qn—1) cos x dz 
= sing ES cos?” x 
= 2n+1 
Ipa ae cos"? a + 
(2n + 1)(2n — 1) k 
(2n) (2n — 2) ---2 
ar o A Ee d 
Tor Deea] A 
© O K (2n -2k 1)! (2n)! SE 
E 2. nD Qn 2k j 
(23) 


Now let k' = n — k, 


Se 
Jos" zas = eg ee e cos?” z. 


(24) 
The general result is then 


(2n-1)!! MET 

(2m)! ins 5 3 ete © 

[ores = for m= 29 
LB sing 3 CEDE o 


ETEENI (2k)! 


g2k+1 y he E 


for m = es +1, 
(25) 


Cosmological Theorem 


The infinite integral of a cosine times a Gaussian can 
also be done in closed form, 


J gane cos(kx) dx = Jer, (26) 


[o 


see also CHI, DAMPED EXPONENTIAL COSINE INTE- 
GRAL, NIELSEN’S SPIRAL, SHI, SICI SPIRAL, SINE IN- 
TEGRAL 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). “Sine and Co- 
sine Integrals.” §5.2 in Handbook of Mathematical Func- 
tions with Formulas, Graphs, and Mathematical Tables, 
9th printing. New York: Dover, pp. 231-233, 1972. 

Arfken, G. Mathematical Methods for Physicists, 8rd ed. Or- 
lando, FL: Academic Press, pp. 342-343, 1985. 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. “Fresnel Integrals, Cosine and Sine Integrals.” 
§6.79 in Numerical Recipes in FORTRAN: The Art of Sci- 
entific Computing, 2nd ed. Cambridge, England: Cam- 
bridge University Press, pp. 248-252, 1992. 

Spanier, J. and Oldham, K. B. “The Cosine and Sine Inte- 
grals.” Ch. 38 in An Atlas of Functions. Washington, DC: 
Hemisphere, pp. 361-372, 1987. 


Cosines Law 
see LAW OF COSINES 


Cosmic Figure 


see PLATONIC SOLID 


Cosmological Theorem 

There exists an INTEGER N such that every string in 
the LOOK AND SAY SEQUENCE “decays” in at most N 
days to a compound of “common” and “transuranic el- 
ements.” 


The table below gives the periodic table of atoms asso- 
ciated with the LOOK AND SAY SEQUENCE as named 
by Conway (1987). The “abundance” is the average 
number of occurrences for long strings out of every mil- 
lion atoms. The asymptotic abundances are zero for 
transuranic elements, and 27.246... for arsenic (As), the 
next rarest element. The most common element is hy- 
drogen (H), having an abundance of 91,970.383.... The 
starting element is U, represented by the string “3,” and 
subsequent terms are those giving a description of the 
current term: one three (13); one one, one three (1113); 
three ones, one three (3113), etc. 


Cosmological Theorem 


Abundance 


102.56285249 
9883.5986392 
7581.9047125 
6926.9352045 
5313.7894999 
4076.3134078 
3127.0209328 
2398.7998311 
1840.1669683 
1411.6286100 
1082.8883285 
830.70513293 
637.25039755 
488.84742982 
375.00456738 
287.67344775 
220.68001229 
169.28801808 


315.56655252 
242.07736666 
2669.0970363 
2047.5173200 
1570.6911808 
1204.9083841 
1098.5955997 
47987.529438 
36812.186418 
28239.358949 
21662.972821 
20085.668709 
15408.115182 
29820.456167 
22875.863883 
17548.529287 
13461.825166 
10326.833312 
7921.9188284 
6077.0611889 
4661.8342720 
3576.1856107 
2743.3629718 
2104.4881933 
1614.3946687 
1238.4341972 
950.02745646 
728.78492056 
559.06537946 
428.87015041 
328.99480576 
386.07704943 
296.16736852 
227.19586752 
174.28645997 
133.69860315 
102.56285249 
78.678000089 
60.355455682 
46.299868152 


Tt 


92 
91 
90 
89 
88 
87 
86 
85 
84 
83 
82 
81 
80 
79 
78 
77 
76 
75 


74 
73 
72 
71 
70 
69 
68 
67 
66 
65 
64 
63 
62 
61 
60 
59 
58 
57 
56 
55 
54 
53 
52 
51 
50 
49 
48 
47 
46 
45 
44 
43 
42 
41 
40 
39 
38 
37 
36 
35 


E, is the derivate of #44, 


3 

12 

1113 

3113 

132113 

1113122113 

311311222113 

Ho.1322113 

1113222113 

3113322113 

Pm.123222113 

111213322113 

31121123222113 
132112211213322113 
111312212221121123222113 
3113112211322112211213322113 
1321132122211322212221121123222113 
113122113121132211332113221122112i 
3322113 
Ge.Ca.312211322212221121123222113 
13112221133211322112211213322113 
11132.Pa.H.Ca.W 

311312 

1321131112 

11131221133112 
311311222.Ca.Co 

1321132.Pm 

111312211312 
3113112221131112 
Ho.13221133112 
1113222.Ca.Co 

311332 

132.Ca.Zn 

111312 

31131112 

1321133112 

11131.H.Ca.Co 

311311 

13211321 

11131221131211 
311311222113111221 
Ho.1322113312211 
Fu.Ca.3112221 

Pm.13211 

11131221 

3113112211 

132113212221 
111312211312113211 
311311222113111221131221 
Ho.132211331222113112211 
Eu.Ca.311322113212221 
13211322211312113211 
1113122113322113111221131221 
Er.12322211331222113112211 
1112133.H.Ca.Tc 

3112112.U 

1321122112 

11131221222112 
3113112211322112 


Abundance 


35.517547944 
27.246216076 
1887.4372276 
1447.8905642 
23571.391336 
18082.082203 
13871.123200 
45645.877256 
35015.858546 
26861.360180 
20605.882611 
15807.181592 
12126.002783 
9302.0974443 
56072.543129 
43014.360913 
32997.170122 
25312.784218 
19417.939250 
14895.886658 
32032.812960 
24573.006696 
18850,441228 
14481.448773 
11109.006696 
8521.9396539 
6537.3490750 
5014.9302464 
3847.0525419 
2951.1503716 
2263.8860325 


4220.0665982 
3237.2968588 
91790.383216 


Costa-Hoffman-Meeks Minimal Surface 
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En is the derivate of En41 


13211321222113222112 
11131221131211322113322112 
31131122211311122113222.Na 
Ho.13221133122211332 
Eu.Ca.Ac.H.Ca.312 

131112 

11133112 

Z¿n.32112 

13122112 

111311222112 

31132.51 

13211312 

11131221131112 
3113112221133112 
Ho.Pa.H.12.Co 

1112 

3112 

132112 

1113122112 


311311222112 


Ho.1322112 

1113222112 

3113322112 

Pm.123222112 

111213322112 

31121123222112 

132112211213322112 
111312212221121123222112 
3113112211322112211213322112 
1321132122211322212221121123222112 
11131221131211322113321132211221121 
3322112 
Ge.Ca.312211322212221121123222122 
13112221133211322112211213322112 
Hf.Pa.22.Ca.Li 


see also CONWAY’S CONSTANT, LOOK AND SAY SE- 


QUENCE 
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Costa-Hoffman-Meeks Minimal Surface 
see COSTA MINIMAL SURFACE 


repeat with the other lead. Test all items before using them again. 
You don't know why the board was declared surplus. 

ICs are another matter. It is almost impossible without a 
special soldering iron, to heat seven or eight pins all at once. The 
solder can be removed with one of the de-soldering “wick” pro- 
ducts on the market. I use small size shielding from unwanted mike 
cable or the like, dip it in soldering paste, lay it on the line of pins, 
and heat it with an iron. It sucks the solder up so that the IC can be 
pried off, one side at a time. The heat is likely to ruin the ICs, of 
course, but these are usually house-numbered and you do not know 
what they are; thus, they are of no use to you anyway. If you have 
facilities for determining IC types, you would probably be testing 
the devices at the same time, so you can discover what they are and 
whether they are good all at once. 

Now you have a board with a lot of empty holes and connec- 
tions among them, and the next job is to remove the excess foil. 
The quickest and easiest way to do this is to dump the board (or any 
portions that you have cut off for use) into PC etchant and let it do 
its dirty work. Dab spots of resist (fingernail lacquer, paint, candle 
wax, etc.) on the pads at each IC location. This will permit the pads 
to remain while everything else is etched away, and will give you 
something to anchor the IC sockets to when you begin soldering 
your own circuit. It may be handy to save a ground (common) bus, 
or pads for external connections to the board, if these will not get in 
your way. I have tried to compare the pattern on a board with the 
pattern of the circuit on which I am working, in an effort to save any 
connections which may be useful, but I do not recommend this. 
Especially on a doublesided board, or ina complex circuit, it is the 
road to instant insanity. 

Follow the safety notes and instructions on the etchant bottle 
carefully. The stuff stains hands and clothing, and is definitely 
injurious to eyes and other sensitive skin areas. It is convenient to 
have a pail of water handy to dip the board into as a rinse to check 
things as you go along. Likewise, it is worthwhile to use a pair of 
plastic tweezers (photo print tongs, for example) to handle the 
board in the solution. Do not bother to heat the solution according 
to the instructions unless you are in a hurry. When all of the 
unwanted foil has etched away, wash the board, clean off the resist 
with chemical solvent, a “Rescue” pad, or with fine steel wool, and 
wash the board again. 

I am a great believer in IC sockets because I am not a believer 
in the specs of the bargain ICs I buy. Sockets are cheap—30¢ or 
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Costa Minimal Surface 


A complete embedded MINIMAL SURFACE of finite to- 
pology. It has no BOUNDARY and does not intersect 
itself. It can be represented parametrically by 


2 


x= pr (ud) d+ E 
1 


+Z [elu + iv = $) — Clu + iv — 201) 


y= pe acu do) + av = 


-Z lieu + iv ~1)_i€(ut de — 201) 


¿o Pe 
i plu + iv) + es 


where C(2) is the WEIERSTRAB ZETA FUNCTION, 
o(g2,93;2) is the WEIERSTRAB ELLIPTIC FUNCTION, 
c = 189.07272, e, = 6.87519, and the invariants are 
given by g2 = c and g3 = 0. 
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Cosymmedian Triangles 

Extend the SYMMEDIAN LINES of a TRIANGLE 
AA, A2A3 to meet the CIRCUMCIRCLE at Pi, Pa, Ps. 
Then the LEMOINE POINT K of AAjA2A3 is also 
the LEMOINE POINT of AP, P2P3. The TRIANGLES 
AA, A2A3 and AP, P2P3 are cosymmedian triangles, 
and have the same BROCARD CIRCLE, second BROCARD 
TRIANGLE, BROCARD ANGLE, BROCARD POINTS, and 
CIRCUMCIRCLE. 


Cotangent Bundle 


see also BROCARD ANGLE, BROCARD CIRCLE, BRO- 
CARD POINTS, BROCARD TRIANGLES, CIRCUMCIRCLE, 
LEMOINE POINT, SYMMEDIAN LINE 


Cotangent 


Re[Cot z] 


De SA) 


The function defined by cot z = 1/ tan z, where tan gv is 
the TANGENT. The MACLAURIN SERIES for cot x is 


1 
Be A A A at A 
cotz = > ¿Y T zr 35% 


(-1)7+*2% Bon 
(2n)! a 


where B, is a BERNOULLI NUMBER. 


OO 


1 


1 
n cot(rz) = r + 22 Y eT) 


n=l 


It is known that, for n > 3, cot(a/n) is rational only for 
n = 4, 


see also HYPERBOLIC COTANGENT, INVERSE COTAN- 
GENT, LEHMER'S CONSTANT, TANGENT 
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Cotangent Bundle 

The cotangent bundle of a MANIFOLD is similar to the 
TANGENT BUNDLE, except that it is the set (x, f) where 
z € M and f is a dual vector in the TANGENT SPACE 
tox € M. The cotangent bundle is denoted by T* M. 


see also TANGENT BUNDLE 


Cotes Circle Property 


Cotes Circle Property 


r?” + 1= E — 2x cos (=) + 1 
2n 


x |e? — 2s cos (75) +1] XX 
2n 


x k — 2g cos (22) + ] ; 
2n 
Cotes Number 


The numbers Ayn in the GAUSSIAN QUADRATURE for- 
mula 


Qn(f) = Y Ale) 


see also GAUSSIAN QUADRATURE 
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Cotes? Spiral 
The planar orbit of a particle under a r~° force field. It 
is an EPISPIRAL. 


Coth 
see HYPERBOLIC COTANGENT. 


Coulomb Wave Function 

A special case of the CONFLUENT HYPERGEOMETRIC 
FUNCTION OF THE FIRST KIND. It gives the solution to 
the radial Schródinger equation in the Coulomb poten- 
tial (1/r) of a point nucleus 


Wf, 2n_ L+) 


A W =0, 1 
dp? p p’ (1) 

The complete solution is 
W = C¡Fi(n, p) + C2GL(n, p). (2) 


The Coulomb function of the first kind is 


Fi(n, p) = CL(m oe 1 F(L + 1 — in; 2L + 2; 2ip), 
(3) 

where 

Qe MANEL +1 + in)| 
T'(2L + 2) i 

1Fi(a;b;z) is the CONFLUENT HYPERGEOMETRIC 

FUNCTION, I'(z) is the GAMMA FUNCTION, and the 

Coulomb function of the second kind is 


Cr(n) = (4) 


Gimp) = ana (n, p) ho) + E u 


1 = L K+L 
TE +1)Cz(n)” - y ar (mp, (5) 


K=-—L 
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where gz, pL, and af are defined in Abramowitz and 
Stegun (1972, p. 538). 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). “Coulomb Wave 
Functions.” Ch. 14 in Handbook of Mathematical Func- 
tions with Formulas, Graphs, and Mathematical Tables, 
9th printing. New York: Dover, pp. 537-544, 1972. 

Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 631-633, 1953. 


Count 

The largest n such that |z, | < 4 in a MANDELBROT SET. 
Points of different count are often assigned different col- 
ors. 


Countable Additivity Probability Axiom 
For a COUNTABLE SET of n disjoint events Ej, Ez,..., 


En 
P (Us) = Y P(E;). 


see also COUNTABLE SET 


Countable Set 
A SET which is either FINITE or COUNTABLY INFINITE. 


see also ALEPH-0, ALEPH-1, COUNTABLY INFINITE SET, 
FINITE, INFINITE, UNCOUNTABLY INFINITE SET 


Countable Space 
see FIRST-COUNTABLE SPACE 


Countably Infinite Set 

Any SET which can be put in a ONE-TO-ONE correspon- 
dence with the NATURAL NUMBERS (or INTEGERS), and 
so has CARDINAL NUMBER No. Examples of countable 
sets include the INTEGERS and ALGEBRAIC NUMBERS. 
Georg Cantor showed that the number of REAL NUM- 
BERS is rigorously larger than a countably infinite set, 
and the postulate that this number, the “CONTINUUM,” 
is equal to Ñ, is called the CONTINUUM HYPOTHESIS. 


see also ALEPH-0, ALEPH-1, CANTOR DIAGONAL 
SLASH, CARDINAL NUMBER, CONTINUUM HYPOTHESIS, 
COUNTABLE SET, 


Counting Generalized Principle 

If r experiments are performed with n; possible out- 
comes for each experiment i = 1,2,...,r, then there are 
a total of [[_, n: possible outcomes. 


Counting Number 

A POSITIVE INTEGER: 1, 2, 3, 4,... (Sloane’s A000027), 
also called a NATURAL NUMBER. However, 0 is some- 
times also included in the list of counting numbers. Due 
to lack of standard terminology, the following terms 
are recommended in preference to “counting number,” 
“NATURAL NUMBER,” and “WHOLE NUMBER.” 
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Set Name Symbol 
.., —2, —1, 0,1, 2,... integers LZ, 

gre er is positive integers > 

0; 1 203.4 nonnegative integers Z' 


—1, —2, -3, —4,... negative integers Z 


see also NATURAL NUMBER, WHOLE NUMBER, Z, Z , 
DE 
References 


Sloane, N. J. A. Sequence A000027/M0472 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


` Coupon Collector’s Problem 
Let n objects be picked repeatedly with probability p; 
that object ¿ is picked on a given try, with 


N pi = 1, 


Find the earliest time at which all n objects have been 
picked at least once. 


References 
Hildebrand, M. V. “The Birthday Problem.” Amer. Math. 
Monthly 100, 643, 1993. 


Covariance | 
Given n sets of variates denoted (11), ..., {an}, a 
quantity called the COVARIANCE MATRIX is defined by 


Vij = cov[z;,2;) (1) 
= ((zi — pi)(2j — Hi)) (2) 
= (xij) — (25) (23), (3) 


where u; = (2;) and uw; = (25) are the MEANS of z; 
and x;, respectively. An individual element Vi; of the 
COVARIANCE MATRIX is called the covariance of the 
two variates x; and z;, and provides a measure of how 
strongly correlated these variables are. In fact, the de- 
rived quantity 


cov(xi, 15) 


; (4) 


cor(27;, Z;) pay 
wd 


where ci, cj are the STANDARD DEVIATIONS, is called 
the CORRELATION of zx; and z;. Note that if xz; and zx; 
are taken from the same set of variates (say, x), then 


cov(z, z) = a) — (xY? = var(z), (5) 


giving the usual VARIANCE var(z). The covariance is 


also symmetric since 
cov(z, y) = cov(y, 2). (6) 


For two variables, the covariance is related to the VARI- 
ANCE by 


var(x + y) = var(2) + var(y) + 2cov(2,y). (7) 


Covariance Matrix 
For two independent variates x = x; and y = £j, 


cov(x, y) = (zy) — HzHy = (2) (Y) — May =0, (8) 


so the covariance is zero. However, if the variables are 
correlated in some way, then their covariance will be 
NONZERO. In fact, if cov(z,y) > 0, then y tends to 
increase as x increases. If cov(z, y) < 0, then y tends to 
decrease as x Increases. 


The covariance obeys the identity 


cov(a + z,y) = ((@ + z)y — (x + z) (y) 
= (xy) + (zy) — ((z) + (2) (y) 
= (xy) — (x) (y) + (zy) — (2) (y) 
= cov(z, y) + cov(z, y). (9) 


By induction, it therefore follows that 


Th n 


cov Y aay = Y cov(z;,y) (10) 


i=l i=i 


Tt m 
COV ) Ti, > Y; 
¿=1 j=l 


¿=1 j=1 

= > e (12) 
¿=1 j=1 

= ` S cov(yj, zi) (13) 
i=l ¿=1 
n m 

= ` S cov(zi, ys). (14) 
i=l j=1 


see also CORRELATION (STATISTICAL), COVARIANCE 
MATRIX, VARIANCE 


Covariance Matrix 
Given n sets of variates denoted {x1}, ..., {£n} , the 
first-order covariance matrix is defined by 


Vij = cov(xi, 25) = ((£: — pi) (zz — Hi)) 


where u; is the MEAN. Higher order matrices are given 
by 

Vig = (z: — M4) (z; — pi) ) 
An individual matrix element V;; = cov(x;, x2,) is called 
the COVARIANCE of x; and gj. 


see also CORRELATION (STATISTICAL), COVARIANCE, 
VARIANCE 


Covariant Derivative 


Covariant Derivative 
The covariant derivative of a TENSOR A” (also called the 
SEMICOLON DERIVATIVE since its symbol is a semicolon) 


A” a =V- A = A5, HEA, (1) 
and of A; is 
1 OA; , 
Ajk = => TAi, 2 
jik ger OL, jk ( ) 


where I is a CONNECTION COEFFICIENT. 


see also CONNECTION COEFFICIENT, COVARIANT TEN- 
SOR, DIVERGENCE 
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Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 48-50, 1953. 


Covariant Tensor 

A covariant tensor is a TENSOR having specific transfor- 
mation properties (c.f., a CONTRAVARIANT TENSOR). 
To examine the transformation properties of a covariant 
tensor, first consider the GRADIENT 


Od . Od . QD. 
Vo = ga. + ja + A X3, (1) 
for which 
09 _ Ob da; (2) 
Ox, ðr; ðr!’ 


09 
A; = i 3 
da, (3) 
then any set of quantities A; which transform according 
to 9 
Ts i 
Ai = A; (4 
j 
or, defining 
Ox; 
Üi E => 5 
according to 
Aj = aij A; (6) 


is a covariant tensor. Covariant tensors are indicated 
with lowered indices, 1.e., ap. 


CONTRAVARIANT TENSORS are a type of TENSOR with 
differing transformation properties, denoted a”. How- 
ever, in 3-D CARTESIAN COORDINATES, 


o = lij (7) 


for 1,7 = 1, 2, 3, meaning that contravariant and covari- 
ant tensors are equivalent. The two types of tensors do 
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differ in higher dimensions, however. Covariant FOUR- 
VECTORS satisfy 
aj = A dos (8) 


where A is a LORENTZ TENSOR. 


To turn a CONTRAVARIANT TENSOR into a covariant 
tensor, use the METRIC TENSOR gp» to write 


Au = Juva”. (9) 


Covariant and contravariant indices can be used simul- 
taneously in a MIXED TENSOR. 


see also CONTRAVARIANT TENSOR, FOUR-VECTOR, 
LORENTZ TENSOR, METRIC TENSOR, MIXED TENSOR, 
TENSOR 


References 

Arfken, G. “Noncartesian Tensors, Covariant Differentia- 
tion.” §3.8 in Mathematical Methods for Physicists, 3rd 
ed. Orlando, FL: Academic Press, pp. 158-164, 1985. 
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Covariant Vector 
A COVARIANT TENSOR of RANK 1. 


Cover 

A group C of SUBSETS of X whose UNION contains the 
given set X (U{S : S € C} = X) is called a cover (or 
a COVERING). A MINIMAL COVER is a cover for which 
removal of one member destroys the covering property. 
There are various types of specialized covers, includ- 
ing proper covers, antichain covers, minimal covers, k- 
covers, and k*-covers. The number of possible covers for 
a set of N elements is 


N 
ici) = 5 NE El ) 2, 
k=0 


the first few of which are 1, 5, 109, 32297, 2147321017, 
9223372023970362989, (Sloane’s A003465). The 
number of proper covers for a set of N elements is 


IC'(N)| = |C(N)| — 2% 


NY aN on 
k ~ a 
k=0 


the first few of which are 0, 1, 45, 15913, 1073579193, 
... (Sloane’s A007537). 


see also MINIMAL COVER 


| 
bd | Re 
id- 
mn 
| 
H 
Agr 
om 
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Cover Relation 

The transitive reflexive reduction of a PARTIAL ORDER. 
An element z of a POSET (X, <) covers another element 
x provided that there exists no third element y in the 
poset for which x < y < z. In this case, z is called an 
“upper cover” of x and x a “lower cover” of z. 


Covering 
see COVER 


Covering Dimension 
see LEBESGUE COVERING DIMENSION 


Covering System 

A system of congruences a; mod n; with 1 < 12 < k 
is called a covering system if every INTEGER y satisfies 
y = a; (mod n) for at least one value of 2. 


see also EXACT COVERING SYSTEM 


References 

Guy, R. K. “Covering Systems of Congruences.” $F13 in 
Unsolved Problems in Number Theory, 2nd ed. New York: 
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Coversine 


covers A = 1 — sin A, 


where sin A is the SINE. 
see also EXSECANT, HAVERSINE, SINE, VERSINE 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 78, 1972. 


Cox’s Theorem 

Let o1, ..., oa be four PLANES in GENERAL POSITION 
through a point P and let Pj; be a point on the LINE 
Gi’ Oj. Let oi;, denote the PLANE Pi; Pi,Pj~. Then the 
four PLANES 7234, 0134, 0124, 0123 all pass through one 
point Pi234. Similarly, let o1, ..., 05 be five PLANES 
in GENERAL POSITION through P. Then the five points 
P2345, P1345, Py245, Pi235, and Py234 all lie in one PLANE. 
And so on. 


see also CLIFFORD’S CIRCLE THEOREM 


Coxeter Diagram 
see COXETER-DYNKIN DIAGRAM 


Coxeter’s Loxodromic Sequence of Tangent Circles 


Coxeter-Dynkin Diagram 

A labeled graph whose nodes are indexed by the gen- 
erators of a COXETER GROUP having (P;,P;) as an 
EDGE labeled by Mi; whenever M;; > 2, where Mi; is 
an element of the COXETER MATRIX. Coxeter-Dynkin 
diagrams are used to visualize COXETER GROUPS. A 
Coxeter-Dynkin diagram is associated with each RATIO- 
NAL DOUBLE POINT (Fischer 1986). 


see also COXETER GROUP, DYNKIN DIAGRAM, RATIO- 
NAL DOUBLE POINT 
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Coxeter Graph 
see COXETER-DYNKIN DIAGRAM 


Coxeter Group 
A group generated by the elements P; for i = 1,... n 
subject to 

(REJASI 


where M;; are the elements of a COXETER MATRIX. 
Coxeter used the NOTATION [317] for the Coxeter 
group generated by the nodes of a Y-shaped COXETER- 
DYNKIN DIAGRAM whose three arms have p, q, and r 
EDGES. A Coxeter group of this form is finite IFF 


1 1 1 


p+a q+1  r+1 


> 1. 


see also BIMONSTER 


References 
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Coxeter?s Loxodromic Sequence of Tangent 
Circles 

An infinite sequence of CIRCLES such that every four 
consecutive CIRCLES are mutually tangent, and the CIR- 
CLES’ RADII a y aes R-1, Ro, Ri, Ra, Rs, Ra, 
..., Rn, Rn+1,..., are in GEOMETRIC PROGRESSION 


with ratio h 


where ¢ is the GOLDEN RATIO (Gardner 1979ab). Cox- 
eter (1968) generalized the sequence to SPHERES. 


see also ARBELOS, GOLDEN RATIO, HEXLET, PAPPUS 
CHAIN, STEINER CHAIN 
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Coxeter Matrix 


Gardner, M. “Mathematical Games: The Diverse Pleasures 
of Circles that Are Tangent to One Another.” Sci. Amer. 
240, 18-28, Jan. 1979a. 

Gardner, M. “Mathematical Games: How to be a Psychic, 
Even if You are a Horse or Some Other Animal.” Sci. 


Amer. 240, 18-25, May 1979b. 


Coxeter Matrix 
An n x n SQUARE MATRIX M with 


Mi = 1 
Mi = Mj > 1 
for all ¿j =1,..., n. 


see also COXETER GROUP 


Coxeter-Todd Lattice 

The complex LATTICE Ag corresponding to real lattice 
Kız having the densest HYPERSPHERE PACKING (KISS- 
ING NUMBER) in 12-D. The associated AUTOMORPHISM 
GROUP Go was discovered by Mitchell (1914). The order 
of Go is given by 


| Aut(Ag)| = 2° -37 - 5 - 7 = 39, 191, 040. 


The order of the AUTOMORPHISM GROUP of Ki is given 
by 
| Aut(Kiz)| = 22 -37 -5-7 


(Conway and Sloane 1983). 
see also BARNES-WALL LATTICE, LEECH LATTICE 
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Cramér Conjecture 


An unproven CONJECTURE that 
Tim Pat y, 
n—>00 (In pn)? 


where pn is the nth PRIME. 
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Cramér-Euler Paradox 

A curve of order n is generally determined by n(n + 
3)/2 points. So a CONIC SECTION is determined by five 
points and a CUBIC CURVE should require nine. But the 
MACLAURIN-BEZOUT THEOREM says that two curves of 
degree n intersect in n? points, so two CUBICS intersect 
in nine points. This means that n(n + 3)/2 points do 
not always uniquely determine a single curve of order n. 
The paradox was publicized by Stirling, and explained 
by Plicker. | 


see also CUBIC CURVE, MACLAURIN-BEZOUT THEOREM 


Cramer’s Rule 
Given a set of linear equations 


aıt + biy + cız = dí 
a2x + boy + coz = d2 (1) 
a3z + b3y + c3z = ds, 


consider the DETERMINANT 


a1 by Cl 
D= a2 ba Cal. (2) 
a3 b3 C3 


Now multiply D by z, and use the property of DETERMI- 
NANTS that MULTIPLICATION by a constant is equivalent 
to MULTIPLICATION of each entry in a given row by that 
constant 


a1 by C1 a1T bi C1 
rja: be co|=|azr b2 ceo}. (3) 
103 b3 C3 azz b3 c3 


Another property of DETERMINANTS enables us to add 
a constant times any column to any column and obtain 
the same DETERMINANT, so add y times column 2 and 
z times column 3 to column 1, 


aiz +biy+ciız & ci di b ci 
£D = | azz + bzy + c2z b2 c2|=]|d2 ba ce}. (4) 
azz + bsy +e3z b3 c3 dz b3 c3 


If d = 0, then (4) reduces to 2D = 0, so the system 
has nondegenerate solutions (i.e., solutions other than 
(0, 0, 0)) only if D = 0 (in which case there is a family 
of solutions). If d 4 0 and D = 0, the system has no 
unique solution. If instead d # O and D Æ 0, then 
solutions are given by 


dı bi Cl 
dy ba C2 
_ d3 b3 C3 


350 Cramér's Theorem 


and similarly for 


Qi di Ci 
aa də Ca 
a3 d3 C3 
y (6) 
(1 b1 dy 
(2 ba do 
ag bs d3 
¿z = Toa (7) 


This procedure can be generalized to a set of n equations 
so, given a system of n linear equations 


Qil Q12 *** Qin £1 dy 
= ? (8) 
dinl n2 ‘"* Gnn Un dn 
let 
Q11 Q12 Ess Qin 
D= (9) 
dini an2 q Onn 


If d = 0, then nondegenerate solutions exist only if D = 
0. If d 4 0 and D = 0, the system has no unique 
solution. Otherwise, compute 


a11 "t  @i(k—1) dı Qi(k+1) °""* Qin 


ani `t Gn(k-1) dn An(k+1) `? ünn 
(10) 
Then zk = Dx/D for 1 < k <n. In the 3-D case, the 
VECTOR analog of Cramer’s rule is 


(Ax B)x(CxD) = (A-BxD)C-(A-BxC)D. (11) 


see also DETERMINANT, LINEAR ALGEBRA, MATRIX, 
SYSTEM OF EQUATIONS, VECTOR 


Cramér’s Theorem 

If X and Y are INDEPENDENT variates and X + Y is 
a GAUSSIAN DISTRIBUTION, then both X and Y must 
have GAUSSIAN DISTRIBUTIONS. This was proved by 
Cramér in 1936. 


Craps 

A game played with two DICE. If the total is 7 or 11 
(a “natural”), the thrower wins and retains the DICE 
for another throw. If the total is 2, 3, or 12 (“craps”), 
the thrower loses but retains the DICE. If the total is 
any other number (called the thrower's “point”), the 
thrower must continue throwing and roll the “point” 
value again before throwing a 7. If he succeeds, he wins 
and retains the DICE, but if a 7 appears first, the player 
loses and passes the dice. The probability of winning is 
244/495 = 0.493 (Kraitchik 1942). 
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Criss-Cross Method 


CRC 
see CYCLIC REDUNDANCY CHECK 


Creative Telescoping 
see TELESCOPING SUM, ZEILBERGER’S ALGORITHM 


Cremona Transformation 
An entire Cremona transformation is a BIRATIONAL 
TRANSFORMATION of the PLANE. Cremona transfor- 
mations are MAPS of the form 


Zi41 = f (ri, Ys) 
Yir1 = g(t, Yi), 


in which f and g are POLYNOMIALS. A quadratic Cre- 
mona transformation is always factorable. 


see also NOETHER’S TRANSFORMATION THEOREM 
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Cribbage 

Cribbage is a game in which each of two players is dealt a 
hand of six CARDS. Each player then discards two of his 
six cards to a four-card “crib” which alternates between 
players. After the discard, the top card in the remaining 
deck is turned up. Cards are then alternating played out 
by the two players, with points being scored for pairs, 
runs, cumulative total of 15 and 31, and playing the 
last possible card (“go”) not giving a total over 31. All 
face cards are counted as 10 for the purpose of playing 
out, but the normal values of Jack = 11, Queen = 12, 
King = 13 are used to determine runs. Aces are always 
low (ace = 1). After all cards have been played, each 
player counts the four cards in his hand taken in con- 
junction with the single top card. Points are awarded 
for pairs, flushes, runs, and combinations of cards giv- 
ing 15. A Jack having the same suit as a top card is 
awarded an additional point for “nobbs.” The crib is 
then also counted and scored. The winner is the first 
person to “peg” a certain score, as recorded on a “crib- 
bage board.” 


The best possible score in a hand is 29, corresponding 
to three 5s and a Jack with a top 5 the same suit as 
the Jack. Hands with scores of 25, 26, and 27 are not 
possible. 


see also BRIDGE CARD GAME, CARDS, POKER 


Criss-Cross Method 

A standard form of the LINEAR PROGRAMMING problem 
of maximizing a linear function over a CONVEX POLY- 
HEDRON is to maximize c - x subject to mx < b and 
x > 0, where m is a given s X d matrix, c and b are 
given d-vector and s-vectors, respectively. The Criss- 
cross method always finds a VERTEX solution if an op- 
timal solution exists. 


see also CONVEX POLYHEDRON, LINEAR PROGRAM- 
MING, VERTEX (POLYHEDRON) 


Criterion 


Criterion 


A requirement NECESSARY for a given statement or the- 


orem to hold. Also called a CONDITION. 


see also BROWN’S CRITERION, CAUCHY CRITERION, 
EULER’S CRITERION, GAUSS’S CRITERION, KORSELT’S 
CRITERION, LEIBNIZ CRITERION, POCKLINGTON’S CRI- 
TERION, VANDIVER’S CRITERIA, WEYL’S CRITERION 


Critical Line 

The LINE R(s) = 1/2 in the COMPLEX PLANE on which 
the RIEMANN HYPOTHESIS asserts that all nontrivial 
(COMPLEX) ROOTS of the RIEMANN ZETA FUNCTION 
C(s) lie. Although it is known that an INFINITE number 
of zeros lie on the critical line and that these comprise 
at least 40% of all zeros, the RIEMANN HYPOTHESIS is 
still unproven. 


see also RIEMANN HYPOTHESIS, RIEMANN ZETA FUNC- 
TION 


References 
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Critical Point 

A FUNCTION y = f(x) has critical points at all points 
zo where f'(z0) = 0 or f(x) is not DIFFERENTIABLE. 
A FUNCTION z = f(x,y) has critical points where the 
GRADIENT Vf = 0 or Of /Ox or the PARTIAL DERIVA- 
TIVE Of /Oy is not defined. 


see also FIXED POINT, INFLECTION POINT, ONLY CRIT- 
ICAL POINT IN TOWN TEST, STATIONARY POINT 


Critical Strip 
see CRITICAL LINE 


Crook 


A 6-POLYIAMOND. 
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Crookedness | 

Let a KNoT K be parameterized by a VECTOR FUNC- 
TION v(t) with t € S”, and let w be a fixed UNIT VEC- 
TOR in RË. Count the number of RELATIVE MINIMA of 
the projection function w-v(t). Then the MINIMUM such 
number over all directions w and all K of the given type 
is called the crookedness p(k). Milnor (1950) showed 
that 27 u4(K) is the INFIMUM of the total curvature of 
K. For any TAME Knot K in RR”, (K) = b(K) where 
b(K) is the BRIDGE INDEX. 


see also BRIDGE INDEX 
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Cross 

In general, a cross is a figure formed by two intersect- 
ing LINE SEGMENTS. In LINEAR ALGEBRA, a cross is 
defined as a set of n mutually PERPENDICULAR pairs 
of VECTORS of equal magnitude from a fixed origin in 
EUCLIDEAN n-SPACE. 


The word “cross” is also used to denote the operation 
of the Cross PRODUCT, so a x b would be pronounced 
”a cross b.” 


see also CROSS PRODUCT, DOT, EUTACTIC STAR, 
GAULLIST CROSS, GREEK CROSS, LATIN CROSS, MAL- 


TESE CROSS, PAPAL CROSS, SAINT ANDREW’S CROSS, 
SAINT ANTHONY’S CROSS, STAR 


Cross-Cap 


AA 
EUA 
ey 
e 


The self-intersection of a one-sided SURFACE. It can be 
described as a circular HOLE which, when entered, exits 
from its opposite point (from a topological viewpoint, 
both singular points on the cross-cap are equivalent). 
The cross-cap has a segment of double points which ter- 
minates at two “PINCH POINTS” known as WHITNEY 
SINGULARITIES. 


The cross-cap can be generated using the general 
method for NONORIENTABLE SURFACES using the poly- 
nomial function 


f(x,y, 2) = (wz, yz, ¿(2 — a”) (1) 


(Pinkall 1986). Transforming to SPHERICAL COORDI- 
NATES gives 


z(u,v) = $ cos usin(2v) (2) 
y(u, v) = 5 sin usin(2v) (3) 
z(u,v) = $(cos” v — cos” usin’ v) (4) 


for u € (0,27) and v € [0,7/2]. To make the equa- 
tions slightly simpler, all three equations are normally 
multiplied by a factor of 2 to clear the arbitrary scaling 
constant. Three views of the cross-cap generated using 
this equation are shown above. Note that the middle one 
looks suspiciously like MAEDER’S OWL MINIMAL SUR- 
FACE. 
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Another representation is 


f(x,y,z) = (yz, 2x4, q* _ y”), (5) 
(Gray 1993), giving parametric equations 
x = 5sinusin(2v) (6) 
y = sin(2u) sin? v (7) 
z = cos(2u) sin” v, (8) 


(Geometry Center) where, for aesthetic reasons, the y- 
and z-coordinates have been multiplied by 2 to produce 
a squashed, but topologically equivalent, surface. Nord- 
strand gives the implicit equation 


dn" (z? +y? +z +z) +y ly? +27 -1)=0 (9) 


which can be solved for z to yield 


a 2 + y (y? + 227)(1 — 4z? — y?) V (4? + 207) — 4r? — y?) (10) 


472 + y? 


Taking the inversion of a cross-cap such that (0, 0, —1/2) 
is sent to co gives a CYLINDROID, shown above (Pinkall 
1986). 


The cross-cap is one of the three possible SURFACES ob- 
tained by sewing a MOBIUS STRIP to the edge of a DISK. 
The other two are the BOY SURFACE and ROMAN SUR- 
FACE. 


see also BOY SURFACE, MOBIUS STRIP, NONORI- 
ENTABLE SURFACE, PROJECTIVE PLANE, ROMAN SUR- 
FACE 
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Cross-Correlation Theorem 


Cross-Correlation 
Let x denote cross-correlation. Then the cross- 
correlation of two functions f(t) and g(t) of a real vari- 


able t is defined by 
fxg = f"(-t) * g(t), (1) 


where * denotes CONVOLUTION and f*(t) is the COM- 
PLEX CONJUGATE of f(t). The CONVOLUTION is defined 
by 


f(t) «9(t) = / f(rg(t-n)dr, (2) 


therefore 
fxg= j i F (rat — r) ar. (3) 
Let 7’ = —7, so dr’ = —dr and 
E [ ee 
= 7 Ff" (r)g(t +17) dr. (4) 


The cross-correlation satisfies the identity 


(gxh)x(g*h) = (g*g)* (hx h). (5) 
If f or g is EVEN, then 
fxg=fx9, (6) 


where * denotes CONVOLUTION. 


see also AUTOCORRELATION, CONVOLUTION, CROSS- 
CORRELATION THEOREM 


Cross-Correlation Coefficient 
The COEFFICIENT p in a GAUSSIAN BIVARIATE DISTRI- 
BUTION. 


Cross-Correlation Theorem 


Let f x g denote the CROSS-CORRELATION of functions 
f(t) and g(t). Then 


fxg= f f*(r)g(t + 7) dr 


-| / F*(v)e?™*"7 av | CQ je ere tla 
=f J / F*(v)G(v’ e727) e ?rivt de dy dy! 
I J rua] [ AO de nd 
F 


F* 
"(v 


F* (MG) — v) dv’ dy 


8 8 


(v)G(v)e—?7*¥* dy 
)G(v)}, 


)] 


CE 


G (1) 


Il 


Cross Curve 


where F denotes the FOURIER TRANSFORM and 


f(t) = FIFO) = f Fea (a) 


OO 


g(t) = F[G(v)] = J Gie*""“de (3) 


oo 


Applying a FOURIER TRANSFORM on each side gives the 
cross-correlation theorem, 


f xg = F[F" (v)G(v)]. (4) 


If F = G, then the cross-correlation theorem reduces to 
the WIENER-KHINTCHINE THEOREM. 


see also FOURIER TRANSFORM, WIENER-KHINTCHINE 
THEOREM 


Cross Curve 
see CRUCIFORM 


Cross Fractal 
see CANTOR SQUARE FRACTAL 


Cross of Lorraine 
see GAULLIST CROSS 


Cross Polytope 

A regular POLYTOPE in n-D (generally assumed to sat- 

isfy n > 5) corresponding to the CONVEX HULL of the 

points formed by permuting the coordinates (+ 1, 0, O, 
.., 0). It is denoted Bn and has SCHLAFLI SYMBOL 

(3772, 4). In 3-D, the cross polytope is the OCTAHE- 

DRON. 


see also MEASURE POLYTOPE, SIMPLEX 


Cross Product 
For VECTORS u and v, 


UXV = X(UyU¿ —Uzvy) —Y (UrVz —ULVL) + Z (Ur Vy —UyUz). 

(1) 
This can be written in a shorthand NOTATION which 
takes the form of a DETERMINANT 


x y 2 
UXV=|Us Uy Uz (2) 
Ve Vy. Dz 
It is also true that 
ju x v| = Jul |v] sin @, (3) 
= ul |v] /1—(a-v)?, (4) 


where 6@ is the angle between u and v, given by the DOT 
PRODUCT 
cosó = ú- Y. (5) 
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Identities involving the cross product include 


Sealt) x ra(t)] = r(t) x E + xaft) (6) 
AxB=-BxA (7) 
Ax(B+C)=AxB+AxC (8) 

(tA) x B=t(A x B). (9) 


For a proof that A x B is a PSEUDOVECTOR, see Arfken 
(1985, pp. 22-23). In TENSOR notation, 


A x B= cik AIBĂ, (10) 


where €¡jx is the LEVI-CIVITA TENSOR. 
see also DOT PRODUCT, SCALAR TRIPLE PRODUCT 
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Cross-Ratio 


_ [a — bMe-—d) 
|a, b, c, d] = (= deo) (1) 


For a MOBIUS TRANSFORMATION f, 


[a, b, c, d] = [f (a), f(b), f(c), F(a). (2) 


There are six different values which the cross-ratio may 
take, depending on the order in which the points are 
chosen. Let A = [a,b,c,d]. Possible values of the cross- 
ratio are then A, 1 — A, 1/A, (A— 1)/A, 1/(1 — A), and 
A/A — 1). 


Given lines a, b, c, and d which intersect in a point O, 
let the lines be cut by a line J, and denote the points of 
intersection of | with each line by A, B, C, and D. Let 
the distance between points A and B be denoted AB, 
etc. Then the cross-ratio 


_ (AB)(CD) 
[AB, CD] = (BC)(AD) (3) 
is the same for any position of the I (Coxeter 
and Greitzer 1967). Note that the definitions 
(AB/AD)/(BC/CD) and (CA/CB)/(DA/DB) are 
used instead by Kline (1990) and Courant and Robbins 
(1966), respectively. The identity 


[AD, BC] +[AB,DC] =1 (4) 


holds IFF AC//BD, where // denotes SEPARATION. 


The cross-ratio of four points on a radial line of an IN- 
VERSION CIRCLE is preserved under INVERSION (Ogilvy 
1990, p. 40). 


see also MOBIUS TRANSFORMATION, SEPARATION 


less by mail —and they save hours when you have to change the ICs 
around to find which ones do not work. Molex sockets are a dubious 
bargain. They do not slip into the holes easily, and, after a few 
insertions and removals, they are not reliable. At first glance, it 
would appear that IC sockets with long pins for wire-wrap applica- 
tions would be easier to solder to, but 1 find that the extra length 
gets in the way of precision work and I wind up with two or three 
pins soldered together. 

A word about the holes in the board. You will find many of 
them plugged with leftover solder, and you will find need for a few 
where the original manufacturer neglected to foresee your re- 
quirements. Stop at your friendly neighborhood hobby shop and 
buy a couple of fine drills; number 62 or smaller is good. At the 
same time, if you do not have one, get a cheap pin vise. With this 
combination, you can ream out plugged holes and drill new ones. 
You can do this while holding the board in one hand and the pin vise 
in the other, and thus make holes after you have begun mounting 
components. You cannot do this safely with a hand drill or drill 
press. 

At the hobby shop, you can also get a small eggbeater-type 
hand drill made by X-Acto® which is light and, if handled carefully, 
will not break too many of the little twist drills. However, buy 
several twist drills at a time as they go fast! 

The wire that you use should be as fine and as flexible as you 
can find, Teflon™ insulation is good for resisting any tendency to 
shrivel up when the heat of soldering hits it. Again following the 
surplus route, I have had luck in finding cables made up of many 
leads of fine stranded wire, number 24 or 26 or so, with various 
colors of insulation, which I have separated into individual leads. 
Solid wire is a nuisance. 

Wiring this kind of board by hand is admittedly no fun. There 
are too many repetitious operations, since so many ICs use the 
same connection schemes. After a while, it becomes a question of 
“Did I wire pin number five and which pin is number five?” If you 
have an etching pattern for the device, make a Xerox® copy of it to 
follow, inking in each connection as you solder it. If not, do the 
same on a Circuit diagram. Yes, this is the same way that beginners 
did it in the old days of metal chassis and 240-volt transformers, but 
it works. 

Solder two or three corner pins of each IC socket to the pads 
which you thoughtfully left on the board. This will hold the sockets 
in place while you get down to serious business. Then, again 
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Cross-Section 

The cross-section of a SOLID is a LAMINA obtained by 
its intersection with a PLANE. The cross-section of an 
object therefore represents an infinitesimal “slice” of a 
solid, and may be different depending on the orientation 
of the slicing plane. While the cross-section of a SPHERE 
is always a DISK, the cross-section of a CUBE may be a 
SQUARE, HEXAGON, or other shape. 


see also AXONOMETRY, CAVALIERI'S PRINCIPLE, LAM- 
INA, PLANE, PROJECTION, RADON TRANSFORM, 
STEREOLOGY 


Crossed Ladders Problem 

Given two crossed LADDERS resting against two build- 
ings, what is the distance between the buildings? Let 
the height at which they cross be c and the lengths of 
the LADDERS a and b. The height at which b touches 
the building k is then obtained by solving 


k* — 2ck® + k? (a? — b°) — Ick(a® — b”) +c (a? — b°) = 0. 


Call the horizontal distance from the top of a to the 
crossing u, and the distance from the top of b, v. Call 
the height at which a touches the building h. There are 
solutions in which a, b, h, k, u, and v are all INTEGERS. 
One is a = 119, b = 70, c= 30, and u + v = 56. 

see also LADDER | 
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Crossed Trough 


The SURFACE 


2,2 
z = cx y". 


see also MONKEY SADDLE 
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Crossing Number (Graph) 


Crossing Number (Graph) 

Given a “good” GRAPH (i.e., one for which all intersect- 
ing EDGES intersect in a single point and arise from 
four distinct VERTICES), the crossing number is the 
minimum possible number of crossings with which the 
GRAPH can be drawn. A GRAPH with crossing num- 
ber 0 is a PLANAR GRAPH. Garey and Johnson (1983) 
showed that determining the crossing number is an NP- 
COMPLETE PROBLEM. GUY’S CONJECTURE suggests 
that the crossing number for the COMPLETE GRAPH Kn 


alll] A 


which can be rewritten 


ggn(n B 2)?(n ra 4) for n even 
2(n—1)?(n—3)? forn odd. (2) 


64 


The first few predicted and known values are given in 
the following table (Sloane's A000241). 


1 
2 
3 
4 
5 
6 
7 
8 
9 
10 
11 


Rh a a a 
e & & bo 


— 
O 


ZARANKIEWICZ’S CONJECTURE asserts that the crossing 
number for a COMPLETE BIGRAPH is 


ll ee S 


It has been checked up to m,n = 7, and Zarankiewicz 
has shown that, in general, the FORMULA provides an 
upper bound to the actual number. The table below 
gives known results. When the number is not known ex- 
actly, the prediction of ZARANKIEWICZ’S CONJECTURE 
is given in parentheses. 


77, 79, or (81) 


Crossing Number (Graph) 


Consider the crossing number for a rectilinear GRAPH 
G which may have only straight EDGES, denoted p(G). 
For a COMPLETE GRAPH of order n > 10, the rectilinear 
crossing number is always larger than the general graph 
crossing number. The first few values for COMPLETE 
GRAPHS are 0, 0, 0, 0, 1, 3, 9, 19, 36, 61 or 62, ... 
(Sloane's A014540). The n = 10 lower limit is from 
Singer (1986), who proved that 


D(Kn) < 2,(5n* — 39n* + 91n* — 57n). (4) 
Jensen (1971) has shown that 


D(Kn) < En + O(n’). (5) 


Consider the crossing number for a toroidal GRAPH. For 
a COMPLETE GRAPH, the first few are 0, 0, 0, 0, 0, 0, 
0, 4, 9, 23, 42, 70, 105, 154, 226, 326, ... (Sloane’s 
A014543). The toroidal crossing numbers for a COM- 
PLETE BIGRAPH are given in the following table. 


see also GUY’S CONJECTURE, ZARANKIEWICZ’S CON- 
JECTURE 
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Crossing Number (Link) 

The least number of crossings that occur in any pro- 
jection of a LINK. In general, it is difficult to find the 
crossing number of a given LINK. 
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Crout’s Method 
A Root finding technique used in LU DECOMPOSITION. 
It solves the N? equations 


i<j a1 P1z + 02823 +... + au Biz = ai; 
tg 041815 + Qizb2j +... + 06Bjj = Qij 
i>j 01815 + Qizla; +... + aij B53 = Qij 


for the N? + N unknowns ai; and Bj. 
see also LU DECOMPOSITION 
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Crowd 
A group of SOCIABLE NUMBERS of order 3. 
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Crown 


A 6-POLYIAMOND. 


Crucial Point 

The HOMOTHETIC CENTER of the ORTHIC TRIANGLE 
and the triangular hull of the three EXCIRCLES. It has 
TRIANGLE CENTER FUNCTION 


a = tan A = sin(2B) + sin(2C) — sin(24). 
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356 Cruciform 


Cruciform 


A plane curve also called the CROSS CURVE and Po- 


LICEMAN ON POINT DUTY CURVE (Cundy and Rollett 
1989). It is given by the equation 


gy? — a? — a = 0, (1) 


which is equivalent to 


2 2 
a 
Ea 0 (2) 
2 2 
a b 
ata 1, (3) 
or, rewriting, 
2 a’ x” 
y = r? =. a? (4) 
In parametric form, 
r =asect (5) 
y = besct. (6) 


The CURVATURE is 


3ab csc” t sec? t 


KS ee 
(b? cos? t csc? t + a? sec? ttan? t)3/2 


(7) 
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Crunode 


A point where a curve intersects itself so that two 
branches of the curve have distinct tangent lines. The 
MACLAURIN TRISECTRIX, shown above, has a crunode 
at the origin. 


see also ÁCNODE, SPINODE, TACNODE 


Crystallography Restriction 


Cryptarithm 
see CRYPTARITHMETIC 


Cryptarithmetic 

A number PUZZLE in which a group of arithmetical oper- 
ations has some or all of its DIGITS replaced by letters or 
symbols, and where the original DIGITS must be found. 
In such a puzzle, each letter represents a unique digit. 


see also ÁLPHAMETIC, DIGIMETIC, SKELETON DIVISION 
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Cryptography 
The science and mathematics of encoding and decoding 
information. 


see also CRYPTARITHM, KNAPSACK PROBLEM, PUBLIC- 


KEY CRYPTOGRAPHY 
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Crystallography Restriction 

If a discrete GROUP of displacements in the plane has 
more than one center of rotation, then the only rotations 
that can occur are by 2, 3, 4, and 6. This can be shown 
as follows. It must be true that the sum of the interior 
angles divided by the number of sides is a divisor of 360°. 


180°(n— 2) 360° 
n => + 


where m is an INTEGER. Therefore, symmetry will be 


possible only for 
2n 
=m, 


n-—2. 


where m is an INTEGER. This will hold for 1-, 2-, 3-, 4-, 
and 6-fold symmetry. That it does not hold for n > 6 is 
seen by noting that n = 6 corresponds to m = 3. The 
m = 2 case requires that n = n — 2 (impossible), and 
the m = 1 case requires that n = —2 (also impossible). 


see also POINT GROUPS, SYMMETRY 


Császár Polyhedron 


Császár Polyhedron 

A POLYHEDRON topologically equivalent to a TORUS 
discovered in the late 1940s. It has 7 VERTICES, 14 
faces, and 21 EDGES, and is the DUAL POLYHEDRON of 
the SZILASSI POLYHEDRON. Its SKELETON is ISOMOR- 
PHIC to the COMPLETE GRAPH K7. 


see also SZILASSI POLYHEDRON, TOROIDAL POLYHE- 
DRON 
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Csch 
see HYPERBOLIC COSECANT 


Cube 


The three-dimensional PLATONIC SOLID (P3) which is 
also called the HEXAHEDRON. The cube is composed of 
six SQUARE faces 6{4} which meet each other at RIGHT 
ANGLES, and has 8 VERTICES and 12 EDGES. It is de- 
scribed by the SCHLAFLI SYMBOL {4,3}. It is a ZONO- 
HEDRON. It is also the UNIFORM POLYHEDRON Ug with 
WYTHOFF SYMBOL 3/24. It has the O, OCTAHEDRAL 
GROUP of symmetries. The DUAL POLYHEDRON of the 
cube is the OCTAHEDRON. 


Because the VOLUME of a cube of side length n is given 
by n°, a number of the form n° is called a CUBIC NUM- 
BER (or sometimes simply “a cube”). Similarly, the op- 
eration of taking a number to the third POWER is called 
CUBING. 
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The cube cannot be STELLATED. A PLANE passing 
through the MIDPOINTS of opposite sides (perpendic- 
ular to a C3 axis) cuts the cube in a regular HEXAG- 
ONAL CROSS-SECTION (Gardner 1960; Steinhaus 1983, 
p. 170; Cundy and Rollett 1989, p. 157; Holden 1991, 
pp. 22-23). Since there are four such axes, there are four 
possibly hexagonal cross-sections. If the vertices of the 
cube are (+1,+1+1), then the vertices of the inscribed 
HEXAGON are (0,—1,—1), (1,0,—1), (1,1,0), (0,1,1), 
(—1,0,1), and (—1,-—1,0). The largest SQUARE which 
will fit inside a cube of side a has each corner a distance 
1/4 from a corner of a cube. The resulting SQUARE has 
side length 3y2 a/4, and the cube containing that side 
is called PRINCE RUPERT’S CUBE. 


The solid formed by the faces having the sides of the 
STELLA OCTANGULA (left figure) as DIAGONALS is a 
cube (right figure; Ball and Coxeter 1987). 


The VERTICES of a cube of side length 2 with face- 
centered axes are given by (+1,+1,+1). If the cube is 
oriented with a space diagonal along the z-axis, the coor- 
dinates are (0, 0, V3), (0, 24/2/3, 1/V3), (v2, 14/2/3, 
1/43), (v2, TWN 2/3, 1/v3), (0, SA 2/3, —1/V3), 
(-V2, TW 2/3, 1/43), (-v2, V 2/3, -1/V3), and the 
negatives of these vectors. A FACETED version is the 
GREAT CUBICUBOCTAHEDRON. 


A cube of side length 1 has INRADIUS, MIDRADIUS, and 
CIRCUMRADIUS of | 


r=3=0,5 (1) 
p = 1/2 = 0.70710 (2) 
R = 143 = 0.86602 (3) 


The cube has a DIHEDRAL ANGLE of 
= Fr. (4) 
The SURFACE AREA and VOLUME of the cube are 


S = ba? (5) 
V = aè. (6) 


see also AUGMENTED TRUNCATED CUBE, BIAUG- 
MENTED TRUNCATED CUBE, BIDIAKIS CUBE, BIs- 
LIT CUBE, BROWKIN’S THEOREM, CUBE DISSECTION, 
CUBE DOVETAILING PROBLEM, CUBE DUPLICATION, 
CUBIC NUMBER, CUBICAL GRAPH, HADWIGER PROB- 
LEM, HYPERCUBE, KELLER'S CONJECTURE, PRINCE 
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RUPERT’S CUBE, RUBIK’S CUBE, SOMA CUBE, STELLA 
OCTANGULA, 'TESSERACT 
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Cube 2-Compound 


A POLYHEDRON COMPOUND obtained by allowing two 
CUBES to share opposite VERTICES, then rotating one a 
sixth of a turn (Holden 1971, p. 34). 


see also CUBE, CUBE 3-COMPOUND, CUBE 4- 
COMPOUND, CUBE 5-COMPOUND, POLYHEDRON COM- 
POUND 


References 


Holden, A. Shapes, Space, and Symmetry. New York: Dover, 
1991. 


Cube 3-Compound 


A compound with the symmetry of the CUBE which 
arises by joining three CUBES such that each shares two 
Cə axes (Holden 1971, p. 35). 


see also CUBE, CUBE 2-COMPOUND, CUBE 4- 
COMPOUND, CUBE 5-COMPOUND, POLYHEDRON COM- 
POUND 
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Cube 5-Compound 


Cube 4-Compound 


A compound with the symmetry of the CUBE which 
arises by joining four CUBES such that each C3 axis falls 


along the C3 axis of one of the other CUBES (Holden 


1971, p. 35). 

see also CUBE, CUBE 2-COMPOUND, CUBE 3- 
COMPOUND, CUBE 5-COMPOUND, POLYHEDRON COM- 
POUND 
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Cube 5-Compound 


A POLYHEDRON COMPOUND consisting of the arrange- 
ment of five CUBES in the VERTICES of a DODECAHE- 
DRON. In the above figure, let a be the length of a CUBE 
EDGE. Then 


z = $a(3 — V5) 
0 = tan”? (: 5) = 20°54’ 
$ = tan`! (£=) = 31°43’ 


p = 90° — 6 = 58°17’ 
a = 90° — 6 = 69°6’. 


The compound is most easily constructed using pieces 
like the ones in the above line diagram. The cube 5- 
compound has the 30 facial planes of the RHOMBIC TRI- 
ACONTAHEDRON (Ball and Coxeter 1987). 


see also CUBE, CUBE 2-COMPOUND, CUBE 3- 
COMPOUND, CUBE 4-COMPOUND, DODECAHEDRON, 


Cube Dissection 


POLYHEDRON COMPOUND, RHOMBIC TRIACONTAHE- 
DRON 
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Cube Dissection 

A CUBE can be divided into n subcubes for only n = 1, 
8, 15, 20, 22, 27, 29, 34, 36, 38, 39, 41, 43, 45, 46, and 
n > 48 (Sloane’s A014544). 


The seven pieces used to construct the 3 x 3 x 3 cube dis- 
section known as the SOMA CUBE are one 3-POLYCUBE 
and six 4-POLYCUBES (1-3 +6-4 = 27), illustrated 
above. 


Another 3 x 3 x 3 cube dissection due to Steinhaus uses 
three 5-POLYCUBES and three 4-POLYCUBES (3-5+3-4 = 
27), illustrated above. 


It is possible to cut a 1x3 RECTANGLE into two identical 
pieces which will form a CUBE (without overlapping) 
when folded and joined. In fact, an INFINITE number of 
solutions to this problem were discovered by C. L. Baker 
(Hunter and Madachy 1975). 


see also CONWAY PUZZLE, DISSECTION, HADWIGER 
PROBLEM, POLYCUBE, SLOTHOUBER-GRAATSMA PUZ- 
ZLE, SOMA CUBE 
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Cube Dovetailing Problem 


Given the figure on the left (without looking at the so- 
lution on the right), determine how to disengage the 
two slotted CUBE halves without cutting, breaking, or 
distorting. 
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Cube Duplication 

Also called the DELIAN PROBLEM or DUPLICATION OF 
THE CUBE. A classical problem of antiquity which, given 
the EDGE of a CUBE, requires a second CUBE to be 
constructed having double the VOLUME of the first using 
only a STRAIGHTEDGE and COMPASS. 


Under these restrictions, the problem cannot be solved 
because the DELIAN CONSTANT 2?/* (the required RA- 
TIO of sides of the original CUBE and that to be con- 
structed) is not a EUCLIDEAN NUMBER. The problem 
can be solved, however, using a NEUSIS CONSTRUCTION. 


see also ALHAZEN’S BILLIARD PROBLEM, COMPASS, 
CUBE, DELIAN CONSTANT, GEOMETRIC PROBLEMS OF 
ANTIQUITY, NEUSIS CONSTRUCTION, STRAIGHTEDGE 
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Cube-Octahedron Compound 


A POLYHEDRON COMPOUND composed of a CUBE and 
its DUAL POLYHEDRON, the OCTAHEDRON. The 14 ver- 
tices are given by (+1, +1, +1), (+2, 0, 0), (0, +2, 0), 


The solid common to both the CUBE and OCTAHEDRON 
(left figure) in a cube-octahedron compound is a CUB- 
OCTAHEDRON (middle figure). The edges intersecting 
in the points plotted above are the diagonals of RHOM- 
BUSES, and the 12 RHOMBUSES form a RHOMBIC Do- 
DECAHEDRON (right figure; Ball and Coxeter 1987). 


see also CUBE, CUBOCTAHEDRON, 
POLYHEDRON COMPOUND 


OCTAHEDRON, 
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Cube Point Picking 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let two points be picked randomly from a unit n-D Hy- 
PERCUBE. ‘The expected distance between the points 
A(N) is then 


A(1) = 
A(2) = £[V2+24 5In(1 + V2)] = 0.521405433... 
A(3) = [4+ 17V2 — 6V3 + 21In(1 + V2) 

+ 42In(2 + V3) — 77] = 0.661707182... 


A(4) = 0.77766... 
A(5) = 0.87852... 


Ga | rm 


Cube Point Picking 


A(6) = 0.96895... 
A(7) = 1.05159... 
A(8) = 1.12817... 


The function A(n) satisfies 


(Anderssen et al. 1976). 


Pick N points pi, ..., pw randomly in a unit n-cube. 
Let C be the CONVEX HULL, so 


N N 
c= | rm > 0 tor all jan Yasal 


j=1 j=1 


Let V (n, N) be the expected n-D VOLUME (the CoN- 

TENT) of C, S(n, N) be the expected (n— 1)-D SURFACE 

AREA of C, and P(n, N) the expected number of VER- 

TICES on the POLYGONAL boundary of C. Then 
N[—V(2,NM] 8 


a in N ~ 3 


= 4.2472965..., 
and 
lim P(2, N) — Š In N = (y -ln 2) 

= —0.309150708... 


(Rényi and Sulanke 1963, 1964). The average DISTANCE 
between two points chosen at random inside a unit cube 
is 


oe (44-17V2-6V3+211h(1+ V2) +42 In(2+V3)—7r) 


(Robbins 1978, Le Lionnais 1983). 


Pick n points on a CUBE, and space them as far apart 
as possible. The best value known for the minimum 
straight LINE distance between any two points is given 
in the following table. 

n dín) 
5 1.1180339887498 
6 1.0606601482100 
7 1 
g 1 
9 0.86602540378463 
10 0.74999998333331 
11 0.70961617562351 
12 0.70710678118660 
13 0.70710678118660 
14 0.70710678118660 
15 0.625 


Cube Power 


see also CUBE TRIANGLE PICKING, DISCREPANCY THE- 
OREM, POINT PICKING 
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Cube Power 
A number raised to the third POWER. z 
cubed.” 


see also CUBIC NUMBER 


3 é 


‘r 


is read as 


Cube Root 


Re [Cubert z] [Cubert z] 


Given a number z, the cube root of z, denoted Y/z or 
z'/* (z to the 1/3 POWER), is a number a such that 
a” = z. There are three (not necessarily distinct) cube 
roots for any number. 


Cubefree 361 


For real arguments, the cube root is an INCREASING 
FUNCTION, although the usual derivative test cannot 
be used to establish this fact at the ORIGIN since the 
the derivative approaches infinity there (as illustrated 
above). 


see also CUBE DUPLICATION, CUBED, DELIAN CON- 
STANT, GEOMETRIC PROBLEMS OF ANTIQUITY, k- 
MATRIX, SQUARE ROOT 


Cube Triangle Picking 

Pick 3 points at random in the unit n-HYPERCUBE. De- 
note the probability that the three points form an OB- 
TUSE TRIANGLE Il(n). Langford (1969) proved 


I1(2) = 35 + 57 = 0.725206483.... 


see also BALL TRIANGLE PICKING, CUBE POINT PICK- 


ING 
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Cubed | 


A number to the POWER 3 is said to be cubed, so that 


z? is called “x cubed.” 


see also CUBE ROOT, SQUARED 


Cubefree 


80 
60 
40 


20 


20 40 60 80 100 
A number is said to be cubefree if its PRIME decom- 
position contains no tripled factors. All PRIMES are 
therefore trivially cubefree. The cubefree numbers are 
1, 2, 3, 4, 5, 6, 7, 9, 10, 11, 12, 13, 14, 15, 17, ... 
(Sloane’s A004709). The cubeful numbers (i.e., those 
that contain at least one cube) are 8, 16, 24, 27, 32, 40, 
48, 54, ... (Sloane’s A046099). The number of cube- 
free numbers less than 10, 100, 1000, ... are 9, 85, 833, 
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8319, 83190, 831910, ..., and their asymptotic density 
is 1/¢(3) = 0.831907, where ¢(n) is the RIEMANN ZETA 
FUNCTION. 


see also BIQUADRATEFREE, PRIME NUMBER, RIEMANN 
ZETA FUNCTION, SQUAREFREE 
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Cubic Curve 

A cubic curve is an ALGEBRAIC CURVE of degree 3. 
An algebraic curve over a FIELD K is an equation 
f(X,Y) = 0, where f(X, Y) is a POLYNOMIAL in X and 
Y with COEFFICIENTS in K, and the degree of f is the 
MAXIMUM degree of each of its terms (MONOMIALS). 


Newton showed that all cubics can be generated by the 
projection of the five divergent cubic parabolas. New- 
ton's classification of cubic curves appeared in the chap- 
ter “Curves” in Lexicon Technicum by John Harris pub- 
lished in London in 1710. Newton also classified all cu- 
bics into 72 types, missing six of them. In addition, he 
showed that any cubic can be obtained by a suitable 
projection of the ELLIPTIC CURVE 


y =ar? + be +cr +d, (1) 


where the projection is a BIRATIONAL TRANSFORMA- 
TION, and the general cubic can also be written as 


y =a +ar +b. (2) 


Newton’s first class is equations of the form 
2 3 2 
ay + ey =ar" +bx"+cx+d. (3) 


This is the hardest case and includes the SERPENTINE 
CURVE as one of the subcases. The third class was 


ay? = x(x” — 2b2 +0), (4) 


which is called NEWTON’S DIVERGING PARABOLAS. 
Newton’s 66th curve was the TRIDENT OF NEWTON. 
Newton’s classification of cubics was criticized by Euler 
because it lacked generality. Pliicker later gave a more 
detailed classification with 219 types. 


Cubic Equation 


Pick a point P, and draw the tangent to the curve at P. 
Call the point where this tangent intersects the curve Q. 
Draw another tangent and call the point of intersection 
with the curve R. Every curve of third degree has the 
property that, with the areas in the above labeled figure, 


B=16A (5) 


(Honsberger 1991). 


see also CAYLEY-BACHARACH THEOREM, CUBIC EQUA- 
TION 
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Cubic Equation 
A cubic equation is a POLYNOMIAL equation of degree 
three. Given a general cubic equation 


z? + azz? +az+a9=0 (1) 


(the COEFFICIENT az of z* may be taken as 1 without 
loss of generality by dividing the entire equation through 
by a3), first attempt to eliminate the az term by making 
a substitution of the form 


Z2=2—- A. (2) 
Then 


(x — A)’ + a2(z — A + a(x — A) +a0=0 (3) 
(£? — 312? + 3d7@ — °) + a2(a? — 242 + A?) 
+a1(1—-A)+a09=0 (4) 
r’ + x° (az2 — 3A) + x(a1 — 2a2d + 3A*) 
+(ag — a1A+ a2d* — 4°) =0. (5) 


The x? is eliminated by letting A = a2/3, so 


== a 302. (6) 

Then 
z% = (xz — taz)? = £” — azz” + taz z — ta: (7) 
azz? = a(x — las) = azz? — day r+ ta” (8) 
aiz = a(x — 302) = air — 34102, (9) 


so equation (1) becomes 


r? + (—as +a2)2* + (Laz? — 2a2* + a1)2 


—(Laz” — taz” + 30102 — ap) — 0 (10) 


Cubic Equation 


a+ (a1 — la)” )z — (34102 — Za — ao) =0 (11) 


3a, — ae” 9a¡ as — 2700 — 2a2° 
3 1 2 142 0 2 
A A A as EZ 
r” +3 3 £ 54 (12) 
Defining 
341 — as? 
E 1 
p 3 (13) 
_ = 3 
pa eas Slee da, (14) 


27 


then allows (12) to be written in the standard form 
r’ + pe =q. (15) 


The simplest way to proceed is to make VIETA’S SUB- 
STITUTION a 

aya E 16 

3 (16) 


which reduces the cubic to the equation 
3 


3 Pp 
we — -q= 17 


which is easily turned into a QUADRATIC EQUATION in 
w? by multiplying through by w? to obtain 
312 3 
(w? — q(w*) — hp? =0 (18) 
(Birkhoff and Mac Lane 1965, p. 106). The result from 
the QUADRATIC EQUATION is 


wat (asyet Sr ) = $qgt4/4q?+ <p? 


=R+/R*+0Q5, (19) 
where Q and R are are sometimes more useful to deal 
with than are p and q. There are therefore six solutions 
for w (two corresponding to each sign for each ROOT 
of w*). Plugging w back in to (17) gives three pairs 
of solutions, but each pair is equal, so there are three 
solutions to the cubic equation. 


Equation (12) may also be explicitly factored by at- 
tempting to pull out a term of the form (zx — B) from 
the cubic equation, leaving behind a quadratic equa- 
tion which can then be factored using the QUADRATIC 
FORMULA. This process is equivalent to making Vieta’s 
substitution, but does a slightly better job of motivat- 
ing Vieta’s “magic” substitution, and also at producing 
the explicit formulas for the solutions. First, define the 
intermediate variables 


3a, — a2” 
9 
Jaca, — 27409 — 202" 
54 


lI} 


Q (20) 
R 


(21) 


Cubic Equation 363 


(which are identical to p and g up to a constant factor). 
The general cubic equation (12) then becomes 


r? +3Q2 —-2R=0. (22) 


Let B and C be, for the moment, arbitrary constants. 
An identity satisfied by PERFECT CUBIC equations is 
that 

r? — B® = (x — B)(z? + Br +B’). (23) 


The general cubic would therefore be directly factorable 
if it did not have an x term (i.e., if Q = 0). However, 
since in general Q # 0, add a multiple of (x — B)—say 
C(xz—B)—to both sides of (23) to give the slightly messy 
identity 


(2° — B®) + C(x —B) = (2-B)la* + Be +B’ +0) =0, 
(24) 
which, after regrouping terms, is 


r? +C2—(B°+ BC) =(2-B)la* + Bx+(B*+C)] =0. 

(25) 
We would now like to match the COEFFICIENTS C and 
—(B* + BC) with those of equation (22), so we must 


have 
C=3Q (26) 


B? + BC = 2R. (27) 
Plugging the former into the latter then gives 


B? + 3QB = 2R. (28) 


Therefore, if we can find a value of B satisfying the above 
identity, we have factored a linear term from the cubic, 
thus reducing it to a QUADRATIC EQUATION. The trial 
solution accomplishing this miracle turns out to be the 
symmetrical expression 


B=[R+yQ%+R*]P+[R- yQ3+R2]P. (29) 


Taking the second and third POWERS of B gives 


B? = [R + A / C3 + RP $ 2[R? E (Q? + R?) PA 
+[R-— 4 / Q? Raye 
= [R+ 4/Q° + R3]? + [R- /Q° +R] -2Q (30) 
B’ = -29B + f [R + y/Q+ RA? + [R — a+ Ray” | 
x fir- Q? + R27" + [Ry + rap 
= [R + Q? + R?] + (R- /Q° + R°] 


+R- yQ HRP IR- y Qe 
+[R- y/Q + RJR — VER” —2QB 


= —2QB + 2R + [R — (Q? +R)" 


x (e+ Yer)” de (r = vez)" 


= —2QB + 2R — QB = —3QB + 2R. (31) 


following the old octal socket tradition, wire in the “high-voltage” 
leads first, then the ground (common) leads. After that, tackle the 
rest of the wiring. 

As with any other complex wiring job, color coding will help 
keep matters straight so that you know where you are. I use yellow 
or red for Vcc, black for common, and one or two additional colors 
for other leads. Leads coming off the board for interconnection to 
other boards, switches, etc., must be color-coded or you can get 
hopelessly lost. If you do not have enough colors of insulation for 
this, use bits of colored insulation from larger sizes of wire, slipped 
on the leads and snugged up against the board end of the leads. And 
make notes as you proceed, reminding yourself of what each color 
indicates. 

You will want a wire stripper, and the small plier-type with a 
notch to cut the insulation, but not the wire, works well. Set the 
closure adjustment carefully, since you cannot afford to take any 
strands of wire off with the insulation. There is not that much wire! 
Other handy tools include a couple of small screwdrivers, small 
longnose pliers, a small pair of diagonal cutters, a small soldering 
iron, and possibly a small file. The key work in the whole operation 
is “small.” 

Preform the leads before you solder them in. Strip about % 
inch of insulation, tin the end of the wire, cut the lead to approxi- 
mate size, then strip and tin the other end. Bend a hook in each end 
small enough to fit snugly on the IC socket pin and solder it on. 
Where leads are in the clear, with no possibility of shorting to other 
leads or pins, you can strip and tin a longer piece of wire. Bend a 
hook in it as before, solder it toa pin, pull it against whatever else it 
is to be connected with, solder it, and clip off the excess. This 
speeds things up a bit. If you have an etching pattern, try to follow it 
fairly closely with your wire leads. The designer may have had 
some reason for lead placement. 

A circuit board wired in this manner will probably win no 
prizes for neatness, and some unkind friends may compare it witha 
rat’s nest. But the system works and is a suitable substitute for 
drawing artwork, sensitizing, exposing, developing, etching, and 
drilling boards, which may be beyond the experimenter for one 
reason or another. See Figs. 10-9 through 10-14. 


TV GAMES 


There are TV games sold in every discount store and almost 
every major electronics periodical has had a construction article on 
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Plugging B? and B into the left side of (28) gives 
(-3QB + 2R) + 3QB = 2R, (32) 


so we have indeed found the factor (x — B} of (22), and 
we need now only factor the quadratic part. Plugging 
C = 3Q into the quadratic part of (25) and solving the 
resulting 


r? + Br + (B° +3Q)=0 (33) 


then gives the solutions 


x = 4([-B+ y B? — 4(B? + 3Q)] 
= —İB + i y/—3B? — 12Q 
= -1B +ivV3iy B? +40. (34) 


These can be simplified by defining 


A=[R+,/Q? + R] —-[R--4/Q8+R2]% (35) 
A? = [R+ VQ? +R}? — 2R — (Q? + RI” 
HR- /Q5 + Re)" 
= [R+ VQ? + RP? + [R- JQ? + RP)? +20 
= B? + 4Q, (36) 


so that the solutions to the quadratic part can be written 


T= BES VIIA. (37) 
Defining 
DEQ ie (38) 
S=VR+VD (39) 
T= VR=YWD, (40) 


where D is the DISCRIMINANT (which is defined slightly 
differently, including the opposite SIGN, by Birkhoff and 
Mac Lane 1965) then gives very simple expressions for 
A and B, namely 


B=S+T (41) 
A=S-T. (42) 


Therefore, at last, the ROOTS of the original equation 
in z are then given by 


21 = — 342 + (S +T) (43) 
za = -loa — (S +T) + łiv3(S-T) (44) 
z3 = —ła2 — (S +T) — 5iW3(S-T), (45) 


with az the COEFFICIENT of z* in the original equation, 
and S and T as defined above. These three equations 
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giving the three ROOTS of the cubic equation are some- 
times known as CARDANO’S FORMULA. Note that if the 
equation is in the standard form of Vieta 


x +per =q, (46) 
in the variable z, then az = 0, az = p, and ay = —4q, 


and the intermediate variables have the simple form (c.f. 


Beyer 1987) 


Q= 5? (47) 
R= 54 (48) 
rel o 


The equation for zı in CARDANO’S FORMULA does not 
have an 7 appearing in it explicitly while z2 and z3 do, 
but this does not say anything about the number of 
REAL and COMPLEX ROOTS (since S and T are them- 
selves, in general, COMPLEX). However, determining 
which ROOTS are REAL and which are COMPLEX can 
be accomplished by noting that if the DISCRIMINANT 
D > 0, one ROOT is REAL and two are COMPLEX CoN- 
JUGATES; if D = 0, all ROOTS are REAL and at least 
two are equal; and if D < 0, all ROOTS are REAL and 
unequal. If D < 0, define 


1 R 
O =cos | —— |. 50) 
(ye) e 


Then the REAL solutions are of the form 
¿AVE 
zı =24/—Q cos (5) — 342 (51) 
0 +27 i 
z2 = 24/ — cos ( 3 ) — 302 (52) 
23 = 2/— cos (EE) — 302. (53) 


This procedure can be generalized to find the REAL 
Roots for any equation in the standard form (46) by 
using the identity 


sin’ 0 — ¿sing + 1 sin(30) = 0 (54) 


(Dickson 1914) and setting 


x= “e y (55) 


(Birkhoff and Mac Lane 1965, pp. 90-91), then 


3/2 
4 4 
(22) +m] y= (56) 
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3/2 
3 
4y” + 3sgn(p)y = 59 (È) =C (58) 
If p > 0, then use 
sinh(30) = 4sinh® @ + 3sinhé (59) 
to obtain 
y = sinh(3 sinh’ C). (60) 
If p < 0 and |C| > 1, use 
cosh(30) = 4 cosh? 6 — 3 cosh 9, (61) 
and if p < 0 and |C] < 1, use 
cos(38) = 4 cos? 9 — 3 cos 9, (62) 
to obtain 
cosh(3 cosh™? C) for C > 1 
y = 4 —Cosh(; cosh”* |C}) for C < —1 
cos(z cos”? C) [three solutions] for |C| < 1. 
(63) 


The solutions to the original equation are then 
lol yi — taz. (64) 


An alternate approach to solving the cubic equation is 
to use LAGRANGE RESOLVENTS. Let w=e*"*/*, define 


(1, 71) = 71 + £2 + £3 (65) 
(w, 21) = 21 + wr? + w r3 (66) 
(w, £1) =21+w 22 +w23, (67) 


where z; are the ROOTS of 
2 +pr+q=0, (68) 
and consider the equation 


[a — (ui +u2)] [2 — (vu +4u9)][x — (uu + wue)] = 0, 

(69) 

where ui and uz are COMPLEX NUMBERS. The Roots 
are then . 

zj = wur +w ug (70) 


for 7 = 0, 1, 2. Multiplying through gives 


2 — 3uruzz — (u1? + us”) = 0, (71) 
or 
r? + pz +q = 0, (72) 
where 
w? + uw? = q (73) 
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The solutions satisfy NEWTON’S IDENTITIES 


zı + Z2 + 23 = —02 (75) 

2122 + 2223 + Z123 = 01 (76) 

212323 = —ao. (77) 

In standard form, a2 = 0, a1 = p, and ag = —q, so we 
have the identities 

p = 2122 — 23° (78) 

(z1 — 22)" = —(4p — 329") (79) 

2 F 2 Jg z3° = —2p. (80) 


Some curious identities involving the roots of a cubic 
equation due to Ramanujan are given by Berndt (1994). 


see also QUADRATIC EQUATION, QUARTIC EQUATION, 
QUINTIC EQUATION, SEXTIC EQUATION 
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Cubic Number 


A FIGURATE NUMBER of the form n°, for n a POSITIVE 
INTEGER. The first few are 1, 8, 27, 64, ... (Sloane's 
A000578). The GENERATING FUNCTION giving the cu- 
bic numbers is 


a(a* + 40 +1) 2 3 


The HEX PYRAMIDAL NUMBERS are equivalent to the 
cubic numbers (Conway and Guy 1996). 


The number of positive cubes needed to represent the 
numbers 1, 2, 3, ... are 1, 2, 3, 4, 5, 6, 7, 1, 2, 3, 4, 
5, 6, 7, 8, 2, ...(Sloane’s A02376), and the number of 
distinct ways to represent the numbers 1, 2, 3, ... in 
terms of positive cubes are 1, 1, 1, 1, 1, 1, 1, 2, 2, 2, 
De Bie Dy eae Oy Oe IOs Ok On Oy Ob: Oy hy Ae Se Oy Oe, 
... (Sloane's A003108). In the early twentieth century, 
Dickson, Pillai, and Niven proved that every POSITIVE 
INTEGER is the sum of not more than nine CUBES (so 
g(3) = 9 in WARING’S PROBLEM). 


In 1939, Dickson proved that the only INTEGERS requir- 
ing nine CUBES are 23 and 239. Wieferich proved that 
only 15 INTEGERS require eight CUBES: 15, 22, 50, 114, 
167, 175, 186, 212, 213, 238, 303, 364, 420, 428, and 454 
(Sloane’s A018889). The quantity G(3) in WARING’S 
PROBLEM therefore satisfies G(3) < 7, and the largest 
number known requiring seven cubes is 8042. The fol- 
lowing table gives the first few numbers which require 
at least N = 1, 2, 3, ..., 9 (positive) cubes to represent 
them as a sum. 


z 


Sloane Numbers 


000578 1, 8, 27, 64, 125, 216, 343, 512, ... 
003325 2, 9, 16, 28, 35, 54, 65, 72, 91, ... 
003072 3, 10, 17, 24, 29, 36, 43, 55, 62, ... 
003327 4, 11, 18, 25, 30, 32, 37, 44, 51, ... 
003328 5, 12, 19, 26, 31, 33, 38, 40, 45, ... 

6, 13, 20, 34, 39, 41, 46, 48, 53, ... 
018890 7, 14, 21, 42, 47, 49, 61, 77, ... 
018889 15, 22, 50, 114, 167, 175, 186, ..., 
= 23, 239 


mOocnN noah WNH 


There is a finite set of numbers which cannot be ex- 
pressed as the sum of distinct cubes: 2, 3, 4, 5, 6, 7, 10, 
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11, 12, 13, 14, 15, 16, 17, 18, 19, 20, 21, 22, 23, 24, 25, 
26, ... (Sloane's A001476). The following table gives the 
numbers which can be represented in W different ways 
as a sum of N positive cubes. For example, 


E ar ab ee 4 aa 2) 


can be represented in W = 2 ways by N = 5 cubes. The 
smallest number representable in W = 2 ways as a sum 
of N = 2 cubes, 


1729 = 1° + 12? = 9° + 10°, (3) 


is called the HARDY-RAMANUJAN NUMBER and has spe- 
cial significance in the history of mathematics as a result 
of a story told by Hardy about Ramanujan. Sloane’s 
A001235 is defined as the sequence of numbers which 
are the sum of cubes in two or more ways, and so ap- 
pears identical in the first few terms. 


= 


W Sloane 


1 000578 1, 8, 27, 64, 125, 216, 343, 512, ... 
1 025403 2,9, 16, 28, 35, 54, 65, 72, 91,... 

2 1729, 4104, 13832, 20683, 32832, ... 
3 003825 87539319, 119824488, 143604279, ... 
4 003826 6963472309248, 12625136269928, ... 
5 
6 
1 


Numbers 


48988659276962496, ... 
8230545258248091551205888, ... 
025395 3, 10, 17, 24, 29, 36, 43, 55, 62, ... 


Wh MM NW NHN FE 


It is believed to be possible to express any number as a 
SuM of four (positive or negative) cubes, although this 
has not been proved for numbers of the form 9n +4. In 
fact, all numbers not of the form 9n + 4 are known to 
be expressible as the SUM of three (positive or negative) 
cubes except 30, 33, 42, 52, 74, 110, 114, 156, 165, 195, 
290, 318, 366, 390, 420, 435, 444, 452, 462, 478, 501, 
530, 534, 564, 579, 588, 600, 606, 609, 618, 627, 633, 
732, 735, 758, 767, 786, 789, 795, 830, 834, 861, 894, 
903, 906, 912, 921, 933, 948, 964, 969, and 975 (Guy 
1994, p. 151). 


The following table gives the possible residues (mod n) 
for cubic numbers for n = 1 to 20, as well as the number 
of distinct residues s(n). 
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n s(n) z? (mod n) 

2 2 01 

3 3 0,1,2 

4 3 0,1,3 

5 5 0,1,2,3,4 

6 6 0,1,2,3,4,5 

T 3 0,1,6 

8 5 0,1,3,5,7 

9 3 0,1,8 

10 10 0,1,2,3,4,5,6,7,8,9 

11 11 0,1,2,3,4,5,6,7,8,9,10 

12 9 0,1,3,4,5,7,8,9, 11 

13 5 0,1,5,8,12 

14 6 0,1,6,7,8,13 

15 15 0,1,2,3,4,5,6,7,8,9,10, 11, 12, 13, 14 
16 10 0,1,3,5,7,8,9, 11,13, 15 

17 17 O,1, 2, 3, 4, 5, 6, 7, 8, 9, 10, 11, 12, 13, 14, 15, 16 
18 6 0,1,8,9,10,17 

19 7 0,1,7,8,11,12,18 
20 15 0,1, 3, 4, 5, 7, 8, 9, 11, 12, 13, 15, 16, 17, 19 


e 


? 


i] 


Dudeney found two RATIONAL NUMBERS other than 1 
and 2 whose cubes sum to 9, 


415280564497 an 
348671682660 


676702467503 


A (4) 
348671682660 


The problem of finding two RATIONAL NUMBERS whose 
cubes sum to six was “proved” impossible by Legendre. 
However, Dudeney found the simple solutions 17/21 and 
37/21. 


The only three consecutive INTEGERS whose cubes sum 
to a cube are given by the DIOPHANTINE EQUATION 


3 +4? +5? = 6. (5) 


CATALAN’S CONJECTURE states that 8 and 9 (2° and 
3”) are the only consecutive POWERS (excluding 0 and 
1), i.e., the only solution to CATALAN’S DIOPHANTINE 
PROBLEM. This CONJECTURE has not yet been proved 
or refuted, although R. Tijdeman has proved that there 
can be only a finite number of exceptions should the 
CONJECTURE not hold. It is also known that 8 and 9 
are the only consecutive cubic and SQUARE NUMBERS 
(in either order). 


There are six POSITIVE INTEGERS equal to the sum of 
the DIGITS of their cubes: 1, 8, 17, 18, 26, and 27 (Moret 
Blanc 1879). There are four POSITIVE INTEGERS equal 
to the sums of the cubes of their digits: 


153 = 1° + 57 43° (6) 
370 = 3° + 7°+0° (7) 
371 = 3° 4741 (8) 
407 = 4° +0°+7° (9) 


(Ball and Coxeter 1987). There are two SQUARE NUM- 
BERS of the form n° — 4: 4 = 2° —4 and 121 = 5° —4 (Le 
Lionnais 1983). A cube cannot be the concatenation of 
two cubes, since if c? is the concatenation of a? and b’, 
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then c? = 10%a* + b?, where k is the number of digits 
in b’. After shifting any powers of 1000 in 10* into af, 
the original problem is equivalent to finding a solution 
to one of the DIOPHANTINE EQUATIONS 


cb =a° (10) 
c? — b? = 10a° (11) 
e? — b? = 1000. (12) 


None of these have solutions in integers, as proved in- 
dependently by Sylvester, Lucas, and Pepin (Dickson 
1966, pp. 572-578). 


see also BIQUADRATIC NUMBER, CENTERED CUBE 
NUMBER, CLARK'S TRIANGLE, DIOPHANTINE EQUA- 
TION—CUBIC, HARDY-RAMANUJAN NUMBER, PARTI- 
TION, SQUARE NUMBER 
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Cubic Reciprocity Theorem 

A RECIPROCITY THEOREM for the case n = 3 solved by 
Gauss using “INTEGERS” of the form a + bp, when p is 
a root if z? + x + 1 = 0 and a, b are INTEGERS. 


see also RECIPROCITY THEOREM 
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Cubic Spline 

A cubic spline is a SPLINE constructed of piecewise third- 
order POLYNOMIALS which pass through a set of control 
points. The second DERIVATIVE of each POLYNOMIAL 
is zero at the endpoints. 


References 


Burden, R. L.; Faires, J. D.; and Reynolds, A. C. Numerical 
Analysis, 6th ed. Boston, MA: Brooks/Cole, pp. 120-121, 
1997. 

Press, W. H.; Flannery, B. P.; Teukolsky, 5. A.; and Vetter- 
ling, W. T. “Cubic Spline Interpolation.” $3.3 in Numeri- 
cal Recipes in FORTRAN: The Art of Scientific Comput- 
ing, 2nd ed. Cambridge, England: Cambridge University 
Press, pp. 107-110, 1992. 


368 Cubic Surface 


Cubic Surface 

An ALGEBRAIC SURFACE of ORDER 3. Schläfli and 
Cayley classified the singular cubic surfaces. On the 
general cubic, there exists a curious geometrical struc- 
ture called DOUBLE SIXES, and also a particular ar- 
rangement of 27 (possibly complex) lines, as discovered 
by Schlafli (Salmon 1965, Fischer 1986) and sometimes 
called SOLOMON’S SEAL LINES. A nonregular cubic sur- 
face can contain 3, 7, 15, or 27 real lines (Segre 1942, 
Le Lionnais 1983). The CLEBSCH DIAGONAL CUBIC 
contains all possible 27. The maximum number of OR- 
DINARY DOUBLE POINTS on a cubic surface is four, and 
the unique cubic surface having four ORDINARY DOU- 
BLE POINTS is the CAYLEY CUBIC. 


Schoutte (1910) showed that the 27 lines can be put 
into a ONE-TO-ONE correspondence with the vertices of 
a particular POLYTOPE in 6-D space in such a manner 
that all incidence relations between the lines are mir- 
rored in the connectivity of the POLYTOPE and con- 
versely (Du Val 1931). A similar correspondence can 
be made between the 28 bitangents of the general plane 
QUARTIC CURVE and a 7-D POLYTOPE (Coxeter 1928) 
and between the tritangent planes of the canonical curve 
of genus 4 and an 8-D POLYTOPE (Du Val 1933). 


A smooth cubic surface contains 45 TRITANGENTS | 


(Hunt). The Hessian of smooth cubic surface contains 
at least 10 ORDINARY DOUBLE POINTS, although the 
Hessian of the CAYLEY CUBIC contains 14 (Hunt). 


see also CAYLEY CUBIC, CLEBSCH DIAGONAL CUBIC, 
DOUBLE SIXES, ECKARDT POINT, ISOLATED SINGU- 
LARITY, NORDSTRAND’S WEIRD SURFACE, SOLOMON’S 
SEAL LINES, TRITANGENT 
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Cubical Conic Section 


see CUBICAL ELLIPSE, CUBICAL HYPERBOLA, CUBICAL 
PARABOLA, SKEW CONIC 


Cubical Ellipse 


An equation of the form 
3 2 
y=ar +be +cr+d 


where only one ROOT is real. 


see also CUBICAL CONIC SECTION, CUBICAL HYPER- 
BOLA, CUBICAL PARABOLA, CUBICAL PARABOLIC Hy- 
PERBOLA, ELLIPSE, SKEW CONIC 


Cubical Graph 


An 8-vertex POLYHEDRAL GRAPH. 


see also BIDIAKIS CUBE, BISLIT CUBE, DODECAHEDRAL 
GRAPH, ICOSAHEDRAL GRAPH, OCTAHEDRAL GRAPH, 
TETRAHEDRAL GRAPH 


Cubical Hyperbola 


Cubical Parabola 


An equation of the form 
3 2 
y =ar +bx"+cr-+d, 
where the three ROOTS are REAL and distinct, i.e., 


y = a(x — rı )(z — r2)(z — r3) 
= ale? — (rı + r2 +13)" + (rire + 1173 + rzr3)z 


— rir213]. 


see also CUBICAL CONIC SECTION, CUBICAL ELLIPSE, 
CUBICAL HYPERBOLA, CUBICAL PARABOLA, HYPER- 
BOLA 


Cubical Parabola 


An equation of the form 
— 3 2 
y =ar” + ba*+car4d, 


where the three ROOTS of the equation coincide (and 
are therefore real), i.e., 


y = alz — r}? = alz? — 3ra? — 3r*%2 — r°). 
see also CUBICAL CONIC SECTION, CUBICAL ELLIPSE, 
CUBICAL HYPERBOLA, CUBICAL PARABOLIC HYPER- 


BOLA, PARABOLA, SEMICUBICAL PARABOLA 


Cubical Parabolic Hyperbola 


An equation of the form 


y = az? +br? +cz +d, 
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where two of the ROOTS of the equation coincide (and 
all three are therefore real), i.e., 


y = a(z — 71) (a — r2) 


= ale? — (271 + r2)x” + rı (rı + 2r2)x — r1*r2]. 


see also CUBICAL CONIC SECTION, CUBICAL ELLIPSE, 
CUBICAL HYPERBOLA, CUBICAL PARABOLA, HYPER- 
BOLA 


Cubicuboctahedron 


see GREAT CUBICUBOCTAHEDRON, SMALL CUBICUBOC- 
TAHEDRON 


Cubique d’Agnesi 
see WITCH OF AGNESI 


Cubitruncated Cuboctahedron 


The UNIFORM POLYHEDRON Uig whose DUAL is the 
TETRADYAKIS HEXAHEDRON. It has WYTHOFF SYM- 
BOL 344]. Its faces are 8{6} + 6{8} + 6(3). It is a 
FACETED OCTAHEDRON. The CIRCUMRADIUS for a cu- 
bitruncated cuboctahedron of unit edge length is 


R=iv7. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 113-114, 1971. 


Cuboctahedron 


An ARCHIMEDEAN SOLID (also called the DYMAXION or 
HEPTAPARALLELOHEDRON) whose DUAL is the RHOM- 
BIC DODECAHEDRON. It is one of the two convex 
QUASIREGULAR POLYHEDRA and has SCHLAFLI SYM- 
BOL {3}. It is also UNIFORM POLYHEDRON U7 and has 
WYTHOFF SYMBOL 2/34. Its faces are {3} + 6{4}. It 
has the On OCTAHEDRAL GROUP of symmetries. 
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The VERTICES of a cuboctahedron with EDGE length 
of /2 are (0,+1,+1), (+1,0,+1), and (+1, +1,0). The 
INRADIUS, MIDRADIUS, and CIRCUMRADIUS for a = 1 
are 


r=3=0.75 
p = 1V3 = 0.86602 
Ri, 


FACETED versions include the CUBOHEMIOCTAHEDRON 
and OCTAHEMIOCTAHEDRON. 


The solid common to both the CUBE and OCTAHEDRON 
(left figure) in a CUBE-OCTAHEDRON COMPOUND is a 
CUBOCTAHEDRON (right figure; Ball and Coxeter 1987). 
see also ARCHIMEDEAN SOLID, CUBE, CUBE-OCTAHE- 
DRON COMPOUND, CUBOHEMIOCTAHEDRON, OCTAHE- 
DRON, OCTAHEMIOCTAHEDRON, QUASIREGULAR POLY- 
HEDRON, RHOMBIC DODECAHEDRON, RHOMBUS 
References 
Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, p. 137, 
1987. 


Ghyka, M. The Geometry of Art and Life. New York: Dover, 
p. 54, 1977. 


Cuboctatruncated Cuboctahedron 
see CUBITRUNCATED CUBOCTAHEDRON 


Cubocycloid 
see ASTROID 


Cubohemioctahedron 


The UNIFORM POLYHEDRON Uj; whose DUAL is the 
HEXAHEMIOCTAHEDRON. It has WYTHOFF SYMBOL 
44|3. Its faces are 4{6} + 6{4}. It is a FACETED ver- 
sion of the CUBOCTAHEDRON. Its CIRCUMRADIUS for 
unit edge length is 

R=1. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 121-122, 1971. 


Cumulant 


Cuboid 
A rectangular PARALLELEPIPED. 


see also EULER BRICK, PARALLELEPIPED, SPIDER AND 
FLY PROBLEM 


Cullen Number 


A number of the form 
Ca=2"n>+1. 


The first few are 3, 9, 25, 65, 161, 385, ... (Sloane's 
A002064). The only Cullen numbers Cn for n < 300, 000 
which are PRIME are for n = 1, 141, 4713, 5795, 6611, 
18496, 32292, 32469, 59656, 90825, 262419, ... (Sloane's 
A005849; Ballinger). Cullen numbers are DIVISIBLE by 
p = 2n — 1 if p is a PRIME of the form 8k + 3. 


see also CUNNINGHAM NUMBER, FERMAT NUMBER, 
SIERPINSKI NUMBER OF THE FIRST KIND, WOODALL 
NUMBER 
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Cumulant 

Let @(t) be the CHARACTERISTIC FUNCTION, defined as 
the FOURIER TRANSFORM of the PROBABILITY DEN- 
SITY FUNCTION, 


#(t) = F[Plo)] = | "*P(e)de. (1) 


Then the cumulants «n are defined by 


In d(t) = SE rn E. (2) 


Tl. 


Taking the MACLAURIN SERIES gives 


In f(t) = (at) + 2 (it)? (uh — 24”) 
+3 (it)? (215 — 3uime + 145) 
JUG (Gu a ea, Sa 
+5 (dt) [2441 + 601 u + 20441 pus + 10102 ms 
+5 (6H. — pa) + us] +- (3) 


Cumulant-Generating Function 


where u are MOMENTS about 0, so 


Kı = M1 (4) 
Ka = M3 — pr (5) 
k3 = 241 — 3142 +43 (6) 
Ka = —6p1 + 1247 ua — 343 — Aus tua (7) 


k5 = 241 + 604 u3 + 20141 ua + 1042413 
+ 54, (6u3 — pu) + Us. (8) 


In terms of the MOMENTS pin about the MEAN, 


K1 =p (9) 
Ka = 2 = 0" (10) 
K3 = 43 (11) 
Ka = pa — Ba” (12) 
k5 = u5 — 10243, (13) 


where y is the MEAN and 0? = ya is the VARIANCE. 


The k-STATISTICS are UNBIASED ESTIMATORS of the 
cumulants. 


see also CHARACTERISTIC FUNCTION, CUMULANT- 
GENERATING FUNCTION, k-STATISTIC, KURTOSIS, 
MEAN, MOMENT, SHEPPARD’S CORRECTION, SKEW- 
NESS, VARIANCE 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 928, 1972. 
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Mathematics of Statistics, Pt. 2, 2nd ed. Princeton, NJ: 
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Cumulant-Generating Function 
Let M(h) be the MOMENT-GENERATING FUNCTION. 
Then 


K(h) =InM(h) =1h+ h'n + GA Kat... 


If 
M 
L= y Cit j 
j= 


is a function of N independent variables, the cumulant 
generating function for L is then 


N 
K(h) = ) K,;(cjh). 
j=1 
see also CUMULANT, MOMENT-GENERATING FUNCTION 
References 
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Mathematical Tables, 9th printing. New York: Dover, 
p. 928, 1972. 

Kenney, J. F. and Keeping, E. S. “Cumulants and the 
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of Cumulants.” §4.10-4.11 in Mathematics of Statistics, 
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1951. 


Cumulative Distribution Function 
see DISTRIBUTION FUNCTION 


Cundy and Rollett’s Egg 


An OVAL dissected into pieces which are to used to cre- 
ate pictures. The resulting figures resemble those con- 
structed out of TANGRAMS. 


see also DISSECTION, EGG, OVAL, TANGRAM 


References 
Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
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Cunningham Chain 

A SEQUENCE of PRIMES qi < q2 < ... < qu is a Cun- 
ningham chain of the first kind (second kind) of length 
k if quíí = 24: + 1 (qi+1 = 2G: — 1) for 2. = Lis 
k—1. Cunningham PRIMES of the first kind are SOPHIE 
GERMAIN PRIMES. 


The two largest known Cunningham chains (of the 
first kind) of length three are (384205437 - 24000 - 
1, 384205437 - 27091 — 1, 384205437 - 2% — 1) and 
(651358155 - 29291 — 1, 651358155 - 292% — 1, 651358155 - 
23293 _ 1), both discovered by W. Roonguthai in 1998. 


see also PRIME ARITHMETIC PROGRESSION, PRIME 
CLUSTER 
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Cunningham Function 

Sometimes also called the PEARSON-CUNNINGHAM 
FUNCTION. It can be expressed using WHITTAKER 
FUNCTIONS (Whittaker and Watson 1990, p. 353). 


eti(m/2—n) +z 


rata Fm) mm ema) 


Wnm (ae) = 


where U is a CONFLUENT HYPERGEOMETRIC FUNCTION 
OF THE SECOND KIND (Abramowitz and Stegun 1972, 
p. 510). 


see also CONFLUENT HYPERGEOMETRIC FUNCTION OF 
THE SECOND KIND, WHITTAKER FUNCTION 
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Cunningham Number 

A BINOMIAL NUMBER of the form C+(b,n) = b” +1. 
Bases b* which are themselves powers need not be con- 
sidered since they correspond to (b*)" +1 = b" +1. 
PRIME NUMBERS of the form C*(b,n) are very rare. 


A NECESSARY (but not SUFFICIENT) condition for 
Ct(2,n) = 2” + 1 to be PRIME is that n be of the 
form n = 2”. Numbers of the form Fm = Ct (2,2™) = 
22” + 1 are called FERMAT NUMBERS, and the only 
known PRIMES occur for C*(2,1) = 3, C*(2,2) = 5, 
Ct (2,4) = 17, C*(2,8) = 257, and C* (2,16) = 65537 
(i.e, n = 0, 1, 2, 3, 4). The only other PRIMES 
C*(b,n) for nontrivial b < 11 and 2 < n < 1000 are 
Ct (6,2) = 37, C+ (6, 4) = 1297, and C*(10, 2) = 101. 


PRIMES of the form C” (b,n) are also very rare. The 
MERSENNE NUMBERS Mn = C’ (2,n) = 2” — 1 are 
known to be prime only for 37 values, the first few 
of which are n = 2, 3, 5, 7, 13, 17, 19, ... (Sloane’s 
A000043). There are no other PRIMES C” (b, n) for non- 
trivial b < 20 and 2 < n < 1000. 


In 1925, Cunningham and Woodall (1925) gathered to- 
gether all that was known about the PRIMALITY and 
factorization of the numbers C+(b,n) and published a 
small book of tables. These tables collected from scat- 
tered sources the known prime factors for the bases 2 and 
10 and also presented the authors’ results of 30 years’ 
work with these and other bases. 


Since 1925, many people have worked on filling in these 
tables. D. H. Lehmer, a well-known mathematician who 
died in 1991, was for many years a leader of these efforts. 
Lehmer was a mathematician who was at the forefront 
of computing as modern electronic computers became 
a reality. He was also known as the inventor of some 


Cupola 


ingenious pre-electronic computing devices specifically 
designed for factoring numbers. 


Updated factorizations were published in Brillhart et al. 
(1988). The current archive of Cunningham number fac- 
torizations for b = 1, ..., +12 is kept on ftp://sable. 
ox.ac.uk/pub/math/cunningham. The tables have been 
extended by Brent and te Riele (1992) to b = 13, ..., 
100 with m < 255 for b < 30 and m < 100 for b > 30. 
All numbers with exponent 58 and smaller, and all com- 
posites with < 90 digits have now been factored. 


see also BINOMIAL NUMBER, CULLEN NUMBER, FER- 
MAT NUMBER, MERSENNE NUMBER, REPUNIT, RIESEL 
NUMBER, SIERPINSKI NUMBER OF THE FIRST KIND, 
WOODALL NUMBER 
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Cunningham Project 
see CUNNINGHAM NUMBER 


Cup ola 


An n-gonal cupola Qn (possible for only n = 3, 4, 5) is 
a POLYHEDRON having n TRIANGULAR and n SQUARE 
faces separating an {n} and a {2n} REGULAR POLYGON. 
The coordinates of the base VERTICES are 


(Ros E , Rsin ES 0) , (1) 


2n n 


and the coordinates of the top VERTICES are 


(r cos =| ,rsin E P) l (2) 


Cupolarotunda 
where R and r are the CIRCUMRADII of the base and top 
R=1 (=) 3 
za cse | z (3) 
T 
pS Lacso (=) ; (4) 
and z is the height, obtained by letting k = O in the 


equations (1) and (2) to obtain the coordinates of neigh- 
boring bottom and top VERTICES, 


R cos (=) 
b= | Rsin (+) (5) 
0 
” 
t0 (6) 
z 
Since all side lengths are a, 
Ib — t|? =a’. (7) 


Solving for z then gives 
TT g 2..2( 7 2 2 - 
|R cos (=) -7| + R“ sin (=) +z” =a (8) 
2n n 


z + R? +r? — 2rRcos (E) =a’ (9) 
7 n 


z—,/a? —2rRcos (=) — y? — R? 
2n 


=a4/1— Í csc? (=) (10) 


see also BICUPOLA, ELONGATED CUPOLA, GYRO- 
ELONGATED CUPOLA, PENTAGONAL CUPOLA, SQUARE 
CUPOLA, TRIANGULAR CUPOLA 


References 
Johnson, N. W. “Convex Polyhedra with Regular Faces.” 
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Cupolarotunda 

A CUPOLA adjoined to a ROTUNDA. 

see also GYROCUPOLAROTUNDA, ORTHOCUPOLARO- 
TUNDA 


Curl 
The curl of a TENSOR field is given by 

(V xX A)” = E PE Ass. (1) 
where €;;, is the LEVI-CIVITA TENSOR and “;” is the 


COVARIANT DERIVATIVE. For a VECTOR FIELD, the 
curl is denoted 


curl(F) = V x F, (2) 
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and V x F is normal to the PLANE in which the “circula- 
tion” is MAXIMUM. Its magnitude is the limiting value 
of circulation per unit AREA, 


Vx F)- ñ= li Tene 3 
(V x ) â= lim 2. (3) 
Let 
F = Fiù; + Fa + F3ús (4) 
and ə 
r 
i= E E (5) 
then 
i hiûı haa h3U3 
VxF= ð z0- ð 
du ĝu ðu 
hahaha | P hafo hafs 
1 19) ð 
= h3F3)— ——(hoF: 
hehs EA d 3) e i | Si 
1 ð ð 
—— (hi Fı) — — (h3 F3) | t 
E h1h3 EA i 1) aa j 3) a 
1 ð 19) 
——(h2F3)-— -—— (hı Fı)| 3. (6 
a PA 2 2) Juz | 1 | ug ( ) 


Special cases of the curl formulas above can be given for 
CURVILINEAR COORDINATES. 


see also CURL THEOREM, DIVERGENCE, GRADIENT, 
VECTOR DERIVATIVE 
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Curl Theorem 

A special case of STOKES’ THEOREM in which F is a 
VECTOR FIELD and M is an oriented, compact embed- 
ded 2-MANIFOLD with boundary in R*, given by 


wma | Pis (1) 


There are also alternate forms. If 


F = cF, (2) 
then 
[as x VF = J Fds. (3) 
S C 
and if 
F=cxP, (4) 
then 
[taaxvxes f sexe. (5) 
S C 


see also CHANGE OF VARIABLES THEOREM, CURL, 
STOKES? THEOREM 
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Fig. 10-9. Jumper wires on the component side of the board are useful at 
times to avoid too much clutter on the foil side. Push-in terminals (Radio 
Shack 270-1392) were used here as junctions for anchoring the light- 
colored 5-volt line, and as soldering points for connection to the IC 
sockets on the other side of the baord. Terminals are also used along the 
front edge of the board to bring out leads which will later be soldered to 
them. Board here is 2-Y2” x 5-44". 


them. The commercial units cost between $75 and $100 and the 
construction kits are about the same cost, but there are consider- 
able differences among them. Some may be using older designs 
which may have as many as 100 chips to perform only one game, or 
at the other extreme one chip to perform six games. Obviously, 


Wilbur would have been better off buying a unit which performed 


AS AA 


Fig. 10-10. Bare wire can often be used to an advantage, as shown in the 
thin horizontal lines on this board. The center two lines are the 5-volt de 
supply; lines at top and bottom edges are common bus. Leads coming off 
the board also show small sleeves of colored insulation slipped on for 
color-coding. Board is three inches square. 
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Curlicue Fractal 


The curlicue fractal is a figure obtained by the following 
procedure. Let s be an IRRATIONAL NUMBER. Begin 
with a line segment of unit length, which makes an ÁN- 
GLE ġo = 0 to the horizontal. Then define 0,, iteratively 
by 

On+1 = (On + 278) (mod 27), 


with 8 = 0. To the end of the previous line segment, 
draw a line segment of unit length which makes an angle 


On+1 = On + On (mod 27), 


to the horizontal (Pickover 1995). The result is a FRAC- 
TAL, and the above figures correspond to the curlicue 
fractals with 10,000 points for the GOLDEN RATIO Q, 
In2, e, V2, the EULER-MASCHERONI CONSTANT y, 7, 
and FEIGENBAUM CONSTANT ó. 


The TEMPERATURE of these curves is given in the fol- 
lowing table. 


Constant Temperature 
golden ratio ¢ 46 
In 2 51 
e 58 
V2 58 
Euler-Mascheroni constant y 63 
TT 90 
Feigenbaum constant ô 92 
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Current 
A linear FUNCTIONAL on a smooth differential form. 


see also FLAT NORM, INTEGRAL CURRENT, RECTIFI- 
ABLE CURRENT 


Curtate Cycloid Evolute 


Curtate Cycloid 


The path traced out by a fixed point at a RADIUS b < a, 
where a is the RADIUS of a rolling CIRCLE, sometimes 
also called a CONTRACTED CYCLOID. 


x = aġ — bsin ġ (1) 
y =a — bcos o. (2) 


The ARC LENGTH from ¢ = 0 is 


s = 2(a + bd) E(u), (3) 
where 
sin($¢) = snu (4) 
2 4ab 
pen (a+c)?’ (5) 


and E(u) is a complete ELLIPTIC INTEGRAL OF THE 
SECOND KIND and snu is a JACOBI ELLIPTIC FUNC- 
TION. 


see also CYCLOID, PROLATE CYCLOID 
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Curtate Cycloid Evolute 
The EVOLUTE of the CURTATE CYCLOID 


xr = aġ — bsin ġ (1) 
y =a -— bcos®@. (2) 
is given by 
— a|—2bd + 2aġ cos $ — 2asind + bsin(2¢)| (3) 
2(a cos q — b) 


_ ala—bcosg) 
= b(acos¢ — b) © 


Curvature 


Curvature 

In general, there are two important types of curva- 
ture: EXTRINSIC CURVATURE and INTRINSIC CURVA- 
TURE. The EXTRINSIC CURVATURE of curves in 2- and 
3-space was the first type of curvature to be studied his- 
torically, culminating in the FRENET FORMULAS, which 
describe a SPACE CURVE entirely in terms of its “cur- 
vature,” TORSION, and the initial starting point and 
direction. 


After the curvature of 2- and 3-D curves was studied, 
attention turned to the curvature of surfaces in 3-space. 
The main curvatures which emerged from this scrutiny 
are the MEAN CURVATURE, GAUSSIAN CURVATURE, and 
the WEINGARTEN MAP. MEAN CURVATURE was the 
most important for applications at the time and was 
the most studied, but Gauss was the first to recognize 
the importance of the GAUSSIAN CURVATURE. 


Because GAUSSIAN CURVATURE is “intrinsic,” it is de- 
tectable to 2-dimensional “inhabitants” of the surface, 
whereas MEAN CURVATURE and the WEINGARTEN MAP 
are not detectable to someone who can’t study the 3- 
dimensional space surrounding the surface on which he 
resides. The importance of GAUSSIAN CURVATURE to 
an inhabitant is that it controls the surface AREA of 
SPHERES around the inhabitant. 


Riemann and many others generalized the concept of 
curvature to SECTIONAL CURVATURE, SCALAR CURVA- 
TURE, the RIEMANN TENSOR, RICCI CURVATURE, and 
a host of other INTRINSIC and EXTRINSIC CURVATURES. 
General curvatures no longer need to be numbers, and 
can take the form of a MAP, GROUP, GROUPOID, tensor 
field, etc. 


The simplest form of curvature and that usually first 
encountered in CALCULUS is an EXTRINSIC CURVATURE. 
In 2-D, let a PLANE CURVE be given by CARTESIAN 
parametric equations x = z(t) and y = y(t). Then the 
curvature « is defined by 


dd do dy 
dp dt dt dt 


Ke = # = #4 ___ = —* —, (1) 
Soa eye (gy Viv 


where ġ is the POLAR ANGLE and s is the ARC LENGTH. 
As can readily be seen from the definition, curvature 
therefore has units of inverse distance. The dó/dt de- 
rivative in the above equation can be eliminated by using 
the identity 


dy _dy/dt_ y 
t = — >= = >— 2 
any dx  du/fdt x’ (2) 
oe d 5 do gy” = yx" 
tan p) = sec oa, A E (3) 
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and 
dó _ 1 2 y” e Y al! 
dt 1+tan?¢ r’? 
_ 1 xy" A yx" E xy" eE? yz" 7 
T y 12 z 12 12 ( ) 
te x Day 


Combining (2) and (4) gives 


gy” ue ya" 
= 12 12\3/2° (5) 
(a’? + y!2)8/ 


For a 2-D curve written in the form y = f(x), the equa- 
tion of curvature becomes 


TS 


If the 2-D curve is instead parameterized in POLAR Co- 
ORDINATES, then 


e p? + ore? — Tres 
~ nt er (7) 


where rọ = Or/00 (Gray 1993). In PEDAL COORDI- 


NATES, the curvature is given by 


k=2=Ñ., (8) 


The curvature for a 2-D curve given implicitly by 
g(x,y) = 0 is given by 


pres OE: ia — 29zy9z9Jy + Joge (9) 


(92? + gy?)?/? 
(Gray 1993). 


Now consider a parameterized SPACE CURVE r(t) in 3-D 
for which the TANGENT VECTOR T is defined as 


dr dr 
m— dt _ dt 
T= mel da (10) 
dt dt 
Therefore, 
dr ds a 
ee y 11 
dt dt (11) 
dr ds. ds dT ds? a aye 
eee Pe ee y | 12 
dt? — dt? daua p (5) A 
where Ñ is the NORMAL VECTOR. But 
dr dr ds des a A dei? a 
— x — = —— (TxT — TxN 
i ge ada o )+«( a) ( ) 


li 
A 
OS 
| a, 
ww 
eee” 
w 
— 
j=j > 
x 
A 
— 
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Pa 
oo 
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dr ae 
dt dt? 


SO 


(15) 


The curvature of a 2-D curve is related to the RADIUS OF 
CURVATURE of the curve's OSCULATING CIRCLE. Con- 
sider a CIRCLE specified parametrically by 


T=acost (16) 


y = asint (17) 
which is tangent to the curve at a given point. The 


curvature is then 


In nu 

as O eL _a 1 18 

= 12 1213/2 a3 p?’ ( ) 
(ei? yy!) aè á a 


or one over the RADIUS OF CURVATURE. The curvature 


of a CIRCLE can also be repeated in vector notation. For 
the CIRCLE with 0 < t< 27, the ARC LENGTH is 


t 
— J a? cos? t + a? sin? t dt = at, (19) 
0 


so t = s/a and the equations of the CIRCLE can be 
rewritten as 


£ = a Cos (=) (20) 
y = asin (5) ; (21) 


The POSITION VECTOR is then given by 
&\. E SA, 
r(s) = acos (=) % + asin (2) y, (22) 
a a 


and the TANGENT VECTOR is 


T= a = —sin (=) x + cos (3) y, (23) 
ds a a 
so the curvature is related to the RADIUS OF CURVA- 
TURE a by 
dT 


as expected. 


Curvature 


Four very important derivative relations in differential 
geometry related to the FRENET FORMULAS are 


t=T (25) 
r= KN (26) 
r= kN + k(TB -— KT) (27) 
[t E, E] = K"7, (28) 


where T is the TANGENT VECTOR, N is the NORMAL 
VECTOR, B is the BINORMAL VECTOR, and 7 is the 
TORSION (Coxeter 1969, p. 322). 


The curvature at a point on a surface takes on a variety 
of values as the PLANE through the normal varies. As 
K varies, it achieves a minimum and a maximum (which 
are in perpendicular directions) known as the PRINCIPAL 
CURVATURES. As shown in Coxeter (1969, pp. 352-353), 


K — > bin + det(b?) = 0 (29) 


k? —2H«.+ K =0, (30) 


where K is the GAUSSIAN CURVATURE, H is the MEAN 
CURVATURE, and det denotes the DETERMINANT. 


The curvature « is sometimes called the FIRST CURVA- 
TURE and the TORSION 7 the SECOND CURVATURE. In 
addition, a THIRD CURVATURE (sometimes called To- 


TAL CURVATURE) 
y dsr’ + dsp’ (31) 


is also defined. A signed version of the curvature of a 
CIRCLE appearing in the DESCARTES CIRCLE THEOREM 
for the radius of the fourth of four mutually tangent 
circles is called the BEND. 


see also BEND (CURVATURE), CURVATURE CENTER, 
CURVATURE SCALAR, EXTRINSIC CURVATURE, FIRST 
CURVATURE, FOUR-VERTEX THEOREM, GAUSSIAN 
CURVATURE, INTRINSIC CURVATURE, LANCRET EQUA- 
TION, LINE OF CURVATURE, MEAN CURVATURE, NOR- 
MAL CURVATURE, PRINCIPAL CURVATURES, RADIUS OF 
CURVATURE, RICCI CURVATURE, RIEMANN TENSOR, 
SECOND CURVATURE, SECTIONAL CURVATURE, SODDY 
CIRCLES, THIRD CURVATURE, TORSION (DIFFEREN- 
TIAL GEOMETRY), WEINGARTEN MAP 
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Curvature Center 


Curvature Center 
The point on the POSITIVE RAY of the NORMAL VEC- 
TOR at a distance p(s), where p is the RADIUS OF CUR- 
VATURE. It is given by 


T 
2=x+pN=Xx +0 7, (1) 


where N is the NORMAL VECTOR and T is the TANGENT 
VECTOR. It can be written in terms of x explicitly as 


x" (x! : x)? _ x (x : x!) (x' , x” 
(x! . x!) (x! . x) = (x! , K" 


(2) 


Z=xX+ 


For a CURVE represented parametrically by (f(t), g(t)), 


B E (f°? _ gy 
o f f'g" = fi'g! (3) 
DPS Oe | 
b =g Ja f'g" = fl'g! ` (4) 
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Curvature Scalar 
The curvature scalar is given by 


R=" Ruk 


where g”* is the METRIC TENSOR and Ryn is the RICCI 
TENSOR. | 

see also CURVATURE, GAUSSIAN CURVATURE, MEAN 
CURVATURE, METRIC TENSOR, RADIUS OF CURVA- 
TURE, RICCI TENSOR, RIEMANN-CHRISTOFFEL TEN- 
SOR 


Curvature Vector 


Curve 

A CONTINUOUS MAP from a 1-D SPACE to an n-D 
SPACE. Loosely speaking, the word “curve” is often used 
to mean the GRAPH of a 2- or 3-D curve. The simplest 
curves can be represented parametrically in n-D SPACE 
as 


zı = fi(t) 
xa = falt) 


Ly Fall: 
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Other simple curves can be simply defined only implic- 
itly, i.e., in the form 


f (x1, 22, os .) = 0. 


see also ARCHIMEDEAN SPIRAL, ASTROID, ASYMP- 
TOTIC CURVE, BASEBALL COVER, BATRACHION, BI- 
CORN, BIFOLIUM, Bow, BULLET NOSE, BUTTERFLY 
CURVE, CARDIOID, CASSINI OVALS, CATALAN’S TRI- 
SECTRIX, CATENARY, CAUSTIC, CAYLEY’S SEXTIC, 
CESARO EQUATION, CIRCLE, CIRCLE INVOLUTE, CIs- 
SOID, CISSOID OF DIOCLES, COCHLEOID, CONCHOID, 
CONCHOID OF NICOMEDES, CROSS CURVE, CRUCI- 
FORM, CUBICAL PARABOLA, CURVE OF CONSTANT 
PRECESSION, CURVE OF CONSTANT WIDTH, CUR- 
TATE CYCLOID, CYCLOID, DELTA CURVE, DELTOID, 
DEVIL’S CURVE, DEVIL ON Two STICKS, DUMBBELL 
CURVE, DURER’S CONCHOID, EIGHT CURVE, ELECTRIC 
MOTOR CURVE, ELLIPSE, ELLIPSE INVOLUTE, ELLIP- 
TIC CURVE, ENVELOPE, EPICYCLOID, EQUIPOTENTIAL 
CURVE, EUDOXUS’S KAMPYLE, EVOLUTE, EXPONEN- 
TIAL RAMP, FERMAT CONIC, FOLIUM OF DESCARTES, 
FREETH’S NEPHROID, FREY CURVE, GAUSSIAN FUNC- 
TION, GERONO LEMNISCATE, GLISSETTE, GUDER- 
MANNIAN FUNCTION, GUTSCHOVEN’S CURVE, HIP- 
POPEDE, HORSE FETTER, HYPERBOLA, HYPEREL- 
LIPSE, HYPOCYCLOID, HYPOELLIPSE, INVOLUTE, ISOP- 
TIC CURVE, KAPPA CURVE, KERATOID CUSP, KNOT 
CURVE, LAME CURVE, LEMNISCATE, L’HOSPITAL’S 
CUBIC, LIMACON, LINKS CURVE, LISSAJOUS CURVE, 
LITUUS, LOGARITHMIC SPIRAL, MACLAURIN TRISEC- 
TRIX, MALTESE CROSS, MILL, NATURAL EQUATION, 
NEGATIVE PEDAL CURVE, NEPHROID, NIELSEN’S SPI- 
RAL, ORTHOPTIC CURVE, PARABOLA, PEAR CURVE, 
PEAR-SHAPED CURVE, PEARLS OF SLUZE, PEDAL 
CURVE, PEG ToP, PIRIFORM, PLATEAU CURVES, Po- 
LICEMAN ON POINT DUTY CURVE, PROLATE CYCLOID, 
PURSUIT CURVE, QUADRATRIX OF HIPPIAS, RADIAL 
CURVE, RHODONEA, ROSE, ROULETTE, SEMICUBICAL 
PARABOLA, SERPENTINE CURVE, SICI SPIRAL, SIG- 
MOID CURVE, SINUSOIDAL SPIRAL, SPACE CURVE, 
STROPHOID, SUPERELLIPSE, SWASTIKA, SWEEP SIG- 
NAL, TALBOT’S CURVE, TEARDROP CURVE, TRACTRIX, 
TRIDENT, TRIDENT OF DESCARTES, TRIDENT OF NEW- 
TON, TROCHOID, TSCHIRNHAUSEN CUBIC, VERSIERA, 
WATT’S CURVE, WHEWELL EQUATION, WITCH OF AG- 
NESI 
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Curve of Constant Breadth 
see CURVE OF CONSTANT WIDTH 


Curve of Constant Precession 

A curve whose CENTRODE revolves about a fixed axis 
with constant ANGLE and SPEED when the curve is tra- 
versed with unit SPEED. The TANGENT INDICATRIX of a 
curve of constant precession is a SPHERICAL HELIX. An 
ARC LENGTH parameterization of a curve of constant 
precession with NATURAL EQUATIONS 


K(s) = —w sin( us) (1) 
T(s) = w cos( us) (2) 
is 


r a. sin[(a — p)s] a- p sin|(a + p)s| (3) 


2a a— pu 2a a+ pb 
_atpcosi(a—y)s] _ a -— p cos|(a + u}s] 
y(s) 2a &— H ji 20 a+p 
(4) 
a(s) = 7 sin(us), (5) 


a= yw? + 2 (6) 


and w, and y are constant. This curve lies on a circular 
one-sheeted HYPERBOLOID 


2 
go+y —- 2° = —. (7) 


The curve is closed IFF u/a is RATIONAL. 
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Curve of Constant Slope 
see GENERALIZED HELIX 


Curve of Constant Width 

Curves which, when rotated in a square, make contact 
with all four sides. The “width” of a closed convex 
curve is defined as the distance between parallel lines 
bounding it (“supporting lines”). Every curve of con- 
stant width is convex. Curves of constant width have 
the same “width” regardless of their orientation between 
the parallel lines. In fact, they also share the same PER- 
IMETER (BARBIER’S THEOREM). Examples include the 
CIRCLE (with largest AREA), and REULEAUX TRIANGLE 
(with smallest AREA) but there are an infinite number. 
A curve of constant width can be used in a special drill 
chuck to cut square “HOLES.” 


A generalization gives solids of constant width. These 
do not have the same surface AREA for a given width, 
but their shadows are curves of constant width with the 
same width! 


see also DELTA CURVE, KAKEYA NEEDLE PROBLEM, 
REULEAUX TRIANGLE 
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Curvilinear Coordinates 
A general METRIC gy, has a LINE ELEMENT 


ds? = g, du" du’, (1) 


where EINSTEIN SUMMATION is being used. Curvilinear 
coordinates are defined as those with a diagonal METRIC 
so that 

Suv = bhy”, (2) 


where 6f is the KRONECKER DELTA. Curvilinear coor- 
dinates therefore have a simple LINE ELEMENT 


ds? = Ëh, dudu” =h,*du*”, (3) 


Curvilinear Coordinates 


which is just the PYTHAGOREAN THEOREM, so the dif- 
ferential VECTOR 1s 


dr = h dup ûn, (4) 
i ð ð ð 
r r r 
dr = r Oa ae (5) 


where the SCALE FACTORS are 


Or 
h; = 
ES (6) 
and 2 
ž > 1 Or 
i ZI as = -——. T 


Equation (5) may therefore be re-expressed as 
dr = hy duit + h2dusús + h3du3t3. (8) 


The GRADIENT is 


106. 


e E EA 
ha Our h3 duz 


grad(¢) = Vé= h, Du, 


the DIVERGENCE is 


div(F) =VW-.F= 1 [== (hohe Fi) 


hı ha h3 ðu 


o 
tau, (haha Fa) ale Fn (haha Fs)| , (10) 


and the CURL is 


1 
hı ha hg 


Aili fetta h3ús 
VxF= a a 2 


du» Bug 


Bur 
hih helo haf 


1 0 O 

— (h3 F3) — —(heF2)| Ù 
h2h3 EA j 3) Bus | A a] a 
1 O ð 
a hihs Er (erka 7 Oui 


1 O 


ð E 
Palo Ada = 3 Un Fa) ús.(11) 


Orthogonal curvilinear coordinates satisfy the addi- 
tional constraint that 


UU = 035. (12) 
Therefore, the LINE ELEMENT is 


ds? = dr - dr = hy“ du? + h2“duz” + h3"duz” (13) 
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and the VOLUME ELEMENT is 


dV = |(hiú1 dur) - (haú2 duz) x (hats duz)| 


= hi həhs3 du duz dus 
ðr Or Or 
= |— - — x — | du, dud 
En Ou» ‘ duz sd 
Ox Oz on 


—| Oy Gy doy du, dus dug 


Oz Oz Oz 
Guy Gus duz 
Ofr, y, 2) 
i AA dus d 14 
PENE is (14) 


where the latter is the JACOBIAN. 


Orthogonal curvilinear coordinate systems include 
BIPOLAR CYLINDRICAL COORDINATES, BISPHERICAL 
COORDINATES, CARTESIAN COORDINATES, CONFO- 
CAL ELLIPSOIDAL COORDINATES, CONFOCAL PARABO- 
LOIDAL COORDINATES, CONICAL COORDINATES, CY- 
CLIDIC COORDINATES, CYLINDRICAL COORDINATES, 
ELLIPSOIDAL COORDINATES, ELLIPTIC CYLINDRICAL 
COORDINATES, OBLATE SPHEROIDAL COORDINATES, 
PARABOLIC COORDINATES, PARABOLIC CYLINDRICAL 
COORDINATES, PARABOLOIDAL COORDINATES, POLAR 
COORDINATES, PROLATE SPHEROIDAL COORDINATES, 
SPHERICAL COORDINATES, and TOROIDAL COORDI- 
NATES. These are degenerate cases of the CONFOCAL 
ELLIPSOIDAL COORDINATES. 


see also CHANGE OF VARIABLES THEOREM, CURL, DI- 
VERGENCE, GRADIENT, JACOBIAN, LAPLACIAN 
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Cushion 


The QUARTIC SURFACE resembling a squashed round 
cushion on a barroom stool and given by the equation 


2 2 4 2 2 2 
22 — z — 2zr +2% +2 —2 


a ee lr 4+ y? = 0. 
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see also QUARTIC SURFACE 
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Cusp 


\ 


A function f(x) has a cusp (also called a SPINODE) at a 
point xo if f(x) is CONTINUOUS at zo and 


lim f(z) =o 


T—>E0 
from one side while 


lim f(x) = —oo 

I—>z0 
from the other side, so the curve is CONTINUOUS but the 
DERIVATIVE is not. Á cusp is a type of DOUBLE POINT. 
The above plot shows the curve z? — y? = 0, which has 
a cusp at the ORIGIN. 


see also DOUBLE CUSP, DOUBLE POINT, ORDINARY 
DOUBLE POINT, RAMPHOID CUSP, SALIENT POINT 
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Cusp Catastrophe 

A CATASTROPHE which can occur for two control factors 
and one behavior axis. The equation y = x? has a cusp 
catastrophe. 


see also CATASTROPHE 


References 
von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, p. 28, 1993. 


Cusp Form 

A cusp form on To(N), the group of INTEGER matri- 
ces with determinant 1 which are upper triangular mod 
N, is an ANALYTIC FUNCTION on the upper half-plane 
consisting of the COMPLEX NUMBERS with POSITIVE 
IMAGINARY PART. Weight n cusp forms satisfy 


(EH) corro 


for all matrices 


see also MODULAR FORM 


CW-Complex 


Cusp Map 


The function 


f(w) =1-2J0/ 


for x € [-1,1]. The INVARIANT DENSITY is 


p(y) = ¿(1 — y). 
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Cusp Point 
see CUSP 


Cut- Vertex 
see ARTICULATION VERTEX 


Cutting 


see ARRANGEMENT, CAKE CUTTING, CIRCLE CUT- 
TING, CYLINDER CUTTING, PANCAKE CUTTING, PIE 
CUTTING, SQUARE CUTTING, TORUS CUTTING 


CW-Approximation Theorem 

If X is any SPACE, then there is a CW-COMPLEX Y 
and a MAP f : Y > X inducing ISOMORPHISMS on all 
HOMOTOPY, HOMOLOGY, and COHOMOLOGY groups. 


CW-Complex 

A CW-complex is a homotopy-theoretic generalization 
of the notion of a SIMPLICIAL COMPLEX. A CW- 
complex is any SPACE X which can be built by starting 
off with a discrete collection of points called X°, then 
attaching 1-D Disks D! to X° along their boundaries 
S°, writing X! for the object obtained by attaching the 
D's to X°, then attaching 2-D Disks D? to X” along 
their boundaries S1, writing X°’ for the new SPACE, and 
so on, giving spaces X” for every n. A CW-complex 
is any SPACE that has this sort of decomposition into 
SUBSPACES X” built up in such a hierarchical fashion 
(so the X”s must exhaust all of X). In particular, X” 
may be built from X”7* by attaching infinitely many 
n-DISKS, and the attaching Maps 977? — X”! may 
be any continuous MAPS. 


Cycle (Circle) 


The main importance of CW-complexes is that, for 
the sake of HOMOTOPY, HOMOLOGY, and COHOMOL- 
OGY groups, every SPACE is a CW-complex. This is 
called the CW-APPROXIMATION THEOREM. Another 
is WHITEHEAD’S THEOREM, which says that MAPS be- 
tween CW-complexes that induce ISOMORPHISMS on all 
HOMOTOPY GROUPS are actually HOMOTOPY equiva- 
lences. 


see also COHOMOLOGY, CW-APPROXIMATION THEO- 
REM, HOMOLOGY GROUP, HOMOTOPY GROUP, SIM- 
PLICIAL COMPLEX, SPACE, SUBSPACE, WHITEHEAD’S 
‘THEOREM 


Cycle (Circle) 
A CIRCLE with an arrow indicating a direction. 


Cycle (Graph) 
A subset of the EDGE-set of a graph that forms a CHAIN 
(GRAPH), the first node of which is also the last (also 
called a CIRCUIT). 


see also CYCLIC GRAPH, HAMILTONIAN CYCLE, WALK 


Cycle Graph 


Sd 


KY: 


A cycle graph is a GRAPH which shows cycles of a 
GROUP as well as the connectivity between the cycles. 
Several examples are shown above. For Z4, the group 
elements A; satisfy A;* = 1, where 1 is the IDENTITY 
ELEMENT, and two elements satisfy A1? = A3* = 1. 


For a CYCLIC GROUP of COMPOSITE ORDER n (e.g., 
Za, Ze, Zs), the degenerate subcycles corresponding to 
factors dividing n are often not shown explicitly since 
their presence is implied. 


see also CHARACTERISTIC FACTOR, CYCLIC GROUP 
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Cycle (Map) 
An n-cycle is a finite sequence of points Yo, ... 
such that, under a MAP G, 


+ Y aa 


Y, = G(Yo) 

Ya = G(Y1) 
Yn-1 = G(Yn-2) 

Yo = G(Yn-1). 


In other words, it is a periodic trajectory which comes 
back to the same point after n iterations of the cycle. 
Every point Y, of the cycle satisfies Y; = G"(Y;) and is 
therefore a FIXED POINT of the mapping G”. A fixed 
point of G is simply a CYCLE of period 1. 


Cycle (Permutation) 

A SUBSET of a PERMUTATION whose elements trade 
places with one another. A cycle decomposition of a 
PERMUTATION can therefore be viewed as a CLASS of 
a PERMUTATION GROUP. For example, in the PER- 
MUTATION GROUP (4, 2, 1, 3), {1, 3, 4) is a 3-cycle 
(1 > 3, 3 > 4, and 4 > 1) and {2} is a 1-cycle 
(2 => 2). Every PERMUTATION GROUP on n symbols 
can be uniquely expressed as a product of disjoint cycles. 
The cyclic decomposition of a PERMUTATION can be 
computed in Mathematica® (Wolfram Research, Cham- 
paign, IL) with the function ToCycles and the PERMU- 
TATION corresponding to a cyclic decomposition can be 
computed with FromCycles. According to Vardi (1991), 
the Mathematica code for ToCycles is one of the most 
obscure ever written. 


To find the number N(m,n) of m cycles in a PERMU- 
TATION GROUP of order n, take 


N(n,m) = (-1)""Si(n,m), 
where S; is the STIRLING NUMBER OF THE FIRST KIND. 


see also GOLOMB-DICKMAN CONSTANT, PERMUTA- 
TION, PERMUTATION GROUP, SUBSET 
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Cyclic Graph 


oF Ca C; 
A GRAPH of n nodes and n edges such that node 7 is 
connected to the two adjacent nodes i+1 and i—1 (mod 
n), where the nodes are numbered 0, 1,..., n—1. 


see also CYCLE (GRAPH), CYCLE GRAPH, STAR 
GRAPH, WHEEL GRAPH 
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Cyclic Group 

A cyclic group Zn of ORDER n is a GROUP defined by 
the element X (the GENERATOR) and its n POWERS up 
to 

Ard, 

where I is the IDENTITY ELEMENT. Cyclic groups are 
both ABELIAN and SIMPLE. There exists a unique cyclic 
group of every order n > 2, so cyclic groups of the same 


order are always isomorphic (Shanks 1993, p. 74), and 
all GROUPS of PRIME ORDER are cyclic. 


Examples of cyclic groups include Z2, Z3, Za, and 
the MODULO MULTIPLICATION GROUPS Mm such that 
m = 2, 4, p”, or 2p”, for p an ODD PRIME and n > 1 
(Shanks 1993, p. 92). By computing the CHARACTERIS- 
TIC FACTORS, any ABELIAN GROUP can be expressed as 
a DIRECT PRODUCT of cyclic SUBGROUPS, for example, 
Z2 9 La or Z2 © L2 Q Zo. 

see also ABELIAN GROUP, CHARACTERISTIC FAC- 
TOR, FINITE GROUP—-Z2, FINITE GROUP—-Z3, FINITE 
GROUP—Z2, FINITE GROUP—-Z5, FINITE GROUP—-Z6, 
MODULO MULTIPLICATION GROUP, SIMPLE GROUP 
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Cyclic Hexagon 
A hexagon (not necessarily regular) on whose VERTICES 
a CIRCLE may be CIRCUMSCRIBED. Let 


dí = Ss aiaj? an, (1) 


y E e l 


where the sum runs over all distinct permutations of the 
SQUARES of the six side lengths, so 


o1 = a1" +09 +03 +04 +45 +06" (2) 
O2 = a1 az +a1 ag” +01 as +a1 as +a1*ag* 

+ az a3 + a2” Lag? + a2 de 

Bieta E astas? i astas? 

+a4 05 +44 aş +45 ae” (3) 


2.2 2 2.2 2 2 2 2 2 2 2 
03 = üi 42 a3 +41 02 a4 +01 02 Ag +41 02 06 


2 
a4 + a2 


+ az a3 04 ae a az as” T az a3 as 

+ a3 04 as + azas ae” + asaz ag” (4) 
Ta = a1 az a3 aa a ai az a3 05 E a1 a2 a3 as 

+ ar az a4 as” E5 di as as as” 

+a1 "0305 06 +41 a4 asas” 

+42 0304 a5" + üs 0304 de + åz a3” a5" 06 

+a2 a4 05 06 +03 M4 05 as” (5) 
o5 = aı az az as as” -+ aj a2 ag as 06" 
+ a1 a2 43 as as +41 42 a4 a5 a6 
+ a1 0304 as as + az 43 04 a5 as” (6) 


O E ee ee 7 
T6 = a1 a2" a3 a4 a5 ag. (7) 


Cyclic Number 


Then define 
to = u — 402 +01” (8) 
tg = 803 + oite — 16/06 (9) 
ta = to” — 6404 + 640, /06 (10) 
ts = 12805 + 32t2 06 (11) 
u=16K”. (12) 


The AREA of the hexagon then satisfies 
uta + t3 ta” — 16t3 ts — 18utgtats — 27u*ts? =0, (13) 


or this equation with ,/og replaced by —./76, a seventh 
order POLYNOMIAL in u. This is 1/(4u*) times the Dis- 
CRIMINANT of the CUBIC EQUATION 


z? + 2taz? — utaz + 24 "ts. (14) 


see also CONCYCLIC, CYCLIC PENTAGON, CYCLIC 
POLYGON, FUHRMANN’S THEOREM 
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Cyclic-Inscriptable Quadrilateral 
see BICENTRIC QUADRILATERAL 


Cyclic Number 

A number having n—1 DIGITS which, when MULTIPLIED 
by 1, 2, 3,..., n— 1, produces the same digits in a dif- 
ferent order. Cyclic numbers are generated by the UNIT 
FRACTIONS 1/n which have maximal period DECIMAL 
EXPANSIONS (which means n must be PRIME). The first 
few numbers which generate cyclic numbers are 7, 17, 
19, 23, 29, 47, 59, 61, 97, ... (Sloane's A001913). A 
much larger generator is 17389. 


It has been conjectured, but not yet proven, that an 
INFINITE number of cyclic numbers exist. In fact, the 
FRACTION of PRIMES which generate cyclic numbers 
seems to be approximately 3/8. See Yates (1973) for a 
table of PRIME period lengths for PRIMES < 1, 370, 471. 
When a cyclic number is multiplied by its generator, the 
result is a string of 9s. This is a special case of MIDY”S 
THEOREM. 


07 = 0.142857 

17 = 0.0588235294117647 

19 = 0.052631578947368421 

23 = 0.0434782608695652173913 

29 = 0.0344827586206896551724137931 

47 = 0.021276595744680851063829787234042553191--- 
: - - 4893617 

59 = 0.016949152542372881355932203389830508474-:- - 
---5762711864406779661 

61 = 0.016393442622950819672131147540983606557 - - - 


Cyclic Pentagon 


-- + 377049180327868852459 

97 = 0.010309278350515463917525773195876288659 - + - 
-+ -79381443298969072164948453608247422680412-- - 
-+ -3711340206185567 


see also DECIMAL EXPANSION, MIDY's THEOREM 
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Cyclic Pentagon 
A cyclic pentagon is a not necessarily regular PENTAGON 
on whose VERTICES a CIRCLE may be CIRCUMSCRIBED. 


Let 
= y aj +++ An”, - (1) 


tjr MHI 


where the SUM runs over all distinct PERMUTATIONS of 
the SQUARES of the 5 side lengths, so 


2 2 2 2 2 
Ti =a, +a2° +a3 +04 +45 (2) 
2 2 2 2 2 2 2 2 2 2 
02 = a1 4 +41 43 +41 04 +41 as +42 403 
2 


2 2 2 2 2 2.2 
+ 42 04 +02 045 +43 as +43 G5 


2 2 
+ Qs 05 (3) 
> > 3 33 2 2 2 
03 = Q1 Q2 43 +01 G2 04 +41 02 05 
2 2 2 2 2 2 2 2 2 
+ a2°a3°a4" + 49 03 a5” + a3 a4 a5 (4) 


2 2 2 2 2 2 2 2 2 2 2 2 
O4 = 41 42 a3 04 +01 G2 43 45 + ai G3 04 05 


+ a2" a3" a4" a5" (5) 
O5 = 41 42 43 a4 a5”. (6) 
Then define 

to = u — 407 +01* (7) 

tg = 803 + cito (8) 

ta = —6404 + ta” (9) 

ts = 12805 (10) 

u = 16K". (11) 


The AREA of the pentagon then satisfies 
uta” +t3 ta” — 16t3°ts — 18utg3tats — 27u°ts” = 0, (12) 


a seventh order POLYNOMIAL in u. This is 1/(4u*) times 
the DISCRIMINANT of the CUBIC EQUATION 


24 Itag? — utaz + 24 ts. (13) 


Cyclic Polygon 383 


see also CONCYCLIC, CYCLIC HEXAGON, CYCLIC POLY- 
GON 
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Cyclic Permutation 

A PERMUTATION which shifts all elements of a SET by a 

fixed offset, with the elements shifted off the end inserted 

back at the beginning. For a SET with elements ag, a1, 
y @n~1, this can be written a; —> Gi+% (mod n) for a 


shift of k. 
see also PERMUTATION 


Cyclic Polygon 

A cyclic polygon is a POLYGON with VERTICES upon 
which a CIRCLE can be CIRCUMSCRIBED. Since every 
TRIANGLE has a CIRCUMCIRCLE, every TRIANGLE is 
cyclic. It is conjectured that for a cyclic polygon of 
2m + 1 sides, 16K? (where K is the AREA) satisfies a 
MONIC POLYNOMIAL of degree Am, where 


E (m —k) ~ ) (1) 


: (am +1) es ss ae (2) 


(Robbins 1995). It is also conjectured that a cyclic poly- | 
gon with 2m + 2 sides satisfies one of two POLYNOMIALS 
of degree Am. The first few values of Am are 1, 7, 38, 
187, 874, ... (Sloane’s A000531). 


For TRIANGLES (n = 3 = 2. 1 + 1), the POLYNOMIAL is 
HERON’S FORMULA, which may be written 


Am 


II 


16K? = 2a7b? + 2a7c? 42% -at bt ect, (3) 


and which is of order A, = 1 in 16K?. For a CYCLIC 
QUADRILATERAL, the POLYNOMIAL is BRAHMAGUPTA’S 
FORMULA, which may be written 


16K? = —a* + 2a7b? — bt + 2a*c? + 267c? — e? 
+ 8abcd + 2a7d? + 267d? + 2c*d? — d*, (4) 


which is of order Ay = 1 in 16K*. Robbins (1995) 
gives the corresponding FORMULAS for the CYCLIC PEN- 
TAGON and CYCLIC HEXAGON. 


see also CONCYCLIC, CYCLIC HEXAGON, CYCLIC PEN- 
TAGON, CYCLIC QUADRANGLE, CYCLIC QUADRILAT- 
ERAL 
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Fig. 10-11. Section cut from a larger computer board and then etched 

clean, leaving pads for anchoring IC sockets, foil strips on edges for 

gama bus, as well as other leads which seemed to be useful. Board is 
x n. 


more than one game and allowed variations within each. Fewer 
parts would necessarily mean a lower price and increased reliabil- 


ity. 

The AY-3-8500-1 made by General Instruments is a 24 pin 
MOS integrated circuit TV game chip capable of playing six diffe- 
rent TV games. The features are as follows: 

1. Six selectable games—tennis, hockey, squash, single 
player practice, and two rifle shooting games 

2. Automatic scoring 

3. Score display on TV screen: 0-15 

4, Selectable bat size 

5. Selectable ball speed 


Fig. 10-12. Circuit built on a 3"x 6" Radio Shack board 276-1395. It looks 
like a rats nest of wiring, but color coding anda little care made everything 
come out right. This kind of sloppy wiring is permissible only when there is 
no rf or audio circuitry involved. 
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Cyclic Quadrangle 

Let 41, A2, A3, and 44 be four POINTS on a CIRCLE, 
and Hı, H2, H3, H4 the ORTHOCENTERS of TRIANGLES 
AA2Az3 Aa, etc. If, from the eight POINTS, four with 
different subscripts are chosen such that three are from 
one set and the fourth from the other, these POINTS 
form an ORTHOCENTRIC SYSTEM. There are eight such 
systems, which are analogous to the six sets of ORTHO- 
CENTRIC SYSTEMS obtained using the feet of the ANGLE 
BISECTORS, ORTHOCENTER, and VERTICES of a generic 
TRIANGLE. 


On the other hand, if all the POINTS are chosen from one 
set, or two from each set, with all different subscripts, 
the four POINTS lie on a CIRCLE. There are four pairs 
of such CIRCLES, and eight POINTS lie by fours on eight 
equal CIRCLES. 


The SIMSON LINE of A4 with regard to TRIANGLE 
AA, A243 is the same as that of H4 with regard to the 
TRIANGLE AH A243. 


see also ANGLE BISECTOR, CONCYCLIC, CYCLIC POLY- 
GON, CYCLIC QUADRILATERAL, ORTHOCENTRIC SYS- 
TEM 
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Cyclic Quadrilateral 


A QUADRILATERAL for which a CIRCLE can be circum- 
scribed so that it touches each VERTEX. The AREA is 
then given by a special case of BRETSCHNEIDER’S FOR- 
MULA. Let the sides have lengths a, b, c, and d, let s be 
the SEMIPERIMETER 


s= į(a+b+c+d), | (1) 


and let R be the CIRCUMRADIUS. Then 


A= y (s — a)(s — b)(s — c)(s — d) (2) 
(ac + bd)(ad + bc) (ab + cd) 
7 E (3) 


Cyclic Quadrilateral 


Solving for the CIRCUMRADIUS gives 


R=1 (ac + bd)(ad + bc)(ab + cd) (4) 
= 4V (s —a)(s — b)(s — c)(s — d) ` 
The DIAGONALS of a cyclic quadrilateral have lengths 


(ab + cd)(ac + bd) 
ad + be (5) 


ds (ac + bd) (ad + bc) | (6) 
ab + cd 

so that pg = ac + bd. In general, there are three essen- 
tially distinct cyclic quadrilaterals (modulo ROTATION 
and REFLECTION) whose edges are permutations of the 
lengths a, b, c, and d. Of the six corresponding DIAG- 
ONAL lengths, three are distinct. In addition to p and 
q, there is therefore a “third” DIAGONAL which can be 
denoted r. It is given by the equation 


(ad + bc)(ab + cd) (7) 
ac + bd l 

This allows the AREA formula to be written in the par- 

ticularly beautiful and simple form 


pqr 
A = =. 8 
AR (8) 
The DIAGONALS are sometimes also denoted p, q, and 
ee 


The AREA of a cyclic quadrilateral is the MAXIMUM 
possible for any QUADRILATERAL with the given side 
lengths. Also, the opposite ANGLES of a cyclic quadri- 
lateral sum to m RADIANS (Dunham 1990). 


A cyclic quadrilateral with RATIONAL sides a, b, c, and 
d, DIAGONALS p and q, CIRCUMRADIUS R, and AREA 
A is given by a = 25, 6 = 33, c = 39, d = 65, p = 60, 
q = 52, R = 65/2, and A = 1344. 


O 
4 


H 
Let AHBO be a QUADRILATERAL such that the angles 
¿HAB and ¿HOB are RIGHT ANGLES, then AH BO is 
a cyclic quadrilateral (Dunham 1990). This is a COROL- 
LARY of the theorem that, in a RIGHT TRIANGLE, the 
MIDPOINT of the HYPOTENUSE is equidistant from the 


Cyclic Redundancy Check 


three VERTICES. Since M is the MIDPOINT of both 
RIGHT TRIANGLES AAHB and ABOH, it is equidis- 
tant from all four VERTICES, so a CIRCLE centered at 
M may be drawn through them. This theorem is one 
of the building blocks of Heron’s derivation of HERON’S 
FORMULA. 


A 


Place four equal CIRCLES so that they intersect in a 
point. The quadrilateral ABCD is then a cyclic quadri- 
lateral (Honsberger 1991). For a CONVEX cyclic quad- 
rilateral Q, consider the set of CONVEX cyclic quadri- 
laterals Qj; whose sides are PARALLEL to Q. Then the 
Qj; of maximal AREA is the one whose DIAGONALS are 
PERPENDICULAR (Giirel 1996). 


see also BRETSCHNEIDER’S FORMULA, CONCYCLIC, 
CYCLIC POLYGON, CYCLIC QUADRANGLE, EULER 
BRICK, HERON’S FORMULA, PTOLEMY’S THEOREM, 
QUADRILATERAL 
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Cyclic Redundancy Check 

A sophisticated CHECKSUM (often abbreviated CRC), 
which is based on the algebra of polynomials over the 
integers (mod 2). It is substantially more reliable in 
detecting transmission errors, and is one common error- 
checking protocol used in modems. 


see also CHECKSUM, ERROR-CORRECTING CODE 
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Cyclid 


see CYCLIDE 
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Cyclide 


A pair of focal conics which are the envelopes of two 
one-parameter families of spheres, sometimes also called 
a CYCLID. The cyclide is a QUARTIC SURFACE, and the 
lines of curvature on a cyclide are all straight lines or 
circular arcs (Pinkall 1986). The STANDARD TORI and 
their inversions in a SPHERE S centered at a point xo 
and of RADIUS r, given by 


2 
T(xo,r) = Xo + E 
are both cyclides (Pinkall 1986). Ilustrated above are 
RING CYCLIDES, HORN CYCLIDES, and SPINDLE CY- 
CLIDES. The figures on the right correspond to Xo lying 
on the torus itself, and are called the PARABOLIC RING 
CYCLIDE, PARABOLIC HORN CYCLIDE, and PARABOLIC 
SPINDLE CYCLIDE, respectively. 


see also CYCLIDIC COORDINATES, HORN CYCLIDE, 
PARABOLIC HORN CYCLIDE, PARABOLIC RING CY- 
CLIDE, RING CYCLIDE, SPINDLE CYCLIDE, STANDARD 
TORI 
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Cyclidic Coordinates 

A general system of CURVILINEAR COORDINATES based 
on the CYCLIDE in which LAPLACE’S EQUATION is SEP- 
ARABLE. 
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Cycloid 


The cycloid is the locus of a point on the rim of a CIRCLE 
of RADIUS a rolling along a straight LINE. It was studied 
and named by Galileo in 1599. Galileo attempted to 
find the AREA by weighing pieces of metal cut into the 
shape of the cycloid. Torricelli, Fermat, and Descartes 
all found the AREA. The cycloid was also studied by 
Roberval in 1634, Wren in 1658, Huygens in 1673, and 
Johann Bernoulli in 1696. Roberval and Wren found the 
ARC LENGTH (MacTutor Archive). Gear teeth were also 
made out of cycloids, as first proposed by Desargues in 
the 1630s (Cundy and Rollett 1989). 


In 1696, Johann Bernoulli challenged other mathemati- 
cians to find the curve which solves the BRACHISTO- 
CHRONE PROBLEM, knowing the solution to be a cy- 
cloid. Leibniz, Newton, Jakob Bernoulli and L’Hospital 
all solved Bernoulli’s challenge. The cycloid also solves 
the TAUTOCHRONE PROBLEM. Because of the frequency 
with which it provoked quarrels among mathematicians 


Cycloid 


in the 17th century, the cycloid became known as the 
“Helen of Geometers” (Boyer 1968, p. 389). 


The cycloid is the CATACAUSTIC of a CIRCLE for a Ra- 
DIANT POINT on the circumference, as shown by Jakob 
and Johann Bernoulli in 1692. The CAUSTIC of the cy- 
cloid when the rays are parallel to the y-axis is a cycloid 
with twice as many arches. The RADIAL CURVE of a 
CYCLOID is a CIRCLE. The EVOLUTE and INVOLUTE of 
a cycloid are identical cycloids. 


If the cycloid has a CUSP at the ORIGIN, its equation in 
CARTESIAN COORDINATES is 


z=acos * (=) 2ay — y?. (1) 

In parametric form, this becomes 
x = a(t — sin t) (2) 
y = a(l — cost). (3) 


If the cycloid is upside-down with a cusp at (0,a), (2) 
and (3) become 


z = 2asin™* (+) + 4/2ay — y? (4) 

or 
r = alt + sint) (5) 
y = a(l — cost) (6) 


(sign of sin t flipped for z). 


The DERIVATIVES of the parametric representation (2) 
and (3) are 


x' = a(l — cost) (7) 
y =asint (8) 
dy y _ asint — sint 
dr  x' a(l—cost) 1- cost 
2sin( Lt) cos(5t 
ds al IE = cot(1t). (9) 
2 sin“(5t) 
The squares of the derivatives are 
2? =a (1 — 2cost + cos’ t) (10) 
y? =a’ sin’ t, (11) 


so the ARC LENGTH of a single cycle is 


27 
nefes] z’? + y? dt 
0 


27 
=a f Y (1 — 2cost + cos? t) + sin? t dt 
0 


27 2x7 
= av2 VI costdt = 2a | ¡a 
0 0 
271 


= 2a | Jsin($t)| de. (12) 
0 


Cycloid 


Now let u = t/2 so du = dt/2. Then 


L= aa | sin u du = 4aļ— COS ulo 
e 


= —4a|(—1) — 1] = 8a. (13) 


s(t} 


k(t) 
phi(t) 


t E t 


The ARC LENGTH, CURVATURE, and TANGENTIAL AN- 
GLE are 


s = 8a sin” (4t) (14) 
k =-—hacsc(5t) (15) 
$ = —3at. (16) 


The AREA under a single cycle is 
27 27 
a= f yde =a? | (1 — cos p)(1 — cos $) de 
0 a 0 

= a J (1 — cos ¢)? dọ 
oo 

=a | (1 — 2cos¢ + cos” ¢) de 
on 

ait | {1 —2cos¢+ 5[1 + cos(2)]} dọ 
0 


27 
= a | [3 — 2 cos ġ + 3 cos(2¢)] dd 
0 


=0*36—2sing + } sin(26)]" 
= a” 327 = 37a’. (17) 
The NORMAL is 
X 1 1I — cost 
E E ERA , f 18 
V2 —2cost | sin t (18) 


see also CURTATE CYCLOID, CYCLIDE, CYCLOID Evo- 
LUTE, CYCLOID INVOLUTE, EPICYCLOID, HYPOCY- 
CLOID, PROLATE CYCLOID, TROCHOID 
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Cycloid Evolute 


The EVOLUTE of the CYCLOID 


z(t) = a(t — sint) 
y(t) = a(l — cost) 


is given by 


x(t) = a(t + sint) 

y(t) = a(cost — 1). 
As can be seen in the above figure, the EVOLUTE is 
simply a shifted copy of the original CYCLOID, so the 


CYCLOID is its own EVOLUTE. 


Cycloid Involute 


The INVOLUTE of the CYCLOID 


a(t) = a(t — sint) 
y(t) = a(l — cost) 


is given by 


z(t) = a(t + sint) 
y(t) = a(3 + cost). 
As can be seen in the above figure, the INVOLUTE is 


simply a shifted copy of the original CYCLOID, so the 
CYCLOID is its own INVOLUTE! 


388 Cycloid Radial Curve 


The RADIAL CURVE of the CYCLOID is the CIRCLE 


xz = Lo + 2a sin GQ 


y = —2a + yo + 2a cos 4. 


Cyclomatic Number 
see CIRCUIT RANK 


Cyclotomic Equation 
The equation 


where solutions ¢, = e27tk/P are the ROOTS OF UNITY 
sometimes called DE MOIVRE NUMBERS. Gauss showed 
that the cyclotomic equation can be reduced to solving a 
series of QUADRATIC EQUATIONS whenever p is a FER- 
MAT PRIME. Wantzel (1836) subsequently showed that 
this condition is not only SUFFICIENT, but also NECES- 
SARY. An “irreducible” cyclotomic equation is an ex- 
pression of the form 


a? — 1 


=P pe... 
a—1 


where p is PRIME. Its ROOTS z; satisfy |z;| = 1. 


see also CYCLOTOMIC POLYNOMIAL, DE MOIVRE NUM- 
BER, POLYGON, PRIMITIVE ROOT OF UNITY 
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Cyclotomic Factorization 


z? — y? = (z — y)(z — Cy) (z — CP y), 


where Ċ = e?™*/P (a DE MOIVRE NUMBER) and p is a 
PRIME. 


Cyclotomic Polynomial 


Cyclotomic Field 
The smallest field containing m € Z > 1 with a PRIME 
RooT OF UNITY is denoted Rm(Ç). 


P 


a? +y” =|] (e+ Cry). 


Specific cases are 
R; = Q(V-3) 
Ra = Q(v=1) 
Re = Q(V-3), 


where Q denotes a QUADRATIC FIELD. 


Cyclotomic Integer 
A number of the form 


do taig+...+ a, 


where 
¢ = ent lo 


is a DE MOIVRE NUMBER and p is a PRIME number. 
Unique factorizations of cyclotomic INTEGERS fail for 
p > 23. 


Cyclotomic Invariant 

Let p be an ODD PRIME and Fn the CYCLOTOMIC FIELD 
of p”**th ROOTS of unity over the rational FIELD. Now 
let p"(") be the POWER of p which divides the CLASS 
NUMBER hn of Fn. Then there exist INTEGERS Hp, Ap > 
0 and vp such that 


e(n) = ppp” + Apn + vp 


for all sufficiently large n. For REGULAR PRIMES, ip = 
Ap = iy = 0. 
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Cyclotomic Number 


see DE MOIVRE NUMBER, SYLVESTER CYCLOTOMIC 
NUMBER 


Cyclotomic Polynomial 
A polynomial given by 


a(x) = | [(r — &), (1) 


where (; are the primitive dth Roots oF UNITY in C 
given by ¢, = e271*/4, The numbers Ck are sometimes 
called DE MOIVRE NUMBERS. a(z) is an irreducible 


Cyclotomic Polynomial 


POLYNOMIAL in Z[x] with degree ¢(d), where $ is the 
TOTIENT FUNCTION. For d PRIME, 


$, = x, (2) 


i.e., the coefficients are all 1. Pos has coefficients of —2 
for x’ and x**, making it the first cyclotomic polynomial 
to have a coefficient other than +1 and 0. This is true 
because 105 is the first number to have three distinct 
ODD PRIME factors, i.e., 105 = 3-5-7 (McClellan and 
Rader 1979, Schroeder 1997). Migotti (1883) showed 
that COEFFICIENTS of Pp, for p and q distinct PRIMES 
can be only 0, +1. Lam and Leung (1996) considered 


pq-1 


Png = Y ar" (3) 


k=-0 


for p, q PRIME. Write the TOTIENT FUNCTION as 
(pa) = (p— 1)a — 1) = rp+ sq (4) 


and let 
0O<k< (p— 1)(q — 1), (5) 
then 
l. a, = 1 IFF k = ip + jq for some i € [0,r] and j € 
[0, s}, 
2. ax = —1 IFF k + pq = ip + jq fori E [r+1,q-1] 
and j € [s+ 1,p — 1], 
3. otherwise a, = 0. 


The number of terms having a, = 1 is (r+1)(s+1), and 
the number of terms having ax = —1 is (p — s — 1)(q — 
ry —1). Furthermore, assume q > p, then the middle 
COEFFICIENT of ®y, is (—1)”. 


The LOGARITHM of the cyclotomic polynomial 


&,(2) = | [1 - 


d|n 


q”/dyuta) (6) 


is the MÓBIUS INVERSION FORMULA (Vardi 1991, 
p. 225). 


The first few cyclotomic POLYNOMIALS are 


$i(24)=x2-1 
Pr(1)=1+1 
$3(z) = 27 +241 
@4(x)=27 +1 


(z) =a +a ta tet 
Pel) = 2? —x+1 
@(2)=ae°+ae° +r +r +r + 1 
g(a) =x +1 

Bola) =z? +z? +1 

iolz) = zf —-r’ + —a+1. 
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The smallest values of n for which ®, has one or more 
coefficients +1, +2, +3, ... are 0, 105, 385, 1365, 1785, 
2805, 3135, 6545, 6545, 10465, 10465, 10465, 10465, 
10465, 11305, ... (Sloane’s A013594). 


The POLYNOMIAL 2” — 1 can be factored as 
z” —1= | | 2a(2), (7) 


d|n 


where a(x) is a CYCLOTOMIC POLYNOMIAL. Further- 
more, 


gana _ Haen Sale) Palz 


Poralz). (8) 
TL, Žale) a(z =I 


The COEFFICIENTS of the inverse of the cyclotomic 
POLYNOMIAL 


1 
Fa =1-a2ro ro a ray 
OO 
= Sena” (9) 
n=0 


can also be computed from 


tn =1—2|4(n+2)| +|H(n+1)+|3n], (10) 


where |z] is the FLOOR FUNCTION. 


see also AURIFEUILLEAN FACTORIZATION, Mopsius IN- 
VERSION FORMULA 
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390 Cylinder 


Cylinder 


A cylinder is a solid of circular CROSS-SECTION in which 
the centers of the CIRCLES all lie on a single LINE. The 
cylinder was extensively studied by Archimedes in his 
2-volume work On the Sphere and Cylinder in ca. 225 
BC. 


A cylinder is called a right cylinder if it is “straight” 
in the sense that its cross-sections lie directly on top 
of each other; otherwise, the cylinder is called oblique. 
The surface of a cylinder of height h and RADIUS r can 
be described parametrically by 


£ = r cos ô (1) 
y =rsin (2) 
z= 2, (3) 


for z € [0,h] and @ € [0,27). These are the basis for 
CYLINDRICAL COORDINATES. The SURFACE AREA (of 
the sides) and VOLUME of the cylinder of height A and 
RADIUS r are 


S = 2rrh (4) 
V=anrh. | (5) 


Therefore, if top and bottom caps are added, the 
volume-to-surface area ratio for a cylindrical container 


V ar?2h 1/1 117) 

=p 5 5+ 7) >» 0 
S 2rrh + rr 2 

which is related to the HARMONIC MEAN of the radius 


r and height A. 


see also CONE, CYLINDER-SPHERE INTERSECTION, 
CYLINDRICAL SEGMENT, ELLIPTIC CYLINDER, GEN- 
ERALIZED CYLINDER, SPHERE, STEINMETZ SOLID, VI- 
VIANI’S CURVE 


is 
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Cylinder Cutting 
The maximum number of pieces into which a cylinder 
can be divided by n oblique cuts is given by 


f(n) = ey +n+1= (n+2)(n+3), 


Cylinder Function 


where (7) is a BINOMIAL COEFFICIENT. This problem is 
sometimes also called CAKE CUTTING or PIE CUTTING. 
For n = 1, 2,... cuts, the maximum number of pieces 
is 2, 4, 8, 15, 26, 42,... (Sloane’s A000125). 

see also CIRCLE CUTTING, HAM SANDWICH THEOREM, 
PANCAKE THEOREM, TORUS CUTTING 
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Cylinder-Cylinder Intersection 
see STEINMETZ SOLID 


Cylinder Function 
The cylinder function is defined as 


G4) 1 for 4/z?7+y% <a (1) 
a 0 for ,/x*+y? >a. 


The BESSEL FUNCTIONS are sometimes also called cyl- 
inder functions. To find the FOURIER TRANSFORM of 
the cylinder function, let 


kz = kcosa (2) 
ky = ksina (3) 
x = r cosh (4) 
y = rsin6. (5) 


Then 


27 a 
z / / eilk cos arcos@+ksinarsin Do dy dé 
0 0 


27 a 
= / J ¿ihr costó). dy do. (6) 
0 0 


Let b = 0 — a, so db = d0. Then 


27 a 
Fra) =f E er 0080 dy de 
—a 0 


27 a 
as / ¿Ercosó in de 
O 0 
a 


= an | Jo(kr)r dr, (7) 


where Jo is a zeroth order BESSEL FUNCTION OF THE 
FIRST KIND. Let u = kr, so du = kdr, then 


ka 
— Jo(u)ju du = 


an 

k? 

2ra aaa Jı(ka) (8) 
ka 


[uJ (u) Jo" 


F(k,a) 


I 
= 
— 
oo 
e 
| 
to 


Cylinder-Sphere Intersection 


As defined by Watson (1966), a “cylinder function” is 
any function which satisfies the RECURRENCE RELA- 
TIONS 


Carla) + Cole) = 0, (2) (9) 


Cual Chai (2) = 2€, (2): (10) 
This class of functions can be expressed in terms of BES- 
SEL FUNCTIONS. 


see also BESSEL FUNCTION OF THE FIRST KIND, CYLIN- 
DER FUNCTION, CYLINDRICAL FUNCTION, HEMISPHER- 
ICAL FUNCTION 
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Cylinder-Sphere Intersection 
see VIVIANI’S CURVE 


Cylindrical Coordinates 


Cylindrical coordinates are a generalization of 2-D Po- 
LAR COORDINATES to 3-D by superposing a height (z) 
axis. Unfortunately, there are a number of different no- 
tations used for the other two coordinates. Either r or 
p is used to refer to the radial coordinate and either q 
or 6 to the azimuthal coordinates. Arfken (1985), for 
instance, uses (p, $, z), while Beyer (1987) uses (r, O, z). 
In this work, the NOTATION (r, 6, z) is used. 


r= y2? +y? (1) 
0 = tan`? (2) (2) 
EA (3) 


where r € [0,00), 8 € [0,27), and z € (—00,00). In 
terms of x, y, and z 


x =rcosé (4) 
y = rsind (5) 
22: (6) 


Morse and Feshbach (1953) define the cylindrical coor- 
dinates by 


z= 182. (7) 
y= lr 1 — é? (8) 
pe. (9) 


Cylindrical Coordinates 391 


where €; = r and 2 = cos@. The METRIC elements of 
the cylindrical coordinates are 


grr = 1 (10) 
gos = r" (11) 
Qzz = l; (12) 
so the SCALE FACTORS are 
Gr =1 (13) 
go =T (14) 
gz = 1. (15) 
The LINE ELEMENT is 
ds = dr ĉ + r d0 Ê + dz ĉ, (16) 
and the VOLUME ELEMENT is 
dV = rdr dé dz. (17) 
The JACOBIAN is 
olz, y, z) 
AAA a 1 
alr) (e 
A CARTESIAN VECTOR is given in CYLINDRICAL COOR- 
DINATES by 
rcos@ 
r=|rsin@|. (19) 
a 
To find the UNIT VECTORS, 
dr cos @ 
f= = | sing (20) 
dr 0 
. dr — sin Y 
0 = GH =| cosó (21) 
| dô | 0 
dr 0 
2= H=|0|. (22) 
| dz | 1 


Derivatives of unit VECTORS with respect to the coor- 
dinates are 


Or 
a 0 (23) 
A — sin 0 
S= | ce |= (24) 
0 
Or 
57 =0 (25) 
30 
a, = 9 (26) 
a — cos 0 
a = aie =-? (27) 
0 
00 
57 =0 (28) 
OZ 
a = 0 (29) 
Oz 
oa 0 (30) 
2-4 (31) 
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The GRADIENT of a VECTOR FIELD in cylindrical coor- 
dinates is given by 


Veta +O a, + 4% E (32) 
so the GRADIENT components become 
V,r=0 (33) 
a 
V.zr=0 (35) 
VO =0 (36) 
Vô = -5i (37) 
V.0=0 (38) 
V,z=0 (39) 
Vaz = 0 (40) 
V,z=0. (41) 
Now, since the CONNECTION COEFFICIENTS are defined - 
by 
Dyn = Xi + (VrXy), (42) 
0 0-0 
r= |0 -2 0 (43) 
0 0 0 
0 > 0 
r°=]0 0 0 (44) 
0 0 0 
00 0 
r7=/0 0 O}. (45) 
0 0 0 
The COVARIANT DERIVATIVES, given by 
1 OA; i 
Aj;k = gkk An, Lp (46) 
are 
OA, i OA, 
rir — Dira; = 
die Or Or (47) 
104, i _ 1045 9 
AñO — a 38 Z Dro As Op: Dro Ae 
10A, Ag 
o G 
OA, i OA, 
a a => parii = 4 
Ari Oz i Oz (29) 
_ OA Wi _ OAs 
Agr = pp Vor As Sr (50) 
_ 1045 i _ 1045 A 
Ajo = =D Dog As - 06 yo Ar 
_ 104 A, 
~ r ð r (51) 
OAg i O Ag 
oe o T Ai — -o— 2 
As: Oz i Oz m 
OA OA 
zir == — De As = = 
As Or Or me) 
104, i _ 104, 
z;0 T a6 Ez za i r 08 (54) 
OA; 4 OA, 
ži = TAL: = ' 55 
Az Oz E Oz (55) 


Cylindrical Coordinates 


Cross PRODUCTS of the coordinate axes are 


f x ĉ= -ô (56) 
Ox2=ft (57) 
fx O=4. (58) 


The COMMUTATION COEFFICIENTS are given by 


But o — 
[f, 1] = [0,0] = (6, $] = 0, (60) 


SO Crp = Cog = Cog = 0, where a = r,0,6. Also 


(+, 0] = —(0,#] = VÊ — Vet = 0 — =ô = -=8, (61) 


so cfa = —ch, = soe = ES = 0. Finally, 
[£, p] = [6, $] = 0. (62) 
Summarizing, 
0 0 0 
c=|0 0 0 (63) 
0 0 0 
0 -2 0 
¿=|t 0 0 (64) 
0 0 0 
0 0 0 
c®={10 0 O|. (65) 
0 0 0 


Time DERIVATIVES of the VECTOR are 
cos07 — rsind 6 e 
i= sinó? +rcos00 | =+++r00+22 (66) 


Žž 


cos 0 rO + sin0F + cos rO — r sinb 62 + rcos00 


E — sin ð rÊ + cos F — sind #6 — rcos0 6? — r sin 0 6 
r = 
ž 


2cos0rÓ + sinð F — rsin@ 6? + rcos0 8 
Z 


ES od 


= (# — r6?)# + (276 +10)0 + 22. (67) 
SPEED is given by 
v = |t| = Vr? +776? +22. (68) 


Time derivatives of the unit VECTORS are 


— sin ĝ 8 i 
r= | cos66 | =60 (69) 
0 
A — cos 66 
0 = Ez =—ĝf (70) 
0 
0 
Ż = o =0. (71) 
0 


Cylindrical Coordinates 


Cross PRODUCTS of the axes are 


f x ĉ= -0 (72) 
Ôx2=f (73) 
fxĝÎ=2. (74) 


Di s (Z +ti Vita S +i Vi (75) 
To rewrite this, use the identity 

V(A-B) = Ax(VxB)+Bx(VxA)+(A-V)B+(B-V)A 
(76) 


and set A = B, to obtain 


V(A-A)=2Ax(VxXA)4+2(A-V)A, (77) 


so 
(A-V)A = V(4A°)— A x (V x A). (78) 
Then 
Dr . 1-2 . LY {x . . 1:2 
vn ¥+V(5r°)-rx(V xr) =5+(Vxr)xr4V (517). 
| (79) 
The CURL in the above expression gives 
Uxi= me A = 26%, (80) 


r Or 
SO 
—¢ x (V x t) = —20 (F x 2+r00 x 2) 
= —26(—-70 + r6#) = 2560 — 2r0*%f. (81) 


We expect the gradient term to vanish since SPEED does 
not depend on position. Check this using the identity 


V(F?) =2fVf, 


V(11%) =10( 41704 27) = iVi + rÂ (rÂ) + ¿V2. 


(82) 
Examining this term by term, 

VT = FSV = toi = rt = 760 (83) 
r6V(ré) = rô [Èvo + vr] = rÊ FÈ (29) + J 
7 ðt a dt \r 

=r [r (-510+ ~6) F ġe 
T 7 
= —6°0 + ró(—06) + 16? = —670 (84) 
ge 0 Os os =O 
2V2= ta Vz = 27% = th = 0, (85) 
so, as expected, 
V(1i%) = 0 (86) 
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We have already computed rf, so combining all three 
pieces glves 
nE = (+ — r? — 2rġ?°)è + (276 + 276 + rÖ)Ô + zê 
= (# — 3r? )f + (450 + rÖ)Ô + 22. (87) 
The DIVERGENCE is 
V- A= A =A + (T7,A +I A + 17,47) + A, 
+ (Tre A” +r A’ + T047) 
+ AZ + (TA A” +15 4 +T7,A*) 


: : 1 
= A’, + A% + A7, + (040-40) + (> +0+0) 


+(0+0+0) 
10 1 ð ə 10 1 
A AA AA a 
gr Or ge 00 gu OE pes 
ð 1 , 10 ə O 
S e SoL Ba G 
(+7) 0 + 554 + 3 , (88) 
or, in VECTOR notation 
10 19Fs OF. 
._F = -—(rF,)+-—? 89 
y o Ea Be (82) 
The CROSS PRODUCT is 
[1080F one) ES oe) é 
dae El e a)? 
110 OFr] a 
tilge- Sy] # (90) 
and the LAPLACIAN is 
10 ( Of 1 8f o'f 
AE 
f r Or "Or +2 Be? pz 
f 10f 10°f Of 
= — + -S +555 ta: 1 
Or? rðr r? 06? = Oz? (91) 
The vector LAPLACIAN is 
a Fur y OF uy övr _ 2.0% _ vr 
Sed de a = ae r2 
viv= | Sta Ses Se rare y g 
ot +o Sat + Gat + Foe 
(92) 


The HELMHOLTZ DIFFERENTIAL EQUATION is separable 
in cylindrical coordinates and has STACKEL DETERMI- 
NANT S = 1 (for r, 9, z) or S = 1/(1 — £2”) (for Morse 
and Feshbach’s £1, €2, &3). 


see also ELLIPTIC CYLINDRICAL COORDINATES, HELM- 
HOLTZ DIFFERENTIAL EQUATION—CIRCULAR CYLIN- 
DRICAL COORDINATES, POLAR COORDINATES, SPHER- 
ICAL COORDINATES 
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Fig. 10-13. One example of the "raw material” —a surplus computer board 
measuring 8-12"x14". ICs are not removed until a smaller piece is hacked 
out for a specific purpose. More than three dozen resistors, diodes, 
capacitors, and transistors were carefully taken out for future use. A board 
such as this would make an excellent “ mother board” for a project which 
is made up of several smaller modules. 


6. Selectable deflection angles 
7. Automatic or manual ball service 
8. Realistic sounds 
9. Shooting forwards in hockey game 
10. Visually defined playing area for the four ball games. 


Game Descriptions 

Tennis. The tennis game picture on the TV screen will be as 
shown in Fig. 10-15. There will be one bat or player per side, a 
playing field boundary and a center net. Scoring position is as 
illustrated. After reset is applied, the score is 0 to 0 and the ball 
will serve arbitrarily from one side toward the other. It is the 
opposing player’s objective to intersect the path of this ball and 
deflect it back toward his opponent. If no intersection occurs, a 
point will be automatically scored against the erring player and the 
ball will again be automatically served toward him again. Serve will 
not change until he scores a point and gains the advantage. A game 
concludes when one player’s score totals 15 points. 

The exact details of the game are a function of the optional 
speed, size, and angle selections. While the game is in progress, 


456 
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Cylindrical iii sacks dean 


The MAP PROJECTION having manalan equa- 
tions, 


z = (À — ào) cos ps (1) 
_ sing 
y= cos Qs (2) 


for the normal aspect, and inverse transformation equa- 
tions 


$ = sin” + (y cos ġa) (3) 
— cos Ps eae a 


An oblique form of the iadi Saad anes projection 
is given by the equations 


A — tan”! € $1 sin a cos Ai — sin $1 cos da cos = | 
gee ere do E eed ee ne ee 


sin @1 cos @2 sin Àz — cos $1 sin qa sin Ay 


(5) 

= cos(Ap — A1) 

=T Y o O 

and the inverse FORMULAS are 
¢ = sin” (ysin p + y 1 — y? cos pp sin 2) (7) 
E e o il dd 
4/1 — y? cosg 

(8) 


Cylindrical Function 


A transverse form of the cylindrical equal-area projec- 
tion is given by the equations 


x = cos ġsin(À — Ag) (9) 


| ihe. (10) 


y = tan” 
os(A — Ao) 


and the inverse FORMULAS are 
$ =sin"*[y1-— z? sin(y + do) (11) 

= 1 T 
AÀ = ào + tan en cos(y + e.) (12) 


References 

Snyder, J. P. Map Projections—A Working Manual. U. $. 
Geological Survey Professional Paper 1395. Washington, 
DC: U. S. Government Printing Office, pp. 76-85, 1987. 


cala ees Pro Jecton 


x = (À — ào) cos by (1) 
y=0, (2) 


and the inverse FORMULAS are 


$ =y (3) 
À = Ao + 


cos a 


References 

Snyder, J. P. Map Projections—A Working Manual. U. 5. 
Geological Survey Professional Paper 1395. Washington, 
DC: U. S. Government Printing Office, pp. 90-91, 1987. 


Cylindrical Function 


MEAO AOETANAG 
E Taa) 

oy) = Dn) = m Ya 
ES Yal) A da Yale) 


see also CYLINDER FUNCTION, HEMISPHERICAL FUNC- 
TION 


Cylindrical Harmonics 


Cylindrical Harmonics 
see BESSEL FUNCTION OF THE FIRST KIND 


Cylindrical Hoof 
see CYLINDRICAL WEDGE 


Cylindrical Projection 


see BEHRMANN CYLINDRICAL EQUAL-AREA PROJEC- 
TION, CYLINDRICAL EQUAL-AREA PROJECTION, CYL- 
INDRICAL EQUIDISTANT PROJECTION, GALL'S STEREO- 
GRAPHIC PROJECTION, MERCATOR PROJECTION, MIL- 
LER CYLINDRICAL PROJECTION, PETERS PROJECTION, 
PSEUDOCYLINDRICAL PROJECTION 


Cylindrical Segment 


A E, 


The solid portion of a CYLINDER below a cutting PLANE 
which is oriented PARALLEL to the CYLINDER's axis of 
symmetry. For a CYLINDER of RADIUS r and length 
L, the VOLUME of the cylindrical segment is given by 
multiplying the AREA of a circular SEGMENT of height 
h by L, 


V = Lr” cos”* 6 = 2) — (r — h)Ly2rh — h?. 


see also CYLINDRICAL WEDGE, SECTOR, SEGMENT, 
SPHERICAL SEGMENT 


Cylindrical Wedge 
(r, 0, h) 


(0, r, 0) 

(0, 0, 0) 

(0, —r, 0) 
The solid cut from a CYLINDER by a tilted PLANE pass- 
ing through a DIAMETER of the base. It is also called a 
CYLINDRICAL HOOF. Let the height of the wedge be h 
and the radius of the CYLINDER from which it is cut r. 
Then plugging the points (0, —r, 0), (0,7, 0), and (r, 0, A) 
into the 3-point equation for a PLANE gives the equation 


for the plane as 
hz —rz=0. (1) 


Combining with the equation of the CIRCLE which de- 
scribes the curved part remaining of the cylinder (and 
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writing t = x) then gives the parametric equations of 
the “tongue” of the wedge as 


=f (2) 
SE rt — t? (3) 
eat (4) 


for t € [0,r]. To examine the form of the tongue, it 
needs to be rotated into a convenient plane. This can 
be accomplished by first rotating the plane of the curve 
by 90° about the z-AXIS using the ROTATION MATRIX 
R,(90°) and then by the ANGLE 


0 = tan”? 6 (5) 


above the z-AXIS. The transformed plane now rests in 
the xz-plane and has parametric equations 


pom tyh? +1? (6) 


T 
E eas (7) 


and is shown below. 


The length of the tongue (measured down its middle) is 
obtained by plugging t = r into the above equation for 
x, which becomes 


L= yh +r? (8) 

(and which follows immediately from the PYTHAGO- 

REAN THEOREM). The VOLUME of the wedge is given 
by 

V = ĉr’h. (9) 


see also CONICAL WEDGE, CYLINDRICAL SEGMENT 


Cylindroid 
see PLUCKER’S CONOID 


d'Alembert's Equation 


d’Alembert’s Equation 
The ORDINARY DIFFERENTIAL EQUATION 


y = uf (y) + gly), 
where y' = dy/dx and f and g are given functions. 


d'Alembert Ratio Test 
see RATIO TEST 


d’Alembert’s Solution 
A method of solving the 1-D WAVE EQUATION. 


see also WAVE EQUATION 


d’Alembert’s Theorem 

If three CIRCLES A, B, and C are taken in pairs, the ex- 
ternal similarity points of the three pairs lie on a straight 
line. Similarly, the external similarity point of one pair 
and the two internal similarity points of the other two 
pairs lie upon a straight line, forming a similarity axis 
of the three CIRCLES. 

References | 

Dórrie, H. 100 Great Problems of Elementary Mathematics: 


Their History and Solutions. New York: Dover, p. 155, 
1965. 


d’Alembertian Operator 
Written in the NOTATION of PARTIAL DERIVATIVES, 


ig 
c? Of?’ 


namos 


where c is the speed of light. Writing in TENSOR nota- 
tion 


O° op 
2, — AK _ „ÀK oOo pA 
O Q = (g Dix) in = Y dx Ox" T 3xA s 


see also HARMONIC COORDINATES 


d- Analog 
The d-analog of INFINITY FACTORIAL is given by 


This INFINITE PRODUCT can be evaluated in closed form 
for small POSITIVE integral d > 2. 


see also q-ÁNALOG 
References 


Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/infprd/infprd.html. 
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D-Number 
A NATURAL NUMBER n > 3 such that 


ni(ar* — a) 


whenever (a,n) = 1 (a and n are RELATIVELY PRIME) 
and a < n. There are an infinite number of such 
numbers, the first few being 9, 15, 21, 33, 39, 51, ... 
(Sloane's A033553). 


see also KNODEL NUMBERS 


References 

Makowski, A. “Generalization of Morrow's D-Numbers.” Si- 
mon Stevin 36, 71, 1962/1963. 

Sloane, N. J. A. Sequence A033553 in “An On-Line Version 
of the Encyclopedia of Integer Sequences.” 


D-Statistic 
see KOLMOGOROV-SMIRNOV TEST 


D-Triangle 

Let the circles co and ch used in the construction of the 
BROCARD POINTS which are tangent to 4243 at Az and 
Az, respectively, meet again at Dı. The points Dı D2 D3 
then define the D-triangle. The VERTICES of the D- 
triangle lie on the respective APOLLONIUS CIRCLES. 


see also APOLLONIUS CIRCLES, BROCARD POINTS 
References 
Johnson, R. A. Modern Geometry: An Elementary Treatise 


on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 284-285, 296 and 307, 1929. 


Daisy 


A figure resembling a daisy or sunflower in which copies 
of a geometric figure of increasing size are placed at regu- 
lar intervals along a spiral. The resulting figure appears 
to have multiple spirals spreading out from the center. 


see also PHYLLOTAXIS, SPIRAL, SWIRL, WHIRL 
References 


Dixon, R. “On Drawing a Daisy.” §5.1 in Mathographics. 
New York: Dover, pp. 122-143, 1991. 
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Damped Exponential Cosine Integral 


f e“? cos(wt) dw. (1) 
0 
Integrate by parts with 


use? du = cos(wt) dw (2) 


du = —Te * dw r= - sin(wt), (3) 


so 
= cos(wt) dw 
I = T = 
= 7 ah sin(wt) + E Er sin(wt) dw. (4) 


Now integrate 


/ e“? sin(wt) dw (5) 
by parts. Let 
yv=e “7 dv = sin(wt) dw (6) 
du = —Te * du v =-- cos(wt), (7) 
SO 
-wt 1 T | -or 
e “ sin(wt) dw = a cos(wt) — PA cos(wt) dw 
(8) 
and 


pe cos(wt) dw = eu sin(wt) 


2 
za T 


= eet E si 5 £08(wt) (10) 


2 2 
cat few cos(wt) dw 


= G [tsin(wT) — T cos(wt) (11) 


—wT 
—wT e . 
Je cos(wt) dw = apt sin(wt) — T cos(wT)]. 


(12) 


Therefore, 


7 T T 
—wT 
| e cos(wt) dw = 0 + BLT? = page (13) 


see also COSINE INTEGRAL, FOURIER TRANSFORM— 
LORENTZIAN FUNCTION, LORENTZIAN FUNCTION 


Dandelin Spheres 


Dandelin Spheres 


The inner and outer SPHERES TANGENT internally to a 
CONE and also to a PLANE intersecting the CONE are 
called Dandelin spheres. 


The SPHERES can be used to show that the intersection 
of the PLANE with the CONE is an ELLIPSE. Let 7 be 
a PLANE intersecting a right circular CONE with vertex 
O in the curve E. Call the SPHERES TANGENT to the 
CONE and the PLANE Sı and S2, and the CIRCLES on 
which the CIRCLES are TANGENT to the CONE R, and 
Rə. Pick a line along the CONE which intersects Ri at 
Q, E at P, and Ra at T. Call the points on the PLANE 
where the CIRCLES are TANGENT Fi and Fz. Because 
intersecting tangents have the same length, 


FP=QP 
FP = TP. 
Therefore, 


PF, + PF = QP + PT =QT, 


which is a constant independent of P, so E is an ELLIPSE 
with a = QT /2. 
see also CONE, SPHERE 
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Danielson-Lanczos Lemma 


Danielson-Lanczos Lemma 

The DISCRETE FOURIER TRANSFORM of length N 
(where N is EVEN) can be rewritten as the sum of two 
DISCRETE FOURIER TRANSFORMS, each of length N/2. 
One is formed from the EVEN numbered points; the 
other from the ODD numbered points. Denote the kth 
point of the DISCRETE FOURIER TRANSFORM by Fan. 
Then 


k=0 
N/2-1 N/2-1 
ES PA Ea y A a 
k=0 k=0 


=F, + WaFn, 


where W =e"*"YN and n=0,..., N. This procedure 
can be applied recursively to break up the N/2 even 
and ODD points to their N/4 EVEN and ODD points. 
If N is a POWER of 2, this procedure breaks up the 
original transform into lg N transforms of length 1. Each 
transform of an individual point has F° = frk for 
some k. By reversing the patterns of evens and odds, 
then letting e = 0 and o = 1, the value of k in BINARY 
is produced. This is the basis for the FAST FOURIER 
TRANSFORM. 


see also DISCRETE FOURIER TRANSFORM, FAST FOUR- 
IER TRANSFORM, FOURIER TRANSFORM 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. Numerical Recipes in C: The Art of Scientific 
Computing. Cambridge, England: Cambridge University 
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Darboux Integral | 

A variant of the RIEMANN INTEGRAL defined when the 
UPPER and LOWER INTEGRALS, taken as limits of the 
LOWER SUM 


L($:9N) = Y m(f;8,) — o(ar-1) 


and UPPER SUM 


n 


U(f; gi N) = Y M(f; r) — b(2r-1), 


r=1l 


are equal. Here, f(x) is a REAL FUNCTION, (2) is 
a monotonic increasing function with respect to which 
the sum is taken, m(f; S) denotes the lower bound of 
f(x) over the interval S, and M(f; S) denotes the upper 
bound. 


see also LOWER INTEGRAL, LOWER SUM, RIEMANN IN- 
TEGRAL, UPPER INTEGRAL, UPPER SUM 


References 
Kestelman, H. Modern Theories of Integration, 2nd rev. ed. 
New York: Dover, p. 250, 1960. 
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Darboux-Stieltjes Integral 
see DARBOUX INTEGRAL 


Darboux Vector 

The rotation VECTOR of the TRIHEDRON of a curve with 
CURVATURE x Æ 0 when a point moves along a curve 
with unit SPEED. It is given by 


D=T+xB, (1) 


where 7 is the TORSION, T the TANGENT VECTOR, and 
B the BINORMAL VECTOR. The Darboux vector field 
satisfies 


T=DxT (2) 


N=DxN (3) 
B=DxB. (4) 


see also BINORMAL VECTOR, CURVATURE, TANGENT 
VECTOR, TORSION (DIFFERENTIAL GEOMETRY) 


References 
Gray, A. Modern Differential Geometry of Curves and Sur- 
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Darling’s Products 
A generalization of the HYPERGEOMETRIC FUNCTION 


identity 

¿Pila 072) efi a1 —6)2 = 4; 2) 

= 2Fi(at1—y7,68+1—-7;2—-432)2Fily—-a,y- 85932) 
(1) 

to the GENERALIZED HYPERGEOMETRIC FUNCTION 

3F2(a,b,c;d,e; 1). Darling’s products are 


3 Fa | 3 F> hale eas 


6, € 2-0,2-e 
e—1 a+1-—-6,8+1-6,y+1-—6;z 
= 342 
e—6 2—d,e+1-6 
00,0 = 070-452 
| dp ie | 
6-1 a+l—eB+1l—ey+1leéz 
| 2-€,0+1-€ | 
e—a,e— B,e-—Y¥32 
| Ae | (2) 
and 


—Ó—e A) PY, 2 
lene et ô sP | e 


ere | 


e—le+1-—6 
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which reduce to (1) when y = € > 00. 
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Dart 
see PENROSE TILES 


Darwin-de Sitter Spheroid 
A SURFACE OF REVOLUTION of the form 


r(ġ) = all — esin? ¢ — (2° + k) sin? (2¢)], 


where k is a second-order correction to the figure of a 
rotating fluid. 


see also OBLATE SPHEROID, PROLATE SPHEROID, 
SPHEROID 


References 
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Darwin’s Expansions 

Series expansions of the PARABOLIC CYLINDER FUNC- 
TION U(a,x) and W(a,x). The formulas can be found 
in Abramowitz and Stegun (1972). 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
pp. 689-690 and 694-695, 1972. 


Data Structure 
A formal structure for the organization of information. 
Examples of data structures include the LIST, QUEUE, 
STACK, and TREE. 


Database 
A database can be roughly defined as a structure con- 
sisting of 


1. A collection of information (the data), 
2. A collection of queries that can be submitted, and 


3. A collection of algorithms by which the structure 
responds to queries, searches the data, and returns 
the results. 


References 
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Dawson's Integral 


Daubechies Wavelet Filter 

A WAVELET used for filtering signals. Daubechies (1988, 
p. 980) has tabulated the numerical values up to order 
p=10. 
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Davenport-Schinzel Sequence 

Form a sequence from an ALPHABET of letters [1, n] such 
that there are no consecutive letters and no alternating 
subsequences of length greater than d. ‘Then the se- 
quence is a Davenport-Schinzel sequence if it has max- 
imal length Na(n). The value of Ni(n) is the trivial 
sequence of 1s: 1,1, 1, ... (Sloane’s A000012). The val- 
ues of No(n) are the POSITIVE INTEGERS 1, 2, 3, 4, ... 
(Sloane’s A000027). The values of N3(n) are the ODD | 
INTEGERS 1, 3, 5, 7, ... (Sloane’s A005408). The first 
nontrivial Davenport-Schinzel sequence N4(n) is given 
by 1, 4, 8, 12, 17, 22, 27, 32, ... (Sloane’s A002004). 
Additional sequences are given by Guy (1994, p. 221) 
and Sloane. 
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Dawson's Integral 


An INTEGRAL which arises in computation of the Voigt 
lineshape: 


Diayse™ | eS dy. (1) 
0 


Day of Week 
It is sometimes generalized such that 
= eee : +y? , 
Dt (x) =E € dy, (2) 
0 

giving 
Dali) = lyne” erfi(x) (3) 
D-(2)= tyre” erfla), (4) 


where erf(z) is the ERF function and erfi(z) is the imag- 
inary error function ERFI. Dy(x) is illustrated in the 
left figure above, and D_(z) in the right figure. D, has 
a maximum at D! (2) = 0, or 


1— yne” 2? erfi(x) = 0, (5) 

giving 

D+(0.9241388730) = 0.5410442246, (6) 
and an inflection at DY (x) = 0, or 

—2x + Vie” (227 — 1)erfi(x) = 0, (7) 
giving 

D+(1.5019752683) = 0.4276866160. (8) 
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Day of Week 
see FRIDAY THE THIRTEENTH, WEEKDAY 


de Bruijn Constant 


Also called the COPSON-DE BRUIJN CONSTANT. It is 
defined by 


— 2 + anti? + Anya? + 
a An+1 an+? TE 
DCE A a A 
n 


n=1 n=l 
where 
c = 1.0164957714.... 
References 


Copson, E. T. “Note on Series of Positive Terms.” J. London 
Math. Soc. 2, 9—12, 1927. 

Copson, E. T. “Note on Series of Positive Terms.” J. London 
Math. Soc. 3, 49-51, 1928. 

de Bruijn, N. G. Asymptotic Methods in Analysis. New York: 
Dover, 1981. 

Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/copson/copson.html. 


de Bruijn-Newman Constant 401 


de Bruijn Diagram 
see DE BRUIJN GRAPH 


de Bruijn Graph 
A graph whose nodes are sequences of symbols from 
some ALPHABET and whose edges indicate the sequences 
which might overlap. 
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de Bruijn-Newman Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let = be the XI FUNCTION defined by 


1 
E(iz) = 3(2” ep aG er 0) 
=(2/2)/8 can be viewed as the FOURIER TRANSFORM of 
the signal 


(t) = S (an? nte” — gan eje nte (2) 


n=1 


forte R 2 0. Then denote the FOURIER TRANSFORM 
of &(t)e** as H(A, z), 


F[B(t)e*” ] = H(A, 2). (3) 


de Bruijn (1950) proved that H has only REAL zeros 
for A> 1/2. C. M. Newman (1976) proved that there 
exists a constant Á such that H has only REAL zeros 
IFF A > A. The best current lower bound (Csordas et 
al. 1993, 1994) is A > —5.895 x 107°. The RIEMANN 
HYPOTHESIS is equivalent to the conjecture that A < 0. 
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de Bruijn Sequence 

The shortest sequence such that every string of length 
n on the ALPHABET a occurs as a contiguous subrange 
of the sequence described by a. Every de Bruijn se- 
quence corresponds to an EULERIAN CYCLE on a “DE 
BRUIJN GRAPH.” Surprisingly, it turns out that the 
lexicographic sequence of LYNDON WORDS of lengths 
DIVISIBLE by n gives the lexicographically smallest de 
Bruijn sequence (Ruskey). 
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de Bruijn’s Theorem 

A box can be packed with a HARMONIC BRICK a x ab x 
abc IFF the box has dimensions ap x abq x abcr for some 
natural numbers p, q, r (i.e., the box is a multiple of the 
brick). 

see also BOX-PACKING THEOREM, CONWAY PUZZLE, 
DE BRUIJN’S THEOREM, KLARNER’S THEOREM 
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de Jonquières Theorem 

The total number of groups of a gy consisting in a point 
of multiplicity kı, one of multiplicity ke, ..., one of mul- 
tiplicity kp, where 


Ski = N (1) 
do - YD =r, (2) 


and where a; points have one multiplicity, a2 another, 
etc., and i 
E A A A (3) 
is 
IIp(p — 1)--: (p— p) 
alaz! 
au Y 91 
nm. D Bk; ij Ok, Ok; 
p-p p-p+1  p-p+2 
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de Jonquiéres Transformation 
A transformation which is of the same type as its inverse. 
A de Jonquiéres transformation is always factorable. 
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de Moivre's Identity 


de la Loubere’s Method 
A method for constructing MAGIC SQUARES of ODD or- 
der, also called the SIAMESE METHOD. 


see also MAGIC SQUARE 


de Longchamps Point 

The reflection of the ORTHOCENTER about the CIRCUM- 
CENTER. This point is also the ORTHOCENTER of the 
ANTICOMPLEMENTARY TRIANGLE. It has TRIANGLE 
CENTER FUNCTION 


a = cos A — cos B cos C. 


It lies on the EULER LINE. 
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de Mere's Problem 


The probability of getting at least one “6” in four rolls 
of a single 6-sided DIE is 


1- (8) =0.518..., (1) 


which is slightly higher than the probability of at least 
one double 6 in 24 throws, 


1 — (38) = 0.491... | (2) 


de Mere suspected that (1) was higher than (2). He 
posed the question to Pascal, who solved the problem 
and proved de Mere correct. 


see also DICE 
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de Moivre’s Identity 
¿m0 = (e n (1) 
From the EULER FORMULA it follows that 
cos(n@) + ¿sin(n6) = (cos 8 + isin 6)”. (2) 


A similar identity holds for the HYPERBOLIC FUNC- 
TIONS, 


(cosh z + sinh 2)” = cosh(nz) + sinh(nz). (3) 
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de Moivre Number 


de Moivre Number 
A solution ¢;, = e27**/4 to the CYCLOTOMIC EQUATION 


q = 1. 


The de Moivre numbers give the coordinates in the 
COMPLEX PLANE of the VERTICES of a regular POLY- 
GON with d sides and unit RADIUS. 


n de Moivre Numbers 


2 +1 
3 1, 4(-14iV3) 

4 l,i 

5 1 (ar vex (+ 51/5365) 


145 iis v5-v5 ; 
4 3/2 
6 +1,+4(+1+iv3) 


see also CYCLOTOMIC EQUATION, CYCLOTOMIC POLY- 
NOMIAL, EUCLIDEAN NUMBER 
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de Moivre-Laplace Theorem 

The sum of those terms of the BINOMIAL SERIES of (p+ 
q)? for which the number of successes x falls between dı 
and dz is approximately 


OE T e~t /? dt (1) 
Vandi, 
where 
1 
= ara (2) 
t2 = es (3) 
o = J/spq. (4) 


Uspensky (1937) has shown that 


ta | t 

1 —t? /2 q— P | 2, 1 dai] 2 
weca e bei 

Q / 27 J. 6c ( ) zz ti 


+0, (5) 
ve 0.12 + 0.18 
12 + 0.18|p — ue 
Ae oe g (6) 
o 
for a > 5. 


A COROLLARY states that the probability that x suc- 
cesses in s trials will differ from the expected value sp 
by more than d is 


prima gas (7) 
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where 
dis 
a 


Uspensky (1937) showed that 


Qs, = P(la — sp| < d) 


ó = 


64 
1-6,-0 
= 2 | p(t) dt + — HA) +, (9) 
0 
where 
i= 6 (10) 
01 = (sq + d) — [sq + d] (11) 
02 = (sp + d) — |sp + d] (12) 
DEN 0.20 + 0.25 
<A + E lp — ql 4 e7302, (13) 
for o > 5. 
References 
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de Moivre’s Quintic 
rar + ta’2+b=0. 
see also QUINTIC EQUATION 


de Morgan’s and Bertrand’s Test 
see BERTRAND’S TEST 


de Morgan’s Duality Law 

For every proposition involving logical addition and mul- 
tiplication (“or” and “and”), there is a corresponding 
proposition in which the words “addition” and “multi- 
plication” are interchanged. 


de Morgan’s Laws 
Let U represent “or”, N represent “and”, and’ represent 
“not.” Then, for two logical units E and F, 


(EUF) = E'N F 
(ENF) =E'UF’. 


de Polignac’s Conjecture 

Every EVEN NUMBER is the difference of two consec- 
utive PRIMES in infinitely many ways. If true, taking 
the difference 2, this conjecture implies that there are 
infinitely many TWIN PRIMES (Ball and Coxeter 1987). 
The CONJECTURE has never been proven true or refuted. 


see also EVEN NUMBER, TWIN PRIMES 
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de Rham Cohomology 

de Rham cohomology is a formal set-up for the analytic 
problem: If you have a DIFFERENTIAL k-FORM w on a 
MANIFOLD M, is it the EXTERIOR DERIVATIVE of an- 
other DIFFERENTIAL k-FORM w'? Formally, if w = dw’ 
then dw = 0. This is more commonly stated as dod = 0, 
meaning that if w is to be the EXTERIOR DERIVATIVE of 
a DIFFERENTIAL k-FORM, a NECESSARY condition that 
w must satisfy is that its EXTERIOR DERIVATIVE is zero. 


de Rham cohomology gives a formalism that aims to 
answer the question, “Are all differential k-forms on a 
MANIFOLD with zero EXTERIOR DERIVATIVE the EX- 
TERIOR DERIVATIVES of (k + 1)-forms?” In particular, 
the kth de Rham cohomology vector space is defined to 
be the space of all k-forms with EXTERIOR DERIVATIVE 
0, modulo the space of all boundaries of (k + 1)-forms. 
This is the trivial VECTOR SPACE IFF the answer to our 
question is yes. 


The fundamental result about de Rham cohomology 
is that it is a topological invariant of the MANIFOLD, 
namely: the kth de Rham cohomology VECTOR SPACE 
of a MANIFOLD M is canonically isomorphic to the 
ALEXANDER-SPANIER COHOMOLOGY VECTOR SPACE 
H*(M;R) (also called cohomology with compact sup- 
port). In the case that M is compact, ALEXANDER- 
SPANIER COHOMOLOGY is exactly singular cohomology. 


see also ALEXANDER-SPANIER COHOMOLOGY, CHANGE 
OF VARIABLES THEOREM, DIFFERENTIAL k-FORM, EX- 
TERIOR DERIVATIVE, VECTOR SPACE 


de Sluze Conchoid 
see CONCHOID OF DE SLUZE 


de Sluze Pearls 
see PEARLS OF SLUZE 


Debye’s Asymptotic Representation 
An asymptotic expansion for a HANKEL FUNCTION OF 
THE FIRST KIND 


HY (2) ~ P apioa lasna] 


in fA 3m1/4 
e 1 5 2 3e 
x Xx ul Fortan 0) S37 
Js. e%Ti/4 
385 ia 
+(3 T st n” +35 ta a) 92 X5 a YE 
where 
—=sina 
lee a Syl? 
and 
X = ,/—-acos($a) 


Decagon 


see also HANKEL FUNCTION OF THE FIRST KIND 
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Debye Functions 


z t” dt Sh 1 g = Bora" 
o e=1o n e (2k + n)(2k!) |” 


- (1) 


where |x| < 27 and Bn are BERNOULLI NUMBERS. 


—— ON eee ) (2) 


where x > 0. The sum of these two integrals is 


A aa = ni¢(n + 1), (3) 


where ((z) is the RIEMANN ZETA FUNCTION. 
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Decagon 


The constructible regular 10-sided POLYGON with 
SCHLAFLI SYMBOL {10}. The INRADIUS r, CIRCUM- 
RADIUS R, and AREA can be computed directly from 
the formulas for a general regular POLYGON with side 
length s and n = 10 sides, 


r= lscot (=) 1/95 — 10V5s (1) 
R= }scse (T) = 3(1 + V5)s = ds (2) 
= 5V5 +2v53. (3) 


Here, @ is the GOLDEN MEAN. 


a ee T 
A= ans cot (=) 


see also DECAGRAM, DODECAGON, TRIGONOMETRY 
VALUES—71/10, UNDECAGON 
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Fig. 10-14. Unused holes which remain after etching a board clean may be 
used to anchor leads and other components. On this 2-144"x3-Y" scrap of 
board, a strip of foil was allowed to remain as a ground bus. Etchant crept 


una the resist, leaving a ragged edge, but enough foil was left to be 
useful. 


Decagonal Number 


Decagonal Number 


A FIGURATE NUMBER of the form 4n* — 3n. The first 
few are 1, 10, 27, 52, 85, ... (Sloane's A001107). The 
GENERATING FUNCTION giving the decagonal numbers 


a(7x + 1) 


Aa = x + 10% + 277° +522*+.... 
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Decagram 


ES: 
V5-2 


4(7-3N5) 


The STAR POLYGON aed k 


see also DECAGON, STAR POLYGON 


Decic Surface 

A SURFACE which can be represented implicitly by a 
POLYNOMIAL of degree 10 in z, y, and z. An example 
is the BARTH DECIC. 


see also BARTH DECIC, CUBIC SURFACE, QUADRATIC 
SURFACE, QUARTIC SURFACE 


Decidable 

A “theory” in LOGIC is decidable if there is an ALGO- 
RITHM that will decide on input ¢ whether or not ¢ is a 
SENTENCE true of the FIELD of REAL NUMBERS R. 


see also CHURCH’S THESIS, GODEL’S COMPLETE- 
NESS THEOREM, GODEL’S INCOMPLETENESS THEOREM, 
KREISEL CONJECTURE, TARSKI'S THEOREM, UNDECID- 
ABLE, UNIVERSAL STATEMENT 
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Decimal Expansion 405 


Decillion 
In the American system, 10°°. 


see also LARGE NUMBER 


Decimal 
The base 10 notational system for representing REAL 
NUMBERS. 


see also 10, BASE (NUMBER), BINARY, HEXADECIMAL, 
OCTAL 
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Decimal Expansion 

The decimal expansion of a number is its representation 
in base 10. For example, the decimal expansion of 25° 
is 625, of m is 3.14159..., and of 1/9 is 0.1111.... 


If r = p/q has a finite decimal expansion, then 


ps = + ae +... + ac 
10 10? 107 
_ a110%7* +a210"7*+...+4n 
E 10” 
aito ttal m i an 
O (1) 


FACTORING possible common multiples gives 


=e 2 
where p # 0 (mod 2, 5). Therefore, the numbers with 
finite decimal expansions are fractions of this form. The 
number of decimals is given by max(a, 8). Numbers 
which have a finite decimal expansion are called REGU- 
LAR NUMBERS. 


Any NONREGULAR fraction m/n is periodic, and has a 
period A(n) independent of m, which is at most n — 1 
DIGITS long. If n is RELATIVELY PRIME to 10, then the 
period of m/n is a divisor of p(n) and has at most ¢(n) 
DIGITS, where ¢ is the TOTIENT FUNCTION. When a 
rational number m/n with (m,n) = 1 is expanded, the 
period begins after s terms and has length t, where s 
and t are the smallest numbers satisfying 


10% = 10°T* (mod n). (3) 


When n % 0 (mod 2, 5), s = 0, and this becomes a 
purely periodic decimal with 


10° = 1 (mod n). (4) 
As an example, consider n = 84. 


10? =16 10°=-8 
10° =-20 10’ =-32, 


10* =10 
10% = 40 


10° =1 
10% = 4 
10° = 16 
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so s = 2, t = 6. The decimal representation is 1/84 = 
0.01190476. When the DENOMINATOR of a fraction m/n 
has the form n = no2%5° with (no,10) = 1, then the 
period begins after max(a, 3) terms and the length of 
the period is the exponent to which 10 belongs (mod no), 
i.e., the number x such that 10° = 1 (mod no). If q is 
PRIME and A(q) is EVEN, then breaking the repeating 
DIGITS into two equal halves and adding gives all 9s. 
For example, 1/7 = 0.142857, and 142 + 857 = 999. 
For 1/q with a PRIME DENOMINATOR other than 2 or 5, 
all cycles n/q have the same length (Conway and Guy 
1996). 


If n is a PRIME and 10 is a PRIMITIVE ROOT of n, then 
the period A(n) of the repeating decimal 1/n is given by 


(5) 


where ¢(n) is the TOTIENT FUNCTION. Furthermore, 
the decimal expansions for p/n, with p = 1, 2,...,n—-1 
have periods of length n — 1 and differ only by a cyclic 
permutation. Such numbers are called LONG PRIMES 
by Conway and Guy (1996). An equivalent definition is 
that 

(6) 


for i = n — 1 and noi less than this. In other words, a 
NECESSARY (but not SUFFICIENT) condition is that the 
number 9R,-1 (where Rn is a REPUNIT) is DIVISIBLE 
by n, which means that R, is DIVISIBLE by n. 


10° =1 (mod n) 


The first few numbers with maximal decimal expansions, 
called FULL REPTEND PRIMES, are 7, 17, 19, 23, 29, 
47, 59, 61, 97, 109, 113, 131, 149, 167, ... (Sloane’s 
A001913). The decimals corresponding to these are 
called CYCLIC NUMBERS. No general method is known 
for finding FULL REPTEND PRIMES. Artin conjectured 
that ARTIN’S CONSTANT C = 0.3739558136... is the 
fraction of PRIMES p for with 1/p has decimal maximal 
period (Conway and Guy 1996). D. Lehmer has gen- 
eralized this conjecture to other bases, obtaining values 
which are small rational multiples of C. 


To find DENOMINATORS with short periods, note that 


10° — 1 = 3° 

10? Shia E | 
A nes ere 

10% — 1 = 3? . 11 - 101 

10° =1=3%:41:971 

10° -1=3%.7.11-13-37 

10’ — 1 = 3° . 239 - 4649 

108 — 1 = 3? - 11 - 73- 101- 137 
10% — 1 = 3f . 37 - 333667 

101° — 1 = 3° ; 11 - 41 - 271-9091 
101 — 1 = 3? . 21649 - 513239 
10? — 1 = 3°. 7 - 11 - 13 - 37 - 101 - 9901. 


Vr 
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The period of a fraction with DENOMINATOR equal to a 
PRIME FACTOR above is therefore the POWER of 10 in 
which the factor first appears. For example, 37 appears 
in the factorization of 10% — 1 and 10° — 1, so its period 
is 3. Multiplication of any FACTOR by a 275° still gives 
the same period as the FACTOR alone. A DENOMINA- 
TOR obtained by a multiplication of two FACTORS has 
a period equal to the first POWER of 10 in which both 
FACTORS appear. The following table gives the PRIMES 
having small periods (Sloane’s A046106, A046107, and 
A046108; Ogilvy and Anderson 1988). 


3 

11 

37 

101 

41, 271 

7,13 

239, 4649 

73, 137 

333667 

9091 

21649, 513239 

9901 

53, 79, 265371653 
909091 

31, 2906161 

17, 5882353 
2071723, 5363222357 
19, 52579 
1111111111111111111 
3541, 27961 


A table of the periods e of small PRIMES other than the 
special p = 5, for which the decimal expansion is not 
periodic, follows (Sloane’s A002371). 


Shanks (1873ab) computed the periods for all PRIMES 


Y up to 120,000 and published those up to 29,989. 


© 


see also FRACTION, MIDY’S THEOREM, REPEATING 
DECIMAL 
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Decimal Period 
see DECIMAL EXPANSION 


Decision Problem 

Does there exist an ALGORITHM for deciding whether 
or not a specific mathematical assertion does or does 
not have a proof? The decision problem is also known 
as the ENTSCHEIDUNGSPROBLEM (which, not so coinci- 
dentally, is German for “decision problem”). Using the 
concept of the TURING MACHINE, Turing showed the an- 
swer to be NEGATIVE for elementary NUMBER THEORY. 
J. Robinson and Tarski showed the decision problem is 
undecidable for arbitrary FIELDS. 


Decision Theory 
A branch of GAME THEORY dealing with strategies to 
maximize the outcome of a given process in the face of 
uncertain conditions. 


see also NEWCOMB’S PARADOX, OPERATIONS RE- 
SEARCH, PRISONER’S DILEMMA 


Decomposition 

A rewriting of a given quantity (e.g., a MATRIX) in terms 
of a combination of “simpler” quantities. 

see also CHOLESKY DECOMPOSITION, CONNECTED SUM 
DECOMPOSITION, JACO-SHALEN-JOHANNSON TORUS 
DECOMPOSITION, LU DECOMPOSITION, QR DECOM- 
POSITION, SINGULAR VALUE DECOMPOSITION 


Deconvolution 
The inversion of a CONVOLUTION equation, i.e., the so- 
lution for f of an equation of the form 


f*g=h+e, 
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given g and h, where e is the NOISE and * denotes the 
CONVOLUTION. Deconvolution is ill-posed and will usu- 
ally not have a unique solution even in the absence of 
NOISE. 


Linear deconvolution ALGORITHMS include INVERSE 
FILTERING and WIENER FILTERING. Nonlinear ALGO- 
RITHMS include the CLEAN ALGORITHM, MAXIMUM 
ENTROPY METHOD, and LUCY. 


see also CLEAN ALGORITHM, CONVOLUTION, LUCY, 
MAXIMUM ENTROPY METHOD, WIENER FILTER 
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Decreasing Function 

A function f(x) decreases on an INTERVAL I if f(b) < 
f(a) for all b > a, where a,b € I. Conversely, a function 
f(z) increases on an INTERVAL I if f(b) > f(a) for all 
b> a with a,be I. 


If the DERIVATIVE f'(x) of a CONTINUOUS FUNCTION 
f(x) satisfies f'(x} < 0 on an OPEN INTERVAL (a,b), 
then f(x) is decreasing on (a,b). However, a furction 
may decrease on an interval without having a derivative 
defined at all points. For example, the function —«*/% 
is decreasing everywhere, including the origin x = 0, 
despite the fact that the DERIVATIVE is not defined at 
that point. 


see also DERIVATIVE, INCREASING FUNCTION, NONDE- 
CREASING FUNCTION, NONINCREASING FUNCTION 


Decreasing Sequence 
A SEQUENCE {a1,42,..-} for which a; > az >.... 


see also INCREASING SEQUENCE 


Decreasing Series 
A SERIES $1, $2,... for which sı > s2 >... 


Dedekind’s Axiom 
For every partition of all the points on a line into two 
nonempty SETS such that no point of either lies between 
two points of the other, there is a point of one SET which 
lies between every other point of that SET and every 
point of the other SET. 
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Dedekind Cut 

A set partition of the RATIONAL NUMBERS into two 
nonempty subsets Sı and Sz such that all members of 
Sı are less than those of S2 and such that Sı has no 
greatest member. REAL NUMBERS can be defined using 
either Dedekind cuts or CAUCHY SEQUENCES. 


see also CANTOR-DEDEKIND AXIOM, CAUCHY SE- 
QUENCE 
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Dedekind Eta Function 


Re[DedekindEta z] Im[DedekindEta z] 


|DedekindEta z| 


then the Dedekind eta function is defined by 


oo 


n(z) =04P | [a-=4", (2) 


mol 


which can be written as 


00 
n(z) = a 1+ Y (1) [rere de qa 


n=l 
(3) 
(Weber 1902, pp. 85 and 112; Atkin and Morain 1993). 


n is a MODULAR FORM. Letting (24 = 277/74 be a 
ROOT OF UNITY, n(z) satisfies 
mlz + 1) = Gantz) (4) 
1 
n(-=) =—vzin(2) (5) 


(Weber 1902, p. 113; Atkin and Morain 1993). 


see also DIRICHLET ETA FUNCTION, THETA FUNCTION, 
WEBER FUNCTIONS 
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Dedekind Sum 


Dedekind Function 


I] (+05, 


distinct prime 
factors p of n 


Y(n) =n 


where the PRODUCT is over the distinct PRIME FACTORS 
of n. The first few values are 1, 3, 4, 6, 6, 12, 8, 12, 12, 
18, ... (Sloane’s A001615). 


see also DEDEKIND ETA FUNCTION, EULER PRODUCT, 
TOTIENT FUNCTION 
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Dedekind’s Problem 

The determination of the number of monotone 
BOOLEAN FUNCTIONS of n variables is called Dedekind’s 
problem. | 


Dedekind Ring 
A abstract commutative RING in which every NONZERO 
IDEAL is a unique product of PRIME IDEALS. 


Dedekind Sum 
Given RELATIVELY PRIME INTEGERS p and q, the 
Dedekind sum is defined by 


where 
rEZ (2) 


E F: ~- 


Dedekind sums obey 2-term 
E E eee ae AES 
s(p, q) + s(9,P) = -3t 7 (: P ) » (3) 


and 3-term 


I t ! — 1t =E 2: =) 
s(bc',a)+s(ca',b)+s(ab',c) = -3+ (+ — + a) 


reciprocity laws, where a, b, c are pairwise COPRIME and 


aa’ =1 (mod b) (5) 
bb’ = 1 (mod c) (6) 
cc =1 (mod a). (7) 


Deducible 


Let p, q, u, v € N with (p,q) = (u,v) = 1 (i.e., are 
pairwise RELATIVELY PRIME), then the Dedekind sums 
also satisfy 


s(p, q) + s(u,v) = s(pu' — qu', pu + qu) — 1 


where t = pu + qu, and wu’, v' are any INTEGERS such 
that uu’ + vv' = 1 (Pommersheim 1993). 
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Deducible 
If q is logically deducible from p, this is written p F q. 


Deep Theorem 

Qualitatively, a deep theorem is a theorem whose proof 
is long, complicated, difficult, or appears to involve 
branches of mathematics which are not obviously related 
to the theorem itself (Shanks 1993). Shanks (1993) cites 
the QUADRATIC RECIPROCITY THEOREM as an example 
of a deep theorem. 


see also THEOREM 
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Defective Matrix 
A MATRIX whose EIGENVECTORS are not COMPLETE. 


Defective Number 
see DEFICIENT NUMBER 


Deficiency 
The deficiency of a BINOMIAL COEFFICIENT ("7") with 
k < n as the number of 2 for which b; = 1, where 


n +i = aibi, 


1 <i < k, the PRIME factors of b; are > k, and [| a: = 
k!, where kl is the FACTORIAL. 


see also ABUNDANCE 
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Deficient Number 
Numbers which are not PERFECT and for which 


s(N)=oa(N)-N<N, 


or equivalently 
a(n) < 2n, 


where o(N) is the DIVISOR FUNCTION. Deficient num- 
bers are sometimes called DEFECTIVE NUMBERS (Singh 
1997). PRIMES, POWERS of PRIMES, and any divisors 
of a PERFECT or deficient number are all deficient. The 
first few deficient numbers are 1, 2, 3, 4, 5, 7, 8, 9, 10, 11, 
13, 14, 15, 16, 17, 19, 21, 22, 23, ... (Sloane’s A002855). 
see also ABUNDANT NUMBER, LEAST DEFICIENT NUM- 
BER, PERFECT NUMBER 
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Definable Set 
An ANALYTIC, BOREL, or COANALYTIC SET. 


Defined 

If A and B are equal by definition (i.e., A is defined 
as B), then this is written symbolically as A = B or 
A = B. 


Definite Integral 
An INTEGRAL 


J Ee 


with upper and lower limits. The first FUNDAMENTAL 
THEOREM OF CALCULUS allows definite integrals to be 
computed in terms of INDEFINITE INTEGRALS, since if 
F is the INDEFINITE INTEGRAL for f(x), then 


| Í f(x) de = F(b) — F(a). 


see also CALCULUS, FUNDAMENTAL THEOREMS OF 
CALCULUS, INDEFINITE INTEGRAL, INTEGRAL 
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Degenerate 

A limiting case in which a class of object changes its na- 
ture so as to belong to another, usually simpler, class. 
For example, the POINT is a degenerate case of the CIR- 
CLE as the RADIUS approaches 0, and the CIRCLE is 
a degenerate form of an ELLIPSE as the ECCENTRIC- 
ITY approaches 0. Another example is the two identical 
Roots of the second-order POLYNOMIAL (2—1)*. Since 
the n ROOTS of an nth degree POLYNOMIAL are usually 
distinct, ROOTS which coincide are said to be degener- 
ate. Degenerate cases often require special treatment in 
numerical and analytical solutions. For example, a sim- 
ple search for both ROOTS of the above equation would 
find only a single one: 1 


The word degenerate also has several very specific and 
technical meanings in different branches of mathematics. 
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Degree 

The word “degree” has many meanings in mathematics. 
The most common meaning is the unit of ÁNGLE mea- 
sure defined such that an entire rotation is 360”. This 
unit harks back to the Babylonians, who used a base 60 
number system. 360° likely arises from the Babylonian 
year, which was composed of 360 days (12 months of 30 
days each). The degree is subdivided into 60 MINUTES 
per degree, and 60 SECONDS per MINUTE. 


see also ARC MINUTE, ARC SECOND, DEGREE OF 
FREEDOM, DEGREE (MAP), DEGREE (POLYNOMIAL), 
DEGREE (VERTEX), INDEGREE, LOCAL DEGREE, OUT- 
DEGREE 


Degree (Algebraic Surface) 
see ORDER (ALGEBRAIC SURFACE) 


Degree of Freedom 

The number of degrees of freedom in a problem, distri- 
bution, etc., is the number of parameters which may be 
independently varied. 


see also LIKELIHOOD RATIO 


Degree (Map) 

Let f: M ++ N be a MAP between two compact, 
connected, oriented n-D MANIFOLDS without boundary. 
Then f induces a HOMEOMORPHISM f, from the Ho- 
MOLOGY GROUPS Hn(M) to H,(N), both canonically 
isomorphic to the INTEGERS, and so f, can be thought 
of as a HOMEOMORPHISM of the INTEGERS. The INTE- 
GER d(f) to which the number 1 gets sent is called the 
degree of the MAP f. 


There is an easy way to compute d(f) if the MANIFOLDS 
involved are smooth. Let z € N, and approximate f 
by a smooth map HOMOTOPIC to f such that x is a 
“regular value” of f (which exist and are everywhere by 


Dehn Invariant 


SARD’S THEOREM). By the IMPLICIT FUNCTION THE- 
OREM, each point in f *(x) has a NEIGHBORHOOD such 
that f restricted to it is a DIFFEOMORPHISM. If the 
DIFFEOMORPHISM is orientation preserving, assign it the 
number +1, and if it is orientation reversing, assign it 
the number —1. Add up all the numbers for all the 
points in f7*(x%), and that is the d(f), the degree of 
f. One reason why the degree of a map is important is 
because it is a HOMOTOPY invariant. A sharper result 
states that two self-maps of the n-sphere are homotopic 
IFF they have the same degree. This is equivalent to the 
result that the nth HOMOTOPY GROUP of the n-SPHERE 
is the set Z of INTEGERS. The ISOMORPHISM is given 
by taking the degree of any representation. 


One important application of the degree concept is that 
homotopy classes of maps from n-spheres to n-spheres 
are classified by their degree (there is exactly one homo- 
topy class of maps for every INTEGER n, and n is the 
degree of those maps). 


Degree (Polynomial) 
see ORDER (POLYNOMIAL) 


Degree Sequence 

Given an (undirected) GRAPH, a degree sequence is a 
monotonic nonincreasing sequence of the degrees of its 
VERTICES. A degree sequence is said to be k-connected 
if there exists some k-CONNECTED GRAPH correspond- 
ing to the degree sequence. For example, while the de- 
gree sequence {1, 2, 1} is 1- but not 2-connected, {2, 2, 
2) is 2-connected. The number of degree sequences for 
n=1,2,... is given by 1, 2, 4, 11, 31, 102,... (Sloane’s 
A004251). 

see also GRAPHICAL PARTITION 
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Degree (Vertex) 
see VERTEX DEGREE 


Dehn Invariant 

An invariant defined using the angles of a 3-D POLYHE- 
DRON. It remains constant under solid DISSECTION and 
reassembly. However, solids with the same volume can 
have different Dehn invariants. Two POLYHEDRA can 
be dissected into each other only if they have the same 
volume and the same Dehn invariant. 


see also DISSECTION, EHRHART POLYNOMIAL 


Dehn’s Lemma 


Dehn’s Lemma 

If you have an embedding of a 1-SPHERE in a 3- 
MANIFOLD which exists continuously over the 2-DIsk, 
then it also extends over the DISK as an embedding. 
It was proposed by Dehn in 1910, but a correct proof 
was not obtained until the work of Papakyriakopoulos 
(1957ab). | 
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Dehn Surgery 

The operation of drilling a tubular NEIGHBORHOOD of a 
Knot K in SŽ and then gluing in a solid TORUS so that 
its meridian curve goes to a (p,q)-curve on the TORUS 
boundary of the KNOT exterior. Every compact con- 
nected 3- MANIFOLD comes from Dehn surgery on a LINK 
in SŽ. | 

see also KIRBY CALCULUS 
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Del 
see GRADIENT 


Del Pezzo Surface 
A SURFACE which is related to CAYLEY NUMBERS. 
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Delannoy Number 
The Delannoy numbers are defined by 


D(a,b) = D(a — 1,6) + D(a,b -— 1) + D(a —- 1,b — 1), 


where D(0,0) = 1. They are the number of lattice paths 
from (0,0) to (b,a) in which only east (1, 0), north (0, 
1), and northeast (1, 1) steps are allowed (i.e, >, f, and 


Z) 
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For n = a = b, the Delannoy numbers are the number 
of “king walks” 


D(n,n) = Pa (3), 


where P,,(z) is a LEGENDRE POLYNOMIAL (Moser 1955, 
Vardi 1991). Another expression is 


D(n,n) = Y (z) ey =F (—n,n+1;1,-1), 


where ($) is a BINOMIAL COEFFICIENT and 
2F¡(a,b;c;z) is a HYPERGEOMETRIC FUNCTION. The 
values of D(n,n) for n = 1, 2, ... are 3, 13, 63, 321, 
1683, 8989, 48639, ... (Sloane's A001850). 


The SCHRODER NUMBERS bear the same relation to the 
Delannoy numbers as the CATALAN NUMBERS do to the 
BINOMIAL COEFFICIENTS. 


see also BINOMIAL COEFFICIENT, CATALAN NUMBER, 
MOTZKIN NUMBER, SCHRODER NUMBER 
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Delaunay Triangulation 

The NERVE of the cells in a VORONOI DIAGRAM, which 
is the triangular of the CONVEX HULL of the points in 
the diagram. The Delaunay triangulation of a VORONOI 
DIAGRAM in R” is the diagram’s planar dual. 


see also TRIANGULATION 


Delian Constant 

The number 27/3 (the CUBE ROOT of 2) which is to be 
constructed in the CUBE DUPLICATION problem. This 
number is not a EUCLIDEAN NUMBER although it is an 
ALGEBRAIC of third degree. 
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Delian Problem 
see CUBE DUPLICATION 


Delta Amplitude 
Given an AMPLITUDE Q and a MODULUS m in an EL- 
LIPTIC INTEGRAL, 


Al) = y 1 -— msin? ¢. 


see also AMPLITUDE, ELLIPTIC INTEGRAL, MODULUS 
(ELLIPTIC INTEGRAL) 


Delta Curve 

A curve which can be turned continuously inside an 
EQUILATERAL TRIANGLE. There are an infinite num- 
ber of delta curves, but the simplest are the CIRCLE and 
lens-shaped A-biangle. All the A curves of height h have 
the same PERIMETER 27h/3. Also, at each position of 
a A curve turning in an EQUILATERAL TRIANGLE, the 
perpendiculars to the sides at the points of contact are 
CONCURRENT at the instantaneous center of rotation. 


see also REULEAUX TRIANGLE 
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Delta Function 

Defined as the limit of a class of DELTA SEQUENCES. 
Sometimes called the IMPULSE SYMBOL. The most com- 
monly used (equivalent) definitions are 


1 sin{(n + De 
sin(42) 


d(x) = lim 


TL 00 27 


(1) 


(the so-called DIRICHLET KERNEL) and 


(2) = lim sintrz) (2) 
0 EN E —ikz 
=3, fo" ak (3) 
C 1 = —ikzx 
a | oak (4) 
=Fl1), (5) 


where F is the FOURIER TRANSFORM. Some identities 
include 


d(x —a)=0 (6) 
for x £ a, 7 
f ô(x — a) dz = 1, (7) 


where e is any POSITIVE number, and 


/ eat (8) 


Delta Function 
/ ~ f(a)s'(@ — ajde = - f(a) (9) 
£ / f(x)d(a — zo) dz = zo J f(x)ô(x — to)dx (10) 


age / usas (a) 


J 15 (x)| dx = œ (12) 
x’ d'(x) = 0 (13) 

6 (—x) = —ô (x) (14) 
zô (x) = —6(z). (15) 


(15) can be established using INTEGRATION BY PARTS 
as follows: 


J Fotla) dz = - | 62) Žlto) dx 
SE / ios il 


= J f()6(x) dz. (16) 
Additional identities are 
(az) = =8() (17) 
Cee Pe lle bate al 1) 
ólga] = Y ESR, (19) 


a 


where the z;s are the ROOTS of g. For example, examine 
(2? +z — 2) =0(0-1)(e + 2)]. (20) 


Then g'(x) = 2x +1, so g' (z1) = g' (1) = 3 and g' (a2) = 
g'(—2) = —3, and we have 


(x° +æ — 2) = t(x — 1) + łô(z +2). (21) 
A FOURIER SERIES expansion of ó(x — a) gives 


Gn = — / d(x — a) cos(nx) de = = cos(na) (22) 


i= I (x — a)sin(nz) dx = = sin(na), (23) 


(x — a) = > + L X [cos(na) cos(na) + sin(na) sin(nz)] 
1 ic 
= ae ze cos[n(x — a)]. (24) 


Delta Sequence 


The FOURIER TRANSFORM of the delta function is 


OO 


| —2mikzo 


£T — To) dz = € 


File- 20) = | 


— 00O 


(25) 
Delta functions can also be defined in 2-D, so that in 
2-D CARTESIAN COORDINATES 


5°(x — zo, y — yo) = ô(zx — z0)ó(y — yo), (26) 
and in 3-D, so that in 3-D CARTESIAN COORDINATES 


(£ — 20, Y — Yo, Z — 20) = 6(z — zo)ôly — yo}d(z — zo), 


(27) 
in CYLINDRICAL COORDINATES 
ô(r)ó(z) 
8? (r,0, 2) = =, 28 
(r,0,2) = == (28) 
and in SPHERICAL COORDINATES, 
Sepa. . (29) 


Imr? 


A series expansion in CYLINDRICAL COORDINATES gives 
3 1 
O° (rı — r2) = —-d(ri —rajóto1 — 2)d(z1 — 22) 
1 


1 LS a NA a 
ote ge ane emos $2) + eikla1 z2) dk. 
Tl sd 237 ZE en AN 


m=— oo 


(30) 


The delta function also obeys the so-called SIFTING 
PROPERTY 


| rn = t. (31) 


see also DELTA SEQUENCE, DOUBLET FUNCTION, 
FOURIER TRANSFORM—DELTA FUNCTION 
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Delta Sequence 
A SEQUENCE of strongly peaked functions for which 


im f (2) f(w) de = f(n) (1) 


n—o0o 
OO 
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so that in the limit as n — oo, the sequences become 
DELTA FUNCTIONS. Examples include 


O r< -4 
nls) = 4 n -H<t<Z (2) 
0 «> 
A 
= — 3 
Fz (3) 
_ n. sin(nx) 
= - Sinc(az) a (4) 
1 eint e goma 
"ma 2i (5) 
1 igt] T 
Liz e JE (6) 
1 i txt 
7 1 sin | (n + 5) z| (8) 
o 2r sin (37) 


where (8) is known as the DIRICHLET KERNEL. 


Delta Variation 
see VARIATION 


Deltahedron 

A semiregular POLYHEDRON whose faces are all EQUI- 
LATERAL TRIANGLES. There are an infinite number of 
deltahedra, but only eight convex ones (Freudenthal and 
van der Waerden 1947). They have 4, 6, 8, 10, 12, 14, 
16, and 20 faces. These are summarized in the table 
below, and illustrated in the following figures. 


tetrahedron 
triangular dipyramid 
octahedron 
pentagonal dipyramid 
snub disphenoid 


triaugmented triangular prism 
gyroelongated square dipyramid 
icosahedron 


The STELLA OCTANGULA is a concave deltahedron with 
24 sides: 
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Another with 60 faces is a “caved in” DODECAHEDRON 
which is IGOSAHEDRON STELLATION Lo. 


Cundy (1952) identifies 17 concave deltahedra with two 
kinds of VERTICES. 


see also GYROELONGATED SQUARE DIPYRAMID, ICOS- 
AHEDRON, OCTAHEDRON, PENTAGONAL DIPYRAMID, 
SNUB DISPHENOID TETRAHEDRON, TRIANGULAR DI- 
PYRAMID, TRIAUGMENTED TRIANGULAR PRISM 
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Deltoid 


A 3-cusped HYPOCYCLOID, also called a TRICUSPOID, 
which has n = a/b = 3 or 3/2, where a is the RADIUS 
of the large fixed CIRCLE and b is the RADIUS of the 
small rolling CIRCLE. The deltoid was first considered 
by Euler in 1745 in connection with an optical prob- 
lem. It was also investigated by Steiner in 1856 and 
is sometimes called STEINER’S HYPOCYCLOID (MacTu- 
tor Archive). The equation of the deltoid is obtained 


Deltoid 


by setting n = 3 in the equation of the HYPOCYCLOID, 
yielding the parametric equations 


x = [2 cos p — z cos(2¢)|a = 2bcos ġ + bcos(2¢) (1) 
y = [Zsing+ z sin(2¢)]a = 2bsin gd — bsin(2¢). (2) 


s(t) 
phi (t) 


t 


t 
The ARC LENGTH, CURVATURE, and TANGENTIAL AN- 
GLE are 


As usual, care must be taken in the evaluation of s(t) 
for t > 27/3. Since the form given above comes from an 
integral involving the ABSOLUTE VALUE of a function, 
it must be monotonic increasing. Each branch can be 
treated correctly by defining 


n= (2 41, (6) 
where |x] is the FLOOR FUNCTION, giving the formula 


s(t) = (aye (maa 2)1 16 sin” ($t) + 32 [En] (7) 


The total ARC LENGTH is computed from the general 
HYPOCYCLOID equation 


du 8a(n — 1) (8) 
n 
With n = 3, this gives 
S3 = Pa. (9) 


The AREA is given by 


(n—1)(n-2)_ 2 
Án = A | (10) 
with n = 3, 
Az = ira”. (11) 


The length of the tangent to the tricuspoid, measured 
between the two points P, Q in which it cuts the curve 
again, is constant and equal to 4a. If you draw TAN- 
GENTS at P and Q, they are at RIGHT ANGLES. 
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three audio tones are output to indicate boundary reflections, bat 
hits and scores. 

Hockey. The rules of the hockey game are exactly the same 
as the tennis game except that each human player controls two bats 
or players on the screen. These players shown in Fig. 10-16 are 
referred to as the goalie and the forward respectively. The goalie 
defends the goal, while the forward is located in the opponent's 
playing area. When the game starts, the ball will be arbitrarily 
served from one goal toward the other side. If the opponent's 
forward can intercept the ball, he can shoot it back toward the goal 
and score a point. If the ball is missed it will travel to the other half 
of the playing area and the opponent's forward will have the oppor- 
tunity to deflect the ball toward the goal. If the ball is “saved” by 
the goalie or it reflects from a boundary, the same forward will have 
an opportunity to again try to deflect the ball back toward the goal. 
This method of jamming the ball between the forward and the 
goalie is a very effective scoring method and makes for an excep- 
tionally exciting game. Scoring and audio are the same as the tennis 
game. 
Squash. This game is illustrated in Fig. 10-17. There are two 
players who alternately hit the ball against a back court boundary. 
Scoring and audio are the same as the tennis game. 

Practice. This game is illustrated in Fig. 10-18 and is similar 
to squash except that there is only one player. 


Fig. 10-16. Hockey game with ball in play. 
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Deltoid Caustic 
The caustic of the DELTOID when the rays are PARALLEL 
in any direction is an ASTROID. 


Deltoid Evolute 


A HYPOCYCLOID EVOLUTE for n = 3 is another DEL- 
TOID scaled by a factor n/(n — 2) = 3/1 = 3 and rotated 
1/(2-3) = 1/6 of a turn. 


Deltoid Involute 


A HYPOCYCLOID INVOLUTE for n = 3 is another DEL- 
TOID scaled by a factor (n — 2)/n = 1/3 and rotated 
1/(2-3) = 1/6 of a turn. 


Deltoid Pedal Curv 


\ ` \ 
A 


The PEDAL CURVE for a DELTOID with the PEDAL 
POINT at the CUSP is a FOLIUM. For the PEDAL POINT 
at the Cusp (NEGATIVE x-intercept), it is a BIFOLIUM. 
At the center, or anywhere on the inscribed EQUILAT- 
ERAL TRIANGLE, it is a TRIFOLIUM. 


Deltoidal Icositetrahedron 415 


Deltoid Radial Curve 


The TRIFOLIUM 


x = Lg + 4a cos ¢ — 4acos(2¢) 
y = yo + 4a sin p + 4asin(2¢). 


Deltoidal Hexecontahedron 


The DUAL POLYHEDRON of the RHOMBICOSIDODECA- 
HEDRON. 


Deltoidal Icositetrahedron 


416 Demlo Number 


The DUAL POLYHEDRON of the SMALL RHOMBICUB- 
OCTAHEDRON. It is also called the TRAPEZOIDAL ICOS- 
ITETRAHEDRON. 


Demlo Number 

The initially PALINDROMIC NUMBERS 1, 121, 12321, 
1234321, 123454321, ... (Sloane’s A002477). For the 
first through ninth terms, the sequence is given by the 
GENERATING FUNCTION 


10z+1 
(x — 1)(10x — 1)(100z — 1) 
= 1 + 121g + 123212? + 12343212 +... 


(Plouffe 1992, Sloane and Plouffe 1995). The definition 
of this sequence is slightly ambiguous from the tenth 
term on. 


see also CONSECUTIVE NUMBER SEQUENCES, PALIN- 
DROMIC NUMBER 
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Dendrite Fractal 


A JULIA SET with c = i. 


Denjoy Integral 

A type of INTEGRAL which is an extension of both 
the RIEMANN INTEGRAL and the LEBESGUE INTEGRAL. 
The original Denjoy integral is now called a Denjoy inte- 
gral “in the restricted sense,” and a more general type is 
now called a Denjoy integral “in the wider sense.” The 
independently discovered PERON INTEGRAL turns out to 
be equivalent to the Denjoy integral “in the restricted 
sense.” 


see also INTEGRAL, LEBESGUE INTEGRAL, PERON IN- 
TEGRAL, RIEMANN INTEGRAL 
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Denumerably Infinite 


Denominator 
The number q in a FRACTION p/q. 


see also FRACTION, NUMERATOR, RATIO, RATIONAL 
NUMBER 


Dense 

A set A in a FIRST-COUNTABLE SPACE is dense in B if 
B = AUL, where L is the limit of sequences of elements 
of A. For example, the rational numbers are dense in 
the reals. In general, a SUBSET A of X is dense if its 
CLOSURE cl(4) = X. 


see also CLOSURE, DENSITY, DERIVED SET, PERFECT 
SET 


Density 


see DENSITY (POLYGON), DENSITY (SEQUENCE), NAT- 
URAL DENSITY 


Density (Polygon) 
The number q in a STAR POLYGON {Ẹ}. 


see also STAR POLYGON 


Density (Sequence) 

Let a SEQUENCE {a;}72, be strictly increasing and com- 
posed of NONNEGATIVE INTEGERS. Call A(x) the num- 
ber of terms not exceeding x. Then the density is given 
by limz+o. A(x)/zx if the LIMIT exists. 
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Denumerable Set 

A SET is denumerable if a prescription can be given 
for identifying its members one at a time. Such a set is 
said to have CARDINAL NUMBER No. Examples of denu- 
merable sets include ALGEBRAIC NUMBERS, INTEGERS, 
and RATIONAL NUMBERS. Once one denumerable set S 
is given, any other set which can be put into a ONE-TO- 
ONE correspondence with S is also denumerable. Ex- 
amples of nondenumerable sets include the REAL, COM- 
PLEX, IRRATIONAL, and TRANSCENDENTAL NUMBERS. 


see also ALEPH-0, ALEPH-1, CANTOR DIAGONAL 
SLASH, CONTINUUM, HILBERT HOTEL 
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Denumerably Infinite 


see DENUMERABLE SET 


Depth (Graph) 


Depth (Graph) 

The depth E(G) of a GRAPH G is the minimum num- 
ber of PLANAR GRAPHS F; needed such that the union 
UP; = G. 

see also PLANAR GRAPH 


Depth (Size) 

The depth of a box is the horizontal DISTANCE from 
front to back (usually not necessarily defined to be 
smaller than the WIDTH, the horizontal DISTANCE from 
side to side). 


see also HEIGHT, WIDTH (SIZE) 


Depth (Statistics) 
The smallest RANK (either up or down) of a set of data. 
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Depth (Tree) 

The depth of a RESOLVING TREE is the number of lev- 
els of links, not including the top. The depth of the link 
is the minimal depth for any RESOLVING TREE of that 
link. The only links of length 0 are the trivial links. A 
Knot of length 1 is always a trivial KNOT and links 
of depth one are always Hopr LINKS, possibly with a 
few additional trivial components (Bleiler and Scharle- 
mann). The LINKS of depth two have also been classified 
(Thompson and Scharlemann). 
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Derangement 

A PERMUTATION of n ordered objects in which none of 
the objects appears in its natural place. The function 
giving this quantity is the SUBFACTORIAL !n, defined by 


n= Y A (1) 


or 


n= [=] , (2) 


where k! is the usual FACTORIAL and [gz] is the NINT 
function. These are also called RENCONTRES NUMBERS 
(named after rencontres solitaire), or COMPLETE PER- 
MUTATIONS, or derangements. The number of derange- 
ments ln = d(n) of length n satisfy the RECURRENCE 
RELATIONS 


d(n) = (n — 1)[d(n — 1) + d(n — 2)] (3) 


and 
d(n) = nd(n — 1) + (-1)", (4) 
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with d(1) = 0 and d(2) = 1. The first few are 0, 1, 2, 
9, 44, 265, 1854, ... (Sloane’s A000166). This sequence 
cannot be expressed as a fixed number of hypergeometric 
terms (Petkovšek et al. 1996, pp. 157-160). 


see also MARRIED COUPLES PROBLEM, PERMUTATION, 
ROOT, SUBFACTORIAL 
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Derivative 

The derivative of a FUNCTION represents an infinites- 
imal change in the function with respect to whatever 
parameters it may have. The “simple” derivative of a 
function f with respect to z is denoted either f'(x) or sE 
(and often written in-line as df/dx). When derivatives 
are taken with respect to time, they are often denoted 
using Newton's FLUXION notation, dz = ¢. The deriva- 
tive of a function f(x) with respect to the variable zx is 
defined as 


F(z) = h->0 


Note that in order for the limit to exist, both lim,_,0+ 
and lim, „o- must exist and be equal, so the FUNCTION 
must be continuous. However, continuity is a NECES- 
SARY but not SUFFICIENT condition for differentiabil- 
ity. Since some DISCONTINUOUS functions can be inte- 
grated, in a sense there are “more” functions which can 
be integrated than differentiated. In a letter to Stielt- 
jes, Hermite wrote, “I recoil with dismay and horror at 
this lamentable plague of functions which do not have 
derivatives.” 


A 3-D generalization of the derivative to an arbitrary 
direction is known as the DIRECTIONAL DERIVATIVE. 
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In general, derivatives are mathematical objects which 
exist between smooth functions on manifolds. In this 
formalism, derivatives are usually assembled into “TAN- 
GENT MAPS.” 


Simple derivatives of some simple functions follow. 


d n nol 
at nz (2) 
d 
q lol == (3) 
ES sinx = cos z (4) 
dx E 
Le = —sinz (5) 
dx 7 
d d (222) cos x cos x — sin z(— sin z) 
—tanz = — a EA AN Le 
dx dx \cosz cos? x 
See ee (6) 
2 csca = —(sina)”? = —(sinx) cosa = a 
dz dz sin? x 
= —cscxcotz (7) 
2 sec g = E N = —(cos x)? (— sin £) = n 
dx dx cos? x 
= sec z tan z (8) 
d d (==) sin z(— sin g) — cos g cos x 
— cott = — | — = —————— 
de de \ sing cos? T 
1 2 
ea ee E 9 
A csc” g (9) 
Ze =e (10) 
a is — d na? = d xlna 
dr de dz 
= (Ina)e”*”** = (In aja? (11) 
sl 1 
— sin ` £ = — == 12 
si 1 
—cos ` £ = A A 13 
< 3 (13) 
bn 
7 tan “x= a (14) 
-1 1 
Ae cot z 14 q? (15) 
-1 1 
— sec "T= 16 
d gyr? -1 eo 
— esc} g = — : (17) 
d avzx?-— 1 
pa sinh x = cosh z (18) 
dx 7 
d 
a cosh z = sinh g (19) 
d 2 
— tanh x = sech 2 
7, tanhg = sech g (20) 
d 2 
— coth z = — csch 21 
z, “otha csch x (21) 
u sech z = — sech z tanh z (22) 


de 
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= csch x = — csch x coth x (23) 
oe O (24) 
To Aa (25) 
£ dng = k? Sng ceng. (26) 


Derivatives of sums are equal to the sum of derivatives 


so that 


(f(z) +... +h = f'(z) +... +A" (2). (27) 


In addition, if c is a constant, 
—lef(a)] =cf (2) (28) 
dz 7 l 


Furthermore, 


—[HaJa(o)]=1(0)9 (0) + f'(a), (29) 


where f' denotes the DERIVATIVE of f with respect to z. 
This derivative rule can be applied iteratively to yield 
derivate rules for products of three or more functions, 
for example, 


[fgh] = (IDH + (fgh = fgh + (fg + f'g)h 
= f'gh+ fg'h+ fgh. (30) 


Other rules involving derivatives include the CHAIN 
RULE, POWER RULE, PRODUCT RULE, and QUOTIENT 
RULE. Miscellaneous other derivative identities include 


dy E 
dz dz 
dy 1 
PCT (32) 
dy 
If F(x, y) = C, where C is a constant, then 
OF OF 
dF = —d —dzx = 0, 33 
TE ae (33) 
sO a 
dy ERA 
Oy 
A vector derivative of a vector function 
x1(t) 
x2(t) 
x= |” (35) 
Tp (t) 


Derivative Test 


can be defined by 


dey, 
dt 
ax | @ : 
ae [E (36) 
dey 


see also BLANCMANGE FUNCTION, CARATHEODORY 
DERIVATIVE, COMMA DERIVATIVE, CONVECTIVE DE- 
RIVATIVE, COVARIANT DERIVATIVE, DIRECTIONAL DE- 
RIVATIVE, EULER-LAGRANGE DERIVATIVE, FLUXION, 
FRACTIONAL CALCULUS, FRECHET DERIVATIVE, LA- 
GRANGIAN DERIVATIVE, LIE DERIVATIVE, POWER 
RULE, SCHWARZIAN DERIVATIVE, SEMICOLON DERIVA- 
TIVE, WEIERSTRAB FUNCTION 
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Derivative Test 


see FIRST DERIVATIVE TEST, SECOND DERIVATIVE 
TEST 


Derived Set 
The LIMIT POINTS of a SET P, denoted P’. 


see also DENSE, LIMIT POINT, PERFECT SET 


Dervish 


= 
` 


y= 
E 


A QUINTIC SURFACE having the maximum possible 
number of ORDINARY DOUBLE POINTS (31), which was 
constructed by W. Barth in 1994 (Endraf). The implicit 
equation of the surface is 


64(xz — w)[z* — 42? w — 10z°y? — dew 
+16xw* — 20ry°w + 5y* + 16w* — 20y w? 


-5V 5 — V5 (2z — V 5 — V5 w) 


x[4(0? +y? +27) + (1+3v5)w*], 
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where w is a parameter (Endraf). The surface can also 
be described by the equation 


aF +q=0, (1) 
where 
F = hih2h3hahs, (2) 
hı = r — Z (3) 
2 . {2 
h2 = cos (E) 2 sin (F)y-z (4) 
4 . (4 
h3 = cos (E) 2-sin (E)u-- (5) 
67 . (67 
ha = cos ($) 2 -sin (5) u== (6) 
8 
hs = cos (=) 2 sin (E)u-+ (7) 
g = (a= eza Fy —1+r2%, (8) 
and 
r= 7(1+ v5) (9) 
TE E E (10) 
5 v5 
caivs—v5 (11) 
(Nordstrand). 


The dervish is invariant under the GROUP Ds and con- 
tains exactly 15 lines. Five of these are the intersection 
of the surface with a Ds-invariant cone containing 16 
nodes, five are the intersection of the surface with a Ds- 
invariant plane containing 10 nodes, and the last five 
are the intersection of the surface with a second Ds- 
invariant plane containing no nodes (Endraf). 
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Desargues’ Theorem 


420 Descartes Circle Theorem 


If the three straight LINES joining the corresponding 
VERTICES of two TRIANGLES ABC and A'B'C' all meet 
in a point (the PERSPECTIVE CENTER), then the three 
intersections of pairs of corresponding sides lie on a 
straight LINE (the PERSPECTIVE AXIS). Equivalently, if 
two TRIANGLES are PERSPECTIVE from a POINT, they 
are PERSPECTIVE from a LINE. 


Desargues’ theorem is essentially its own dual according 
to the DUALITY PRINCIPLE of PROJECTIVE GEOMETRY. 


see also DUALITY PRINCIPLE, PAPPUS’S HEXAGON 
THEOREM, PASCAL LINE, PASCAL’S THEOREM, PER- 
SPECTIVE AXIS, PERSPECTIVE CENTER, PERSPECTIVE 
TRIANGLES 
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Descartes Circle Theorem 

A special case of APOLLONIUS’ PROBLEM requiring the 
determination of a CIRCLE touching three mutually tan- 
gent CIRCLES (also called the KISSING CIRCLES PROB- 
LEM). There are two solutions: a small circle surrounded 
by the three original CIRCLES, and a large circle sur- 
rounding the original three. Frederick Soddy gave the 
FORMULA for finding the RADIUS of the so-called inner 
and outer SODDY CIRCLES given the RADII of the other 
three. The relationship is 


Ber? + Ko? + ng” + 164%) = (51 + 2 + 13 + Ka)’, 


where x; are the CURVATURES of the CIRCLES. Here, 
the NEGATIVE solution corresponds to the outer SODDY 
CIRCLE and the POSITIVE solution to the inner SODDY 
CIRCLE. This formula was known to Descartes and Viéte 
(Boyer and Merzbach 1991, p. 159), but Soddy extended 
it to SPHERES. In n-D space, n + 2 mutually touching 
n-SPHERES can always be found, and the relationship of 
their CURVATURES is 


n+2 n+2 2 


2 
n X Ki = > Ki 
¿=1 i=1 


see also APOLLONIUS’ PROBLEM, FOUR COINS PROB- 
LEM, SODDY CIRCLES, SPHERE PACKING 
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Descartes-Euler Polyhedral Formula 
see POLYHEDRAL FORMULA 


Descartes’ Sign Rule 


Descartes Folium 
see FOLIUM OF DESCARTES 


Descartes’ Formula 
see DESCARTES TOTAL ANGULAR DEFECT 


Descartes Ovals 
see CARTESIAN OVALS 


Descartes’ Sign Rule 
A method of determining the maximum number of Pos- 
ITIVE and NEGATIVE REAL ROOTS of a POLYNOMIAL. 


For POSITIVE ROOTS, start with the SIGN of COEFFI- 
CIENT of the lowest (or highest) POWER. Count the 
number of SIGN changes n as you proceed from the low- 
est to the highest POWER (ignoring POWERS which do 
not appear). Then n is the mazimum number of Pos- 
ITIVE Roots. Furthermore, the number of allowable 
ROOTS is n, n— 2, n— 4, .... For example, consider the 
POLYNOMIAL 


f(a) =a +r? -z-e 42-1. 


Since there are three SIGN changes, there are a maxi- 
mum of three possible POSITIVE ROOTS. 


For NEGATIVE ROOTS, starting with a POLYNOMIAL 
f(x), write a new POLYNOMIAL g(a) with the SIGNS 
of all ODD POWERS reversed, while leaving the SIGNS of 
the EVEN POWERS unchanged. Then proceed as before 
to count the number of SIGN changes n. Then n is the 
mazimum number of NEGATIVE ROOTS. For example, 
consider the POLYNOMIAL 


f(z) =a + zê — r -— r? —2? +2-1, 
and compute the new POLYNOMIAL 
g(x) = =x" + zê — zf +r? aa. 


There are four SIGN changes, so there are a maximum 
of four NEGATIVE ROOTS. 


see also BOUND, STURM FUNCTION 
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Descartes Total Angular Defect 


Descartes Total Angular Defect 

The total angular defect is the sum of the ANGULAR 
DEFECTS over all VERTICES of a POLYHEDRON, where 
the ANGULAR DEFECT 6 at a given VERTEX is the dif- 
ference between the sum of face angles and 27. For any 
convex POLYHEDRON, the Descartes total angular defect 


15 
A=) 6 = Ar. (1) 


This is equivalent to the POLYHEDRAL FORMULA for a 
closed rectilinear surface, which satisfies 


A =2n(V —-E+F). (2) 


A POLYHEDRON with No equivalent VERTICES is called a 
PLATONIC SOLID and can be assigned a SCHLAFLI SYM- 
BOL {p,q}. It then satisfies 


4 
No= = (3) 
and 
S=2r-a(1-2) m (4) 
p 
SO 4 
p 
Ni 5 
° 2p+2q- pq (5) 


see also ANGULAR DEFECT, PLATONIC SOLID, POLY- 
HEDRAL FORMULA, POLYHEDRON 


Descriptive Set Theory 
The study of DEFINABLE SETS and functions in POLISH 
SPACES. 


References 

Becker, H. and Kechris, A. S. The Descriptive Set Theory of 
Polish Group Actions. New York: Cambridge University 
Press, 1996. 


Design 

A formal description of the constraints on the possi- 
ble configurations of an experiment which is subject to 
given conditions. A design is sometimes called an Ex- 
PERIMENTAL DESIGN. 


see also BLOCK DESIGN, COMBINATORICS, DESIGN 
THEORY, HADAMARD DESIGN, HOWELL DESIGN, 
SPHERICAL DESIGN, SYMMETRIC BLOCK DESIGN, 
TRANSVERSAL DESIGN 


Design Theory 

The study of DESIGNS and, in particular, NECESSARY 
and SUFFICIENT conditions for the existence of a BLOCK 
DESIGN. 


see also BRUCK-RYSER-CHOWLA THEOREM, FISHER'S 
BLOCK DESIGN INEQUALITY 
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Desmic Surface 

Let Ai, Az, and Az be tetrahedra in projective 3-space 
P*. Then the tetrahedra are said to be desmically re- 
lated if there exist constants a, G, and y such that 


aA, + 642 + yAsz = 0. 


A desmic surface is then defined as a QUARTIC SURFACE 
which can be written as 


aA1 + bA2 + cA3 = 0 


for desmically related tetrahedra Aj, Az, and As. 
Desmic surfaces have 12 ORDINARY DOUBLE POINTS, 


which are the vertices of three tetrahedra in 3-space 
(Hunt). 


see also QUARTIC SURFACE 
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Destructive Dilemma 
A formal argument in LOGIC in which it is stated that 


1. P = Q and R => S (where => means “IMPLIES”), 
and 


2. Either not-Q or not-S is true, from which two state- 
ments it follows that either not-P or not-R is true. 


see also CONSTRUCTIVE DILEMMA, DILEMMA 


Determinant 
Determinants are mathematical objects which are very 
useful in the analysis and solution of systems of linear 
equations. As shown in CRAMER’S RULE, a nonhomo- 
geneous system of linear equations has a nontrivial so- 
lution IFF the determinant of the system’s MATRIX is 
NONZERO (so that the MATRIX is nonsingular). A 2 x 2 
determinant is defined to be 
a b a b 
Ger : d | c d 


= ad — be. (1) 
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A kx k determinant can be expanded by MINORS to 
obtain 


411 412 Q13 **: Gk 
a21 Q22 G23 *** Q2k| 
Akl Qk2 0x3 °'* @kk 
Q22 Q23 ‘''* Qk Q21 @23 ''' 02k 
=a11 | : . CA ` |— a2 
ak2 Qk3 ``? Akk Qk1 Qk3 '"* Qkk 
421 022 42(k-1) 
a 3 R . (2) 
akl 0x2 Axk(k-1) 


A general determinant for a MATRIX A has a value 
[Al = So aija”, (3) 


with no implied summation over ¿ and where a”! is the 
COFACTOR of a;; defined by 


a” = (=1) T Ci; (4) 


Here, C is the (n — 1) x (n — 1) MATRIX formed by 
eliminating row į and column j from A, i.e., by DETER- 
MINANT EXPANSION BY MINORS. 


Given an n x n determinant, the additive inverse is 
| — Al = (-1)" Al. (5) 
Determinants are also DISTRIBUTIVE, so 
|AB| = JA] |B}. (6) 


This means that the determinant of a MATRIX INVERSE 
can be found as follows: 


I| =|AA”*| = [A| |A} = 1, (7) 
where | is the IDENTITY MATRIX, so 


1 


A| = 
| | JAT} 


(8) 


Determinants are MULTILINEAR in rows and columns, 
since 


Qi a2 43 a O 0 
a4 45 GAg|—=|04 a5 a6 
az Gg ag a7 ag ag 
O a 0 0 O as 
+las a5 aşę|+]|a4 a5 06 (9) 
a7 ag 9 a7 ag ag 


Determinant 


and 
a1 a2 a3 ai a2 43 
a4 a5 ag|/=|0 as ae 
a7 ag ag O ag ag 
0 a2 a3 0 a2 43 
+las as agl+|0 as ag}. (10) 
0 Ag ag a7 ag ag 


The determinant of the SIMILARITY TRANSFORMATION 
of a matrix is equal to the determinant of the original 
MATRIX 


Z E 1 
IBAB~*| = [B] JA] |B CEBIA ARA (11) 


The determinant of a similarity transformation minus a 
multiple of the unit MATRIX is given by 


IB-?AB — Al] =/B7*AB — B7*AIB] = [¡B*(A — ANB] 
= |B~*| |A—Al| |B] = JA — Al]. (12) 


The determinant of a MATRIX TRANSPOSE equals the 
determinant of the original MATRIX, 


A] = A7], (13) 


and the determinant of a COMPLEX CONJUGATE is equal 
to the COMPLEX CONJUGATE of the determinant 


¡A”] = Al". (14) 


Let e be a small number. Then 
|i + eA] =1+E€Tr(A) + O(e’), (15) 


where Tr(A) is the trace of A. The determinant takes on 
a particularly simple form for a TRIANGULAR MATRIX 


411 Q21 ‘** (Aki 
O az ak2 . 
| = | [anm (16) 
0 0 ah kk 
Important properties of the determinant include the fol- 
lowing. 
1. Switching two rows or columns changes the sign. 


2. Scalars can be factored out from rows and columns. 


3. Multiples of rows and columns can be added together 
without changing the determinant’s value. 

4. Scalar multiplication of a row by a constant c multi- 
plies the determinant by c. 

5. A determinant with a row or column of zeros has 
value 0. 


6. Any determinant with two rows or columns equal has 
value 0. 


Determinant 


Property 1 can be established by induction. For a 2 x 2 
MATRIX, the determinant is 


b 
pa : = 4,1 Da = biaz = —(b1a2 = aib2) 
aa bo 
a bi Qi 
= bd (17) 


For a 3 x 3 MATRIX, the determinant is 


a1 bi C1 
a2 bo Ca 
a3 bs C3 
b? c2 a2 az be 
= 41 — bı + cı 
bs  C3 Q3 3 as bs 
ca bz C2 a2 a2 be 
= — | a + by = Cj 
( c3 b3 C3 a3 ag bz ) 
ay C1 bi 
=-—|as C2 da 
ag c3 63 
bo Ca a2 Co ba a2 
= — =41 + b1 + ĉi 
bs c ag c b3 as 
bi a & 
= ba as Ca 
b3 a3 C3 
ca bo aa Ca b2 az 
= — | —ar — bı + C1 
c3 b a3 C3 b3 a3 


= — | C2 ba az |. (18) 


Property 2 follows likewise. For 2 x 2 and 3 x 3 matrices, 


kai by _ Ze = ai by 
has bo = k(a1b2) k(b1a2) =k 0 A (19) 
and 
Kar by Su ba C2 kaz C2 
kag ba Ca = kaj b F — bi ka y 
kaz ba C3 3 3 3 3 
ai by Cl 
k 
+C1 i a =klazs ba cal. (20) 
3 : a3 bs C3 


Property 3 follows from the identity 


ar +kbi bi ci 


az +kbo ba co} = (a1 +kb1) 5 = 
as +kb3 b3 c3 : i 
a+ kb? c2 az + kb2 be 
—b . (21 
“jag +kb3 c3 we as +kb3 b3 G 


If aij is an n x n MATRIX with aj; REAL NUMBERS, 
then det[a:;;] has the interpretation as the oriented n- 
dimensional CONTENT of the PARALLELEPIPED spanned 
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by the column vectors [a;,1], ..., [a;,n] in R”. Here, “ori- 
ented” means that, up to a change of + or — SIGN, the 
number is the n-dimensional CONTENT, but the SIGN 
depends on the “orientation” of the column vectors in- 
volved. If they agree with the standard orientation, 
there is a + SIGN; if not, there is a — SIGN. The PAR- 
ALLELEPIPED spanned by the n-D vectors vı through v; 
is the collection of points 


tivı +... + tiVi, (22) 
where t; is a REAL NUMBER in the CLOSED INTERVAL 
[0,1]. 


There are an infinite number of 3 x 3 determinants with 
no 0 or +1 entries having unity determinant. One para- 
metric family is 


— 8n? — 8n 2n +1 An 
—4n* — ån n+1 2n+1|. (23) 
—4n? — 4n- 1 n 2n — 1 


Specific examples having small entries include 


4238141323113 12 Blu (26) 
9 6 7| |9 5 7| |17 11 16 


(Guy 1989, 1994). 


see also CIRCULANT DETERMINANT, COFACTOR, 
HESSIAN DETERMINANT, HYPERDETERMINANT, IM- 
MANANT, JACOBIAN, KNOT DETERMINANT, MATRIX, 
MINOR, PERMANENT, VANDERMONDE DETERMINANT, 
WRONSKIAN 
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Determinant (Binary Quadratic Form) 
The determinant of a BINARY QUADRATIC FORM 


Au? + 2Buv + Cv? 


iS 
D = B’ — AC. 


It is equal to 1/4 of the corresponding DISCRIMINANT. 
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Determinant Expansion by Minors 

- Also known as LAPLACIAN DETERMINANT EXPANSION 
BY MINORS. Let |M| denote the DETERMINANT of a 
MATRIX M, then 


k 


IM] = X (-1)Wa;Mi,, 


¿1 
where Mi; is called a MINOR, 


k 


M| = So aii, 
i=l 
where Ci; is called a COFACTOR. 
see also COFACTOR, DETERMINANT 


References 
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Determinant (Knot) 
see KNOT DETERMINANT 


Determinant Theorem 
Given a MATRIX m, the following are equivalent: 


Im| #0. 
. The columns of m are linearly independent. 
. The rows of m are linearly independent. 

. Range(m) = R”. 

. Nuli(m) = {0}. 

. m has a MATRIX INVERSE. 


Oar Pp won sn 


see also DETERMINANT, MATRIX INVERSE, NULLSPACE, 
RANGE (IMAGE) 


Developable Surface 
A surface on which the GAUSSIAN CURVATURE K is ev- 
erywhere 0. 


see also BINORMAL DEVELOPABLE, NORMAL DEVEL- 
OPABLE, SYNCLASTIC, TANGENT DEVELOPABLE 


Deviation 
The DIFFERENCE of a quantity from some fixed value, 
usually the “correct” or “expected” one. 


see ABSOLUTE DEVIATION, AVERAGE ABSOLUTE DEVI- 
ATION, DIFFERENCE, DISPERSION (STATISTICS), MEAN 
DEVIATION, SIGNED DEVIATION, STANDARD DEVIA- 
TION 


Devil’s Curve 


Devil’s Curve 


The devil’s curve was studied by G. Cramer in 1750 and 
Lacroix in 1810 (MacTutor Archive). It appeared in 
Nouvelles Annales in 1858. The Cartesian equation is 


yt — ay? = 21 — Pa (1) 
equivalent to 
y ly — a") = 2° (e ~ b°), (2) 
the polar equation is 
r?° (sin? 0 — cos? @) = a’ sin” 6 — b? cos’ 0, (3) 


and the parametric equations are 
| a? sin? t — b? cos? t 
x = cos t4 / —— sC 4 
sin? t — cos? t (4) 
a? sin? t — b? cos? t 
= sin t4/ — c. 5 
i V sin?t— cos? t (5) 


A special case of the Devil's curve is the so-called ELEC- 
TRIC MOTOR CURVE: 


y (y? — 96) = z?’ (x° — 100) (6) 
(Cundy and Rollett 1989). 
see also ELECTRIC MOTOR CURVE 
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game with ball in play. 
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Rifle. The rifle game is illustrated in Fig. 10-19. Rifle 1 game 
results in a large target which randomly shoots across the screen 
while Rifle 2 requires that the target bounce around within the area 
defined by the TV screen. External circuitry listed in Fig. 10-20 
conditions optical input to a photocell located in the barrel of a toy 
pistol or rifle which is aimed at this random target. When the 


Fig. 10-18. Practice game with ball in play. 


Devil's Staircase 


Devil's Staircase 

A plot of the WINDING NUMBER W resulting from 
MODE LOCKING as a function of 2 for the CIRCLE MAP 
with K = 1. At each value of Q, the WINDING NUM- 
BER is some RATIONAL NUMBER. The result is a mono- 
tonic increasing “staircase” for which the simplest RA- 
TIONAL NUMBERS have the largest steps. For K = 1, the 
MEASURE of quasiperiodic states (Q IRRATIONAL) on 
the M-axis has become zero, and the measure of MODE- 
LOCKED state has become 1. The DIMENSION of the 
Devil's staircase = 0.8700 + 3.7 x 10°*. 


see also CANTOR FUNCTION 
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Devil on Two Sticks 
see DEVIL'S CURVE 


Diabolical Cube 
A 6-piece POLYCUBE DISSECTION of the 3 x 3 CUBE. 


see also CUBE DISSECTION, SOMA CUBE 
References 


Gardner, M. “Polycubes.” Ch. 3 in Knotted Doughnuts and 
Other Mathematical Entertainments. New York: W. H. 
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Diabolical Square 
see PANMAGIC SQUARE 


Diabolo 
A 2-POLYABOLO. 


Diacaustic 
The ENVELOPE of refracted rays for a given curve. 


see also CATACAUSTIC, CAUSTIC 
References 


Lawrence, J. D. A Catalog of Special Plane Curves. New 
York: Dover, p. 60, 1972. 


Diagonal Matrix 
A diagonal matrix is a MATRIX Á of the form 


Qij = Ci05j, (1) 


where 6 is the KRONECKER DELTA, c; are constants, 
and there is no summation over indices. The general 
diagonal matrix is therefore SQUARE and of the form 


C1 0) ae 0 
O c See 0 
| | (2) 
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Given a MATRIX equation of the form 


a11 *** Qin Ar == 0 


ünl Ead ünn 0 ass Ne 


0: ase Na Di ese oa 
multiply through to obtain 


an A GinAn a11A1 dinA1 


Anl At Ann An AniAn Onn An 


(4) 
Since in general, A; 4 A; for i # j, this can be true only 
if off-diagonal components vanish. Therefore, A must 
be diagonal. 


Given a diagonal matrix T, 


t 0 07" Tear 0 0 

O ta 0 O t” 0 
(e = l 

0D 0 «+ te 0 0 +... Es” 


(5) 
see also MATRIX, TRIANGULAR MATRIX, TRIDIAGONAL 
MATRIX 
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Diagonal Metric 
A METRIC gi; which is zero for 1% 7. 


see also METRIC 


Diagonal (Polygon) 

A LINE SEGMENT connecting two nonadjacent VER- 
TICES of a POLYGON. The number of ways a fixed con- 
vex n-gon can be divided into TRIANGLES by noninter- 
secting diagonals is Cn-2 (with Cn-3 diagonals), where 
Cn is a CATALAN NUMBER. This is EULER’S POLYGON 
DIVISION PROBLEM. Counting the number of regions 
determined by drawing the diagonals of a regular n-gon 
is a more difficult problem, as is determining the num- 
ber of n-tuples of CONCURRENT diagonals (Beller et al. 
1972, Item 2). 


The number of regions which the diagonals of a CONVEX 
POLYGON divide its center if no three are concurrent in 
its interior is 


N= e + + ] = 4 (n —1)(n—2)(n? -3n +12). 
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The first few values are 0, 0, 1, 4, 11, 25, 50, 91, 154, 
246, ... (Sloane’s A006522). 


see also CATALAN NUMBER, DIAGONAL (POLYHE- 
DRON), EULER’S POLYGON DIVISION PROBLEM, POLY- 
GON, VERTEX (POLYGON) 
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Diagonal (Polyhedron) 

A LINE SEGMENT connecting two nonadjacent sides 
of a POLYHEDRON. The only simple POLYHEDRON 
with no diagonals is the TETRAHEDRON. The only 
known TOROIDAL POLYHEDRON with no diagonals is the 
CsASZAR POLYHEDRON. 


see also DIAGONAL (POLYGON), EULER BRICK, POLY- 
HEDRON, SPACE DIAGONAL 


Diagonal Ramsey Number 
A RAMSEY NUMBER of the form R(k, k; 2). 


see also RAMSEY NUMBER 


Diagonal Slash 
see CANTOR DIAGONAL SLASH 


Diagonal (Solidus) 
see SOLIDUS 


Diagonalization 
see MATRIX DIAGONALIZATION 


Diagonals Problem 
see EULER BRICK 


Diagram 
A schematic mathematical illustration showing the rela- 
tionships between or properties of mathematical objects. 


see also ALTERNATING KNOT DIAGRAM, ARGAND DI- 
AGRAM, COXETER-DYNKIN DIAGRAM, DE BRUIJN DIA- 
GRAM, DYNKIN DIAGRAM, FERRERS DIAGRAM, HASSE 
DIAGRAM, HEEGAARD DIAGRAM, KNOT DIAGRAM, 
LINK DIAGRAM, STEM-AND-LEAF DIAGRAM, VENN DI- 
AGRAM, VORONOI DIAGRAM, YOUNG DIAGRAM 


Diameter 

The diameter of a CIRCLE is the DISTANCE from a point 
on the CIRCLE to point m RADIANS away. If r is the 
RADIUS, d = 2r. 

see also BROCARD DIAMETER, CIRCUMFERENCE, DI- 


AMETER (GENERAL), DIAMETER (GRAPH), PI, RA- 
DIUS, TRANSFINITE DIAMETER 


Dice 


Diameter (General) 
The farthest DISTANCE between two points on the 
boundary of a closed figure. 


see also BORSUK’S CONJECTURE 


References 

Eppstein, D. “Width, Diameter, and Geometric 
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Diameter (Graph) 

The length of the “longest shortest path” between two 
VERTICES of a GRAPH. In other words, a graph’s di- 
ameter is the largest number of vertices which must be 
traversed in order to travel from one vertex to another 
when paths which backtrack, detour, or loop are ex- 
cluded from consideration. 


Diamond 


a Oak, 


A convex QUADRILATERAL having sides of equal length 
and PERPENDICULAR PLANES of symmetry passing 
through opposite pairs of VERTICES. The LOZENGE is a 
special case of a diamond. 


see also KITE, LOZENGE, PARALLELOGRAM, QUADRI- 
LATERAL, RHOMBUS 


Dice 

A die (plural “dice” ) is a SOLID with markings on each of 
its faces. The faces are usually all the same shape, mak- 
ing PLATONIC SOLIDS and ARCHIMEDEAN SOLID DUALS 
the obvious choices. The die can be “rolled” by throw- 
ing it in the air and allowing it to come to rest on one 
of its faces. Dice are used in many games of chance as a 
way of picking RANDOM NUMBERS on which to bet, and 
are used in board or roll-playing games to determine the 
number of spaces to move, results of a conflict, etc. A 
COIN can be viewed as a degenerate 2-sided case of a 


die. 


The most common type of die is a six-sided CUBE with 
the numbers 1-6 placed on the faces. The value of the 
roll is indicated by the number of “spots” showing on the 
top. For the six-sided die, opposite faces are arranged to 
always sum to seven. This gives two possible MIRROR 
IMAGE arrangements in which the numbers 1, 2, and 3 
may be arranged in a clockwise or counterclockwise or- 
der about a corner. Commercial dice may, in fact, have 
either orientation. The illustrations below show 6-sided 
dice with counterclockwise and clockwise arrangements, 
respectively. 


Dice 


The CUBE has the nice property that there is an upward- 
pointing face opposite the bottom face from which the 
value of the “roll” can easily be read. This would not 
be true, for instance, for a TETRAHEDRAL die, which 
would have to be picked up and turned over to reveal the 
number underneath (although it could be determined 
by noting which number 1-4 was not visible on one of 
the upper three faces). The arrangement of spots $e, 
corresponding to a roll of 5 on a six-sided die is called 
the QUINCUNX. There are also special names for certain 
rolls of two six-sided dice: two 1s are called SNAKE EYES 
and two 6s are called BOXCARS. 


Shapes of dice other than the usual 6-sided CUBE are 
commercially available from companies such as Dice & 
Games, Ltd.® 


Diaconis and Keller (1989) show that there exist “fair” 
dice other than the usual PLATONIC SOLIDS and duals 
of the ARCHIMEDEAN SOLIDS, where a fair die is one for 
which its symmetry group acts transitively on its faces. 
However, they did not explicitly provide any examples. 


The probability of obtaining p points (a roll of p) on n 
s-sided dice can be computed as follows. The number of 
ways in which p can be obtained is the COEFFICIENT of 
zr’ in 

f(z) = (r+? +... +°)", (1) 


since each possible arrangement contributes one term. 
f(z) can be written as a MULTINOMIAL SERIES 


so the desired number c is the COEFFICIENT of z? in 
(1-20 (1-2) *. (3) 
Expanding, 
n 2 kin sk E n + l —1 l 
z” X (5D) GE ZA Je (4) 


so in order to get the COEFFICIENT of x”, include all 
terms with 


p=n+sk+l. (5) 


c is therefore 


o ~ nY/p=sk-—1 
ra) © 


But p—sk—n > 0 only when k < (p—n)/s, so the other 
terms do not contribute. Furthermore, 


ea ar A 


Dice 427 


l(p—n)/s] 
c= >, Ae n, (8) 


where |x| is the FLOOR FUNCTION, and 


i(p—n)/s] 
Pems== D A) 


k=0 


SO 


Consider now s = 6. For n = 2 six-sided dice, 


_|p-2|_ f0 for2<p<7 | 
tas = [5] =d 1 repes, O 


k=0 
y a 91 
aed e E AP (ey a E 
=D aer 8 -D 
k=0 
i 
= 36 Š (1 ~ 2k)(k + 1)(p — 6k — 1) 
k=0 
= e for2<p<7 
— 36113—p for8<p< 12 
=o et for 2 < p < 12. (11) 


The most common roll is therefore seen to be a 7, with 
probability 6/36 = 1/6, and the least common rolls are 
2 and 12, both with probability 1/36. 


For n = 3 six-sided dice, 
_3 0 for3<p<8 
kmax = P| =? 1 for9<p<14 (12) 
2 for15< p< 18, 


and 


P(p, 3, 6) 


kmax 


6? k 2 
k=0 
kmax 
= 2% y 3! (p — 6k — 1)(p — 6k — 2) 
63 k!(3 — k)! 2 
k=0 
r-e?) for3<p<8 
ERS (2-1)(9-2) — gee) for 9<p<14 
218 | wame=2) _ 3-8) y gee-  fop 15 <p < 18 
1 file-1Mp-2) for3<p<g8 
IN is” E 13 
= p“ + 21p — 83 for 9<p<14 ( ) 
216 | 1(19 — p)(20 — p) for15<p<18.- 


For three six-sided dice, the most common rolls are 10 
and 11, both with probability 1/8; and the least common 
rolls are 3 and 18, both with probability 1/216. 
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For four six-sided dice, the most common roll is 14, with 
probability 73/648; and the least common rolls are 4 and 
24, both with probability 1/1296. 


In general, the likeliest roll pz for n s-sided dice is given 
by 
pr(n,s) = EJE + 1)| (14) 


which can be written explicitly as 


ans +1) for n even 
pL(n,s) = 4 5[n(s+1)—1] forn odd, seven (15) 


¿n(s +1) for n odd, s odd. 


For 6-sided dice, the likeliest rolls are given by 


gn for n even 
pL(n, 6) = Ed = 2 Tn—1) for n odd, s even 
an for n odd, s odd, 


(16) 
or 7, 10, 14, 17, 21, 24, 28, 31, 35, ... for n = 2, 3,... 
(Sloane’s A030123) dice. The probabilities correspond- 
ing to the most likely rolls can be computed by plugging 
p = py into the general formula together with 


in for n even 
ki(n,s) = | Mer | for n odd, seven (17) 
| for n odd, s odd. 


Unfortunately, P(pr,n,s) does not have a simple closed- 
form expression in terms of s and n. However, the proba- 
bilities of obtaining the likeliest roll totals can be found 
explicitly for a particular s. For n 6-sided dice, the 
probabilities are 1/6, 1/8, 73/648, 65/648, 361/3888, 
24017/279936, 7553/93312,... for n = 2, 3,.... 


0.150 
0.125 
0.100 
0.075 
0.050 
0.025 


2 3 4 5 6 7 B 910 11 12 
one die two dice 


0.10 
0.08 
0.05 
0.04 


0.02 


345 67 8 910 12 14 16 12 


45678 10121416 18 20 22 24 
three dice four dice 

The probabilities for obtaining a given total using n 6- 
sided dice are shown above for n = 1, 2, 3, and 4 dice. 
They can be seen to approach a GAUSSIAN DISTRIBU- 


TION as the number of dice is increased. 

see also BOXCARS, COIN TOSSING, CRAPS, DE MERE’S 
PROBLEM, EFRON’S DICE, POKER, QUINCUNX, SICHER- 
MAN DICE, SNAKE EYES 


Diesis 
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Dichroic Polynomial 

A POLYNOMIAL Za(q,v) in two variables for abstract 
GRAPHS. A GRAPH with one VERTEX has Z = q. 
Adding a VERTEX not attached by any EDGES multiplies 
the Z by q. Picking a particular EDGE of a GRAPH G, 
the POLYNOMIAL for G is defined by adding the POLy- 
NOMIAL of the GRAPH with that EDGE deleted to v times 
the POLYNOMIAL of the graph with that EDGE collapsed 
to a point. Setting v = —1 gives the number of distinct 
VERTEX colorings of the GRAPH. The dichroic POLY- 
NOMIAL of a PLANAR GRAPH can be expressed as the 
SQUARE BRACKET POLYNOMIAL of the corresponding 
ALTERNATING LINK by 


Za(q,v) = q’? Bra), 


where N is the number of VERTICES in G. Dichroic 
POLYNOMIALS for some simple GRAPHS are 


LK, = q 
Zk, = q + vq 
ZK, = q? + 3uq" + 3u q + vg. 
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Dido’s Problem 

Find the figure bounded by a line which has the maxi- 
mum AREA for a given PERIMETER. The solution is a 
SEMICIRCLE. 


see also ISOPERIMETRIC PROBLEM, ISOVOLUME PROB- 
LEM, PERIMETER, SEMICIRCLE 


Diesis 
The musical interval by which an octave exceeds three 
major thirds, 


2 2° 128 
EE Sa = 1.024. 


Taking CONTINUED FRACTION CONVERGENTS of 
log(5/4)/log(2) gives the increasing accurate approxi- 
mations m/n of m octaves and n major thirds: 1/3, 


Diffeomorphism 


9/28, 19/59, 47/146, 207/643, 1289/4004, ... (Sloane’s 
A046103 and A046104). Other near equalities of m oc- 
taves and n major thirds having 

om gmten 


R= = 
yr pn 


with |R — 1| < 0.02 are given in the following table. 


n Ratio 


1.012011267 
113 351 1.002247414 
122 379 0.9925777621 
123 382 1.016399628 
131 407 0.983001403 
132 410 1.006593437 
141 438 0.9968818549 
150 466 0.9872639701 
151 469 1.010958305 
160 497 1.001204611 
169 525 0.9915450208 
170 528 1.015342101 
178 553 0.9819786256 
179 556 1.005546113 
188 584 0.9958446353 
189 587 1.019744907 
197 612 0.9862367575 
198 615 1.00990644 


m n Ratio m 


0.9903520314 
10 31 1.01412048 
18 56 0.9807971462 
19 59 1.004336278 
28 87 0.9946464728 
29 90 1.018517988 
37 115 0.9850501549 
38 118 1.008691359 
47 146 0.9989595361 
56 174 0.9893216059 
57 177 1.013065324 
66 205 1.003291302 
75 233 0.9936115791 
76 236 1.017458257 
84 261 0.9840252458 
85 264 1.007641852 
94 292 0.9979201548 
103 0.9882922525 


see also COMMA OF DIDYMUS, COMMA OF PYTHAGO- 
RAS, SCHISMA 
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Diffeomorphism 
A diffeomorphism is a MAP between MANIFOLDS which 
is DIFFERENTIABLE and has a DIFFERENTIABLE inverse. 


see also ANOSOV DIFFEOMORPHISM, AXIOM A DIFFEO- 
MORPHISM, SYMPLECTIC DIFFEOMORPHISM, TANGENT 
Map 


Difference 
The difference of two numbers nı and nz is ni — nz, 
where the MINUS sign denotes SUBTRACTION. 


see also BACKWARD DIFFERENCE, FINITE DIFFERENCE, 
FORWARD DIFFERENCE 


Difference Equation 

A difference equation is the discrete analogue of a DIF- 
FERENTIAL EQUATION. A difference equation involves 
a FUNCTION with INTEGER-valued arguments f(n) in a 


form like 
f(n) — f(n - 1) = g(n), (1) 


where g is some FUNCTION. The above equation is the 
discrete analog of the first-order ORDINARY DIFFEREN- 
TIAL EQUATION 


f (2) = g(z). (2) 


Difference Set 429 


Examples of difference equations often arise in DYNAM- 
ICAL SYSTEMS. Examples include the iteration involved 
in the MANDELBROT and JULIA SET definitions, 


fin+1)= f(n} +c, (3) 
with c a constant, as well as the LOGISTIC EQUATION 
f(n+ 1) =rf(n)[1- f(n), (4) 


with r a constant. 
see also FINITE DIFFERENCE, RECURRENCE RELATION 
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Difference Operator 
see BACKWARD DIFFERENCE, FORWARD DIFFERENCE 


Difference Quotient 


_ f(z +h)- f(z) _ Af 
It gives the slope of the SECANT LINE passing through 
f(x) and f(a +h). In the limit n > 0, the difference 
quotient becomes the PARTIAL DERIVATIVE 


| Of 


Difference Set 

Let G be a GROUP of ORDER A and D be a set of k 
elements of G. If the set of differences d; — d; contains 
every NONZERO element of G exactly A times, then D 
is a (h, k, A)-difference set in G of ORDER n = k — A. If 
A = 1, the difference set is called planar. The quadratic 
residues in the GALOIS FIELD GF(11) form a difference 
set. If there is a difference set of size k in a group G, 
then 2) must be a multiple of |G| — 1, where (5) is a 
BINOMIAL COEFFICIENT. 


see also BRUCK-RYSER-CHOWLA THEOREM, FIRST 
MULTIPLIER THEOREM, PRIME POWER CONJECTURE 
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Difference of Successes 

If 21/n1 and 22/n2 are the observed proportions from 
standard NORMALLY DISTRIBUTED samples with pro- 
portion of success 0, then the probability that 


w= — — — (1) 


will be as great as observed is 


Ps =1-2 p(t) dt, (2) 
0 
where 
w 
zes 3 
sas (3) 
oe Ae eo 1l 
ee LES a (4) 
ga Oe (5) 
ni + nz 


Here, 6 is the UNBIASED ESTIMATOR. The SKEWNESS 
and KURTOSIS of this distribution are 
2 (nı = n) 1 — 40(1 ia 8) 
y = —— RR —__———_— (6) 
nin2(ni +n2)  6(1-6) 
n1? — nina + na? 1— 60(1 — 6) (7) 
nina(ni + na) ) Ay - 


is 6(1 — 6) 


Difference Table 

A table made by subtracting adjacent entries in a se- 
quence, then repeating the process with those numbers. 
see also FINITE DIFFERENCE, QUOTIENT-DIFFERENCE 
TABLE 


Different 
Two quantities are said to be different (or “unequal” ) if 
they are not EQUAL. 


The term “different” also has a technical usage related to 
MODULES. Let a MODULE M in an INTEGRAL DOMAIN 
Dı for R(VD ) be expressed using a two-element basis 
as 


M = [€1, £2], 


where €1 and é are in Dı. Then the different of the 
MODULE is defined as 


En €2 
E1 € 
The different A Æ 0 IFF £, and £2 are linearly indepen- 


dent. The DISCRIMINANT is defined as the square of the 
different. 


see also DISCRIMINANT (MODULE), EQUAL, MODULE 


A = A(M) = = £18 — ĉl E2. 
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Differential Equation 


Different Prime Factors 
see DISTINCT PRIME FACTORS 


Differentiable 

A FUNCTION is said to be differentiable at a point if its 
DERIVATIVE exists at that point. Let z = x + ty and 
f(z) = ulz, y) +iv(x, y) on some region G containing the 
point zo. If f(z) satisfies the CAUCHY-RIEMANN EQUA- 
TIONS and has continuous first PARTIAL DERIVATIVES 
at Zo, then f'(20) exists and is given by 


and the function is said to be COMPLEX DIFFEREN- 
TIABLE. Amazingly, there exist CONTINUOUS FUNC- 
TIONS which are nowhere differentiable. 'Two exam- 
ples are the BLANCMANGE FUNCTION and WEIERSTRAS 
FUNCTION. 


see also BLANCMANGE FUNCTION, CAUCHY-RIEMANN 
EQUATIONS, COMPLEX DIFFERENTIABLE, CONTINUOUS 
FUNCTION, DERIVATIVE, PARTIAL DERIVATIVE, WEI- 
ERSTRAB FUNCTION 


Differentiable Manifold 


see SMOOTH MANIFOLD 


Differential 
A DIFFERENTIAL 1-FORM. 


see also EXACT DIFFERENTIAL, INEXACT DIFFEREN- 
TIAL 


Differential Calculus 
That portion of “the” CALCULUS dealing with DERIVA- 
TIVES. 


see also INTEGRAL CALCULUS 


Differential Equation 

An equation which involves the DERIVATIVES of a func- 
tion as well as the function itself. If PARTIAL DERIVA- 
TIVES are involved, the equation is called a PARTIAL 
DIFFERENTIAL EQUATION; if only ordinary DERIVA- 
TIVES are present, the equation is called an ORDINARY 
DIFFERENTIAL EQUATION. Differential equations play 
an extremely important and useful role in applied math, 
engineering, and physics, and much mathematical and 
numerical machinery has been developed for the solution 
of differential equations. 


see also INTEGRAL EQUATION, ORDINARY DIFFEREN- 
TIAL EQUATION, PARTIAL DIFFERENTIAL EQUATION 


References 


Arfken, G. “Differential Equations.” Ch. 8 in Mathematical 
Methods for Physicists, 8rd ed. Orlando, FL: Academic 
Press, pp. 437-496, 1985. 

Dormand, J. R. Numerical Methods for Differential Equa- 
tions: A Computational Approach. Boca Raton, FL: CRC 
Press, 1996. 


Differential Form 


Differential Form 
see DIFFERENTIAL k-FORM 


Differential Geometry 

Differential geometry is the study of RIEMANNIAN MAN- 
IFOLDS. Differential geometry deals with metrical no- 
tions on MANIFOLDS, while DIFFERENTIAL TOPOLOGY 
deals with those nonmetrical notions of MANIFOLDS. 


see also DIFFERENTIAL TOPOLOGY 
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Differential k-Form 

A differential k-form is a TENSOR of RANK k which is 
antisymmetric under exchange of any pair of indices. 
The number of algebraically independent components in 
n-D is cs where this is a BINOMIAL COEFFICIENT. In 
particular, a 1-form (often simply called a “differential” ) 
is a quantity 


we = bı dz, + ba daa, (1) 


where bı = 61(%1, 22) and bz = b2(£1, %2) are the com- 
ponents of a COVARIANT TENSOR. Changing variables 
from x to y gives 


b; = (3) 


which is the covariant transformation law. 2-forms can 
be constructed from the WEDGE PRODUCT of 1-forms. 
Let 

8, = bı dx + ba dez (4) 


0 = cı dz, + Ca dxa, (5) 
then 6; A 62 is a 2-form denoted w”. Changing variables 


T1(y1, Y2) to x2(yi, y2) gives 


dz, = — dyı + —— dye (6) 
yı Y2 
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SO 
Oni Ox. Ox: ro 
dx, Adra = | — — — — — | dyu Ad 
Eee E Oy Oye a PAE 
(z1, £2) 
= ——— dy, A dye. 8 
Alyy) A (8) 


Similarly, a 4-form can be constructed from WEDGE 
PRODUCTS of two 2-forms or four 1-forms 


w* = ur” A we" = (w A wa) A (w3! A wa"). (9) 


see also ANGLE BRACKET, BRA, EXTERIOR DERIVA- 
TIVE, KET, ONE-FORM, SYMPLECTIC FORM, WEDGE 
PRODUCT 
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Differential Operator 
The OPERATOR representing the computation of a DE- 
RIVATIVE, 
~ d 
D = —. 
dz 


The second derivative is then denoted D?, the third D?, 
etc. The INTEGRAL is denoted DTH. 


see also CONVECTIVE DERIVATIVE, DERIVATIVE, FRAC- 
TIONAL DERIVATIVE, GRADIENT 


Differential Structure 
see EXOTIC R4, EXOTIC SPHERE 


Differential Topology 

The motivating force of TOPOLOGY, consisting of the 
study of smooth (differentiable) MANIFOLDS. Differen- 
tial topology deals with nonmetrical notions of MAN- 
IFOLDS, while DIFFERENTIAL GEOMETRY deals with 
metrical notions of MANIFOLDS. 


see also DIFFERENTIAL GEOMETRY 
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Differentiation 

The computation of a DERIVATIVE. 

see also CALCULUS, DERIVATIVE, INTEGRAL, INTEGRA- 
TION 
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Digamma Function 


Re [Diganma z] | Digamma z| 


Two notations are used for the digamma function. The 
W(z) digamma function is defined by 


r(e) 
wan a) 


V(z) = = Ini (7) = 


where T is the GAMMA FUNCTION, and is the 
function returned by the function PolyGamma[z] in 
Mathematica® (Wolfram Research, Champaign, IL). 
The F digamma function is defined by 


F(z) = 2 In z! (2) 


and is equal to 
F(z) = W(2 +1). (3) 


From a series expansion of the FACTORIAL function, 


F(z) = a lim [Inn!+ zInn 


dz n300 
—In(z+1) —In(z+2)—...-—In(z+n)] (4) 
. 1 1 1 
= lim (Inn —--——-...- ) 
n—00 z+1 z+2 z+n 
(5) 
_ 1 1 
wee roar 6) 
n=1 
— (7) 
— n(n + 2) 
7 1 Ba 
=Inz+ 2 2 apo (8) 


where y is the EULER-MASCHERONI CONSTANT and Ban 
are BERNOULLI NUMBERS. 


The nth DERIVATIVE of VW (2) is called the POLYGAMMA 
FUNCTION and is denoted Y, (2). Since the digamma 


Digamma Function 


function is the zeroth derivative of U(z) (i.e., the func- 
tion itself), it is also denoted wo(z). 


The digamma function satisfies 


For integral z =n, 


n— il 


1 
Y) =-=7+ 9) ¿=-1+ Hna (10) 
k=1 


where y is the EULER-MASCHERONI CONSTANT and Hn 
is a HARMONIC NUMBER. Other identities include 


dd $5 1 

a Dire, (11) 
W(1 — 2) — V(2) = reot(7z) (12) 
F(z +1) = W(z) + : (13) 
W(2z) = $U(z) + $U(z+ $) +1n2. (14) 

Special values are 
(+) = -—y-2In2 (15) 
y (1) =y. (16) 

At integral values, 
bo(n +1) =-7+ 05, (17) 

k=1 


and at half-integral values, 
A 1 
i = e 
Vol in) = E +2) ET (18) 


At rational arguments, wo(p/q) is given by the explicit 
equation 


Wo (2) = —y —In(2q) — ¿rr cot (2) 


[g/2]—1 Sao k 
+2 ` cos e) In |sin (=) (19) 
= q q 


for 0 < p < q (Knuth 1973). These give the special 
values 


vo(3) = —y— 21n2 (20) 
polt) = L(—6y — V3 — 91n3) (21) 
pol?) = 4(-6y + rV3 — 91n 3) (22) 
yoli) = -7- ir — 3in2 (23) 
polž) = 4(—2y + 7 — 6ln 2) (24) 
po(l1} = —-7, (25) 


Digimetic 


where y is the EULER-MASCHERONI CONSTANT. Sums 
and differences of p1(r/s) for small integral r and s can 
be expressed in terms of CATALAN’S CONSTANT and 7. 


see also GAMMA FUNCTION, HARMONIC NUMBER, 
HURWITZ ZETA FUNCTION, POLYGAMMA FUNCTION 
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Digimetic 
A CRYPTARITHM in which DIGITS are used to represent 
other DIGITS. 


Digit 

The number of digits D in an INTEGER n is the number 
of numbers in some base (usually 10) required to repre- 
sent it. The numbers 1 to 9 are therefore single digits, 
while the numbers 10 to 99 are double digits. Terms such 
as “double-digit inflation” are occasionally encountered, 
although this particular usage has thankfully not been 
needed in the U.S. for some time. The number of (base 
10) digits in a number n can be calculated as 


D = |logo n + 1], 


where |x| is the FLOOR FUNCTION. 


see also 196-ALGORITHM, ADDITIVE PERSISTENCE, 
DIGITADITION, DIGITAL ROOT, FACTORION, FIGURES, 
LENGTH (NUMBER), MULTIPLICATIVE PERSISTENCE, 
NARCISSISTIC NUMBER, SCIENTIFIC NOTATION, SIG- 
NIFICANT DIGITS, SMITH NUMBER 


Digitadition 

Start with an INTEGER n, known as the GENERATOR. 
Add the SUM of the GENERATOR’s digits to the GEN- 
ERATOR to obtain the digitadition n'. A number can 
have more than one GENERATOR. If a number has no 
GENERATOR, it is called a SELF NUMBER. The sum of 
all numbers in a digitadition series is given by the last 
term minus the first plus the sum of the DIGITS of the 
last. 


If the digitadition process is performed on n’ to yield its 
digitadition n”, on n” to yield n”, etc., a single-digit 
number, known as the DIGITAL ROOT of n, is eventually 
obtained. The digital roots of the first few integers are 
(93. 45 607, BO. 1. 2.3. 45.6, TO Lo das 
(Sloane’s A010888). 
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If the process is generalized so that the kth (instead of 
first) powers of the digits of a number are repeatedly 
added, a periodic sequence of numbers is eventually ob- 
tained for any given starting number n. If the original 
number n is equal to the sum of the kth powers of its dig- 
its, it is called a NARCISSISTIC NUMBER. If the original 
number is the smallest number in the eventually periodic 
sequence of numbers in the repeated k-digitaditions, it 
is called a RECURRING DIGITAL INVARIANT. Both NAR- 
CISSISTIC NUMBERS and RECURRING DIGITAL INVARI- 
ANTS are relatively rare. 


The only possible periods for repeated 2-digitaditions 
are 1 and 8, and the periods of the first few positive 
integers are 1, 8, 8, 8, 8, 8, 1, 8, 8, 1,.... The possi- 
ble periods p for n-digitaditions are summarized in the 
following table, together with digitaditions for the first 
few integers and the corresponding sequence numbers. 


n Sloane ps n-Digitaditions 


2 031176 1,8 1, 8, 8, 8, 8, 8, 1, 8, 8,. 
3 031178 1,2,3 1, 1, 1, 3, 1, 1, 1, 1, 1, 
4 031182 1,2,7 ar Oe Ces ea TT. 
5 031186 1, 2, 4, 6, 1, 12, 22, 4, 10, 22, 28, 
10, 12, 22,28 10, 22,1,... 
6 031195 1, 2, 3, 4, 1, 10, 30, 30, 30, 10, 10, 
10, 30 10, 3, 1, 10, ... 
7 031200 1, 2, 3, 6, 1, 92, 14, 30, 92, 56, 6, 
12, 14, 21, 27, 92, 56, 1, 92, 27,... 
30, 56, 92 
8 031211 1, 25, 154 1, 25, 154, 154, 154, 154, 
25, 154, 154, 1, 25,... 
9 031212 1, 2,3, 4,8, 1, 30, 93, 1, 19, 80, 4, 30, 
10, 19, 24, 28, 80, 1, 30, 93, 4, 10,... 
30, 80, 93 
10 031212 1,6, 7, 17, 1, 30, 93, 1, 19, 80, 4, 30, 
81, 123 80, 1, 30, 93, 4, 10,... 


The numbers having period-1 2-digitaded sequences are 


also called HAPPY NUMBERS. 


The first few numbers 


having period p n-digitaditions are summarized in the 
following table, together with their sequence numbers. 
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Digitadition 


Sloane 


007770 
031177 
031179 
031180 
031181 
031183 
031184 
031185 
031187 
031188 
031189 
031190 
031191 
031192 
031193 
031194 
011557 
031357 
031196 
031197 
031198 
031199 
031201 
031202 
031203 


031204 
031205 
031206 
031207 
031208 
031209 
031210 


011557 


Members 

1, 7, 10, 13, 19, 23, 28, 31, 32,... 
2,3; 4.050,89, 9, 11, 12; 14, Lio 
12:356; n8 910; 11, Ll is 
49, 94, 136, 163, 199, 244, 316,... 
4, 13, 16, 22, 25, 28, 31, 40, 46,... 


1, 10, 12, 17, 21, 46, 64, 71, 100, ... 


66, 127, 172, 217, 228, 271, 282, .. 
2,3,4,5,6,7,8,9, 11, 13, 14, ... 
1, 10, 100, 145, 154, 247, 274, ... 
133, 139, 193, 199, 226, 262, ... 

4, 37, 40, 55, 73, 124, 142, ... 

16, 61, 106, 160, 601, 610, 778, ... 
5, 8, 17, 26, 35, 44, 47, 50, 53, ... 
2, 11, 14, 20, 23, 29, 32, 38, 41,... 
3, 6, 9, 12, 15, 18, 21, 24, 27,... 

7, 13, 19, 22, 25, 28, 31, 34, 43, ... 
1, 10, 100, 1000, 10000, 100000, ... 
3468, 3486, 3648, 3684, 3846, ... 
9, 13, 31, 37, 39, 49, 57, 73, 75, ... 
255, 466, 525, 552, 646, 664, ... 

2, 6, 7, 8, 11, 12, 14, 15, 17, 19, ... 
3, 4, 5, 16, 18, 22, 29, 30, 33, ... 
1, 10, 100, 1000, 1259, 1295, ... 
22, 202, 220, 256, 265, 526, 562, ... 


124, 142, 148, 184, 214, 241, 259, ... 


7, 70, 700, 7000, 70000, 700000, ... 
17, 26, 47, 59, 62, 71, 74, 77, 89,... 
3, 30, 111, 156, 165, 249, 294, ... 


19, 34, 43, 91, 109, 127, 172, 190, ... 


12, 18, 21, 24, 39, 42, 45, 54, 78, ... 
4, 13, 16, 25, 28, 31, 37, 40, 46, ... 
6, 9, 15, 27, 33, 36, 48, 51, 57, ... 


2, 5, 8, 11, 14, 20, 23, 29, 32, 35, ... 


1, 10, 14, 17, 29, 37, 41, 71, 73, ... 
2, 7, 11, 15, 16, 20, 23, 27, 32, ... 
3, 4, 5, 6, 8, 9, 12, 13, 18, 19, ... 


1, 4, 10, 40, 100, 400, 1000, 1111, ... 
127, 172, 217, 235, 253, 271, 325, ... 


444, 4044, 4404, 4440, 4558, ... 

7, 13, 31, 67, 70, 76, 103, 130, ... 
22, 28, 34, 37, 43, 55, 58, 73, 79, ... 
14, 38, 41, 44, 83, 104, 128, 140, ... 
5, 26, 50, 62, 89, 98, 155, 206, ... 
16, 61, 106, 160, 337, 373, 445, ... 
19, 25, 46, 49, 52, 64, 91, 94, ... 

2, 8, 11, 17, 20, 23, 29, 32, 35, ... 
6, 9, 15, 18, 24, 33, 42, 48, 51, ... 
3, 12, 21, 27, 30, 36, 39, 45, 54, ... 
1, 10, 100, 1000, 10000, 100000, ... 
266, 626, 662, 1159, 1195, 1519, ... 
46, 58, 64, 85, 122, 123, 132, ... 

2, 4, 5, 11, 13, 20, 31, 38, 40,... 
17, 18, 37, 71, 73, 81, 107, 108, ... 
3, 6, 7, 8, 9, 12, 14, 15, 16, 19, ... 


see also 196-ALGORITHM, ADDITIVE PERSISTENCE, 
DIGIT, DIGITAL ROOT, MULTIPLICATIVE PERSISTENCE, 


Dihedral Angle 


NARCISSISTIC NUMBER, RECURRING DIGITAL INVARI- 
ANT 


Digital Root 

Consider the process of taking a number, adding its DIG- 
ITS, then adding the DIGITS of numbers derived from it, 
etc., until the remaining number has only one DIGIT. 
The number of additions required to obtain a single 
DIGIT from a number n is called the ADDITIVE PER- 
SISTENCE of n, and the DIGIT obtained is called the 
digital root of n. 


For example, the sequence obtained from the starting 
number 9876 is (9876, 30, 3), so 9876 has an ADDITIVE 
PERSISTENCE of 2 and a digital root of 3. The digital 
roots of the first few integers are 1, 2, 3, 4, 5, 6, 7, 8, 9, 1, 
2, 3, 4, 5, 6, 7, 9, 1, ... (Sloane’s A010888). The digital 
root of an INTEGER n can therefore be computed with- 
out actually performing the iteration using the simple 
congruence formula 


le (mod 9) n % 0 (mod 9) 
9 n=O (mod 9). 


see also ADDITIVE PERSISTENCE, DIGITADITION, 
KAPREKAR NUMBER, MULTIPLICATIVE DIGITAL ROOT, 
MULTIPLICATIVE PERSISTENCE, NARCISSISTIC NUM- 
BER, RECURRING DIGITAL INVARIANT, SELF NUMBER 
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Digon 


The DEGENERATE POLYGON (corresponding to a LINE 
SEGMENT) with SCHLAFLI SYMBOL {2}. 


see also LINE SEGMENT, POLYGON, TRIGONOMETRY 
VALUES—7 /2 


Digraph 
see DIRECTED GRAPH 


Dihedral Angle 
The ANGLE between two PLANES. The dihedral angle 
between the planes 


Aız + Bıy + Cız + Dı = (1) 
Azz + Bay + Caz + Da = 0 (2) 
is 
A14A2 + BiB2 + C1C2 


y A1? + Bi? +01? V Ao? + Bo? + CA 


see also ANGLE, PLANE, VERTEX ANGLE 


cos @ = 


trigger (PB3) is “pulled” the shot counter is incremented. If the 
rifle is on target, the hit counter is incremented. After 15 shots the 
score is displayed. 


Circuit Description 
The simplest circuit utilizing this game chip is illustrated in 
Fig. 10-21, A DIP switch (S1-S8) is used for rarely changed func- 


E HIT 


sn 
alas po tzl03)5 TO PIN 28 
17 


á Smi) 
- Ad 
| TRIGGER 
* v2 000 |e | LL PULSE 
TO PIN 24 


BUT TON 
"TRIGGER? 


Fig. 10-20. Rifle circuit. PT-1 photo transistor TIL64 or equiv.; 4098—dual 
monostable; 4011—quad 2 input NAND; all resistors ¥2 W 5%; all caps min. 
25 V de ceramic. 
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Dihedral Group 


Dihedral Group 
A GROUP of symmetries for an n-sided REGULAR POLY- 
GON, denoted Dn. The ORDER of Dn is 2n. 


see also FINITE GROUP—D3, FINITE GROUP—-Da 
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Dijkstra’s Algorithm 
An ALGORITHM for finding the shortest path between 
two VERTICES. 


see also FLOYD’S ALGORITHM 


Dijkstra Tree 
The shortest path-spanning TREE from a VERTEX of a 
GRAPH. 


Dilation 

An AFFINE TRANSFORMATION in which the scale is re- 
duced. A dilation is also known as a CONTRACTION or 
HOMOTHECY. Any dilation which is not a simple trans- 
lation has a unique FIXED POINT. The opposite of a 
dilation is an EXPANSION. 


see also AFFINE TRANSFORMATION, EXPANSION, Ho- 
MOTHECY 
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Dilemma 

Informally, a situation in which a decision must be made 
from several alternatives, none of which is obviously the 
optimal one. In formal LOGIC, a dilemma is a spe- 
cific type of argument using two conditional statements 
which may take the form of a CONSTRUCTIVE DILEMMA 
or a DESTRUCTIVE DILEMMA. 


see also CONSTRUCTIVE DILEMMA, DESTRUCTIVE 
DILEMMA, MONTY HALL PROBLEM, PARADOX, PRIS- 
ONER’S DILEMMA 


Dilogarithm 

A special case of the POLYLOGARITHM Li, (2) for n = 2. 
It is denoted Lig(z), or sometimes L2(2), and is defined 
by the sum 


or the integral 


ta) = | asl E 


t 


There are several remarkable identities involving the 
POLYLOGARITHM function. 
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see also ABEL’S FUNCTIONAL EQUATION, POLYLOGA- 
RITHM, SPENCE?S INTEGRAL 
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Dilworth's Lemma 

The WIDTH of a set P is equal to the minimum num- 
ber of CHAINS needed to COVER P. Equivalently, if a 
set P of ab + 1 elements is PARTIALLY ORDERED, then 
P contains a CHAIN of size a + 1 or an ANTICHAIN of 
size b+ 1. Letting N be the CARDINALITY of P, W 
the WIDTH, and L the LENGTH, this last statement 
says N < EW. Dilworth's lemma is a generalization 
of the ERDOS-SZEKERES THEOREM. RAMSEY’S THEO- 
REM generalizes Dilworth's Lemma. 


see also COMBINATORICS, ERDOS-SZEKERES THEOREM, 
RAMSEY’S THEOREM 


Dilworth’s Theorem 
see DILWORTH’S LEMMA 


Dimension 

The notion of dimension is important in mathematics 
because it gives a precise parameterization of the con- 
ceptual or visual complexity of any geometric object. In 
fact, the concept can even be applied to abstract ob- 
jects which cannot be directly visualized. For example, 
the notion of time can be considered as one-dimensional, 
since it can be thought of as consisting of only “now,” 
“before” and “after.” Since “before” and “after,” re- 
gardless of how far back or how far into the future they 
are, are extensions, time is like a line, a 1-dimensional 
object. 


To see how lower and higher dimensions relate to each 
other, take any geometric object (like a POINT, LINE, 
CIRCLE, PLANE, etc.), and “drag” it in an opposing di- 
rection (drag a POINT to trace out a LINE, a LINE to 
trace out a box, a CIRCLE to trace out a CYLINDER, a 
DISK to a solid CYLINDER, etc.). The result is an object 
which is qualitatively “larger” than the previous object, 
“qualitative” in the sense that, regardless of how you 
drag the original object, you always trace out an ob- 
ject of the same “qualitative size.” The POINT could be 
made into a straight LINE, a CIRCLE, a HELIX, or some 
other CURVE, but all of these objects are qualitatively 
of the same dimension. The notion of dimension was 
invented for the purpose of measuring this “qualitative” 
topological property. 


Making things a bit more formal, finite collections of ob- 
jects (e.g., points in space) are considered 0-dimensional. 
Objects that are “dragged” versions of 0-dimensional 
objects are then called 1-dimensional. Similarly, ob- 
jects which are dragged 1-dimensional objects are 2- 
dimensional, and so on. Dimension is formalized in 
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mathematics as the intrinsic dimension of a TOPO- 
LOGICAL SPACE. This dimension is called the LEBES- 
GUE COVERING DIMENSION (also known simply as the 
TOPOLOGICAL DIMENSION). The archetypal example 
is EUCLIDEAN n-space R”, which has topological di- 
mension n. The basic ideas leading up to this result 
(including the DIMENSION INVARIANCE THEOREM, Do- 
MAIN INVARIANCE THEOREM, and LEBESGUE COVER- 
ING DIMENSION) were developed by Poincaré, Brouwer, 
Lebesgue, Urysohn, and Menger. 


There are several branchings and extensions of the no- 
tion of topological dimension. Implicit in the notion 
of the LEBESGUE COVERING DIMENSION is that dimen- 
sion, in a sense, is a measure of how an object fills space. 
If it takes up a lot of room, it is higher dimensional, and 
if it takes up less room, it is lower dimensional. HAUS- 
DORFF DIMENSION (also called FRACTAL DIMENSION) is 
a fine tuning of this definition that allows notions of ob- 
jects with dimensions other than INTEGERS. FRACTALS 
are objects whose HAUSDORFF DIMENSION is different 
from their TOPOLOGICAL DIMENSION. 


The concept of dimension is also used in ALGEBRA, pri- 
marily as the dimension of a VECTOR SPACE over a 
FIELD. This usage stems from the fact that VECTOR 
SPACES over the reals were the first VECTOR SPACES 
to be studied, and for them, their topological dimension 
can be calculated by purely algebraic means as the CAR- 
DINALITY of a maximal linearly independent subset. In 
particular, the dimension of a SUBSPACE of R” is equal 
to the number of LINEARLY INDEPENDENT VECTORS 
needed to generate it (i.e., the number of VECTORS in 
its BASIS). Given a transformation A of R”, 


dim[Range(A)] + dim[Null(4)] = dim(R”). 


see also CAPACITY DIMENSION, CODIMENSION, CORRE- 
LATION DIMENSION, EXTERIOR DIMENSION, FRACTAL 
DIMENSION, HAUSDORFF DIMENSION, HAUSDORFF- 
BESICOVITCH DIMENSION, KAPLAN-YORKE DIMEN- 
SION, KRULL DIMENSION, LEBESGUE COVERING DI- 
MENSION, LEBESGUE DIMENSION, LYAPUNOV DIMEN- 
SION, POSET DIMENSION, g-DIMENSION, SIMILARITY 
DIMENSION, TOPOLOGICAL DIMENSION 
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Dini’s Surface 


Dimension Axiom 

One of the EILENBERG-STEENROD AXIOMS. Let X be 
a single point space. H,(X) = 0 unless n = 0, in which 
case Ho( X) = G where G are some GROUPS. The Ho are 
called the COEFFICIENTS of the HOMOLOGY THEORY 
H(-). 

see also EILENBERG-STEENROD AXIOMS, HOMOLOGY 
(TOPOLOGY) 


Dimension Invariance Theorem 
R” is HOMEOMORPHIC to R” IFF n = m. This theorem 
was first proved by Brouwer. 


see also DOMAIN INVARIANCE THEOREM 


Dimensionality Theorem 
For a finite GROUP of h elements with an n;th dimen- 
sional ¿th irreducible representation, 


Soni =h. 


Diminished Polyhedron 
A UNIFORM POLYHEDRON with pieces removed. 


Diminished Rhombicosidodecahedron 
see JOHNSON SOLID 


Dini Expansion 
An expansion based on the ROOTS of 


x "[2J, (1) + HJn(x)] = 0, 


where Jn(x) is a BESSEL FUNCTION OF THE FIRST 
KIND, is called a Dini expansion. 


see also BESSEL FUNCTION FOURIER EXPANSION 
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Dini’s Surface 


A surface of constant NEGATIVE CURVATURE obtained 
by twisting a PSEUDOSPHERE and given by the paramet- 
ric equations 


z = acosusinv (1) 


y 


Z 


asinusinv (2) 
a{cosv + In[tan($v)]} + bu. (3) 


Dini's Test 


The above figure corresponds to a = 1, b = 0.2, u € 
[0, 47], and v € (0, 2]. 
see also PSEUDOSPHERE 
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Dini’s Test 
A test for the convergence of FOURIER SERIES. Let 


Palt) = fle +t) + Het) — 2f (x), 


f [Pz (t)| dt 
‘ t 


is FINITE, the FOURIER SERIES converges to f(z) at x. 


then if 


see also FOURIER SERIES 
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Dinitz Problem 

Given any assignment of n-element sets to the n? loca- 
tions of a square n x n array, is it always possible to 
find a PARTIAL LATIN SQUARE? The fact that such a 
PARTIAL LATIN SQUARE can always be found for a 2 x 2 
array can be proven analytically, and techniques were 
developed which also proved the existence for 4 x 4 and 
6 x 6 arrays. However, the general problem eluded solu- 
tion until it was answered in the affirmative by Galvin in 
1993 using results of Janssen (1993ab) and F. Maffray. 


see also PARTIAL LATIN SQUARE 
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Diocles’s Cissoid 
see CISSOID OF DIOCLES 
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Diophantine Equation 

An equation in which only INTEGER solutions are al- 
lowed. HILBERT’S 10TH PROBLEM asked if a technique 
for solving a general Diophantine existed. A general 
method exists for the solution of first degree Diophan- 
tine equations. However, the impossibility of obtaining a 
general solution was proven by Julia Robinson and Mar- 
tin Davis in 1970, following proof of the result that the 
equation n = Fo, (where Fam is a FIBONACCI NUM- 
BER) is Diophantine by Yuri Matijasevié (Matijasevic 
1970, Davis 1973, Davis and Hersh 1973, Matijasevic 
1993). 


No general method is known for quadratic or higher 
Diophantine equations. Jones and Matijasevié (1982) 
proved that no ALGORITHMS can exist to determine if 
an arbitrary Diophantine equation in nine variables has 
solutions. Ogilvy and Anderson (1988) give a number 
of Diophantine equations with known and unknown so- 
lutions. 


D. Wilson has compiled a list of the smallest nth Pow- 
ERS which are the sums of n distinct smaller nth Pow- 
ERS. The first few are 3, 5, 6, 15, 12, 25, 40, ... (Sloane’s 
A030052): | 


gl = iba aie ol 
5° = 3° 44 
6 = 23 $ 43 + BS 
154 Sa + 6 + 84 + 94 + 14t 
PSS Or eo 1 
25 = 19+ 28 + 39 + 5° +6° + 7° +8°+9°+ 10 
O O e E le ET 
AQ E 425° 400" 4 10? 4" ae? 7" 
+1820 91" 4299" 405" Rt at 
B = 18+ 28 + 38 4+ 5% + 7% 49% 4+ 10° 4 11° 
$19" 213° ia eS ag ey ee 
tO” OS a 04? An eG LOT 
90° 4 99" 4-99" 43854877438" 4.39" 
+41? p42" ede dG bag dy eas: 
+ 49° + 51° + 525 453457 + 58° + 59° 
+ 61° + 63° + 69° 4 73° 
AG OP ea se ee ed O o 
OG? 97 4-30" 4:91" 430" 4: 93° 
+ 36° + 38° + 39° + 43° 
6319 = 19 4 910 za fe: 510 cf gi die gl + 1910 
dE 151° de 16 dE 171° tt 991° de 9119 + 9510 
IO E E 8 30 486" T 
438°) 40 9 O --. 


6 


see also ABC CONJECTURE, ARCHIMEDES’ CAT- 
TLE PROBLEM, BACHET EQUATION, BRAHMAGUPTA’S 
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PROBLEM, CANNONBALL PROBLEM, CATALAN'S PROB- 
LEM, DIOPHANTINE EQUATION—LINEAR, DIOPHAN- 
TINE EQUATION— QUADRATIC, DIOPHANTINE EQUA- 
TION—CUBIC, DIOPHANTINE EQUATION—QUARTIC, 
DIOPHANTINE EQUATION— 5TH POWERS, DIOPHAN- 
TINE EQUATION—6TH POWERS, DIOPHANTINE EQUA- 
TION—7TH POWERS, DIOPHANTINE EQUATION—8TH 
POWERS, DIOPHANTINE EQUATION—9TH POWERS, 
DIOPHANTINE EQUATION—10TH POWERS, DIOPHAN- 
TINE EQUATION—nTH POWERS, DIOPHANTUS PROP- 
ERTY, EULER BRICK, EULER QUARTIC CONJECTURE, 
FERMAT’S LAST THEOREM, FERMAT SUM THEO- 
REM, GENUS THEOREM, HURWITZ EQUATION, MARKOV 
NUMBER, MONKEY AND COCONUT PROBLEM, MULTI- 
GRADE EQUATION, p-ADIC NUMBER, PELL EQUATION, 
PYTHAGOREAN QUADRUPLE, PYTHAGOREAN TRIPLE 
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Diophantine Equation—5th Powers 
The 2-1 fifth-order Diophantine equation 


PLB =C (1) 


is a special case of FERMAT’S LAST THEOREM with 
n = 5, and so has no solution. No solutions to the 
2-2 equation 

A’ + B* = C% + D’ (2) 


are known, despite the fact that sums up to 1.02 x 10% 
have been checked (Guy 1994, p. 140), improving on 
the results on Lander et al. (1967), who checked up to 
2.8 x 10%. (In fact, no solutions are known for POWERS 
of 6 or 7 either.) 


No solutions to the 3-1 equation 
n e E (3) 


are known (Lander et al. 1967), nor are any 3-2 solutions 
up to 8 x 101? (Lander et al. 1967). 


Parametric solutions are known for the 3-3 (Guy 1994, 
pp. 140 and 142). Swinnerton-Dyer (1952) gave two 
parametric solutions to the 3-3 equation but, forty years 
later, W. Gosper discovered that the second scheme has 
an unfixable bug. The smallest primitive 3-3 solutions 
are 


24° + 285 467 = 3° + 54% + 62° (4) 

18% + 44° + 66° = 13° + 51% + 64° (5) 

215 + 435 + 76° = 8° + 62° + 68° (6) 

56° + 67° + 83° = 53° + 72° + 81° (7) 

49° + 75% + 107° = 39° + 92° + 100° (8) 
(Moessner 1939, Moessner 1948, Lander et al. 1967). 

For 4 fifth POWERS, we have the 4-1 equation 
27° + 84° + 110° + 133° = 144° (9) 


(Lander and Parkin 1967, Lander et al. 1967), but it is 


not known if there is a parametric solution (Guy 1994, 
p. 140). Sastry’s (1934) 5-1 solution gives some 4-2 so- 
lutions. The smallest primitive 4-2 solutions are 


A? 4-10? 4-90" 4298" = 3° 490° ( 
5° + 13° + 25° + 37° = 12 + 38° ( 
26° + 29° + 35° + 50° = 28° + 52° (12 
5° + 25° + 62° + 63° = 61° + 64° ( 


6° +50% + 53% + 82° = 16° + 85° 14 
56° + 63° + 72° + 86° = 31° + 96° (15 
44° + 58° + 67° + 94° = 14° + 99° (16) 
11° + 13° + 37° + 99° = 63° + 97° (17) 


48% + 57% + 76° + 100° = 25° + 106° (18) 
58° + 76° + 79° + 102° = 54° + 111° (19) 
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(Rao 1934, Moessner 1948, Lander et al. 1967). 


A two-parameter solution to the 4-3 equation was given 
by Xeroudakes and Moessner (1958). Gloden (1949) also 
gave a parametric solution. T'he smallest solution is 


1948414 + 277 =3% + 22% + 25" (20) 


(Rao 1934, Lander et al. 1967). Several parametric so- 
lutions to the 4-4 equation were found by Xeroudakes 
and Moessner (1958). The smallest 4-4 solution is 


A E (21) 


(Rao 1934, Lander et al. 1967). The first 4-4-4 equation 


18 


3° + 48° + 52° + 61° = 13° + 36° + 51° + 64° 
= 18° + 36° + 44° + 66° (22) 


(Lander et al. 1967). 


Sastry (1934) found a 2-parameter solution for 5-1 equa- 
tions 


(750 — u®)® + (u® + 250) + (u® — 250*)* 
+(10u°v7)° + (50uv*)? = (ue + 75v°)? (23) 


(quoted in Lander and Parkin 1967), and Lander and 
Parkin (1967) found the smallest numerical solutions. 
Lander et al. (1967) give a list of the smallest solutions, 
the first few being 


19° + 43° + 46° + 47° + 67° = 72° ~— (24) 

21° + 23° +37 47 484 =94 (25) 

7° + 43° + 57° + 80° + 100° = 107° (26) 

8% + 120° + 191° + 259° + 347° = 365° (27) 
79° + 202° + 258° + 261° + 395% = 415° (28) 
4° + 26° + 139° + 296° + 412° = 427° (29) 
315 + 105° + 139° + 314° + 416° = 435° (30) 
54° + 91% + 101° + 404° + 430° = 480° (31) 
19° + 201° + 347° + 388° + 448° = 503° (32) 
159° + 172° + 200° + 356° + 513° =530% (33) 
218° + 276% + 385% + 409% + 495° = 553% (34) 
2° + 298° + 351° + 474° + 500° =575° (35) 


(Lander and Parkin 1967, Lander et al. 1967). 


The smallest primitive 5-2 solutions are 


4°4+5°4+7°+16°4+21°=1°4+22° ( 
9° +11° + 14° + 18° + 30° = 23° +29 ( 
10° + 14° + 26° + 31° + 33° = 16° + 38° (38 
4° + 22° + 29° +35 + 36° = 24° 442% ( 
85 +15 +17 419 445% = 30° + 44% ( 
546426427444? = 365 +42 (41 
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(Rao 1934, Lander et al. 1967). 


The 6-1 equation has solutions 


eae es AO a ie ba Y | 
5410 4119 +16 419 + 29° =30% ( 
15% + 16 4 17% + 22° + 24° + 28° =32 ' (44) 
13° + 18° + 23° + 31° + 36° + 66% = 677  ( 
7 + 20° + 29° + 31° + 34° + 66° =67 ( 
22° + 35° + 48° + 58° + 61° + 645 = 78° (47) 
4° + 13ř + 19° + 20°+67°+96° =99% (48) 
6° + 177 + 60° + 64° + 73° 489 = 99° (49) 


(Martin 1887, 1888, Lander and Parkin 1967, Lander et 
al. 1967). 


The smallest 7-1 solution is 
1°+7°+8° 414° + 15° +18" + 20° = 23° (50) 


(Lander et al. 1967). 
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Diophantine Equation—6th Powers 
The 2-1 equation 


AB! =O" (1) 
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is a special case of FERMAT’S LAST THEOREM with n = 
6, and so has no solution. Ekl (1996) has searched and 
found no solutions to the 2-2 


AS Be SC LD (2) 


with sums less than 7.25 x 107°. 


No solutions are known to the 3-1 or 3-2 equations. How- 
ever, parametric solutions are known for the 3-3 equa- 
tion 

A + B+ C® DO 4+ E°+ F® (3) 


(Guy 1994, pp. 140 and 142). Known solutions are 


3% + 19% + 22% = 10° + 15° + 23° (4 
36° + 37° + 67% = 15° 4 52° + 65° (5 
33° 447 74° 93° 454° 473° (6 
32° + 43% + 81% = 3% + 55° + 80° (7 
37% + 50° + 81° = 11° + 65° + 78° ( 

25° + 62° + 138° = 82° + 92° + 135° (9 


51% + 113% + 136° = 40° + 125 + 129% ( 
71% + 92% + 147% = 1° + 132% + 133° ( 
111° + 121° + 230° = 26° + 169 + 225% (12 

( 


— 
o 104) 


E 
n 


75° + 142% + 245° = 14° + 163° + 243° 


(Rao 1934, Lander et al. 1967). 


No solutions are known to the 4-1 or 4-2 equations. The 
smallest primitive 4-3 solutions are 


41° + 58° + 738 = 15° + 32° + 65° + 70° (14) 
61° + 62° + 85° = 52° + 56° + 69° + 83° (15) 
61° + 74° + 85° = 26° + 56° + 71°+ 87° (16) 
11° + 88° + 90° = 21° + 74° + 78° +92% (17) 
26° + 83° + 95° = 23° + 24° + 28° + 101% ( 


(Lander et al. 1967). Moessner (1947) gave three para- 
metric solutions to the 4-4 equation. The smallest 4-4 
solution is 


Oe Gao dos (19) 
(Rao 1934, Lander et al. 1967). The smallest 4-4-4 so- 
lution is 
1% + 34° 4 49° + 111° = 7° + 43° + 69° + 110° 
= 18° + 25°+77°+109° (20) 
(Lander et al. 1967). 


No n-1 solutions are known for n < 6 (Lander et al. 
1967). No solution to the 5-1 equation is known (Guy 
1994, p. 140) or the 5-2 equation. 


No solutions are known to the 6-1 or 6-2 equations. 
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The smallest 7-1 solution is 


74% + 234? + 492° + 474° + 702° + 894* + 1077 = 11418 
| (21) 
(Lander et al. 1967). The smallest 7-2 solution is 


18° + 22° + 36° + 58° +69° + 78° +788 = 56°+91° (22) 


(Lander et al. 1967). 


The smallest primitive 8-1 solutions are 


8% + 12% + 30° + 78% + 102° 

+138% + 165° + 246% = 251% (23) 
48% + 111° + 156° + 186° + 188° 

+228° + 240° + 426° = 431° (24) 
93° + 93% + 195% + 197° + 303° 

+303° + 303° + 411% = 440° (25) 
219° + 255° + 261° + 267° + 289° 

+351° + 351° + 351° = 440° (26) 
12° + 66° + 138° + 174° + 212° 

+288* + 306° + 441° = 455° (27) 
12° + 48° + 222° + 236° + 333° 

+384° + 390° + 426° = 493% (28) 
66° + 78° + 144° + 228° + 256° 

+288% + 435° + 444° = 499% (29) 
16° + 24° + 60° + 156° + 204° 

+276° + 330° + 492° = 502° (30) 
61° + 96° + 156° + 228° + 276° 

+318% + 354° + 534° = 547° (31) 
170° + 177% + 276° + 312° + 312% 

+408° + 450° + 498° = 559% (32) 
60° + 102° + 126° + 261° + 270° 

+338° + 354° + 570% = 581° (33) 
57° + 146° + 150° + 360° + 390° 

+402% + 444° + 528° = 583% (34) 
33° 4572" 4190" 100" + 204° 

+390° + 534° + 534° = 607° (35) 
12° + 90° + 114° + 114° + 273° - 

+306% + 492° + 592° = 623° (36) 


(Lander et al. 1967). The smallest 8-2 solution is 


8 + 10% + 12° + 15% + 24% + 30% + 33% + 36° = 35% + 37° 
(37) 
(Lander et al. 1967). 


The smallest 9-1 solution is 


1% +178 + 19% + 22% + 31 4 37% + 37° + 41% + 49% = 54% 
(38) 


Diophantine Equation—7th Powers 
(Lander et al. 1967). The smallest 9-2 solution is 


aa la 7? 210? =6 oT” 
(39) 
(Lander et al. 1967). 


The smallest 10-1 solution is 


26 4 4% 47% 4.14% 4 16% +26 + 26% + 30% + 32° + 32° — 39° 
(40) 
(Lander et al. 1967). The smallest 10-2 solution is 


14.15 4194.49 4.4% 4794.98 4 19941794118 = 1284128 
(41) 
(Lander et al. 1967). 


The smallest 11-1 solution is 


a GN O O E E E E PGE E ss 
(42) 
(Lander et al. 1967). 


There is also at least one 16-1 identity, 


A ae A A O O eee Ut 
16418 200421499 493" 98". (43) 


(Martin 1893). Moessner (1959) gave solutions for 16-1, 
18-1, 20-1, and 23-1. 
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Diophantine Equation—7th Powers 
The 2-1 equation 


A +B =" (1) 


is a special case of FERMAT'S LAST THEOREM with 
n = 7, and so has no solution. No solutions to the 
2-2 equation 

A +B'=0 +D (2) 


are known 
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No solutions to the 3-1 or 3-2 equations are known, nei- 
ther are solutions to the 3-3 equation 


A +B +0 =D +E EF (3) 


(Ekl 1996). 


No 4-1, 4-2, or 4-3 solutions are known. Guy (1994, 
p. 140) asked if a 4-4 equation exists for 7th POWERS. 
An affirmative answer was provided by (Ekl 1996), 


149” + 123” +147 + 107 = 146” + 1297 + 90’ +15” (4) 


1947 +150” +105’ +23" = 192 +1527 +132" +38”. (5) 
A 4-5 solution is known. 


No 5-1, 5-2, or 5-3 solutions are known. Numerical so- 
lutions to the 5-4 equation are given by Gloden (1948). 
The smallest 5-4 solution is 


3° +117 +26’ + 297 +52 = 12" + 16” +43" +50” (6) 


(Lander et al. 1967). Gloden (1949) gives parametric 
solutions to the 5-5 equation. The first few 5-5 solutions 
are 


8” +8 +13 +167 +19 
= 2" +127 +15 +177 +18” (7) 
APB EI T 4.98" 
= 7 +7 +9 +20 +22" (8) 
IE ER Gr 0 
= 9' 410" +22” +23” 424 (9) 
EE E 4.97" 
= 10’ +137 +137 425 +26" (10) 
37 +137 +177 + 247 + 38" 
= 14" + 26" + 32° + 324.33" (11) 


(Lander et al. 1967). 


No 6-1, 6-2, or 6-3 solutions are known. A parametric 
solution to the 6-6 equation was given by Sastry and Rai 
(1948). The smallest is 


243 H6 FE 410 O ¿E E a’ 
(12) 
(Lander et al. 1967). 


There are no known solutions to the 7-1 equation (Guy 
1994, p. 140). A 7”-2 solution is 


2° 4 96" 

=4 F8 a a EMA eg! 218" 499" 499" 4 93" 

= 7°4+7' +97 +137 +147 4.187 4 20 4+ 227 + 227 + 237 
(13) 
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(Lander et al. 1967). The smallest 7-3 solution is 
74-77 4127 +16" 427° 428431" = 26°+307+30" (14) 


(Lander et al. 1967). 


The smallest 8-1 solution is 

127 +357 +53" +58" +647 +83" +85"+90" = 102" (15) 
(Lander et al. 1967). The smallest 8-2 solution is 

57 +67 +7 +15" +15" +20’ +28°+31" = 10433" (16) 


(Lander et al. 1967). 


The smallest 9-1 solution 1s 


67 +147 +207 + 227 + 277 433 +417 +507 +59" = 62" 
(17) 
(Lander et al. 1967). 
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Diophantine Equation—-8th Powers 
The 2-1 equation 


AD (1) 
is a special case of FERMAT’S LAST THEOREM with n = 
8, and so has no solution. No 2-2 solutions are known. 
No 3-1, 3-2, or 3-3 solutions are known. 

No 4-1, 4-2, 4-3, or 4-4 solutions are known. 


No 5-1, 5-2, 5-3, or 5-4 solutions are known, but Letac 
(1942) found a solution to the 5-5 equation. The small- 
est 5-5 solution is 


18+10 -+118 +208 +438 = 58 +288 +32 +358 +41" (2) 


(Lander et al. 1967). 


No 6-1, 6-2, 6-3, or 6-4 solutions are known. Moessner 
and Gloden (1944) found solutions to the 6-6 equation. 
The smallest 6-6 solution is 


38 684.984 198 +158 +23 = 58 +98 +98 +128 1420422 


(3) 
(Lander et al. 1967). 
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No 7-1, 7-2, or 7-3 solutions are known. The smallest 
7-4 solution is 


7° +98 4 168 +228 4 22% 4 288 434% = 6° +11° 420% 435% 

(4) 
(Lander et al. 1967). Moessner and Gloden (1944) found 
solutions to the 7-6 equation. Parametric solutions to 
the 7-7 equation were given by Moessner (1947) and 
Gloden (1948). The smallest 7-7 solution is 


Pus aug? ang? 466° 413° 

= 4° 478498 49% 410° 411° +12° (5) 
(Lander et al. 1967). 
No 8-1 or 8-2 solutions are known. The smallest 8-3 


solution is 


6° +12°+16°+16° +38? 438% 440% 447% = 8°+17°+50° 
(6) 

(Lander et al. 1967). Sastry (1934) used the smallest 
17-1 solution to give a parametric 8-8 solution. The 
smallest 8-8 solution is 
1 +38 +78 47° +7? + 10° + 10° 4 12° 

= ie ee e646 411 Sa ai (7) 
(Lander et al. 1967). 
No solutions to the 9-1 equation is known. The smallest 


9-2 solution is 


24748416417 + 20° 420% 424? 424* = 11°427° 

(8) 
(Lander et al. 1967). Letac (1942) found solutions to 
the 9-9 equation. 


No solutions to the 10-1 equation are known. 


The smallest 11-1 solution is 


148 + 18% + 2. 448 + 66° + 70° + 92° 
+938 + 96% + 106° + 112% = 125° (9) 


(Lander et al. 1967). 


The smallest 12-1 solution is 


2.83 + 10% + 3.248 + 26° + 30° 
+348 + 44° + 52° +63 =65% (10) 


(Lander et al. 1967). 


The general identity 


Pd Ñ 1)° L Qo — Big me (Du i 
PO + AP ase Y j Pi el (11) 


gives a solution to the 17-1 equation (Lander et al. 1967). 
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Diophantine Equation—9th Powers 
The 2-1 equation 


aR SC: (1) 


is a special case of FERMAT’S LAST THEOREM with 
n = 9, and so has no solution. There is no known 2- 
2 solution. 


There are no known 3-1, 3-2, or 3-3 solutions. 
There are no known 4-1, 4-2, 4-3, or 4-4 solutions. 
There are no known 5-1, 5-2, 5-3, 5-4, or 5-5 solutions. 
There are no known 6-1, 6-2, 6-3, 6-4, or 6-5 solutions. 
The smallest 6-6 solution is 
1° + 13° + 13° + 14° + 18° 4 23° 

= 5° +99 + 107 4 15° 4219 + 22° (2) 
(Lander et al. 1967). 
There are no known 7-1, 7-2, 7-3, 7-4, or 7-5 solutions. 
There are no known 8-1, 8-2, 8-3, 8-4, or 8-5 solutions. 
There are no known 9-1, 9-2, 9-3, 9-4, or 9-5 solutions. 
There are no known 10-1, 10-2, or 10-3 solutions. The 
smallest 10-4 solution is 
E NS 18" 0 19" 

= 5? +12? +16? +21? (3) 

(Lander et al. 1967). No 10-5 solution is known. Moess- 


ner (1947) gives a parametric solution to the 10-10 equa- 
tion. 


There are no known 11-1 or 11-2 solutions. The smallest 
11-3 solution is 


EEE E E O io 19" 401" 4295 90° 
= 13? + 16° + 30° (4) 


(Lander et al. 1967). The smallest 11-5 solution is 


A a O r A a en oT” 
= 79+ 8° +14? + 20° +22” (5) 
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(Lander et al. 1967). Palamá (1953) gave a solution to 
the 11-11 equation. 


There is no known 12-1 solution. The smallest 12-2 so- 
lution is 


ASO? BOO he BP tog A O ee Oo Oe 
=15"+21% (6) 


(Lander et al. 1967). 


There are no known 13-1 or 14-1 solutions. The smallest 
15-1 solution is 


DP DP AY die E Se AO 0? ae [y 15° 
is 91? 01" 93" as" 96" (7) 


(Lander et al. 1967). 
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Diophantine Equation—10th Powers 
The 2-1 equation 


A’? at Be = Ge (1) 


is a special case of FERMAT’S LAST THEOREM with n = 
10, and so has no solution. The smallest values for which 
n-1, n-2, etc., have solutions are 23, 19, 24, 23, 16, 27, 
and 7, corresponding to 


5.110 4.929 4 919 4 gl0 1 g. 7104 4.910 
+10 + 2.12 4 13% 4 147° = 157° (2) 


5. 910 ai ere o + 10+? ajé 6. 11" 
toeg 3-15 lr 8) 


{egg E ET ek yee ee rae 
+107 +12 + 16°° = 11°° +2-15°" (4) 


5.110 49.91 43.310 4444.6! | 
+3:74842.1042-144 15% = 3-114:16% (5) 


4.1 4. 91 4.9. 410 4 gO 4 9.1010 
+5 -137° + 157° = 2.399 48% 4 14 416% (6) 
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o E E E O AE E 
POT PAO ANTS a O32 BY ae oso (7) 


a as 9810 ps ae + 3910 E: Beto +61 + 681 
= 171° + 20% + 23 + 44% + 49 + 64% 467 (8) 


(Lander et al. 1967). 
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Diophantine Equation—Cubic 
The 2-1 equation 


A? + B? = C? (1) 


is a case of FERMAT’S LAST THEOREM with n = 3. In 
fact, this particular case was known not to have any 
solutions long before the general validity of FERMAT’S 
LAST THEOREM was established. The 2-2 equation 


A? + B? = C? + D? (2) 
has a known parametric solution (Dickson 1966, 


pp. 550-554; Guy 1994, p. 140), and 10 solutions with 
sum < 10°, 


1729 = 1° + 12° = 9° + 10° (3) 

4104 = 2° + 16° = 9° + 15° (4) 
13832 = 2° + 24? = 18% + 20° (5) 
20683 = 10° + 27° = 19° + 24° (6) 
32832 = 4° + 32% = 18° + 30° (7) 
39312 = 2° + 34° = 15° + 33° (8) 
40033 = 9% + 34° = 16° + 33° (9) 
46683 = 3° + 36° = 16° + 33° (10) 
64232 = 17° + 39° = 26° + 36° (11) 
65728 = 12° + 40° = 31° + 33° (12) 


(Sloane’s A001235; Moreau 1898). The first number 
(Madachy 1979, pp. 124 and 141) in this sequence, the 
so-called HARDY-RAMANUJAN NUMBER, is associated 
with a story told about Ramanujan by G. H. Hardy, 
but was known as early as 1657 (Berndt and Bhargava 
1993). The smallest number representable in n ways as 
a sum of cubes is called the nth TAXICAB NUMBER. 


Ramanujan gave a general solution to the 2-2 equaticn 
as 


(a+ AYER (AB + y = (a+ y + (84 A%y)* (13) 


where 
a” +aB+8? = 31 (14) 
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(Berndt 1994, p. 107). Another form due to Ramanujan 
is 


(A? + 7AB — 9B’)* + (2A? — 4AB + 12B7)° 
= (2A* + 10B’)* + (A? — 9AB — B°)’. (15) 


Hardy and Wright (1979, Theorem 412) prove that there 
are numbers that are expressible as the sum of two cubes 
in n ways for any n (Guy 1994, pp. 140-141). The proof 
is constructive, providing a method for computing such 
numbers: given RATIONALS NUMBERS r and s, compute 


oe e (17) 
B os as 
3 
S E => ue) 
Then 
r? +s? =t u Ho Hw? (20) 


The DENOMINATORS can now be cleared to produce an 
integer solution. If r/s is picked to be large enough, 
the v and w will be POSITIVE. If r/s is still larger, the 
v/w will be large enough for v and w to be used as 
the inputs to produce a third pair, etc. However, the 
resulting integers may be quite large, even for n = 2, 
E.g., starting with 3° + 1° = 28, the algorithm finds 


_ f 2834051153 63284705 \3 
28 = (311468328 ) + (21446825 4 (21) 


glving 


28 - 21446828? = (3 - 21446828)? + 21446828" (22) 
= 28340511° + 63284705*. (23) 


The numbers representable in three ways as a sum of 
two cubes (a 2-2-2 equation) are 


87539319 = 167° + 436° = 228° + 423° = 255° + 414° 
(24) 
119824488 = 11° + 493° = 90° + 492% = 346° + 428° 
(25) 
143604279 = 111° + 522° = 359° + 460? = 408° + 423° 
(26) 
175959000 = 70° + 560° = 198° + 552° = 315° + 525° 
(27) 
327763000 = 300° + 670° = 339% + 661° = 5107 + 580° 
(28) 


€ E E 


Lop 


Fig. 10-21. TV game schematic. 
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(Guy 1994, Sloane's A003825). Wilson (1997) found 32 
numbers representable in four ways as the sum of two 
cubes (a 2-2-2-2 equation). The first is 


6963472309248 = 2421* + 19083? = 5436? + 18948? 


= 102020? + 180727 = 13322° + 15530. (29) 


The smallest known numbers so representable 
are 6963472309248, 12625136269928, 21131226514944, 
26059452841000, ... (Sloane’s A003826). Wilson also 
found six five-way sums, 


48988659276962496 = 38787° + 365757" 

= 107839" + 362753° 

= 205292° + 342952° 

= 221424* + 336588° 

= 231518” + 331954° (30) 
490593422681271000 = 48369" + 788631* 

= 233775° + 781785° 

= 285120° + 776070* 

= 543145* + 691295° 

= 579240° + 666630° (31) 
6355491080314102272 = 103113? + 1852215* 

= 580488° + 1833120° 

= 788724° + 1803372° 

= 1150792° + 1690544* 

= 1462050* + 1478238" (32) 
27365551142421413376 = 167751? + 3013305° 

= 265392° + 3012792* 

= 944376" + 2982240" 

= 1283148? + 2933844* | 

= 1872184” + 2750288* (33) 
1199962860219870469632 = 591543° + 10625865* 

= 935856" + 10624056" 

= 3330168* + 10516320* 

= 6601912* + 9698384* 

= 8387550° + 8480418" (34) 
111549833098123426841016 = 1074073° + 48137999" 

= 8787870° + 48040356" 

= 13950972° + 47744382° 

= 24450192° + 45936462° 

= 33784478" + 417912047, (35) 
and a single six-way sum 
8230545258248091551205888 

= 11239317* + 201891435° 

= 17781264? + 201857064* 

= 63273192" + 199810080" 

= 85970916* + 196567548" 

= 125436328" + 184269296° 

= 159363450° + 161127942°. (36) 
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The first rational solution to the 3-1 equation 

A + B® +c? = D® (37) 
was found by Euler and Vieta (Dickson 1966, pp. 550- 
554). Hardy and Wright (1979, pp. 199-201) give a so- 


lution which can be based on the identities 


a? (a? a b°)° = bola? + py? + ar(a? EN 2b*)* 


+ b°(2a° — b°)° (38) 
a (a? + 2b°)° = a? (a? = b°)? pa b? (a? py 
+ b°(2a° + b*)%. (39) 


This is equivalent to the general 2-2 solution found by 
Ramanujan (Berndt 1994, pp. 54 and 107). The smallest 
integral solutions are 


3° + 4° 45° = 6° (40) 

1? +6? + 8° =9° (41) 

7? +14 4 17? = 20° (42) 
11° + 15° + 27° = 29° (43) 
28° + 53° + 75° = 84° (44) 
26° + 55° + 78° = 87° (45) 
33° + 70° + 92° = 105° (46) 


(Beeler et al. 1972; Madachy 1979, pp. 124 and 141). 
Other general solutions have been found by Binet (1841) 
and Schwering (1902), although Ramanujan's formula- 
tion is the simplest. No general solution giving all POSI- 
TIVE integral solutions is known (Dickson 1966, pp. 550- 
561). 


4-1 equations include 


119 + 12% + 13% + 149 = 20° (47) 
547 49% 4 10% = 13°. (48) 


A solution to the 4-4 equation is 
aS AO Y A O (49) 
(Madachy 1979, pp. 118 and 133). 
5-1 equations 
1°4+3°+4° +57 +8 = 9° (50) 
3° 4 4° 45° 4.87 4 10% = 12, (51) 
and a 6-1 equation is given by 
1° + 5° +6? +7? +8? + 10° = 13°. (52) 
A 6-6 equation also exists: 


PES A O 0? S48 E E E a 
(53) 
(Madachy 1979, p. 142). 


446 Diophantine Equation—Linear 


Euler gave the general solution to 


AER = C- (54) 
as 
A= 3n? +6n? -n (55) 
B = —3n* + 6n? +n (56) 
C = 6n? (3n? + 1). (57) 


see also CANNONBALL PROBLEM, HARDY-RAMANUJAN 
NUMBER, SUPER-3 NUMBER, TAXICAB NUMBER, TRI- 
MORPHIC NUMBER 
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Diophantine Equation—Linear 
A linear Diophantine equation (in two variables) is an 
equation of the general form 


ax + by =c, (1) 
where solutions are sought with a, b, and c INTEGERS. 
Such equations can be solved completely, and the first 
known solution was constructed by Brahmagupta. Con- 


sider the equation 


ax + by = 1. (2) 


Diophantine Equation—Linear 


Now use a variation of the EUCLIDEAN ALGORITHM, 
letting a = rı and b = ra 


rı = qir2 + T3 (3) 
T2 = q2r3 + Ta (4) 
ta- = daa r e (6) 
Starting from the bottom gives 
1 = Ty = Gn—-—2Tn-1 (7) 
Tn—-1 = Tn-3 — Gn—-—3Tn-2; (8) 
SO 
1 = rn—2 — Gn-2(Fn-3 — Gn-3Pn-2) 
= —n-2Tn-3 + (1 — Gn-24n-3)Tn-2. (9) 
Continue this procedure all the way back to the top. 
Take as an example the equation 
1027x + 712y = 1. (10) 


Proceed as follows. 


1 = —165- 1027+ 238-712 t 
73- 712- 165-315 | 


1027 = 712-1+315 | 
712 = 315-2+ 82 | 


315= 82-34 69 | 1= —19 315+ 73- 82 | 
82= 69-14 13 | = 16- 82- 19- 69 | 
69= 13-5+ 4 | l= -3- 69+ 16- 13 | 
13= 434+ 1] = 1. 13- 3 4| 

i= © de i1] 


The solution is therefore z = —165, y = 238. The above 
procedure can be simplified by noting that the two left- 
most columns are offset by one entry and alternate signs, 
as they must since 


1 = —Aipiri + ÅiTfi+1 (11) 
Ti+1 = Ti—1 — TiGi-1 (12) 
1 = Airi_1 — (A:Qi-1 + Åi+1), (13) 


so the COEFFICIENTS of r;-1 and r;41 are the same and 
Aa —(Aigi-1 + Aiii). (14) 


Repeating the above example using this information 
therefore gives 


1027 = 712. 1+ 315 | 
712= 315-24 82 | 
315= 82-34 69 
82= 69-1+ 13 
69= 135+ 4 
13= 43+ 1 


165-1473 = 238 f 
73-2419 = 165 | 
19-3416 = 73 | 
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and we recover the above solution. 
Call the solutions to 
az +by = 1 (15) 


xo and yo. If the signs in front of ax or by are NEGATIVE, 
then solve the above equation and take the signs of the 
solutions from the following table: 


az +by =1 
ax —by=1 
—az+by=1 
—ax—by=1 


In fact, the solution to the equation 
ax —by=1 (16) 


is equivalent to finding the CONTINUED FRACTION for 
a/b, with a and 6 RELATIVELY PRIME (Olds 1963). If 
there are n terms in the fraction, take the (n — 1)th 
convergent Pn-1/qn-1- But 


Pn@dn-1 — Pn-14n = (=D (17) 
so one solution is Zo = (—1)"gn-1, yo = [(—1)"Pn-1, 
with a general solution 

£ = xo + kb (18) 
y = Yo + ka (19) 


with k an arbitrary INTEGER. The solution in terms 
of smallest POSITIVE INTEGERS is given by choosing an 
appropriate k. 


Now consider the general first-order equation of the form 

az + by =c. (20) 

The GREATEST COMMON DIVISOR d = GCD(a,b) can 
be divided through yielding 

ar+by=c, (21) 

where a’ = a/d, b = b/d, and c' = c/d. If dic, then c’ is 

not an INTEGER and the equation cannot have a solu- 

tion in INTEGERS. A necessary and sufficient condition 

for the general first-order equation to have solutions in 


INTEGERS is therefore that dic. If this is the case, then 
solve 


ax+by=1 (22) 
and multiply the solutions by c’, since 
a (dx) + (cy) =c. (23) 
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Diophantine Equation—nth Powers 
The 2-1 equation 

A” + B™ =C™ (1) 


is a special case of FERMAT’S LAST THEOREM and so 
has no solutions for n > 3. Lander et al. (1967) give a 
table showing the smallest n for which a solution to 


k 


my ae ac A =y" ty +... t+ yn, 


with 1 < m < n is known. 


k 
m 2 3 4 5 6 7 8 9 10 
12 3 3 4 7 8 11 15 23 
222 2 4 7 8 9 12 19 
3 3 3 7 8 11 24 
4 4 7 10 23 
5 5 5 11 16 
6 6 27 
T 7 


Take the results from the RAMANUJAN 6-10-8 IDENTITY 
that for ad = bc, with 


Fom(a,b, c,d) = (a+b+c)*" + (b+c+d)™ 
—~(e+d+a)*” =(4+6+6) ™ + (a — dY ™ — (b — c)°™ 
(2) 


and 


fomle,y) = (1+2 +y) ™ + (2 +y + ry)” 
—(y+ay+1)?" —(ry+1+r) 4 (12y)"—(2—y)””, 


(3) 
then 
Fom (a,b,c, d) = a°™ fam(z, y). (4) 
Using 
f2 (x, y) =0 (5) 
falz, y) =0 (6) 
now glves 


(at+b+c)"+(b+c4+d)"+(a-d)" 
=(c+d+a)" +(d+a+b)" +(b-c)” (7) 


for n = 2 or 4. 
see also RAMANUJAN 6-10-8 IDENTITY 
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Diophantine Equation—Quadratic 
An equation of the form 


x dE Dy’ = 1, (1) 


where D is an INTEGER is called a PELL EQUATION. 
Pell equations, as well as the analogous equation with 
a minus sign on the right, can be solved by finding the 
CONTINUED FRACTION for VD. (The trivial solution 
z = 1, y = 0 is ignored in all subsequent discussion.) 
Let pn /qn denote the nth CONVERGENT [a1,42,...,Qn], 
then we are looking for a convergent which obeys the 
identity 

Pa E Dgn’ =(=1)"; (2) 


which turns out to always be possible since the CONTIN- 
UED FRACTION of a QUADRATIC SURD always becomes 
periodic at some term a,41, where Qr+1 = 2a}, i.e., 


VD = [a1,42,...,@r, 2a 1. (3) 
Writing n = rk gives 
Prk E Dark’ = (=D, (4) 


for k a POSITIVE INTEGER. If r is ODD, solutions to 
z’ — Dy? =+1 (5) 


can be obtained if k is chosen to be EVEN or ODD, but 
if r is EVEN, there are no values of k which can make 
the exponent ODD. 


If r is EVEN, then (—1)” is POSITIVE and the solution 
in terms of smallest INTEGERS is z = pr and y = qr, 
where pr/qr is the rth CONVERGENT. If r is ODD, then 
(—1)" is NEGATIVE, but we can take k = 2 in this case, 
to obtain 

par = Dagar” = 1, (6) 


so the solution in smallest INTEGERS is £ = por, Y = Qar- 
Summarizing, 


e (Dr, qr) for r even 


(Par, Dar) for r odd. (7) 


The more complicated equation 


r’ — Dy’ = +c (8) 


Diophantine Equation—Quadratic 


can also be solved for certain values of c and D, but the 
procedure is more complicated (Chrystal 1961). How- 
ever, if a single solution to the above equation is known, 
other solutions can be found. Let p and q be solutions 
to (8), and r and s solutions to the “unit” form”. Then 


(p" — DP Mr? — Ds”) = e (9) 
(pr + Dqs)* — D(pst+qr)* = te. (10) 


Call a Diophantine equation consisting of finding m 
POWERS equal to a sum of n equal POWERS an “m-n 
equation.” The 2-1 equation 


A* = B*+C’, (11) 


which corresponds to finding a PYTHAGOREAN TRIPLE 
(A, B, C) has a well-known general solution (Dickson 
1966, pp. 165-170). To solve the equation, note that 
every PRIME of the form 4g + 1 can be expressed as the 
sum of two RELATIVELY PRIME squares in exactly one 
way. To find in how many ways a general number m 
can be expressed as a sum of two squares, factor it as 
follows 


n= 9%0 2a1 2an . by br (12) 


Pı ++ Dn qi “°° Gr , 


where the ps are primes of the form 4x — 1 and the qs 
are primes of the form x + 1. If the as are integral, then 


define 
B = (2b1 + 1)(2b2 + 1) -- - (26, + 1) — 1. (13) 


Then m is a sum of two unequal squares in 


0 
for any a; half-integral 

= (61 + 1)(b2 + 1)--+ (br +1) 
for all a; integral, B odd 

(by + 1)(02 +1)++-(b +1) 3 
for all a; integral, B even. 


(14) 


If zero is counted as a square, both POSITIVE and NEG- 
ATIVE numbers are included, and the order of the two 
squares is distinguished, Jacobi showed that the num- 
ber of ways a number can be written as the sum of two 
squares is four times the excess of the number of DIVI- 
SORS of the form 4x +1 over the number of DIVISORS of 
the form 4x — 1. 


A set of INTEGERS satisfying the 3-1 equation 
A +B’ +C? =D’ (15) 


is called a PYTHAGOREAN QUADRUPLE. Parametric so- 
lutions to the 2-2 equation 


A + BY =C? + D* (16) 


Diophantine Equation—Quadratic 


are known (Dickson 1966; Guy 1994, p. 140). 


Solutions to an equation of the form 
(A? + BPC? 4D?) = E? + F* (17) 
are given by the FIBONACCI IDENTITY 
(a? +b") (2 +d") = (actbd)? + (bead)? =e7+f?. (18) 


Another similar identity is the EULER FOUR-SQUARE 
IDENTITY 


(ar? + a2”) (bi? + bo”) (cr? + €2”) (di? + da”) 
=e +e2 +e37 +€e4 (19) 


(a1? + ag” +03" +04 )(01* + b2” + bs” + ba”) 
= (a1b1 — a2ba — azb3 — a4ba) 
+ (arbz + azbı + a3b4 — asb3)” 
+ (a1b3 — azba + abi + asbo)” 
+ (aiba + a2b3 — azba + asb1)”. (20) 


Degen's eight-square identity holds for eight squares, but 
no other number, as proved by Cayley. The two-square 
identity underlies much of TRIGONOMETRY, the four- 
square identity some of QUATERNIONS, and the eight- 
square identity, the CAYLEY ÁLGEBRA (a noncommuta- 
tive nonassociative algebra; Bell 1945). 

RAMANUJAN’S SQUARE EQUATION 


27 7= 2" (21) 


has been proved to have only solutions n = 3, 4, 5, 7, 
and 15 (Beeler et al. 1972, Item 31). 


see also ALGEBRA, CANNONBALL PROBLEM, CONTIN- 
UED FRACTION, FERMAT DIFFERENCE EQUATION, LA- 
GRANGE NUMBER (DIOPHANTINE EQUATION), PELL 
EQUATION, PYTHAGOREAN QUADRUPLE, PYTHAGO- 
REAN TRIPLE, QUADRATIC RESIDUE 
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Berlin: 


Diophantine Equation—Quartic 
Call an equation involving quartics m-n if a sum of m 
quartics is equal to a sum of n fourth POWERS. The 2-1 


equation 
A‘ + Bt =o (1) 


is a case of FERMAT’S LAST THEOREM with n = 4 and 
therefore has no solutions. In fact, the equations 


A‘ + B*=C” (2) 
also have no solutions in INTEGERS. 


Parametric solutions to the 2-2 equation 
At + Bê = 0t + D’ (3) 


are known (Euler 1802; Gérardin 1917; Guy 1994, 
pp. 140-141). A few specific solutions are 


59* + 158* = 133% + 134* = 635,318,657 ( 

7* + 239% = 157^ + 227° = 3,262,811,042 ( 
193* + 292* = 256% + 257% = 8,657,437,697 (6 

298* + 497* = 271% + 502% = 68,899,596,497 ( 
514* + 350% = 103* + 542* = 86,409,838,577 (8) 
2224 + 631* = 503% + 558° = 160,961,094,577 (9) 
214 + 7174 = 471* + 681* = 264,287,694,402 (10) 

76* + 12037 = 653* + 1176* = 2,094,447,251,857 


(11) 
997* + 1342* = 878* + 1381* = 4,231,525,221,377 
(12) 
27% + 2379* = 577* + 728% = 32,031,536,780,322 
(13) 


(Sloane's A001235; Richmond 1920, Leech 1957), the 
smallest of which is due to Euler. Lander et al. (1967) 
give a list of 25 primitive 2-2 solutions. General (but 
incomplete) solutions are given by 


g=atb (14) 
y=c=d (15) 
u=a-—b (16) 
i= Co d, (17) 
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where 
a = n(m? + n2)(=m* + 18m*n* — nê) (18) 
b = 2m(m* + 10m*n? + món? + 4n°) (19) 
c = 2n(4m® + min? + 10m*n* + n°) (20) 


d= m(m? +n’) (m° +18m?n?—n*) (21) 


Hardy and Wright 1979). 
8 


In 1772, Euler proposed that the 3-1 equation 
A‘ + B’ +0 = pt (22) 


had no solutions in INTEGERS (Lander et al. 1967). This 
assertion is known as the EULER QUARTIC CONJEC- 
TURE. Ward (1948) showed there were no solutions 
for D < 10,000, which was subsequently improved to 
D < 220,000 by Lander et al. (1967). However, the EU- 
LER QUARTIC CONJECTURE was disproved in 1987 by 
Noam D. Elkies, who, using a geometric construction, 
found 


2,682,440* + 15,365,639* + 18,796,760* = 20,615,673* 
(23) 
and showed that infinitely many solutions existed (Guy 
1994, p. 140). In 1988, Roger Frye found 


95,800* + 217,519* + 414,560% = 422,481* (24) 


and proved that there are no solutions in smaller INTE- 
GERS (Guy 1994, p. 140). Another solution was found 
by Allan MacLeod in 1997, 


638,523,249* 
= 630,662,624* + 275,156,240* + 219,076,465*. (25) 


It is not known if there is a parametric solution. 


In contrast, there are many solutions to the 3-1 equation 
A‘ + B*4+C* =2D* (26) 


(see below). 


Parametric solutions to the 3-2 equation 
A‘ + B* = 0*4 D* + E* (27) 


are known (Gérardin 1910, Ferrari 1913). The smallest 
3-2 solution is 


Sao 43 7 27 (28) 
(Lander et al. 1967). 
Ramanujan gave the 3-3 equations 
24444474 =3*+6'+6° (29) 
ST ee a1 oO (30) 
6f +94 4+ 12% = 244 2% + 137 (31) 
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(Berndt 1994, p. 101). Similar examples can be found 
in Martin (1896). Parametric solutions were given by 
Gérardin (1911). 


Ramanujan also gave the general expression 


3% + (20% — 1)* + (42° + z)“ 
= (4a* + 1) + (Ga* — 3)" + (da? — 52) (32) 


(Berndt 1994, p. 106). Dickson (1966, pp. 653-655) cites 
several FORMULAS giving solutions to the 3-3 equation, 
and Haldeman (1904) gives a general FORMULA. 


The 4-1 equation 
ALE Pe LD SE (33) 
has solutions 


30% + 120% + 272% + 315* = 353° ( 
240* + 340% + 430% + 599% =651% (35) 
435* + 710% + 1384* + 2420% = 2487* (36) 
1130% + 1190* + 1432* + 2365 =2501% (37) 
850* + 1010? + 1546* + 2745* = 2829% (38) 
2270* + 2345" + 2460° + 3152* =3723% (39) 
350% + 1652* + 3230* + 3395* =3973% (40) 
205* + 1060* + 26507 + 4094* = 4267* (41) 
1394* + 1750* + 3545* + 3670* = 43337 (42) 
699* + 700° + 2840* + 4250* = 44497 — (43) 
380* + 1660* + 1880* + 4907* = 4949% (44) 
1000* + 1120* + 3233* + 5080* = 5281* (45) 
410* + 1412* + 3910* + 5055% = 5463* (46) 
955° + 17704 + 26347 + 5400* = 5491* (47) 
30* + 1680* + 30437 + 5400* = 5543* (48) 
1354* + 1810* + 4355* + 5150* = 5729* (49) 
542% + 2770* + 4280* + 5695* = 6167* (50) 
50* + 885* + 5000* + 5984* = 6609* (51) 
1490* + 3468* + 4790* + 6185* = 6801* (52) 
1390* + 2850* + 5365* + 6368* = 7101* (53) 
160* + 1345* + 2790% + 7166* = 7209* (54) 
800* + 3052* + 5440* + 6635* = 7339% (55) 
2230* + 3196* + 5620* + 6995* = 7703* (56) 


(Norrie 1911, Patterson 1942, Leech 1958, Brudno 1964, 
Lander et al. 1967), but it is not known if there is a 
parametric solution (Guy 1994, p. 139). 


Ramanujan gave the 4-2 equation 


34 +94 = 5* 4546046, (57) 
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and the 4-3 identities 


A E a (58) 
AN E A E (59) 
7* +107 + 134 =5* +57 + 6* + 14 (60) 


(Berndt 1994, p. 101). Haldeman (1904) gives general 
FORMULAS for 4-2 and 4-3 equations. 


There are an infinite number of solutions to the 5-1 equa- 
tion 
AEB eo LD fe SF. (61) 


= Some of the smallest are 


2442443444944? = 5% (62) 

4* +67 +81 +9* + 14* = 15° (63) 

4* + 21% + 29* + 26* + 28% = 35" (64) 
[seo EI 4294" ae = 45° (65) 
144+ 8* + 12* + 32° + 64° = 65° (66) 
2% + 39% + 44* + 46% + 52% = 65° (67) 
22% + 52° 457 + 74% + 76° = 95° (68) 
22* + 287 + 63* + 72% + 94% = 105 (69) 


(Berndt 1994). Berndt and Bhargava (1993) and Berndt 
(1994, pp. 94-96) give Ramanujan’s solutions for arbi- 
trary s, t, m, and n, 


(88? + 40st — 24t")? + (6s* — 44st — 18¢7)* 
+(14s” — 4st — 428% + (98? + 279 + (45? + 128%)" 
= (158s? + 45t7)*, (70) 


and 
(4m? — 12n?)? + (3m? + 9n*)? + (2m? — 12mn — 6n*)' 


HAm? +12n2)*+(2m*+12mn-6n*)* = (5m*+15n* )*. 
(71) 


These are also given by Dickson (1966, p. 649), and two 
general FORMULAS are given by Beiler (1966, p. 290). 
Other solutions are given by Fauquembergue (1898), 
Haldeman (1904), and Martin (1910). 


Ramanujan gave 
2(ab + ac+be)* =a* +b + cÀ (72) 
2(abt+tact+be)* = a*(b—c)* +b4(c—a)* +c*(a—b)* (73) 


2(ab + ac + be)? = (a7b + be + ca) 
+(ab? + bc? + ca”)* + (3abc)* (74) 


2(ab + ac + bc)? = (a? + 2abc)*(b — cy 
+b? + 2abe)*(c — a)* + (č + 2abe)*(a — b), (75) 
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where 


a+b+c=0 (76) 


(Berndt 1994, pp. 96-97). FORMULA (73) is equivalent 
to FERRARI’S IDENTITY 


(a? + 2ac — 2be — b*)* + (b? — 2ab — 2ac — c*)* 
+e +2ab+2bc—a?)* = 2(a? +b? +c? —ab+act+bc)*. 
(77) 


BHARGAVA’S THEOREM is a general identity which gives 
the above equations as a special case, and may have 
been the route by which Ramanujan proceeded. An- 
other identity due to Ramanujan is 


G@pbtc t (btetd) Hlad 
= (c +d +a) + (d+a+b)t + (b-c), (78) 


where a/b = c/d, and 4 may also be replaced by 2 (Ra- 
manujan 1957, Hirschhorn 1998). 


V. Kyrtatas noticed that a = 3, b = 7, c = 20, d = 25, 
e = 38, and f = 39 satisfy 


a*+b*+c* atbt+e (79) 
Prey. eer 


and asks if there are any other distinct integer solutions. 


The first few numbers n which are a sum of two or more 
fourth POWERS (m — 1 equations) are 353, 651, 2487, 
2501, 2829, ... (Sloane’s A003294). The only number 
of the form . 

Art + y (80) 


which is PRIME is 5 (Baudran 1885, Le Lionnais 1983). 
see also BHARGAVA’S THEOREM, FORD’S THEOREM 
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Diophantine Quadruple 
see DIOPHANTINE SET 


Diophantine Set 

A set S of POSITIVE integers is said to be Diophantine 
IFF there exists a POLYNOMIAL Q with integral coeffi- 
cients in m > 1 indeterminates such that 


S= Oltita) Ss Leer Leite ly 


It has been proved that the set of PRIME numbers is a 
Diophantine set. 
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Diophantus Property 

A set of POSITIVE INTEGERS S = {a1,...,@m} satisfies 
the Diophantus property D(n) of order n if, for all i, j = 
1,..., m with i £j, 


aja; + n= bis”, (1) 


where n and b;; are INTEGERS. The set S is called a 
Diophantine n-tuple. Fermat found the first D(1) quad- 
ruple: {1,3, 8,120}. General D(1) quadruples are 


{ Fon, Fan+2, Fong, 4F2n+1PF20+2F2n+3, } (2) 


where Fn are FIBONACCI NUMBERS, and 


fn,n+2,4n + 4,4(n+ 1)(2n + 1)(2n + 3)}. (3) 


Dipyramid 


The quadruplet 


(2Fn-1,2EFn+1,2Fn Fn4i Puta, 
2FntiFn42Fn+3(2Fn+1 — En Jj (4) 


is D(F,”) (Dujella 1996). Dujella (1993) showed there 
exist no Diophantine quadruples D(4k + 2). 
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Diophantus’ Riddle 

“Diophantus’ youth lasts 1/6 of his life. He grew a beard 
after 1/12 more of his life. After 1/7 more of his life, 
Diophantus married. Five years later, he had a son. 
The son lived exactly half as long as his father, and 
Diophantus died just four years after his son's death. 
All of this totals the years Diophantus lived.” 


Let D be the number of years Diophantus lived, and let 
S be the number of years his son lived. Then the above 
word problem gives the two equations 


Solving this simultaneously gives S = 42 as the age of 
the son and D = 84 as the age of Diophantus. 
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Dipyramid 


Two PYRAMIDS symmetrically placed base-to-base, also 
called a BIPYRAMID. They are the DUALS of the Archi- 
medean PRISMS. 


Dirac Delta Function 


see also ELONGATED DIPYRAMID, PENTAGONAL DI- 
PYRAMID, PRISM, PYRAMID, TRAPEZOHEDRON, TRIAN- 
GULAR DIPYRAMID, TRIGONAL DIPYRAMID 
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Dirac Delta Function 
see DELTA FUNCTION 


Dirac Matrices 
Define the 4 x 4 matrices 


Ti = | Q Si, Pauli (1) 
Pi = Ti, Pauli Q |, (2) 


where ci, Pauli are the PAULI MATRICES, | is the IDEN- 
TITY MATRIX, ¿ = 1, 2, 3, and A @B is the matrix 
DIRECT PRODUCT. Explicitly, 


1000 
0100 

I=lo0 010 (3) 
0001 
010 0 
100 0 

Se |G 0 0: (4) 
001 0 
0 -i 0 0 
i 0 0 0 

221 0 Oo a4 (5) 
00 ¿0 
1 0 0 0 
0 -1 0 0 

“=lo 0 1 0 (6) 
0 0 0 -1 
0010 
0001 

Pi~ 11 000 (7) 
010 0 
00 -i 0 
00 0 i 

P=; 0 0 0 (8) 
0 i 0 0 
100 0 
01 0 0 

P3 = ]o 0 -1 0 (9) 
00 0 -1 


These matrices satisfy the anticommutation identities 
Tid; tojoi = 20451 (10) 


pips + pipi = 2641, (11) 
where 6;; is the KRONECKER DELTA, the commutation 
identity 

lei, pj] = oip — pisi = O, (12) 
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and are cyclic under permutations of indices 
OiOj = 10% (13) 
PiPj = Ip. (14) 
A total of 16 Dirac matrices can be defined via 
Es; = pio; (15) 
for i,j = 0, 1, 2, 3 and where oo = po =I. These matrix 
satisfy 
1. |Ei;| = 1, where |A| is the DETERMINANT, 


Zi Es; = l, 

3. Ey = En 
unitary, 

4. tr(E,;) = 0, except tr(Eoo) = 4, 


5. Any two E;; multiplied together yield a Dirac matrix 
to within a multiplicative factor of —i or +1, 


making them Hermitian, and therefore 


6. The E;; are linearly independent, 


7. The E;; form a complete set, i.e., any 4 x 4 constant 
matrix may be written as 


; l 
A = > Cij Eiz, (16) 
i,j=0 
where the c;; are real or complex and are given by 


Cmn = Ltr(AEmn) (17) 


(Arfken 1985). 


Dirac’s original matrices were written a; and were de- 
fined by 


Aj = Ex; = pifi (18) 
a4 = Eso = ps, (19) 


for 7 = 1, 2, 3, giving 


0 0 0 1 
0 0 1 0 
1 0 0 O 
0 0 O — 
0 0 2 0 
a2 = Ez; = 0 +0 0 (21) 
2 0 0 0 
0 0 1 Q 
O 0 0 —1 
0 -1 0 0 
1 0 0 0 
0 1 0 0 
4 = Eso = 0 0 -1 0 (23) 
0 0 0 —1 
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The additional matrix 


0 0 — 0 
0 0 0 -2 

as = Ez = p2 = ¿0.0.0 (24) 
0.2 0 0 


is sometimes defined. Other sets of Dirac matrices are 
sometimes defined as 


yi = Ezi (25) 
ya = Ezo (26) 
Ys = —E;o (27) 
and 
6; = Ez; (28) 


for i= 1, 2, 3 (Arfken 1985) and 


n= (8. T 29) 


u a A (30) 


for i = 1, 2, 3 (Goldstein 1980). 


Any of the 15 Dirac matrices (excluding the identity 
matrix) commute with eight Dirac matrices and anti- 
commute with the other eight. Let M = 5(1 + Es), 
then 

M? = M. (31) 


In addition 


Q1 1 
a2| X | a2} = 20. (32) 
03 (Y3 
The products of a; and y; satisfy 
0102030405 = 1 (33) 
yiy2ysyays = 1. (34) 


The 16 Dirac matrices form six anticommuting sets of 
five matrices each: 


l. a1, M2, Q3, Ma, As, 
2. Yi, Y2, Y3, Y4, Y5, 
3. 01, 02, 03, P1, P2, 
4. Xi, Yl, 01, 72, 73; 
5. (12) Y2, 62, Ol, 03, 
6. a3, Y3, 03, 01, 02. 


see also PAULI MATRICES 
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Direct Product (Set) 


Dirac’s Theorem 
A GRAPH with n > 3 VERTICES in which each VERTEX 
has VALENCY > n/2 has a HAMILTONIAN CIRCUIT. 


see also HAMILTONIAN CIRCUIT 


Direct Product (Group) 

The expression of a GROUP as a product of SUBGROUPS. 
The CHARACTERS of the representations of a direct 
product are equal to the products of the CHARACTERS 
of the representations based on the individual sets of 
functions. For Rı and Ra, 


x(Ri @ R2) = x(R1)x(Ra). 


The representation of a direct product [4g will con- 
tain the totally symmetric representation only if the ir- 
reducible l4 equals the irreducible Ig. 


Direct Product (Matrix) 

Given two n x m MATRICES, their direct product C = 
A&B is an (mn) x (nm) MATRIX with elements defined 
by 


Cap = ABr, (1) 
where 
a=n(i-1)+k% (2) 
B=n(-D+!. (3) 
For a 2 x 2 MATRIX, 
B aiB 
AeB=|“" ES 4 
g P a22B ( ) 
a11b11 &11bı2 4 G@i2b11 12012 
= @11621 @11b22 @12b21 @12b22 (5) 
@z21b11 az1bi2 @22b11 @z2b12 | 
az1b21 @21b22 a22b21  0Q972b22 


Direct Product (Set) 

The direct product of two sets A and B is defined to 
be the set of all points (a,b) where a € A and b € B. 
The direct product is denoted A x B or AQ B and 
is also called the CARTESIAN PRODUCT, since it orig- 
inated in Descartes’ formulation of analytic geometry. 
In the Cartesian view, points in the plane are speci- 
fied by their vertical and horizontal coordinates, with 
points on a line being specified by just one coordinate. 
The main examples of direct products are EUCLIDEAN 
3-space (R R&R, where R are the REAL NUMBERS), 
and the plane (R x R). 


tions such as game selection, rebound angle and bat size. A $2.00 
eight section switch such as this serves to lower overall costs by 
replacing about $8.00 worth of toggle and rotary switches while 
maintaining miniaturization. S1 through S6 are the game selection 
switches. Only one of the switches is enabled or placed in the ON 
position. The others must be left open or the game chip will try to 
play more than one game simultaneously. The correct procedure 
for selecting a game is to turn the currently programmed game off 
(all six switches open) and then close the particular switch for the 
desired game. Switches 1 through 6 will select the following games 
respectively: Rifle 1, Rifle 2, tennis, hockey, squash, and practice. 

Bat size and ball deflection angle are controlled by DIP switch 
sections S7 and S9 respectively. With S7 open the larger bat size is 
selected. Ona 21” television screen this will appear to be about 2”. 
When this switch is in the closed position, small bats of approxi- 
mately half the previous size will be displayed. All paddle game 
photos illustrate the large bat selection. 

When first playing a TV game, a player may want to find his 
bearings and fine tune his eye-hand coordination. For just this 
reason General Instruments provided for selectable bounce, or 
deflection angles. When S8 is open, three rebound angles are 
enabled—plus and minus 20 degrees and straight back at O de- 
grees. With S8 closed, five rebound angles are possible —plus and 
minus 20, plus and minus 40, and O degrees. This latter selection 
requires considerable player skill and dexterity and adds new 
dimensions to otherwise repetitious games. If that were not 
enough, selectable ball speed is also available. The ball speed 
switch SW1 is used more often than the game select switches and 
therefore should be a more easily used slide switch. When this 
switch is open, low speed is selected. In this mode the ball takes 
1.3 seconds to traverse the screen. When the switch is closed, high 
speed is chosen and the ball will dart across the screen in .65 
seconds. There is a complete understanding of the concept of 
human fallibility after playing a game which combines small bat 
size, full rebound angles, and a fast ball speed. With this combina- 
tion, the cure for boredom becomes electronically induced insani- 
ty. 

If these features were not sufficient, there are more— 
realistic sound and automatic scorekeeping. All games consist of 
15 points with both players starting with a score of zero after 
pushing the game reset button (PB1). With pin7 grounded through 
the manual serve push-button (PB2), play will resume automati- 
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Direct Product (Tensor) 


Direct Product (Tensor) 
For a first-RANK TENSOR (i.e., a VECTOR), 


OL» Ox; is Orr Oz; 


Oa, Oz! Ox: 


a,b! = Dar ok Dz, (arb), (1) 


t 


which is a second-RANK TENSOR. The CONTRACTION of 
a direct product of first-RANK TENSORS is the SCALAR 


contr(a;b?) = a;b” = apb". (2) 
For a second-RANK TENSOR, 


Ai Bur = Ci” (3) 


t ti li 
í OLm OL, OLp OLq * 


(4) 


For a general TENSOR, the direct product of two TEN- 
SORS is a TENSOR of RANK equal to the sum of the two 
initial RANKS. The direct product is ASSOCIATIVE, but 
not COMMUTATIVE. 
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Direct Search Factorization 

Direct search factorization is the simplest PRIME FAc- 
TORIZATION ALGORITHM. It consists of searching for 
factors of a number by systematically performing TRIAL 
DIVISIONS, usually using a sequence of increasing num- 
bers. Multiples of small PRIMES are commonly excluded 
to reduce the number of trial DIVISORS, but just includ- 
ing them is sometimes faster than the time required to 
exclude them. This approach is very inefficient, and can 
be used only with fairly small numbers. _ 


When using this method on a number n, only DIVISORS 
up to | vn | (where |x| is the FLOOR FUNCTION) need 
to be tested. This is true since if all INTEGERS less than 
this had been tried, then 


n 

[Va] +1 5 ue 1) 
In other words, all possible FACTORS have had their Co- 
FACTORS already tested. It is also true that, when the 
smallest PRIME FACTOR p of nis > ¿/n, then its COFAC- 
TOR m (such that n = pm) must be PRIME. To prove 
this, suppose that the smallest p is > Yn. If m = ab, 
then the smallest value a and b could assume is p. But 
then 

n = pm = pab = p? >n, (2) 


which cannot be true. Therefore, m must be PRIME, so 
n = pipe. (3) 


see also PRIME FACTORIZATION ALGORITHMS, TRIAL 
DIVISION 
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Direct Sum (Module) 

The direct sum of two MODULES V and W over the same 
RING R is given by V Y W with MODULE operations 
defined by 


r- (v, w) = (ru, rw) 
(v, w) O (y, 2) = (v +y, w + z). 


The direct sum of an arbitrary family of MODULES over 
the same RING is also defined. If J is the indexing set 
for the family of MODULES, then the direct sum is repre- 
sented by the collection of functions with finite support 
from J to the union of all these MODULES such that 
the function sends 7 € J to an element in the MODULE 
indexed by 7. 


The dimension of a direct sum is the product of the 
dimensions of the quantities summed. The significant 
property of the direct sum is that it is the coproduct 
in the category of MODULES. This general definition 
gives as a consequence the definition of the direct sum 
of ABELIAN GROUPS (since they are MODULES over the 
INTEGERS) and the direct sum of VECTOR SPACES (since 
they are MODULES over a FIELD). 


Directed Angle 

The symbol < ABC denotes the directed angle from AB 
to BC, which is the signed angle through which AB 
must be rotated about B to coincide with BC. Four 
points ABCD lie on a CIRCLE (i.e., are CONCYCLIC) 
IFF £ABC = £ADC. It is also true that 


Ltilo + Alel, = 0° or 180°. 


Three points A, B, and C are COLLINEAR IFF ABC = 
0. For any four points, A, B, C, and D, 


L£ABC + LCDA = £BAD + 4DCB. 


see also ANGLE, COLLINEAR, CONCYCLIC, MIQUEL 
EQUATION 
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Directed Graph 


Source 


sink 
A GRAPH in which each EDGE is replaced by a directed 
EDGE, also called a DIGRAPH or REFLEXIVE GRAPH. 
A COMPLETE directed graph is called a TOURNAMENT. 
If G is an undirected connected GRAPH, then one can 
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always direct the circuit EDGES of G and leave the SEP- 

ARATING EDGES undirected so that there is a directed 

path from any node to another. Such a GRAPH is said 

to be transitive if the adjacency relation is transitive. 

The number of directed graphs of n nodes for n = 1, 2, 
. are 1, 1, 3, 16, 218, 9608, ... (Sloane's A000273). 


see also ARBORESCENCE, CAYLEY GRAPH, INDEGREE, 
NETWORK, OUTDEGREE, SINK (DIRECTED GRAPH), 
SOURCE, TOURNAMENT 
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Direction Cosine 

Let a be the ANGLE between v and x, b the ANGLE 
between v and y, and c the ANGLE between v and z. 
Then the direction cosines are equivalent to the (2, y, z) 
coordinates of a UNIT VECTOR V, 


v-x 
a = cosa = (1) 
M 
v:y 
GB = cosb = —— (2) 
Iv| 
Vz 
y = cosc = l (3) 
M 
From these definitions, it follows that 
a +p +Y =. (4) 


To find the JACOBIAN when performing integrals over 
direction cosines, use 


0 = sin”! (Ya? +8?) (5) 


$ = tan`! (£) (6) 
aa = (7) 
The JACOBIAN is 
ES 4 (3) 
ESE 
Using 
ee 1 
qe Sin i z) = J (9) 
d ye 1 
q (tan lg) = neo (10) 


0(9, p) = y l-a?—p? /1=4?-82 
= =2 =| 
O(a, b) a —, 
Hoz I+ =a 


A 1 (a? + g2)71/2 (14 2 
y 1 — Q? 90 pS 


1 
(a? + 82)(1— a? — pay 


Direction Cosine 


so 
En a 0(9, p) 
dQ = sin0 do dh = y/ a? + B? es da df 
da dB _ dadf 


= "= (12) 


4/1 — a? — p? J 


Direction cosines can also be defined between two sets 
of CARTESIAN COORDINATES, 


a1=X -X (13) 
a2 =x $ (14) 
az =x'-2 (15) 
fA=y-% (16) 
b= Y (17) 
Ba =y' -Ê (18) 
y =2-x (19) 
=a -¥ (20) 
yy =% 2. (21) 


Projections of the unprimed coordinates onto the primed 
coordinates yield 


I 


R = (X -Rà + (3 - Py (A 2) = ak + a:f + 032 


(22) 
Y = (F 2) + (9 -) +9- 2)2 = bif + Gay + p32 
(23) 
a = (# -X)x ++ (2 -2)9 +(2 -2)2 = yà + YY + 73%, 
(24) 

and 
' =r- = g + 024 + 032 (25) 
"=r: = Bix + Boy + baz (26) 
z =r- Ê = yit + yoy + 732. (27) 


Projections of the primed coordinates onto the unprimed 
coordinates yield 


F= PNR HGTV GN 
f 


= 0% + Bry’ + 72% (29) 
¿=(2- xx + (2-09 +(2-20)2 
= a3k' + B3 + y32, (30) 
and 
£z =r: = &t + biy + y12 (31) 
y =r: = azt + Poy + %22 (32) 


Directional Derivative 


Zz =T- Ê = 032 + B3y + yz. (33) 


Using the orthogonality of the coordinate system, it 
must be true that 


X- $ =y:2=2:X=0 (34) 
X X=) =2-2=1, (35) 
giving the identities 
AO mm + Bibm + Yi ym =0 (36) 
for l,m=1,2,3 and! A m, and 
a + Bo +n =1 (37) 


for 1 = 1,2,3. These two identities may be combined 
into the single identity 


Am + BiBm + Ym = Sim, (38) 
where im is the KRONECKER DELTA. 


Directional Derivative 


u oy F(x + hu) — f(x) 
Vuf= - — x lim ==. 1 
E lu] RG h (1) 
Vufízo, Yo, 20) is the rate at which the function w = 
f(x, y, z) changes at (xo, yo, 20) in the direction u. Let 
u be a UNIT VECTOR in CARTESIAN COORDINATES, so 


ful = yus? + uy? +u? =1, (2) 


OR ON. 4d 
Vas = Sy tz + ga D7 Ue (3) 


then 


The directional derivative is often written in the nota- 


tion 4 5 ə 9 
: + Sy By + Sz ae (4) 


Directly Similar 


LE) SO 


directly similar 
Two figures are said to be SIMILAR when all correspond- 
ing ÁNGLES are equal, and are directly similar when all 
corresponding ÁNGLES are equal and described in the 
same rotational sense. 


see also FUNDAMENTAL THEOREM OF DIRECTLY SIMI- 
LAR FIGURES, INVERSELY SIMILAR, SIMILAR 
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Director Curve 
The curve d(u) in the RULED SURFACE parameteriza- 


tion 
x(u, v) = b(u) + vd(u). 


see also DIRECTRIX (RULED SURFACE), RULED SUR- 
FACE, RULING 
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Directrix (Conic Section) 


focus 


directrix 
ellipse parabola 


The LINE which, together with the point known as the 
Focus, serves to define a CONIC SECTION. 


see also CONIC SECTION, ELLIPSE, FOCUS, HYPER- 
BOLA, PARABOLA 


directrix 
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Directrix (Graph) 
A CYCLE. 


Directrix (Ruled Surface) 
The curve b(u) in the RULED SURFACE parameteriza- 
tion 

x(u, v) = b(u) + vd(u) 
is called the directrix (or BASE CURVE). 
see also DIRECTOR CURVE, RULED SURFACE 
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Dirichlet Beta Function 
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Im[DirichletBeta z] 


blæ) = Y (-D)"(2n+1)"* (1) 
B(x) =2 *9(-1,x, 3), (2) 


where ® is the LERCH TRANSCENDENT. The beta func- 
tion can be written in terms of the HURWITZ ZETA 
FUNCTION Ç(z,a) by 


B(x) = Zele, 4) = ele, $) (3) 


The beta function can be evaluated directly for POSI- 
TIVE ODD z as 


peek +1)= Seem, (a) 


where E, is an EULER NUMBER. The beta function 
can be defined over the whole COMPLEX PLANE using 
ANALYTIC CONTINUATION, 


Ba- 2) =(=) sarro (5) 


where T(z) is the GAMMA FUNCTION. 


Particular values for 8 are 


B(1) = 3a (6) 
B(2) = K (7) 
B(3) = an", (8) 


where K is CATALAN’S CONSTANT. 


see also CATALAN’S CONSTANT, DIRICHLET ETA FUNC- 
TION, DIRICHLET LAMBDA FUNCTION, HURWITZ ZETA 
FUNCTION, LERCH TRANSCENDENT, RIEMANN ZETA 
FUNCTION, ZETA FUNCTION 
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Dirichlet Boundary Conditions 

PARTIAL DIFFERENTIAL EQUATION BOUNDARY CONDI- 
TIONS which give the value of the function on a surface, 
e.g., T = f(r,t). 

see also BOUNDARY CONDITIONS, CAUCHY BOUNDARY 
CONDITIONS 
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Dirichlet Eta Function 


Dirichlet’s Box Principle 

A.k.a. the PIGEONHOLE PRINCIPLE. Given n boxes and 

m > n objects, at least one box must contain more than 

one object. This statement has important applications 

in number theory and was first stated by Dirichlet in 

1834. | 

see also FUBINI PRINCIPLE 
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Dirichlet’s Boxing-In Principle 
see DIRICHLET’S BOX PRINCIPLE 


Dirichlet Conditions 


see DIRICHLET BOUNDARY CONDITIONS, DIRICHLET 
FOURIER SERIES CONDITIONS 


Dirichlet Divisor Problem 

Let d(n) = v(n) = oo(n) be the number of DIVISORS 
of n (including n itself). For a PRIME p, v(p) = 2. In 
general, 


Ss v(k) =nInn + (2y - 1)n + O(n’), 
k=1 


where y is the EULER-MASCHERONI CONSTANT. Dirich- 
let originally gave 9 = 1/2. As of 1988, this had been 
reduced to 0 = 7/22. 


see also DIVISOR FUNCTION 


Dirichlet Energy 

Let h be a real-valued HARMONIC FUNCTION on a 
bounded DOMAIN (2, then the Dirichlet energy is de- 
fined as f |Vh|? dz, where V is the GRADIENT. 


see also ENERGY 


Dirichlet Eta Function 
10 


|DirichletEta z| 


Dirichlet’s Formula 


a) = Y yin? (1-2 30), (1) 
n=l 
where n = 1, 2, ..., and ¢(z) is the RIEMANN ZETA 


FUNCTION. Particular values are given in Abramowitz 
and Stegun (1972, p. 811). The eta function is related to 
the RIEMANN ZETA FUNCTION and DIRICHLET LAMBDA 
FUNCTION by 


e) Aw ney. (2) 
and 
C) + n(v) = 2A(v) (3) 


(Spanier and Oldham 1987). The value 7(1) may be 
computed by noting that the MACLAURIN SERIES for 
In(1+x) for -l<a<1lis 

In(l+a2)=a—-—32°+32°—-—t2*+.... (4) 
Therefore, 


In2=In(l+1)=1-34+4+4-44... 


= NEL = m1). (5) 


Values for EVEN INTEGERS are related to the analytical 
values of the RIEMANN ZETA FUNCTION. 7(0) is defined 


to be 5. | 


n(0) = 5 
n(1) = In2 
2 
7 
== 
n(2) T 
n(3) = 0.90154... 
Trt 
4) = ==. 
n(4) 720 


see also DEDEKIND ETA FUNCTION, DIRICHLET BETA 
FUNCTION, DIRICHLET LAMBDA FUNCTION, RIEMANN 
ZETA FUNCTION, ZETA FUNCTION 
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Dirichlet’s Formula 
If g is continuous and p,v > 0, then 


fi EN dé Fe — 2) gl, x) de 


_ / er J alta) dé. 


Dirichlet Integrals 459 


Dirichlet Fourier Series Conditions 
A piecewise regular function which 


1. Has a finite number of finite discontinuities and 
2. Has a finite number of extrema 


can be expanded in a FOURIER SERIES which converges 
to the function at continuous points and the mean of 
the POSITIVE and NEGATIVE limits at points of discon- 
tinuity. 


see also FOURIER SERIES 


Dirichlet Function 
Let c and d Æ c be REAL NUMBERS (usually taken as 
c= 1 and d = 0). The Dirichlet function is defined by 


Dae t for x rational 
d for z irrational. 


The function is CONTINUOUS at IRRATIONAL z and dis- 
continuous at RATIONAL points. The function can be 
written analytically as 


D(x) = lim cos[(m!rx)”]. 


m,n—00 


ii |i ll 


Because the Dirichlet function cannot be plotted with- 
out producing a solid blend of lines, a modified version 
can be defined as 


Day O for x rational 
MW) ~ Ab for 2 = a/b with a/b a reduced fraction 


(Dixon 1991), illustrated above. 


see also CONTINUOUS FUNCTION, IRRATIONAL NUM- 
BER, RATIONAL NUMBER 


References 

Dixon, R. Mathographics. New York: Dover, pp. 177 and 
184-186, 1991. 

Tall, D. “The Gradient of a Graph.” Math. Teaching 111, 
48-52, 1985. 


Dirichlet Integrals 
There are several types of integrals which go under the 
name of a “Dirichlet integral.” The integral 


Diu| = | ¡val dV (1) 


460 Dirichlet Integrals 


appears in DIRICHLET?S PRINCIPLE. 


The integral 


1 f,,sin(n+>3)2 


on f(z) dz, (2) 


sin( 52) 
where the kernel is the DIRICHLET KERNEL, gives the 
nth partial sum of the FOURIER SERIES. 

Another integral is denoted 


En 1 i SIN Ok Pk eiPk Vk A= 0 for lye > Qk 
nr te o Pk i 1 for |yx| < ax 


(3) 


fork =1,...,n 


There are two types of Dirichlet integrals which are de- 
noted using the letters C, D, I, and J. The type 1 
Dirichlet integrals are denoted J, J, and IJ, and the 
type 2 Dirichlet integrals are denoted C, D, and CD. 


The type 1 integrals are given by 


r= |] tres. .+ tn) 
t1 917% poe = eas 


ne” dt, dto > 
E eae fee 


Zn is {ae f fir Lane) 


where ['(z) is the GAMMA FUNCTION. In the case n = 2, 
ptq+2 ’ 


I II Pal dzd Pig’ 
= ay? de dy = ————| 
s (ptq+2)! — 
(5) 


where the integration is over the TRIANGLE T bounded 
by the z-axis, y-axis, and line x + y = 1 and B(z,y) is 
the BETA FUNCTION. 


* dr, (4) 


_ Bip+1,q4+1) 


The type 2 integrals are given for b-D vectors a and r, 
and 0<c<b, 


CP (e, m) = DA = 
D(m) [ [,.. ae 
td 
«fo =a (6) 
o (14 pe , 21) 
DO (r, m) = nee 
D(m) [h na 
gi td E 
ff Matta, a 
de (1 a a y z) 
Cpes4 (r, m) = ag a 


eric? dx; 


fp - . O RATA 
Tie) 


(8) 


el CS 


Dirichlet Integrals 
where 


R (9) 


11) 
cS 
= 


= Pi 
e E (10) 
Li ae Pi 
and p; are the cell probabilities. For equal probabilities, 


a; = 1. The Dirichlet D integral can be expanded as a 
MULTINOMIAL SERIES as 


1 


CE 
DIO at 


m — l, £1,..., £b 
zı “rı Tp Tp 


ds 
x | [b =) (11) 
<i f + am ak 


For small b, C and D can be expressed analytically either 
partially or fully for general arguments and a; = 1. 


P(ri + 12)2F1(r2,11 + r2; 1 + 72; —-1) 


DP (r, m) = 


CY (ra; r1) = 


ror (r1)I'(r2) 
(12) 
Dir rr) = LET +r) 
C; (r2,73;71) = ror (r1)T (ra)D(r3) 
1 
x / ¿Ey 14 y) Ctt) dy, 
0 
(13) 


where 


oF, = 2F(r2,r1 +r2 +r3;1+r2,—(1+y)*) (14) 


is a HYPERGEOMETRIC FUNCTION. 


D (my) = Html + rad m1) 


ril(ri)T (r2) 
(15) 
a — PA 
Dj" (ra, 735371) = (ri +r3)C(ri)F'(r2)T (r3) 
«| oF, y7? dy, (16) 


where 


oF, = oF i(ritrs,ritretrs;l+rit+r3;—l—y). (17) 
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Dirichlet Kernel 


Dirichlet Kernel 
The Dirichlet kernel DY is obtained by integrating the 
CHARACTER e'$:? over the BALL |E] < M, 


The Dirichlet kernel of a DELTA SEQUENCE is given by 


n= 1 ala: 2)2) 

2m sin(>1) 
The integral of this kernal is called the DIRICHLET IN- 
TEGRAL Du]. 
see also DELTA SEQUENCE, DIRICHLET INTEGRALS, 
DIRICHLET’S LEMMA 


Dirichlet L-Series 


Series of the form 
Lx(s,x) = >> xe(n)n™, (1) 
n=1 


where the CHARACTER (NUMBER THEORY) x(n) is an 
INTEGER function with period m. These series appear 
in number theory (they were used, for instance, to prove 
DIRICHLET’S THEOREM) and can be written as sums of 
LERCH TRANSCENDENTS with z a POWER of e?”*/”. 
The DIRICHLET ETA FUNCTION 


(for s 4 1) and DIRICHLET BETA FUNCTION 


LL 0 
and RIEMANN ZETA FUNCTION 
L+xr(s)=C(s) (4) 


are Dirichlet series (Borwein and Borwein 1987, p. 289). 
Xx is called primitive if the CONDUCTOR f(x) = k. Oth- 
erwise, xx is imprimitive. A primitive: L-series modulo 
k is then defined as one for which x(n) is primitive. 
All imprimitive L-series cam be expressed in terms of 
primitive [-series. 


Let P=lorP= I p; where p; are distinct ODD 
PRIMES. Then there are three possible types of prim- 
itive L-series with REAL COEFFICIENTS. The require- 
ment of REAL COEFFICIENTS restricts the CHARACTER 
to x(n) = +1 for all k and n. The three type are then 
LEk= Peg; k= L 3 0 2.0.) ork = 4P (eg, 

= 4, 12, 20, dots), there is exactly one primitive 

L-series. | 
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2. If k = 8P (e.g., k = 8, 24, ...), there are two primi- 
tive L-series. 

3. If k = 2P, Ppi, or 2*P where a > 3 (e.g., k = 2, 6, 
9, ...), there are no primitive L-series 

(Zucker and Robertson 1976). All primitive L-series are 

algebraically independent and divide into two types ac- 

cording to 


Xk (k = 1) = El, (5) 


Primitive L-series of these types are denoted L+. For 
a primitive L-series with REAL CHARACTER (NUMBER 
THEORY), if k = P, then 


SL. if P=3 (mod 4) 
okie E if P=1 (mod 4). (6) 


If k = 4P, then 


_jL_x, if P=1 (mod 4) 
f= E if P=3 (mod 4), (7) 


and if k = 8P, then there is a primitive function of each 
type (Zucker and Robertson 1976). 


The first few primitive NEGATIVE L-series are L_3, L-4, 
L_7, L-8, L-11, L-15, L-19, L-20, L-23, L+24, L-31, 
L_35, L-39, L-40, L-43, L-47, L-51, L-52, L-55, L-56, 
L-59, L-67, L-68, L-71, L-79, L-83, L-84, L-87, L-88, 
L-91, L-95, ... (Sloane's A003657), corresponding to 
the negated discriminants of imaginary quadratic fields. 
The first few primitive POSITIVE L-series are Ly1, L+5, 
Dg, L4i2, L413, L417, L421, Ly 24, L4o8, Liao, L+33, 
L+37, Liao, Loar, Las, Liss, Lise, L457, L4yoo, L+e1, 
Lies, Lies, L473, Live, L477, Liss, Liss, Lise, L+92, 
L493, L497, ies (Sloane’s A046113). 


The KRONECKER SYMBOL is a REAL CHARACTER mod- 
ulo k, and is in fact essentially the only type of REAL 
primitive CHARACTER (Ayoub 1963). Therefore, 


Lya(s)= Y (djn) (8) 
L_a(s) = Xdin), (9) 


where (d|n) is the KRONECKER SYMBOL. The functional 
equations for L+ are 


L_x(s) = 2 (hk OPT (1 — 8) cos(3sm)L_%(1—s) 
(10) 
L4n(s) = 2°? tk PTC — 8) sin(3sm)L44(1— 8). 


(11) 
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For m a POSITIVE INTEGER 


L+x(-2m) = (12) 

L_,(1—2m) = (13) 

Lym) = Rk Pp?” (14) 

L-k(2m — 1) = RRNA?! (15) 

L+r(1— 2m) = ats co aan (16) 
_ (-1)"R' (2m)! 

L-y(-2k) = BR (17) 


where R and R' are RATIONAL NUMBERS. Lyx(1) can 
be expressed in terms of transcendentals by 


La(1) = h(a)r(a), (18) 


where h(d) is the CLASS NUMBER and k(d) is the 
DIRICHLET STRUCTURE CONSTANT. Some specific val- 
ues of primitive L-series are 


L-1(1)= A 

E_g(1) = 2/5 

L_7(1) = 5 

E_4(1) = irn 

L+5(1) = rin ¢ 8) 
Lis(1) = 

L+12(1) = Bor) 
me -h (=) 
L+17(1) = = In(4 + V17) 
Pal als (=) 
L+24(1) = no a 


No general forms are known for L_¿(2m) and Lyx(2m-— 
1) in terms of known transcendentals. For example, 


L_a(2) = B(2) =K, (19) 


where K is defined as CATALAN’S CONSTANT. 


see also DIRICHLET BETA FUNCTION, DIRICHLET ETA 
FUNCTION 


W Weisstein, E. W. “Class Numbers.” 


Dirichlet Lambda Function 
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Dirichlet Lambda Function 


Re [DirichletLambda z] |DirichletLambda z | 


1-24) (1) 


r) = N (2n +1) *= 


for z = 2, 3, ..., where ¢(x) is the RIEMANN ZETA 
FUNCTION. The function is undefined at z = 1. It can 
be computed in closed form where ((x) can, that is for 
EVEN POSITIVE n. It is related to the RIEMANN ZETA 
FUNCTION and DIRICHLET ETA FUNCTION by 


a E a y q 2) 
and 
Clu) + n(v) = 24 (1) (3) 


(Spanier and Oldham 1987). Special values of A(n) in- 
clude 


> 

A(2) = 7 (4) 
4 
T 

M4) = ©. (5) 


Dirichlet's Lemma 


see also DIRICHLET BETA FUNCTION, DIRICHLET ETA 
FUNCTION, RIEMANN ZETA FUNCTION, ZETA FUNC- 
TION 
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Dirichlet?s Lemma 


PRESA o, - 


2sin(5x) 


| 
bo |e 
A 


where the KERNEL is the DIRICHLET KERNEL. 
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Dirichlet’s Principle 
Also known as THOMSON’S PRINCIPLE. There exists a 
function u that minimizes the functional 


Dlu] = / [Vu]? dv 


(called the DIRICHLET INTEGRAL) for 2 C R? or R’ 
among all the functions u € C?(Q)NC (A) which take 
on given values f on the boundary ôN of 2, and that 
function u satisfies V? = 0 in Q, ulan = f, u € CM(Q)N 
C(Q). Weierstra8 showed that Dirichlet’s argument 
contained a subtle fallacy. As a result, it can be claimed 
only that there exists a lower bound to which D[u] comes 
arbitrarily close without being forced to actually reach 
it. Kneser, however, obtained a valid proof of Dirichlet’s 
principle. 

see also DIRICHLET’S BOX PRINCIPLE, DIRICHLET IN- 
TEGRALS 


Dirichlet Region 
see VORONOI POLYGON 


Dirichlet Series 
A sum >, ane*”*, where an and z are COMPLEX and An 
is REAL and MONOTONIC increasing. 


see also DIRICHLET L-SERIES 
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Dirichlet Structure Constant 


2inn(4) for d> 0 
rd) = A ford<0 
w(d)y/ld| i 


where n(d) is the FUNDAMENTAL UNIT and w(d) is the 
number of substitutions which leave the binary quadra- 
tic form unchanged 


6 for d= —3 
4 for d= —4 
2 otherwise. 


wí(d) = 


see also CLASS NUMBER, DIRICHLET L-SERIES 
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Dirichlet Tessellation 


see VORONOI DIAGRAM 


Dirichlet’s Test 
Let 


Pp 
5 Qn| < K, 
n=1 


where K is independent of p. Then if fn > fn+1 > 0 
and 
lim fp = 0, 


TL OO 


it follows that 


oo 


nta 


n=l 
CONVERGES. 
see also CONVERGENCE TESTS 


Dirichlet’s Theorem 

Given an ARITHMETIC SERIES of terms an+b, for n = 1, 
2,..., the series contains an infinite number of PRIMES if 
a and b are RELATIVELY PRIME, i.e., (a,b) = 1. Dirich- 
let proved this theorem using DIRICHLET L-SERIES. 


see also PRIME ARITHMETIC PROGRESSION, PRIME 
PATTERNS CONJECTURE, RELATIVELY PRIME, SIER- 
PINSKI’S PRIME SEQUENCE THEOREM 
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Dirty Beam 
The FOURIER TRANSFORM of the (u, v) sampling distri- 
bution in synthesis imaging 


b = F (S), (1) 


also called the SYNTHESIZED BEAM. It is called a 
“beam” by way of analogy with the DIRTY MAP 


I’ = FVS) = F [V] *« FILS] 
=1x FO (S)=1xb0b, (2) 


where * denotes CONVOLUTION. Here, J’ is the intensity 
which would be observed for an extended source by an 
antenna with response pattern bı, 


T =61(0") x 1(0"). (3) 


The dirty beam is often a complicated function. In order 
to avoid introducing any high spatial frequency features 
when CLEANing, an elliptical Gaussian is usually fit 
to the dirty beam, producing a CLEAN BEAM which is 
CONVOLVED with the final iteration. 


see also CLEAN ALGORITHM, CLEAN MAP, DIRTY 
MAP 


Dirty Map 

From the van Cittert-Zernicke theorem, the relationship 
between observed visibility function V (u,v) and source 
brightness I(£,7) in synthesis imaging is given by 


T(€,n) = | / V (u, e “EE du du 
= FIV 


u, v)]. (1) 
But the visibility function is sampled only at discrete 
points S(u,v) (finite sampling), so only an approxima- 


tion to J, called the “dirty map” and denoted I’, is mea- 
sured. It is given by 


I'(€,n) =| / S(u,v)V (u, vje? Et du du 
=F "IVS, (2) 
where S(u,v) is the sampling function and V(u,v) is 


the observed visibility function. Let * denote CONVO- 
LUTION and rearrange the CONVOLUTION THEOREM, 


Fifagl=FINFll (8) 
into the form 
FIF If] * Fg] = fg, (4) 
from which it follows that 


FEF =F g]: (5) 


Discordant Permutation 


Now note that 
I=F`{[V] (6) 


is the CLEAN MAP, and define the “DIRTY BEAM” 
as the inverse FOURIER TRANSFORM of the sampling 
function, 


b = FS]. (7) 
The dirty map is then given by 


I = FVS] = F [V] + FS] =I*b'. (8) 


In order to deconvolve the desired CLEAN MAP I from 
the measured dirty map J’ and the known DIRTY BEAM 
b', the CLEAN ALGORITHM is often used. 

see also CLEAN ALGORITHM, CLEAN MAP, DIRTY 
BEAM 


Disc 


see DISK 


Disconnected Form 
A FORM which is the sum of two FORMS involving sep- 
arate sets of variables. 


Disconnectivity 

Disconnectivities are mathematical entities which stand 
in the way of a SPACE being contractible (i.e., shrunk to 
a point, where the shrinking takes place inside the SPACE 
itself). When dealing with TOPOLOGICAL SPACES, a 
disconnectivity is interpreted as a “HOLE” in the space. 
Disconnectivities in SPACE are studied through the Ex- 
TENSION PROBLEM or the LIFTING PROBLEM. 

see also EXTENSION PROBLEM, HOLE, LIFTING PROB- 
LEM 


Discontinuity 


@a— discontinuity 


A point at which a mathematical object is DISCONTIN- 
UOUS. 


Discontinuous 

Not CONTINUOUS. A point at which a function is dis- 
continuous is called a DISCONTINUITY, or sometimes a 
JUMP. 
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Discordant Permutation 
see MARRIED COUPLES PROBLEM 


cally upon the release of the reset button. Automatic start is 
signified by the game ball being arbitrarily served into the playing 
area, and each time a point is scored, the ball will come into play 
into the court defended by the player having scored the point. If 
automatic start is not desired, the reset and serve buttons should 
be pressed simultaneously when resetting a game. The reset 
button is then released while still depressing the serve button. 
This will allow complete player readiness and will only put the ball 
in play when the serve button is finally released. Score is in- 
cremented (up to a high of 15) each time a player fails to deflect a 
ball away from goal. 

All of this rebounding and scoring results in some very in- 
teresting game sounds. A ball hit upon a paddle results in 32 
milliseconds of 976 Hz tone. A boundary reflection is 32 mil- 
liseconds (msec) of 488 Hz tone and score is 160 msec of 1.95 kHz 
tone. This square wave oscillation is amplified by a 2N2222 tran- 
sistor and applied to a 100 ohm.2 watt speaker. (An 8 ohm speaker 
may be used with proper current limiting in the collector circuit.) 
SW2 is provided to switch off the sound without having to shut off 
the game. Player positioning is remotely controlled through cables 
attached to pins 10 and 11 of the game chip. Each player control 
consists of a 1 meg pot and . 1 microfarad capacitor which combines 
to form a variable time constant utilized by internal timing circuit- 
ry. Longer or shorter time constants will result in relatively diffe- 
rent vertical player positions. To reduce noise, this extension 
cable should be shielded; otherwise, a display malady referred to 
as “herringbone effect” will result. 

For a TV game to be properly displayed on a raster scan 
television, the proper video signal, similar to that of any commer- 
cial TV station, must be applied to the antenna. Such a video signal 
results from synchronized dividers inside Al, which divide the 2 
MHz master clock (Fig. 10-22) and output the required 60 Hz 
vertical and 15750 Hz horizontal sync signals. These signals from 
pin 13 are combined with those of the ball output, right player 
output, left player output, and score and field output (pins 5, 8, 9, 
and 21 respectively) in a two bit digital to analog converter formed 
with a 4072 CMOS dual 4 input OR gate. This type of video output 
is referred to as composite video output and is suitable only for use 
on video monitors and not standard televisions. This video output 
may in turn be used to amplitude modulate an rf carrier suitable for 
a standard television receiver. Figure 10-23 illustrates a sample 
circuit of this basic type of modulator. With the components cho- 
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Discrepancy Theorem 


Discrepancy Theorem 

Let s1, 82, -.. be an infinite series of real numbers lying 
between 0 and 1. Then corresponding to any arbitrar- 
ily large K, there exists a positive integer n and two 
subintervals of equal length such that the number of s, 
with y = 1, 2, ..., n which lie in one of the subintervals 
differs from the number of such s, that lie in the other 
subinterval by more than K (van der Corput 1935ab, 
van Aardenne-Ehrenfest 1945, 1949, Roth 1954). 


This statement can be refined as follows. Let N be a 
large integer and s1, $2, ..., sn be a sequence of N real 
numbers lying between 0 and 1. Then for any integer 
1<n< N and any real number a satisfying 0 < a < 1, 
let Dn(a) denote the number of s, with y = 1, 2,...,7 
that satisfy 0 < s, < a. Then there exist n and a such 


that 
In In Y 


Bene T aN 


where cı is a positive constant. 


This result can be further strengthened, which is most 
easily done by reformulating the problem. Let N > 1 


be an integer and P,, Pa, ..., Py be N (not necessarily 
distinct) points in the square 0 <x<1,0<y< l. 
Then 


1 pl 
J / [S(a, y) — Nay]? dx dy > c2 ln N, 
o JO 


where cz is a positive constant and S(u, v) is the number 
of points in the rectangle 0 < x < u, 0 < y < v (Roth 
1954). Therefore, 


IS(z,y) —- Nay| > csVinN, 


and the original result can be stated as the fact that 
there exist n and a such that 


|Dn{a) — nal > cavin N. 


The randomly distributed points shown in the above 
squares have |S(x, y) — Nzy|? = 6.40 and 9.11, respec- 
tively. 


Similarly, the discrepancy of a set of N points in a unit 
d-HYPERCUBE satisfies 


[S(x, y) — Neg] > en NY? 
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(Roth 1954, 1976, 1979, 1980). 
see also 18-POINT PROBLEM, CUBE POINT PICKING 
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Discrete Distribution 

A DISTRIBUTION whose variables can take on only dis- 
crete values. Abramowitz and Stegun (1972, p. 929) 
give a table of the parameters of most common discrete 
distributions. 


see also BERNOULLI DISTRIBUTION, BINOMIAL DISTRI- 
BUTION, CONTINUOUS DISTRIBUTION, DISTRIBUTION, 
GEOMETRIC DISTRIBUTION, HYPERGEOMETRIC Dis- 
TRIBUTION, NEGATIVE BINOMIAL DISTRIBUTION, POIS- 
SON DISTRIBUTION, PROBABILITY, STATISTICS, UNI- 
FORM DISTRIBUTION 
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Discrete Fourier Transform 
The FOURIER TRANSFORM is defined as 


$() = FIFO] = ] era (a) 


Now consider generalization to the case of a discrete 
function, f(t) > f(t.) by letting fe = f(tx), where 
tk = kA, with k =0,..., N — 1. Choose the frequency 


step such that 
n 


= NA’ (2) 
with n = —N/2,...,0,..., N/2. There are N+1 values 


of n, so there is one relationship between the frequency 
components. Writing this out as per Press et al. (1989) 


Un 


N—1 N-1 
Fl f (t)] = y fe TURNER — A y fees. 
k=0 k=0 


(3) 
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and 
N-1 


fr e 2rimk/N (4) 


k=0 


The inverse transform is 


N- 
1 Tin 


Note that F-n = Fy-n, n = 1, 2, 
formulation is 


., so an alternate 


(6) 


where the NEGATIVE frequencies —ve < v < 0 have 
N/2+1<n< N-—1, POSITIVE frequencies 0 < v < ve 
have 1 < n < N/2-— 1, with zero frequency n = 0. 

= N/2 corresponds to both v = v. and y = —Ve. 
The discrete Fourier transform can be computed using 
a FAST FOURIER TRANSFORM. 


The discrete Fourier transform is a special case of the 
z- TRANSFORM. 


see also FAST FOURIER TRANSFORM, FOURIER TRANS- 
FORM, HARTLEY TRANSFORM, WINOGRAD TRANS- 
FORM, z-TRANSFORM 
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Discrete Mathematics 

The branch of mathematics dealing with objects which 
can assume only certain “discrete” values. Discrete ob- 
jects can be characterized by INTEGERS (or RATIONAL 
NUMBERS), whereas continuous objects require REAL 
NUMBERS. The study of how discrete objects combine 
with one another and the probabilities of various out- 
comes is known as COMBINATORICS. 


see also COMBINATORICS 
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Discrete Set 
A finite SET or an infinitely COUNTABLE SET of ele- 
ments. 


Discriminant (Metric) 


Discrete Uniform Distribution 
see EQUALLY LIKELY OUTCOMES DISTRIBUTION 


Discriminant 

A discriminant is a quantity (usually invariant under 
certain classes of transformations) which characterizes 
certain properties of a quantity’s ROOTS. The con- 
cept of the discriminant is used for BINARY QUADRATIC 
FORMS, ELLIPTIC CURVES, METRICS, MODULES, POLY- 
NOMIALS, QUADRATIC CURVES, QUADRATIC FIELDS, 
QUADRATIC FORMS, and in the SECOND DERIVATIVE 
TEST. 


Discriminant (Binary Quadratic Form) 
The discriminant of a BINARY QUADRATIC FORM 


au? + buv + cu? 


is defined by 
d= b — 4ac. 


It is equal to four times the corresponding DETERMI- 
NANT. 


see also CLASS NUMBER 


Discriminant (Elliptic Curve) 
An ELLIPTIC CURVE is of the form 


2 3 2 
y =x tar + ax + ao. 


Let the ROOTS of y* be r1, r2, and r3. The discriminant 
is then defined as 


A= k(rı = r2) (Tı = r3) (ra = ra)”. 
see also FREY CURVE, MINIMAL DISCRIMINANT 


Discriminant (Metric) 
Given a METRIC gag, the discriminant is defined by 


gi1 912 


= det(gag) = 
g (gap) G os, 


= 911922 — (g2). (1) 


Let g be the discriminant and g the transformed dis- 
criminant, then 


g=D%g (2) 
os 
g = DG, (3) 
where 

Gul Gul 

= dul a? 
D= due Bue (4) 

dul 942 

aal gal 

A = dui Bu? 
D= er er (5) 

Gul 


Discriminant (Module) 


Discriminant (Module) 
Let a MODULE M in an INTEGRAL DOMAIN D; for 
R(VD ) be expressed using a two-element basis as 


M = [E1, €2], 


where €, and &2 are in Dı. Then the DIFFERENT of the 
MODULE is defined as 


Er É2 
1 é 
and the discriminant is defined as the square of the DIF- 
FERENT (Cohn 1980). 


A = A(M) = = ££) — 1&2 


For IMAGINARY QUADRATIC FIELDS Q(./n) (with n < 
0), the discriminants are given in the following table. 


The discriminants of REAL QUADRATIC FIELDS Q(,/n) 
(n > 0) are given in the following table. 
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see also DIFFERENT, FUNDAMENTAL DISCRIMINANT, 
MODULE . 
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Discriminant (Polynomial) 

The PRODUCT of the SQUARES of the differences of the 
POLYNOMIAL ROOTS 2;. For a POLYNOMIAL of degree 
n, 


Dn = | | (e: - 2,7. (1) 
ij 
i<j 
The discriminant of the QUADRATIC EQUATION 
az?’ +be+c=0 (2) 
is usually taken as 
D =b — 4ac. (3) 


However, using the general definition of the POLYNOM- 
IAL DISCRIMINANT gives 


b? — 4ac 
D= [ [6 - 25) = Ta (4) 
i<j 
where z; are the ROOTS. 


The discriminant of the CUBIC EQUATION 
z? +aez* +a1z+a9 =0 (5) 


is commonly defined as 


DEQ HR, (6) 
where 
i gaa as 
j= == 22. 5 ae (7) 
9azaı = 2Tao = Za" 
RA AA 
54 (8) 


However, using the general definition of the polynomial 
discriminant for the standard form CUBIC EQUATION 


ZP +pz=q (9) 
gives 


D = [ [6 — 24) = P’ =-4p" — 274”, (10) 


i<j 
where z; are the ROOTS and 


PS (zı == 22) (za = z3)(z1 = 23). (11) 


468 Discriminant (Quadratic Curve) 
The discriminant of a QUARTIC EQUATION 
4 3 2 
z"+agr”+azr +ajr+a9=0 (12) 
is 


—2701* + 180302017 — 4a3°a1° — 4az ar” +3 az ar” 

+a0(144a2a17 —6a37a17 —80a3a27a1 +1803 0201 +1602* 

—4az a2") + a0* (—192a3a1 — 12802” + 144a3*a2 — 27a3°) 
—256a0 (13) 


(Beeler et al. 1972, Item 4). 


see also RESULTANT 
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Discriminant (Quadratic Curve) 
Given a general QUADRATIC CURVE 


Az’? + Bry + Cy + De + Ey + F =0, (1) 

the quantity X is known as the discriminant, where 
X =B*-4AC, (2) 
and is invariant under ROTATION. Using the COEFFI- 
CIENTS from QUADRATIC EQUATIONS for a rotation by 


an angle 0, 


A’ = +All + cos(29)] + ¿B sin(20) + $C[1 — cos(28)] 
AFC B.. A-C 


A sin(20) + cos(26) (3) 
B' = Gos (20 +5 - 5) = Gsin(20 + 8) (4) 
C' = ¿A[1 — cos(28)] — 4B sin(20) + 5)C[1 + cos(26)] 
"o t pa Z sin(20) A 0) (5) 

Now let 
G=yB?+(A-C) (6) 

= if B ) 
ô = tan (= A (7) 
A-C B 

02 = tan dl B ) = —cot (1). (8) 

and use 
cot™ (x) = 77 — tan * (x) (9) 
6g =ô — ir (10) 


Discriminant (Quadratic Curve) 


to rewrite the primed variables 


A+C 


A'= > + ¿G cos(20 + ô) (11) 
B' = Bcos(26) + (C — A)sin(20) = G cos(26 + d2) 
(12) 
y AtC 
C= 5 — +Gcos(26 + ô). (13) 
From (11) and (13), it follows that | 
4A'C' = (A + CY — G’ cos(28 + ô). (14) 


Combining with (12) yields, for an arbitrary 8 


KS Be ZUNE 
= G? sin? (20 + 8) + G? cos? (20 + ô) — (A+ CY 
— G’—(A+C) =B’+(A-CY -(A+C)Y 
= B? -4AC, (15) 


which is therefore invariant under rotation. This invari- 


ant therefore provides a useful shortcut to determining 
the shape represented by a QUADRATIC CURVE. Choos- 
ing @ to make B’ = 0 (see QUADRATIC EQUATION), the 
curve takes on the form 


Ax + Cy? + D'z+E'y+F=0. (16) 


COMPLETING THE SQUARE and defining new variables 
gives 
Ax? +C'y* =H. (17) 


Without loss of generality, take the sign of H to be pos- 
itive. The discriminant is 


X=B"-44'C'=-4A'C*. (18) 


Now, if —44'C* < 0, then A’ and C’ both have the 
same sign, and the equation has the general form of an 
ELLIPSE (if A’ and B' are positive). If —4A'C’ > 0, 
then A’ and C” have opposite signs, and the equation 
has the general form of a HYPERBOLA. If —4A’C" = 0, 
then either A’ or C” is zero, and the equation has the 
general form of a PARABOLA (if the NONZERO A’ or C” 
is positive). Since the discriminant is invariant, these 
conclusions will also hold for an arbitrary choice of @, so 
they also hold when —44'C” is replaced by the original 
B? — 4AC. The general result is 


1. If B?—4AC < 0, the equation represents an ELLIPSE, 
a CIRCLE (degenerate ELLIPSE), a POINT (degener- 
ate CIRCLE), or has no graph. 

2. If B? — 4AC > 0, the equation represents a HYPER- 


BOLA or pair of intersecting lines (degenerate Hy- 
PERBOLA). 


3. If B? — 4AC = 0, the equation represents a 
PARABOLA, a LINE (degenerate PARABOLA), a pair 
of PARALLEL lines (degenerate PARABOLA), or has 
no graph. 


Discriminant (Quadratic Form) 


Discriminant (Quadratic Form) 
see DISCRIMINANT (BINARY QUADRATIC FORM) 


Discriminant (Second Derivative Test) 


| D= fax fyy _ Ízy fyz = fex fyy — fey’, 


where fij; are PARTIAL DERIVATIVES. 
see also SECOND DERIVATIVE TEST 


Disdyakis Dodecahedron 


The DUAL POLYHEDRON of the ARCHIMEDEAN GREAT 
RHOMBICUBOCTAHEDRON, also called the HEXAKIS 
OCTAHEDRON. 


see also GREAT DISDYAKIS DODECAHEDRON 


Disdyakis Triacontahedron 


The DUAL POLYHEDRON of the ARCHIMEDEAN GREAT 
RHOMBICOSIDODECAHEDRON. It is also called the HEX- 
AKIS ICOSAHEDRON. 


Disk Covering Problem 469 


Disjoint 
see MUTUALLY EXCLUSIVE 


Disjunction 
A product of Ors, denoted 


Ga 


k+1 
see also CONJUNCTION, OR 


Disjunctive Game 
see NIM-HEAP 


Disk 

An n-D disk (or Disc) of RADIUS r is the collection of 
points of distance < r (CLOSED DISK) or < r (OPEN 
DISK) from a fixed point in EUCLIDEAN n-space. A disk 
is the SHADOW of a BALL on a PLANE PERPENDICULAR 
to the BALL-RADIANT POINT line. 


The n-disk for n > 3 is called a BALL, and the boundary 
of the n-disk is a (n — 1)-HYPERSPHERE. The standard 
n-disk, denoted D” (or B”), has its center at the ORIGIN 
and has RADIUS r = 1. 


see also BALL, CLOSED Disk, DISK COVERING 
PROBLEM, FIVE DISKS PROBLEM, HYPERSPHERE, 
MERGELYAN-WESLER THEOREM, OPEN DISK, POLY- 
DISK, SPHERE, UNIT DISK 


Disk Covering Problem 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Given a UNIT DISK, find the smallest RADIUS r(n) re- 
quired for n equal disks to completely cover the UNIT 
Disk. For a symmetrical arrangement with n = 5 
(the FIVE Disks PROBLEM), r(5) = 9 — 1 = 1/4 = 
0.6180340..., where ¢ is the GOLDEN RATIO. However, 
the radius can be reduced in the general disk covering 
problem where symmetry is not required. The first few 
such values are 


r(1) =1 
r(2) =1 
r(3) = 143 
r(4) = 4V2 
r(5) = 0.609382864... 
r(6) = 0.555 
r(7)=3 
r(8) = 0.437 
r(9) = 0.422 
r(10) = 0.398. 
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Here, values for n = 6, 8, 9, 10 were obtained using 
computer experimentation by Zahn (1962). The value 
r(5) is equal to cos(9 + ¢@/2), where @ and ¢ are solutions 
to 


2sin9 — sin(9+ tọ + Y) —sin(p -0-1p)=0 (1) 
2 sing — sin(6 + $9 + x) — sin(x — 0 — Lo) =0 (2) 
2sin@ + sin(x + 6) — sin(x — 8) — sin(y + $) 
—sin(Yy — ¢) — 2sin(y — 20) =0 (3) 
cos(2p — x + $) — cos(2y + x — ¢) — 2cos x 
+ cos(2y + x — 20) + cos(2y —x—20)=0 (4) 


(Neville 1915). It is also given by 1/z, where x is the 
largest real root of 


aly)z" — b(y)x° + e(y)x* — a(y)a* 
+e(y)a" — f(y)z+g(y) =0 (5) 


maximized over all y, subject to the constraints 


V2<x<2y+1 (6) 
=1<y<l, (7) 

and with 
a(y) = 80y" + 64y (8) 
b(y) = 416y" + 384y” + 64y (9) 
cly) = 848y* + 928y° + 352y” + 32y (10) 


d(y) = 768y" + 992y* + 736y* + 288y* + 96y 
e(y) = 256y* + 384y° + 592y* + 480y* + 336y* 


+ 96y + 16 (11) 

f(y) = 1284" + 192y* + 256y" + 160y? + 96y + 32 
(12) 
gly) = 64y? + 64y + 16 (13) 


(Bezdek 1983, 1984). 


Letting N (e) be the smallest number of DISKS of RADIUS 
e needed to cover a disk D, the limit of the ratio of the 
AREA of D to the AREA of the disks is given by 


1 343 
li === = — 14 
o eN (e) 277 oD 


(Kershner 1939, Verblunsky 1949). 
see also FIVE DISKS PROBLEM 
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Disk Lattice Points 
see GAUSS’S CIRCLE PROBLEM 


Dispersion Numbers 
see MAGIC GEOMETRIC CONSTANTS 


Dispersion Relation 

Any pair of equations giving the REAL PART of a func- 
tion as an integral of its IMAGINARY PART and the IMAG- 
INARY PART as an integral of its REAL PART. Dispersion 
relationships imply causality in physics. Let 


f(zo) = u(zo) + tv(zo), (1) 
then 
u(to) = PY] A (2) 
v(20) = -ipy | s a (3) 
T ees T — To 


where PV denotes the CAUCHY PRINCIPAL VALUE and 
u(to) and v(zo) are HILBERT TRANSFORMS of each 
other. If the COMPLEX function is symmetric such that 


f(—x) = f*(x), then 


uzo) = 2py | ZOR (4) 
(zo) = -PV J j pe (5) 


Dispersion (Sequence) 

An array B = bij, 1,7 > 1 of POSITIVE INTEGERS is 

called a dispersion if 

1. The first column of B is a strictly increasing se- 
quence, and there exists a strictly increasing se- 
quence (sx) such that 

2. bie = $1 > 2. 


3. The complement of the SET {b;1 : i > 1} is the SET 
{se}, 

4. bij = Spb, ,_, for all j > 3 for i = 1 and for all g > 2 
for all 2 > 2. 


Dispersion (Statistics) 


If an array B = 6;; is a dispersion, then it is an INTER- 
SPERSION. 


see also INTERSPERSION 
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Dispersion (Statistics) 


(Au)*, = (u: — a)”. 


see also ABSOLUTE DEVIATION, SIGNED DEVIATION, 
VARIANCE 


Disphenocingulum 
see JOHNSON SOLID 


Disphenoid 
“A TETRAHEDRON with identical ISOSCELES or SCALENE 
faces. 


Dissection 

Any two rectilinear figures with equal AREA can be dis- 
sected into a finite number of pieces to form each other. 
This is the WALLACE-BOLYAI-GERWEIN THEOREM. For 
minimal dissections of a TRIANGLE, PENTAGON, and 
OCTAGON into a SQUARE, see Stewart (1987, pp. 169- 
170) and Ball and Coxeter (1987, pp. 89-91). The TRI- 
ANGLE to SQUARE dissection (HABERDASHER’S PROB- 
LEM) is particularly interesting because it can be built 
from hinged pieces which can be folded and unfolded 
to yield the two shapes (Gardner 1961; Stewart 1987, 
p. 169; Pappas 1989). 


A Sd hor DY OD 


Laczkovich (1988) proved that the CIRCLE can be 
squared in a ae number of dissections (~ 10°°). Fur- 
thermore, any shape whose boundary is composed of 
smoothly curving pieces can be dissected into a SQUARE. 


The situation becomes considerably more difficult mov- 
ing from 2-D to 3-D. In general, a POLYHEDRON can- 
not be dissected into other POLYHEDRA of a specified 
type. A CUBE can be dissected into n? CUBES, where 
n is any INTEGER. In 1900, Dehn proved that not ev- 
ery PRISM cannot be dissected into a TETRAHEDRON 
(Lenhard 1962, Ball and Coxeter 1987) The third of 
HILBERT’S PROBLEMS asks for the determination of two 
TETRAHEDRA which cannot be decomposed into con- 
gruent TETRAHEDRA directly or by adjoining congru- 
ent TETRAHEDRA. Max Dehn showed this could not be 
done in 1902, and W. F. Kagon obtained the same re- 
sult independently in 1903. A quantity growing out of 
Dehn’s work which can be used to analyze the possibil- 
ity of performing a given solid dissection is the DEHN 
INVARIANT. 
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The table below is an updated version of the one given 
in Gardner (1991, p. 50). Many of the improvements 
are due to G. Theobald (Frederickson 1997). The mini- 
mum number of pieces known to dissect a regular n-gon 
(where n is a number in the first column) into a k-gon 
(where k is a number is the bottom row) is read off by 
the intersection of the corresponding row and column. 
In the table, {n} denotes a regular n-gon, GR a GOLDEN 
RECTANGLE, GC a GREEK Cross, LC a LATIN CROSS, 
MC a MALTESE Cross, SW a SWASTIKA, {5/2} a five- 
point star (solid PENTAGRAM), {6/2} a six-point star 
(i.e., HEXAGRAM or solid STAR OF DAVID), and {8/3} 
the solid OCTAGRAM. 
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The best-known dissections of one regular convex n-gon 
into another are shown for n = 3, 4, 5, 6, 7, 8, 9, 10, 
and 12 in the following illustrations due to Theobald. 
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Dissection 


The best-known dissections of various crosses are illus- 


trated below (Theobald). 
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The best-known dissections of the GOLDEN RECTANGLE 
are illustrated below (Theobald). 


$06 PO pa 


R-10 


see also BANACH-TARSKI PARADOX, CUNDY AND ROL- 
LETT’S EGG, DECAGON, DEHN INVARIANT, DIABOLI- 
CAL CUBE, DISSECTION PUZZLES, DODECAGON, EHR- 
HART POLYNOMIAL, EQUIDECOMPOSABLE, EQUILAT- 
ERAL TRIANGLE, GOLDEN RECTANGLE, HEPTAGON 
HEXAGON, HEXAGRAM, HILBERT’S PROBLEMS, LATIN 
CROSS, MALTESE CROSS, NONAGON, OCTAGON, OC- 
TAGRAM, PENTAGON, PENTAGRAM, POLYHEDRON Dis- 
SECTION, PYTHAGOREAN SQUARE PUZZLE, PYTHAG- 
OREAN THEOREM, REP-TILE, SOMA CUBE, SQUARE, 
STAR OF LAKSHMI, SWASTIKA, T-PUZZLE, TANGRAM, 
WALLACE-BOLYAI-GERWEIN THEOREM 
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Dissection Puzzles 

A puzzle in which one object is to be converted to an- 
other by making a finite number of cuts and reassem- 
bling it. The cuts are often, but not always, restricted to 
straight lines. Sometimes, a given puzzle is precut and 
is to be re-assembled into two or more given shapes. 


see also CUNDY AND ROLLETT’S EGG, PYTHAGOREAN 
SQUARE PUZZLE, T-PUZZLE, TANGRAM 


Dissipative System 

A system in which the phase space volume contracts 
along a trajectory. This means that the generalized DI- 
VERGENCE is less than zero, 


Of; 
Ox; 


< 0, 
where EINSTEIN SUMMATION has been used. 


Distance 
Let y(t) be a smooth curve in a MANIFOLD M from z to 
y with y(0) = z and y(1) = y. Then y'(t) € Tye, where 
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T, is the TANGENT SPACE of M at x. The LENGTH of 
y with respect to the Riemannian structure is given by 


J IY lace dt, (1) 


and the distance d(x, y) between x and y is the shortest 
distance between x and y given by 


dey) = int [I Ollod 


In order to specify the relative distances of n > 1 points 
in the plane, 1+2(n—2) = 2n—3 coordinates are needed, 
since the first can always be taken as (0, 0) and the sec- 
ond as (x,0), which defines the z-AxIs. The remaining 
n — 2 points need two coordinates each. However, the 
total number of distances is 


(5) 7 A = 3n(n— 1), (3) 


where (7) is a BINOMIAL COEFFICIENT. The distances 
between n > 1 points are therefore subject to m rela- 
tionships, where 


n(n — 1) — (2n — 3) = Z(n-—2)(n—3). (4) 


For n= 1, 2,..., this gives 0, 0, 0, 1, 3, 6, 10, 15, 21, 28, 

. (Sloane’s A000217) relationships, and the number 
of relationships between n points is the TRIANGULAR 
NUMBER T».-3. 


Although there are no relationships for n = 2 and n = 
3 points, for n = 4 (a QUADRILATERAL), there is one 
(Weinberg 1972): 


O = dia*dsa” Fda da + dia’ ds + das dua 
+ disdía + diadío 
+ dizdasdg1 + diodgada: + dizd3adai 
+ d33d3q4dq2 — dizd23d3q — disdiadas 
— dindiadiz — digd42d33 — disd3adao 
— diadizd32 — d23d31d14 — dar di3d34 
— d3ad4i dis — d21d14d43 — dir didas 


decd, aia: (5) 


This equation can be derived by writing 


dij = y (xi — 25)? + (yi — yi)? (6) 


and eliminating z; and y; from the equations for d12, 
dıs, día, d23, daa, and daa. 
see also ARC LENGTH, CUBE POINT PICKING, EX- 


PANSIVE, LENGTH (CURVE), METRIC, PLANAR DIS- 
TANCE, POINT-LINE DISTANCE—2-D, POINT-LINE 


Distinct Prime Factors 


DISTANCE—3-D, POINT-PLANE DISTANCE, POINT- 
POINT DISTANCE—1-D, POINT-POINT DISTANCE—2- 
D, PoINT-POINT DISTANCE—3-D, SPACE DISTANCE, 
SPHERE 
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Distinct Prime Factors 
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The number of distinct prime factors of a number n is 
denoted w(n). The first few values for n = 1, 2, ... 
are 0, 1, 1, 1, 1, 2, 1, 1, 1, 2, 1, 2, 1, 2, 2, 1, 1, 2, 1, 
2, ... (Sloane’s A001221). The first few values of the 
SUMMATORY FUNCTION 


X w(k) 


are 1, 2, 3, 4, 6, 7, 8, 9, 11, 12, 14, 15, 17, 19, 20, 21, 
... (Sloane’s A013939), and the asymptotic value is 


Tr 


S| w(k) = ninlnn + Bin + o[n), 
k=2 


where Bı is MERTENS CONSTANT. In addition, 
O = n(InInn)* + O(nln In n). 
k=2 


see also DIVISOR FUNCTION, GREATEST PRIME FAc- 
TOR, HARDY-RAMANUJAN THEOREM, HETEROGE- 
NEOUS NUMBERS, LEAST PRIME FACTOR, MERTENS 
CONSTANT, PRIME FACTORS 
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Fig. 10-22. 2 MHz oscillator. Miller 
9055 miniature slugtuned coil; all 
resistors Ys W 5%; all caps min. 25 
V ceramic. 
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sen, the frequency is approximately that of VHF channel five. (This 
circuit is intended for illustration only and acceptability by the FCC 
as a proper class 1 rf modulator is not inferred.) The modulator 
output is connected directly to the TV antenna terminals, with the 
antenna disconnected, and adjusted for the best reception. 

This game is a marvel of engineering ingenuity through which 
General Instruments has succeeded in enlightening the average 
American to the latest advances in electronic technology. It is easy 
to overlook 16K bit RAMs and microprocessors, but it is hard to 
ignore such a marvelously exciting TV game when presented on 
your own home television. Also, see Figs. 10-24, 10-25 and Table 
10-1. 


NEW LIFE FOR OLD TRANSFORMERS 


When amateur radio was very young, it was necessary to build 
everything from scratch. You couldn't just buy the components and 
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Fig. 10-23. VHF modulator sample circuit. All resistors Ys W 5%; all caps 
min. 25 V ceramic unless otherwise noted. NOTE: THIS IS AN ILLUSTRA- 
TION OF A SAMPLE VHF MONITOR. THIS CIRCUIT HAS NOT BEEN AP- 
PROVED BY THE FCC. 
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Distribution 

The distribution of a variable is a description of the rel- 
ative numbers of times each possible outcome will occur 
in a number of trials. The function describing the distri- 
bution is called the PROBABILITY FUNCTION, and the 
function describing the probability that a given value or 
any value smaller than it will occur is called the DIs- 
TRIBUTION FUNCTION. 


Formally, a distribution can be defined as a normalized 
MEASURE, and the distribution of a RANDOM VARIABLE 
x is the MEASURE P, on S defined by setting 


P(A) = P{s € S: x(s) € AY, 


where (5,8, P) is a PROBABILITY SPACE, (5,S) is a 
MEASURABLE SPACE, and P a MEASURE on S with 
P(S)= 1: 

see also CONTINUOUS DISTRIBUTION, DISCRETE DIS- 
TRIBUTION, DISTRIBUTION FUNCTION, MEASURABLE 
SPACE, MEASURE, PROBABILITY, PROBABILITY DEN- 
SITY FUNCTION, RANDOM VARIABLE, STATISTICS 
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Distribution Function 

The distribution function D(x), sometimes also called 
the PROBABILITY DISTRIBUTION FUNCTION, describes 
the probability that a trial X takes on a value less than 
or equal to a number x. The distribution function is 
therefore related to a continuous PROBABILITY DENSITY 
FUNCTION P(x) by 


D(z) = P(X < x) = f Pla) dz’, (1) 


00 


so P(x) (when it exists), is simply the derivative of the 
distribution function 


P(x) = D' (x) = [P(x')] Zo = Plz) - Pl-oo). (2) 


Similarly, the distribution function is related to a dis- 
crete probability P(x) by 


D(z) = P(X <2) = Y P(e). (3) 


X<zu 


In general, there exist distributions which are neither 
continuous nor discrete. 


A JOINT DISTRIBUTION FUNCTION can be defined if 
outcomes are dependent on two parameters: 


D(a,y) = P(X < z,Y < y) (4) 


D, (xz) = D(z, 0) (5) 
Dy(y) = D(oo, y). (6) 
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Similarly, a multiple distribution function can be defined 
if outcomes depend on n parameters: 


D(ai,...,@n) = P(£1 <ai,...,2n <n). (7) 


Given a continuous P(x), assume you wish to generate 
numbers distributed as P(x) using a random number 
generator. If the random number generator yields a uni- 
formly distributed value y; in [0,1] for each trial ¿, then 
compute 


D(a) = | P(x) dz’. (8) 


The FORMULA connecting y; with a variable distributed 
as P(x) is then 
zı = D~} (ys), (9) 


where D”?(x) is the inverse function of D(x). For ex- 
ample, if P(x) were a GAUSSIAN DISTRIBUTION so that 


1 Tp 
D(x) = = |1+erf ‘ 10 
ale). 
then 
ay =0V2erf *(2y — 1) +p. (11) 
If P(x) = Cr” for x € (Tmin, max), then normalization 
gives 
Tmax [pati Tmax 
= CE =1 12 
J P(x) dz = C aJi ; (12) 
SO PE 
| n 
O= na tI ta a3 


Let y be a uniformly distributed variate on [0,1]. Then 


pia) = | Pe)de=c | x” de 


C n n 


and the variate given by 


T m)” (n+1) 
T = Tmi 
C y + Tmin 
= (ina m Emin” )y =e daa dica (15) 


is distributed as P(x). 


A distribution with constant VARIANCE of y for all val- 
ues of x is known as a HOMOSCEDASTIC distribution. 
The method of finding the value at which the distribu- 
tion is a maximum is known as the MAXIMUM LIKELI- 
HOOD method. 


see also BERNOULLI DISTRIBUTION, BETA DISTRI- 
BUTION, BINOMIAL DISTRIBUTION, BIVARIATE DIS- 
TRIBUTION, CAUCHY DISTRIBUTION, CHI DISTRIBU- 
TION, CHI-SQUARED DISTRIBUTION, CORNISH-FISHER 
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ASYMPTOTIC EXPANSION, CORRELATION COEFFI- 
CIENT, DISTRIBUTION, DOUBLE EXPONENTIAL DISTRI- 
BUTION, EQUALLY LIKELY OUTCOMES DISTRIBUTION, 
EXPONENTIAL DISTRIBUTION, EXTREME VALUE DIS- 
TRIBUTION, F-DISTRIBUTION, FERMI-DIRAC DISTRI- 
BUTION, FISHER’S z-DISTRIBUTION, FISHER-TIPPETT 
DISTRIBUTION, GAMMA DISTRIBUTION, GAUSSIAN 
DISTRIBUTION, GEOMETRIC DISTRIBUTION, HALF- 
NORMAL DISTRIBUTION, HYPERGEOMETRIC DISTRI- 
BUTION, JOINT DISTRIBUTION FUNCTION, LAPLACE 
DISTRIBUTION, LATTICE DISTRIBUTION, LÉvY DIS- 
TRIBUTION, LOGARITHMIC DISTRIBUTION, LOG-SERIES 
DISTRIBUTION, LOGISTIC DISTRIBUTION, LORENTZIAN 
DISTRIBUTION, MAXWELL DISTRIBUTION, NEGATIVE 
BINOMIAL DISTRIBUTION, NORMAL DISTRIBUTION, 
PARETO DISTRIBUTION, PASCAL DISTRIBUTION, PEAR- 
SON TYPE III DISTRIBUTION, POISSON DISTRI- 
BUTION, POLYA DISTRIBUTION, RATIO DISTRIBU- 
TION, RAYLEIGH DISTRIBUTION, RICE DISTRIBU- 
TION, SNEDECOR’S F-DISTRIBUTION, STUDENT’S t- 
DISTRIBUTION, STUDENT’S z-DISTRIBUTION, UNIFORM 
DISTRIBUTION, WEIBULL DISTRIBUTION 
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Distribution (Functional) 

A functional distribution, also called a GENERALIZED 
FUNCTION, is a generalization of the concept of a func- 
tion. Functional distributions are defined as continuous 
linear FUNCTIONALS over a SPACE of infinitely differen- 
tiable functions such that all continuous functions have 
SCHWARZIAN DERIVATIVES which are themselves distri- 
butions. The most commonly encountered functional 
distribution is the DELTA FUNCTION. 


see also DELTA FUNCTION, GENERALIZED FUNCTION, 
SCHWARZIAN DERIVATIVE 
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Distribution Parameter 
The distribution parameter of a NONCYLINDRICAL 
RULED SURFACE parameterized by 


x(u, v) = 0(u) + vd(u), (1) 


where g is the STRICTION CURVE and 6 the DIRECTOR 
CURVE, is the function p defined by 


det(o’ dd" 
y = aet(o' 55") 


ny : ô (2) 


The GAUSSIAN CURVATURE of a RULED SURFACE is 
given in terms of its distribution parameter by 


bW 
K = -pu +F 2 


see also NONCYLINDRICAL RULED SURFACE, STRICTION 
CURVE 
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Distribution (Statistical) 


The set of probabilities for each possible event. 


see DISTRIBUTION FUNCTION 


Distributive 
Elements of an ALGEBRA which obey the identity 


A(B+C)=AB+ AC 


are said to be distributive over the operation +. 
see also ASSOCIATIVE, COMMUTATIVE, TRANSITIVE 


Distributive Lattice 


Distributive Lattice 
A LATTICE which satisfies the identities 


(ZAYV(rAz)=zrA[(yV 2) 


(eVy)A(aVz)=a2V(yAz) 


is said to be distributive. 


see also LATTICE, MODULAR LATTICE 
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Disymmetric 

An object which is not superimposable on its MIRROR 
IMAGE is said to be disymmetric. All asymmetric ob- 
jects are disymmetric, and an object with no IMPROPER 
ROTATION (rotoinversion) axis must also be disymmet- 
ric. 


Ditrigonal Dodecadodecahedron 


The UNIFORM POLYHEDRON U4, also called the 
DITRIGONAL DODECAHEDRON, whose DUAL POLYHE- 
DRON is the MEDIAL TRIAMBIC ICOSAHEDRON. It has 
WYTHOFF SYMBOL 3| 25. Its faces are 12{3} + 12{5}. 
It is a FACETED version of the SMALL DITRIGONAL 
ICOSIDODECAHEDRON. The CIRCUMRADIUS for unit 


edge length is 
R= 43. 
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Ditrigonal Dodecahedron 
see DITRIGONAL DODECADODECAHEDRON 


Divergence 
The divergence of a VECTOR FIELD F is given by 


div(F) =V-F= li ees 1 
iv(F)=V- = lim —7—. (1) 
Define | 

F = Fit, + Fa + F3ús. (2) 


Divergence Theorem AT7 


Then in arbitrary orthogonal CURVILINEAR COORDI- 


NATES, 

1 0 
——— | — (hoh3F 
h1h2h3 EA ore 1) 


9 9 
+a aha Fa) + 5; (nha Fa)| (8) 


div(F)=V-F= 


If V. F = 0, then the field is said to be a DIVERGENCE- 
LESS FIELD. For divergence in individual coordinate sys- 
tems, see CURVILINEAR COORDINATES. 


TA 
y. AX _ Tr(A) _ ca (4) 
Ix} |x| |x| 
The divergence of a TENSOR A is 
V:-A= AS = AL +H, A’, (5) 


where ; is the COVARIANT DERIVATIVE. Expanding the 
terms gives 


AS = AL + (T2,A% + 13,,A° +T9,A7) 
B B ¿a B AB B 47 
PASPA PTA AFA) 
+A% + (P2,A% YTZAC+T2A7). (6) 
see also CURL, CURL THEOREM, GRADIENT, GREEN’S 


THEOREM, DIVERGENCE THEOREM, VECTOR DERIVA- 
TIVE 
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Divergence Tests 
If 


lim Uk + 0, 
k—= 00 


then the series {un } diverges. 


see also CONVERGENCE TESTS, CONVERGENT SERIES, 
DIn1i’Ss TEST, SERIES — 


Divergence Theorem 
A.k.a. GAUSS’S THEOREM. Let V be a region in space 
with boundary oV. Then 


|O Dav= | Faa (1) 


Let S be a region in the plane with boundary OS. 


[v-raa= f F - nds. (2) 
S as 


If the VECTOR FIELD F satisfies certain constraints, 
simplified forms can be used. If F(z,y,z) = v(z,y,z)e 
where c is a constant vector Æ 0, then 


|= ase | vda 8 
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But 

V: (fv) = (VF) vt f(V -v), (4) 
[vy (cv) dV =c- (Gro c)dV =c- J vrav 
V V (5) 


c- ( | vaa- fva) =0. (6) 


But c % 0, and c: f(v) must vary with v so that c - f(v) 
cannot always equal zero. Therefore, 


[vaa= | wav. (7) 


If F(z, y, 2) = cx P(x, y, 2), where c is a constant vector 


Æ 0, then 
f iaxP= | vxPav (8) 
S v 


see also CURL THEOREM, GRADIENT, GREEN'S THEO- 
REM 
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Divergenceless Field 

A divergenceless field, also called a SOLENOIDAL FIELD, 
is a FIELD for which V -F = 0. Therefore, there exists a 
G such that F = Vx G. Furthermore, F can be written 
as 


F=Vx(Tr)+V*(Sr)=T+S, 


where 
T=Vx(Tr)=-rx(VT) 
S=V*(Sr) = V (rs) —rV?S. 


Following Lamb, T and S are called TOROIDAL FIELD 
and POLOIDAL FIELD. 


see also BELTRAMI FIELD, 


POLOIDAL FIELD, SOLENOIDAL FIELD, 
FIELD 


IRROTATIONAL FIELD, 
TOROIDAL 


Divergent Sequence 
A divergent sequence is a SEQUENCE for which the LIMIT 
exists but is not CONVERGENT. 


see also CONVERGENT SEQUENCE, DIVERGENT SERIES 


Divergent Series 
A SERIES which is not CONVERGENT. Series may di- 
verge by marching off to infinity or by oscillating. 


see also CONVERGENT SERIES, DIVERGENT SEQUENCE 
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Divided Difference 


Diversity Condition 
For any group of k men out of N, there must be at least 
k jobs for which they are collectively qualified. 


Divide 

To divide is to perform the operation of DIVISION, i.e., 
to see how many time a DIVISOR d goes into another 
number n. n divided by d is written n/d or n +d. The 
result need not be an INTEGER, but if it is, some addi- 
tional terminology is used. d|n is read “d divides n” and 
means that d is a PROPER DIVISOR of n. In this case, n 
is said to be DIVISIBLE by d. Clearly, 1|n and n|n. By 
convention, n|0 for every n except 0 (Hardy and Wright 
1979). The “divided” operation satisfies 


bla and clb > cla 
bla > belac 
cla and c|b > cl(ma + nb). 


d'In is read “d' does not divide n” and means that d' is 
not a PROPER DIVISOR of n. a*||b means a* divides b 
exactly. 

see also CONGRUENCE, DIVISIBLE, DIVISION, DIVISOR 
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Divided Difference 

The divided difference f{z1,2%2,...,2%n] on n points xı, 
22, ..., Zn of a function f(x) is defined by f[z1] = f(x1) 
and 


Ibis Un] = F (22,0: Ta! (1) 


Le A. Al ES 
L1 — Ln 


for n > 2. The first few differences are 


_fo-f 
[To, 21] = ee (2) 
_ [zo, 21] — 21, z2] 
[Zo, £1, £2] == (3) 
Lo ~ La 
Lisp CAS E PA Ba 
[Lo, 21,..., Tn] = A leir oz (4) 
Defining 
mn(e)= (2 — zo)(£ = 21) (2-2) (5) 
and taking the DERIVATIVE 
Tn(Le) = (Ge—Lo)+ ++ (Ge-Le—1)(LWe—-Le41) +++ (Ek-En) 


(6) 


- gives the identity 


[totis En] = Y E > (7) 


= Tn (Tr 


Divine Proportion 
Consider the following question: does the property 
flz1,%2,...,2n| =h(01 + z2 +... + En) (8) 


for n > 2 and h(x) a given function guarantee that 
f(x) is a POLYNOMIAL of degree < n? Aczél (1985) 
showed that the answer is “yes” for n = 2, and Bailey 
(1992) showed it to be true for n = 3 with differen- 
tiable f(x). Schwaiger (1994) and Andersen (1996) sub- 
sequently showed the answer to be “yes” for all n > 3 
with restrictions on f(x) or h(x). 


see also NEWTON’S DIVIDED DIFFERENCE INTERPOLA- 
TION FORMULA, RECIPROCAL DIFFERENCE 
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Divine Proportion 
see GOLDEN RATIO 


Divisibility Tests 

Write a decimal number a out digit by digit in the form 
An ...a38241a9. It is always true that 10° = 1 = 1 for 
any base. 

2 10* =0, so 10” = 0 for n > 1. Therefore, if the last 
digit ao is divisible by 2 (i.e., is EVEN), then so is 
a. 

310' = 1, 10? = 1, ..., 10” = 1. 
S >, a; is divisible by 3, so is a. 

4 10' = 2, 10? = 0, ....10% = 0. So if the last two 
digits are divisible by 4, more specifically if r = 
ao + 2a, is, then so is a. 

5 10! = 0, so 10” = 0 for n > 1. Therefore, if the last 
digit ao is divisible by 5 (i.e., is 5 or 0), then so is 
do. 

6 10! = —2, 10? = —2, so 10” = —2. Therefore, if 
r=ag-2 ie a; is divisible by 6, so is a. If a is 
divisible by 3 and is EVEN, it is also divisible by 6. 

7 10! = 3, 10? = 2, 10° = —1, 10* = —3, 10° = -2, 
10° = 1, and the sequence then repeats. Therefore, 
if r = (ao + 3a1 + 2a2 — 03 — 3a4 — 2a5) + (as + 3a7 + 

..) +... is divisible by 7, so is a. 


Therefore, if 
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8 10! = 2, 10? = 4, 10° = 0, ..., 10” = 0. There- 
fore, if the last three digits are divisible by 8, more 
specifically if r = ao + 2a1 + 4az is, then so is a. 

wio = me 0 cae ds 10% = 1. Therefore, if 
>: _, ai is divisible by 9, so is a. 

10 10! = 0, so if the last digit is 0, then a is divisible 


by 10. 

£10 S140? o =] Sh, 10 See There: 
fore, if r = ao — a1 + 42 — a3 +... is divisible by 11, 
then so is a. 


12 10! = -2, 10? = 4, 10° = 4, .... Therefore, if 
r = do — 2a1 + 4(a2 + a3 +...) is divisible by 12, 
then so is a. Divisibility by 12 can also be checked 
by seeing if a is divisible by 3 and 4. 

13 10! = —3, 10? = —4, 10% = -1, 10% = 3, 10° = 4, 

10° = 1, and the pattern repeats. Therefore, if r = 

(ao —3a1 —4as —a3+304+4a5)+(a5-3a7+.. .)+. ae 


is divisible by 13, so is a. 
For additional tests for 13, see Gardner (1991). 


References 

Dickson, L. E. History of the Theory of Numbers, Vol. 1: 
Divisibility and Primality. New York: Chelsea, pp. 337- 
346, 1952. 

Gardner, M. Ch. 14 in The Unexpected Hanging and Other 
. Mathematical Diversions. Chicago, IL: Chicago University 
Press, 1991. 


Divisible 

A number n is said to be divisible by d if d is a PROPER 
DIVISOR of n. The sum of any n consecutive INTEGERS 
is divisible by n!, where n! is the FACTORIAL. 


see also DIVIDE, DIVISOR, DIVISOR FUNCTION 
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Division 

Taking the RATIO 2 /y of two numbers z and y, also writ- 
ten z+y. Here, y is called the DIVISOR. The symbol “/” 
is called a SOLIDUS (or DIAGONAL), and the symbol “+” 
is called the OBELUS. Division in which the fractional 
(remainder) is discarded is called INTEGER DIVISION, 
and is sometimes denoted using a backslash, |. 


see also ADDITION, DIVIDE, INTEGER DIVISION, LONG 
DIVISION, MULTIPLICATION, OBELUS, ODDS, RATIO, 
SKELETON DIVISION, SOLIDUS, SUBTRACTION, TRIAL 
DIVISION 


Division Algebra 

A division algebra, also called a DIVISION RING or SKEW 
FIELD, is a RING in which every NONZERO element has a 
multiplicative inverse, but multiplication is not COMMU- 
TATIVE. Explicitly, a division algebra is a set together 
with two BINARY OPERATORS S(+, *) satisfying the fol- 
lowing conditions: 
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1. Additive associativity: For all a,b,c € S, (a+b)+c = 
a + (b+ c), 

2. Additive commutativity: For all a,b € S, a+ b = 
b+a, | 

3. Additive identity: There exists an element 0 € S 
such that for alla € S,0+a=a+0=a, 


4. Additive inverse: For every a € S there exists a —a € 
S such that a+ (—a) = (-a)+a=0, 

5. Multiplicative associativity: For all a,b,c € S, (a x 
bxc=ax(bx*c), 

6. Multiplicative identity: There exists an element 1 € 
S not equal to 0 such that for all a € S, Ixa = 


ax*l=a, 

7. Multiplicative inverse: For every a € S not equal to 
0, there exists a`}? € Sata *=a"*xa=1, 

8. Left and right distributivity: For all a,b,c € S, ax 
(b+c) = (a*b)+(axc) and (b+c)*a = (b*a)+(cxa). 


Thus a division algebra (S,+,*) is a UNIT RING for 
which (S — {0}, x) is a GROUP. A division algebra must 
contain at least two elements. A COMMUTATIVE division 
algebra is called a FIELD. 


In 1878 and 1880, Frobenius and Peirce proved that the 
only associative REAL division algebras are real num- 
bers, COMPLEX NUMBERS, and QUATERNIONS. The 
CAYLEY ALGEBRA is the only NONASSOCIATIVE Di- 
VISION ALGEBRA. Hurwitz (1898) proved that the 
ALGEBRAS of REAL NUMBERS, COMPLEX NUMBERS, 
QUATERNIONS, and CAYLEY NUMBERS are the only 
ones where multiplication by unit “vectors” is distance- 
preserving. Adams (1956) proved that n-D vectors form 
an ALGEBRA in which division (except by 0) is always 
possible only for n = 1, 2, 4, and 8. 


see also CAYLEY NUMBER, FIELD, GROUP, NONASSOC- 
IATIVE ALGEBRA, QUATERNION, UNIT RING 
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Division Lemma 
When ac is DIVISIBLE by a number b that is RELATIVELY 
PRIME to a, then c must be DIVISIBLE by b. 


Division Ring 
see DIVISION ÁLGEBRA 


Divisor 


Divisor 

A divisor of a number N is a number d which DIVIDES 
N, also called a FACTOR. The total number of divisors 
for a given number N can be found as follows. Write a 
number in terms of its PRIME FACTORIZATION 


N = pp opr. (1) 


For any divisor d of N, N = dd' where 


d=p p? -e pr, (2) 

SO 
d= py 2701 92702 a ÓN (3) 
Now, 61 = 0,1,...,a@1, so there are a; + 1 possible val- 


ues. Similarly, for 6,, there are a, + 1 possible values, 
so the total number of divisors v(N) of N is given by 


r 


v(N)= | [ (an + 1). (4) 


n=l 


The function v(N) is also sometimes denoted d(N) or 
co(N). The product of divisors can be found by writing 
the number N in terms of all possible products 


¿Dg 
dodge) 
so 
NYO) — [de aL] 
V 14 23 
= [II = (119) . (6) 
i=1 i=l 
and 


Laan (7) 


The GEOMETRIC MEAN of divisors is 
ee (n)/2)1/v(N) 
= (JJ) = [NY)/21/4N) A/N. (8) 


The sum of the divisors can be found as follows. Let 
N = ab with a Æ b and (a,b) = 1. For any divisor d 
of N, d = a;b;, where a; is a divisor of a and b; is a 
divisor of b. The divisors of a are 1, ai, a2,..., and a. 
The divisors of b are 1, bı, b2, ..., b. The sums of the 


divisors are then 
ola) =1+0a1+02+...+a4 (9) 


o{b) = 1 +bı +b2.+...4+ 6. (10) 


For a given as, 


ai{1 +61 +b2 +... +b) = ao (b). (11) 


Divisor 
Summing over all a;, 
(1+0a1 +a2+...+a)o(b) = o(aja(b), (12) 


so o(N) = a(ab) = o(a)o(b). Splitting a and b into 
prime factors, 


o(N) = o(pi.™ )o(pa"?)---o(pr*"). (13) 


For a prime POWER p;%‘, the divisors are 1, pi, pi?, ..., 
A; 
Pi , 50 


2. —] 


(pi) = 1+ pi tpi? t+...+pi% = a . (14) 
For N, therefore, 
a agtl 
pi* -1 
N) = A 15 
aN) =| [ee (15) 


i=1 
For the special case of N a PRIME, (15) simplifies to 


2 

p — 1 
= =p+ 1. 16 
o(p) p=1 P ( ) 


For N a POWER of two, (15) simplifies to 


getea] 
A Ot j 17 
e or (17) 
The ARITHMETIC MEAN is 
o(N) 
A = ; 
(N) AM (18) 


The HARMONIC MEAN is 


(19) 


il 
zje 
èg 
Qu.) - 
A 


1 
H 
But N = dd’, so Am d and 


1 1 ; 1 o(N 
III IR OO 


and we have 


I 


1 1 o(N)_ ACN) 
HN) Nw) N N (21) 
N = A(N)H(N). (22) 


Given three INTEGERS chosen at random, the probabil- 
ity that no common factor will divide them all is 


[¢(3)]~* = 1.2027} = 0.832... (23) 


where ((3) is APERY’S CONSTANT. 
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Let f(n) be the number of elements in the greatest sub- 
set of [1,n] such that none of its elements are divisible 
by two others. For n sufficiently large, 


0.6725... < in) < 0.673... (24) 


(Le Lionnais 1983, Lebensold 1976/1977). 


see also ALIQUANT DIVISOR, ALIQUOT DIVISOR, 
ALIQUOT SEQUENCE, DIRICHLET DIVISOR PROBLEM, 
DIVISOR FUNCTION, e-DIVISOR, EXPONENTIAL DIVI- 
SOR, GREATEST COMMON DIVISOR, INFINARY DIVISOR, 
k-ARY DIVISOR, PERFECT NUMBER, PROPER DIVISOR, 
UNITARY DIVISOR 
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ap(n) is defined as the sum of the kth POWERS of the 
DIVISORS of n. The function co(n) gives the total num- 
ber of DIVISORS of n and is often denoted d(n), v(n), 
T(n), or Q(n) (Hardy and Wright 1979, pp. 354-355). 
The first few values of oo(n) are 1, 2, 2, 3, 2, 4, 2, 4, 3, 
4, 2,6, ... (Sloane’s A000005). The function o1(n) is 
equal to the sum of DIVISORS of n and is often denoted 
o(n). The first few values of a(n) are 1, 3, 4, 7, 6, 12, 8, 
15, 13, 18, ... (Sloane's A000203). The first few values 
of o2(n) are 1, 5, 10, 21, 26, 50, 50, 85, 91, 130, ... 
(Sloane's A001157). The first few values of o3(n) are 1, 
9, 28, 73, 126, 252, 344, 585, 757, 1134, ... (Sloane's 
A001158). 


The sum of the DIVISORS of n excluding n itself (i.e., 
the PROPER DIVISORS of n) is called the RESTRICTED 
DIVISOR FUNCTION and is denoted s(n). The first few 
values are 0, 1, 1, 3, 1, 6, 1, 7, 4, 8, 1, 16, ... (Sloane's 
A001065). 
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As an illustrative example, consider the number 140, 
which has DIVISORS d; = 1, 2, 4, 5, 7, 10, 14, 20, 28, 35, 
70, and 140 (for a total of N = 12 of them). Therefore, 


d(140) = N =12 (1) 
N 

0(140) = Y ` di = 336 (2) 
N 

02(140) = Y d;i? = 27,300 (3) 
N 

0s(140) = Y d;* = 3, 164, 112. (4) 


The a(n) function has the series expansion 


~1)" 2cos(2 
o(n) = in 1 fie sie Y + pana) 


42 52 
(Hardy 1959). It also satisfies the INEQUALITY 
a(n)» , 2(1— V2) +7~In(4n) 
Lee LP E 
ninlnn — vilan InInn 
1 
+0 | ——=—————— ), (6 
(saa) 6) 


where y is the EULER-MASCHERONI CONSTANT (Robin 
1984, Erdős 1989). 


Let a number n have PRIME factorization 


then Ñ 
Pj 
a(n) = || — 8 
+= 118 (8) 
(Berndt 1985). GRONWALL'S THEOREM states that 


~— a(n) y 
Soconlninn ” (9) 


where y is the EULER-MASCHERONI CONSTANT. 
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In general, 
an(n)= Y d. (10) 
d|n 
In 1838, Dirichlet showed that the average number of 
DIVISORS of all numbers from 1 to n is asymptotic to 


Do go(1) 


~Inn-+2y-1 (11) 


(Conway and Guy 1996), as illustrated above, where the 
thin solid curve plots the actual values and the thick 
dashed curve plots the asymptotic function. 


A curious identity derived using MODULAR FORM the- 
ory is given by 


n—1 


or(n) = o3(n) + 120 X 0s(k)os(n— k). (12) 
k=1 


The asymptotic SUMMATORY FUNCTION of op(n) = 
Q(n) is given by 


S| (k) = nlnlnn + Ba + o(n), (13) 
k=2 


where 


= 1 5 
B,=y+ »; ma p ey ~ 1.034653 
p prime 
(14) 
(Hardy and Wright 1979, p. 355). This is related to 
the DIRICHLET DIVISOR PROBLEM. The SUMMATORY 
FUNCTIONS for oa with a > 1 are 


n 


Vok) = CDn omn) (15) 


a+1 
k=1 
For a = 1, 
Y o1(k) = at + O(ninn). (16) 
k=1 


The divisor function is ODD IFF n is a SQUARE NUM- 
BER or twice a SQUARE NUMBER. The divisor function 
satisfies the CONGRUENCE 


no(n) =2 (mod ¿(n)), (17) 


for all PRIMES and no COMPOSITE NUMBERS with the 
exception of 4, 6, and 22 (Subbarao 1974). t(n) is 
PRIME whenever o(n) is (Honsberger 1991). Factoriza- 
tions of o(p*) for PRIME p are given by Sorli. 

see also DIRICHLET DIVISOR PROBLEM, DIVISOR, FAC- 


TOR, GREATEST PRIME FACTOR, GRONWALL’S THE- 
OREM, LEAST PRIME FACTOR, MULTIPLY PERFECT 


Divisor Theory 


NUMBER, ORE’S CONJECTURE, PERFECT NUMBER, 
r(n), RESTRICTED DIVISOR FUNCTION, SILVERMAN 
CONSTANT, TAU FUNCTION, TOTIENT FUNCTION, To- 
TIENT VALENCE FUNCTION, TWIN PEAKS 
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Divisor Theory 

A generalization by Kronecker of Kummer's theory of 
PRIME IDEAL factors. A divisor on a full subcategory C 
of mod(A) is an additive mapping x on C with values 
in a SEMIGROUP of IDEALS on A. 


see also IDEAL, IDEAL NUMBER, PRIME IDEAL, SEMI- 
GROUP 
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Dixon’s Factorization Method 
In order to find INTEGERS zx and y such that 


z’ =y (mod n) (1) 
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(a modified form of FERMAT’S FACTORIZATION 
METHOD), in which case there is a 50% chance that 
GCD(n,x — y) is a FACTOR of n, choose a RANDOM 
INTEGER r;, compute 


g(ri) = re (mod n) ; (2) 


and try to factor g(ri). If g(ri) is not easily factorable 
(up to some small trial divisor d), try another r;. In 
practice, the trial rs are usually taken to be [vn] +k, 
with k = 1, 2, ..., which allows the QUADRATIC SIEVE 
FACTORIZATION METHOD to be used. Continue finding 
and factoring g(r;)s until N = rd are found, where 7 is 
the PRIME COUNTING FUNCTION. Now for each g(ri), 
write 


a1i 424 


Ori) = Pie pa ce PN T (3) 
and form the EXPONENT VECTOR 


at 
42: 


v(ri) = op (4) 
QNi 


Now, if ax; are even for any k, then g(r;) is a SQUARE 
NUMBER and we have found a solution to (1). If not, 
look for a linear combination >. czv(ri) such that the 
elements are all even, Le., 


a11 a12 QIN 
Q21 0422 a2N 
C1 y + Ca : +...+CEN 
aN1 aN2 anN 
0 
0 
= (mod 2) (5) 
0 
411 012 Qin Cl 0 
a21 022 a2N C2 0 
i ale (mod 2). 
QN1 4N2 *** ANN CN 0 


(6) 
Since this must be solved only mod 2, the problem can 
be simplified by replacing the a;;s with 


_ fO for ai; even 
bij = a for ai; odd. (7) 


GAUSSIAN ELIMINATION can then be used to solve 
bc = z (8) 


for c, where z is a VECTOR equal to O (mod 2). Once e 
is known, then we have 


IEO = IES (mod n), (9) 
k 


k 
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where the products are taken over all k for which cx = 1. 
Both sides are PERFECT SQUARES, so we have a 50% 
chance that this yields a nontrivial factor of n. If it 
does not, then we proceed to a different z and repeat the 
procedure. There is no guarantee that this method will 
yield a factor, but in practice it produces factors faster 
than any method using trial divisors. It is especially 
amenable to parallel processing, since each processor can 
work on a different value of r. 
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Dixon-Ferrar Formula 

Let J.(z) be a BESSEL FUNCTION OF THE FIRST KIND, 
Y, (z) a BESSEL FUNCTION OF THE SECOND KIND, and 
K.(z) a MODIFIED BESSEL FUNCTION OF THE FIRST 
KIND. Also let R|z] > 0 and |R[z]| < 1/2. Then 


JAY) = E Ie K2,(2z sinh £) dt. 


see also NICHOLSON’S FORMULA, WATSON’S FORMULA 
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Dixon’s Random Squares Factorization 
Method 
see DIXON’S FACTORIZATION METHOD 


Dixon’s Theorem 


n, —L, —Y 
rtnt+lytn+l 
=Me+n+ DI(y+n+DI(n+DT(2+y+ ¿n+1) 
xD(n+ DO(e+y+n+DD(2+ int DI(y+ n+1), 


34 


where 3F2(a,b,c;d,e; 2) is a GENERALIZED HYPERGEO- 
METRIC FUNCTION and [(z) is the GAMMA FUNCTION. 
It can be derived from the DOUGALL-RAMANUJAN 
IDENTITY. It can be written more symmetrically as 


(34)!(a — b)!(a — c)Uza—b—c)! 


(a 
Aid = “Ars ia bar” 


Dobiñski's Formula 


where 1 + a/2 — b — c has a positive REAL PART, d = 
a—6+1,ande=a-—c+1. The identity can also be 
written as the beautiful symmetric sum 


ver a+b\fat+te\fb+c\  (a+b+4c!)! 
a a+k c+k b+k} alble! 


(Petkovšek 1996). 


see also DOUGALL-RAMANUJAN IDENTITY, GENERAL- 
IZED HYPERGEOMETRIC FUNCTION 


References 

Bailey, W. N. Generalised Hypergeometric Series. Cam- 
bridge, England: Cambridge University Press, 1935, 

Cartier, P. and Foata, D. Problémes combinatoires de com- 
mutation et réarrangements. New York: Springer-Verlag, 
1969. 

Knuth, D. E. The Art of Computer Programming, Vol. 1: 
Fundamental Algorithms, 2nd ed. Reading, MA: Addison- 
Wesley, 1973, 

Petkovšek, M.; Wilf, H. S.; and Zeilberger, D. A=B. Welles- 
ley, MA: A. K. Peters, p. 43, 1996. 

Zeilberger, D. and Bressoud, D. “A Proof of Andrew’s q- 
Dyson Conjecture.” Disc. Math. 54, 201-224, 1985. 


Dobinski’s Formula 
Gives the nth BELL NUMBER, 


Bi == ay (1) 


It can be derived by dividing the formula for a STIRLING 
NUMBER OF THE SECOND KIND by m!, yielding 


Then 


and 

n k A m” m 

a =e > A ; (4) 
=1 


Now setting A = 1 gives the identity (Dobiñski 1877; 
Rota 1964; Berge 1971, p. 44; Comtet 1974, p. 211; Ro- 
man 1984, p. 66; Lupas 1988; Wilf 1990, p. 106; Chen 
and Yeh 1994; Pitman 1997). 
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Fig. 10-24. Inside of author's game unit illustrating parts layout. 


home brew areceiver or a transmitter; you actually had to make the 


components themselves. If you needed a coil, you wound one onan 
oatmeal box. Rectifiers were jars of some foul-smelling electrolyte 
with the anode and cathode inserted. Capacitors were built up and 
soon. The reason was, of course, that the necessary parts were not 
available. 

Today, kit-building is popular among hams and computer 
hobbyists for economic reasons and not because assembled units 
are hard to get. Building is great fun, and I enjoy it, and the money 
savings certainly enter into the fun. I’m not suggesting that 


Fig. 10-25. Game circuit built by author. 


Dodecadodecahedron 
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Dodecadodecahedron 


The UNIFORM POLYHEDRON Uzg whose DUAL POLY- 
HEDRON is the MEDIAL RHOMBIC TRIACONTAHEDRON. 
The solid is also called the GREAT DODECADODEC- 
AHEDRON, and its DUAL POLYHEDRON is also called 
the SMALL STELLATED TRIACONTAHEDRON. It can be 
obtained by TRUNCATING a GREAT DODECAHEDRON 
or FACETING a ICOSIDODECAHEDRON with PENTAGONS 
and covering remaining open spaces with PENTAGRAMS 
(Holden 1991, p. 103). A FACETED version is the 
GREAT DODECAHEMICOSAHEDRON. The dodecadodec- 
ahedron is an ARCHIMEDEAN SOLID STELLATION. The 
dodecadodecahedron has SCHLAFLI SYMBOL {2,5} and 
WYTHOFF SYMBOL 2| 25. Its faces are 12(2) + 12{5}, 
and its CIRCUMRADIUS for unit edge length is 


he di 
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Dodecagon 


The constructible regular 12-sided POLYGON with 
SCHLAFLI SYMBOL {12}. The INRADIUS r, CIRCUM- 
RADIUS R, and AREA A can be computed directly from 
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the formulas for a general regular POLYGON with side 
length s and n = 12 sides, 


r= iscot (E) = 3(2+ V3)s (1) 
R= tscot (E) = i(/2+v6)s (2) 
A = ins” cot (=) = 3(2 + V3). (3) 


A PLANE PERPENDICULAR to a Cs axis of a DODEC- 
AHEDRON or ICOSAHEDRON cuts the solid in a regular 
DECAGONAL CROSS-SECTION (Holden 1991, pp. 24-25). 


The GREEK, LATIN, and MALTESE CROSSES are all ir- 
regular dodecagons. 


iP op les 


see also DECAGON, DODECAGRAM, DODECAHEDRON, 
GREEK CROSS, LATIN CROSS, MALTESE CROSS, 
TRIGONOMETRY VALUES—7/12, UNDECAGON 
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Dodecagram 


The STAR POLYGON { ¥ }. 


see also STAR POLYGON, TRIGONOMETRY VALUES—- 
7/12 
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Dodecahedral Conjecture 

In any unit SPHERE PACKING, the volume of any 
VORONOI CELL around any sphere is at least as large as 
a regular DODECAHEDRON of INRADIUS 1. If true, this 
would provide a bound on the densest possible sphere 
packing greater than any currently known. It would not, 
however, be sufficient to establish the KEPLER CONJEC- 
TURE. 


Dodecahedral Graph 


A POLYHEDRAL GRAPH. 


see also CUBICAL GRAPH, ICOSAHEDRAL GRAPH, OCT- 
AHEDRAL GRAPH, TETRAHEDRAL GRAPH 


Dodecahedral Space 
see POINCARE MANIFOLD 


Dodecahedron 


The regular dodecahedron is the PLATONIC SOLID (P4) 
composed of 20 VERTICES, 30 EDGES, and 12 PENTAG- 
ONAL FACES. It is given by the symbol 12{5}, the 
SCHLÄFLISYMBOL {5,3}. It is also UNIFORM POLY- 
HEDRON Uz3 and has WYTHOFF SYMBOL 3|25. The 
dodecahedron has the ICOSAHEDRAL GROUP I, of sym- 
metries. 


Dodecahedron 


A PLANE PERPENDICULAR to a C3 axis of a dodeca- 
hedron cuts the solid in a regular HEXAGONAL CROSS- 
SECTION (Holden 1991, p. 27). A PLANE PERPENDIC- 
ULAR to a Cs axis of a dodecahedron cuts the solid in 
a regular DECAGONAL CROSS-SECTION (Holden 1991, 
p. 24). 


The DUAL POLYHEDRON of the dodecahedron is the 
ICOSAHEDRON. 


When the dodecahedron with edge length y 10 — 2/5 
is oriented with two opposite faces parallel to the xy- 
PLANE, the vertices of the top and bottom faces lie at 
= +(¢+1) and the other VERTICES lie at z = +(¢-1), 
where ¢ is the GOLDEN RATIO. The explicit coordinates 

are 
sE (2 cos(27i), 2sin(27i),@+ 1) (1) 


+ (26 cos(2 i), 2psin(2i), p — 1) (2) 


with ¿ = 0, 1, , 4, where ¢ is the GOLDEN RATIO. 
Explicitly, these coordinates are 


xio = +(2,0, $(3 + V5) (3) 
x = +(4(v5 - 1), 3-10 + 2V5, (8+ v5) (4) 
xh = +(—2(14+ V5), iV 10 — 2v5, 1(3+ V5)) (5) 
x = £(-3(1 + V5), -24/10 — 2v5, 1(3 + V5)) 


(6) 
xt, = £(3(v5 - 1), -4 V10 + 245, }(3 + v5)) (7) 
X39 = £(1+ V5,0, 3(v5 — 1) (8) 
xf = +(1, V5 + 2V5, (V5 - 1) (9) 
xp = +(—1(3 + V5), 14104 2V5, 1(v5 — 1)) (10) 


X33 = +(-4(3+ V5), —4 v 10 + 2v5, 3 (V5 — 1)) 
(11) 
5 + 2V5,1(v5 — 1)), (12) 


xt, = +(1,— 
where xi are the top vertices, xa) are the vertices above 
the mid-plane, x,, are the vertices below the mid-plane, 
and x,, are the bottom vertices. The VERTICES of a 
dodecahedron can be given in a simple form for a do- 
decahedron of side length a = v5 — 1 by (0, +471, +4), 
(+4, 0, +67"), (+97?, +6, 0), and (+1, +1, +1). 


Dodecahedron 


For a dodecahedron of unit edge length a = 1, the CIR- 
CUMRADIUS R’ and INRADIUS r' of a PENTAGONAL FACE 
are 


Lv 50 + 10Vv5 (13) 
r' = Ł vV 25 + 10v5. (14) 


The SAGITTA z is then given by 
z= R -r' =2v12- 10v5. (15) 


Now consider the following figure. 


X 


Using the PYTHAGOREAN THEOREM on the figure then 
gives 


a +m =(R +r) (16) 
zo? +(m-zx)=1 (17) 

2 z 2 
(232) +R? = (2 =) + (m +r)’. (18) 


Equation (18) can be written 
2 13 2 
az +r =(m>+r')". (19) 


Solving (16), (17), and (19) simultaneously gives 


m =r" = iV 25+10V5 (20) 
zı = 2r' = tV 25 + 10v5 (21) 
zo = R' = 4 V 50 + 10V5. (22) 


The INRADIUS of the dodecahedron is then given by 
r= ¿(a +22), (23) 


SO 


2 
rai(s 50+ 10V5 + 2 25 + 10V5 ) 


= 1 (2541145), (24) 


and 


r= y a = + y 250 + 11045 = 1.11351.... 


(25) 
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R? = R? +r? = [4,(50+10V5) + 5(250 + 110V5 )] 
3(3+ v5), (26) 


and the CIRCUMRADIUS is 


R=ay/3(3+ V5) = ](V15 + V3) = 1.40125... 


(27) 


The INTERRADIUS is given by 
par? tr? =[,L (25 + 10V5) + (250 + 11045 )] 
= 5(7+3vV5), (28) 


50 


p = 4(3+ v5) = 1.30901.... (29) 


The AREA of a single FACE is the AREA of a PENTAGON, 


A= }¿vy25 + 10V5. (30) 


The VOLUME of the dodecahedron can be computed by 
summing the volume of the 12 constituent PENTAGONAL 
PYRAMIDS, 


V = 12(34r) 


=12(1)(2 V25 + 1045 )($ V 250 + 11045) 


= L(75+3545) =1(15+7v5). (31) 


Apollonius showed that the VOLUME V and SURFACE 
AREA A of the dodecahedron and its DUAL the Icosa- 
HEDRON are related by 


Vicosahedron n Aicosahedron (32) 


Vaodecahedron Adodecahedron 


The HEXAGONAL SCALENOHEDRON is an irregular do- 
decahedron. 


see also AUGMENTED DODECAHEDRON, AUGMENTED 
TRUNCATED DODECAHEDRON, DODECAGON, DODECA- 
HEDRON-ICOSAHEDRON COMPOUND, ELONGATED DO- 
DECAHEDRON, GREAT DODECAHEDRON, GREAT STEL- 
LATED DODECAHEDRON, HYPERBOLIC: DODECAHE- 
DRON, ICOSAHEDRON, METABIAUGMENTED DODECA- 
HEDRON, METABIAUGMENTED TRUNCATED DODECA- 
HEDRON, PARABIAUGMENTED DODECAHEDRON, PARA- 
BIAUGMENTED TRUNCATED DODECAHEDRON, PYRITO- 
HEDRON, RHOMBIC DODECAHEDRON, SMALL STEL- 
LATED DODECAHEDRON, TRIAUGMENTED DODECA- 
HEDRON, TRIAUGMENTED TRUNCATED DODECAHE- 
DRON, TRIGONAL DODECAHEDRON, TRIGONOMETRY 
VALUES—7/5 TRUNCATED DODECAHEDRON 
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Dodecahedron-Icosahedron Compound 


A POLYHEDRON COMPOUND of a DODECAHEDRON and 
ICOSAHEDRON which is most easily constructed by 
adding 20 triangular PYRAMIDS, constructed as above, 
to an ICOSAHEDRON. In the compound, the DODECAHE- 
DRON and ICOSAHEDRON are rotated 7/5 radians with 
respect to each other, and the ratio of the ICOSAHEDRON 
to DODECAHEDRON edges lengths are the GOLDEN RA- 
TIO @. 


The above figure shows compounds composed of a Do- 
DECAHEDRON of unit edge length and ICOSAHEDRA hav- 
ing edge lengths varying from 5/2 (inscribed in the 
dodecahedron) to 2 (circumscribed about the dodecahe- 
dron). 


The intersecting edges of the compound form the DIAG- 
ONALS of 30 RHOMBUSES comprising the TRIACONTA- 
HEDRON, which is the the DUAL POLYHEDRON of the 
ICOSIDODECAHEDRON (Ball and Coxeter 1987). The 
dodecahedron-icosahedron is the first STELLATION of 
the ICOSIDODECAHEDRON. 


see also DODECAHEDRON, ICOSAHEDRON, ICOSIDODEC- 
AHEDRON, POLYHEDRON COMPOUND 
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Dodecahedron Stellations 

The dodecahedron has three STELLATIONS: the 
GREAT DODECAHEDRON, GREAT STELLATED DODEC- 
AHEDRON, and SMALL STELLATED DODECAHEDRON. 
The only STELLATIONS of PLATONIC SOLIDS which are 
UNIFORM POLYHEDRA are these three and one ICOSA- 
HEDRON STELLATION. Bulatov has produced 270 stel- 
lations of a deformed dodecahedron. 


see also ICOSAHEDRON STELLATIONS, STELLATED 


POLYHEDRON, STELLATION 


Domino 


References 

Bulatov, V.v “270 Stellations of Deformed Dodecahedron.” 
http://www. physics. orst . edu/~bulatov/ polyhedra / 
dodeca270/. 


Dodecahedron 2-Compound 
A compound of two dodecahedra with the symmetry 
of the CUBE arises by combining the two dodecahedra 


rotated 90° with respect to each other about a common 
C2 axis (Holden 1991, p. 37). 


see also POLYHEDRON COMPOUND 
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Domain 

A connected OPEN SET. The term domain is also used 
to describe the set of values D for which a FUNCTION 
is defined. The set of values to which D is sent by the 
function (MAP) is then called the RANGE. 


see also MAP, ONE-TO-ONE, ONTO, RANGE (IMAGE), 
REINHARDT DOMAIN 


Domain Invariance Theorem 

The Invariance of Domain Theorem is that if f : A > 
R” is a ONE-TO-ONE continuous MAP from A, a com- 
pact subset of R”, then the interior of A is mapped to 
the interior of f(A). 


see also DIMENSION INVARIANCE THEOREM 


Dome 


see BOHEMIAN DOME, GEODESIC DOME, HEMISPHERE, 
SPHERICAL CAP, TORISPHERICAL DOME, VAULT 


Dominance 

The dominance RELATION on a SET of points in EUCLID- 
EAN n-space is the INTERSECTION of the n coordinate- 
wise orderings. A point p dominates a point q provided 
that every coordinate of p is at least as large as the 
corresponding coordinate of q. 


The dominance orders in IR” are precisely the POSETS 
of DIMENSION at most n. 
see also PARTIALLY ORDERED SET, REALIZER 


Domino 


LT | 


The unique 2-POLYOMINO consisting of two equal 
Squares connected along a complete EDGE. 


The FIBONACCI NUMBER Fn+1 gives the number of ways 
for 2 x 1 dominoes to cover a 2 X n CHECKERBOARD, as 
illustrated in the following diagrams (Dickau). 


uuu cu 


Domino Problem 


see also FIBONACCI NUMBER, GOMORY’S THEOREM, 
HEXOMINO, PENTOMINO, POLYOMINO, 'TETROMINO, 
TRIOMINO 
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Domino Problem 
see WANG’S CONJECTURE 


Donaldson Invariants 
Distinguish between smooth MANIFOLDS in 4-D. 


Donkin’s Theorem 

The product of three translations along the directed 
sides of a TRIANGLE through twice the lengths of these 
sides is the identity. 


Donut 
see TORUS 


Doob’s Theorem 

A theorem proved by Doob (1942) which states that any 
random process which is both GAUSSIAN and MARKOV 
has the following forms for its correlation function, spec- 
tral density, and probability densities: 


Cy(r) = Gere 


Ar, toy? 
ADS Gap tT 
ze oe ~(y-§)? /20y? 
pi(y) E Janay? 
1 
palyilya, T) = 


2r(1 — e-27/Tr)0,? 


x exp | EE 


2(1 =o estela? 
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where y is the MEAN, o, the STANDARD DEVIATION, 
and 7, the relaxation time. 
References 
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Dot 

The “dot” - has several meanings in mathematics, in- 
cluding MULTIPLICATION (a - b is pronounced “a times 
b”), computation of a DOT PRODUCT (a-b is pronounced 
“a dot b”), or computation of a time DERIVATIVE (4 is 
pronounced “a dot”). 


see also DERIVATIVE, DOT PRODUCT, TIMES 


Dot Product 
The dot product can be defined by 


X. Y = |X|/Y|cos@, (1) 


where @ is the angle between the vectors. It follows 
immediately that X - Y = 0 if X is PERPENDICULAR to 
Y. The dot product is also called the INNER PRODUCT 
and written (a,b). By writing 


A, = Acos6, 
Ay = Ásinda 


B+ = Bcos0g (2) 
B, = Bsin0g, (3) 


it follows that (1) yields 


A-B= ABcos(0a — 0B) 
= AB(cos 64 cos@z + sina sin 6g) 
= Acos aB cosg + Asina B sing 
= A,B, + AyBy. (4) 


So, in general, 
X- Y = ziy +... + TnYn- (5) 


The dot product is COMMUTATIVE 


X Y =Y-X, (6) 
ASSOCIATIVE 
(rx). Y =r(X - Y), (7) 
and DISTRIBUTIVE 
X-(Y+Z)=X-Y+X-Z. (8) 


The DERIVATIVE of a dot product of VECTORS is 
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The dot product is invariant under rotations 


A’ $ B' = A;B; = Qij Ajain Bk = (ajax) Aj Br 
= 6;,A;B, = A;B; = A-B, (10) 


where EINSTEIN SUMMATION has been used. 


The dot product is also defined for TENSORS A and B 
by 
A- B= A" Ba. (11) 


see also CROSS PRODUCT, INNER PRODUCT, OUTER 
PRODUCT, WEDGE PRODUCT 
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Douady’s Rabbit Fractal 


A JULIA SET with c = —0.123 + 0.7452, also known as 
the DRAGON FRACTAL. 


see also SAN MARCO FRACTAL, SIEGEL DISK FRACTAL 
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Double Bubble 


The planar double bubble (three circular arcs meeting 
in two points at equal 120° ANGLES) has the minimum 
PERIMETER for enclosing two equal areas (Foisy 1993, 
Morgan 1995). 


see also APPLE, BUBBLE, DOUBLE BUBBLE CONJEC- 
TURE, SPHERE-SPHERE INTERSECTION 
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Double Exponential Integration 


Double Bubble Conjecture 

Two partial SPHERES with a separating boundary 
(which is planar for equal volumes) separate two vol- 
umes of air with less AREA than any other boundary. 
The planar case was proved true for equal volumes by 
J. Hass and R. Schlafy in 1995 by reducing the problem 
to a set of 200,260 integrals which they carried out on 
an ordinary PC. 


see also DOUBLE BUBBLE 
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Double Contraction Relation 
A TENSOR t is said to satisfy the double contraction 
relation when 

tij tij = mn- 


This equation is satisfied by 


v6 
f=) = Fl (Ra + Bx) — Ji(y2 — 25) 
[= = £5 (RK + HY) — UE) — $3), 


where the hat denotes zero trace, symmetric unit TEN- 
SORS. These TENSORS are used to define the SPHERICAL 
HARMONIC TENSOR. 


see also SPHERICAL HARMONIC 'TENSOR, TENSOR 
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Double Cusp 
see DOUBLE POINT 


Double Exponential Distribution 


see FISHER- TIPPETT DISTRIBUTION, LAPLACE DISTRI- 
BUTION 


Double Exponential Integration 

An excellent NUMERICAL INTEGRATION technique used 
by Maple V R4® (Waterloo Maple Inc.) for numerical 
computation of integrals. 


see also INTEGRAL, INTEGRATION, NUMERICAL INTE- 
GRATION 
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Double Factorial 
The double factorial is a generalization of the usual FAC- 


TORIAL n! defined by 


n-(n—2)...5:3-1 n odd 
nmil=<n-(n—2)...6-4-2 n even (1) 
1 n = —1,0. 
For n = 0, 1, 2,..., the first few values are 1, 1, 2, 3, 8, 


15, 48, 105, 384, ... (Sloane’s A006882). 


There are many identities relating double factorials to 
FACTORIALS. Since 


(2n + 1)!!2”n! 

= [(2n + 1)(2n —1) -2an — D][2(n — 2)]---2(1) 
= [(2n + 1)(2n — 1) -- -1][2n(2n — 2)(2n — 4) - - - 2] 

= (2n + 1)(2n)(2n — 1)(2n — 2)(2n — 3)(2n — 4)--- 2(1) 
= (2n + 1)!, (2) 


it follows that (2n + 1)! = AS Since 


(2n)!! = (2n)(2n — 2) (2n — 4)---2 
= [2(n)][2(n — 1)][2(n — 2)]---2=2%n!, (3) 


it follows that (2n)!! = 2°n!. Since 


(2n — 1)!2"n! 
= [(2n — 1)(2n — 3) - - - 1](2n][2(n — 1)][2(m — 2)]---2(1) 
= (2n — 1)(2n — 3)---1][2n(2n — 2)(2n — 4) ---2] 
= 2n(2n — 1)(2n — 2)(2n — 3)(2n — 4)--- 2(1) 
= (2n)!, (4) 
it follows that 

(2n — 1)! = Emi (5) 
Similarly, for n = 0, 1,..., 

(—1)n2”n! 


-1y” 
(=2n = 1)! = a =E, (o) 


Double Gamma Function 491 
For n ODD, 


nlo n(n — 1)(n — 2)--- (1) 
n! = n(n — 2)(n —4)--- (1) 
= (n—1)(n—3)---(1) = (n — 1)!. (7) 


For n EVEN, 


n! n(n —1)(n— 2)--- (2) 


ni! n(n — 2)(n — 4)--- (2) 
(n — 1)(n — 3) --- (2) = (n — 1)!. (8) 


Therefore, for any n, 


T = (n—1)! (9) 


n! =n! (n- 1)1. (10) 


The FACTORIAL may be further generalized to the MUL- 
TIFACTORIAL 


see also FACTORIAL, MULTIFACTORIAL 


References 
Sloane, N. J. A. Sequence A006882/M0876 in “An On-Line 


Version of the Encyclopedia of Integer Sequences.” 


Double Folium 


see BIFOLIUM 


Double-Free Set 

A SET of POSITIVE integers is double-free if, for any 
integer x, the SET {z, 2x} Ž S (or equivalently, if z € S 
IMPLIES 2x Z S). Define 


r(n) = max{S: S C {1,2,...,n} is double-free}. 


Then an asymptotic formula is 
r(n) ~ ¿n+ O(lnn) 


(Wang 1989). 
see also TRIPLE-FREE SET 


References 

Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/triple/triple.html. 

Wang, E. T. H. “On Double-Free Sets of Integers.” Ars Com- 
bin. 28, 97-100, 1989. 


Double Gamma Function 
see DIGAMMA FUNCTION 
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Double Point 

A point traced out twice as a closed curve is traversed. 
The maximum number of double points for a nondegen- 
erate QUARTIC CURVE is three. An ORDINARY DOUBLE 
POINT is called a NODE. 


Arnold (1994) gives pictures of spherical and PLANE 
CURVES with up to five double points, as well as other 
curves. 


see also BIPLANAR DOUBLE POINT, CONIC DOUBLE 
POINT, CRUNODE, CUSP, ELLIPTIC CONE POINT, 
Gauss’s DOUBLE POINT THEOREM, NODE (ALGE- 
BRAIC CURVE), ORDINARY DOUBLE POINT, QUADRU- 
PLE POINT RATIONAL DOUBLE POINT, SPINODE, TAC- 
NODE, TRIPLE POINT, UNIPLANAR DOUBLE POINT 


References 

Aicardi, F. Appendix to “Plane Curves, Their Invariants, 
Perestroikas, and Classifications.” In Singularities ES Bi- 
furcations (V. I. Arnold). Providence, RI: Amer. Math. 
Soc., pp. 80-91, 1994. 
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of Universities and Museums. Braunschweig, Germany: 
Vieweg, pp. 12-13, 1986. 


Double Sixes 

Two sextuples of SKEW LINES on the general CUBIC 
SURFACE such that each line of one is SKEW to one LINE 
in the other set. Discovered by Schlafli. 


see also BOXCARS, CUBIC SURFACE, SOLOMON’S SEAL 
LINES 


References 

Fischer, G. (Ed.). Mathematical Models from the Collections 
of Universities and Museums. Braunschweig, Germany: 
Vieweg, p. 11, 1986. 


Double Sum 
A nested sum over two variables. 
double sums include the following: 


Identities involving 


oo [7/2] 
Ds os ae 23) (1) 
0 q=0 m=0 n=0 r=0 s=0 
where L, 
ly roa O 


is the FLOOR FUNCTION, and 


y y Lt =n (a?) : (3) 


i=1 j=l 


Consider the sum 


S(a, b,c; s) = Ss 


(m,n)#(0,0) 


(am? +bmn+en7)~* (4) 


Doubly Magic Square 


over binary QUADRATIC FORMS. If S can be decom- 
posed into a linear sum of products of DIRICHLET L- 
SERIES, it is said to be solvable. The related sums 


Sı (a,b,c; s) = ` 


(—1)” (am? + bmn + en”)? 


(m,n)#(0,0) 
(5) 
S2(a, b,c; s) = ^ (—1)"(am? + bmn + en? y” 
(m,n)#(0,0) 
(6) 
S1,2(a, b, c; s) = y (—1)"t" (am? + bmn + en?) ? 


(m,n)#(0,0) 


(7) 


can also be defined, which gives rise to such impressive 
FORMULAS as 


S1(1, 0, 58; 1) = AA (8) 


A complete table of the principal solutions of all solvable 
S(a,b, c; s) is given in Glasser and Zucker (1980, pp. 126- 
131). 


see also EULER SUM 


References 

Glasser, M. L. and Zucker, I. J. “Lattice Sums in Theoretical 
Chemistry.” Theoretical Chemistry: Advances and Per- 
spectives, Vol. 5. New York: Academic Press, 1980. 

Zucker, I. J. and Robertson, M. M. “A Systematic Approach 
to the Evaluation of (mango, (am + bmn+en*9)7?.>” J. 


Phys. A: Math. Gen. 9, 1215-1225, 1976. 


Doublet Function 


= 6'(x — a), 
where 6(z) is the DELTA FUNCTION. 
see also DELTA FUNCTION 


References 
von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, p. 324, 1993. 


Doubly Even Number 

An even number N for which N = 0 (mod 4). The first 
few POSITIVE doubly even numbers are 4, 8, 12, 16, ... 
(Sloane’s A008586). 


see also EVEN FUNCTION, ODD NUMBER, SINGLY EVEN 
NUMBER 


References 
Sloane, N. J. A. Sequence A008586 in “An On-Line Version 
of the Encyclopedia of Integer Sequences.” 


Doubly Magic Square 
see BIMAGIC SQUARE 


Dougall- Ramanujan Identity 


Dougall-Ramanujan Identity 
Discovered by Ramanujan around 1910. From Hardy 
(1959, pp. 102-103), 


oo 


s™ (+ y+2+u+28 +1)” 
Y (DY) —_ AAA 
1 (1+Yy+2+U— S)(m) 


E E AQUA 
X 
lI (z+s+1)™ 


L,Y, Z, U 


n=0 


s 
—Tís+DI(2+y+2+u+s8+1) 
> TI Mx+s+D)l(y+2+u+s58+1) 
Mz+u+s+1) 
TY; Z, U 


» (1) 


where 
a? =a(a+1)---(a+n-—1) (2) 
(a—-n+1) (8) 


(here, the POCHHAMMER SYMBOL has been written 
a‘). This can be rewritten as 


Qin) = ala — 1)--- 


8,14 $s,-2—y,—-z,-u,2-—yt+tztut+2s41 
¡Fo | hs, 2+s+1y+s+1,24+5841d)u+s+1, >i 
—xZ-—y-z-—u-s 
E 1 
— Ts+DDO(e+y+2+u+8+1) 
TI Mx+s+Dl(y+2+u+s8+1) 


M2+u>+s8+1) (4) 


w,t,z,u 


In a more symmetric form, if n = 2a, + 1 = a2 + a3 + 
a4 +as5, as = 1+ 1/2, a7 = —n, and b; = 1 + a1 — ais 
fori = 1, 2,..., 6, then 


F a1, 2, 03, 44,45, 46, @7 | 
716 , 
bı, b2, bs, ba, bs, be 


(a1 + 1)n(a1 — a2 — as + 1) 
(a1 — az +1)n(a1 — a3 + 1)n 
¿La — a2 —a4+1)n(ai — Q3 —da+1)n (5) 
(a1 — as + 1)a(a1 — az — a3 — a4 + 1)n 
where (a)n is the POCHHAMMER SYMBOL (Petkovšek et 
al. 1996). 


The identity is a special case of JACKSON’S IDENTITY. 


see also DIXON’S THEOREM, DOUGALL'S THEO- 
REM, GENERALIZED HYPERGEOMETRIC FUNCTION, 
HYPERGEOMETRIC FUNCTION, JACKSON’S IDENTITY, 
SAALSCHUTZ’S THEOREM 
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Dougall’s Theorem 


F ¿n+1,n,-2, TY, z Ee 

| in e tn+lytnt+i,zt+n+1 
Me+n+DT(y+n+ DI(2+n+ Dl(2+y+2+0n+1) 
Mn+ DMe+y+n+DT(y+2+n+DD2+2+n+1)” 


where sF4(a,b,c,d,e; f, g, h, i; z) is a GENERALIZED HY- 
PERGEOMETRIC FUNCTION and T(z) is the GAMMA 
FUNCTION. 


see also DOUGALL-RAMANUJAN IDENTITY, GENERAL- 
IZED HYPERGEOMETRIC FUNCTION 


Doughnut 
see TORUS 


Douglas-Neumann Theorem 

If the lines joining corresponding points of two directly 
similar figures are divided proportionally, then the Lo- 
CUS of the points of the division will be a figure directly 
similar to the given figures. 


References 

Eves, H. ” Solution to Problem E521.” Amer. Math. Monthly 
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Musselman, J. R. “Problem E521.” Amer. Math. Monthly 
49, 335, 1942. 


Dovetailing Problem 
see CUBE DOVETAILING PROBLEM 


Dowker Notation 

A simple way to describe a knot projection. The advan- 
tage of this notation is that it enables a KNOT DIAGRAM 
to be drawn quickly. 


For an oriented ALTERNATING KNOT with n crossings, 
begin at an arbitrary crossing and label it 1. Now fol- 
low the undergoing strand to the next crossing, and de- 
note it 2. Continue around the knot following the same 
strand until each crossing has been numbered twice. 
Each crossing will have one even number and one odd 
number, with the numbers running from 1 to 2n. 


Now write out the ODD NUMBERS 1, 3, , 2n — 1 in 
a row, and underneath write the even crossing number 
corresponding to each number. The Dowker NOTATION 
is this bottom row of numbers. When the sequence of 
even numbers can be broken into two permutations of 
consecutive sequences (such as {4,6,2} {10, 12,8}), the 
knot is composite and is not uniquely determined by the 
Dowker notation. Otherwise, the knot is prime and the 
NOTATION uniquely defines a single knot (for amphichi- 
ral knots) or corresponds to a single knot or its MIRROR 
IMAGE (for chiral knots). 


For general nonalternating knots, the procedure is mod- 
ified slightly by making the sign of the even numbers 
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POSITIVE if the crossing is on the top strand, and NEG- 
ATIVE if it is on the bottom strand. 


These data are available only for knots, but not for links, 
from Berkeley’s gopher site. 


References 

Adams, C. C. The Knot Book: An Elementary Introduction 
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Down Arrow Notation 
An inverse of the up ARROW NOTATION defined by 


eln=lInn 
elljn=In'n 


ellijn=ln"" n, 


where ln* n is the number of times the NATURAL LOG- 
ARITHM must be iterated to obtain a value < e. 


see also ARROW NOTATION 


References 
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Dozen 
12. 


see also BAKER’S DOZEN, GROSS 


Dragon Curve 

Nonintersecting curves which can be iterated to yield 
more and more sinuosity. They can be constructed 
by taking a path around a set of dots, representing 
a left turn by 1 and a right turn by 0. The first- 
order curve is then denoted 1. For higher order curves, 
add a 1 to the end, then copy the string of digits 
preceding it to the end but switching its center digit. 
For example, the second-order curve is generated as 
follows: (1)1 => (1)1(0) —> 110, and the third as: 
(110)1 > (110)1(100) — 1101100. Continuing gives 
110110011100100... (Sloane’s A014577). The OCTAL 
representation sequence is 1, 6, 154, 66344, .... (Sloane's 
A003460). The dragon curves of orders 1 to 9 are illus- 


trate “al P 
RE a aR 


QU COs? 


Droz-Farny Circles 


This procedure is equivalent to drawing a RIGHT ANGLE 
and subsequently replacing each RIGHT ANGLE with an- 
other smaller RIGHT ANGLE (Gardner 1978). In fact, 
the dragon curve can be written as a LINDENMAYER 
SYSTEM with initial string "FX", STRING REWRITING 
rules "X" -> "X+YF+", "Y" -> "-FX-Y", and angle 90°. 


see also LINDENMAYER SYSTEM, PEANO CURVE 
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Dragon Fractal 
see DOUADY’S RABBIT FRACTAL 


Draughts 
see CHECKERS 


Drinfeld’s Symmetric Space 
A set of points which do not lie on any of a certain class 
of HYPERPLANES. 


References 
Teitelbaum, J. “The Geometry of p-adic Symmetric Spaces.” 
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Droz-Farny Circles 


Table 10-1. Parts List for Figs. 10-20 and 10-21. 


AY-3-8500-1 MOS game chip General instruments 
4072 Dual 4 input OR gate CMOS RCA 
4011 Quad 2 input NAND CMOS RCA 
4098 Dual monostable CMOS RCA 
2N2222 or equiv. 
8 position DIP switch Gray Hill or equiv. 
SPST momentary push-button 
C & K Subminiature 
DPST momentary push-button 
C & K Subminiature 
SPST slide switch 
Alco Subminiature 
SPST toggle switch 
C & K Subminiature 3 A 115 V ac 
PT-1 TIL 64 phototransistor or equiv. 
Texas Instruments 
D1, D2 1N914 diode Texas Ins. 
Cl 100 uF electrolytic 15 V de 
Z1 1N753A or equiv. 
R1, R2 1 meg composition potentiometer 2 Watt 
Allen-Bradley or equiv. 
SPK 1000 .2 watt speaker 
LED NSL5053 LED or equiv. 
All resistors are % Watt 10% unless otherwise indicated. 
All capacitors are ceramic type with min. voltage ratings of 25 V dc 
unless otherwise indicated. 
MISC extension cable, batteries, box, hook up wire, etc, 


everyone start fabricating their own ICs or keyboards, but I think 
that some might find the following information useful. 

When I decided on the Processor Technology SOL System, I 
ordered only the PC board kit in order to stay within my budget. 
This is a complete microcomputer on a board with video and 
keyboard interfaces, cassette controller, serial and parallel 1/O 
ports, RAM and ROM, and much more. All I needed to get it flying, 
other than the actual construction of the kit, was a keyboard, video 
monitor, cassette recorder, and a power supply. The first three 
items I had left over from an amateur radio slow scan to fast scan 
TV project, and my junk box held all of the components for the 
power supply, except one. I didn't have a suitable power trans- 
former. 


Requirements 
In order to allow for some future growth, I had decided on the 
following capacity: +8 volts at 10 amps, +16 volts at 2.5 amps, and 
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Droz-Farny Circles 


Draw a CIRCLE with center H which cuts the lines O203, 
0301, and 01,02 (where O; are the MIDPOINTS) at Pi, 
Qı; Po, Qa; and P3, Q3 respectively, then 


AP, = A2P2 = A3P3 = A1Q1 = A2Q2 = A3Q3. 


Conversely, if equal CIRCLES are drawn about the VER- 
TICES of a TRIANGLE, they cut the lines joining the MID- 
POINTS of the corresponding sides in six points. These 
points lie on a CIRCLE whose center is the ORTHOCEN- 
TER. If r is the RADIUS of the equal CIRCLES centered 
on the vertices A;, A2, and A3, and Ro is the RADIUS 
of the CIRCLE about H, then 


R — 4R? ~f- r? — (a1 + az + az”). 


If the circles equal to the CIRCUMCIRCLE are drawn 
about the VERTICES of a triangle, they cut the lines 
joining midpoints of the adjacent sides in points of a 
CIRCLE Ra with center H and RADIUS 


It is equivalent to the circle obtained by drawing cir- 
cles with centers at the feet of the altitudes and passing 
through the CIRCUMCENTER. These circles cut the cor- 


responding sides in six points on a circle R} whose center 
is H. 
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- 
Oe ee 


mee 


Furthermore, the circles about the midpoints of the sides 
and passing though H cut the sides in six points lying 
on another equivalent circle Ry whose center is O. In 
summary, the second Droz-Farny circle passes through 
12 notable points, two on each of the sides and two on 
each of the lines joining midpoints of the sides. 
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Drum 
see ISOSPECTRAL MANIFOLDS 


Du Bois Raymond Constants 
0.6 


0.5 


2 4 6 8 10 
The constants Cn defined by 


osf a 


which are difficult to compute numerically. The first few 
are 


dt — 1 


Cı = 455 

Ca = 0.1945 

C3 œ= 0.028254 
C4 & 0.00524054. 


Rather surprisingly, the second Du Bois Raymond con- 
stant is given analytically by 


Cz = He” — 7) = 0.1945280494... 
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(Le Lionnais 1983). 
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Dual Basis 

Given a CONTRAVARIANT BASIS {€1,...,€,}, its dual 

COVARIANT basis is given by 
E" . Ea = g(E", 23) = 63, 

where g is the METRIC and dg is the mixed KRONECKER 


DELTA. In EUCLIDEAN SPACE with an ORTHONORMAL 
BASIS, 


| 
mv 
t. 


so the BASIS and its dual are the same. 


Dual Bivector 
A dual BIVECTOR is defined by 


Xap = O de 
and a self- dual BIVECTOR by 


AE Xs aX ce: 


Dual Graph 

The dual graph G” of a POLYHEDRAL GRAPH G has 
VERTICES each of which corresponds to a face of G and 
each of whose faces corresponds to a VERTEX of G. Two 
nodes in G* are connected by an EDGE if the correspond- 
ing faces in G have a boundary EDGE in common. 


Dual Map 
see PULLBACK MAP 


Dual Polyhedron 

By the DUALITY PRINCIPLE, for every POLYHEDRON, 
there exists another POLYHEDRON in which faces and 
VERTICES occupy complementary locations. This POLY- 
HEDRON is known as the dual, or RECIPROCAL. The 
dual polyhedron of a PLATONIC SOLID or ARCHIMED- 
EAN SOLID can be drawn by constructing EDGES tangent 
to the RECIPROCATING SPHERE (a.k.a. MIDSPHERE and 
INTERSPHERE) which are PERPENDICULAR to the origi- 
nal EDGES. 


The dual of a general solid can be computed by connect- 
ing the midpoints of the sides surrounding each VER- 
TEX, and constructing the corresponding tangent POLY- 
GON. (The tangent polygon is the polygon which is tan- 
gent to the CIRCUMCIRCLE of the POLYGON produced 
by connecting the MIDPOINT on the sides surrounding 
the given VERTEX.) The process is illustrated below for 
the PLATONIC SOLIDS. The POLYHEDRON COMPOUNDS 


Dual Polyhedron 


consisting of a POLYHEDRON and its dual are generally 
very attractive, and are also illustrated below for the 
PLATONIC SOLIDS. 


The ARCHIMEDEAN SOLIDS and their duals are illus- 
trated below. 


The following table gives a list of the duals of the PLA- 

TONIC SOLIDS and KEPLER-POINSOT SOLIDS together 

with the names of the POLYHEDRON-dual COMPOUNDS. 
Polyhedron Dual 


Csaszar polyhedron Szilassi polyhedron 
cube octahedron 
cuboctahedron rhombic dodecahedron 
dodecahedron icosahedron 

great dodecahedron small stellated dodec. 
great icosahedron great stellated dodec. 
great stellated dodec. great icosahedron 
icosahedron dodecahedron 
octahedron cube 

small stellated dodec. great dodecahedron 
Szilassi polyhedron Csaszar polyhedron 


tetrahedron tetrahedron 
polyhedron compound 
cube cube-octahedron compound 


dodec.-icosahedron compound 
great dodecahedron-small 

stellated dodec. compound 
great icosahedron-great 

stellated dodec. compound 
great icosahedron-great 

stellated dodec. compound 
dodec.-icosahedron compound 
cube-octahedron compound 
great dodec.-small 


dodecahedron 
great dodecahedron 


great icosahedron 
great stellated dodec. 


icosahedron 

octahedron 

small stellated dodec. 
stellated dodec. compound 


tetrahedron stella octangula 


Dual Scalar 


see also DUALITY PRINCIPLE, POLYHEDRON COM- 
POUND, RECIPROCATING SPHERE 
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Dual Scalar 
Given a third RANK TENSOR, 


Viik = det [ A B C], 


where det is the DETERMINANT, the dual scalar is de- 
fined as 


1 
V= gi Eik Vigr 
where €;;~ is the LEVI-CIVITA TENSOR. 


see also DUAL TENSOR, LEVI-CIVITA TENSOR 


Dual Solid 
see DUAL POLYHEDRON 


Dual Tensor 
Given an antisymmetric second RANK TENSOR Gij, a 
dual pseudotensor C is defined by 


Ci = Fir Cir, (1) 
where 
C23 
Ci = C31 (2) 
C12 
0 Ciz — C31 
Cik = —C12 0 C23 ; (3) 


C31 —C23 0 


see also DUAL SCALAR 
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Dual Voting 
A term in SOCIAL CHOICE THEORY meaning each alter- 
native receives equal weight for a single vote. 


see also ANONYMOUS, MONOTONIC VOTING 
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Duality Principle 

All the propositions in PROJECTIVE GEOMETRY occur 
in dual pairs which have the property that, starting from 
either proposition of a pair, the other can be immedi- 
ately inferred by interchanging the parts played by the 
words “point” and “line.” A similar duality exists for 
RECIPROCATION (Casey 1893). 


see also BRIANCHON’S THEOREM, CONSERVATION OF 
NUMBER PRINCIPLE, DESARGUES’ THEOREM, DUAL 
POLYHEDRON, PAPPUS’S HEXAGON THEOREM, PAS- 
CAL’S THEOREM, PERMANENCE OF MATHEMATICAL 
RELATIONS PRINCIPLE, PROJECTIVE GEOMETRY, RE- 
CIPROCATION 
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Duality Theorem 

Dual pairs of LINEAR PROGRAMS are in “strong duality” 
if both are possible. The theorem was first conceived by 
John von Neumann. The first written proof was an Air 
Force report by George Dantzig, but credit is usually 
given to Tucker, Kuhn, and Gale. 


see also LINEAR PROGRAMMING 


Duffing Differential Equation 


The most general forced form of the Duffing equation is 
ï+ ôi + (Br? wor) = Asin(wt + $). (1) 
If there is no forcing, the right side vanishes, leaving 
¿+ ôt + (Br? + ua) = 0. (2) 
If 6 = 0 and we take the plus sign, 
3 2 3 
T+ wo gz + Ba? = Q0. (3) 
This equation can display chaotic behavior. For 8 > 0, 
the equation represents a “hard spring,” and for 8 < 0, 
it represents a “soft spring.” If 8 < 0, the phase portrait 


curves are closed. Returning to (1), take 8 = 1, wo = 1, 
A = 0, and use the minus sign. Then the equation is 


ž +t +(x" —x)=0 (4) 


(Ott 1993, p. 3). This can be written as a system of 
first-order ordinary differential equations by writing 


t=y, (5) 
ý = x — r” — ôy. (6) 
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The fixed points of these differential equations 
LS = 0, (7) 
so y = 0, and 
3 2 
y =x — r” —dy=2({1-2*)-—0 (8) 
giving x = 0, £1. Differentiating, 


ë= ğ =g — r’ — ôy (9) 
ü = (1 — 32%) 4 — Sy (10) 


El J m7 = He (11) 


Examine the stability of the point (0,0): 


ies Pe = \(A+6)—-1 = å? +A5-1=0 (12) 
ADA — L(+ 1/6? +4). (13) 


But ô? > 0, so 100 is real. Since vô? + 4 > |ô], there 
will always be one POSITIVE ROOT, so this fixed point 
is unstable. Now look at (+1, 0). 


ery e = A(A +8) +2 = +A8 +2 = 0 (14) 


MFD = (8 + y/8? — 8). (15) 


For ô > 0, RAE < 0, so the point is asymptoti- 
cally stable. If 6 = 0, AA = +iv2, so the point is 
linearly stable. If ô € (-2V2, 0), the radical gives an 
IMAGINARY PART and the REAL PART is > 0, so the 
point is unstable. If 6 = —2V2, page = y2, which 
has a POSITIVE REAL ROOT, so the point is unstable. 
If 6 < —2V2, then |6| < vô? — 8, so both ROOTS are 
PosITIVE and the point is unstable. Summarizing, 


asymptotically stable ó>0 
linearly stable (superstable) 6 = 0 (16) 
unstable 6< 0. 


Now specialize to the case 6 = 0, which can be integrated 
by quadratures. In this case, the equations become 


t=y (17) 
yaaa. (18) 


Differentiating (17) and plugging in (18) gives 
¿=y=z-<«. (19) 
Multiplying both sides by £ gives 


ži — tr + tr? =0 (20) 


Duodecillion 
d 1.2 14 19) =0 91 
qt ~ at tat )=0, (21) 
so we have an invariant of motion A, 
h= lá — la 4 42%. (22) 
Solving for t? gives 
t? = (=). = 2h + r? — trt (23) 
dt 2 
Lane TT (24) 
dt 
SO 
t= fan | Sa. (25) 
/2h + x? + 5x2 
Note that the invariant of motion A satisfies 
Oh Oh 
ee — 26 
“0% Oy (28 
Oh 
ae +r? = —Y, (27) 


so the equations of the Duffing oscillator are given by 
the HAMILTONIAN SYSTEM 


s gh 
=2 
l = oy, (28) 
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Duhamel’s Convolution Principle 
Can be used to invert a LAPLACE TRANSFORM. 


Dumbbell Curve 


y =a (2 — zô). 
see also BUTTERFLY CURVE, EIGHT CURVE, PIRIFORM 
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Duodecillion 
In the American system, 10*?, 


see also LARGE NUMBER 


Dupin's Cyclide 


Dupin’s Cyclide 
see CYCLIDE 
Dupin”s Indicatrix 


A pair of conics obtained by expanding an equation in 
MONGE’S FORM z = F(a, y) in a MACLAURIN SERIES 


z= 2(0,0) + 211 + 22y 
+ t (z112° + 2zZ19ry + 2224") eee 
= (bgr? + 2b123y + b224"). 


This gives the equation 
biir? + 2b1212Y + bay = +1. 
Amazingly, the radius of the indicatrix in any direction 


is equal to the SQUARE ROOT of the RADIUS OF CUR- 
VATURE in that direction (Coxeter 1969). 


References 
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Dupin’s Theorem 

In three mutually orthogonal systems of the surfaces, the 
LINES OF CURVATURE on any surface in one of the sys- 
tems are its intersections with the surfaces of the other 
two systems. 


Duplication of the Cube 
see CUBE DUPLICATION 


Duplication Formula 
see LEGENDRE DUPLICATION FORMULA 


Durand’s Rule 
The NEWTON-COTES FORMULA 


/ i f (0) de 


=h 24 + H fot fa +... + fama + Bhat 2 fn). 


see also BODE’S RULE, HARDY’S RULE, NEWTON- 
COTES FORMULAS, SIMPSON’S 3/8 RULE, SIMPSON’S 
RULE, TRAPEZOIDAL RULE, WEDDLE’S RULE 
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Diirer’s Conchoid 


These curves appear in Durer’s work Instruction in Mea- 
surement with Compasses and Straight Edge (1525) and 
arose in investigations of perspective. Diirer constructed 
the curve by drawing lines QRP and P'QR of length 16 
units through Q(q,0) and R(r, 0), where g+r = 13. The 
locus of P and P’ is the curve, although Diirer found 
only one of the two branches of the curve. 


The ENVELOPE of the lines QRP and P'QR is a 
PARABOLA, and the curve is therefore a GLISSETTE of 
a point on a line segment sliding between a PARABOLA 
and one of its ‘TANGENTS. 


Diirer called the curve “Muschellini,” which means CON- 
CHOID. However, it is not a true CONCHOID and so is 
sometimes called DURER’S SHELL CURVE. The Carte- 
sian equation is 


2y (2? + y?) — 2by*(x + y) + (b? — 3a*)y" — ata” 


+ 2a7b(x + y) +a“(a* —b*) =0. 


The above curves are for (a,b) = (3,1), (3,3), (3,5). 
There are a number of interesting special cases. If b = 0, 
the curve becomes two coincident straight lines x = 0. 
For a = 0, the curve becomes the line pair z = 6/2, 
z = —b/2, together with the CIRCLE z + y = b. If 
a = 6/2, the curve has a CUSP at (—2a, a). 
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Diirer’s Magic Square 


5/10] 11] 8 
9| 6| 7/12 
Dürer’s magic square is a MAGIC SQUARE with MAGIC 
CONSTANT 34 used in an engraving entitled Melencolia 
I by Albrecht Dürer (The British Museum). The en- 
graving shows a disorganized jumble of scientific equip- 
ment lying unused while an intellectual sits absorbed in 
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thought. Dúrer's magic square is located in the upper 
left-hand corner of the engraving. The numbers 15 and 
14 appear in the middle of the bottom row, indicating 
the date of the engraving, 1514. 
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Diirer’s Shell Curve 
see DURER’S CONCHOID 


Durfee Polynomial 

Let F(n) be a family of PARTITIONS of n and let F'(n, d) 
denote the set of PARTITIONS in F(n) with DURFEE 
SQUARE of size d. The Durfee polynomial of F(n) is 
then defined as the polynomial 


Prn = X |F(n,d)ly”, 


where 0<d< yn. 
see also DURFEE SQUARE, PARTITION 
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Durfee Square 
The length of the largest-sized SQUARE contained within 
the FERRERS DIAGRAM of a PARTITION. 


see also DURFEE POLYNOMIAL, FERRERS DIAGRAM, 
PARTITION 


Dvoretzky’s Theorem 

Each centered convex body of sufficiently high dimen- 
sion has an “almost spherical” k-dimensional central sec- 
tion. 


Dyad 

Dyads extend VECTORS to provide an alternative de- 
scription to second RANK TENSORS. A dyad D(A, B) 
of a pair of VECTORS A and B is defined by D(A, B) = 
AB. The DOT PRODUCT is defined by 


A-BC=(A-B)C 


AB.C=A(B-C), 


and the COLON PRODUCT by 


AB: CD=C-AB-D=(A-C)(B-D). 
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Dymaxion 


Dyadic 
A linear POLYNOMIAL of DYADS AB + CD +... con- 
sisting of nine components A;; which transform as 


hmhn OL m Orn 


(Aij) = hih, Oa! Bei Am (1) 
hih dx) Or 

= fe PERA 2 

De Amin OLm Ofn (2) 

=y h;ħn Ox; DEn 4 (3) 


4 hmh, 02m 02, 


Dyadics are often represented by Gothic capital letters. 
The use of dyadics is nearly archaic since ‘TENSORS per- 
form the same function but are notationally simpler. 


A unit dyadic is also called the IDEMFACTOR and is de- 
fined such that 
IAZA. (4) 


In CARTESIAN COORDINATES, 
IT=xx+yy + 22, (5) 
and in SPHERICAL COORDINATES 


I= Vr. (6) 


see also DYAD, TETRADIC 
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Dyck’s Theorem 
see VON Dyck’s THEOREM 


Dye’s Theorem 

For any two ergodic measure-preserving transformations 
on nonatomic PROBABILITY SPACES, there is an ISO- 
MORPHISM between the two PROBABILITY SPACES car- 
rying orbits onto orbits. 


Dymaxion 
Buckminster Fuller’s term for the CUBOCTAHEDRON. 


see also CUBOCTAHEDRON, MECON 


Dynamical System 


Dynamical System 

A means of describing how one state develops into an- 
other state over the course of time. Technically, a dy- 
namical system is a smooth action of the reals or the IN- 
TEGERS on another object (usually a MANIFOLD). When 
the reals are acting, the system is called a continuous 
dynamical system, and when the INTEGERS are acting, 
the system is called a discrete dynamical system. If f 
is any CONTINUOUS FUNCTION, then the evolution of a 
variable x can be given by the formula 


Tn+1 = f(tn). (1) 


This equation can also be viewed as a difference equation 


En4+1 T En = f(n) — Ens, (2) 
so defining 
g(x) = f(z) -z (3) 
gives 
En+1 — En = gl£n) * 1, (4) 


which can be read “as n changes by 1 unit, x changes by 
g(x).” This is the discrete analog of the DIFFERENTIAL 
EQUATION 


z (n) = g(z(n)). (5) 


see also ANOSOV DIFFEOMORPHISM, ANOSOV FLOW, 
AXIOM A DIFFEOMORPHISM, AXIOM A FLOW, BIFUR- 
CATION THEORY, CHAOS, ERGODIC THEORY, GEO- 
DESIC FLOW 
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Dynkin Diagram 
A diagram used to describe CHEVALLEY GROUPS. 


see also COXETER-DYNKIN DIAGRAM 


References 
Jacobson, N. Lie Algebras. New York: Dover, p. 128, 1979. 


Dynkin Diagram 


901 


E 


e 
The base of the NATURAL LOGARITHM, named in honor 
of Euler. It appears in many mathematical contexts 
involving LIMITS and DERIVATIVES, and can be defined 
by 
i 1\* 
e= lim (1+ =) , (1) 
E 


T -> 00 


or by the infinite sum 


(2) 


Ele 


oo 
The numerical value of e is 


e = 2.7182818284590452353602874'71352662497757... 


| (3) 
(Sloane’s A001113). 


Euler proved that e is IRRATIONAL, and Liouville proved 
in 1844 that e does not satisfy any QUADRATIC EQUA- 
TION with integral COEFFICIENTS. Hermite proved e to 
be TRANSCENDENTAL in 1873. It is not known if 7 +e 
or m/e is IRRATIONAL. However, it is known that m +e 
and r/e do not satisfy any POLYNOMIAL equation of de- 
gree < 8 with INTEGER COEFFICIENTS of average size 
10° (Bailey 1988, Borwein et al. 1989). 


The special case of the EULER FORMULA 


e” = cosg + ising (4) 


with z = m7 gives the beautiful identity 
e" +1=0, (5) 


an equation connecting the fundamental numbers i, PI, 
e, 1, and 0 (ZERO). 


Some CONTINUED FRACTION representations of e in- 
clude 


e=? + MC: “aa (6) 
1 
ab 2 
2+ 
3 
3 + — 
= [2,1,2,1,1,4,1,1,6,...] (7) 
(Sloane’s A003417) and 
14,... 
e i = [2, 6, 10, 3 (8) 
e-1=|[1,1,2,1,1,4,1,1,6,...) (9) 
5(e — 1) = [0, 1,6, 10, 14,...] (10) 
af Sb, 1 LISTS lu]: (11) 


e 903 


The first few convergents of the CONTINUED FRAC- 
TION are 3, 8/3, 11/4, 19/7, 87/32, 106/39, 193/71, ... 
(Sloane’s A007676 and A007677). 


Using the RECURRENCE RELATION 


an =n(a5-1 + 1) (12) 

with a; = a *, compute 
[C + en). (13) 

n=l 


The result is e”. Gosper gives the unusual equation 


connecting m and e, 


Al 9 
do ley 


T 
= — -z5 = —0.040948222.... (14) 


Rabinowitz and Wagon (1995) give an ALGORITHM for 
computing digits of e based on earlier DIGITS, but a 
much simpler SPIGOT ALGORITHM was found by Sales 
(1968). Around 1966, MIT hacker Eric Jensen wrote 
a very concise program (requiring less than a page of 
assembly language) that computed e by converting from 
factorial base to decimal. 


Let p(n) be the probability that a random ONE-TO-ONE 
function on the INTEGERS 1, ..., n has at least one 
FIXED POINT. Then 


Sy qye+1 
lim p(n) = Y a A - = 0.6321205588.... 


n—>00 k! 
k=1 
(15) 
STIRLING’S FORMULA gives 
}\l/n 
w A de (16) 
n-+00 n € 


Castellanos (1988) gives several curious approximations 
to €, 


e% 2+ a (17) 
AC (18) 
= al (19) 
x~ (150 — sii ) k (20) 
y 4 300% — ae 1291* + 97 (21) 
= (1097 — E (22) 
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which are good to 6, 7, 9, 10, 12, and 15 digits respec- 
tively. 


Examples of e MNEMONICS (Gardner 1959, 1991) in- 
clude: 


“By omnibus I traveled to Brooklyn” (6 digits). 


“To disrupt a playroom is commonly a practice of 
children” (10 digits). 


“Tt enables a numskull to memorize a quantity of 
numerals” (10 digits). 


“Pm forming a mnemonic to remember a function in 
analysis” (10 digits). 


“He repeats: I shouldn’t be tippling, I shouldn’t be 
toppling here!” (11 digits). 


“In showing a painting to probably a critical or ven- 
omous lady, anger dominates. O take guard, or she 
raves and shouts” (21 digits). Here, the word “O” 
stands for the number 0. 


A much more extensive mnemonic giving 40 digits is 


“We present a mnemonic to memorize a constant 
so exciting that Euler exclaimed: ‘P when first it 
was found, yes, loudly ‘!’. My students perhaps will 
compute e, use power or Taylor series, an easy sum- 
mation formula, obvious, clear, elegant!” 


(Barel 1995). In the latter, Os are represented with “!”. 
A list of e mnemonics in several languages is maintained 
by A. P. Hatzipolakis. 


Scanning the decimal expansion of e until all n-digit 
numbers have occurred, the last appearing is 6, 12, 548, 
1769, 92994, 513311, ... (Sloane’s A032511). These end 
at positions 21, 372, 8092, 102128, 1061613, 12108841, 


see also CARLEMAN’S INEQUALITY, COMPOUND INTER- 
EST, DE MOIVRE’S IDENTITY, EULER FORMULA, EXPO- 
NENTIAL FUNCTION, HERMITE-LINDEMANN THEOREM, 
NATURAL LOGARITHM 
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e-Divisor 
d is called an e-divisor (or EXPONENTIAL DIVISOR) of 


a2 ap 


n = pı! p2 * Pr 


if din and 
b b 
d = pı tpg 2... Dp 
where b;|a; with 1 <j <r. 
see also e-PERFECT NUMBER 
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E, -Function 
The E, (2) function is defined by the integral 


En (2) = / a (1) 


4r 


and is given by the Mathematica® (Wolfram Research, 
Champaign, IL) function ExpIntegralE[n,x]. Defining 
t = py? so that dt = —n *dn, 


1 
E, (2) = / ¿2/Mp"= dn (2) 
0 


1 
m=i 


The function satisfies the RECURRENCE RELATIONS 


En(0) = (3) 


En(z) = — En-1(2) (4) 


nEn+1(1) =e * — rE, (2). (5) 


250 TO 500 VAC 
SECONDARY 


Fig. 10-26. Typical TV power transformer. eb 3 Bene 


5 VAC RECTIFIER 
FILAMENT 


—16 volts at 2.5 amps. A tour through all of my magazines and 
catalogs didn’t disclose exactly what I was looking for, so 1 decided 
to make my own. Besides, I wanted it right now! This was not a 
case of getting carried away in my desire to fire up my machine, 
since I've built (rebuilt) transformers before. 

Only three ingredients are needed: a roll of wire, some tape, 
and an old power transformer. Retired tube-type television sets 
are the best source for good transformers. They usually run 300 
watts or more and are designed for continuous duty. Discarded TV 
sets are free for the asking at almost any TV repair shop. Since I 
never throw anything away, I just happened to have two on hand. 


identify the Windings 


The whole operation is comparatively simple; mine took one 
hour and ten minutes. The first step is to determine what you have 
to work with. Figure 10-26 is a drawing of a typical TV power 
transformer. Some have more than one 6.3-volt winding because of 
the great number of tubes in the set. 

Most, but not all, transformer leads use a standard color code 
(Table 10-2). To determine how yours is laid out, connect a line 
cord to the leads you suspect are the primary, and clip a voltmeter 
to the 6.3-volt filament leads. In case you guess wrong, start out 
with the meter on its highest scale to protect it. Insulate all of the 
other leads and plug the cord into a 110 V ac outlet. The meter 
should read between 6 and 7 volts. If not, try some other leads until 
the right combination is found. 

For safety's sake, unplug the line cord while making connec- 
tion changes. This may sound elementary, but it is easy to forget in 
the heat of an experiment. I once cut a line cord in half while it was 
hot and put two big notches in the jaws of my diagonal cutters 
before they sailed across the room. 


Dissection 


Once you have found the primary and one of the 6.3-volt 
filament windings, you are ready to start dissecting. Record lead 
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E,, Function 


Equation (4) can be derived from 


| 
| 
— 
8 
oh 
kge 
E l 
a ce 
8 
a, 
eE 


co pte 
= af mi dt = — En-1(2), (7) 


and (5) using integrating by parts, letting 


ue dv =e"" dt - (8) 
n poa 
du = -zF dt TEE (9) 


E e 
= etr¿n 1 ; frtl 
= £E, (2) =e * —nEnyi(z). (10) 


Solving (10) for n En(z) gives (5). An asymptotic ex- 
pansion gives 


(n — 1)! En(2) 


sO 


En() = — po. (12) 


The special case n = 1 gives 


Er (z) = —ei(—z) = I edt = E du as) 


t u 


where ei(x) is the EXPONENTIAL INTEGRAL, which is 
also equal to 
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where y is the EULER-MASCHERONI CONSTANT. 


Ei (0) = oo (15) 
Ei (iz) = — ci(x) + ¿silo), (16) 


where ci(x) and si(x) are the COSINE INTEGRAL and 
SINE INTEGRAL. 


see also COSINE INTEGRAL, E¿-FUNCTION, EXPONEN- 
TIAL INTEGRAL, GOMPERTZ CONSTANT, SINE INTE- 
GRAL 
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E.-Function 
A function which arises in FRACTIONAL CALCULUS. 


t 
e f are? dg = t’e™ y(v, at), 
0 


(1) 
where y is the incomplete GAMMA FUNCTION and T the 
complete GAMMA FUNCTION. The E; function satisfies 
the RECURRENCE RELATION 


as 


E.(v, a) == aE,(v + 1,a) + Tv +1) 


(2) 
A special value is 


E¿(0,a) = e”. (3) 


see also E,-FUNCTION 
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e-Multiperfect Number 
A number n is called a k e-perfect number if o.(n) = kn, 
where d.(n) is the SUM of the e-DIVISORS of n. 


see also e-DIVISOR, e-PERFECT NUMBER 
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e-Perfect Number 

A number n is called an e-perfect number if v.(n) = 2n, 
where o-(n) is the SUM of the e-DIVISORS of n. If m 
is SQUAREFREE, then o.(m) = m. As a result, if n is 
e-perfect and m is SQUAREFREE with m L b, then mn 
is e-perfect. There are no ODD e-perfect numbers. 


see also e-DIVISOR 
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Ear 
A PRINCIPAL VERTEX z; of a SIMPLE POLYGON P is 
called an ear if the diagonal [2;-1,2;+1] that bridges z; 
lies entirely in P. Two ears x; and z; are said to overlap 
if 

int[zi-1, Ti, Digi] A int[e;-1, Tj, Tj+1] =O; 


The Two-EARs THEOREM states that, except for TRI- 
ANGLES, every SIMPLE POLYGON has at least two 
nonoverlapping ears. 


see also ANTHROPOMORPHIC POLYGON, MOUTH, Two- 
EARS THEOREM 
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Early Election Results 
Let Jones and Smith be the only two contestants in an 
election that will end in a deadlock when all votes for 
Jones (J) and Smith (S) are counted. What is the Ex- 
PECTATION VALUE of Xx = |S — J| after k votes are 
counted? The solution is 

N-1 N-1 

(X= 2N (ia721) (ue/2]-1) 


e 


7 ENE) One as for k even 
AP ma bay (25) for k odd. 
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Eccentric Anomaly 


Eban Number | 

The sequence of numbers whose names (in English) do 
not contain the letter “e” (i.e., “e” is “banned”). The 
first few eban numbers are 2, 4, 6, 30, 32, 34, 36, 40, 42, 
44, 46, 50, 52, 54, 56, 60, 62, 64, 66, 2000, 2002, 2004, 
... (Sloane's A006933); i.e., two, four, six, thirty, etc. 
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Eberhart’s Conjecture 
If gn is the nth prime such that M,, is a MERSENNE 
PRIME, then 


qn ~ (3/2)”. 
It was modified by Wagstaff (1983) to yield 


ev 


y”, 


where y is the EULER-MASCHERONI CONSTANT. 


Qn ~ (2 
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Math. 


Eccentric 
Not CONCENTRIC. 


see also CONCENTRIC, CONCYCLIC 


Eccentric Angle 
The angle 6 measured from the CENTER of an ELLIPSE 
to a point on the ELLIPSE. 


see also ECCENTRICITY, ELLIPSE 


Eccentric Anomaly 


The ANGLE obtained by drawing the AUXILIARY CIR- 
CLE of an ELLIPSE with center O and Focus F, and 
drawing a LINE PERPENDICULAR to the SEMIMAJOR 
AXIS and intersecting it at A. The ANGLE £ is then 
defined as illustrated above. Then for an ELLIPSE with 
ECCENTRICITY e, 


AF = OF — AO = ae—acosE. (1) 
But the distance AF is also given in terms of the dis- 
tance from the Focus r = FP and the SUPPLEMENT of 


the ANGLE from the SEMIMAJOR AXIS v by 


AF = rcos(r — v) = —rcosv. | (2) 


Eccentricity 


Equating these two expressions gives 


mo aE a (3) 


COS UY 
which can be solved for cos v to obtain 


E — 
cos y = cos E =e) (4) 
r 


To get E in terms of r, plug (4) into the equation of the 
ELLIPSE 


a(l — e? 
= T | ©) 
e COS V 
r(1+ecosv) = a(l — e°) (6) 
2 
r (4 tE) = r +aecos E — e = a(l — e°) 
(7) 


r= a(l — e?) — ea cos E + e'a = a(l — ecos E). (8) 


Differentiating gives 
? = aeE sin E. (9) 


The eccentric anomaly is a very useful concept in or- 
bital mechanics, where it is related to the so-called mean 
anomaly M by KEPLER’S EQUATION 


M = E -esin E. (10) 


M can also be interpreted as the AREA of the shaded 
region in the above figure (Finch). 


see also ECCENTRICITY, ELLIPSE, KEPLER'S EQUATION 
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Eccentricity 

A quantity defined for a CONIC SECTION which can be 
given in terms of SEMIMAJOR and SEMIMINOR AXES for 
an ELLIPSE. For an ELLIPSE with SEMIMAJOR AXIS a 
and SEMIMINOR AXIS b, 


The eccentricity can be interpreted as the fraction of the 
distance to the semimajor axis at which the FOCUS lies, 


c 
a 

where c is the distance from the center of the CONIC 
SECTION to the Focus. The table below gives the type 
of CONIC SECTION corresponding to various ranges of 
eccentricity e. 
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circle 


ellipse 
parabola 
hyperbola 


see also CIRCLE, CONIC SECTION,  ECCEN- 
TRIC ANOMALY, ELLIPSE, FLATTENING, HYPERBOLA, 
OBLATENESS, PARABOLA, SEMIMAJOR AXIS, SEMIMI- 
NOR AXIS 


Eccentricity (Graph) 
The length of the longest shortest path from a VERTEX 
in a GRAPH. 


see also DIAMETER (GRAPH) 


Echidnahedron 


ICOSAHEDRON STELLATION #4. 
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Eckardt Point 

On the CLEBSCH DIAGONAL CUBIC, all 27 of the com- 
plex lines present on a general smooth CUBIC SURFACE 
are real. In addition, there are 10 points on the surface 
where three of the 27 lines meet. These points are called 
Eckardt points (Fischer 1986). 


see also CLEBSCH DIAGONAL CUBIC, CUBIC SURFACE 
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Eckert IV Projection 


The equations are 


EERE ae, 0 cos 
g a (A — Ao) (1 + cos 8) (1) 
y=2 ay sin, (2) 
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where @ is the solution to 
0 + sinl cos + 2sin@ = (24 57) sind. (3) 


This can be solved iteratively using NEWTON’S METHOD 
with 0) = $/2 to obtain 


§ + sin @cos@ + 2sin@ — (2— $7)sing 


A0 = 4 
2 cos (1 + cos 6) (4) 
The inverse FORMULAS are 
pesca a o i (5) 
2 + git 
TIVA+ TI 
A=x c 6 
ge l1+c0s08 ” (6) 
where 
Be ses Aint 
pease a. 
(WE). o 
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The equations are 


= 1 
V2+7 (1) 
20 
= 2 
id Y2+r (2) 
where @ is the solution to 
0 +sin9 = (1+ 37) sind. (3) 


This can be solved iteratively using NEWTON’S METHOD 
with ĝo = ¢ to obtain 


0 +sin0— (1+ $7)sing 


A0 = 
1 + cos (4) 
The inverse FORMULAS are 
E | 8 + sinó 
= ———_—_ 5 
¿man (LS 
rai 
=À i eat 
A o + 1+ cosé@’ (6) 
where 
O=3V2+rTy. (7) 
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Edge (Polygon) 


Economized Rational Approximation 

A PADE APPROXIMATION perturbed with a CHEBYSHEV 
POLYNOMIAL OF THE FIRST KIND to reduce the leading 
COEFFICIENT in the ERROR. 


Eddington Number 


136 - 22% ~ 1.575 x 10”. 


According to Eddington, the exact number of protons 
in the universe, where 136 was the RECIPROCAL of the 
fine structure constant as best as it could be measured 
in his time. 


see also LARGE NUMBER 


Edge-Coloring 

An edge-coloring of a GRAPH G is a coloring of the 
edges of G such that adjacent edges (or the edges bound- 
ing different regions) receive different colors. BRELAZ'S 
HEURISTIC ALGORITHM can be used to find a good, but 
not necessarily minimal, edge-coloring. 

see also BRELAZ’S HEURISTIC ALGORITHM, CHRO- 
MATIC NUMBER, k-COLORING 
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Edge Connectivity 
The minimum number of EDGES whose deletion from a 
GRAPH disconnects it. 


see also VERTEX CONNECTIVITY 


Edge (Graph) 

For an undirected GRAPH, an unordered pair of nodes 
which specify the line connecting them. For a DIRECTED 
GRAPH, the edge is an ordered pair of nodes. 


see also EDGE NUMBER, NULL GRAPH, TAIT COLOR- 
ING, TAIT CYCLE, VERTEX (GRAPH) 


Edge Number 
The number of EDGES in a GRAPH, denoted |E]. 


see also EDGE (GRAPH) 
Edge (Polygon) 
vertex 


edge 


A LINE SEGMENT on the boundary of a FACE, also called 
a SIDE. | 


see also EDGE (POLYHEDRON), VERTEX (POLYGON) 


Edge (Polyhedron) 


Edge (Polyhedron) 


face 
vertex 


edge 


A LINE SEGMENT where two FACES of a POLYHEDRON 
meet, also called a SIDE. 


see also EDGE (POLYGON), VERTEX (POLYHEDRON) 


Edge (Polytope) 
A 1-D LINE SEGMENT where two 2-D FACES of an n-D 
POLYTOPE meet, also called a SIDE. 


see also EDGE (POLYGON), EDGE (POLYHEDRON) 


Edgeworth Series 
Approximate a distribution in terms of a NORMAL DIS- 
TRIBUTION. Let 


1 et /? 


p(t) = Vin i 


ETORRA 
+ [Beles E 


ae GEE) to. 


see also CORNISH-FISHER ASYMPTOTIC EXPANSION, 
GRAM-CHARLIER SERIES 
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Edmonds’ Map 
A nonreflexible regular map of GENUS 7 with eight VER- 
TICES, 28 EDGES, and eight HEPTAGONAL faces. 


Efron’s Dice 
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A set of four nontransitive DICE such that the proba- 
bilities of A winning against B, B against C, C against 
D, and D against A are all 2:1. A set in which ties may 
occur, in which case the DICE are rolled again, which 
gives ODDS of 11:6 is 


see also DICE, SICHERMAN DICE 
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Egg 
An OVAL with one end more pointed than the other. 


see also ELLIPSE, Moss's EGG, OVAL, OVOID, THOM’S 
EGGS 


Egyptian Fraction 
see UNIT FRACTION 


Ehrhart Polynomial 

Let A denote an integral convex POLYTOPE of DIMEN- 
SION n in a lattice M, and let la(k) denote the number 
of LATTICE POINTS in A dilated by a factor of the inte- 


ger k, 
la (k) = #(kA N M) (1) 


for k € Z*. Then la is a polynomial function in k of 
degree n with rational coefficients 


la (k) = ank” + ae ak masea (2) 


called the Ehrhart polynomial (Ehrhart 1967, Pommer- 
sheim 1993). Specific coefficients have important geo- 
metric interpretations. 


1. an is the CONTENT of A. 


2. an—1 is half the sum of the CONTENTS of the (n—1)- 
D faces of A. 


3. ao = 1. 


Let S2(A) denote the sum of the lattice lengths of the 
edges of A, then the case n = 2 corresponds to PICK’S 
THEOREM, 


la (k) = Vol(A)k* + 382(A) + 1. (3) 


Let S3(A) denote the sum of the lattice volumes of the 
2-D faces of A, then the case n = 3 gives 


la (k) = Vo(A)k? + 353(A)k? +aik+1, (4) 
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where a rather complicated expression is given by Pom- 
mersheim (1993), since a1 can unfortunately not be in- 
terpreted in terms of the edges of A. The Ehrhart poly- 
nomial of the tetrahedron with vertices at (0, 0, 0), (a, 
0, 0), (0, b, 0), (0, 0, c) is 


+Ha+b+c+ A+ B40)=As (Y, 7 


e) (2) 0 


where s(r,y) is a DEDEKIND SUM, A = ged(b,c), B = 
gcd(a,c), C = gcd(a,b) (here, gcd is the GREATEST 
COMMON DENOMINATOR), and d = ABC (Pommer- 
sheim 1993). 


see also DEHN INVARIANT, PICK’S THEOREM 
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Ei 
see EXPONENTIAL INTEGRAL, E,,-FUNCTION 


Eigenfunction 

If L is a linear OPERATOR on a FUNCTION SPACE, then f 
is an eigenfunction for L and A is the associated EIGEN- 
VALUE whenever Lf = Xf. 


see also EIGENVALUE, EIGENVECTOR 

Eigenvalue | 

Let A be a linear transformation represented by a Ma- 

TRIX A. If there is a VECTOR X € R” 40 such that 
AX =AX (1) 

for some SCALAR A, then A is the eigenvalue of A with 


corresponding (right) EIGENVECTOR X. Letting A be a 
k x k MATRIX, 


Qk1 k2 '*** Gkk 


Eigenvalue 


with eigenvalue A, then the corresponding EIGENVEC- 
TORS satisfy 


a11 a12 Qik Tı L1 
@21 Q22 Q2k L2 T? 

: = » (8) 
aki Qk? ‘** Qkk Lk Tk 


which is equivalent to the homogeneous system 


a11 =A a12 zr Qik Tı 0 

a21 a=A +: 02k T? 0 

Ak1 Ak2 ükk — À Tk 0 
(4) 


Equation (4) can be written compactly as 


where | is the IDENTITY MATRIX. 


As shown in CRAMER'S RULE, a system of linear equa- 
tions has nontrivial solutions only if the DETERMINANT 
vanishes, so we obtain the CHARACTERISTIC EQUATION 


¡A-Al| =0. (6) 


If all k As are different, then plugging these back in 
gives k — 1 independent equations for the k components 
of each corresponding EIGENVECTOR. The EIGENVEC- 
TORS will then be orthogonal and the system is said to 
be nondegenerate. If the eigenvalues are n-fold DEGEN- 
ERATE, then the system is said to be degenerate and the 
EIGENVECTORS are not linearly independent. In such 
cases, the additional constraint that the EIGENVECTORS 
be orthogonal, 


X; X; = X¡Xj055, (7) 


where 6;; is the KRONECKER DELTA, can be applied to 
yield n additional constraints, thus allowing solution for 
the EIGENVECTORS. 


Assume A has nondegenerate eigenvalues A1,A2,...,An 
and corresponding linearly independent EIGENVECTORS 


X1,X2,..., Xx which can be denoted 
T11 £21 E k1 
112 T22 Lk2 
gi e E (8) 
Tik T2k Ukk 
Define the matrices composed of eigenvectors 
Z11 Tar ‘*: Tk 
£12 T22 °"*: Tk2 
P= [Xy Xo Xy | = , 
Lik 2k kk 
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and eigenvalues 


Ai 0 0 
0 0 Ak 


where D is a DIAGONAL MATRIX. Then 


AP=A[Xi X © Xx] 
=[AX, AX AX; ] 
= [àX A2X2 Ak Xx | 
kMit11 A221 :** ÀkTkl 
Aiti2 -A2X22 ÀkTk2 
AiZik À2T2k E ÀAkTkk 
11 Tar “** Tkl A 0 ~. 0 
T1i2 T22 °°: Tk2 D à- 0 
Lik Tzk “"" Tkk 0 0 --- Ag 
= PD, (11) 
sO 
A =PDP”?, (12) 
Furthermore, 


A? = (PDP~1)(PDP~*) = PD(P7*P)DP”* 
= PD?P7. | (13) 


By induction, it follows that ii n> 0, 
A” = PD” P™}. (14) 
The inverse of Á is 
AT?! =(PDP-*y*=PD”*P”?, (15) 


where the inverse of the DIAGONAL MATRIX D is triv- 
ially given by 


M 0 0 
0 > 0 
D-1 = o | ] (16) 
0 0 sE e 


Equation (14) therefore holds for both POSITIVE and 
NEGATIVE n. 


A further remarkable result involving the matrices P and 
D follows from the definition 


SA? EPDP? 
DI Dy a 
=0 


=D 
p (Len ) Pot = Pep. (17) 
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Since D is a DIAGONAL MATRIX, 


Ar” 0 0 
ar pD” ae 1 0 Az” 0 
O * 
n! n! ; 
n=0 n=0 0 0 A 
Y A 0 0 
0 e 0 


e^ 0 0 
0 e 0 
z ; > (18) 
0 0 ee 
eP can be found using 
Au” 0 0 
A TS A y 
A all's (19) 
0 0 re 
Assume we know the eigenvalue for 
AX = XX. (20) 


Adding a constant times the IDENTITY MATRIX to A, 
(A+cl)X = (å+ 9X = XX, (21) 


so the new eigenvalues equal the old plus c. Multiplying 
A by a constant c 


(cA)X = c (AX) = XX, (22) 


so the new eigenvalues are the old multiplied by c. 


Now consider a SIMILARITY TRANSFORMATION of A. 
Let |A] be the DETERMINANT of A, then 


IZ~*AZ — Al] = |Z7*(A—Al)Z| 
= |Z|/|A—Alf{|Z~*| = |A — All, (23) 


so the eigenvalues are the same as for A. 


see also BRAUER’S THEOREM, CONDITION NUMBER, 
EIGENFUNCTION, EIGENVECTOR, FROBENIUS THEO- 
REM, GERSGORIN CIRCLE THEOREM, LYAPUNOV’S 
FIRST THEOREM, LYAPUNOV’S SECOND THEOREM, OS- 
TROWSKI’S THEOREM, PERRON’S THEOREM, PERRON- 
FROBENIUS THEOREM, POINCARE SEPARATION THEO- 
REM, RANDOM MATRIX, SCHUR’S INEQUALITIES, STUR- 
MIAN SEPARATION THEOREM, SYLVESTER'S INERTIA 
LAW, WIELANDT’S THEOREM 
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Eigenvector 
A right eigenvector satisfies 


AX = XX, (1) 


where X is acolumn VECTOR. The right EIGENVALUES 


therefore satisfy 
[A — Al] = 0. (2) 


A left eigenvector satisfies 
XA = XX, (3) 
where X is a row VECTOR, so 
(XA) = ALX" (4) 


AX? = ALX", (5) 


where XT is the transpose of X. The left EIGENVALUES 
satisfy 


AT — Az] A A = A eA, 

(6) 
(since |A| = |A*|) where |A| is the DETERMINANT of 
A. But this is the same equation satisfied by the right 
EIGENVALUES, so the left and right EIGENVALUES are 
the same. Let Xg be a MATRIX formed by the columns 
of the right eigenvectors and Xz be a MATRIX formed 
by the rows of the left eigenvectors. Let 


A 
D=|: e y (7) 
O 
Then 
AXr=XrD  X¿A=DX, (8) 


X¿AXr=X¿XRD X¿AXs2=DX¿Xp, (9) 


so 
X¿XaD=DX¿Xa. (10) 


But this equation is of the form CD = DC where D is a 
DIAGONAL MATRIX, so it must be true that C = X,Xr 
is also diagonal. In particular, if Á is a SYMMETRIC MA- 
TRIX, then the left and right eigenvectors are transposes 
of each other. If A is a SELF-ADJOINT MATRIX, then 
the left and right eigenvectors are conjugate HERMITIAN 
MATRICES. 


Eight Curve 


Given a 3x3 MATRIX A with eigenvectors x1, x2, and x3 
and corresponding EIGENVALUES A1, A2, and Ag, then 
an arbitrary VECTOR y can be written 


y = b1x1 + b2X2 + b3X3. (11) 
Applying the MATRIX Á, 


Ay = b,Ax,; + bo Axe + bs Axs 


A A 
=e (bix: + %2 boxe + S baxo) ; (12) 
Mi Ai 


SO 


a e doy” Jake 
A y= Al [bux + (=) boxe + (5) baxa | : (13) 
Al Al 


If A1 > A2,A3, it therefore follows that 


lim A”y = Ai b1X1, (14) 
nooo 
so repeated application of the matrix to an arbitrary vec- 
tor results in a vector proportional to the EIGENVECTOR 
having the largest EIGENVALUE. 
see also EIGENFUNCTION, EIGENVALUE 
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Press, W. H.; Flannery, B. P.; Teukolsky, 5. A.; and Vet- 
terling, W. T. “Eigensystems.” Ch. 11 in Numerical 
Recipes in FORTRAN: The Art of Scientific Computing, 
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Eight Curve 


A curve also known as the GERONO LEMNISCATE. It is 
given by CARTESIAN COORDINATES 


zt =a (a — y”), (1) 
POLAR COORDINATES, 
r? = a’ sec” 0 cos(20), (2) 
and parametric equations 


x =asint (3) 


y = asintcost. (4) 


Eight-Point Circle Theorem 


s(t) 


The CURVATURE and TANGENTIAL ÁNGLE are 


_ 3sint+sin(3t) 
RAS 2[cos? t + cos? (2£)]3/2 (5) 
(t) = — tan”? [cos t sec(2t)]. (6) 


see also BUTTERFLY CURVE, DUMBBELL CURVE, EIGHT 
SURFACE, PIRIFORM 
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Eight-Point Circle Theorem 


A 


Let ABCD be a QUADRILATERAL with PERPENDICU- 
LAR DIAGONALS. The MIDPOINTS of the sides (a, b, c, 
and d) determine a PARALLELOGRAM (the VARIGNON 
PARALLELOGRAM) with sides PARALLEL to the DIAG- 
ONALS. The eight-point circle passes through the four 
MIDPOINTS and the four feet of the PERPENDICULARS 
from the opposite sides a’, b', c’, and d’. 


see also FEUERBACH’S THEOREM 
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Eight Surface 


The SURFACE OF REVOLUTION given by the parametric 
equations 


z(u,v) = cosusin(2v) (1) 
y(u,v) = sinusin(2v) (2) 
z(u,v) = sin v (3) 


for u € [0, 27) and v € [—7/2, 7/2]. 

see also EIGHT CURVE 
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Eikonal Equation 


> (a) = 


Eilenberg-Mac Lane Space 

For any ABELIAN GROUP G and any NATURAL NUMBER 
n, there is a unique SPACE (up to HOMOTOPY type) 
such that all HOMOTOPY GROUPS except for the nth are 
trivial (including the Oth HOMOTOPY GROUPS, meaning 
the SPACE is path-connected), and the nth HOMOTOPY 
GROUP is ISOMORPHIC to the GROUP G. In the case 
where n = 1, the GROUP G can be non-ABELIAN as 
well. 


Eilenberg-Mac Lane spaces have many important appli- 
cations. One of them is that every TOPOLOGICAL SPACE 
has the HOMOTOPY type of an iterated FIBRATION of 
Eilenberg-Mac Lane spaces (called a POSTNIKOV SYS- 
TEM). In addition, there is a spectral sequence relating 
the COHOMOLOGY of Eilenberg-Mac Lane spaces to the 
HOMOTOPY GROUPS of SPHERES. 


Eilenberg-Mac Lane-Steenrod-Milnor 
Axioms 


see FILENBERG-STEENROD AXIOMS 
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Eilenberg-Steenrod Axioms 

A family of FUNCTORS H,{-) from the CATEGORY of 
pairs of TOPOLOGICAL SPACES and continuous maps, 
to the CATEGORY of ABELIAN GROUPS and group ho- 
momorphisms satisfies the Eilenberg-Steenrod axioms if 
the following conditions hold. 


1. LONG EXACT SEQUENCE OF A PAIR AXIOM. For 
every pair (X, A), there is a natural long exact se- 
quence 


. > H,(A) > Ha(X) > Hn(X, A) 
> Hn-nA)>..., 


where the MAP H,(A) > H,(X) is induced by the 
INCLUSION MAP A > X and H,(X) > Hn(X, A) is 
induced by the INCLUSION MAP (X,¢) > (X, A). 
The Map H,(X,4) => Hn-1(A) is called the 
BOUNDARY MAP. 


2. HOMOTOPY Axiom. If f : (X,A) > (Y, B) is ho- 
motopic to g : (X,A) > (Y, B), then their IN- 
DUCED MAPS f, : H,(X,A) > Hn(Y, B) and gu : 
H,(X, A) > Hn(Y, B) are the same. 

3. EXCISION AXIOM. If X is a SPACE with SUB- 
SPACES A and U such that the CLOSURE of A is 
contained in the interior of U, then the INCLUSION 
MAP (X U,AU) + (X, A) induces an isomorphism 
H,(X U, AU) > Ha(X, A). 

4. DIMENSION AXIOM. Let X be a single point space. 
H,,(X) = 0 unless n = 0, in which case Ho(X) = G 
where G are some GROUPS. The Ho are called the 
COEFFICIENTS of the HOMOLOGY theory H(-). 


These are the axioms for a generalized homology the- 
ory. For a cohomology theory, instead of requiring that 
H(-) be a FUNCTOR, it is required to be a co-functor 
(meaning the INDUCED MAP points in the opposite di- 
rection). With that modification, the axioms are essen- 
tially the same (except that all the induced maps point 
backwards). 


see also ALEKSANDROV-CECH COHOMOLOGY 


Ein Function 


“(1-e dt 
Ein(z) = / Grea = Er(2) +1n2+ y, 
0 


where y is the HULER-MASCHERONI CONSTANT and E; 
is the E,-FUNCTION with n = 1. 


see also En - FUNCTION 


Eisenstein Integer 


Einstein Functions 


Pb Ww e MH 


un 


1 2 3 4 


The functions x*e” /(e? — 1)?, 2/(e? — 1), In(1 — e7?), 
and 2/(e* — 1) — In(1—e”?). 


References 
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Einstein Summation 
The implicit convention that repeated indices are 
summed over so that, for example, 


ajay = > Aili. 


1 


Eisenstein Integer 
The numbers a + bw, where 


w=H(-1+1V3) 
is one of the ROOTS of z? = 1, the others being 1 and 


w = 31(-1-iv3). 


Eisenstein integers are members of the QUADRATIC 
FIELD Q(./—3 ), and the COMPLEX NUMBERS Z[w]. Ev- 
ery Eisenstein integer has a unique factorization. Specif- 
ically, any NONZERO Eisenstein integer is uniquely the 
product of POWERS of —1, w, and the “positive” EISEN- 
STEIN PRIMES (Conway and Guy 1996). Every Eisen- 
stein integer is within a distance |n|//3 of some multiple 
of a given Eisenstein integer n. 


Dorrie (1965) uses the alternative notation 


4(1+iV3) (1) 
4(1—iv3). (2) 


J 
O 


ll 


colors if they are not standard. What you have to do is remove the 
windings from the core, rewind them, and then put everything back 
together again. 

The transformer case is usually held together with four bolts 
at the corners. Remove these, and the shells will come off. The 
core consists of E- and I-shaped metal pieces, glued and laminated 
together. At first, it would appear impossible to separate and 
remove the individual pieces, but, once a few are taken out, the 
rest will practically fall out. 

Inserting a knife blade or thin screwdriver between the layers 
and moving it from one end to the other will separate them, and the 
I segments can be easily removed. Use the blade or one of the I 
segments under the top E segment all the way around and through 
the middle of the winding, and it should pull out with a pair of 
long-nose pliers. Wiggling it back and forth while pulling should do 
the job. Once the first segment is out, the rest can be loosened and 
pulled out without problems. 

You want to get rid of all of the windings except for the 
primary, which you'll reuse. It should be closest to the center of the 
winding pileup. You can determine this by tracing the leads you 
identified earlier. Starting from the outside, unwind the layers one 
at a time until you get down to the level you identified as the 
6.3-volt filament winding. As you unwind this layer, count the 
turns of wire carefully. This is important! This tells how many 
turns each of the new windings must contain. 

Mine had 12 turns, which means that this transformer was 
designed to have two turns of wire per volt. Using the simple ratio 
formula P/S = VP/VS, where P is the number of turns in the 
primary, S is the number of turns in the secondary, VP is the 
voltage in the primary, and VS is the voltage in the secondary, it is 
possible to determine how many turns each of the other windings 
had, but it isn't necessary. All you want to know is how many turns 


Table 10-2. Power Transformer Lead Color Code. 


Primary black 

High voltage secondary red 

Center tap, if used red and yellow striped 
Rectifier filament yellow 


6.3-volt filament green 
6.3-volt filament #2, if used brown 
6.3-volt filament #3, if used slate 
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Eisenstein-Jacobi Integer 


for —w* and —w, and calls numbers of the form aJ +b0 
G-NUMBERS. O and J satisfy 


J+O=1 (3) 
JO=1 (4) 
P+0=0 | (5) 
O?+7=0 (6) 
J? =-1 (7) 
O? =-1. (8) 


The sum, difference, and products of G numbers are also 
G numbers. The norm of a G number is 


N(aJ + 6O) = a? +b? — ab. (9) 


The analog of FERMAT’S THEOREM for Eisenstein inte- 
gers is that a PRIME NUMBER p can be written in the 
form 


a? — ab +b? = (a+ bw)(a + bw”) 


IFF 3fp +1. These are precisely the PRIMES of the form 
3m? + n? (Conway and Guy 1996). 


see also EISENSTEIN PRIME, EISENSTEIN UNIT, GAUS- 
SIAN INTEGER, INTEGER 
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Eisenstein-Jacobi Integer 
see EISENSTEIN INTEGER 


Eisenstein Prime 
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Let w be the CUBE ROOT of unity (-1+iV3)/2. Then 
the Eisenstein primes are 


1. Ordinary PRIMES CONGRUENT to 2 (mod 3), 

2. 1— w is prime in Z[w, 

3. Any ordinary PRIME CONGRUENT to 1 (mod 3) fac- 
tors as aa*, where each of a and a” are primes in 
Zw) and a and a* are not “associates” of each other 


(where associates are equivalent modulo multiplica- 
tion by an EISENSTEIN UNIT). 
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Eisenstein Series 


J 1 
O ne a 


where the sum ©’ excludes m = n = 0, Sft] > 0, and r 
is an INTEGER > 2. The Eisenstein series satisfies the 
remarkable property 


at+b _ þr 
E, (E) = (t + d)E,(t) 


see also RAMANUJAN-EISENSTEIN SERIES 


-Eisenstein Unit 


The Eisenstein units are the EISENSTEIN INTEGERS +1, 
+w, +w°, where 


w = }(-1+iv3) 
w? = 1(-1-iv3). 


see also EISENSTEIN INTEGER, EISENSTEIN PRIME 
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Elastica 

The elastica formed by bent rods and considered in phys- 
ics can be generalized to curves in a RIEMANNIAN MAN- 
IFOLD which are a CRITICAL POINT for 


P*(y) = Je +A), 


where k is the GEODESIC CURVATURE of y, À is a REAL 
NUMBER, and y is closed or satisfies some specified 
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boundary condition. The curvature of an elastica must 
satisfy 


0 = 2K" (8) + "(s) + 2x(s)G(s) — Ak(s), 


where « is the signed curvature of y, G(s) is the GAUS- 
SIAN CURVATURE of the oriented Riemannian surface M 
along y, K” is the second derivative of k with respect to 
s, and A is a constant. 


References 

Barros, M. and Garay, O. J. “Free Elastic Parallels in a Sur- 
face of Revolution.” Amer. Math. Monthly 103, 149-156, 
1996. 

Bryant, R. and Griffiths, P. “Reduction for Constrained Vari- 
ational Problems and $ (k?/s) ds.” Amer. J. Math. 108, 
525-570, 1986. 

Langer, J. and Singer, D. A. “Knotted Elastic Curves in R3.” 
J. London Math. Soc. 30, 512-520, 1984. 

Langer, J. and Singer, D. A. “The Total Squared of Closed 
Curves.” J. Diff. Geom. 20, 1-22, 1984. 


Elation 
A perspective COLLINEATION in which the center and 
axis are incident. 


see also HOMOLOGY (GEOMETRY) 


Elder’s Theorem 

A generalization of STANLEY’S THEOREM. It states that 
the total number of occurrences of an INTEGER k among 
all unordered PARTITIONS of n is equal to the number 
of occasions that a part occurs k or more times in a 
PARTITION, where a PARTITION which contains r parts 
that each occur k or more times contributes r to the 
sum in question. 


see also STANLEY’S THEOREM 
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Election 
see EARLY ELECTION RESULTS, VOTING 


Electric Motor Curve 
see DEVIL’S CURVE 


Element 

If x is a member of a set A, then z is said to be an 
element of A, written x € A. If x is not an element of 
A, this is written xz ¢ A. The term element also refers to 
a particular member of a GROUP, or entry in a MATRIX. 


Elementary Symmetric Function 


Elementary Function 

A function built up of compositions of the EXPONENTIAL 
FUNCTION and the TRIGONOMETRIC FUNCTIONS and 
their inverses by ADDITION, MULTIPLICATION, DIVI- 
SION, root extractions (the ELEMENTARY OPERATIONS) 
under repeated compositions. Not all functions are el- 
ementary. For example, the NORMAL DISTRIBUTION 
FUNCTION 


(r) = —— 


is a notorious example of a nonelementary function. 
Nonelementary functions are called TRANSCENDENTAL 
FUNCTIONS. 


see also ALGEBRAIC FUNCTION, ELEMENTARY OPER- 
ATION, ELEMENTARY SYMMETRIC FUNCTION, TRANS- 
CENDENTAL FUNCTION 
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Elementary Matrix 
The elementary MATRICES are the PERMUTATION MA- 
TRIX p,, and the SHEAR MATRIX ¢;;,. 


Elementary Operation 
One of the operations of ADDITION, SUBTRACTION, 
MULTIPLICATION, DIVISION, and root extraction. 


see also ALGEBRAIC FUNCTION, ELEMENTARY FUNC- 
TION 


Elementary Symmetric Function 
The elementary symmetric functions II, on n variables 
{21,...,2n} are defined by 


Il, = y Ti (1) 


1<i<mn 

Il. = `^ LL 5 (2) 
1<i<j<m 

Is = y LLL (3) 
1<i<j<k<n 

Il; = y, Tit ERTI (4) 


1<icj<k<l<n 


Il, 


IEZ (5) 


i<i<n 


Alternatively, II; can be defined as the coefficient of 
xz”? in the GENERATING FUNCTION 


[| +=». (6) 


1<i<n 


Elements 


The elementary symmetric functions satisfy the relation- 
ships 


Tt 


yee = Te? om 211 (7) 
i=1 
Sa? = Th? — 3H, Ho + 31s (8) 
i=1 


Dae = Ti" = 4I I + 211,* + AIT, II; — 4 II, (9) 


i=l 


(Beeler et al. 1972, Item 6). 


see also FUNDAMENTAL THEOREM OF SYMMET- 
RIC FUNCTIONS, NEWTON’S RELATIONS, SYMMETRIC 
FUNCTION 
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Elements 

The classic treatise in geometry written by Euclid and 
used as a textbook for more than 1,000 years in western 
Europe. The Elements, which went through more than 
2,000 editions and consisted of 465 propositions, are di- 
vided into 13 “books” (an archaic word for “chapters”). 


triangles 
rectangles 
Circles 


polygons 


proportion 
similarity 
number theory 
solid geometry 
pyramids 
platonic solids 


The elements started with 23 definitions, five POSTU- 
LATES, and five “common notions,” and systematically 
built the rest of plane and solid geometry upon this foun- 
dation. The five EUCLID’S POSTULATES are 


1. It is possible to draw a straight LINE from any POINT 
to another POINT. 


2. It is possible to produce a finite straight LINE con- 
tinuously in a straight LINE. 


3. It is possible to describe a CIRCLE with any CENTER 
and RADIUS. 


4, All RIGHT ANGLES are equal to one another. 


5. Ifa straight LINE falling on two straight LINES makes 
the interior ANGLES on the same side less than two 
RIGHT ANGLES, the straight LINES (if extended in- 
definitely) meet on the side on which the ANGLES 
which are less than two RIGHT ANGLES lie. 
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(Dunham 1990). Euclid’s fifth postulate is known as the 
PARALLEL POSTULATE. After more than two millennia 
of study, this POSTULATE was found to be independent 
of the others. In fact, equally valid NON-EUCLIDEAN 
GEOMETRIES were found to be possible by changing the 


‘assumption of this POSTULATE. Unfortunately, Euclid’s 


postulates were not rigorously complete and left a large 
number of gaps. Hilbert needed a total of 20 postulates 
to construct a logically complete geometry. 


see also PARALLEL POSTULATE 
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Elevator Paradox 

A fact noticed by physicist G. Gamow when he had an 
office on the second floor and physicist M. Stern had 
an office on the sixth floor of a seven-story building 
(Gamow and Stern 1958, Gardner 1986). Gamow no- 
ticed that about 5/6 of the time, the first elevator to 
stop on his floor was going down, whereas about the 
same fraction of time, the first elevator to stop on the 
sixth floor was going up. This actually makes perfect 
sense, since 5 of the 6 floors 1, 3, 4, 5, 6, 7 are above the 
second, and 5 of the 6 floors 1, 2, 3, 4, 5, 7 are below the 
sixth. However, the situation takes some unexpected 
turns if more than one elevator is involved, as discussed 


by Gardner (1986). 
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Elkies Point 

Given POSITIVE numbers sa, Sẹ, and se, the Elkies point 
is the unique point Y in the interior of a TRIANGLE 
AABC such that the respective INRADII ra, Tb, Te Of 
the TRIANGLES ABYC, ACY A, and AAY B satisfy ra : 
METE By LES 


see also CONGRUENT INCIRCLES POINT, INRADIUS 
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Ellipse 


ha 
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e directrix 
es 7 


2 


major axis 


A curve which is the Locus of all points in the PLANE 
the SUM of whose distances rı and r2 from two fixed 
points Fy and F} (the Foc!) separated by a distance of 
2c is a given POSITIVE constant 2a (left figure). This re- 
sults in the two-center BIPOLAR COORDINATE equation 


ri + 12 = 2a, (1) 


where a is the SEMIMAJOR AXIS and the ORIGIN of the 
coordinate system is at one of the FociI. The ellipse 
can also be defined as the LOCUS of points whose dis- 
tance from the FOCUS is proportional to the horizontal 
distance from a vertical line known as the DIRECTRIX 
(right figure). 


The ellipse was first studied by Menaechmus, investi- 
gated by Euclid, and named by Apollonius. The Focus 
and DIRECTRIX of an ellipse were considered by Pap- 
pus. In 1602, Kepler believed that the orbit of Mars 
was OVAL; he later discovered that it was an ellipse with 
the Sun at one Focus. In fact, Kepler introduced the 
word “FOCUS” and published his discovery in 1609. In 
1705 Halley showed that the comet which is now named 
after him moved in an elliptical orbit around the Sun 
(MacTutor Archive). 


A ray passing through a FOCUS will pass through the 
other focus after a single bounce. Reflections not passing 
through a Focus will be tangent to a confocal HYPER- 
BOLA or ELLIPSE, depending on whether the ray passes 
between the Foc! or not. Let an ellipse he along the 
x-AXIS and find the equation of the figure (1) where rı 
and r2 are at (—c,0) and (c,0). In CARTESIAN COOR- 
DINATES, 


Vlet) ty + Je +y =a (2) 


Bring the second term to the right side and square both 
sides, 


(a+) +y? = 4a-—4ay (a — c)? + y24+(2—c) +y". (3) 


Now solve for the SQUARE ROOT term and simplify 
(x — e)? + y? 
1 
= -z0 +2zc+ e +y’ —da — 2? + 2ec— ey’) 
=- (4zc— 4a) =a- Ĉs. (4) 


Ellipse 


Square one final time to clear the remaining SQUARE 
Roor, 


2 
c 
z? — 2e + e +y’ = a? — 2ce + Lg. (5) 
a 
Grouping the x terms then gives 
2 a? = c? 
E 3 


+y sae, (6) 
which can be written in the simple form 
ll (7) 
Defining a new constant 

be =a’ e (8) 


puts the equation in the particularly simple form 


q? 2 

+ SL (9) 
The parameter b is called the SEMIMINOR AXIS by anal- 
ogy with the parameter a, which is called the SEMIMA- 
JOR AXIS. The fact that b as defined above is actu- 
ally the SEMIMINOR AXIS is easily shown by letting rı 
and r2 be equal. Then two RIGHT TRIANGLES are pro- 
duced, each with HYPOTENUSE a, base c, and height 
b = ya? — c?. Since the largest distance along the MI- 
NOR AXIS will be achieved at this point, 6 is indeed the 
SEMIMINOR AXIS. 


If, instead of being centered at (0, 0), the CENTER of 
the ellipse is at (to, yo), equation (9) becomes 


(2-2), (v-v) _ | (10) 


As can be seen from the CARTESIAN EQUATION for the 
ellipse, the curve can also be given by a simple paramet- 
ric form analogous to that of a CIRCLE, but with the x 
and y coordinates having different scalings, 


x= acost (11) 
y = bsint. | (12) 


The unit TANGENT VECTOR of the ellipse so parame- 
terized is 


a ETR asint (13) 


4/ b2 cos? t + a? sin? t 


bcost 
Vb? cos? t + a? sin? t 


A sequence of NORMAL and TANGENT VECTORS are 
plotted below for the ellipse. 


yr (t) = (14) 


Ellipse 


UR | O > N 
SER zan 
LRES 7 


ane ap 


curve rotated by angle 8 
For an ellipse centered at the ORIGIN but inclined at 
an arbitrary ANGLE @ to the x-Axis, the parametric 
equations are 


x| | cosó sin@| | acost 
y| |—sin9 cos@| | bsint 
B | acos@cost + bsin O sint | 


—a sin ĝ cost + bcos 0 sint (15) 


“5 


In POLAR COORDINATES, the ANGLE 6’ measured from 
the center of the ellipse is called the ECCENTRIC AN- 
GLE. Writing r’ for the distance of a point from the 
ellipse center, the equation in POLAR COORDINATES is 
just given by the usual 


z = r' cosh’ (16) 
y=r sing’. (17) 


Here, the coordinates 6’ and r' are written with primes 
to distinguish them from the more common polar co- 
ordinates for an ellipse which are centered on a focus. 
Plugging the polar equations into the Cartesian equa- 
tion (9) and solving for r’? gives 


E b? a? 


SS a 18 
b? cos? 6! + a? sin? 6 Ca 


Define a new constant 0 < e < 1 called the ECCENTRIC- 
ITY (where e = 0 is the case of a CIRCLE) to replace 
b 


e=4/1->, (19) 
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from which'it:also. follows from (8) that 


ee =a —P=c (20) 
c= ae (21) 
b?=a*(1—e?). (22) 


Therefore (18) can be written as. 


274. 2 
2 a“(1— e°) 

T= T) (23) 
] = e? 

=a 2 (24) 


1— e? cos? 6’ 


Ife < 1, then 


L e*[5 + 3.cos(20’)] sin? 6’ +...}, 
(25) 


1 2 + 2 of 
r = a{1l— $e’ sin’ & — 


so ] l 
Ar a— r 2.:.2p! 
— = x že sin’ 0”. (26) 
a a 


= a(l — e) 


If r and 0 are measured from a FOCUS instead of from 
the center, as they commonly are in orbital mechanics, 
then the equations of the ellipse are 


T 


y 


c+rcosé | (27) 
r sin 0, (28) 


and (9) becomes 


(c+rcosg)?  r”sin*0 
E IR 


= E (29) 
Clearing the DENOMINATORS gives 


b’ (c + 2er cos 0 + r° cos” 6) + a7r” sin” 0 = ab? (30) 
2 cos? @ = ab". 

(31) 
Plugging in (21) and (22) to re-express b and c in terms 
of a and e, 


btc? +2rcb? cos O +b*r* cos? O+a*r?—a?*r 


a? (1 —e”)a7e? + 2aea* (1—e*)rcos0+a*(1— e”)r? cos? 6 
e UI E. 


+a?r? — ar? cos? 0 = a*[a*(1—e*)]. (32) 
Simplifying, 

-r?° + [er cos@ — a(1 — e)? =0 (33) 

r = +[er cos — a(1 — e”)}. (34) 


The sign can be determined by requiring that r must be 
POSITIVE. When e = 0, (34) becomes r = +(—a), but 
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since a is always POSITIVE, we must take the NEGATIVE 
sign, so (34) becomes 


r=a(1-—e”)-ercos8 (35) 

r(1 + ecos) = a(l — e”) (36) 
_ a(l—e?) E 
= Il+ecosg (31) 


The distance from a Focus to a point with horizontal 
coordinate x is found from 


a E, (38) 
r 
Plugging this into (37) yields 
r+e(e+z2) = a(l -— e°) (39) 
r=a(l—e’)—e(c+2). (40) 


Summarizing relationships among the parameters char- 
acterizing an ellipsé, 


b=av/1—e? = Va? — ce? (41) 
c= y a? — db? = ae (42) 


e=4/l-3=-2 (43) 


The ECCENTRICITY can therefore be interpreted as the 
position of the FOCUS as a fraction of the SEMIMAJOR 
AXIS. 


In PEDAL COORDINATES with the PEDAL POINT at the 
Focus, the equation of the ellipse is 


A y (44) 


To find the RADIUS OF CURVATURE, return to the para- 
metric coordinates centered at the center of the ellipse 
and compute the first and second derivatives, 


r = —asint (45) 
y =bcost (46) 
zr” = —a cost (47) 
“= —bsint. (48) 
Therefore, 
E (2? Eaz 


LY “DY 
e (a? sin? t + b? cos? t)?/? 
—asint(—bsint) — (a cos t) (b cos t) 
_ (a? sin? t + b? cos? per? 
= ab(sin? t + cos? t) 
(a? sin? t + b? cos? t)?” 


A (49) 


Ellipse 


Similarly, the unit TANGENT VECTOR is given by 


~ | -asi 1 
T= | pee (50) 
“ve \/ a? sin? t + b? cos? t 


The ARC LENGTH of the ellipse can be computed using 


s=] Aia] a? cos? t + b? sin? t dt 
b2 
=a | (1 — sin? t) + = sin” tdt 
b2 
a f 1- (1-5 | sin? t dt 
a 


a | 1 — e? sin? t dt = aK (t,e), (51) 


| 


where E is an incomplete ELLIPTIC INTEGRAL OF THE 
SECOND KIND. Again, note that t is a parameter which 
does not have a direct interpretation in terms of an AN- 
GLE. However, the relationship between the polar angle 
from the ellipse center 0 and the parameter t follows 


from 5 
0 = tan`! (2) = tan ? (= tant] ' (52) 
z a 


1 2 3 4 5 6 
This function is illustrated above with @ shown as the 
solid curve and t as the dashed, with b/a = 0.6. Care 
must be taken to make sure that the correct branch 
of the INVERSE TANGENT function is used. As can be 
seen, O weaves back and forth around t, with crossings 
occurring at multiples of 7/2. 


s(t} 
k(t) 
phi(t) 


| 


t t 
The CURVATURE and TANGENTIAL ANGLE of the ellipse 
are given by 


ab 
k= IG 93 
(b? cos? t + a? sin? t)3/2 ey) 
¢ = — tan`! E cos t) l (54) 
a 


Ellipse 


The entire PERIMETER p of the ellipse is given by setting 
t = 27 (corresponding to 9 = 27), which is equivalent to 
four times the length of one of the ellipse’s QUADRANTS, 


p=aE(2r,e) = 4aE( ir, e) = 4aE(e), (55) 


where E(e) is a complete ELLIPTIC INTEGRAL OF THE 
SECOND KIND with MODULUS k. The PERIMETER 
can be computed numerically by the rapidly converg- 
ing GAUSS-KUMMER SERIES 


p= nat b) X (+) hen 


n=0 


=n(a +b)(1+ 4h’ + thi + sch’ +...), (56) 


where 
E b 


— a+b 


(57) 


and (p) is a BINOMIAL COEFFICIENT. Approximations 
to the PERIMETER include 


EE TE (58) 


~ m[3(a + b) — y (a + 3b)(3a + b)] (59) 
3t 
= rla + b) ( T 10+ 4 3i =) , (60) 


where the last two are due to Ramanujan (1913-14), 


(=). (61) 


a+b 


and (60) is accurate to within ~ 3.271", 


The maximum and minimum distances from the Focus 
are called the APOAPSIS and PERIAPSIS, and are given 
by 


(iC Te ean Sah eee) (62) 
r_ = periapsis = a(1 — e). (63) 


The AREA of an ellipse may be found by direct INTE- 
GRATION 


a by/ al —e2 /a 2 op 
a= f J dydo= | = a? — x? dx 
2b 


~b,/a? -2?/a a 
ae y al — r? +a? sin’ = 
a |2 jal ued 
= abísin”* 1 — sin™*(—1)] = ab E — (=) = rab. 


(64) 


The AREA can also be computed more simply by making 
the change of coordinates x’ = (b/a)z and y' = y from 
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the elliptical region R to the new region R'. Then the 
equation becomes 


2 #2 
d: (Ea) oe cai, (65) 
or £’? + y? =b*, so R' is a CIRCLE of RADIUS b. Since 
si 
Ox Ox' BATA a 
Ba? = (=) a) =p 9) 


the JACOBIAN is 


Ox Oy’ 
de.) | _. | dz FAE p 0 a (67) 
0(2*,y”) Ox Oy O 1 b` 

dy’ = By’ 


The AREA is therefore 


1 dx dy = J | seed, | dz’ dy’ 
R R! 
= 2 IJ du dy' = 2 (nb?) = mab, (68) 
b JJa b 


as before. The AREA of an arbitrary ellipse given by the 
QUADRATIC EQUATION 


ax” + bay + cy? =1 (69) 
is 5 
J 
A= ~. 70 
V4ac — b? (70) 


The AREA of an ELLIPSE with semiaxes a and b with 
respect to a PEDAL POINT P is 


A = in(a’ +b’ + |OP|’). (71) 


The ellipse INSCRIBED in a given TRIANGLE and tangent 
at its MIDPOINTS is called the MIDPOINT ELLIPSE. The 
Locus of the centers of the ellipses INSCRIBED in a TRI- 
ANGLE is the interior of the MEDIAL TRIANGLE. New- 
ton gave the solution to inscribing an ellipse in a convex 
QUADRILATERAL (DGrrie 1965, p. 217). The centers of 
the ellipses INSCRIBED in a QUADRILATERAL all lie on 
the straight line segment joining the MIDPOINTS of the 
DIAGONALS (Chakerian 1979, pp. 136-139). 


The AREA of an ellipse with BARYCENTRIC COORDI- 
NATES (a, 8, y) INSCRIBED in a TRIANGLE of unit AREA 


is 
A =xay(1-29)(1 — 28)(1 — 2y). (72) 
(Chakerian 1979, pp. 142-145). 


The Locus of the apex of a variable CONE containing 
an ellipse fixed in 3-space is a HYPERBOLA through the 
Foci of the ellipse. In addition, the LOCUS of the apex 
of a CONE containing that HYPERBOLA is the original 
ellipse. Furthermore, the ECCENTRICITIES of the ellipse 
and HYPERBOLA are reciprocals. The LOCUS of centers 
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of a PAPPUS CHAIN of CIRCLES is an ellipse. Surpris- 
ingly, the locus of the end of a garage door mounted 
on rollers along a vertical track but extending beyond 
the track is a quadrant of an ellipse (the envelopes of 
positions is an ÁSTROID). 


see also CIRCLE, CONIC SECTION, ECCENTRIC 
ANOMALY, ECCENTRICITY, ELLIPTIC CONE, ELLIP- 
TIC CURVE, ELLIPTIC CYLINDER, HYPERBOLA, MID- 
POINT ELLIPSE, PARABOLA, PARABOLOID, QUADRATIC 
CURVE, REFLECTION PROPERTY, SALMON’S THEOREM, 
STEINER’S ELLIPSE 
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Ellipse Caustic Curve 
For an ELLIPSE given by 


T=rcost (1) 
y = sin £ (2) 


with light source at (x, 0), the CAUSTIC is 


J 
eu“, 
da 
ene” 


where 


Nz = 2rx(3 — Br”) + (—6r* + 6r? — 3x? + 9r 7) cos t 
+ 6ra(1 — r?) cos(2t) 


+ (—2r? + 2r* — 2? — 122?) cos(3t) (5) 
Da = 2r(1 + 2r” + 4x”) + 3x(1— 5r?) cost 

+ (6r + 6r?) cos(2t) + (1 — r°?) cos(3€) (6) 
Ny = 8r(-1+ r° — 2%) sin t (7) 


Dy = 2r(—1 — r° — 4x”) + 3(—2 + 5r?) cost 
+ 6r(1 — r*) cos(2t) + x(—1 + r°) cos(3¢). (8) 


Ellipse Envelope 


At (co, 0), 
p os t[-1 + 5r? — cos(2t)(1 + r?)] (9) 
4r 
y = sin" t. (10) 


n= — o. 


A E) (1) 


for c € [0,1]. The PARTIAL DERIVATIVE with respect to 
c is 
2r’ 2y? 


Se So 2 
c’ ? (1 — ej (2) 
q? y? 
== 3 
ce (1-0) (3) 
Combining (1) and (3) gives the set of equations 
1 
3 (107 | ha _ A (4) 
1 EN 1 2 0 
c (1033 y 
“l_lltas cas ||! 
Y] Al -3 4 0 
1 = 1 
AR ll (5) 
al ia 
where the DISCRIMINANT is 
AA A ee, EEE 


el-e AAA e(l- 


Ellipse Evolute 


|= lado] É 


Eliminating c then gives 


tyn, (8) 


so (5) becomes 


which is the equation of the ASTROID. If the curve is 
instead represented parametrically, then 


x= ccost (9) 
y = (1-—c)sint. (10) 
Solving 
Gedy _ dx dy 
Ot Oc Oc Ot 
= (—csint)(— sint) — (cost)[(1 — c} cost] 
= c(sin? t + cos’ t) — cos? t = c — cos’ t = 0 (11) 
for c gives 
c = cos’ t, (12) 
so substituting this back into (9) and (10) gives 
x = (cos? t) cost = cos” t - (13) 
y=(1- cos” t) sint = sin’ t, (14) 


the parametric equations of the ASTROID. 
see also ASTROID, ELLIPSE, ENVELOPE 


Ellipse Evolute 


The EVOLUTE of an ELLIPSE is given by the parametric 
equations 


2 b? 
y= cos? t (1) 
a 


Dos 
ae T sin’ t, (2) 


which can be combined and written 
(az)?/? + (by)?” 

= [(a? — 6?) cos? 2% + [(6? — a?) sin? 27 
= (a? — b°)?’ (sin? t+cos? t) = (a? — b°)? = c43, (3) 
which is a stretched ASTROID called the LAMÉ CURVE. 
From a point inside the EVOLUTE, four NORMALS can 


be drawn to the ellipse, but from a point outside, only 
two NORMALS can be drawn. 


see also ASTROID, ELLIPSE, EVOLUTE, LAMÉ CURVE 
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Ellipse Involute 


From ELLIPSE, the TANGENT VECTOR is 


—a sint 
iS | bcost | ; (1) 
and the ARC LENGTH is 
s= a | 1 — e? sin? t dt = aE(t, e), (2) 


where E(t,e) is an incomplete ELLIPTIC INTEGRAL OF 
THE SECOND KIND. Therefore, 


i -r-o e ~ aeE(t,e) poy (3) 


bsint bcost 


(4) 


_ | a{cost + aeH(t, e) sint} 
~ | b{sint — aeE(E, e) cost). 


Ellipse Pedal Curve 
The pedal curve of an ellipse with a FOCUS as the PEDAL 
POINT is a CIRCLE. 


Ellipsoid 


A QUADRATIC SURFACE which is given in CARTESIAN 
COORDINATES by 
q? y? ye 


a tpt aT 


1, (1) 


where the semi-axes are of lengths a, b, and c. In SPHER- 
ICAL COORDINATES, this becomes 


r° cos? sin? o r*sin?Osin?d r?cos? gp _ 


72 52 2 1. (2) 
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The parametric equations are 


x =acosÓsing (3) 
y = bsin@sin gd (4) 
z = ccos@. (5) 


The SURFACE AREA (Bowman 1961, pp. 31-32) is 


2b 


2— ¢2 


S =2re + [(a? — c? )E(6) + c70], (6) 


where E(0) is a COMPLETE ELLIPTIC INTEGRAL OF THE 
SECOND KIND, 


2 2 
oS] a (7) 
b2 _ n2 
ce = (8) 
€2 
k= a (9) 


and @ is given by inverting the expression 
e; =sn(0,k), (10) 


where sn(0,k) is a JACOBI ELLIPTIC FUNCTION. The 
VOLUME of an ellipsoid is 


V = rabe. (11) 


If two axes are the same, the figure is called a SPHEROID 
(depending on whether c < a or c > a, an OBLATE 
SPHEROID or PROLATE SPHEROID, respectively), and if 
all three are the same, it is a SPHERE. 


A different parameterization of the ellipsoid is the so- 
called stereographic ellipsoid, given by the parametric 
equations 


AS (TOY err 112) 
2bu 

y(u v) = 3 EE (13) 
2cu 

(uo) = a (14) 


A third parameterization is the Mercator parameteriza- 
tion 
z(u,v) = asechv cos u (15) 
y(u,v) = bsech vsin u (16) 
z(u,v) = ctanh v (17) 


Elli psoid Geodesic 


(Gray 1993). 


The SUPPORT FUNCTION of the ellipsoid is 
2 2 2\ —1/2 
n= (H+ 045) (18) 


and the GAUSSIAN CURVATURE is 


hô 
— be (19) 


(Gray 1993, p. 296). 


see also CONVEX OPTIMIZATION THEORY, OBLATE 
SPHEROID, PROLATE SPHEROID, SPHERE, SPHEROID 
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Ellipsoid Geodesic 
An ELLIPSOID can be specified parametrically by 


© = acosusinv (1) 
y = bsinusin uv (2) 
z = ccosv. (3) 


The GEODESIC parameters are then 


P = sin? u(t’ cos’ u +a’ sin” u) (4) 
Q = į (b? — a”) sin(2u) sin(2v) (5) 


R = cos? v(a* cos? u + b° sin? u) +c” sinf v. (6) 


When the coordinates of a point are on the QUADRIC 


2 


2 z 


2 
T Yy 
— +> + =l T 
a ás b id c (7) 
and expressed in terms of the parameters p and q of the 
confocal quadrics passing through that point (in other 
words, having a +p, b+p, c+p, and a+q, b+q, c+q for 
the squares of their semimajor axes), then the equation 


of a GEODESIC can be expressed in the form 
q dq 
gía + g)(b+g)te + q)(0 +4) 
pe =0, (8) 


Jue er COO ED) 


| LEAD | 
16 VAC (32 TURNS) 


= LEADZ 


Fig. 10-27. Rewinding guide. aign 3 È 16 vac (32 TURNS) 


LEAD 3 


i = LEAD 4 
f B VAC (16 TURNS) 
: = LEAD 5 


per volt your transformer has. If you were building transformers 
from scratch, you could use whatever value you desired, but two 
seem to be standard, as it has been the same on all of the transform- 
ers I've rewound. 

Remove all the rest of the windings except the primary, and, if 
it is covered with a copper foil shield, leave it in place. Wrap the 
primary winding with tape, and you're ready to start rewinding. 


Rewinding 

The number of turns needed for each winding is the turns per 
volt times the desired voltage. Figure 10-27 shows how I rewound 
my transformer. For the 16-volt windings I used # Formvar insu- 
lated wire, which will handle more than 3 Amps (Table 10-3). 
Plastic or enamel insulated wire or smaller sizes can also be used if 
your current requirements are lower. 

Wind the higher voltage winding first, leaving a foot or so for a 
connecting lead. Wind tightly and neatly until you reach the center 
tap (32 turns on a 2 turns-per-volt transformer), leave a loop about 
a foot long for the center tap, and then wind the second half of the 
winding with another one-foot lead at this end. If all of the turns 
won't fit on one layer, double back toward the beginning. Wrap this 
winding with tape. 

Wind the 8-volt winding next, using wire large enough to carry 
the required current (Table 10-3). I didn’t have any #10 but did 
have plenty of #16, so I used 3 strands of #16 loosely twisted 
together, which should handle more than 10 amps. Slip some 
insulation over the leads, and tag them for identification. I used 


14.8 Amps 
9.3 Am . 
5.8 fakas | Table 10-3. Current-Carrying 
3.7 Amps Capacity of Wires in Transformers. 
2.3 Amps 
1.4 Amps 
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Ellipsoidal Calculus 


with @ an arbitrary constant, and the ARC LENGTH el- 
ement ds is given by 


ds dq 
pa alatta) 
dp 


Y — A, (9) 
pla + p)(b + p)(c + p)(0 + p) 


where upper and lower signs are taken together. 


see also OBLATE SPHEROID GEODESIC, SPHERE GEO- 
DESIC 
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Ellipsoidal Calculus 

Ellipsoidal calculus is a method for solving problems 
in control and estimation theory having unknown but 
bounded errors in terms of sets of approximating 
ellipsoidal-value functions. Ellipsoidal calculus has been 
especially useful in the study of LINEAR PROGRAMMING. 
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Ellipsoidal Coordinates 
see CONFOCAL ELLIPSOIDAL COORDINATES 


Ellipsoidal Harmonic 


see ELLIPSOIDAL HARMONIC OF THE FIRST KIND, EL- 
LIPSOIDAL HARMONIC OF THE SECOND KIND 


Ellipsoidal Harmonic of the First Kind 

The first solution to LAME’S DIFFERENTIAL EQUATION, 
denoted Ep (x) for m = 1, ..., 2n +1. They are also 
called LAME FUNCTIONS. The product of two ellipsoidal 
harmonics of the first kind is a SPHERICAL HARMONIC. 
Whittaker and Watson (1990, pp. 536-537) write 


r? y? z? 
Op == —1 1 
P O a+b 40, A+ (1) 
a(o) = 0102 22 On, (2) 


and give various types of ellipsoidal harmonics and their 
highest degree terms as 


1. TI(O) : 2m 

2. II(O), yII(O), zH(O) : 2m + 1 

3. yzII(Q), zx1I1(0), eyII(O) : 2m + 2 
4. zyzll(O) : 2m +3. 
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A Lamé function of degree n may be expressed as 


m 


(0+ 02) (0+) +c’) "es (3) 


where k; = 0 or 1/2, ĝ; are REAL and unequal to each 
other and to —a?, —b*, and —c?, and 


in = m + Ki + K2 + K3. (4) 


Byerly (1959) uses the RECURRENCE RELATIONS to ex- 
plicitly compute some ellipsoidal harmonics, which he 
denotes by K(x), L(x), M(x), and N(z), 


Ko(x) =1 
Lol) =0 
Molz) = 0 
No(x) = 0 
Ki(1)=x 


Li¡(1) = y 2? — b? 

Mi(a) = yz? — e? 

Ni(z) =0 
KP (x) = 2? — ib? + c? — (b2 + c?)? — 362? ] 
KP? (x) = x? — 10 +c? + \/(b? + c2)? — 3b%?] 
Lo(x) = 1 yx? — b? 

M2(x) =2Y 1? — 0 

Misal ==.) 
K?" (x) = z? — Eaj2(b* + e”) 

4(b? + c2)? — 15b?c? | 

KF? (x) = 2° — hx[2(0% + c”) 


+ /4(b? + 02)? — 15b2c? | 


LY (x) = y z? — b?[a? — 2 (b? + 2c” 
— 4/(b? + 2c?)2 — 5b?c? )] 
LP (x) = ya? — dela? — 2 (b? + 2c* 
(b2 + 2c?)? — 5b2c? J] 
MP (x) = y 2? — celu? — £(2b7 +? 


(2b? + c?)? — 5b?c? )] 
MP (x) = yz? — la? — 2 (20? +? 
(2b? + c2)? — 5b?c? )] 


MP (x) = z4/ (x? — b?) (1? — c?) 


see also ELLIPSOIDAL HARMONIC OF THE SECOND 
KIND, STIELTJES’ THEOREM 
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Ellipsoidal Harmonic of the Second Kind 
Given by 


FP (x) = (2m + 1)87, (a) 


co dx 
«| (x? — b2)(x? — c?)[E®, (x)]?’ 


Elliptic Alpha Function 

Elliptic alpha functions relate the complete ELLIPTIC 
INTEGRALS OF THE FIRST K(k,) and SECOND KINDS 
E(k,) at ELLIPTIC INTEGRAL SINGULAR VALUES kr ac- 
cording to 


B E'(k,) E T 
e Rk) ARE 2 
E(k,)yr 

(EP U et Ke) A 

= c= a ae KO 
7 03°(q) i 8) 

where 93(q) is a THETA FUNCTION and 
kp = A" (r) (4) 
q= e", (5) 


and A*(r) is the ELLIPTIC LAMBDA FUNCTION. The 
elliptic alpha function is related to the ELLIPTIC DELTA 
FUNCTION by 


a(r) = ¿[vr — ó(r)). (6) 
It satisfies 
a(4r) = (1+ kr) — 2/7 kr, (7) 


and has the limit 


lim fat) — =] =8 (vr - - ) eve (8) 


roo 


(Borwein et al. 1989). A few specific values (Borwein 
and Borwein 1987, p. 172) are 


Ellipsoidal Harmonic of the Second Kind 


Elliptic Alpha Function 


a(1) = 3 

a(2) = V2 -1 
a(3) = (v3 — 1) 

a(4) = 2(/2 -17 

a(5) = (v5 — y 2V5 — 2) 
a(6) = 5V6 + 6V3 — 8V2 — 11 
a(7) = į (VT = 2) 


a(8) = 2(10+ 7V42)(1 — y V8 -27 
a(9) = 1[3 — 3442 (v3 — 1)] 
a(10) = —103 + 7242 — 4645 + 334/10 
a (12) = 264 + 15443 — 188 V2 — 10846 
a(13) = 1(V13 — y 74V13 — 258) 
a(15) = 2(V15 — v5 — 1) 
4(V8 — 1) 


a (18) = —3057 + 2163V2 + 1764V3 — 1248V6 

a(22) = —12479 — 8824V2 + 3762411 + 2661422 

a(25) = ¿[1 — 25'/*(7 — 345 )] 

a(27) = 3[} (v3 + 1) — 2'”] 

a(30) = {v30 — (24+ V5)*(3 + V10)? 
x (-6 — 5V2 — 3V5 — 2V10 + v6 y 57 + 40V2) 
x [56 + 3842 + V30(2 + v5 )(3 + v10 )}} 

a(37) = 1[W37 — (171 — 25437) V V37 — 6] 


2 
a(49) = 
7[V2 73/4(33011 + 12477V7 ) — 21(9567 + 3616V7 )] 
a(46) = 1[V46 + (18 + 1342 + y 661 + 468-2)’ 
x (18 + 1342 — 342 Y/ 147 + 10442 + y 661 + 468V2 ) 


x (200 + 1442 + 2623 + 18446 + vV46y/ 661 + 468V2 )] 
a (58) = [4 (V29 + 5)]'(99429 — 444)(9942 — 70 — 13/29) 
= 3(-40768961 + 2882800842 — 757060629 
+ 5353227 V58) 
8[2(v8 — 1) — (2*4 — 1)*] 


(y V2 + 1 + 25/8)4 


J. Borwein has written an ALGORITHM which uses lat- 
tice basis reduction to provide algebraic values for a(n). 


a(16) = 


wj 


a(64) = 


see also ELLIPTIC INTEGRAL OF THE FIRST KIND, EL- 
LIPTIC INTEGRAL OF THE SECOND KIND, ELLIPTIC IN- 
TEGRAL SINGULAR VALUE, ELLIPTIC LAMBDA FUNC- 
TION 
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Elliptic Cone 


£ Weisstein, E. W. “Elliptic Singular Values.” http://www. 
astro.virginia.edu/-eww6n/math/notebooks/Elliptic 
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Elliptic Cone 


A CONE with ELLIPTICAL CROSS-SECTION. The para- 
metric equations for an elliptic cone of height h, SEMI- 
MAJOR AXIS a, and SEMIMINOR AXIS 6 are 


x = (h—-z)acosé 
y = (h — z)bsin 8 
AAA 


where 0 € [0,27) and z € [0, h]. 


see also CONE, ELLIPTIC CYLINDER, 
PARABOLOID, HYPERBOLIC PARABOLOID 


ELLIPTIC 
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Elliptic Cone Point 
see ISOLATED SINGULARITY 


Elliptic Curve 

Informally, an elliptic curve is a type of CUBIC CURVE 
whose solutions are confined to a region of space which 
is topologically equivalent to a TORUS. Formally, an 
elliptic curve over a FIELD K is a nonsingular CUBIC 
CURVE in two variables, f(X, Y) = 0, with a K-rational 
point (which may be a point at infinity). The FIELD 
K is usually taken to be the COMPLEX NUMBERS C, 
REALS R, RATIONALS Q, algebraic extensions of Q, p- 
ADIC NUMBERS Q,, or a FINITE FIELD. 


By an appropriate change of variables, a general elliptic 
curve over a FIELD of CHARACTERISTIC Æ 2,3 


Ar? + Bay + Cay” + Dy? + Ex’ 
+Fry + Gy +Hr+Iy+J=0, (1) 


where A, B, ..., are elements of K, can be written in 
the form 

y? =x" +ar +b, (2) 
where the right side of (2) has no repeated factors. If K 
has CHARACTERISTIC three, then the best that can be 


done is to transform the curve into 


y = r? +ar +br +c (3) 
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(the x% term cannot be eliminated). If K has CHAR- 
ACTERISTIC two, then the situation is even worse. A 
general form into which an elliptic curve over any K 
can be transformed is called the WEIERSTRASB FORM, 
and is given by 


y + ay = r? + br’ + cry + dr +e, (4) 


where a, b, c, d, and e are elements of K. Luckily, Q, 
R, and C all have CHARACTERISTIC zero. 


Whereas CONIC SECTIONS can be parameterized by the 
rational functions, elliptic curves cannot. The simplest 
parameterization functions are ELLIPTIC FUNCTIONS. 
ABELIAN VARIETIES can be viewed as generalizations 
of elliptic curves. 


If the underlying FIELD of an elliptic curve is algebraic- 
ally closed, then a straight line cuts an elliptic curve at 
three points (counting multiple roots at points of tan- 
gency). If two are known, it is possible to compute the 
third. If two of the intersection points are K-RATIONAL, 
then so is the third. Let (zı, yı) and (z2, y2) be two 
points on an elliptic curve E with DISCRIMINANT 


Ag = —16(4a? + 27b°) (5) 


satisfying 
Ag # 0. (6) 
A related quantity known as the j-INVARIANT of E is 
defined as eer 
2° 3° a 
HE) = 


T 4a3 +2762 (7) 


Now define 


ya) aa for zı Æ x2 (8) 
37142 for zı = £2. 


Then the coordinates of the third point are 


03 = àX —2%1 — 22 (9) 
Ya = Az3 — T1) + yı. (10) 
For elliptic curves over Q, Mordell proved that there are 


a finite number of integral solutions. The MORDELL- 
WEIL THEOREM says that the GROUP of RATIONAL 
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POINTS of an elliptic curve over Q is finitely generated. 
Let the ROOTS of y? be ri, r2, and r3. The discriminant 
is then 


Ay= k(ri = r2) (rı Sa ra) (ro qe ray. (11) 


The amazing TANIYAMA-SHIMURA CONJECTURE states 
that all rational elliptic curves are also modular. This 
fact is far from obvious, and despite the fact that the 
conjecture was proposed in 1955, it was not proved until 
1995. Even so, Wiles’ proof surprised most mathemati- 
cians, who had believed the conjecture unassailable. As 
a side benefit, Wiles’ proof of the TANIYAMA-SHIMURA 
CONJECTURE also laid to rest the famous and thorny 
problem which had baffled mathematicians for hundreds 
of years, FERMAT’S LAST THEOREM. 


Curves with small CONDUCTORS are listed in Swinner- 
ton-Dyer (1975) and Cremona (1997). Methods for com- 
puting integral points (points with integral coordinates) 
are given in Gebel et al. and Stroeker and Tzanakis 
(1994). 


see also ELLIPTIC CURVE GROUP Law, FER- 
MAT’S LAST THEOREM, FREY CURVE, 7-INVARIANT, 
MINIMAL DISCRIMINANT, MORDELL-WEIL ‘THEOREM, 
OCHOA CURVE, RIBET’S THEOREM, SIEGEL’S THE- 
OREM, SWINNERTON-DYER CONJECTURE, TANIYAMA- 
SHIMURA CONJECTURE, WEIERSTRAS FORM 
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Elliptic Curve Group Law 
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Elliptic Curve Factorization Method 

A factorization method, abbreviated ECM, which com- 
putes a large multiple of a point on a random ELLIPTIC 
CURVE modulo the number to be factored N. It tends 
to be faster than the POLLARD p FACTORIZATION and 
POLLARD p — 1 FACTORIZATION METHOD. 


see also ATKIN-GOLDWASSER-KILIAN-MORAIN CER- 
TIFICATE, ELLIPTIC CURVE PRIMALITY PROVING, EL- 
LIPTIC PSEUDOPRIME 
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Elliptic Curve Group Law 
The GROUP of an ELLIPTIC CURVE which has been 
transformed to the form 


y? =x’ +ar +b 


is the set of K-RATIONAL POINTS, including the single 
POINT AT INFINITY. The group law (addition) is de- 
fined as follows: Take 2 K-RATIONAL POINTS P and Q. 
Now ‘draw’ a straight line through them and compute 
the third point of intersection R (also a K-RATIONAL 
POINT). Then 

P+Q+R=0 


gives the identity point at infinity. Now find the inverse 
of R, which can be done by setting R = (a,b) giving 
-R = (a, —b). 


This remarkable result is only a special case of a more 
general procedure. Essentially, the reason is that this 


Elliptic Curve Primality Proving 


type of ELLIPTIC CURVE has a single point at infinity 
which is an inflection point (the line at infinity meets 
the curve at a single point at infinity, so it must be an 
intersection of multiplicity three). 


Elliptic Curve Primality Proving 

A class of algorithm, abbreviated ECPP, which provides 
certificates of primality using sophisticated results from 
the theory of ELLIPTIC CURVES. A detailed description 
and list of references are given by Atkin and Morain 


(1990, 1993). 


Adleman and Huang (1987) designed an independent 
algorithm using elliptic curves of genus two. 


see also ATKIN-GOLDWASSER-KILIAN-MORAIN CER- 
TIFICATE, ELLIPTIC CURVE FACTORIZATION METHOD, 
ELLIPTIC PSEUDOPRIME 


References 

Adleman, L. M. and Huang, M. A. “Recognizing Primes in 
Random Polynomial Time.” In Proc. 19th STOC, New 
York City, May 25-27, 1986. New York: ACM Press, 
pp. 462-469, 1987. 

Atkin, A. O. L. Lecture notes of a conference, Boulder, CO, 
Aug. 1986. 

Atkin, A. O. L. and Morain, F. “Elliptic Curves and Primal- 
ity Proving.” Res. Rep. 1256, INRIA, June 1990. 

Atkin, A. O. L. and Morain, F. “Elliptic Curves and Primal- 
ity Proving.” Math. Comput. 61, 29-68, 1993. 

Bosma, W. “Primality Testing Using Elliptic Curves.” 
Techn. Rep. 85-12, Math. Inst., Univ. Amsterdam, 1985. 
Chudnovsky, D. V. and Chudnovsky, G. V. “Sequences of 
Numbers Generated by Addition in Formal Groups and 
New Primality and Factorization Tests.” Res. Rep. RC 

11262, IBM, Yorktown Heights, NY, 1985. 

Cohen, H. Cryptographie, factorisation et primalité: 
l'utilisation des courbes elliptiques. Paris: C. R. J. Soc. 
Math. France, Jan. 1987. 

Kaltofen, E.; Valente, R.; and Yui, N. “An Improved Las 
Vegas Primality Test.” Res. Rep. 89-12, Rensselaer Poly- 
technic Inst., Troy, NY, May 1989. 


Elliptic Cylinder 


A CYLINDER with ELLIPTICAL CROSS-SECTION. The 
parametric equations for an elliptic cylinder of height h, 
SEMIMAJOR AXIS a, and SEMIMINOR AXIS b are 


xz = acos 
y = bsinð 
2. 
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where 9 € [0, 27) and z € (0, Al. 
see also CONE, CYLINDER, ELLIPTIC CONE, ELLIPTIC 


PARABOLOID 


Elliptic Cylindrical Coordinates 


> v=3112 


The v coordinates are the asymptotic angle of confocal 
PARABOLA segments symmetrical about the z axis. The 
u coordinates are confocal ELLIPSES centered on the ori- 


gin. 


x = a cosh u cos v (1) 
y = asinh usin v (2) 
eo (3) 


where u € (0,00), v € [0, 2), and z € (—00, 00). They 


are related to CARTESIAN COORDINATES by 


e E =i (4) 
a? cosh*u  a@a?sinh^ u 
2 2 
— = = =e (5) 
a? cos? v  a?sintv 


The SCALE FACTORS are 


hı = ay cosh? usin? v + sinh? u cos? v (6) 


cosh(2u) — cos(2v) 
2 


ay sinh? u + sin? v (8) 


h2 = ay sinh? u sin? v + sinh? u cos? v (9) 


cosh(2u) — cos(2v) 


= - (10) 
= ay sinh? u + sin? v (11) 
hz = 1. (12) 


The LAPLACIAN is 


2 1 3? o? o” 
ef AA +. (1 
ll a?(sinh? u + sin? v) E = Z) ur (13) 
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Let 
qı = cosh u (14) 
q2 = cosv (15) 
q3 = 2. (16) 


Then the new SCALE FACTORS are 


qı“ — q2 
ha =a PET (17) 
qı? — q2* 
Rao = a I-ga? (18) 
hgy =k (19) 


The HELMHOLTZ DIFFERENTIAL EQUATION is SEPARA- 
BLE. 


see also CYLINDRICAL COORDINATES, HELMHOLTZ DIF- 
FERENTIAL EQUATION—ELLIPTIC CYLINDRICAL Co- 
ORDINATES 
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Elliptic Delta Function 


ó(r) = yr — 2a(r), 
where a is the ELLIPTIC ALPHA FUNCTION. 


see also ELLIPTIC ALPHA FUNCTION, ELLIPTIC INTE- 
GRAL SINGULAR VALUE 
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Elliptic Exponential Function 
The inverse of the ELLIPTIC LOGARITHM 


eln (zx 


e =a 
= Ja [VB + at? + bt 


It is doubly periodic in the COMPLEX PLANE. 


Elliptic Fixed Point (Differential Equations) 
A FIXED POINT for which the STABILITY MATRIX is 
purely IMAGINARY, A+ = +iw (for w > 0). 

see also DIFFERENTIAL EQUATION, FIXED POINT, HY- 
PERBOLIC FIXED POINT (DIFFERENTIAL EQUATIONS), 
PARABOLIC FIXED POINT, STABLE IMPROPER NODE, 
STABLE NODE, STABLE SPIRAL POINT, STABLE STAR, 
UNSTABLE IMPROPER NODE, UNSTABLE NODE, UNSTA- 
BLE SPIRAL POINT, UNSTABLE STAR 
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Elliptic Function 


Elliptic Fixed Point (Map) 
A FIXED POINT of a LINEAR TRANSFORMATION (MAP) 
for which the rescaled variables satisfy 


($ — a)? + 46y <0. 


see also HYPERBOLIC FIXED POINT (MAP), LINEAR 
TRANSFORMATION, PARABOLIC FIXED POINT 


Elliptic Function 
A doubly periodic function with periods 2w1 and 2w2 
such that 


f(z + 2w1) = f(z + 2402) = f(z), (1) 


which is ANALYTIC and has no singularities except for 
POLES in the finite part of the COMPLEX PLANE. The 
ratio w; /w2 must not be purely real. If this ratio is real, 
the function reduces to a singly periodic function if it is 
rational and a constant if the ratio is irrational (Jacobi, 
1835). wı and we are labeled such that S(w2/wi) > 0. A 
“cell” of an elliptic function is defined as a parallelogram 
region in the COMPLEX PLANE in which the function is 
not multi-valued. Properties obeyed by elliptic functions 
include 


1. The number of POLES in a cell is finite. 
2. The number of ROOTS in a cell is finite. 
3. The sum of RESIDUES in any cell is 0. 
4 


. LIOUVILLE’S ELLIPTIC FUNCTION THEOREM: An el- 
liptic function with no POLES in a cell is a constant. 


5. The number of zeros of f(z) —c (the “order” ) equals 
the number of POLES of f(z). 


6. The simplest elliptic function has order two, since a 
function of order one would have a simple irreducible 
POLE, which would need to have a NONZERO residue. 
By property (3), this is impossible. 

7. Elliptic functions with a single POLE of order 2 with 
RESIDUE 0 are called WEIERSTRA’ ELLIPTIC FUNC- 
TIONS. Elliptic functions with two simple POLES 
having residues ay and —ao are called JACOBI EL- 
LIPTIC FUNCTIONS. 


8. Any elliptic function is expressible in terms of ei- 
ther WEIERSTRAB ELLIPTIC FUNCTION or JACOBI 
ELLIPTIC FUNCTIONS. 


9. The sum of the AFFIXES of ROOTS equals the sum 
of the AFFIXES of the POLES. 


10. An algebraic relationship exists between any two el- 
liptic functions with the same periods. 


The elliptic functions are inversions of the ELLIPTIC IN- 
TEGRALS. The two standard forms of these functions 
are known as JACOBI ELLIPTIC FUNCTIONS and WEIER- 
STRABR ELLIPTIC FUNCTIONS. JACOBI ELLIPTIC FUNC- 
TIONS arise as solutions to differential equations of the 
form 

dix 2 3 


Elliptic Functional 


and WEIERSTRASK ELLIPTIC FUNCTIONS arise as solu- 
tions to differential equations of the form 


2 
oo L A+ Br+ Oa? (3) 


see also ELLIPTIC CURVE, ELLIPTIC INTEGRAL, JACOBI 
ELLIPTIC FUNCTIONS, LIOUVILLE’S ELLIPTIC FUNC- 
TION THEOREM, MODULAR FORM, MODULAR FUNC- 
TION, NEVILLE THETA FUNCTION, THETA FUNCTION, 
WEIERSTRAB ELLIPTIC FUNCTIONS 
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Elliptic Functional 
see COERCIVE FUNCTIONAL 
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Elliptic Geometry 

A constant curvature NON-EUCLIDEAN GEOMETRY 
which replaces the PARALLEL POSTULATE with the 
statement “through any point in the plane, there exist 
no lines PARALLEL to a given line.” Elliptic geometry is 
sometimes also called RIEMANNIAN GEOMETRY. It can 
be visualized as the surface of a SPHERE on which “lines” 
are taken as GREAT CIRCLES. In elliptic geometry, the 
sum of angles of a TRIANGLE is > 180°. 


see also EUCLIDEAN GEOMETRY, HYPERBOLIC GEOM- 
ETRY, NON-EUCLIDEAN GEOMETRY 


Elliptic Group Modulo p 

E(a, b)/p denotes the elliptic GROUP modulo p whose el- 
ements are 1 and co together with the pairs of INTEGERS 
(x,y) with 0 < z, y < p satisfying 


y =x" +az +b (mod p) (1) 
with a and b INTEGERS such that 
4a? + 27b? Æ 0 (mod p). (2) 
Given (z1, y1), define 
(zi, yi) = (21, y1)" (mod p). (3) 


The ORDER h of E(a,b)/p is given by 


t1 (E) +, (4) 


where (2% + ax + b/p) is the LEGENDRE SYMBOL, 
although this FORMULA quickly becomes impractical. 
However, it has been proven that 


p+1-2yp< h(Ela,b)/p) <p+1+2yp. (5) 


Furthermore, for p a PRIME > 3 and and INTEGER n in 
the above interval, there exists a and b such that 


h(E(a,b)/p) = n, (6) 


and the orders of elliptic GROUPS mod p are nearly uni- 
formly distributed in the interval. 
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532 Elliptic Hyperboloid 


A generalization of the HELICOID to the parametric 
equations 


z(u,v) = avcosu 
y(u, uv) = busin u 


z(u,v) = cu. 


see also HELICOID 
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Elliptic Hyperboloid 

The elliptic hyperboloid is the generalization of the Hy- 
PERBOLOID to three distinct semimajor axes. The ellip- 
tic hyperboloid of one sheet is a RULED SURFACE and 
has Cartesian equation 


te a (1) 


and parametric equations 


z(u,v) =ayl + u? cos y (2) 


y(u,v) =by 1 + u? sinv (3) 
z(u, v) = cu (4) 

for v € [0, 27), or 
z(u,v) = alcos u F vsin u) (5) 
y(u, v) = b(sinu + v cos u) (6) 
z(u,v) = tev, (7) 

or 

z(u,v) = a cosh v cos u (8) 
y(u,v) = bcosh vsin u (9) 
z(u,v) = csinhv. (10) 


The two-sheeted elliptic hyperboloid oriented along the 
z-AXIS has Cartesian equation 


2 2 =a S (11) 


and parametric equations 


gz = asinh u cos v (12) 
y = bsinh usin v (13) 
z = c+ coshu. (14) 


The two-sheeted elliptic hyperboloid oriented along the 
x-AXIS has Cartesian equation 


See ees a ot ee =] (15) 


Elliptic Integral 


and parametric equations 


x = a cosh u cosh v (16) 
y = bsinh u cosh v (17) 
z = csinhv. (18) 


see also HYPERBOLOID, RULED SURFACE 
References 


Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, pp. 296-297, 1993. 


Elliptic Integral 
An elliptic integral is an INTEGRAL of the form 


/ A(x) + B(z),/S(z) (1) 
C(z) + D(z),/S(z) ` 


A(x) dx 
J A (2) 
Blz)y5(z) 
where A, B, C, and D are POLYNOMIALS in z and S is 
a POLYNOMIAL of degree 3 or 4. Another form is 


or 


J R(w, 2) de, (3) 


where R is a RATIONAL FUNCTION of z and y, w* isa 
function of x CUBIC or QUADRATIC in g, R(w, x) con- 
tains at least one ODD POWER of w, and w” has no 
repeated factors. 


Elliptic integrals can be viewed as generalizations of the 
TRIGONOMETRIC FUNCTIONS and provide solutions to 
a wider class of problems. For instance, while the ARC 
LENGTH of a CIRCLE is given as a simple function of the 
parameter, computing the ARC LENGTH of an ELLIPSE 
requires an elliptic integral. Similarly, the position of a 
pendulum is given by a TRIGONOMETRIC FUNCTION as 
a function of time for small angle oscillations, but the 
full solution for arbitrarily large displacements requires 
the use of elliptic integrals. Many other problems in 
electromagnetism and gravitation are solved by elliptic 
integrals. 


A very useful class of functions known as ELLIPTIC | 
FUNCTIONS is obtained by inverting elliptic integrals (by 
analogy with the inverse trigonometric functions). EL- 
LIPTIC FUNCTIONS (among which the JACOBI ELLIPTIC 
FUNCTIONS and WEIERSTRASS ELLIPTIC FUNCTION are 
the two most common forms) provide a powerful tool for 
analyzing many deep problems in NUMBER THEORY, as 
well as other areas of mathematics. 


All elliptic integrals can be written in terms of three 
“standard” types. To see this, write 


P(w, 2) 2E wP(w,x)Q(—w, x) 


A Ooa O OC We). 


(4) 
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But since w° = f(z), 


Q(w, 2)Q(—w, x) = Qı (w, x) = Qı(w, 2), (5) 


then 


P(w, £)Q(—w, £) = A+ Be + Cw + Dr? + Ewz 
+Fw* + Gwr + Hw’r 
= (A + Bz + Dr? + Fw? + Gw? x) 
+w(c+ Ex + Hw’s +...) 


= P(x) +wPalz), (6) 
Pi(z) + wP(z) _ 
wQı(w) 


But any function f R2(x)dx can be evaluated in terms 
of elementary functions, so the only portion that need 
be considered is 


Rı (x) 


R(w,x) = + R(x). (7) 


f Ri(2) 
tm UD. 8 
= (8) 
Now, any quartic can be expressed as Sı S2 where 
Sı = ar? +2bir +c (9) 
S = azr? + 2b2£ + c2. (10) 


The COEFFICIENTS here are real, since pairs of COM- 
PLEX ROOTS are COMPLEX CONJUGATES 


[z — (R + Ii)|[z — (R — Ti)) 
=g?’ +r(-R +i- R-Ii)+ (R? -T i) 
=g’ —2Rr+(R°+I’). (11) 


If all four ROOTS are real, they must be arranged so as 
not to interleave (Whittaker and Watson 1990, p. 514). 
Now define a quantity A such that Si + AS2 


(a1 — Aaz)x? — (2b1 — 2b2A)x + (cı — Aca) (12) 

is a SQUARE NUMBER and 

24/ (a1 — Aa2)(e1 — A2) = 2(b1 — b2A) (13) 

(a, — Aa2)(c1 — Aca) — (bı — Aba) = 0. (14) 
Call the Roots of this equation A; and Az, then 


2 
— A152 = | (a1 — A1a2)z + c1 — Nea | 
= = Ci — A1C2 
= (a1 A142) (z + AJ R AA AS ) 
= (a; — à102)(£ — a)” (15) 
2 
Aos = l (ar — A142)x + cı — Aca | 
= i , {| C1 — AG 
= (a4 Ai @2) E + Are ore = Mas ) 
= (a1 — àza2)(£ — By (16) 
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Taking (15)-(16) and A2(1) — A1(2) gives 
Sa(A2 — Ar) = (a1 — Aras )a — ay 
— (a1 — Aza) (a — By (17) 
SilAz = A1) = A2(a1 = A1a2)(x = a)? 
= A1(ar a A2a2)(x = B°). (18) 
- Solving gives 
a, — A a2 2 a1 — A242 2 
ee > Deer 
= Ai(x —a)* + Bi(x — 8)’ (19) 
sa Mahe) gp Al A gp 
= Ao (x = a)? + Ba (x = By’, (20) 
so we have 
w = 818, 
= [A(z — a)? + Bi(x — PILA (x — a)” + B’(a — By. 
(21) 
Now let 
a (22) 
dy = [(z — 8)? — (2 - a) (a — 8) *] de 
(@-B)~(e-2) , 
(x — B) 
= a dz, (23) 
w = (x — py a (S$) + s: 
x E (=s) + Ba 
= (x = B)* (Ait? + B¡)(Aot” + B2), (24) 
and 
= (æ — BY (Art? + Bi)(Aot? + Ba) (25) 
de _ £ By | 1 
w & — B (x = B)? (Ajt2 + Bi)(Azt? + B2) 
E a | (26) 
(a = B) (Ait? + Bi) (A2t? + Bz) 
Now let r 
Rs(t) = BS, (27) 
Ri (x) dz _ Rs (t) dt 
/ w 7 / (Ait? + B1)(A2t? + Ba) a 
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Rewriting the EVEN and ODD parts 


gives 
Ra(t) = }(Reven — Roaa) = Ra(é) +tRs(8), (31) 


so we have 


pee dx al Ra(t*) dt 
w (Ait? + B1)(42t? + B2) 
Rs(t?)t dt (32) 
(Ait? + B1)(A2t? + Ba) 
Letting 
u=t (33) 
du = 2t di (34) 
reduces the second integral to 
1 Rs(u) du (35) 


Aru + Bi)(Azu + Bo) 


which can be evaluated using elementary functions. 
The first integral can then be reduced by INTEGRA- 
TION BY PARTS to one of the three Legendre elliptic 
integrals (also called Legendre-Jacobi ELLIPTIC INTE- 
GRALS), known as incomplete elliptic integrals of the 
first, second, and third kind, denoted F(¢,k), E(¢,k), 
and Il(n; ¢, k), respectively (von Kármán and Biot 1940, 
Whittaker and Watson 1990, p. 515). If fp = 7/2, then 
the integrals are called complete elliptic integrals and 


are denoted K(k), E(k), I(n;k). 


Incomplete elliptic integrals are denoted using a MOD- 
ULUS k, PARAMETER m = k?, or MODULAR ANGLE 
a =sin"? k. An elliptic integral is written I(¢|m) when 
the PARAMETER is used, I[(¢,k) when the MODULUS is 
used, and I(¢\a) when the MODULAR ANGLE is used. 
Complete elliptic integrals are defined when ¢ = 7/2 
and can be expressed using the expansion 


Oo 


(1 — k’ sin” 0) 1/2 = D aa) 


(Em 2% sin?” 9. (36) 


An elliptic integral in standard form 


A T id 


where 


f(z) = av + azz? + azz” + aie + ao, (38) 


Elliptic Integral 


can be computed analytically (Whittaker and Watson 
1990, p. 453) in terms of the WEIERSTRAB ELLIPTIC 
FUNCTION with invariants 


92 = @oa4a — 4a,a3 + 3a2* (39) 


g3 = 404204 — 2410203 on asar = a3" ao. (40) 
If a = zo is a root of f(x) = 0, then the solution is 


z= zo + 4f'(x0)[p(z; 92,93) — Hf" (£0) (41) 


For an arbitrary lower bound, 


T=a+ 
y Fla)e'( zaf (0)] + zaf (a)f" (a) 
OSO | 

(42) 


) + zf (@)[e(z) — 
E o s= 


where p(z) = p(z;92,93) is a WEIERSTRAB ELLIPTIC 
FUNCTION. 


A generalized elliptic integral can be defined by the func- 
tion 


a 
=? 7 (43) 
a? cos? 0 + b? sin? 


mr /2 de 
e ‘| J E. A id) 
T Jo cos 6\/a? + b? tan? 0 


(Borwein and Borwein 1987). Now let 


t=btanó (45) 
dt = bsec? 6 dé. (46) 
But 
sec = y 1 + tan? ð, (47) 
SO 
b b 5 
dt = — sec 0 dd = — y 1 + tan’ 6 dé 
os 6 cos 0 
b ENS 
= 1 dé 
cos 8 j E ) 
dé 
= b2 i; 48 
cos 8 a G 
and 
dð dt 


cosg „bB 4 #2’ 


and the equation becomes 


T(a,b) = = 


[ dt 

T ya? + t?)( _ 

Ji (50) 
(a? + t?) (b2 + Var + 0403) 


plastic insulation removed from lengths of regular house wiring. 
Shrink tubing or tape can also be used. 


Reassembly 

Put the segments back together in the windings by alternately 
stacking them just the way they came out. A hammer and a small 
block of wood may be necessary to drive in the last segment or two. 
Do not use the hammer directly on the segments—you'll flare the 
edges and they will not fit together closely. Make sure that the 
holes in all of the segments are lined up, and replace the covers and 
any insulating material they may have contained. Tighten the bolts 
good and tight. The first transformer 1 rewound had an audible hum 
until I really clamped the segments together. 

Now you've done it and can check the voltages with a meter. 
They may differ from our design voltages a little, but, after rectifi- 
cation and filtering, you'll have plenty for your regulators. Also, 
see Figs. 10-28 through 10-34, 


NEW LIFE FOR OLD KLYSTRONS 

What? Use a vacuum tube in this modern era of solid-state 
electronics? Reading about Gunn diodes, Impatts, and other such 
exotic devices is fine, but with the exception of the Microwave 
Associates Gunnplexer, there are no complete solid-state oscil- 
lators available to the amateur. This became very apparent while I 
a : en 


K A ss 


Fig. 10-28. Retired television transformer with the covers removed. 


a a 
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Now we make the further substitution u = $(t — ab/t). 
The differential becomes 


du = L(1+ab/t*) dt, (51) 


but 2u = t — ab/t, so 


2u/t = 1 — ab/t? (52) 
ab/t? = 1 — 2u/t (53) 

and 
1+ab/t? = 2 — 2u/t = 2(1 — u/t). (54) 


However, the left side is always positive, so 
1 +ab/t? = 2 — 2u/t = 2/1 — u/t| (55) 
and the differential is 


(56) 


We need to take some care with the limits of integration. 
Write (50) as 


f f(t) a= f roas f f(t) dt. (57) 


Now change the limits to those appropriate for the u 
integration 


D g(u) du + D g(u) du = of g(u) du, (58) 


so we have picked up a factor of 2 which must be in- 
cluded. Using this fact and plugging (56) in (50) there- 
fore gives 


fone / a APA 

TJ o |1- ¥| 1/02? + (a? + b?)t? +t 

(59) 
Now note that 
t* — 2abt? + a?p? 
2 

=? 60 
4u t? = t* — 2abt? + 2abt? (61) 
a°b? + t* = 4u*P + 2abt?. (62) 


Plug (62) into (59) to obtain 


(a,b) == f f 2] 
-œ jl — # 


2 00 
2 =| A Al (63) 
T J_oo |t — ul,/4u2 + (a + db)? 


4u?t? + 2abt? + (a? + b?)t? 


Elliptic Integral 935 


But 
2ut = t? — ab (64) 
t? — 2ut — ab = 0 (65) 
t = į (2u + y 4u? + 4ab) = u + yu? + ab, (66) 
SO 
t — u = tyu? + ab, (67) 


and (63) becomes 


T(a,b) = 2 P — E 
T Joo y (tu? + (a + b)?] (u2 + ab) 


-if du 
> A a 
soð ue + ( 


22)% (u2 + ab) 


. (68) 


We have therefore demonstrated that 
T(a,b) = T(} (a + b), Vab). (69) 
We can thus iterate 
ai+ı = ¿(as + bi) (70) 


bipi = y Gibi, (71) 


as many times as we wish, without changing the value of 
the integral. But this iteration is the same as and there- 
fore converges to the ARITHMETIC-GEOMETRIC MEAN, 
so the iteration terminates at a; = b; = M (ao, bo), and 
we have 


T (dao, bo) = T(M (ao, bo), M (ao, bo)) 
or dt 
ce ee M?(ao, bo) + t? 


ms (ara) | 
7 nM (ag, bo) tan Gos ES 


ed 


1 

= bal (72) 
Complete elliptic integrals arise in finding the arc length 
of an ELLIPSE and the period of a pendulum. They also 
arise in a natural way from the theory of THETA FUNC- 
TIONS. Complete elliptic integrals can be computed us- 
ing a procedure involving the ARITHMETIC-GEOMETRIC 
MEAN. Note that 


9 n/2 
T(a,b) = J A A 
T Jo a? cos? 0 + b? sin? 8 


2" dé 

T Jo aq/cos? 9 + (£)” sin? 6 
Tr /2 

2] —_ ==. (13) 
° 4/1- (1-2) sin?6 
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So we have 


a? 


T(a,b) = ŽK € — =) = CO! (74) 


where K(k) is the complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND. We are free to let a = ay = 1 and b = bo = 
k', so 


=K(/1—k?) = = K(k) = n (75) 


since k = y1 — k’?, so 


T 


K(k) = Gey (76) 


But the ARITHMETIC-GEOMETRIC MEAN is defined by 


Qi = 7 (aj-1 + b;-1) (77) 


bi = y Qi—1bi-1 (78) 
a l 5(05-1 — bi-1) ~>0 


79 
y ap? — bo? 2=0, ) 


where 
2 2 
1 Crn Cn 
n-1 = un — bn = 
ida 20 dan+1 ` AM (ao, bo) (eo) 
so we have = 
K(k) = E, (81) 


where ayn is the value to which a, converges. Similarly, 
taking instead ag = 1 and 65 = k gives 


K'(k) = TA (82) 


Borwein and Borwein (1987) also show that defining 


m 7/2 
U(a, b) = z 
0 


leads to 


a? cos? +b? sin? 0 d0 = a E' (=) 
a 
(83) 


2U (an+1,bn41) — U (an, bn) = GnbnT(an,bn), (84) 


SO 


K(k) — E(k n 
aa = (co? +2e17+2%c27+...42"¢n2) (85) 
for ao = 1 and bo = k’, and 


K'(k) - E'(k) _ 
K'(k) 


Leg ME a E E MES. 


(86) 
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The elliptic integrals satisfy a large number of identities. 
The complementary functions and moduli are defined by 


K'(k) = K(y1- k2) = K(k’). (87) 


Use the identity of generalized elliptic integrals 


T(a,b) = T(}(a +b), Vab) (88) 
to write 
1 b? 2 4ab 
z i-— |= K{,/1- 
K( >) a+b ( air } 
_ 2 KÍ. a? + b? — 2ab 
a+b (a + b)? 
2 a-b 
= K 
a+b Ga) (89) 
b2 9 _ 4 
l- — | = K a 
x >) 1+? (=) P 
Define , 
k=) (91) 
and use 
k= VJ/1—k?, (92) 
SO 
cme (E). 
Now letting l = (1 — k’)/(1+ k’) gives 


(1+k5)=1-k' >k'(l+1)=1-1 (94) 


So (95) 


e ares: oo 
and 
1 y ( =) 17/04+090+0-) 
ee ae ees: ~ 2 1+l 
1 
ay (97) 
Writing k instead of l, 
1 2Vk 
K(k) = —— — |. 
(E) rnr (74) (28) 
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Similarly, from Borwein and Borwein (1987), 


E(k) = ELE ES +"—K(k) (99) 
E(k) = (1+K')E G rn 3 — k' K(k). (100) 


Expressions in terms of the complementary function can 
be derived from interchanging the moduli and their com- 


plements in (93), (98), (99), and (100). 


a E 1—k 
EAE) ae 1+k ++) 
E (E) 
= l+k l +k 
2 _, { 2Vk 
 l+k ES von 
feces oc od VEN 1 „fil-k 
K') = pk (Fe 1+K (++) 
(102) 
and 
Pik ¿DN 
E'(k) = (1+k)E 3 kK'(k) (103) 
pie (Leek Vp a ks 
2) = ( > Je (E) irw (104) 
Taking the ratios 
! Vk , —k*' 
E (k) we (25) 1” (ist) (105) 
K (A) ?K (50) 


gives the MODULAR EQUATION of degree 2. It is also 
true that 


4 i=f= 2 | 
Keo = (| y) oe 


see also ABELIAN INTEGRAL, AMPLITUDE, ARGUMENT 
(ELLIPTIC INTEGRAL), CHARACTERISTIC (ELLIPTIC 
INTEGRAL), DELTA AMPLITUDE, ELLIPTIC FUNCTION, 
ELLIPTIC INTEGRAL OF THE FIRST KIND, ELLIPTIC IN- 
TEGRAL OF THE SECOND KIND, ELLIPTIC INTEGRAL 
OF THE THIRD KIND, ELLIPTIC INTEGRAL SINGULAR 
VALUE, HEUMAN LAMBDA FUNCTION, JACOBI ZETA 
FUNCTION, MODULAR ANGLE, MODULUS (ELLIPTIC 
INTEGRAL), NOME, PARAMETER 
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Let the MODULUS k satisfy 0 < k? < 1. (This may 
also be written in terms of the PARAMETER m = k? or 
MODULAR ANGLE « = sin™'k.) The incomplete elliptic 
integral of the first kind is then defined as 


$ 
dé 
ror = f SS: (1) 
O 1 — k? sin? 6 
Let 
t= sin (2) 
dt = cos 0 dO = y 1 — t? dé (3) 
sin $ 
1 dt 
us HE 
d Vi — k2t2 V1 -— t? 
Ñ sin $ dt (4) 
b (1 — REI — #2) 
Let 
v = tan (5) 
dv = sec? 0 d8 = (1 + v?) dé, (6) 


so the integral can also be written as 


tan ġ 
1 du 
ro ne e 
2. yl 


tan $ 


Vv 
O V1+v2,/(1 +v?) — k?v? 
tano 


ee (8) 
0 (1 + v2)(1 + kv?) 


(7) 
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where k'? = 1 — k? is the complementary MODULUS. 


The integral 


89 
a A AN (9) 
V2 o vcosó — cos bo 


which arises in computing the period of a pendulum, is 
also an elliptic integral of the first kind. Use 


cos@ = 1 — 2sin*(46) (10) 


ua 
sin(30) = 4/ noes (11) 
to write 


4/cos@ — cos fo = 
= y 1 — cos ĝo 
= v2 sin(L0p) 


1 — 2sin*(50) — cos ĝo 


1 — cos 6o a 
1 — csc?(500) sin? (30), 
(12) 


SO 


90 
2 0 sin( 00) 1 — csc? (48o) sin*(50) 


Now let 
sin(30) = sin(500) sin ġ, (14) 


so the angle 0 is transformed to 


1 =) 

1 
which ranges from 0 to 7/2 as @ varies from 0 to ĝo. 
Taking the differential gives 


@ = sin 


1 cos(10) de = sin( +00) cos $ dé, (16) 


or 


34/1— sin*(500) sin? ¢d@ = sin(500) cospdp. (17) 


Plugging this in gives 


_sin(¿00)cosHdp _ 07) cos ddd 


r= 4/1 — sin? ( Sas sin( =60)+/1 — sin? ġ 
E Fr —__ 4 = K(sin(36)), (18) 


1 — sin*(500) sin? ¢ 
so 


ds de 
i= — —— ~ = K (sin( 1G )). 19 
V2 o vcos@ — cos ĝo i < o) (10) 


Elliptic Integral of the First Kind 


Making the slightly different substitution $ = 6/2, so 
dð = 2 dọ leads to an equivalent, but more complicated 
expression involving an incomplete elliptic function of 
the first kind, 


80 
1 1 3 / do 
= 2— — csec( 38 —_=—— 
V2 V2 (300) 0 1 — csc? (+00) sin? $ 
= csc(200)F(500, csc(500)). (20) 


Therefore, we have proven the identity 


= K(sin z). (21) 


csc rF (x, csc x) 


The complete elliptic integral of the first kind, illus- 
trated above as a function of m = k?, is defined by 


K(k) = PaT k) (22) 
(2n = (2n - 1)! jon af” » 2n 
= sin” 0d 23 
> Se Gat Ff (23) 
= E (24) 
= 3 (2n — 1)! an T (2n ~ 1)! 
T ra (2n)!! 2 (2n)!! 
OO 2 
_ T (2n — 1)! 2n 
-2 2, | (2n)!! | i (25) 
= lr 2F1(1,5,1;k*) (26) 
TT 1+ k? 
= aJTn n? (5) , (27) 
where 


is the NOME (for |q| < 1), 2Fı (a, b; c; x) is the HYPERGE- 
OMETRIC FUNCTION, and P,(x) is a LEGENDRE POLY- 
NOMIAL. K(k) satisfies the LEGENDRE RELATION 


E(k)K"(k) + E'(k)K(k) — K(k)K'(k) = hr, (29) 


Elliptic Integral of the Second Kind 


where E(k) and K(k) are complete elliptic integrals of 
the first and SECOND KINDS, and E'(k) and K'(k) are 
the complementary integrals. The modulus k is often 
suppressed for conciseness, so that E(k) and K(k) are 
often simply written E and K, respectively. 


The DERIVATIVE of K(k) is 


dK _ [ eos EY KA) 
dk Jo Va-e)JA—k?2) (kk?) k 
(30) 
d ndK\ | 
= (kk =) SpK (31) 
SO 
E 2, (dK K) 2 ( dK ) 
Pakek (St z) = (1-42) (KE +k) (32) 
(Whittaker and Watson 1990, pp. 499 and 521). 
see also AMPLITUDE, CHARACTERISTIC (ELLIPTIC 


INTEGRAL), ELLIPTIC INTEGRAL SINGULAR VALUE, 
GAUSS’S TRANSFORMATION, LANDEN’S TRANSFORMA- 
TION, LEGENDRE RELATION, MODULAR ANGLE, MOD- 
ULUS (ELLIPTIC INTEGRAL), PARAMETER 
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Elliptic Integral of the Second Kind 

Let the MODULUS k satisfy 0 < k? < 1. (This may 
also be written in terms of the PARAMETER m = k* or 
MODULAR ANGLE «a = sin™' k.) The incomplete elliptic 
integral of the second kind is then defined as 


$ 
E(¢,k) = i 1 — k? sin? 9 dé. (1) 
0 
A generalization replacing sin 0 with sinh 8 gives 
$ 
—iE(iġ,—k) = / 1 — k? sinh? 6 dé. (2) 
0 


To place the elliptic integral of the second kind in a 
slightly different form, let 


t = sin (3) 
dt = cos ĝ dð = y 1 — t? dé, (4) 
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so the elliptic integral can also be written as 
Beb- | Vinee 
i a vi-t 


sin $ 
[1 — k*# 


-10 -8 -6 -4 -2 


im{EllipticE z} 


JEllipticE z| 


The complete elliptic integral of the second kind, illus- 
trated above as a function of the PARAMETER ™, is de- 
fined by 


E(k) = E(3r,k) (6) 
on 2 f(2n=1)1]? k?” 
-5 {2-3 (2n)!!) | (7) 
= Im2F1(-1,1,1;k?) (8) 
=j dn? u du, (9) 


where 2F,(a,b;c;x) is the HYPERGEOMETRIC FUNC- 
TION and dnu is a JACOBI ELLIPTIC FUNCTION. The 
complete elliptic integral of the second kind satisfies the 
LEGENDRE RELATION 


E(k)K'(k)+ E'(k)K(k)— K(k)K'(k)= hr, (10) 


where E and K are complete ELLIPTIC INTEGRALS OF 
THE FIRST and second kinds, and E’ and K’ are the 
complementary integrals. The DERIVATIVE is 


dE E(k)-K(k) 
A al (11) 


(Whittaker and Watson 1990, p. 521). If k, is a singular 
value (i.e., 


kr = A*(r), (12) 
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where A* is the ELLIPTIC LAMBDA FUNCTION), and 
K(k,) and the ELLIPTIC ALPHA FUNCTION a(r) are 
also known, then 


E(k) = L Or _ a(n) + K(k). (13) 


see also ELLIPTIC INTEGRAL OF THE FIRST KIND, EL- 
LIPTIC INTEGRAL OF THE THIRD KIND, ELLIPTIC IN- 
TEGRAL SINGULAR VALUE 
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Elliptic Integral of the Third Kind 
Let 0 < k? < 1. The incomplete elliptic integral of the 
third kind is then defined as 


$ 
dd 
mnie) = | A 
o (1—nsin*9)y/1-— k? sin? 6 


sin $ 
_ / dt (2) 
o (=n?) G- E) — kt?) 


where n is a constant known as the CHARACTERISTIC. 


The complete elliptic integral of the second kind 
II(n|m) = U(n; r|m) (3) 


is illustrated above. 

see also ELLIPTIC INTEGRAL OF THE FIRST KIND, EL- 
LIPTIC ÍNTEGRAL OF THE SECOND KIND, ELLIPTIC IN- 
TEGRAL SINGULAR VALUE 


Elliptic Integral Singular Value 
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Elliptic Integral Singular Value 

When the MODULUS k has a singular value, the complete 
elliptic integrals may be computed in analytic form in 
terms of GAMMA FUNCTIONS. Abel (quoted in Whit- 
taker and Watson 1990, p. 525) proved that whenever 


K'(k) _ a+byn (1) 
K(k)  c+dyn' 


where a, b, c, d, and n are INTEGERS, K(k) is a com- 
plete ELLIPTIC INTEGRAL OF THE FIRST KIND, and 
K'"(k, = K(V1—k?) is the complementary complete 
ELLIPTIC INTEGRAL OF THE FIRST KIND, then the 
MODULUS k is the ROOT of an algebraic equation with 
INTEGER COEFFICIENTS. 


A MODULUS k, such that 


K' (kr) _ 
Rao = Vr (2) 


is called a singular value of the elliptic integral. The 
ELLIPTIC LAMBDA FUNCTION A”(r) gives the value of 
kr. Selberg and Chowla (1967) showed that K(A*(r)) 
and E(A*(r)) are expressible in terms of a finite number 
of GAMMA FUNCTIONS. The complete ELLIPTIC INTE- 
GRALS OF THE SECOND KIND E(k,) and E'(k,) can be 
expressed in terms of K(k,) and K'(k,) with the aid of 
the ELLIPTIC ALPHA FUNCTION a(r). 


The following table gives the values of K(k,) for small 
integral r in terms of GAMMA FUNCTIONS. 


D*(3) 


K(k1) = a/a 
y v2+1T(2)0(2 
K(k2) = == G) 
1/4p3 1 
K (ha) = 22 
1)r7(2 
K(k14) = ee 


P(g Tso PT (a) 


_ 1/4 
K (ks) = (v5 +2) 1607 


K (ke) = Y (V2- NV + V2)(2 + v3) 
MCAT (SEC) 
3847 
T(4)r(2)r(4 
K(k7) = Ws eo) 
rao a POZA VIES VE + VD) 
(ks) = RT 
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12/7T?(1) 


K(kyo) = \/ (2+3V24+ V5) 
Cag JE AO UNEN 
256073 
K (ki) = [2 + (17 + 3433)''* — (3433 — 17)*/*]? 
PENE EGE GEG?) 


K (kg) = 


111/414477? 
K (k2) = 3/42 + 1)(v3 + VZ) 2- Y3T"(2) 
ET E 
_ (18+5v13)'* 
a 
Ma MAT ABET) 
Mala OI E) 
T r T(4)r(& 
K (kıs) = Ea 
Ma Ge) 
A — ga eat 
F RE yr gaara" 
Elkes Ce ee ee 
ve | PSCC) 
x [T(r yr(ier (2)r EDK 
Kee V5 +27?(2) 


where T(z) is the GAMMA FUNCTION and C; is an alge- 
braic number (Borwein and Borwein 1987, p. 298). 


Borwein and Zucker (1992) give amazing expressions for 
singular values of complete elliptic integrals in terms of 
CENTRAL BETA FUNCTIONS 


B(p) = Blp,p). - (3) 


Furthermore, they show that K (kn) is always expressible 
in terms of these functions for n = 1,2 (mod 4). In such 
cases, the [ functions appearing in the expression are of 
the form T'(t/4n) where 1 < t < (2n—1) and (t, 4n) = 1. 
The terms in the numerator depend on the sign of the 
KRONECKER SYMBOL {t/4n}. Values for the first few n 
are 


K(k1) =2*B(3) 

K(ka) =2"“g(2) 

K (ks) = 2° 4/837 /4g(2) = 974/93-9/2g(1) 

K (hs) = 2-9/5 °/8 (11 + 5v5)" * sin(J5m)8(3) 
A ao Ea i v57 sin(47)3(5) 

K (ke) = 2 "223942 — 1)(V3 + DECA) 
= 2° 49/93- 4/4 (4/3 — D8(E) 

K(kr) =2-773/4 sin(77) sin($7)B(F, 5 

174 B(5)8(5) 


=a ae a 
B( zz) 
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K(kio) = JA 2) (410 + 3) Bt, Sere oD 
_ 9—15/4~—-3/4 7 1/2 BG) (34 0) 
=D eE += 
= R-277/ sin( +7) sin($7)B(4, 2) 


K(k11) 
K (kis) = 27713-°/°(5/13 + 18)"/4 
x [tan(g57) tan( 57) E 


V4V2+24+ V2 + 1242-1247 908 
r penao onlie i? B(#)B(38)B (3) 


tan( 2577) B( sa) 


K (kia) = 


Rien pig tas eB 2j 
A (V5 — DAA) 


9 11 1317 1/4 
Ka) = Cs |É (JA G5 (8 ee e | 


where R is the REAL ROOT of 
z’ —4r=4=0 (4) 


and C2 is an algebraic number (Borwein and Zucker 
1992). Note that K(k11) is the only value in the above 
list which cannot be expressed in terms of CENTRAL 
BETA FUNCTIONS. 


Using the ELLIPTIC ALPHA FUNCTION, the ELLIPTIC 
INTEGRALS OF THE SECOND KIND can also be found 
from 


= gt 1-22] x (5) 
E = ¿7 + a(r)K, (6) 
and by definition, 
sia (7) 


see also CENTRAL BETA FUNCTION, ELLIPTIC ALPHA 
FUNCTION, ELLIPTIC DELTA FUNCTION, ELLIPTIC IN- 
TEGRAL OF THE FIRST KIND, ELLIPTIC INTEGRAL 
OF THE SECOND KIND, ELLIPTIC LAMBDA FUNCTION, 
GAMMA FUNCTION, MODULUS (ELLIPTIC INTEGRAL) 
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Elliptic Integral Singular Value—k, 
The first SINGULAR VALUE kı, corresponding to 


K"(k1) = K(k), (1) 
is given by 
ee 
Ma ee 
k= F (3) 


As shown in LEMNISCATE FUNCTION, 


— aro E 4 
== (4) 
Let 
u= t (5) 
du = 4t? dt = 4u°/* dt (6) 
dt = 1u7*/* du, (7) 
then 


A (8) 


where B(a,b) is the BETA FUNCTION and T(z) is the 
GAMMA FUNCTION. Now use 


1(3) = yr (9) 
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and 
1 _ sin(z) 
Pica 7 He» (10) 
A A AA 

JO E E 
Therefore 

1\_MG@)vrv2 _ MG) 

x (3) we We (12) 


1 1 
1 tm 
a E 2 
( 5] J o dt (13) 


Let 
== (14) 
2t dt = —2u du (15) 
dt = -Zu du = u(1 — u*)7*/? du, (16) 
so 


-f pes y 712 du 


A i 


Now note that 


Gar) - 
yli- ut vyvli—ut 7 


E (1+ 4")? _ l+ 
~ (14+ u2)—u?) 1 — u?? 


so 


Now let 
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"du 1 j PONET E 
/ a | t/74-3/4(1 4 
=4) ¢V4a—t-? dt 
r(2)r(2 
=1B(3,2) = E 
But 
ray = ETE 
M3) ="W (M9) 
r(į) = vr, 
SO 


2 r?(3) 8a 
-1 ya EG): 16) 
avira) TO 


Summarizing (12) and (27) gives 


Elliptic Integral Singular Value—k, 
The second SINGULAR VALUE k2, corresponding to 


K' (ko) = V2 K(k2), 
is given by 
ka = tan (5) = /2-1, 
k3 = V2 (V2 — 1). 
For T modulus, 


1 


E(v2-1)= 


(22) 


(23) 
(24) 
(25) 


(26) 


(27) 
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Elliptic Integral Singular Value—ks 
The third SINGULAR VALUE k3, corresponding to 


K' (k3) = V3 K(ks), (1) 
is given by 
ks = sin (E =) = 4v6- v2). (2) 
As shown by Legendre, 


Kia 


(Whittaker and Watson 1990, p. 525). In addition, 


etek 
ak 243 


IE 


m3 1, v3- 
4 K'(k3) 243 


E(k3) = 


and 


E' (ks) = Like). w 


Summarizing, 


K[¿(v6 - v2)] = 


Ea = 4 A 
E|} (v6 — v2)] 


(Whittaker and Watson 1990). 
see also THETA FUNCTION 


References 

Ramanujan, S. “Modular Equations and Approximations to 
nx.” Quart. J. Pure. Appl. Math. 45, 350-372, 1913-1914. 

Whittaker, E. T. and Watson, G. N. A Course in Modern 
Analysis, 4th ed. Cambridge, England: Cambridge Uni- 
versity Press, pp. 525-527 and 535, 1990. 


544 Elliptic Lambda Function 


Elliptic Lambda Function 
The A GROUP is the SUBGROUP of the GAMMA GROUP 
with a and d ODD; b and c EVEN. The function 


4 
A(t) = Ag) = k’ (q) = En (1) 


where 

gar” (2) 
is a MODULAR FUNCTION and 0; are THETA FUNC- 
TIONS. 
A*(r) gives the value of the MODULUS k, for which the 
complementary and normal complete ELLIPTIC INTE- 
GRALS OF THE FIRST KIND are related by 


K' (kr) 


Kle) V" 8) 
It can be computed from 
Ne) = ela) = 530 (4) 
where 
q = ae (5) 


and ð; is a THETA FUNCTION. 


From the definition of the lambda function, 
Vier (<) ee (6) 


For all rational r, K(A*(r)) and E(A*(r)) are expressi- 
ble in terms of a finite number of GAMMA FUNCTIONS 
(Selberg and Chowla 1967). A*(r) is related to the Ra- 
MANUJAN g- AND G-FUNCTIONS by 


ies cr o ec 0 
N*(n) = gn(V q + gn — ga). (8) 
Special values are 
dl e 
2) = (V10 — 3)(V2 + 17 
(3) = (2 — V3 (V2 + V3) 
(E) = (V3 - v2)(v2+ 1)" 


2 — 13)(V3 — V2) 


y D= 3 
A*(2) = v2- 1 

A*(3) = jV2(V3-1) 
A*(4) = 3 - 242 

x (5) = 3 (VV5-1- v3- v5) 
A” (6) 

A” (7) 
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Ai 296 (y + 2011 — 401170 
—wy 11 + 2411 — der") 


A*(12) = (V3 — v2)*(v2- 1)* 

= 15 — 10V2+ 8V3 — 6V6 

= 1(V5v13 ~ 17 — V 19 — 5/13) 
A* (14) = -11 — 8V2 — (V2 + 2) V 5 + 4V2 


+V 11 + 8V2(2+ 2V2 + V2 V 5 + 4V2) 
d* (15) = 2V2(3 — v5 (v5 — V3)(2 — V3) 
Pe 


A*(17) = 1/21/42 + 10V17 
-13V -3 + V17 V5 + V17 
-3V17V —3 + VIT V5 + V17 
—4/ —38 — 10 V17 + 13V —3 + V17V 5 + V17 
+3VI7V -3 + V17 V5 + V17) 


A* (16) = 


A" (18) = (V2 — 1)? (2 — V3)? 

N* (22) = (3V11 — 742)(10 — 3V/11) 

A* (30) = (V3 — V2)?(2 — V3 Mv6 — v5 (4 — v15) 
A*(34) = (V2 - 1) (3V2 — V17) 


x(V 297 + 72V17 — V 296 + 72V17) 
A* (42) = (V2 — 1)?(2 — 13) (V7 — V6)(8 — 3V7) 
A* (58) = (13458 — 99)(v2 — 1)° 
A*(210) = (V2 — 1)? (2 — V3)(v7 — V6)?(8 — 3V7) 
x(V10 — 3)%(4 — 115) (V15 — V14)(6 — v35), 


where 


Lit = (17 + 3433 )*/P. 


In addition, 


E E A 

A (l= 
A*(2) = V2V2 -2 
(3) = 1V2(V3 +1) 


A* (41) = 2:/*(2/2 — 2) 

AS ee (Vv5-1+ V3— v5} 

M (7) = 4V2(34 V7) 

A (9) = į (V2 + 3°/*) (V3 — 1) 

A (12') = 2/208 + 147/72 — 120V3 + 85V6. 


see also ELLIPTIC ALPHA FUNCTION, ELLIPTIC INTE- 
GRAL OF THE FIRST KIND, MODULUS (ELLIPTIC IN- 
TEGRAL), RAMANUJAN g- AND G-FUNCTIONS, THETA 
FUNCTION 


Fig. 10-29. The winding pileup of the transformer sitting on top of the E and 
| segments. 


was trying to put together a receiver for direct reception of televi- 
sion signals from geosynchronous satellites at 3.7 to 4.2 GHz. 
A multi-stage oscillator-multiplier chain was ruled out be- 


cause of insufficient time. If everything works, the final receiver 


Fig. 10-30. The winding form taped and ready for rewinding. All of the 
windings except the primary have been stripped away. 
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Elliptic Logarithm 


A generalization of integrals of the form 


f ” dt 

oo VE Fat 

which can be expressed in terms of logarithmic and in- 
verse trigonometric functions to 


eln (x 


y= f dt 
~Ja VE +a + ot 


The inverse of the elliptic logarithm is the ELLIPTIC EX- 
PONENTIAL FUNCTION. 


Elliptic Modular Function 


= 32°(0, z) ws 
p(z) — el > 


where Y is a THETA FUNCTION. A special case is 
per?) = (443 - 7, 
see also MODULAR FUNCTION 


Elliptic Paraboloid 


A QUADRATIC SURFACE which has ELLIPTICAL CROSS- 
SECTION. The elliptic paraboloid of height h, SEMIMA- 
JOR AXIS a, and SEMIMINOR AXIS b can be specified 
parametrically by 


T = ayu COsv 


y = byu sinv 


z = u. 
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for v € [0, 27r) and u € [0, A]. 


see also ELLIPTIC CONE, 
PARABOLOID 


ELLIPTIC CYLINDER, 
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Elliptic Partial Differential Equation 
A second-order PARTIAL DIFFERENTIAL EQUATION, 1.e., 
one of the form 


Auss + 2Buzy + Cuyy + Dus + Eu, +F =0, (1) 


is called elliptic if the MATRIX 


A B 
2=|> 4 (2) 


is POSITIVE DEFINITE. LAPLACE’S EQUATION and 
POISSON’S EQUATION are examples of elliptic partial 
differential equations. For an elliptic partial differen- 
tial equation, BOUNDARY CONDITIONS are used to give 
the constraint u(x, y) = g(x, y) on OQ, where 


Ura + Uyy = f (ux, Uy, u, £,Y) (3) 


holds in Q. 


see also HYPERBOLIC PARTIAL DIFFERENTIAL EQUA- 
TION, PARABOLIC PARTIAL DIFFERENTIAL EQUATION, 
PARTIAL DIFFERENTIAL EQUATION 


Elliptic Plane 


The REAL PROJECTIVE PLANE with elliptic METRIC 
where the distance between two points P and @ is de- 
fined as the RADIAN ANGLE between the projection of 
the points on the surface of a SPHERE (which is tangent 
to the plane at a point S) from the ANTIPODE N of the 
tangent point. 


References 
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Elliptic Point 

A point p on a REGULAR SURFACE M € R?’ is said 
to be elliptic if the GAUSSIAN CURVATURE K(p) > 0 
or equivalently, the PRINCIPAL CURVATURES 41 and ka 
have the same sign. 


see also ANTICLASTIC, ELLIPTIC FIXED POINT (DIF- 
FERENTIAL EQUATIONS), ELLIPTIC FIXED POINT 
(MAP), GAUSSIAN CURVATURE, HYPERBOLIC POINT, 
PARABOLIC POINT, PLANAR POINT, SYNCLASTIC 


References 
Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, p. 280, 1993. 


Elliptical Projection 
see MOLLWEIDE PROJECTION 


Elliptic Pseudoprime 
Let & be an ELLIPTIC CURVE defined over the FIELD of 
RATIONAL NUMBERS Q(/—d) having equation 


y? = xr” +axr +b 


with a and b INTEGERS. Let P be a point on E with inte- 
ger coordinates and having infinite order in the additive 
group of rational points of E, and let n be a COMPOS- 
ITE NATURAL NUMBER such that (—d/n) = —1, where 
(—d/n) is the JACOBI SYMBOL. Then if 


(n+1)P =0 (mod n), 


n is called an elliptic pseudoprime for (E, P). 


see also ATKIN-GOLDWASSER-KILIAN-MORAIN CER- 
TIFICATE, ELLIPTIC CURVE PRIMALITY PROVING, 
STRONG ELLIPTIC PSEUDOPRIME 
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Elliptic Rotation 
Leaves the CIRCLE 


invariant. 


i 
x = xcos@ — ysin@ 


y =xsin0 + ysinó. 


see also EQUIAFFINITY 


Ellison—Mendes-France Constant 


Elliptic Theta Function 
see NEVILLE THETA FUNCTION, THETA FUNCTION 


Elliptic Torus 


A generalization of the ring TORUS produced by stretch- 
ing or compressing in the z direction. It is given by the 
parametric equations 


z(u,v) = (a + bcos v) cosu 
y(u,v) = (a+bcosv) sin u 


z(u,v) = csinv. 
see also TORUS 


References 

Gray, A. “Tori.” 811.4 in Modern Differential Geometry 
of Curves and Surfaces. Boca Raton, FL: CRC Press, 
pp. 218-220, 1993. 


Elliptic Umbilic Catastrophe 
A CATASTROPHE which can occur for three control fac- 
tors and two behavior axes. 


see also HYPERBOLIC UMBILIC CATASTROPHE 


Ellipticity | 
Given a SPHEROID with equatorial radius a and polar 
radius C, 


E a >c (oblate spheroid) 


e= 
4/ E. a<c (prolate spheroid) 


see also FLATTENING, OBLATE SPHEROID, PROLATE 
SPHEROID, SPHEROID 


Ellison—-Mendes-France Constant 


Ss 7 In (=) = (Inc) +ynz+D+O(2"’), 
n<x 
where y is the EULER-MASCHERONI CONSTANT, and 
D=2. 128 06 
is the Ellision-Mendes-France constant. 


References 

Ellison, W. J. and Mendés-France, M. Les nombres premiers. 
Paris: Hermann, 1975. 

Le Lionnais, F. Les nombres remarquables. Paris: Hermann, 
p. 47, 1983. 


Elongated Cupola 


Elongated Cupola 
A n-gonal CUPOLA adjoined to a 2n-gonal PRISM. 


see also ELONGATED PENTAGONAL CUPOLA, ELON- 
GATED SQUARE CUPOLA, ELONGATED TRIANGULAR 
CUPOLA 


Elongated Dipyramid 


see also ELONGATED PENTAGONAL DIPYRAMID, ELON- 
GATED SQUARE DIPYRAMID, ELONGATED TRIANGULAR 
DIPYRAMID 


Elongated Dodecahedron 


A SPACE-FILLING POLYHEDRON and PARALLELOHE- 
DRON. 


References 
Coxeter, H. S. M. Regular Polytopes, 8rd ed. New York: 
Dover, pp. 29-30 and 257, 1973. 


Elongated Gyrobicupola 


see ELONGATED PENTAGONAL GYROBICUPOLA, ELON- 
GATED SQUARE GYROBICUPOLA, ELONGATED TRIAN- 
GULAR GYROBICUPOLA 


Elongated Gyrocupolarotunda 
see ELONGATED PENTAGONAL GYROCUPOLAROTUNDA 


Elongated Orthobicupola 


see ELONGATED PENTAGONAL ORTHOBICUPOLA, 
ELONGATED TRIANGULAR ORTHOBICUPOLA 


Elongated Orthobirotunda 
see ELONGATED PENTAGONAL ORTHOBIROTUNDA 


Elongated Orthocupolarotunda 


see ELONGATED PENTAGONAL ORTHOCUPOLAROTUN- 
DA 


Elongated Pentagonal Cupola 
see JOHNSON SOLID 


Elongated Pentagonal Dipyramid 
see JOHNSON SOLID 


Elongated Pentagonal Gyrobicupola 
see JOHNSON SOLID 
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Elongated Pentagonal Gyrobirotunda 
see JOHNSON SOLID 


Elongated Pentagonal Gyrocupolarotunda 
see JOHNSON SOLID 


Elongated Pentagonal Orthobicupola 
see JOHNSON SOLID 


Elongated Pentagonal Orthobirotunda 
see JOHNSON SOLID 


Elongated Pentagonal Orthocupolarotunda 
see JOHNSON SOLID 


Elongated Pentagonal Pyramid 
see JOHNSON SOLID 


Elongated Pentagonal Rotunda 


A PENTAGONAL ROTUNDA adjoined to a decagonal 
PRISM which is JOHNSON SOLID J21. 


Elongated Pyramid 
An n-gonal PYRAMID adjoined to an n-gonal PRISM. 


see also ELONGATED PENTAGONAL PYRAMID, ELON- 
GATED SQUARE PYRAMID, ELONGATED TRIANGULAR 
PYRAMID, GYROELONGATED PYRAMID 


Elongated Rotunda 
see ELONGATED PENTAGONAL ROTUNDA 


Elongated Square Cupola 
see JOHNSON SOLID 


Elongated Square Dipyramid 
see JOHNSON SOLID 
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Elongated Square Gyrobicupola 


A nonuniform POLYHEDRON obtained by rotating the 
bottom third of a SMALL RHOMBICUBOCTAHEDRON 
(Ball and Coxeter 1987, p. 137). It is also called 
MILLER’S SOLID, the MILLER-ASKINUZE SOLID, or 
the PSEUDORHOMBICUBOCTAHEDRON, and is JOHNSON 
SOLID J37. 


see also SMALL RHOMBICUBOCTAHEDRON 
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Elongated Square Pyramid 
see JOHNSON SOLID 


Elongated Triangular Cupola 
see JOHNSON SOLID 


Elongated Triangular Dipyramid 
see JOHNSON SOLID 


Elongated Triangular Gyrobicupola 
see JOHNSON SOLID | 


Elongated Triangular Orthobicupola 
see JOHNSON SOLID 


Elongated Triangular Pyramid 
see JOHNSON SOLID 


Elsasser Function 


2ryusinh(27y) 


1/2 
E = — 2 i 
(yu) E "E | cosh(27y) — cos(27a) a 


Encoding 


Embeddable Knot 

A KNOT K is an n-embeddable knot if it can be placed 
on a GENUS n standard embedded surface without 
crossings, but K cannot be placed on any standardly 
embedded surface of lower GENUS without crossings. 
Any KNOT is an n-embeddable knot for some n. The 
FIGURE-OF-EIGHT KNOT is a 2- EMBEDDABLE KNOT. A 
knot with BRIDGE NUMBER 6 is an n-embeddable knot 
where n < b. 


see also TUNNEL NUMBER 


Embedding 


see EXTRINSIC CURVATURE, HYPERBOLOID EMBED- 
DING, INJECTION, SPHERE EMBEDDING 


Empty Set 

The SET containing no elements, denoted Y. Strangely, 
the empty set is both OPEN and CLOSED for any SET X 
and TOPOLOGY. A GROUPOID, SEMIGROUP, QUASI- 
GROUP, RINGOID, and SEMIRING can be empty. A 
MONOID, GROUP, and RINGS must have at least one 
element, while DIVISION RINGS and FIELDS must have 
at least two elements. 

References 


Conway, J. H. and Guy, R. K. The Book of Numbers. New 
York: Springer-Verlag, p. 266, 1996. 


Enantiomer 

Two objects which are MIRROR IMAGES of each other 
are called enantiomers. The term enantiomer is synony- 
mous with ENANTIOMORPH. 


see also AMPHICHIRAL KNOT, CHIRAL, DISYMMETRIC, 
HANDEDNESS, MIRROR IMAGE, REFLEXIBLE 
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Ball, W. W. R. and Coxeter, H. S. M. “Polyhedra.” Ch. 5 in 
Mathematical Recreations and Essays, 13th ed. New York: 
Dover, pp. 130-161, 1987. 


Enantiomorph 
see ENANTIOMER 


Encoding 

An encoding is a way of representing a number or expres- 
sion in terms of another (usually simpler) one. However, 
multiple expressions can also be encoded as a single ex- 
pression, as in, for example, 


(a,b) = El(a + b)” + 3a + db) 


which encodes a and b uniquely as a single number. 


see also CODE, CODING THEORY 


Endogenous Variable 


Endogenous Variable 

An economic variable which is independent of the 
relationships determining the ‘equilibrium levels, but 
nonetheless affects the equilibrium. 


see also EXOGENOUS VARIABLE 


References 
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Endomorphism 

A SURJECTIVE MORPHISM from an object to itself. In 
ERGODIC THEORY, let X be a SET, F a SIGMA ALGE- 
BRA on X and m a PROBABILITY MEASURE. A MAP 
T : X — X is called an endomorphism or MEASURE- 
PRESERVING TRANSFORMATION if 


1. T is SURJECTIVE, 

2. T is MEASURABLE, 

3. m(T~*'A) = m(A) for all A € F. 

An endomorphism is called ERGODIC if it is true that 
T7*A = A IMPLIES m(A) = 0 or 1, where T”*A = {z € 
X : T(x) € A}. 

see also MEASURABLE FUNCTION, MEASURE-PRESERV- 
ING TRANSFORMATION, MORPHISM, SIGMA ALGEBRA, 
SURJECTIVE 


Endraß Octic 


Endraf surfaces are a pair of OCTIC SURFACES which 
have 168 ORDINARY DOUBLE POINTS. This is the max- 
imum number known to exist for an OCTIC SURFACE, 
although the rigorous upper bound is 174. The equa- 
tions of the surfaces X = are 


64(2% — w*)(y* — we) (e + y)? — 2w*] 
[(e — y)? — 20%] — {-4(1 + V2)(2* + y") 
+[8(2 + V2 )2? + 2(2 + 742 )w*](a? + y?) 
-162* + 8(1 F 242)2*w* — (1+1242)w*P =0, 


where w is a parameter taken as w = 1 in the above 
plots. All ORDINARY DOUBLE POINTS of Xj are real, 
while 24 of those in X¿ are complex. The surfaces were 
discovered in a 5-D family of octics with 112 nodes, and 
are invariant under the GROUP Dg Y Zo. 


see also OCTIC SURFACE 
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Energy 

The term energy has an important physical meaning in 
physics and is an extremely useful concept. A much 
more abstract mathematical generalization is defined as 
follows. Let Q be a SPACE with MEASURE p > 0 and 
let (P,Q) be a real function on the PRODUCT SPACE 
Qx (0. When 


Ce J J D(P, Q) du(Q) dv(P) 
- / B(P, u) dv(P) 


exists for measures u,v > 0, (p, v) is called the MUTUAL 
ENERGY and (p, u) is called the ENERGY. 


see also DIRICHLET ENERGY, MUTUAL ENERGY 
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Engel’s Theorem 
A finite-dimensional LIE ALGEBRA all of whose elements 
are ad-NILPOTENT is itself a NILPOTENT LIE ALGEBRA. 


Enneacontagon 
A 90-sided POLYGON. 


Enneacontahedron 

A ZONOHEDRON constructed from the 10 diameters of 
the DODECAHEDRON which has 90 faces, 30 of which 
are RHOMBS of one type and the other 60 of which are 
RHOMBS of another. The enneacontahedron somewhat 
resembles a figure of Sharp. 


see also DODECAHEDRON, RHOMB, ZONOHEDRON 
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Enneadecagon 


A 19-sided POLYGON, sometimes also called the EN- 
NEAKAIDECAGON. 
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Enneagon 
see NONAGON 


Enneagonal Number 
see NONAGONAL NUMBER 


Enneakaidecagon 
see ENNEADECAGON 


Enneper?s Surfaces 


The Enneper surfaces are a three-parameter family of 
surfaces with constant curvature. In general, they are 
described by elliptic functions. However, special cases 
which can be specified parametrically using ELEMEN- 
TARY FUNCTION include the KUEN SURFACE, REMBS? 
SURFACES, and SIEVERT’S SURFACE. The surfaces 
shown above can be generated using the ENNEPER-WEI- 
ERSTRAB PARAMETERIZATION with 


ÑO =1 (1) 
go) =¢. (2) 


Letting z = re? and taking the REAL PART give 


z= Ríre'? — ip? eS?) (3) 
y= Rlire*? + Lire?) (4) 
z = R[r*e?**], (5) 


where r € [0,1] and ¢ € [-r, 7r). Letting z = u + iv 
instead gives the figure on the right, 


r =u- lu +w? (6) 
y = —v — uv + Ly (7) 
2=4u —v (8) 


(do Carmo 1986, Gray 1993, Nordstrand). This surface 
has a HOLE in its middle. Nordstrand gives the implicit 
form 
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Enneper-Weierstra Parameterization 
Gives a parameterization of a MINIMAL SURFACE. 


f(1—g’) 
r if(1+g’)| ac. 
2fg 


see also MINIMAL SURFACE 
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Enormous Theorem 
see CLASSIFICATION THEOREM 


Enriques Surfaces 

An Enriques surface X is a smooth compact complex 
surface having irregularity q(X) = 0 and nontrivial 
canonical sheaf Kx such that K% = Ox (Endraf). 
Such surfaces cannot be embedded in projective 3-space, 
but there nonetheless exist transformations onto singu- 
lar surfaces in projective 3-space. There exists a family 
of such transformed surfaces of degree six which passes 
through each edge of a TETRAHEDRON twice. A sub- 
family with tetrahedral symmetry is given by the two- 
parameter (r,c) family of surfaces 


2 2 2 2 2 2 
frzoziıxzzz3 + c(£zo 21 £2" + £o £1 T3 


420° 22 23 + r1 22 z3 =0 
and the polynomial fr is a sphere with radius r, 


fr = (3 — r)(£0? + 217 + zo? + 23”) 


—2(1 + r)(zoxı + tozz + Lows + 11%2 + L183 + L273) 


Entire Function 


_ (Endraf). 
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Bologna, Italy: 


Entire Function 
If a function is ANALYTIC on C*, where C* denotes the 
extended COMPLEX PLANE, then it is said to be entire. 


see also ANALYTIC FUNCTION, HOLOMORPHIC FUNC- 
TION, MEROMORPHIC 


Entringer Number 

The Entringer numbers E(n, k) are the number of PER- 
MUTATIONS of {1,2,...,n + 1}, starting with k + 1, 
which, after initially falling, alternately fall then rise. 
The Entringer numbers are given by 


E(0,0) =1 
E(n,0) =0 


together with the RECURRENCE RELATION 
Eln,k) = Eln,k+1) + E(n-1,n—-k). 


The numbers E(n) = E(n, n) are the SECANT and TAN- 
GENT NUMBERS given by the MACLAURIN SERIES 


secz + tang 


r? T 


2 á 
= Ao + Ait + Ay + Asay + Aa + As 


5 


£ 
ET EA 
see also ALTERNATING PERMUTATION, BOUSTROPHE- 
DON TRANSFORM, EULER ZIGZAG NUMBER, PERMUTA- 
TION, SECANT NUMBER, SEIDEL-ENTRINGER-ARNOLD 
TRIANGLE, TANGENT NUMBER, ZAG NUMBER, ZIG 
NUMBER | 
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Entropy 

In physics, the word entropy has important physical im- 
plications as the amount of “disorder” of a system. In 
mathematics, a more abstract definition is used. The 
(Shannon) entropy of a variable X is defined as 


H(X) = — Y p(2) Infp(e)], 


where p(x) is the probability that X is in the state z, 
and plnp'is defined as 0 if p = 0. The joint entropy of 
variables X1, ..., Xn is then defined by 


H(Xi,...,Xn) 


-X Y per)... Zn) Inlp(z1,...,2n)). 


see also KOLMOGOROV ENTROPY, KOLMOGOROV-SINAI 
ENTROPY, MAXIMUM ENTROPY METHOD, METRIC EN- 
TROPY, ORNSTEIN'S THEOREM, REDUNDANCY, SHAN- 
NON ENTROPY, TOPOLOGICAL ENTROPY 
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Entscheidungsproblem 
see DECISION PROBLEM 


Enumerative Geometry 
Schubert’s application of the CONSERVATION OF NUM- 
BER PRINCIPLE. 


see also CONSERVATION OF NUMBER PRINCIPLE, DUAL- 
ITY PRINCIPLE, HILBERT’S PROBLEMS, PERMANENCE 
OF MATHEMATICAL RELATIONS: PRINCIPLE 
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Envelope 
The envelope of a one-parameter family of curves given 
implicitly by : 

U(2,y,c) = 0, (1) 


or in parametric form by (f(t,c), g(t,c)), is a curve 
which touches every member of the family. For a curve 
represented by (f(t, c), g(t, c)), the envelope is found by 


solving 
UL eg 
"= OF Be eot (2) 


For a curve represented implicitly, the envelope is given 
by simultaneously solving 


ðU 
U (zx, y,c) =0. (4) 
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see also ASTROID, CARDIOID, CATACAUSTIC, CAUSTIC, 
CAYLEYIAN CURVE, DURER’S CONCHOID, ELLIPSE EN- 
VELOPE, ENVELOPE THEOREM, EVOLUTE, GLISSETTE, 
HEDGEHOG, KIEPERT’S PARABOLA, LINDELOF’S THE- 
OREM, NEGATIVE PEDAL CURVE j 
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Envelope Theorem 

Relates EVOLUTES to single paths in the CALCULUS OF 
VARIATIONS. Proved in the general case by Darboux and 
Zermelo (1894) and Kneser (1898). It states: “When a 
single parameter family of external paths from a fixed 
point O has an ENVELOPE, the integral from the fixed 
point to any point A on the ENVELOPE equals the inte- 
gral from the fixed point to any second point B on the 
ENVELOPE plus the integral along the envelope to the 
first point on the ENVELOPE, Joa = Jop + JBa.” 
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Envyfree 
An agreement in which all parties feel as if they have 


received the best deal. 
a 


Epicycloid 


The path traced out by a point P on the EDGE of a 
CIRCLE of RADIUS b rolling on the outside of a CIRCLE 
of RADIUS a. 


Epicycloid 


It is given by the equations 


z = (a+ b)cos¢ — bcos (25) (1) 
y= (a +6) sing — bsin (24) (2) 
2? = (a + b)? cos? ¢ — 2b(a + b) cos $ cos (2) | 
+ b? cos” (25) (3) 
y = (a E py sin? $ — 2b(a + b) sin $ sin (24) 
b 
+b’ sin? (4) (4) 


r’ =g +y? = (a+b)? +0? 


— 2b(a + b) (cos [6 + 1) J cos $ 
+sin (s + 1) J sing} | (5) 
But 
cosacos 3 + sin asin 6 = cos(a — 6), (6) 


SO 
p? = (a + b)? + b? — 2b(a + b) cos (5+1)9-0 


= (a + b)? +b? — 2b(a + b) cos (59). (7) 


Note that ¢ is the parameter here, not the polar angle. 
The polar angle from the center is 


tan@= £ 2 


y (a+b)sing-— bsin (22 
Zo (a + b) coso — bcos (EG) 


(8) 


To get n CUSPS in the epicycloid, b = a/n, because then 
n rotations of b bring the point on the edge back to its 
starting position. 
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cos(nd) 


n 


= 2 I (n° + 2n + 2) = 2(n + 1) cos(n¢)| , (9) 


n 


ä (241) cos p — * cos[(n + 1)¢] 
(n+ 1) cos ¢ — cos[(n + 1)¢] 


tan@ = 


(10) 


Epicycloid—1-Cusped 


An epicycloid with one cusp is called a CARDIOID, one 
with two cusps is called a NEPHROID, and one with five 
cusps is called a RANUNCULOID. 
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n-epicycloids can also be constructed by beginning with 
the DIAMETER of a CIRCLE, offsetting one end by a se- 
ries of steps while at the same time offsetting the other 
end by steps n times as large. After traveling around 
the CIRCLE once, an n-cusped epicycloid is produced, 
as illustrated above (Madachy 1979). 


Epicycloids have TORSION 
T= 0 (11) 
and satisfy 
AS Y (12) 


where p is the RADIUS OF CURVATURE (1/x). 


see also CARDIOID, CYCLIDE, CYCLOID, EPICYCLOID— 
1-CUSPED, HYPOCYCLOID, NEPHROID, RANUNCULOID 
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A 1-cusped epicycloid has b = a, son = 1. The radius 
measured from the center of the large circle for a 1- 
cusped epicycloid is given by EPICYCLOID equation (9) 
with n = 1 so 


r? = © [(n? + 2n + 2) - 2(n + 1) cos(ng) 
= a*((1° +2-1+2)- 211+1) cos(1 - ¢)] 


= a*(5 — 4cos ġ) (1) 
r= ay/5 — 4cos@, (2) 

and 
tan = 2sin $ — sin(26) (3) 


~ 2cosġ — cos(2¢) - 


The 1-cusped epicycloid is just an offset CARDIOID. 


Epicycloid—-2-Cusped 
see NEPHROID 


Epicycloid Evolute 


The EVOLUTE of the EPICYCLOID 


x = (a + b) cost — bcos (ES) 


5)! 


p= Geb) Sint be (=) | 


is another EPICYCLOID given by 


a a+b 
z= Fa +b) cost + bcos | ( 5 Jel} 
a a+b 
= ] Els 
a sap {(a +b sint + bcos | ( b i 


Epicycloid Involute 


554 Epicycloid Pedal Curve Epitrochoid 


The INVOLUTE of the EPICYCLOID Epimorphism 
a+b A SURJECTIVE MORPHISM. 
z = (a + b) cos t — bcos ( > Je] 
a+b 


Epispiral 
y = (a + b)sint — bsin | ( | ae 


o" 
a 
ch 


is another EPICYCLOID given by 


a + 2b a 


+ 
om 
“nee” 
poses 
E, 


E == 


f(a +t) cost + bcos ( 


b 
y= eae! f(a +0) sint + bcos (=) 102 
a 


A plane curve with polar equation 


a 


ig cos(n@) | 


There are n sections if n is ODD and 2n if n is EVEN. 
References 


Lawrence, J. D. A Catalog of Special Plane Curves. New 
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The PEDAL CURVE of an EPICYCLOID with PEDAL 
POINT at the center, shown for an epicycloid with four 
cusps, is not a ROSE as claimed by Lawrence (1972). 


Epispiral Inverse Curve 


References 
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Epicycloid Radial Curve 


The INVERSE CURVE of the EPISPIRAL 
r = asec(nt) 


with INVERSION CENTER at the origin and inversion ra- 
dius k is the ROSE 


The RADIAL CURVE of an EPICYCLOID is shown above _ kcos(nt) 
for an epicycloid with four cusps. It is not a ROSE, as pi a 
claimed by Lawrence (1972). 
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Epimenides Paradox 

A PARADOX, also called the LIAR’S PARADOX, at- 
tributed to the philosopher Epimenides in the sixth cen- 
tury BC. “All Cretans are liers. .. One of their own po- 
ets has said so.” A sharper version of the paradox is the 
EUBULIDES PARADOX, “This statement is false.” 


see also EUBULIDES PARADOX, SOCRATES’ PARADOX 
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Braid. New York: Vintage Books, p. 17, 1989. CLE of radius 6 rolling around the outside of a fixed 
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Fig. 10-31. The end of the center-tapped 32-volt winding. Tape is used to 
hold all of the loose ends in place. All leads should come off the same end 
of the form as the primary so that they will match up with the holes in the 
transformer case. 


might have a solid-state local oscillator, but then again, maybe 


not—why discard a working circuit? Reflex klystron oscillators of 
the 723 and 2K25 class (see Fig. 10-35) have been available on the 
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Fig. 10-32. The 8-volt winding—in this case, 16 turns of 3 strands of #16 
wire. 
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Epitrochoid Evolute 


CIRCLE of radius a. These curves were studied by 
Diirer (1525), Desargues (1640), Huygens (1679), Leib- 
niz, Newton (1686), L’Hospital (1690), Jakob Bernoulli 
(1690), la Hire (1694), Johann Bernoulli (1695), Daniel 
Bernoulli (1725), Euler (1745, 1781). An epitrochoid ap- 
pears in Diirer’s work Instruction in Measurement with 
Compasses and Straight Edge (1525). He called epitro- 
choids SPIDER LINES because the lines he used to con- 
struct the curves looked like a spider. 


The parametric equations for an epitrochoid are 


xz = mcost — h cos (Ft) 
y = msint — Asin (=e) ; 


where m = a+ b and h is the distance from P to the 
center of the rolling CIRCLE. Special cases include the 
LIMACON with a = b, the CIRCLE with a = 0, and the 
EPICYCLOID with h = b. 


see also EPICYCLOID, HYPOTROCHOID, SPIROGRAPH 
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Epsilon 

In mathematics, a small POSITIVE INFINITESIMAL quan- 
tity whose LIMIT is usually taken to be 0. The late 
mathematician P. Erdós also used the term “epsilons” 
to refer to children. 


Epsilon-Neighborhood 
see NEIGHBORHOOD 


Epstein Zeta Function 
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where g and h are arbitrary VECTORS, the SUM runs 
over a d-dimensional LATTICE, and l = —g is omitted if 
g is a lattice VECTOR. 


see also ZETA FUNCTION 
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Equal 

Two quantities are said to be equal if they are, in some 
well-defined sense, equivalent. Equality of quantities a 
and b is written a = b. 


A symbol with three horizontal line segments (=) re- 
sembling the equals sign is used to denote both equality 
by definition (e.g., A = B means A is DEFINED to be 
equal to B) and CONGRUENCE (e.g., 13 = 12 (mod 1) 
means 13 divided by 12 leaves a REMAINDER of l—a 
fact known to all readers of analog clocks). 


see also CONGRUENCE, DEFINED, DIFFERENT, EQUAL 
BY DEFINITION, EQUALITY, EQUIVALENT, ISOMOR- 
PHISM 


Equal by Definition 
see DEFINED 


Equal Detour Point 
The center of an outer SODDY CIRCLE. It has TRIANGLE 
CENTER FUNCTION 


2A 


A era 1 l 1 
P sec(5 A) cos(5 B) cos(5C) + 1. 


a=1 


Given a point Y not between A and B, a detour of length 
[AY | + |Y B|] — |AB| 


is made walking from A to B via Y, the point is of equal 
detour if the three detours from one side to another via 


Y are equal. If ABC has no ANGLE > 2sin”?*(4/5), 
then the point given by the above TRILINEAR COORDI- 
NATES is the unique equal detour point. Otherwise, the 
ISOPERIMETRIC POINT is also equal detour. 
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Equal Parallelians Point 

The point of intersection of the three LINE SEGMENTS, 
each parallel to one side of a TRIANGLE and touching 
the other two, such that all three segments are of the 
same length. The TRILINEAR COORDINATES are 


be(ca + ab — be) : calab + be — ca) : ab(be + ca — ab). 


References | 
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Equality 

A mathematical statement of the equivalence of two 
quantities. The equality “A is equal to B” is written 
A=B. 


see also EQUAL, [INEQUALITY 


Equally Likely Outcomes Distribution 
Let there be a set S with N elements, each of them 
having the same probability. Then 


N N 
P(S) =P | | JE: } =»_P(E) 
i=1 i=l 


= P(B:) Y 1=NP(E,). 


tl 


Using P(S) = 1 gives 


see also UNIFORM DISTRIBUTION 


Equi-Brocard Center 
The point Y for which the TRIANGLES BYC, CY A, and 
AY B have equal BROCARD ANGLES. 
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Equiaffinity 

An AREA-preserving AFFINITY. Equiaffinities include 
the ELLIPTIC ROTATION, HYPERBOLIC ROTATION, HY- 
PERBOLIC ROTATION (CROSSED), and PARABOLIC Ro- 
TATION. 


Equiangular Spiral 
see LOGARITHMIC SPIRAL 


Equidistant Cylindrical Projection 


Equianharmonic Case 
The case of the WEIERSTRAB ELLIPTIC FUNCTION with 
invariants g2 = 0 and g3 = 1. 


see also LEMNISCATE CASE, PSEUDOLEMNISCATE CASE 
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Equichordal Point 
A point P for which all the CHORDS passing through P 
are of the same length. It satisfies 


px + py = [const], 


where p is the CHORD length. It is an open question 
whether a plane convex region can have two equichordal 
points. 


see also EQUICHORDAL PROBLEM, EQUIPRODUCT 
POINT, EQUIRECIPROCAL POINT 


Equichordal Problem 

Is there a planar body bounded by a simple closed curve 
and star-shaped with respect to two interior points p 
and q whose point X-rays at p and q are both constant? 
Rychlik (1997) has answered the question in the nega- 
tive. 


see also EQUICHORDAL POINT 
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Equidecomposable 
The ability of two plane or space regions to be Dis- 
SECTED into each other. 


Equidistance Postulate 
PARALLEL lines are everywhere equidistant. This Pos- 
TULATE is equivalent to the PARALLEL ÁXIOM. 


References 

Dunham, W. “Hippocrates’ Quadrature of the Lune.” Ch. 1 
in Journey Through Genius: The Great Theorems of 
Mathematics. New York: Wiley, p. 54, 1990. 


Equidistant Cylindrical Projection 
see CYLINDRICAL EQUIDISTANT PROJECTION 


Equidistributed Sequence 


Equidistributed Sequence 

A sequence of REAL NUMBERS {zn} is equidistributed 

if the probability of finding £n in any subinterval is pro- 

portional to the subinterval length. 

see also WEYL'S CRITERION 
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Equilateral Hyperbola 
see RECTANGULAR HYPERBOLA 


Equilateral Triangle 


a 
An equilateral triangle is a TRIANGLE with all three 
sides of equal length s. An equilateral triangle also has 
three equal 60° ANGLES. 


An equilateral triangle can be constructed by TRISECT- 
ING all three ANGLES of any TRIANGLE (MORLEY’S 
THEOREM). NAPOLEON’S THEOREM states that if three 
equilateral triangles are drawn on the LEGS of any TRI- 
ANGLE (either all drawn inwards or outwards) and the 
centers of these triangles are connected, the result is an- 
other equilateral triangle. 


Given the distances of a point from the three corners of 
an equilateral triangle, a, b, and c, the length of a side 
s is given by 


Blat +b H tH st) la eos (1) 


(Gardner 1977, pp. 56-57 and 63). There are infinitely 
many solutions for which a, b, and c are INTEGERS. In 
these cases, one of a, b, c, and s is DIVISIBLE by 3, one 


by 5, one by 7, and one by 8 (Guy 1994, p. 183). 


The ALTITUDE h of an equilateral triangle is 
h = 5v3s, (2) 
where s is the side length, so the AREA is 
A= ish= 438". (3) 


ba) AN 
a 
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The INRADIUS r, CIRCUMRADIUS R, and AREA A can 
be computed directly from the formulas for a general 
regular POLYGON with side length s and n = 3 sides, 


r= żscot (5) = stan (=) =iv3s (4) 
R= tsese (5) = issec (=) = iv3s (5) 
A = 1 ns? cot (=) =F 38”. (6) 


The AREAS of the INCIRCLE and CIRCUMCIRCLE are 


Aaa Saas (7) 
Ar = TR? = ins’. (8) 
. A 
Q 
B C 
P 


Let any RECTANGLE be circumscribed about an EQUI- 
LATERAL TRIANGLE. Then 


X +Y =Z, (9) 


where X, Y, and Z are the AREAS of the triangles in 
the figure (Honsberger 1985). 


Begin with an arbitrary TRIANGLE and find the EXCEN- 
TRAL TRIANGLE. Then find the EXCENTRAL TRIANGLE 
of that triangle, and so on. Then the resulting triangle 
approaches an equilateral triangle. The only RATIONAL 
TRIANGLE is the equilateral triangle (Conway and Guy 
1996). A POLYHEDRON composed of only equilateral 
triangles is known as a DELTAHEDRON. 


A 


The largest equilateral triangle which can be inscribed 

in a UNIT SQUARE (left) has side length and area 
sS (10) 
A = 143. (11) 

The smallest equilateral triangle which can be inscribed 


(right) is oriented at an angle of 15° and has side length 
and area 


S ) = V6 — V2 (12) 
A=2V3-3 (13) 
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(Madachy 1979). 


see also ACUTE TRIANGLE, DELTAHEDRON, EQUILIC 
QUADRILATERAL, FERMAT POINT, GYROELONGATED 
SQUARE DIPYRAMID, ICOSAHEDRON, ISOGONIC CEN- 
TERS, ISOSCELES TRIANGLE, MORLEY’S THEOREM, 
OCTAHEDRON, PENTAGONAL DIPYRAMID, RIGHT TRI- 
ANGLE, SCALENE TRIANGLE, SNUB DISPHENOID, TET- 
RAHEDRON, TRIANGLE, TRIANGULAR DIPYRAMID, TRI- 
AUGMENTED TRIANGULAR PRISM, VIVIANI’S ‘THEOREM 
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Equilibrium Point 

An equilibrium point in GAME THEORY is a set of strate- 
gies {21,...,£n} such that the ith payoff function K;(x) 
is larger or equal for any other ith strategy, i.e., 


A 


K; (ĉ1, Oe En) Milos Tila Diles meee 
see NASH EQUILIBRIUM 


Equilic Quadrilateral 

A QUADRILATERAL in which a pair of opposite sides 

have the same length and are inclined at 60° to each 

other (or equivalently, satisfy (A) + (B) = 120°). Some 

interesting theorems hold for such quadrilaterals. Let 

ABCD be an equilic quadrilateral with AD = BC and 

(A) + (B) = 120°. Then 

1. The MIDPOINTS P, Q, and R of the diagonals and 
the side CD always determine an EQUILATERAL 
TRIANGLE. 


2. If EQUILATERAL TRIANGLE PCD is drawn out- 
wardly on CD, then APAB is also an EQUILATERAL 
TRIANGLE. 


3. If EQUILATERAL TRIANGLES are drawn on AC, DC, 
and DB away from AB, then the three new VER- 
TICES P, Q, and R are COLLINEAR. 


See Honsberger (1985) for additional theorems. - 
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Equinumerous 

Let A and B be two classes of POSITIVE integers. Let 
A(n) be the number of integers in A which are less than 
or equal to n, and let B(n) be the number of integers in 
B which are less than or equal to n. Then if 


A(n) ~ Bln), 


A and B are said to be equinumerous. 


The four classes of PRIMES 8k +1, 8k +3, 8k +5, 8k +7 
are equinumerous. Similarly, since 8k +1 and 8k +5 are 
both of the form 4k+1, and 8k+3 and 8k+7 are both of 
the form 4k+3, 4k+1 and 4k+3 are also equinumerous. 


see also BERTRAND’S POSTULATE, CHOQUET THEORY, 
PRIME COUNTING FUNCTION 
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Equipollent 
Two statements in LOGIC are said to be equipollent if 
they are deducible from each other. Two SETS with the 
same CARDINAL NUMBER are also said to be equipol- 
lent. The term EQUIPOTENT is sometimes used instead 
of equipollent. 


Equipotent 
see EQUIPOLLENT 


Equipotential Curve 

A curve in 2-D on which the value of a function f(x, y) 
is a constant. Other synonymous terms are ISARITHM 
and ISOPLETH. 


see also LEMNISCATE 


Equiproduct Point 
A point, such as interior points of a disk, such that 


(px) (py) = [const], 


where p is the CHORD length. 


see also EQUICHORDAL POINT, 
POINT 


EQUIRECIPROCAL 


Equireciprocal Point 
A point, such as the FOCI of an ELLIPSE, which satisfies 


1 1 

— + — = [const], 
pz 

where p is the CHORD length. 


see also EQUICHORDAL POINT, EQUIPRODUCT POINT 


Equirectangular Projection 


Equirectangular Projection 


A MAP PROJECTION, also called a RECTANGULAR PRO- 
JECTION, in which the horizontal coordinate is the lon- 
gitude and the vertical coordinate is the latitude. 


Equiripple 
A distribution of ERROR such that the ERROR remaining 
is always given approximately by the last term dropped. 


Equitangential Curve 
see TRACTRIX 


Equivalence Class 

An equivalence class is defined as a SUBSET of the form 
{x € X : Raj, where a is an element of X and the No- 
TATION “x Ry” is used to mean that there is an EQUIV- 
ALENCE RELATION between z and y. It can be shown 
that any two equivalence classes are either equal or dis- 
joint, hence the collection of equivalence classes forms a 
partition of X. For all a,b € X, we have afd IFF a and 
b belong to the same equivalence class. 


A set of CLASS REPRESENTATIVES is a SUBSET of X 
which contains EXACTLY ONE element from each equiv- 
alence class. 


For n a POSITIVE INTEGER, and a, 6 INTEGERS, consider 
the CONGRUENCE a = b (mod n), then the equivalence 
classes are the sets {..., —2n, —n, 0, n, 2n,...}, {..., 
1-2n,1-n,1,1+n,1+2n,...) etc. The standard 
CLASS REPRESENTATIVES are taken to be 0, 1, 2, 

n— 1. 

see also CONGRUENCE, COSET 
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Equivalence Problem 
see METRIC EQUIVALENCE PROBLEM 


Equivalence Relation 

An equivalence relation on a set X is a SUBSET of X x 
X, i.e., a collection R of ordered pairs of elements of 
X, satisfying certain properties. Write “xRy” to mean 
(x,y) is an element of R, and we say “zx is related to y,” 
then the properties are 


1. Reflexive: aRa for all a € X, 
2. Symmetric: aRb IMPLIES bRa for all a,b € X 
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3. Transitive: aRb and bRc imply afc for alla,b,c E€ X, 


where these three properties are completely indepen- 
dent. Other notations are often used to indicate a rela- 
tion, e.g., a=bora “vb. 


see also EQUIVALENCE CLASS, TEICHMULLER SPACE 
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Equivalent 

If A > Band B > A (i.e, A > BAB > A, where => de- 
notes IMPLIES), then A and B are said to be equivalent, 
a relationship which is written symbolically as A = B 
or A = B. However, if A and B are “equivalent by 
definition” (i.e., A is DEFINED to be B), this is writ- 
ten Á = B, a notation which conflicts with that for a 
CONGRUENCE. 


see also DEFINED, IFF, IMPLIES 


Equivalent Matrix 
An m x n MATRIX Á is said to be equivalent to another 
m x n MATRIX B IFF 


B = PAQ 


for P and Q any mxn and nxn MATRICES, respectively. 
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OE IEA AO 
An ALGORITHM for making tables of PRIMES. Sequen- 
tially write down the INTEGERS from 2 to the highest 
number n you wish to include in the table. Cross out 
all numbers > 2 which are divisible by 2 (every second 
number). Find the smallest remaining number > 2. lt 
is 3. So cross out all numbers > 3 which are divisible 
by 3 (every third number). Find the smallest remaining 
number > 3. It is 5. So cross out all numbers > 5 which 
are divisible by 5 (every fifth number). 


Continue until you have crossed out all numbers divisi- 
ble by [Vn], where |x] is the FLOOR FUNCTION. The 
numbers remaining are PRIME. This procedure is illus- 
trated in the above diagram which sieves up to 50, and 
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therefore crosses out PRIMES up to [1/50| = 7. If the 
procedure is then continued up to n, then the number 
of cross-outs gives the number of distinct PRIME factors 
of each number. 
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Erdós-Anning Theorem 

If an infinite number of points in the PLANE are all sep- 
arated by INTEGER distances, then all the points lie on 
a straight LINE. 


Erdós-Kac Theorem 

A deeper result than the HARDY-RAMANUJAN THEO- 
REM. Let N(zx, a, b) be the number of INTEGERS in [3, z] 
such that inequality 


w(n) —InInn 


aj v In ln n 


holds, where w(n) is the number of different PRIME fac- 
tors of n. Then 


b 
lim N(x,a,b) = CLAD rn dt. 
B00 V 20 A: 


The theorem is discussed in Kac (1959). 


a 
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Erdós-Mordell Theorem 

If O is any point inside a TRIANGLE AABC, and P, Q, 
and R are the feet of the perpendiculars from O upon 
the respective sides BC, CA, and AB, then 


OA+0B+0C > OP + OQ + OR). 
Oppenheim (1961) and Mordell (1962) also showed that 


OA x OB x OC > (OQ + OR)(OR + OP)(OP + OQ). 
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Erdós Number 

An author’s Erdós number is 1 if he has co-authored a 
paper with Erdós, 2 if he has co-authored a paper with 
someone who has co-authored a paper with Erdós, etc. 
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Erdós Reciprocal Sum Constants 


see A-SEQUENCE, B2-SEQUENCE, NONAVERAGING SE- 
QUENCE 


Erdós-Selfridge Function 

The Erdés-Selfridge function g(k) is defined as the least 
integer bigger than k + 1 such that all prime factors of 
ee) exceed k (Ecklund et al. 1974). The best lower 
bound known is 


In? y 1? 
> eee ees, 
glk) = €Xp (a 


(Granville and Ramare 1996). Scheidler and Williams 
(1992) tabulated g(k) up to k = 140, and Lukes et al. 
(1997) tabulated g(k) for 135 < k < 200. The values for 
n = 2, 3,... are 4, 7, 7, 23, 62, 143, 44, 159, 46, 47, 
174, 2239, ... (Sloane’s A046105). 


see also BINOMIAL COEFFICIENT, LEAST PRIME FAC- 
TOR 
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Erdos Squarefree Conjecture 


Erdós Squarefree Conjecture 

The CENTRAL BINOMIAL COEFFICIENT (*") is never 
SQUAREFREE for n > 4. This was proved true for all suf- 
ficiently large n by SARKOZY’S THEOREM. Goetgheluck 
(1988) proved the CONJECTURE true for 4 < n < 
942205184 and Vardi (1991) for 4 < n < 2774840978 The 
conjecture was proved true in its entirely by Granville 
and Ramare (1996). 


see also CENTRAL BINOMIAL COEFFICIENT 
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Erdós-Szekeres Theorem 

Suppose a, b € N, n = ab + 1, and z1, ..., tn isa 
sequence of n REAL NUMBERS. Then this sequence con- 
tains a MONOTONIC increasing (decreasing) subsequence 
of a + 1 terms or a MONOTONIC decreasing (increasing) 
subsequence of b + 1 terms. DILWORTH'S LEMMA is a 
generalization of this theorem. 


see also COMBINATORICS 


Erf 


Re[Erf z] Im[Erf z] JErf z| 
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The “error function” encountered in integrating the 
GAUSSIAN DISTRIBUTION. 


erf(z) = = | ew? dt (1) 
= 1 — erfc(z) (2) 
= Jr y(k, 2°), (3) 


where ERFC is the complementary error function and 
y(x,a) is the incomplete GAMMA FUNCTION. It can 
also be defined as a MACLAURIN SERIES 


9 oe (i 
f(2) = — A, 4 
do >, n!(2n + 1) (4) 
Erf has the values 
erf(0) = 0 (5) 
erf(oo) = 1. (6) 
It is an ODD FUNCTION 
erf(—z) = —erf(z), (7) 
and satisfies 
erf(z) + erfc(z) = 1. (8) 


Erf may be expressed in terms of a CONFLUENT HYPER- 
GEOMETRIC FUNCTION OF THE FIRST KIND M as 


22 13 


ill 3) 3972 


Erf is bounded by 


erf(z) = 


1 a j —t? 1 
€ e dte A “(10 
z+ vz? +2 / z+ /2? +2 mm) 

Its DERIVATIVE is 
et) = TA, (10 


where H,, is a HERMITE POLYNOMIAL. The first DE- 

RIVATIVE is > n | 
—2?/2 

— erf(z) = —e ; 12 

z7 etl) (12) 


and the integral is 


€ 


[ete dz = zerf(z) + a (13) 
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For x < 1, erf may be computed from 


erf(x) = = | e” dt (14) 
0 


k=0 
E ae (15) 
NT k!(2k +1) 
k=0 
2 
= ale — ig? + tr” La” + El 
E +...) (16) 
a 227 (2x)? 
Zen Li ssl It 
Va al e E 


Using INTEGRATION BY PARTS gives 


la a, | —2? 
J e dt = 5J Ue ) 


(I 
| 
bo | = 
ra 
ran 
o | 
h 
b 
Lo 
8 
| 
bre 
IQ, 
8 
® 
ZE 
hb to 
a, 
Eh 


se ey 
e e 
2g 4ga 000 (13) 
SO 
e 


and continuing the procedure gives the ASYMPTOTIC 
SERIES 


erf(z) = 1-— 


3g” — 1577 4 4859 a...) (21) 


A COMPLEX generalization of erf is defined as 


w(z) = Bas erfc(—iz) (22) 


2 2i A 2 ) 
=e O edt 23 
( vat ved, 28) 


2 


EP ee ee at. T 
mj] _ z—t T dyp Are 


oO 


Erfc 


see also DAWSON’S INTEGRAL, ERFC, ERFI, GAUSSIAN 
INTEGRAL, NORMAL DISTRIBUTION FUNCTION, PROB- 
ABILITY INTEGRAL 
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Erfc 
The “complementary error function” 
E ae 
erfc(z) = —= e™ dt (1) 
VT Jz 
= 1 — erf (zx) (2) 
= Vm (5,2°), (3) 


where y is the incomplete GAMMA FUNCTION. It has 
the values 


erfc(0) = 1 (4) 
erfc(oo) = 0 (5) 
eríc(—x2) = 2 — erfc(x) (6) 
f erfc(x) dz = 2 (7) 
o yr 
= 2 a= /2 
/ eríc* (x) du = Te (8) 


A generalization is obtained from the differential equa- 
tion 
d*y 
dz? 


The general solution is then 


dy o 
+ 2277 — 2ny = 0. (9) 


y = Aerfcin (z) + Berfcin(—z2), (10) 


where erfcin (z) is the erfc integral. For integral n > 1, 


erfci,(z) = J festa dz (11) 


= q P ee dt. G2). 
: ! 


| 


Erfi 
The definition can be extended to n = —1 and 0 using 
He ae (13) 
erfcio(z) = erfc(z). (14) 


see also ERF, ERFI 
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Erfi 
erfi(z) = —ierf(iz). 
see also ERF, ERFC 


Ergodic Measure 

An ENDOMORPHISM is called ergodic if it is true that 
T~1A = A IMPLIES m(A) = 0 or 1, where THA = {z € 
X : T(x) € A}. Examples of ergodic endomorphisms 
include the MAP X — 22 mod 1 on the unit interval 
with LEBESGUE MEASURE, certain AUTOMORPHISMS of 
the Torus, and “Bernoulli shifts” (and more generally 
“Markov shifts” ). 


Given a MAP T and a SIGMA ALGEBRA, there may be 
many ergodic measures. If there is only one ergodic 
measure, then T is called uniquely ergodic. An example 
of a uniquely ergodic transformation is the MAP z +> z+ 
a mod 1 on the unit interval when a is irrational. Here, 
the unique ergodic measure is LEBESGUE MEASURE. 


Ergodic Theory 

Ergodic theory can be described as the statistical and 
qualitative behavior of measurable group and semigroup 
actions on MEASURE SPACES. The GROUP is most com- 
monly N, R, Rt, and Z. 


Ergodic theory had its origins in the work of Boltzmann 
in statistical mechanics. Its mathematical origins are 
due to von Neumann, Birkhoff, and Koopman in the 
1930s. It has since grown to be a huge subject and 
has applications not only to statistical mechanics, but 
also to number theory, differential geometry, functional 
analysis, etc. There are also many internal problems 
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(e.g., ergodic theory being applied to ergodic theory) 
which are interesting. 


see also AMBROSE-KAKUTANI THEOREM, BIRKHOFF’S 
ERGODIC THEOREM, DYE’S THEOREM, DYNAMICAL 
SYSTEM, HOPF’S THEOREM, ORNSTEIN’S THEOREM 
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Ergodic Transformation 
A transformation which has only trivial invariant SUB- 
SETS is said to be invariant. 


Erlanger Program 

A program initiated by F. Klein in an 1872 lecture to 
describe geometric structures in terms of their group 
AUTOMORPHISMS. 


References 

Klein, F. “Vergleichende Betrachtungen uber neuere ge- 
ometrische Forschungen.” 1872. 

Yaglom, I. M. Felix Klein and Sophus Lie: Evolution of the 
Idea of Symmetry in the Nineteenth Century. Boston, MA: 
Birkhäuser, 1988. 


Ermakoff’s Test 
The series >> f(n) for a monotonic nonincreasing f(z) 
is convergent if 


and divergent if 
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Error 
The difference between a quantity and its estimated or 
measured quantity. 


see also ABSOLUTE ERROR, PERCENTAGE ERROR, REL- 
ATIVE ERROR 
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Error-Correcting Code 

An error-correcting code is an algorithm for expressing 
a sequence of numbers such that any errors which are 
introduced can be detected and corrected (within cer- 
tain limitations) based on the remaining numbers. The 
study of error-correcting codes and the associated math- 
ematics is known as CODING THEORY. 


Error detection is much simpler than error correction, 
and one or more “check” digits are commonly embedded 
in credit card numbers in order to detect mistakes. Early 
space probes like Mariner used a type of error-correcting 
code called a block code, and more recent space probes 
use convolution codes. Error-correcting codes are also 
used in CD players, high speed modems, and cellular 
phones. Modems use error detection when they compute 
CHECKSUMS, which are sums of the digits in a given 
transmission modulo some number. The ISBN used to 
identify books also incorporates a check DIGIT. 


A powerful check for 13 DIGIT numbers consists of the 
following. Write the number as a string of DIGITS 
a10203°::a13. Take a1 +a3+...+4a13 and double. Now 
add the number of DIGITS in ODD positions which are 
> 4 to this number. Now add az + a4+...+ aig. The 
check number is then the number required to bring the 
last DIGIT to 0. This scheme detects all single DIGIT 
errors and all TRANSPOSITIONS of adject DIGITS except 
0 and 9. 


see also CHECKSUM, CODING THEORY, GALOIS FIELD, 
HADAMARD MATRIX, ISBN 
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Error Curve 
see GAUSSIAN FUNCTION 


Error Function 
see ERF, ERFC 


Error Function Distribution 
A NORMAL DISTRIBUTION with MEAN 0. 


h —h?g? 
€ 


The CHARACTERISTIC FUNCTION is 


b(t) = CHN, (2) 


Error Propagation 


The MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 


p=0 (3) 
2 = (4) 

7” = apa 
y =0 (5) 
y2 = 0. (6) 

The CUMULANTS are 

kı = 0 (7) 

1 
Ka = 247 (8) 
Kn = 0 (9) 


for n > 3. 


Error Propagation 

Given a FORMULA y = f(x) with an ABSOLUTE ERROR 
in x of dz, the ABSOLUTE ERROR is dy. The RELATIVE 
ERROR is dy/y. If x = f(u,v), then 


as 10 _, Ox 
zi = 2 = (u 0) + (00) +... (1) 


SO 


mi e id (ja) up (S) 


E E Gia) (5) (=) +... (2) 


The definitions of VARIANCE and COVARIANCE then give 
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If u and v are uncorrelated, then Cuv = 0 so 
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— ek ET AER 
Fig. 10-33. The winding form completely rewound, taped, and ready to be 
mounted back in the core. 


surplus market for over thirty years. Output frequencies from 
below 3 GHz up through 9.6 GHz are currently available with 
output powers in the neighborhood of 10 to 150 milliwatts. These 
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Fig. 10-34. The transformer reassembled. It has been said that the seg- 
ments should be shellacked before reassembly, but that seems like a 
messy job, and | haven't found it necessary. All that remains is to insulate 
the leads and replace the covers. 
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Error Propagation 


Now consider addition of quantities with errors. For 
z= aut bv, 0x/0u = a and 0x/0v = +b, so 


On? =a 0, +b’ ay” + 2abour’. (8) 


For division of quantities with zx = tau/v, Or/Ou = 
+a/v and ðz/ðv = Fau/v’, so 


(5) +(E) (25 (E). an 


For exponentiation of quantities with 


Be gre = (e a = ¿En ole. (11) 
ape +b(Ina)e*?'™** = +b(Ina)z, (12) 
Ou 
so 
Ox = Cyb(Ina)z (13) 
Oz 
ED i 4 
In ac (14) 
If a = e, then 
| des 
— = bou. 15 
2 = be (15) 


For LOGARITHMS of quantities with x = aln(+bu), 
Oz /Ou = a(+b)/(+bu) = a/u, so 


a? 
Cn = Ou (5) (16) 
Or =a—. (17) 


For multiplication with z = tauv, Ox/0u = +av and 
Ox/Ov = +au, so 


2_ 2 2 2 2 2 2 2 2 
Or =A V Ou +A U Oy + 20 UVOuv (18) 
2,2 2,2 2 
(Ey au 2, Cu > 24% UV v? 
— o 
r azu2y2 “ auu? ” auu? *” 


2 2 
a ee 
u v u v 
For POWERS, with z = au®’, ðz/ðu = tabut’! = 
+bz/u, so 


2,2 
Oz = GF nr (20) 
Or g 


see also ABSOLUTE ERROR, PERCENTAGE ERROR, REL- 
ATIVE ERROR 
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Escher’s Map 


f(z) = giltcos B+i sin 3) /2 


Escribed Circle 
see EXCIRCLE 


Essential Singularity 
A SINGULARITY a for which f(z)(z—a)” is not DIFFER- 
ENTIABLE for any INTEGER n > 0. 


see also PICARD’S THEOREM, WEIERSTRAS-CASORATI 
THEOREM 


Estimate 

An estimate is an educated guess for an unknown quan- 
tity or outcome based on known information. The mak- 
ing of estimates is an important part of statistics, since 
care is needed to provide as accurate an estimate as 
possible using as little input data as possible. Often, an 
estimate for the uncertainty AF of an estimate E can 
also be determined statistically. A rule that tells how to 
calculate an estimate based on the measurements con- 
tained in a sample is called an ESTIMATOR. 


see also BIAS (ESTIMATOR), ERROR, ESTIMATOR 


References 

Iyanaga, S. and Kawada, Y. (Eds.). “Statistical Estimation 
and Statistical Hypothesis Testing.” Appendix A, Table 23 
in Encyclopedic Dictionary of Mathematics. Cambridge, 
MA: MIT Press, pp. 1486-1489, 1980. 


Estimator 

An estimator is a rule that tells how to calculate an 
ESTIMATE based on the measurements contained in a 
sample. For example, the “sample MEAN” AVERAGE Z 
is an estimator for the population MEAN p. 


The mean square error of an estimator 6 is defined by 
MSE = ((6 — 6)*). 
Let B be the BIAS, then 


MSE = ([(8 — (9)) + B(6))?) 
= ((@— (8))*) + BO) = V(8) + B*(0), 


where V is the estimator VARIANCE. 


see also BIAS (ESTIMATOR), ERROR, ESTIMATE, k- 
STATISTIC 


Eta Function 


see DEDEKIND ETA FUNCTION, DIRICHLET ETA FUNC- 
TION, THETA FUNCTION 


Ethiopian Multiplication 
see RUSSIAN MULTIPLICATION 
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Etruscan Venus Surface 
A 3-D shadow of a 4-D KLEIN BOTTLE. 


see also IDA SURFACE 
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Eubulides Paradox 

The PARADOX “This statement is false,” stated in the 
fourth century BC. It is a sharper version of the EPI- 
MENIDES PARADOX, “All Cretans are liers...One of 
their own poets has said so.” 


see also EPIMENIDES PARADOX, SOCRATES’ PARADOX 
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Euclid’s Axioms 
see EUCLID’S POSTULATES 


Euclid’s Elements 


see ELEMENTS 


Euclid’s Fifth Postulate 
see EUCLID’S POSTULATES 


Euclid Number 
The nth Euclid number is defined by 


En =1+ e 
i=1 


where p; is the ith PRIME. The first few E, are 3, 
7, 31, 211, 2311, 30031, 510511, 9699691, 223092871, 
6469693231, ... (Sloane’s A006862). The largest fac- 
tor of En are 3, 7, 31, 211, 2311, 509, 277, 27953, ... 
(Sloane’s A002585). The n of the first few PRIME Euclid 
numbers E, are 1, 2, 3, 4, 5, 11, 75, 171, 172, 384, 457, 
616, 643, ... (Sloane's A014545) up to a search limit of 
700. It is not known if there are an INFINITE number of 
PRIME Euclid numbers (Guy 1994, Ribenboim 1996). 


see also SMARANDACHE SEQUENCES 
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Euclid's Theorems 


Euclid’s Postulates 


1. A straight LINE SEGMENT can be drawn joining any 
two points. 


2. Any straight LINE SEGMENT can be extended indef- 
initely in a straight LINE. 


3. Given any straight LINE SEGMENT, a CIRCLE can 
be drawn having the segment as RADIUS and one 
endpoint as center. 


4. All RIGHT ANGLES are congruent. 


5. If two lines are drawn which intersect a third in such 
a way that the sum of the inner angles on one side 
is less than two RIGHT ANGLES, then the two lines 
inevitably must intersect each other on that side if 
extended far enough. This postulate is equivalent to 
what is known as the PARALLEL POSTULATE. 


Euclid’s fifth postulate cannot be proven as a theorem, 
although this was attempted by many people. Euclid 
himself used only the first four postulates (“ABSOLUTE 
GEOMETRY”) for the first 28 propositions of the Ele- 
ments, but was forced to invoke the PARALLEL POSTU- 
LATE on the 29th. In 1823, Janos Bolyai and Nicolai 
Lobachevsky independently realized that entirely self- 
consistent “NON-EUCLIDEAN GEOMETRIES” could be 
created in which the parallel postulate did not hold. 
(Gauss had also discovered but suppressed the existence 
of non-Euclidean geometries. ) 


see also ABSOLUTE GEOMETRY, CIRCLE, Elements, 
LINE SEGMENT, NON-EUCLIDEAN GEOMETRY, PARAL- 
LEL POSTULATE, PASCH’S THEOREM, RIGHT ANGLE 
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Euclid”s Principle 
see EUCLID’S THEOREMS 


Euclid’s Theorems 

A theorem sometimes called “Euclid’s First Theorem” 
or EUCLID’S PRINCIPLE states that if p is a PRIME 
and plab, then pla or plb (where | means DIVIDES). A 
COROLLARY is that pla” => pla (Conway and Guy 1996). 
The FUNDAMENTAL THEOREM OF ARITHMETIC is an- 
other COROLLARY (Hardy and Wright 1979). 


Euclid’s Second Theorem states that the number of 
PRIMES is INFINITE. This theorem, also called the IN- 
FINITUDE OF PRIMES theorem, was proved by Euclid in 
Proposition IX.20 of the Elements. Ribenboim (1989) 
gives nine (and a half) proofs of this theorem. Eu- 
clid’s elegant proof proceeds as follows. Given a finite 
sequence of consecutive PRIMES 2, 3, 5,..., p, the num- 
ber 

N=2-3-5---p+1, (1) 


known as the ¿th EUCLID NUMBER when p = p; is the ith 
PRIME, is either a new PRIME or the product of PRIMES. 
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If N is a PRIME, then it must be greater than the pre- 
vious PRIMES, since one plus the product of PRIMES 
must be greater than each PRIME composing the prod- 
uct. Now, if N is a product of PRIMES, then at least 
one of the PRIMES must be greater than p. This can be 
shown as follows. 1f N is COMPOSITE and not greater 
than p, then one of its factors (say F) must be one of 
the PRIMES in the sequence, 2, 3, 5, ..., p. It therefore 
DIVIDES the product 2-3-5---p. However, since it is 
a factor of N, it also DIVIDES N. But a number which 
DIVIDES two numbers a and 6 < a also DIVIDES their 
difference a — b, so F must also divide 


N—(2-3-5 si -p) = (2-3-5 i -p+1)—(2-3-5 Su - p) = 1. (2) 


However, in order to divide 1, F' must be 1, which is 
contrary to the assumption that it is a PRIME in the 
sequence 2, 3, 5, .... It therefore follows that if N 
is composite, it has at least one factor greater than p. 
Since N is either a PRIME greater than p or contains a 
factor greater than p, a PRIME larger than the largest 
in the finite sequence can always be found, so there are 
an infinite number of PRIMES. Hardy (1967) remarks 
that this proof is “as fresh and significant as when it 
was discovered” so that “two thousand years have not 
written a wrinkle” on it. 


A similar argument shows that p! + 1 is PRIME, and 
E recipi (3) 


must be either PRIME or be divisible by a PRIME > p. 
Kummer used a variation of this proof, which is also a 
proof by contradiction. It assumes that there exist only 
a finite number of PRIMES N = pi, P2, .-., Pr. Now 
consider N — 1. It must be a product of PRIMES, so it 
has a PRIME divisor p; in common with N. Therefore, 
pilN —(N—1) = 1 which is nonsense, so we have proved 
the initial assumption is wrong by contradiction. 


It is also true that there are runs of COMPOSITE NUM- 
BERS which are arbitrarily long. This can be seen by 
defining 


j 
n=j!=[ [i (4) 
i=i 
where ¿! is a FACTORIAL. Then the j — 1 consecutive 
numbers n + 2, n+3,..., n+ j are COMPOSITE, since 


n+2=(1-2:--3)42=2(1-3:4:--n+1) (5) 
n+3=(1:2---3)+3=3(1-2:4-5---n+1) (6) 
n+j=(1-2---3)+3=311-2---(¡-1)+1). (7) 


Guy (1981, 1988) points out that while p, pa +++ pn +1 is 
not necessarily PRIME, letting q be the next PRIME after 
piP2-***Pn +1, the number q — pip2-**Pn + 1 is almost 
always a PRIME, although it has not been proven that 
this must always be the case. 
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see also DIVIDE, EUCLID NUMBER, PRIME NUMBER 
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Euclidean Algorithm 

An ALGORITHM for finding the GREATEST COMMON Di- 
VISOR of two numbers a and 8, also called Euclid’s al- 
gorithm. It is an example of a P-PROBLEM whose time 
complexity is bounded by a quadratic function of the 
length of the input values (Banach and Shallit). Let 
a = bq +r, then find a number u which DIVIDES both a — 
and b (so that a = su and b = tu), then u also DIVIDES 
r since 


Similarly, find a number v which DIVIDES b and r (so 
that b = s'v and r = t'v), then v DIVIDES a since 


a=bg+tr=sug+tu=(s'qt+t')v. (2) 
Therefore, every common DIVISOR of a and b is a com- 


mon DIVISOR of b and r, so the procedure can be iterated 
as follows 


a = bqi +11 (3) 
b= qari +r (4) 

Ti =Q372 + T3 (5) 
raca = Gaina te (6) 
Pn-1 = dn+1Tn, (7) 


where rn is GCD(a,b) = (a,b). Lamé showed that the 
number of steps needed to arrive at the GREATEST COM- 
MON DIVISOR for two numbers less than N is 


logio N logio V5 
ste Ss < — + re 8 
eo” er (8) 
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where @ is the GOLDEN MEAN, or < 5 times the number 
of digits in the smaller number. Numerically, Lamé’s 
expression evaluates to 


steps < 4.785 log,, N + 1.6723. (9) 


As shown by LAME’S THEOREM, the worst case occurs 
when the ALGORITHM is applied to two consecutive FI- 
BONACCI NUMBERS. Heilbronn showed that the aver- 
age number of steps is 121n 2/7? logio n = 0.843 log,¿ n 
for all pairs (n,b) with b < n. Kronecker showed that 
the shortest application of the ALGORITHM uses least 
absolute remainders. The QUOTIENTS obtained are dis- 
tributed as shown in the following table (Wagon 1991). 


Quotient % 


1 41.5 
2 17.0 
3 9.3 


For details, see Uspensky and Heaslet (1939) or Knuth 
(1973). Let T(m, n) be the number of divisions required 
to compute GCD(m,n) using the Euclidean algorithm, 
and define T(m,0) = 0 if m > 0. Then 


_J1+T(n,mmodn) form>n 
ee i 1+T(n,m) for m <n. go 
Define the functions 
1 
T(n) = — Y T(m,n) (11) 
0<m<n 
1 
T(n) = == T(m,n 12 
1) = q ze (m,n) (12) 
GCD(m,n)=1 
1 
A(N)= 53 », Tmn), (13) 
1<m<N 
1<n<N 


where d is the TOTIENT FUNCTION, T(n) is the average 
number of divisions when n is fixed and m chosen at 
random, T(n) is the average number of divisions when 
n is fixed and m is a random number coprime to n, and 
A(N) is the average number of divisions when m and 
n are both chosen at random in [1, N]. Norton (1990) 
showed that 


T(n) = P? Inn — y A) 
d|n 
1 —1/6+€ 
+O += y ego’), (14) 


d|n 


where A is the VON MANGOLDT FUNCTION and Č is 
PORTER'S CONSTANT. Porter (1975) showed that 


_ 121n2 


T(n) = = Inn+C+ O(n‘? +6), (15) 
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and Norton (1990) proved that 


Ane fin 3+ 200) 


+C—1+40(N7*/St*), (16) 


T 


There exist 22 QUADRATIC FIELDS in which there is a 
Euclidean algorithm (Inkeri 1947). 


see also FERGUSON-FORCADE ALGORITHM 
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Euclidean Construction 
see GEOMETRIC CONSTRUCTION 


Euclidean Geometry 

A GEOMETRY in which EUCLID’S FIFTH POSTULATE 
holds, sometimes also called PARABOLIC GEOMETRY. 
2-D Euclidean geometry is called PLANE GEOMETRY, 
and 3-D Euclidean geometry is called SOLID GEOME- 
TRY. Hilbert proved the CONSISTENCY of Euclidean ge- 
ometry. 


see also ELLIPTIC GEOMETRY, GEOMETRIC CONSTRUC- 
TION, GEOMETRY, HYPERBOLIC GEOMETRY, NON- 
EUCLIDEAN GEOMETRY, PLANE GEOMETRY 
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Euclidean Group 
The GROUP of ROTATIONS and TRANSLATIONS. 


see also ROTATION, "TRANSLATION 
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Euclidean Metric 

The FUNCTION f : R” x R” — R that assigns to any 

two VECTORS (21,..., Zn) and (y1, ..., Yn) the number 
(21 = yi)? +... + (En — Yn)’, 

and so gives the “standard” distance between any two 

VECTORS in R”. 


Euclidean Motion 

A Euclidean motion of R” is an AFFINE TRANSFORMA- 
TION whose linear part is an ORTHOGONAL TRANSFOR- 
MATION. 


see also RIGID MOTION 
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Euclidean Norm 
see L2-NORM 
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Euclidean Number 

A Euclidean number is a number which can be obtained 
by repeatedly solving the QUADRATIC EQUATION. Eu- 
clidean numbers, together with the RATIONAL NUM- 
BERS, can be constructed using classical GEOMETRIC 
CONSTRUCTIONS. However, the cases for which the val- 
ues of the TRIGONOMETRIC FUNCTIONS SINE, COSINE, 
TANGENT, etc., can be written in closed form involv- 
ing square roots of REAL NUMBERS are much more re- 
stricted. 


see also ALGEBRAIC INTEGER, ALGEBRAIC NUMBER, 
CONSTRUCTIBLE NUMBER, RADICAL INTEGER 
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Euclidean Plane 
The 2-D EUCLIDEAN SPACE denoted R°. 


see also COMPLEX PLANE, EUCLIDEAN SPACE 


Euclidean Space 

Euclidean n-space is the SPACE of all n-tuples of REAL 
NUMBERS, (21, Z2, ..., Tn) and is denoted R”. R” isa 
VECTOR SPACE and has LEBESGUE COVERING DIMEN- 
SION n. Elements of R” are called n-VECTORS. R! = R 
is the set of REAL NUMBERS (i.e., the REAL LINE), and 
R? is called the EUCLIDEAN PLANE. In Euclidean space, 
COVARIANT and CONTRAVARIANT quantities are equiv- 
alent so €? = @}. 

see also EUCLIDEAN PLANE, REAL LINE, VECTOR 
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Eudoxus’s Kampyle 
see KAMPYLE OF EUDOXUS 


Euler’s 6n + 1 Theorem 
Every PRIME of the form 6n + 1 can be written in the 
form zx? + 3y?. 


Euler?s Addition Theorem 
Let g(x) = (1 — x”)(1 — k*2*). Then 


f dx +f de E dx 
o Volz) Jo Ya) Jo Yala) 
where 


by/g(a) + ay/ g(b) 
Vi — k2a2b2 


C 
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Euler Angles 


According to EULER’S ROTATION THEOREM, any Ro- 
TATION may be described using three ÁNGLES. If the 
ROTATIONS are written in terms of ROTATION MATRI- 
ces B, C, and D, then a general ROTATION A can be 
written as 


A = BCD. (1) 


The three angles giving the three rotation matrices are 
called Euler angles. There are several conventions for 
Euler angles, depending on the axes about which the 
rotations are carried out. Write the MATRIX Á as 


ail @12 (03 
A == G21 @22 aa3]|. (2) 
a11 @12 413 


In the so-called “x-convention,” illustrated above, 


cosp sing 0 
D = ES cos $ | (3) 
0 0 1 
1 0 0 
C= o cos 0 sn (4) 
O —siné cosé 
cosy siny 0 
B= ES cos Y | ; (5) 
0 0 1 


SO 


a11 = cos y cos $ — cos O sin dsin Y 
a12 = cos y sin ġ + cos 0 cos ġ sin Y 
413 = sin Y sin 0 

a21 = — sin Y cos $ — cos 0 sin p cos Y 
4229 = — sin Y sinó + cos 0 cos ġ cos Y 
423 = cos Y sin 8 

a31 = sin f sin y 

a32 = — sin cos ġ 


a33 = cos 0 


To obtain the components of the ANGULAR VELOCITY 
w in the body axes, note that for a MATRIX 


A=[A; Az Az], (6) 
it is true that 
411 @12 013 We 0114 + 04124Wy + 0413W4z 
a21 Q22 023 Wy | = | 42142 + A22Wy + A23W,z 
a31 @32 4033 Wz 431Wx + 0324y + A33W2 
(7) 


= Aiw, + A2wy + Az3w,. (8) 
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Now, wz corresponds to rotation about the q axis, so 
look at the w, component of Aw, 


sin ysin | _ 
js o 


We = Aiw, = soe 


cos 0 
The line of nodes corresponds to a rotation by @ about 
the €-axis, so look at the we component of Bw, 
l cosp |. 
We = Biwe = B8 = |- sin Y 0. (10) 
0 


Similarly, to find rotation by Y about the remaining axis, 
look at the wy component of Bw, 


0 
Wy = B3wy = Baw = ol Yp. (11) 
1 
Combining the pieces gives 


cos y sin 0p — sin y 
cos dp + Y. 


sin y sin 09 + cos pô 
w = | | (12) 


For more details, see Goldstein (1980, p. 176) and Lan- 
dau and Lifschitz (1976, p. 111). 


The z-convention Euler angles are given in terms of the 
CAYLEY-KLEIN PARAMETERS by 


oe 1 /2y1/4 
CE BAL ayy | 


at/2 y 
— 21 ln Caracas z) (13) 
at/23 apra 
1/2 1/4 
ia “B 
— 2i ln EE py sin Y (14) 


(+,/1+ By). (15) 


6=+2cos * 


In the “y-convention,” 


$z = by + 37 (16) 
Po = by — 3T. (17) 
Therefore, 
sin dz = COS Py (18) 
cos da = -sindy (19) 
sin Ys = — COS Yy (20) 
cos Ya = sin Yy (21) 
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—sinp cos@ 0 
D=|-cosó —sing 0 (22) 
0 0 1 
1 0 0 
C=|0 cosó sinó (23) 
O —siné cosé 
siny — cosy 0 
B= | cosy siny 0 (24) 
0 0 1 
and Á is given by 
aji = — sin y sin p + cos f cos ġ cos Y 
a12 = sin y cos ġ + cos 0 sin ġ cos Y 
ai3 = —cosy sin 0 
a21 = — cos Y sin ġ — cos 0 cos psin Y 


a22 = cos Y cos $ — cos 0 sin ġ sin y 
423 = sin y sin @ 
a31 = sin@cos@ 
a32 = sin ð sing 


433 = COS a. 


In the “xyz” (pitch-roll-yaw) convention, @ is pitch, y 
is roll, and ¢ is yaw. 


cosp sing 0 
D = ES cos $ | (25) 
0 0 1 
cos6 0 —sin@ 
C= | 0 1 0 | (26) 
sin? 0  cosé 
1 0 0 
B= E cosy  siny | (27) 
O —siny cosy 


and A is given by 


a11 = cos@cos@ 

a12 = cos@sing 

ai3 = — sin 

azı = sin % sin 0 cos ġ — cos y sin $ 
a22 = sin y sin ĝ sin $ + cos y cos ġ 
a23 = cosÓ sin Y 

azı = cos y sin 0 cos $ + sin y sin $ 
a32 = cos y sin 0 sin $ — sin Y cos ġ 


a33 = cos@cosy. 
A set of parameters sometimes used instead of angles 


are the EULER PARAMETERS €o, €1, e2 and ez, defined 
by 


eo = cos (£) (28) 


2 
ñ sin (£) E (29) 


0 

II 
1 
00m 
wo np e 
bl 

| 
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Using EULER PARAMETERS (which are QUATERNIONS), 
an arbitrary ROTATION MATRIX can be described by 


aii = eo” +e1* — er — eg” 
Q12 = 2(e1€2 + epez) 
a13 = 2(e1€3 — €pe2) 
azı = 2(e1e2 — epe3) 
a22 =€0* — er” +e2* — es* 
a23 = 2(e2€3 + epe1) 
azı = 2(e1€3 + e0e2) 
a32 = 2(e2e3 — eoe1) 


2 2 2 2 
G33 = ĉ&0 —€rN —€a +€ 


(Goldstein 1960, p. 153). 


If the coordinates of two pairs of n points x; and x; are 
known, one rotated with respect to the other, then the 
Euler rotation matrix can be obtained in a straightfor- 
ward manner using LEAST SQUARES FITTING. Write 
the points as arrays of vectors, so 


[xh e ]= Ax xn]. (30) 
Writing the arrays of vectors as matrices gives 
X’ = AX (31) 
X'XT = AXX™, (32) 
and solving for A gives 
A = X'XT (XXT). (33) 


However, we want the angles 0, @, and y, not their com- 
binations contained in the MATRIX A. Therefore, write 
the 3 x 3 MATRIX 


fı(8, 0, p) f2(0, Q, w) fa(0, Q, Y) 
A= falo, $, Y) f5(0, Q, p) fe (0, Q, p) (34) 
fz80, p P) fr(9,¢,0) Foll, p,p) 


asa 1 x 9 VECTOR 


3 ? 


fil9, @, Y) 


f = (35) 


fo(6, p, Y) 


Now set up the matrices 


of, al 
00 lapiti 00 lod ps dy 


2t | Ə fo Ifo | 
00 iai piti 00 lo. bis OW lo div 


Using NONLINEAR LEAST SQUARES FITTING then gives 
solutions which converge to (0, ¢, y). 
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see also CAYLEY-KLEIN PARAMETERS, EULER PARAM- 
ETERS, EULER'S ROTATION THEOREM, INFINITESIMAL 
ROTATION, QUATERNION, ROTATION, ROTATION Ma- 
TRIX 
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Euler-Bernoulli Triangle 
see SEIDEL-ENTRINGER-ARNOLD TRIANGLE 


Euler Brick 


A RECTANGULAR PARALLELEPIPED (“BRICK”) with in- 
tegral edges a > b > c and face diagonals d;; given by 


dpe ee (1) 
da =x a2 +c? (2) 
dbe = VA + c. (3) 


The problem is also called the BRICK, DIAGONALS 
PROBLEM, PERFECT BOX, PERFECT CUBOID, or RA- 
TIONAL CUBOID problem. 


Euler found the smallest solution, which has sides a = 
240, b = 117, and c = 44 and face DIAGONALS dap = 
267, dac = 244, and di. = 125. Kraitchik gave 257 
cuboids with the ODD edge less than 1 million (Guy 
1994, p. 174). F. Helenius has compiled a list of the 5003 
smallest (measured by the longest edge) Euler bricks. 
The first few are (240, 117, 44), (275, 252, 240), (693, 
480, 140), (720, 132, 85), (792, 231, 160), ... (Sloane’s 
A031173, A031174, and A031175). Parametric solutions 
for Euler bricks are also known. 


No solution is known in which the oblique SPACE DIAG- 


ONAL 
date = y a? + b? + c? (4) 


is also an INTEGER. If such a brick exists, the smallest 
side must be at least 1,281,000,000 (R. Rathbun 1996). 
Such a solution is equivalent to solving the DIOPHAN- 
TINE EQUATIONS 


A? +B’? =C (5) 
A*® + D? = E” (6) 
B? +D’ =F? (7) 


B+E =. (8) 


Euler’s Circle 


A solution with integral SPACE DIAGONAL and two out 
of three face diagonals is a = 672, b = 153, and c = 104, 
giving dab = 3V 52777, dac = 680, dee = 185, and dj = 
697. A solution giving integral space and face diagonals 
with only a single nonintegral EDGE is a = 18720, b = 
/211773121, and c = 7800, giving dab = 23711, dac = 
20280, dee = 16511, and dabe = 24961. 


see also CUBOID, CYCLIC QUADRILATERAL, DIAG- 
ONAL (POLYHEDRON), PARALLELEPIPED, PYTHAGO- 
REAN QUADRUPLE 
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Euler Chain 
A CHAIN (GRAPH) whose EDGES consist of all graph 
EDGES. 


Euler Characteristic 
Let a closed surface have GENUS g. Then the POLYHE- 
DRAL FORMULA becomes the POINCARE FORMULA 


X= V-E+F=2- 29, (1) 
where x is the Euler characteristic, sometimes also 


known as the EULER-POINCARE CHARACTERISTIC. In 
terms of the INTEGRAL CURVATURE of the surface K, 


J K da = 27X. (2) 


The Euler characteristic is sometimes also called the EU- 
LER NUMBER. It can also be expressed as 


X = Po — pi + P2, (3) 


where p; is the ith BETTI NUMBER of the space. 
see also CHROMATIC NUMBER, MAP COLORING 


Euler’s Circle 
see NINE-POINT CIRCLE 


Euler’s Conjecture 


Euler’s Conjecture 


ain) = 2+ 1(5) | -2 


where g(k) is the quantity appearing in WARING’S 
PROBLEM, and |x| is the FLOOR FUNCTION. 


see also WARING’S PROBLEM 


Euler Constant 


see e, EULER-MASCHERONI CONSTANT, MACLAURIN- 
CAUCHY THEOREM 


Euler’s Criterion 
Let p = 2m + 1 be an ODD PRIME and a a POSITIVE 
INTEGER with pla. Then 


a” =1 (mod p) (1) 


IFF there exists an INTEGER t such that 


bo 


p=t (mod p). (2) 


In other words, 


a212 = 


a 
— (mod p), (3) 
Pp 

where (a/p) is the LEGENDRE SYMBOL. 

see also QUADRATIC RESIDUE 
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Euler Curvature Formula 


2 . 2 
kK = Kı Cos“ 0 + kasin O, 


where «x is the normal CURVATURE in a direction making 
an ANGLE @ with the first principle direction. 


Euler Differential Equation 
The general nonhomogeneous equation is 


d? d 
P + ans! + By = Sa). (1) 


The homogeneous equation is 


ay” +ary + By =0 (2) 


y + Sy! + Ey = 0, (3) 
T T 
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Now attempt to convert the equation from 


y” +pl(2)y' + g(x)y = 0 (4) 
to one with constant COEFFICIENTS 
dy dy 
e Ai A = 
de + T, +By=0 (5) 


by using the standard transformation for linear SECOND- 
ORDER ORDINARY DIFFERENTIAL EQUATIONS. Com- 
paring (3) and (5), the functions p(x) and q(x) are 


plz) = = = ax (6) 


q(z) = A = Bat (7) 
Let B = 8 and define 


z=? fina = 0" | Bz-? dx 
apa dz = Inz. (8) 


Then A is given by 
2lg(2)]92 
_ 2607" + 202 )(Bx t) gis2 
Bar 
=A I, (9) 
which is a constant. Therefore, the equation becomes a 
second-order ODE with constant COEFFICIENTS 


d’y dy 
dz? + (a az + By ( ) 
Define 
n=! (-A+ A? -4B) 
=} [l-04 (a— 1)? = 46 | (11) 
r= (-A — fA? 4B | 
=} |1-a- (a 19-48 | (12) 
and 
a=5(1-a) (13) 
b= 54/48 — (a — 1)?. (14) 
The solutions are 
cier? + e,e"2” (a — 1)? > 48 
y= 4 (c1 + c22)e”* (a—1)* = 46 
ele, cos(bz) + c2 sin(bz)] (a—1)? < 48. 
(15) 
In terms of the original variable z, 
cy |x|"! + c|2|"2 (a — 1)? > 46 
y= xc + c2 In |2])|x|* (a—1)? = 48 
Iz|*[c, cos(bIn |x|) + ca sin(bln |z|)] (a —1)? < 48. 


(16) 
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Euler’s Displacement Theorem 

The general displacement of a rigid body (or coordinate 
frame) with one point fixed is a ROTATION about some 
axis. Furthermore, a ROTATION may be described in 
any basis using three ANGLES. 

see also EUCLIDEAN MOTION, EULER ANGLES, RIGID 
MOTION, ROTATION 


Euler’s Distribution Theorem 
For signed distances, 


AB.CD+AC-DB+ AD-BC=0, 
since 


(b — a)(d — c) + (c—a)(b~ d) + (d — a)(c — b) = 0. 
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Euler Equation 


see also EULER DIFFERENTIAL EQUATION, EULER FOR- 
MULA, EULER-LAGRANGE DIFFERENTIAL EQUATION 


Euler’s Factorization Method 
Works by expressing N as a QUADRATIC FORM in two 
different ways. Then 


N= + = +d’, (1) 
Ñ a” ~c’ = d* — 8B (2) 
(a — c)(a + c) = (d — b)(d + b). (3) 


Let k be the GREATEST COMMON DIVISOR of a — c and 
d — b so 


a—c=kl (4) 
d — b = km (5) 
(I,m) = 1, (6) 


- (where (l, m) denotes the GREATEST COMMON DIVISOR 
of l and m), and 


l(a +c) = m(d +b). (7) 
But since (l,m) = 1, mla + c and 
a+c=mn, (8) 
which gives 
b+d= In, (9) 


so we have 
[GH + GT + mé) = ¿(E +n) +m’) 
= ¿[(kn)” + (kD)? + (nm)? + (nl)”) 
= £[(d— b)? + (a — c)? + (a + c)? + (d +0)? 
= 1(2a* + 26° + 2c* + 2d”) 
= (2N +2N) =N. (10) 


see also PRIME FACTORIZATION ALGORITHMS 


Euler Formula 


Euler’s Finite Difference Transformation 
A transformation for the acceleration of the convergence 
of slowly converging ALTERNATING SERIES, 
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Euler Formula 
The Euler formula states 

e? — cosg + ising, (1) 
where 7 is the IMAGINARY NUMBER. Note that the EU- 
LER POLYHEDRAL FORMULA is sometimes also called 


the Euler formula, as is the EULER CURVATURE FOR- 
MULA. The equivalent expression 


ix = In(cosz + ¿sin z) (2) 


had previously been published by Cotes (1714). The 
special case of the formula with x = m gives the beautiful 
identity . 

e"+1=0, (3) 


an equation connecting the fundamental numbers i, PI, 
e, 1, and 0 (ZERO). 


The Euler formula can be demonstrated using a series 
expansion 


n=0 
P S (—1)"2?" T uated (1) 
7 =~ (2n)! (2n — 1)! 
= cosg + isin z. (4) 


It can also be proven using a COMPLEX integral. Let 
z = cos + isin (5) 


dz = (—sin@ + ¿cos 0) d8 = i(cos@ + isin 0) de = iz dé 


JE- fiw à 
eer: (8) 


so | 
z =e = cos + ising. (9) 


see also DE MOIVRE’S IDENTITY, EULER POLYHEDRAL 
FORMULA 


REFLECTOR 
TERMINAL 


TUNING 


FLEXIBLE 
=|| DIAPHRAGM 


— METAL 


TUNING La | Fig. 10-35. 723-class reflex klystron. 


SHELL 
(RESONATOR) 


| le—COAXIAL LINE 
OUTPUT (PIN 4) 


klystrons have found applications in the past in polar-plexers and as 
pump oscillators for amateur and commercial parametric 
amplifiers. The tubes listed in Table 10-4 are similar in construc- 
tion and can be mounted in octal sockets that have had pin 4 
removed and bored out with a namber 24 drill. The output is via the 
small diameter, rigid coax line which terminates in a short probe. 
The probe was used to directly excite a waveguide or was capaci- 
tively coupled to a coax cable. 

In normal operation, the tube shell is operated at 250 to 300 
volts above ground. This puts the output cable, which is connected 
directly to the shell, at a hazardous potential. However, by operat- 
ing the cathode at a negative voltage, the shell and output cable can 
be maintained safely at ground potential. 


Table 10-4. Reflex Klystrons From 2.7 to 9.66 GHz. 


Output 
Tube frequency(GHz) Output power(mW) 
726C 2.7-2.96 100 
7268 2.88-3.18 150 
726A 3.18-3.41 100 
2K22 4.3-4.9 115 
6115 5.1-5.9 100 
2K26 6.25-7.06 100 
2K25" 8.5-9.66 30 
723AIB 8.5-9.66 25 


“Improved version of 723A/B, both of which can reach 10 GHz by 
stretching the cavity.® 
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Euler Four-Square Identity 
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Euler Four-Square Identity 
The amazing polynomial identity 


(a1? + a2” + a3” +04 )(b1* + bo" + ba? + ba”) 
= (a1b1 — a2b2 — a3b3 — asba)” 
+(arbz + a2b1 + azba — asbz)” 
+(a1b3 — asba + azbi + aabe)? 
+(a1b4 + a2b3 — agbe + asb1 y”, 


communicated by Euler in a letter to Goldbach on April 
15, 1705. The identity also follows from the fact that the 
norm of the product of two QUATERNIONS is the product 
of the norms (Conway and Guy 1996). 


see also FIBONACCI IDENTITY, LAGRANGE’S FOUR- 
SQUARE THEOREM | 
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Euler’s Graeco-Roman Squares Conjecture 
Euler conjectured that there do not exist GRAECO- 
ROMAN SQUARES (now known as EULER SQUARES) of 
order n = 4k + 2 for k = 1, 2, .... Such squares were 
found to exist in 1959, refuting the CONJECTURE. 


see also EULER SQUARE, LATIN SQUARE 


Euler Graph 

A GRAPH containing an EULERIAN CIRCUIT. An undi- 
rected GRAPH is Eulerian IFF every VERTEX has EVEN 
DEGREE. A DIRECTED GRAPH is Eulerian IFF ev- 
ery VERTEX has equal INDEGREE and OUTDEGREE. A 
planar BIPARTITE GRAPH is DUAL to a planar Euler 
graph and vice versa. The number of Euler graphs with 
n nodes are 1, 1, 2, 3, 7, 16, 54, 243, ... (Sloane’s 
A002854). 
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Euler’s Homogeneous Function Theorem 
Let f(x,y) be a HOMOGENEOUS FUNCTION of order n 
so that 


f (tx, ty) = t" (x,y). (1) 


Then define x2' = xt and y' = yt. Then 


a Of Oe! OF ay’ 
nt FO) = 55 oe + oy Bt 


_ Of Of __ Of Of 
=t Vo oen au 
Let t = 1, then 
Of Of _ 
2 g TYS = nf(z,y). (3) 


This can be generalized to an arbitrary number of vari- 


ables 
Of 


a: = nf (x), (4) 


where EINSTEIN SUMMATION has been used. 


Euler’s Hypergeometric Transformations 
1 ¿5-1 e-b-1 
ae ee °-"(1 — t) 
2F1 (a, b; C; z) = f (1 = tz)" dt, 1) 


where 2Fı(a,b;c; z) is a HYPERGEOMETRIC FUNCTION. 
The solution can be written using the Euler’s transfor- 
mations 


tot (2) 

t>1-t (3) 

t>(1-2-t2)? (4) 
l-t 

> (5) 


in the equivalent forms 


2Fi(a,b;ciz) = (1 — z) “*2Fi(a,c—bciz/(z2-—1)) (6) 
= (1-2) P2Filc-a,bjc2/(2-1)) (7) 
=(1-2*P2Fi(c-a,c—b;ciz). (8) 


see also HYPERGEOMETRIC FUNCTION 
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Euler Identity 
For |z| < 1, 


[[ac+2=][a - 23”. 


=) 


see also JACOBI TRIPLE PRODUCT, q-SERIES 
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Euler’s Idoneal Number 


see IDONEAL NUMBER 


Euler Integral 

Euler integration was defined by Schanuel and subse- 
quently explored by Rota, Chen, and Klain. The Euler 
integral of a FUNCTION f : R — R (assumed to be 
piecewise-constant with finitely many discontinuities) is 
the sum of 


f(x) — alf (z+) + f(z-)] 


over the finitely many discontinuities of f. The n-D 
Euler integral can be defined for classes of functions 
R” — R. Euler integration is additive, so the Euler 
integral of f + g equals the sum of the Euler integrals of 
f and g. 


see also EULER MEASURE 


Euler-Jacobi Pseudoprime 
An Euler-Jacobi pseudoprime is a number n such that 


a 2 
¿=D = 2 (mod n). 
n 


The first few are 561, 1105, 1729, 1905, 2047, 2465, ... 
(Sloane’s A006971). 


see also PSEUDOPRIME 
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Euler L-Function 
A special case of the ARTIN L-FUNCTION for the POLY- 
NOMIAL 2” + 1. It is given by 


1 
II T- x7 (p)p= 


p odd prime 
where 


2/3 J1  forp=1 (mod 4) 
x =f, for p = 3 (mod 4) 


where (—1/p) is a LEGENDRE SYMBOL. 
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Euler-Lagrange Differential Equation 

A fundamental equation of CALCULUS OF VARIATIONS 
which states that if J is defined by an INTEGRAL of the 
form 


1= | Hevidae, a) 
where J 
pe (2) 


then J has a STATIONARY VALUE if the Euler-Lagrange 
differential equation 


La (Sf) =0 (3) 


Oy dt \ dy 


is satisfied. If time DERIVATIVE NOTATION is replaced 
instead by space variable notation, the equation be- 
comes 


= 0. (4) 


In many physical problems, fə (the PARTIAL DERIVA- 
TIVE of f with respect to z) turns out to be 0, in which 
case a manipulation of the Euler-Lagrange differential 
equation reduces to the greatly simplified and partially 
integrated form known as the BELTRAMI IDENTITY, 


Of _ 
ae a (5) 


For three independent variables (Arfken 1985, pp. 924— 
944), the equation generalizes to 


NS OE A 


Problems in the CALCULUS OF VARIATIONS often can 
be solved by solution of the appropriate Euler-Lagrange 
equation. 


To derive the Euler-Lagrange differential equation, ex- 
amine 


OL OL 
óJ = L 7, t) dt = — — dq 
J 5 | (q, 9,t) EE araa) dt 


= f| R] dt, (7) 


Og dt 
since dq = d($q)/dt. Now, integrate the second term by 
PARTS using 


du = d(dq) (8) 


Euler-Lagrange Differential Equation 


SO 


OL d(éq) ,,_ [OL 
J a n J TA 


Combining (7) and (10) then gives 


TON |” t2 /Ə3L dðL 


t1 
But we are varying the path only, not the endpoints, so 
$q(t1) = dq(t2) = 0 and (11) becomes 


ta 
OL d OL 


1 


We are finding the STATIONARY VALUES such that 0 J = 
0. These must vanish for any small change ôq, which 


gives from (12), 
OL ad (OL 
T (5) e aa 


This is the Euler-Lagrange differential equation. 


The variation in J can also be written in terms of the 
parameter k as 


e / Cee renner 


= kli + Libia at, (14) 

where 
v = dy (15) 
v= doy (16) 


and the first, second, etc., variations are 


n= [ (hy + ofa (17) 
h = Js + 200 fyy + 0 fyg) dt (18) 
h = [tt ES 30° vio + 300” fysy AS O° fous) dt 
(19) 
l = Jos + duo f yyy = 60° ù" fuyas 
+ 4v0 fygay + O° fooi) dt. (20) 
The second variation can be re-expressed using 
a 03 
—(v A) =v A+ 2004, (21) 


dt 
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So 


2 
+= f [0 Fay +A) + 2v0(fyg +A) + 0° fgg] de. 
1 


(22) 
But 
lv? A]; =0. (23) 
Now choose Á such that 
fay (Fuy ale A) = (Jus + Ay (24) 
and z such that 
y o faut 
hu += E (25) 
so that z satisfies 
foo? + fost — (fuy — fus)z = 0. (26) 


It then follows that 


2 
a Sa (: v 3 i 
Bal fa Aa a= | fi (o--—) . 
2 [tu (+ figu fay v 2 dt 
(27) 
see also BELTRAMI IDENTITY, BRACHISTOCHRONE 


PROBLEM, CALCULUS OF VARIATIONS, EULER-LA- 
GRANGE DERIVATIVE 
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Euler-Lagrange Derivative 
The derivative 


appearing in the EULER-LAGRANGE DIFFERENTIAL 
EQUATION. 


Euler Line 
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The line on which the ORTHOCENTER H, CENTROID M, 
CIRCUMCENTER O, DE LONGCHAMPS POINT L, NINE- 
POINT CENTER F, and the TANGENTIAL TRIANGLE 
CIRCUMCIRCLE Or of a TRIANGLE lie. The INCENTER 
lies on the Euler line only if the TRIANGLE is an Isos- 
CELES TRIANGLE. The Euler line consists of all points 
with TRILINEAR COORDINATES a: 3: y which satisfy 


a B y 
cos Á cos B cos C =O (1) 


|cosBcosC cosCcosA cos Acos B 
which simplifies to 


æ cos A(cos* B — cos” C) + £ cos B(cos? C — cos” A) 
+y cos C(cos* A — cos? B) = 0. (2) 


This can also be written 


asin(2A) sin(B — C) + Bsin(2B) sin(C — A) 
+ysin(20)sin(A— B)=0. (3) 


The Euler line may also be given parametrically by 
P(A) =O+AH (4) 


(Oldknow 1996). 
A Center 


—2 point at infinity 

—1 de Longchamps point L 
O  circumcenter O 

1 centroid G 

2 nine-point center F 

oo orthocenter H 


The ORTHOCENTER is twice as far from the CENTROID 
as is the CIRCUMCENTER. The CIRCUMCENTER O, 
NINE-POINT CENTER F, CENTROID G, and ORTHOCEN- 
TER H form a HARMONIC RANGE. 


The Euler line intersects the SODDY LINE in the DE 
LONGCHAMPS POINT, and the GERGONNE LINE in the 
EVANS POINT. The ISOTOMIC CONJUGATE of the Eu- 
ler line is called JERABEK'S HYPERBOLA (Casey 1893, 
Vandeghen 1965). 


see also CENTROID (TRIANGLE), CIRCUMCENTER, 
EVANS POINT, GERGONNE LINE, JERABEK’S HYPER- 
BOLA, DE LONGCHAMPS POINT, NINE-POINT CENTER, 
ORTHOCENTER, SODDY LINE, TANGENTIAL TRIANGLE 
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Euler-Maclaurin Integration Formulas 
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Euler-Lucas Pseudoprime 
Let U(P,Q) and V(P,Q) be LUCAS SEQUENCES gener- 
ated by P and Q, and define 


D= P? - 40. 
Then 


U(n—(D/n))/2 = 0 (mod n) when (Q/n) = 1 
Vin-(D/n))/2 = D (mod n) when (Q/n) = —1, 


where (Q/n) is the LEGENDRE SYMBOL. An ODD COM- 
POSITE NUMBER n such that (n,QD) = 1 (i.e., n and 
QD are RELATIVELY PRIME) is called an Euler-Lucas 
pseudoprime with parameters (P, Q). 


see also PSEUDOPRIME, STRONG LUCAS PSEUDOPRIME 
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Euler’s Machin-Like Formula 
The MACHIN-LIKE FORMULA 


-1 -1 
im =tan (4) + tan (4). 


The other 2-term MACHIN-LIKE FORMULAS are 
HERMANN'S FORMULA, HUTTON'S FORMULA, and 
MACHIN’S FORMULA. 


see also [INVERSE TANGENT 


Euler-Maclaurin Integration Formulas 
The first Euler-Maclaurin integration formula is 


I Jaa ore) 
6) 


eee (2p—1) (4) — [OPD 
2 (apy Delf (1) - 120) 


where B, are BERNOULLI NUMBERS. SUMS may be con- 
verted to INTEGRALS by inverting the FORMULA to ob- 
tain 


Soren) = | Hodet $140) + #0) 


Euler-Mascheroni Constant 


For a more general case when f(z) is tabulated at n 
values fi, fo, ..-, fn; 


J os + fat fs tet Jett ofa] 


2k > 
for [EA AAA AS) 


The Euler-Maclaurin formula is implemented in 
Mathematica® (Wolfram Research, Champaign, IL) as 
the function NSum with option Method->Integrate. 


The second Euler-Maclaurin integration formula is used 
when f(x) is tabulated at n values f3/2, fs/2, ---; 


fn-1/2: 


J f(x) dx = hlf3ja + f5/2 + fr/2 +--+. + fn-3/2 


= Barh?" 2k+1 2k—1 2k—1 
Panl NAAA 
k=i , 
(4) 
see also SUM, WYNN’S EPSILON METHOD 
References 
Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 


of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
pp. 16 and 806, 1972. 

Arfken, G. “Bernoulli Numbers, Euler-Maclaurin Formula.” 
85.9 in Mathematical Methods for Physicists, 3rd ed. Or- 
lando, FL: Academic Press, pp. 327-338, 1985. 

Borwein, J. M.; Borwein, P. B.; and Dilcher, K. “Pi, Eu- 
ler Numbers, and Asymptotic Expansions.” Amer. Math. 
Monthly 96, 681-687, 1989. 

Vardi, I. “The Euler-Maclaurin Formula.” 
putational Recreations in Mathematica. 
Addison-Wesley, pp. 159-163, 1991. 


88.3 in Com- 
Reading, MA: 


Euler-Mascheroni Constant 
The Euler-Mascheroni constant is denoted y (or some- 
times C) and has the numerical value 


y = 0.577215664901532860606512090082402431042... 

(1) 
(Sloane's A001620). The CONTINUED FRACTION of 
the Euler-Mascheroni constant is [0, 1, 1, 2, 1, 2, 1, 
4, 3, 13, 5, 1, 1, 8, 1, 2, 4, 1, 1, 40, ...] (Sloane's 
A002852). The first few CONVERGENTS are 1, 1/2, 3/5, 
4/7, 11/19, 15/26, 71/123, 228/395, 3035/5258, 15403/ 
26685, ... (Sloane's A046114 and A046115). The po- 
sitions at which the digits 1, 2, ... first occur in the 
CONTINUED FRACTION are 2, 4, 9, 8, 11, 69, 24, 14, 
139, 52, 22, ... (Sloane's A033149). The sequence of 
largest terms in the CONTINUED FRACTION is 1, 2, 4, 
13, 40, 49, 65, 399, 2076, ... (Sloane's A033091), which 
occur at positions 2, 4, 8, 10, 20, 31, 34, 40, 529, ... 
(Sloane's A033092). 
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It is not known if this constant is IRRATIONAL, let alone 
TRANSCENDENTAL. However, Conway and Guy (1996) 
are “prepared to bet that it is transcendental,” although 
they do not expect a proof to be achieved within their 
lifetimes. 


The Euler-Mascheroni constant arises in many integrals 


8 


“lnzdz (2) 


and sums 
vert [q + (22)] (5) 
= lim (È L ii m) (6) 
<a (7) 
4) ya (-1)"¢(n 1) 

=m (7) yz in FI) k 

= gm, [S -mn P| 

k=1 

(9) 


where ((z) is the RIEMANN ZETA FUNCTION and By 
are the BERNOULLI NUMBERS. It is also given by the 
EULER PRODUCT 


1 yry 1 
e” = lim nl (10) 


n->00 Inn 
¿=1 Pi 


where the product is over PRIMES p. Another connection 
with the PRIMES was provided by Dirichlet’s 1838 proof 
that the average number of DIVISORS of all numbers 
from 1 to n is asymptotic to 


D do(i) 39 (11) 


Inn + 2y — 1 
n 


(Conway and Guy 1996). de la Vallée Poussin (1898) 
proved that, if a large number n is divided by all PRIMES 
< n, then the average amount by which the QUOTIENT 
is less than the next whole number is y. 
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INFINITE PRODUCTS involving y also arise from the G- 
FUNCTION with POSITIVE INTEGER n. The cases G(2) 
and G(3) give 


Oo a 2 
II e71+1/(2m) (1 4 2) E eity/ (12) 
Bal n V 20 

eet? 


(13) 


b 
+ 
bo 
— 
3 
co 
EF 
Eje 
SiN 
Nr 
3 
Il 
bo 
a 


The Euler-Mascheroni constant is also given by the lim- 
its 


ary as 
==) (15) 
= Jim [e-r (Ż)] (16) 


(Le Lionnais 1983). 


The difference between the nth convergent in (6) and y 
is given by 


TL 


Si-m- f Pall as, am 


k=1 n 


where |x| is the FLOOR FUNCTION, and satisfies the 
INEQUALITY 


1 “1 1 
AA (18) 


(Young 1991). A series with accelerated convergence is 


OO 


y=3-m2- Y rm) a9) 


(Flajolet and Vardi 1996). Another series is 


y= yr eal (20) 


n=l 


(Vacca 1910, Gerst 1969), where LG is the LOGARITHM 
to base 2. The convergence of this series can be greatly 
improved using Euler’s CONVERGENCE IMPROVEMENT 
transformation to 


y= > 97 (+1) 
k=1 


where (7) is a BINOMIAL COEFFICIENT (Beeler et al. 
1972, Item 120, with k — 7 replacing the undefined 2). 
Bailey (1988) gives 


ye Es 1 
A (a): 


=; (22) 


k-—1 1 
2. e) (21) 


Euler-Mascheroni Constant 


which is an improvement over Sweeney (1963). 


The symbol y is sometimes also used for 
y = e ~ 1.781072 (23) 


(Gradshteyn and Ryzhik 1979, p. xxvii). 
Odena (1982-1983) gave the strange approximation 


(0.11111111)*/* = 0.577350... (24) 


and Castellanos (1988) gave 


(&) =0.57721521... (25) 
: 1/6 
(So) = 0.5772156634... (26) 
4 1/6 
Grae — 0.57721566457... (27) 
3 3 2 ¥2 
990 s T9 —4 = 0.5772156649015295.... 


(28) 


No quadratically converging algorithm for computing y 
is known (Bailey 1988). 7,000,000 digits of y have been 
computed as of Feb. 1998 (Plouffe). 


see also EULER PRODUCT, MERTENS THEOREM, 
STIELTJES CONSTANTS 
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Euler-Mascheroni Integrals 


Define E 
In = cay f (Ine? dz, (1) 
0 
then 
p= / 7 dz = [~-e Ho =(0+1)=1 (2) 
0 
n=- f (Inzje dz =y (3) 
0 
h =y + T (4) 
Is =Y + zyn” + 2¢(3) (5) 
L= +4 — Ent + 84¢(3), (6) 


where y is the EULER-MASCHERONI CONSTANT and ¢(3) 
is APERY'S CONSTANT. 


Euler Measure 

Define the Euler measure of a polyhedral set as the Eu- 
LER INTEGRAL of its indicator function. It is easy to 
show by induction that the Euler measure of a closed 
bounded convex POLYHEDRON is always 1 (independent 
of dimension), while the Euler measure of a d-D relative- 
open bounded convex POLYHEDRON is (—1)?. 


Euler Number 
The Euler numbers, also called the SECANT NUMBERS 
or ZIG NUMBERS, are defined for |x| < 7/2 by 


Ele Ela? Ejz® 

secha — 1 = — a TE +... (1) 
E* 2 E: 4 E* 6 

seca — 1 = 0 ARER E E (2) 


2A O A er 
where sech is the HYPERBOLIC SECANT and sec is the 
SECANT. Euler numbers give the number of ODD AL- 
TERNATING PERMUTATIONS and are related to GENOC- 
CHI NUMBERS. The base e of the NATURAL LOGARITHM 
is sometimes known as Euler’s number. 
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Some values of the Euler numbers are 


Ml 

Es =5 

El = 61 

Ej = 1,385 
Ef = 50,521 


Ex = 2,702,765 
Et = 199,360,981 
Ex = 19,391,512,145 
Eg = 2,404,879,675,441 
Elo = 370,371,188,237,525 
Ex, = 69,348,874,393,137,901 
Ex, = 15,514,534,163,557,086,905 
(Sloane’s A000364). The first few Prime Euler num- 


bers E, occur for n = 2, 3, 19, 227, 255, ... (Sloane’s 
A014547) up to a search limit of n = 1415. 


The slightly different convention defined by 
Ban = (-1)"En (3) 
Ezny1 = 0 (4) 
is frequently used. These are, for example, the Euler 
numbers computed by the Mathematica® (Wolfram Re- 


search, Champaign, IL) function EulerE[n]. This defi- 
nition has the particularly simple series definition 


oo 
Eja* 


k! (5) 


sech x — 1 = 
k=0 


and is equivalent to 
E, = 2" En($), (6) 
where E, (1) is an EULER POLYNOMIAL. 


To confuse matters further, the EULER CHARACTERIS- 
TIC is sometimes also called the “Kuler number.” 


see also BERNOULLI NUMBER, EULERIAN NUMBER, Eu- 
LER POLYNOMIAL, EULER ZIGZAG NUMBER, GENOCCHI 
NUMBER 
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Euler Parameters 

The four parameters eo, €1, €2, and ez describing a finite 
rotation about an arbitrary axis. The Euler parameters 
are defined by 


€o = Cos (£) (1) 
e= i = Ásin (£) i (2) 
€3 


and are a QUATERNION in scalar-vector representation 


(eo, e) = €0 + e11 + e23 + esk. (3) 


Because EULER’S ROTATION THEOREM states that an 
arbitrary rotation may be described by only three pa- 
rameters, a relationship must exist between these four 
quantities 


eo +e:e=e0 +e +e: +e =1 (4) 


(Goldstein 1980, p. 153). The rotation angle is then 
related to the Euler parameters by 


cos @ = 2e0? — 1 = ep’? — e:e = eo — ei — ez — 3” (5) 
ñ sin d = 2eeo. (6) 


The Euler parameters may be given in terms of the Eu- 
LER ANGLES by 


eo = cos[}(@ + )] cos( 26) (7) 
e1 = sin[} ($ — p)] sin(46) (8) 
es = cos[2(¢ — )] sin(26) (9) 
es = sin[} ($ + 49)] cos( 24) (10) 


(Goldstein 1980, p. 155). 


Using the Euler parameters, the ROTATION FORMULA 
becomes 


r' = r(eo’—e1° —e2” —e3°)+2e(e-r)+(r xf) sing, (11) 


and the ROTATION MATRIX becomes 


lb) e 


where the elements of the matrix are 
Qij = fi; leo” — Chek) + 216; + 2€ijkCOCk- (13) 


Here, EINSTEIN SUMMATION has been used, ĝ;; is the 
KRONECKER DELTA, and «jx is the PERMUTATION 


Euler’s Polygon Division Problem 


SYMBOL. Written out explicitly, the matrix elements 
are 
q11 = e0” + e” — e — e3” (14) 
412 = 2(e1€2 + enez) (15) 
413 = 2(€1€3 == epez) (16) 
a21 = 2(e1€2 = €0€3) (17) 
2 2 2 2 
Q22 = ĉo —€1 +€2 — 6&3 (18) 
a23 = 2(e283 + €0€1) (19) 
a31 = 2(e1€3 + epez) (20) 
a32 = 2(e2€3 me eve1) (21) 
2 2 2 2 
daa = tp —€1 — €2 + e3 . (22) 


see also EULER ANGLES, QUATERNION, ROTATION MA- 
TRIX 
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Euler’s Pentagonal Number Theorem 


I (1 — 2”) ars (SEDA (1) 


where n(3n + 1)/2 are generalized PENTAGONAL NUM- 
BERS. Related equalities are 


O re O 


k=1 n=0 k 
= i: ae = t” | 
llo art? = 2, Mam (3) 


see also PARTITION FUNCTION P, PENTAGONAL NUM- 
BER 


Euler’s Phi Function 
see TOTIENT FUNCTION 


Euler-Poincaré Characteristic 
see EULER CHARACTERISTIC 


Euler’s Polygon Division Problem 

The problem of finding in how many ways En a PLANE 
convex POLYGON of n sides can be divided into TRI- 
ANGLES by diagonals. Euler first proposed it to Chris- 
tian Goldbach in 1751, and the solution is the CATALAN 
NUMBER En = Cn-2. 


see also CATALAN NUMBER, CATALAN’S PROBLEM 
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Euler Polyhedral Formula 


Euler Polyhedral Formula 
see POLYHEDRAL FORMULA 


Euler Polynomial 


A POLYNOMIAL En(x) given by the sum 


E « (1) 
ef +17 e a 
n=0 
Euler polynomials are related to the BERNOULLI NUM- 
BERS by 


Enile) = — [Bn (5) - Bn (F) (2) 
= - [Bn (2) =o" Be (5) (3) 
E,-2(z) = 2 + ` 3 4 [(2°-* - 1)Bn-xBx(z)], 


where (7) is a BINOMIAL COEFFICIENT. Setting z = 1/2 


and normalizing by 2” gives the EULER NUMBER 
E, = 2” En(3). (5) 


Call En = En(0), then the first few terms are —1/2, O, 
1/4, —1/2, 0, 17/8, 0, 31/2, 0, .... The terms are the 
same but with the SIGNS reversed if x = 1. These values 
can be computed using the double sum 


E,,(0) — 97” ` ¡=p y 6 i _ . (6) 


j=l k=0 


The BERNOULLI NUMBERS B, for n >-1 can be ex- - 


pressed in terms of the Ep by 


nEn-1 


on 3" <I) 


(7) 


see also BERNOULLI POLYNOMIAL, EULER NUMBER, 
GENOCCHI NUMBER 
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Euler Polynomial Identity 
see EULER FOUR-SQUARE IDENTITY 


Euler Power Conjecture 
see HULER'S SUM OF POWERS CONJECTURE 


Euler Product 
For o > 1, 


(0) = 


where ((z) is the RIEMANN ZETA FUNCTION. 


Th 


1 1 
a EA A, A 
E = jim [1 >. 


¿=1 Pi 


where the product is over PRIMES p, where y is the 
EULER-MASCHERONI CONSTANT. 


see also DEDEKIND FUNCTION 


Euler Pseudoprime 
Euler pseudoprimes to a base a are ODD COMPOSITE 
numbers such that (a,n) = 1 and the JACOBI SYMBOL 


satisfies 
(=) =a""U2P (mod n). 
n 


No ODD COMPOSITE number is an Euler pseudoprime 
for all bases a RELATIVELY PRIME to it. This class in- 
cludes some CARMICHAEL NUMBERS and all STRONG 
PSEUDOPRIMES to base a. An Euler pseudoprime is 
pseudoprime to at most 1/2 of all possible bases less 
than itself. The first few Euler pseudoprimes are 341, 
561, 1105, 1729, 1905, 2047, ... (Sloane's A006970). 


see also PSEUDOPRIME, STRONG PSEUDOPRIME 
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Euler’s Quadratic Residue Theorem 

A number D that possesses no common divisor with a 
prime number p is either a QUADRATIC RESIDUE or non- 
residue of p, depending whether D‘?~?)/? is congruent 
mod p to +1. 
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Euler Quartic Conjecture 

Euler conjectured that there are no POSITIVE INTEGER 

solutions to the quartic DIOPHANTINE EQUATION 
Are B® SC? aD". 

This conjecture was disproved by N. D. Elkies in 1988, 

who found an infinite class of solutions. 


see also DIOPHANTINE EQUATION—QUARTIC 
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Euler’s Rotation Theorem 
An arbitrary ROTATION may be described by only three 
parameters. | 


see also EULER ANGLES, EULER PARAMETERS, ROTA- 
TION MATRIX 


Euler’s Rule 
The numbers 2”pg and 2”r are AMICABLE NUMBERS if 
the three INTEGERS 


p=27(2"-"+1)-1 
q=2" (27 "+1)-1 
ew as PR ES =] 


are all PRIME numbers for some POSITIVE INTEGER m 
satisfying 1 < m < n — 1 (Dickson 1952, p. 42). How- 
ever, there are exotic AMICABLE NUMBERS which do 
not satisfy Euler’s rule, so it is a SUFFICIENT but not 
NECESSARY condition for amicability. 


see also AMICABLE NUMBERS 
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Euler’s Series Transformation 


Accelerates the rate of CONVERGENCE for an ALTER- 
NATING SERIES 


= ee 


a. zi 2 , 
= Up — U1 + U2 Una + Y Ne [A un] (1) 
s=0 


for n EVEN and A the FORWARD DIFFERENCE operator 


k 
Mun = Y (-19" (1) Un+k=m> (2) 


Euler Sum 


where ( ls ) are BINOMIAL COEFFICIENTS. The POSITIVE 
terms in the series can be converted to an ALTERNATING 
SERIES using 


Sou => (Twr, (3) 


where 


Wr = Ur + War + Avan + Buse +... (4) 


see also ALTERNATING SERIES 
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Euler’s Spiral 
see CORNU SPIRAL 


Euler Square 

A square ARRAY made by combining n objects of two 
types such that the first and second elements form LATIN 
SQUARES. Euler squares are also known as GRAECO- 
LATIN SQUARES, GRAECO-ROMAN SQUARES, or LATIN- 
GRAECO SQUARES. For many years, Euler squares were 
known to exist for n = 3, 4, and for every ODD n except 
n = 3k. EULER’S GRAECO-ROMAN SQUARES CONJEC- 
TURE maintained that there do not exist Euler squares 
of order n = 4k + 2 for k = 1, 2, However, such 
squares were found to exist in 1959, refuting the CoN- 
JECTURE. 


see also LATIN RECTANGLE, LATIN SQUARE, ROOM 
SQUARE 


References 
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Euler Sum l 
In response to a letter from Goldbach, Euler considered 
DOUBLE SUMS of the form 


s(m,n) = (1+3+ +) (41) (1) 


2 k 


Ms 


z 
Il 
p 


ly + polk +1)” (k +1)” (2) 


Me 


x 
II 
Lad 


with m > 1 and n > 2 and where y is the EULER- 
MASCHERONI CONSTANT and W(z) wo(xz) is the 
DIGAMMA FUNCTION. Euler found explicit formulas in 


E7 


Fig. 10-36. 726A klystron with coax output and terminal strip. 


Figure 10-36 shows a 725A klystron mounted on an aluminum 
plate for use as a local oscillator for the satellite receiver. The tube 
is clamped by a simple split block to allow conduction cooling and 
provide a mechanically stable support. This degree of mechanical 
rigidity is not required but was convenient in this case. Also, 
free-standing operation with convective cooling is alright. The 
oscillator covers a measured frequency range of from below 3.2 
GHz to above 3.5 GHz. 

The output frequency of this particular tube as a function of the 
rotation of the tuning screw is shown in Fig. 10-37. By changing the 


OUTPUT FREQUENCY (GH y) 


2 
TURNS FROM FULLY CLOSED 


Fig. 10-37. Output frequency of 726A as a function of tuning-screw rota- 
on. 
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Euler Sum 


terms of the RIEMANN ZETA FUNCTION for s(1,n) with 
n > 2, and E. Au-Yeung numerically discovered 


i 2 

(++ +3) p7?=Uc(a), (3) 
k=1 

where ¢(z) is the RIEMANN ZETA FUNCTION, which was 

subsequently rigorously proven true (Borwein and Bor- 

wein 1995). Sums involving k~” can be re-expressed in 

terms of sums the form (k + 1)~” via 


= 1 2 
Stat +o) Re 
k=-1 
= 2 1 = 
= f+ Rt gl (k +1) 
k=0 
Ma 1 - (m+n) 
= 30 (14 gett ge y (+1) ‘oe 
=1 
= on(m,n) + (m+n) (4) 
and 


E 1 1\?__, 
do (145 +++ 5) k 
= 8,(2,n) + 2sn(1,n+1)+¢(n+2), (5) 


where ap is defined below. 


Bailey et al. (1994) subsequently considered sums of the 
forms 


atm) Y) (14 Spt BY" ety (6) 
ctm) Y lr E gay (7) 
ctm) Y + o t) yo (8) 
A O ayer gay 

(9) 
cama) Y (1 + +) et (10) 
TED (1 Eo E) (k41)7 (11) 
a (m m= (ha +) ¡Vi AS Ds 


(12) 


a.(m,n) = ` (1 — +... + =.) (OERD S, 


(13) 
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where sp and sa have the special forms 


sn = X [y + yo(n + 1)]”k 417" (14) 
k=1 
aa = Y {In2+3(-1)” 


x[vo(3n + 5) — yolan + 1)]}”(k +1) ™. (15) 


Analytic single or double sums over ¢(z) can be con- 
structed for 


sh(1,n) = 3nC(n + 1) — Sea- (16) 
sa(2,n) = ¿n(n+ 1)¢(n + 2) + ¢(2)¢(m) 
ee a (n — k D + 1)¢(k +1— j) +01(2,n) 
= 7 (17) 
Sr (2, 2n — 1) = (2n? — Tn — 3)¢(2n + 1) + ¢(2)¢(2n — 1) 
-t So ~1)¢(2n — 1 — 2k)¢(2k + 2) 


pa ¿Ya (2k +1) Sd E(25 + 1)¢(2n — 1 — 2k — 23) 


k=1 j=l 


(18) 

on(1,n) = s,(1,n) (19) 
on(2,2n — 1) = —3(2n? +n +1)¢(2n + 1) + ¢(2)C(2n — 1) 

i y 2kC(k + 1)C(2n — 2k) (20) 


o, (m even, n odd) = 5 iC "A -- 1 ¿(m+n)+(€(m)c(n) 


A 


x ¢(27 — 1)¢(m +n — 27 +1) (21) 
on(m odd,n even) = —$ (aa le + 1 ¢(m+n) 
= a 
«El G- na 
E (22) 


where (") is a BINOMIAL COEFFICIENT. Explicit for- 
mulas inferred using the PSLQ ALGORITHM include 


sn (2,2) = $¢(4) + $[¢(2)]? (23) 
= pm (24) 
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sr(2,4) = 2¢(6) — 1c(2)6(4) + HEDI? — [¢(3)]? (25) 
= ¿Em — [c(3)1 (26) 
sn(3,2) = EC(5) + ¢(2)¢(3) (27) 
sn(3,3) = —23¢(6) + 2[¢(3)}? (28) 
sn(3,4) = H2 ¢(7) — 38¢(3)¢(4) + 20(2)c(5) (29) 
sn(3,6) = Y c(9) — 28¢(4)¢(5) — 82¢(3)¢(6) 
+ [¢(3)]° + 3¢(2)¢(7) (30) 
sn(4,2) = $82¢(6) + 3[¢(3)]? (31) 
sn (4,3) = = 109 (7 ) + 2 (3)C(4) — 5¢(2)¢(5) (32) 
sn(4,5) = —22¢(9) + 82 ¢(4)¢(5) + 98¢(3)¢(6) 
81¢(3)]* — 7¢(2)¢(7) (33) 
$n(5, 2) = 1855 ¢(7) + 33¢(3)¢(4) + ¢(2)¢(5) (84) 
sa (5,4) = s20 (9 ) + 66¢(4)¢(5) — 22 ¢(3)¢(6) — 5[¢(3)]° 
+ ?85¢(2)¢(7) (35) 
sn(6,3) = — 2233 ¢(9) — 243¢(4)¢(5) + 227 ¿(3)€(6) 
+ TEC — $51¢(2)¢(7) (36) 
sn (7,2) = 154701 ¿(9) + 15897 ¢(4)¢(5) + 29855.¢(3)¢(6) 
+ 56[¢(3)]? + 2282¢(2)¢(7), (37) 


sa(2,2) = 6Lia($) + į (In 2)* — Ẹ¢(4) + $¢(2)(In 2)" 
sa(2,3) = 4Lis(4) — (ln 2)” — Ec(5) — 4c(4) In 2 
+ 7¢(3)(In2)° + 3¢(2)(In2)° — $¢(2)¢(3), 
(39) 
sa(3,2) = —24Lis(4) + 6In2Li¿(5) + + 25 (In2)° + 653 (5) 


— 285 ¢(4)In 2 + ŠC(2)(In 2) + 2c(2)c(3), (40) 


an(2,2) = —2 Lia (4) — $ (In 2)* + Lc(4) — 7c(3) In 2 
+ i¢(2)(n 2)? (41) 
an(2,3) = —4 Lis (4) — 4(In 2) Lig(4) — ¿(n2) + 22 ¢(5) 


— 3C(3)(1n 2)" + 3¢(2)(In2)° + 3¢(2)¢(3) 
(42) 
an(3, 2) = 6Lis(3) + 6(In 2) Lia($) + $(In2)° — 33¢(5) 


+ 2c(3)(11 2)" — ¢(2)(In2)° — 38¢(2)¢(3), 
(43) 
and 
Gq (2,2) = —4 Lia(4) — (In 2)* + Ec(4) + £¢(3)(In2) 
— 2¢(2)(In 2)? (44) 


aa(2,3) = 4(In 2) Lia(2) + ¿(1n2)” — Ec(5) 


+ Ec(4) (Un 2) — ¢(2)(In 2)" + 3¢(2)¢(3) 
(45) 
aa(3,2) = 30Lis(3) — 3(In2)” — +812 ¢(5) 
+ (4) (In 2) + (3) (1n 2)" 
— $¢(2)(In 2)° + $¢(2)¢(3), (46) 


Euler Totient Function 


where Lin is a POLYLOGARITHM, and ¢(z) is the RIE- 
MANN ZETA FUNCTION (Bailey and Plouffe). Of these, 
only sr(3,2), sr(3,3) and the identities for sa(m,n), 
an(m,n) and aa(m, n) have been rigorously established. 
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Euler’s Sum of Powers Conjecture 

Euler conjectured that at least n nth POWERS are re- 
quired for n > 2 to provide a sum that is itself an nth 
POWER. The conjecture was disproved by Lander and 
Parkin (1967) with the counterexample 


277 + 84° + 110° + 133? = 144°. 


see also DIOPHANTINE EQUATION 
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Euler’s Theorem 

A generalization of FERMAT’S LITTLE THEOREM. Euler 
published a proof of the following more general theorem 
in 1736. Let p(n) denote the TOTIENT FUNCTION. Then 


a?) =1 (mod n) 


for all a RELATIVELY PRIME to n. 


see also CHINESE HYPOTHESIS, EULER’S DISPLACE- 
MENT THEOREM, EULER’S DISTRIBUTION THEOREM, 
FERMAT’S LITTLE THEOREM, TOTIENT FUNCTION 
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Euler Totient Function 
see TOTIENT FUNCTION 


Euler’s Totient Rule 


Euler’s Totient Rule 

The number of bases mod p in which 1/p has cycle length 
l is the same as the number of FRACTIONS 0/(p — 1), 
1/(p—1), ..., (p—2)/(p — 1) which have least DENOM- 
INATOR l. 


see also TOTIENT FUNCTION 
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Euler’s Transform 
A technique for SERIES CONVERGENCE IMPROVEMENT 
which takes a convergent alternating series 


OO 


S (Das = ao — 041 +02... (1) 


k=0 


into a series with more rapid convergence to the same 


value to e 
Y (—1)*A* ao 
S = 9k+1 3 (2) 


(Abramowitz and Stegun 1972; Beeler et al. 1972, Item 
120). 


see also FORWARD DIFFERENCE 
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Euler Transformation 


see EULER'S FINITE DIFFERENCE TRANSFORMATION, 
EULER’S HYPERGEOMETRIC TRANSFORMATIONS, EU- 
LER'S TRANSFORM 


Euler’s Triangle 


The triangle of numbers A, x given by 
Ani = Ann =l 
and the RECURRENCE RELATION 


Ån+1,k = kÅn,k F (n + 2 — bj o k-11 
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for k € [2,n], where An x are EULERIAN NUMBERS. 


1 
1 1 
1 4 1 
1 11 11 1 
1 26 66 26 1 
1 57 302 302 57 1 
1 120 1191 2416 1191 120 1. 


The numbers 1, 1, 1, 1, 4, 1, 1, 11, 11, 1,... are Sloane’s 
A008292. Amazingly, the Z-TRANSFORMS of t” 


(2-1) n _. (Ee) . oO” ( z ) 
Trz als T"z at dx" \z—-e7tf 


are generators for Euler’s triangle. 


see also CLARK’S TRIANGLE, EULERIAN NUMBER, 
LEIBNIZ HARMONIC TRIANGLE, NUMBER TRIAN- 
GLE, PASCAL’S TRIANGLE, SEIDEL-ENTRINGER-AR- 
NOLD TRIANGLE, Z-TRANSFORM 


References 
Sloane, N. J. A. Sequence A008292 in “An On-Line Version 
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Euler Triangle Formula 

Let O and I be the CIRCUMCENTER and INCENTER of a 
TRIANGLE with CIRCUMRADIUS R and INRADIUS r. Let 
d be the distance between O and J. Then 


d = R? — 2rR. 


Euler Walk 
see EULERIAN TRAIL 


Euler Zigzag Number 

The number of ALTERNATING PERMUTATIONS for n ele- 
ments is sometimes called an Euler zigzag number. De- 
note the number of ALTERNATING PERMUTATIONS on 
n elements for which the first element is k by E(n, k). 
Then E(1,1) and 


0 fork >nork <1 
E(n,k + 1) otherwise. 
+E(n—1,n—k) 


E(n,k) = 


see also ALTERNATING PERMUTATION, ENTRINGER 
NUMBER, SECANT NUMBER, TANGENT NUMBER 
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Eulerian Circuit 

An EULERIAN 'PRAIL which starts and ends at the same 
VERTEX. In other words, it is a CYCLE which uses each 
EDGE exactly once. The term EULERIAN CYCLE is also 
used synonymously with Eulerian circuit. For technical 
reasons, Eulerian circuits are easier to study mathemat- 
ically than are HAMILTONIAN CIRCUITS. As a gener- 
alization of the KONIGSBERG BRIDGE PROBLEM, Euler 
showed (without proof) that a CONNECTED GRAPH has 
an Eulerian circuit IFF it has no VERTICES of ODD DE- 
GREE. 


see also EULER GRAPH, HAMILTONIAN CIRCUIT 


Eulerian Cycle 
see EULERIAN CIRCUIT 


Eulerian Integral of the First Kind 
Legendre and Whittaker and Watson’s (1990) term for 
the BETA FUNCTION. 
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Eulerian Integral of the Second Kind 


n di 1 
I(z,n) = 1- É\ Po ga n? (1-17? dr 
n 
0 0 


Eulerian Number 

The number of PERMUTATIONS of length n with k < n 
RUNS, denoted eee An k, or A(n,k). The Eulerian 
numbers are given explicitly by the sum 


k 
n [n+l Ai 
G)=Dev( j Ju-a ? (1) 
j=0 
Making the definition 


bn =1 (2) 
bin = (3) 


together with the RECURRENCE RELATION 
Bak = Rd, 1 + kbn-1,k (4) 


for n > k then gives 


e = Dent (5) 


The arrangement of the numbers into a triangle gives 
EULER'S TRIANGLE, whose entries are 1, 1, 1, 1, 4, 1, 


Evans Point 


1, 11, 11, 1, ... (Sloane’s A008292). Therefore, they 
represent a sort of generalization of the BINOMIAL Co- 
EFFICIENTS where the defining RECURRENCE RELATION 
weights the sum of neighbors by their row and column 
numbers, respectively. 


The Eulerian numbers satisfy 


SM) (6) 


k=1 


Eulerian numbers also arise in the surprising context of 
integrating the SINC FUNCTION, and also in sums of the 
form 


oo 


2, k”"p* = Lia) = TER y es (7) 


where Li,,(z) is the POLYLOGARITHM function. 


see also COMBINATION LOCK, EULER NUMBER, Eu- 
LER’S TRIANGLE, EULER ZIGZAG NUMBER, POLYLOG- 
ARITHM, SINC FUNCTION, WORPITZKY’S IDENTITY, Z- 
TRANSFORM 
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Eulerian Trail 

A WALK on the EDGES of a GRAPH which uses each 
EDGE exactly once. A CONNECTED GRAPH has an Eu- 
lerian trail IFF it has at most two VERTICES of ODD 
DEGREE. 


see also EULERIAN CIRCUIT 


Eutactic Star 

An orthogonal projection of a CROSS onto a 3-D SUB- 
SPACE. It is said to be normalized if the CROSS vectors 
are all of unit length. 


see also HADWIGER’S PRINCIPAL THEOREM 


Evans Point 
The intersection of the GERGONNE LINE and the EULER 
LINE. It does not appear to have a simple parametric 
representation. 
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Eve 


Eve 


see APPLE, ROOT, SNAKE, SNAKE EYES, SNAKE OIL 
METHOD, SNAKE POLYIAMOND 


Even Function 
A function f(x) such that f(x) = f(—x). An even func- 
tion times an ODD FUNCTION is odd. 


Even Number 

An INTEGER of the form N = 2n, where n is an INTE- 
GER. The even numbers are therefore ..., —4, —2, 0, 2, 
4,6, 8, 10, ... (Sloane’s A005843). Since the even num- 
bers are integrally divisible by two, N = 0 (mod 2) for 
even N. An even number N for which N = 2 (mod 4) 
is called a SINGLY EVEN NUMBER, and an even num- 
ber N for which N = 0 (mod 4) is called a DOUBLY 
EVEN NUMBER. An integer which is not even is called 
an ODD NUMBER. The GENERATING FUNCTION of the 
even numbers is 


9 
Goat = 2 tae? + 62° + 80" +... 


see also DOUBLY EVEN NUMBER, EVEN FUNCTION, 
ODD NUMBER, SINGLY EVEN NUMBER 
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Eventually Periodic 

A PERIODIC SEQUENCE such as {1, 1, 1, 2, 1, 2, 1, 2, 
1, 2, 1, 1, 2, 1, ...} which is periodic from some point 
onwards. 


see also PERIODIC SEQUENCE 


Everett’s Formula 


fp = (1 — p) fo + phi + E280 + Faóí + E56 
+Faôi + Eede + Fedp +..., (1) 


for p € [0,1], where 6 is the CENTRAL DIFFERENCE and 


En = Gan — Gon+1 = Ban — Bon+1 (2) 
Fon = Gony1 = Ban + Bons, (3) 


where G; are the COEFFICIENTS from GAUSS’S BACK- 
WARD FORMULA and GAUSS’S FORWARD FORMULA and 
B, are the COEFFICIENTS from BESSEL’S FINITE DIF- 
FERENCE FORMULA. The Exs and Fyxs also satisfy 


Eon(p) = Fan(q) (4) 


Fan(p) = Ezn(q), (5) 


for 


Evolute 589 


see also BESSEL'S FINITE DIFFERENCE FORMULA 
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Everett Interpolation 
see EVERETT’S FORMULA 


Eversion 

A curve on the unit sphere S” is an eversion if it has no 
corners or cusps (but it may be self-intersecting). These 
properties are guaranteed by requiring that the curve’s 
velocity never vanishes. A mapping a: S! —+ S? forms 
an immersion of the CIRCLE into the SPHERE IFF, for 
all ð ER, 


| 4 [o(e"*)] > 0. 


Smale (1958) showed it is possible to turn a SPHERE 
inside out (SPHERE EVERSION) using eversion. 


see also SPHERE EVERSION 
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Evolute 

An evolute is the locus of centers of curvature (the en- 
velope) of a plane curve’s normals. The original curve 
is then said to be the INVOLUTE of its evolute. Given 
a plane curve represented parametrically by (f(t), g(t)), 
the equation of the evolute is given by 


x = f—Rsint (1) 
y =g + Roost, (2) 


where (x,y) are the coordinates of the running point, R 
is the RADIUS OF CURVATURE 


E Ge pa p” (3) 
a f'g" Z f'g ) 
and T is the angle between the unit TANGENT VECTOR 
- x’ 1 f' 
cS = — 4 
|x" | /fi2 4 gi? H (4) 
and the z-AXIS, 
cost = T-% (5) 
sinr = T-¥ (6) 
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Combining gives 


O 0 in a) 
t = f fig" E fg! (7) 
re ie E 
y g+ fig! — fg’ ( ) 


The definition of the evolute of a curve is independent 
of parameterization for any differentiable function (Gray 
1993). If E is the evolute of a curve J, then I is said to 
be the INVOLUTE of E. The centers of the OSCULATING 
CIRCLES to a curve form the evolute to that curve (Gray 
1993, p. 90). 


The following table lists the evolutes of some common 
curves. 


Curve Evolute 

astroid astroid 2 times as large 
cardioid cardioid 1/3 as large 
cayley?s sextic nephroid 

circle point (0, 0) 

cycloid equal cycloid 

deltoid deltoid 3 times as large 
ellipse Lamé curve 

epicycloid enlarged epicycloid 
hypocycloid similar hypocycloid 
limaçon circle catacaustic 


for a point source 
logarithmic spiral equal logarithmic spiral 


nephroid nephroid 1/2 as large 
parabola Neile’s parabola 
tractrix catenary 


see also INVOLUTE, OSCULATING CIRCLE 
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Exact Covering System 

A system of congruences a; mod n; with 1 < i < k is 
called a COVERING SYSTEM if every INTEGER y satisfies 
y = a; (mod n) for at least one value of i. A cover- 
ing system in which each integer is covered by just one 
congruence is called an exact covering system. 


Exact Trilinear Coordinates 


see also COVERING SYSTEM 
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Exact Differential 
A differential of the form 


df = P(x, y) de + Q(a,y) dy (1) 


is exact (also called a TOTAL DIFFERENTIAL) if f df is 
path-independent. This will be true if 


_ of of 
df = Ae dx + By dy, (2) 


so P and Q must be of the form 


ð Of — 

P(z,y) = < Q(z, y) = e (3) 
But ap af 

Oy = OyOx (4) 
Q Of 

dx  Ox0y' (5) 

SO 9P _ 9Q A 
Oy Ox 


see also PFAFFIAN FORM, INEXACT DIFFERENTIAL 


Exact Period 
see LEAST PERIOD 


Exact Trilinear Coordinates 

The TRILINEAR COORDINATES a: PB : y of a point P 
relative to a TRIANGLE are PROPORTIONAL to the di- 
rected distances a’: b’ : c' from P to the side lines (i.e, 
a’: b : d = ka: b = kB : ky). Letting k be the 
constant of proportionality, 


2A 


karn 
aa+bG+ cy 


il 


where A is the AREA of AABC and a, b, and c are the 
lengths of its sides. When the trilinears are chosen so 
that k = 1, the coordinates are known as exact trilinear 
coordinates. 


see also TRILINEAR COORDINATES 


Exactly One 


Exactly One 

“Exactly one” means “one and only one,” sometimes 
also referred to as “JUST ONE.” J. H. Conway has 
also humorously suggested “onee” (one and only one) 
by analogy with IFF (if and only if), “twoo” (two and 
only two), and “threee” (three and only three). This 
refinement is sometimes needed in formal mathematical 
discourse because, for example, if you have two apples, 
you also have one apple, but you do not have ezactly 
one apple. 


In 2-valued LOGIC, exactly one is equivalent to the ex- 
clusive or operator XOR, 


P(E) XOR P(F) = P(E) + P(F) - 2P(ENF). 
see also IFF, PRECISELY UNLESS, XOR 


Exactly When 
see IFF 


Excenter 

The center J; of an EXCIRCLE. There are three excen- 
ters for a given TRIANGLE, denoted Jı, J2, J3. The 
INCENTER IJ and excenters J; of a TRIANGLE are an 
ORTHOCENTRIC SYSTEM. 


Ol? FOL +03 OB SPR, 


where O is the CIRCUMCENTER, J; are the excenters, 
and R is the CIRCUMRADIUS (Johnson 1929, p. 190). 
Denote the MIDPOINTS of the original TRIANGLE Mj, 
Ma, and M3. Then the lines JıMı, JoMe2, and J3 M3 
intersect in a point known as the MITTENPUNKT. 


see also CENTROID (ORTHOCENTRIC SYSTEM), EXCEN- 
TER-EXCENTER CIRCLE, EXCENTRAL TRIANGLE, EX- 
CIRCLE, INCENTER, MITTENPUNKT 
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Excenter-Excenter Circle 
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Given a TRIANGLE AA, 4243, the points Ai, J, and Jı 
lie on a line, where J is the INCENTER and Jı is the Ex- 
CENTER corresponding to A;. Furthermore, the circle 
with J2J3 as the diameter has Q as its center, where 
P is the intersection of AıJı with the CIRCUMCIRCLE 
of A; A2A3 and Q is the point opposite P on the CIR- 
CUMCIRCLE. The circle with diameter J2.J3 also passes 
through 42 and A3 and has radius 


r = ja, csc($a1) = 2R cos(5a1). 
It arises because the points J, Jı, J2, and J3 form an 


ORTHOCENTRIC SYSTEM. 


see also EXCENTER, INCENTER-EXCENTER CIRCLE, 
ORTHOCENTRIC SYSTEM 
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Excentral Triangle 


The TRIANGLE J = AJi¡J2J3 with VERTICES corre- 
sponding to the EXCENTERS of a given TRIANGLE A, 
also called the TRITANGENT TRIANGLE. 


Beginning with an arbitrary TRIANGLE A, find the ex- 
central triangle J. Then find the excentral triangle J'of 
that TRIANGLE, and so on. Then the resulting TRIAN- 
GLE J‘) approaches an EQUILATERAL TRIANGLE. 


Ti 
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Call T the TRIANGLE tangent externally to the EXCIR- 
CLES of A. Then the INCENTER Ir of K coincides with 
the CIRCUMCENTER Cy of TRIANGLE AJıJ2J3, where 
J; are the EXCENTERS of A. The INRADIUS rr of the 
INCIRCLE of T is 


rr=2R+r= 3(r+"r1 + r2 + rs), 


where R is the CIRCUMRADIUS of A, r is the INRADIUS, 
and r; are the EXRADII (Johnson 1929, p. 192). 


see also EXCENTER, EXCENTER-EXCENTER CIRCLE, 
EXCIRCLE, MITTENPUNKT 
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Excess 
see KURTOSIS 


Excess Coefficient 
see KURTOSIS 


Excessive Number 


see ABUNDANT NUMBER 


Excircle 


Given a TRIANGLE, extend two nonadjacent sides. The 
CIRCLE tangent to these two lines and to the other side 
of the TRIANGLE is called an ESCRIBED CIRCLE, or ex- 
circle. The CENTER J; of the excircle is called the Ex- 
CENTER and lies on the external ANGLE BISECTOR of 
the opposite ANGLE. Every TRIANGLE has three excir- 
cles, and the TRILINEAR COORDINATES of the EXCEN- 
TERS are -1:1:1,1:-—1:1l,and 1:1:-—]. The 
RADIUS r; of the excircle ¿ is called its EXRADIUS. 


Given a TRIANGLE with INRADIUS r, let h; be the 
ALTITUDES of the excircles, and r; their RADII (the 
EXRADII). Then 


(Johnson 1929, p. 189). 


see also EXCENTER, EXCENTER-EXCENTER CIRCLE, 
EXCENTRAL TRIANGLE, FEUERBACH’S THEOREM, 
NAGEL POINT, TRIANGLE TRANSFORMATION PRINCI- 
PLE 


Exclusive Or 
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Excision Axiom 

One of the EILENBERG-STEENROD AXIOMS which states 
that, if X is a SPACE with SUBSPACES A and U such that 
the CLOSURE of A is contained in the interior of U, then 
the INCLUSION MAP (X U, A U) > (X, A) induces an 
isomorphism H,(X U, A U) > Hn(X, A). 


Excluded Middle Law 

A law in (2-valued) LOGIC which states there is no third 
alternative to TRUTH or FALSEHOOD. In other words, 
every statement must be either A or not-A. This fact no 
longer holds in THREE- VALUED LOGIC or Fuzzy LOGIC. 


Excludent 
A method which can be used to solve any QUADRATIC 
CONGRUENCE. This technique relies on the fact that 


solving 
z? =b (mod p) 


is equivalent to finding a value y such that 
b+ py =x’. 


Pick a few small moduli m. If y mod m does not make 
b+ py a quadratic residue of m, then this value of y may 
be excluded. Furthermore, values of y > p/4 are never 
necessary. 


Excludent Factorization Method 

Also known as the difference of squares. It was first 
used by Fermat and improved by Gauss. Gauss looked 
for INTEGERS z and y satisfying 


y ==" —N (mod E) 


for various moduli E. This allowed the exclusion of 
many potential factors. This method works best when 
factors are of approximately the same size, so 1t is some- 
times better to attempt mN for some suitably chosen 
value of m. 


see also PRIME FACTORIZATION ALGORITHMS 


Exclusive Or 
see XOR 


Exeter Point 


Exeter Point 

Define A’ to be the point (other than the VERTEX A) 
where the MEDIAN through A meets the CIRCUMCIR- 
CLE of ABC, and define B' and C” similarly. Then the 
Exeter point is the PERSPECTIVE CENTER of the TRI- 
ANGLE A'B'C” and the TANGENTIAL TRIANGLE. It has 
TRIANGLE CENTER FUNCTION 


a = a(b* + Å — at). 
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Exhaustion Method 

The method of exhaustion was a INTEGRAL-like limiting 
process used by Archimedes to compute the AREA and 
VOLUME of 2-D LAMINA and 3-D SOLIDS. 


see also INTEGRAL, LIMIT 


Existence 

If at least one solution can be determined for a given 
problem, a solution to that problem is said to exist. Fre- 
quently, mathematicians seek to prove the existence of 
solutions and then investigate their UNIQUENESS. 


see also EXISTS, UNIQUE 


Existential Closure 

A class of processes which attempt to round off a domain 
and simplify its theory by adjoining elements. 

see also MODEL COMPLETION 
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Exists 
If there exists an A, this is written 34. Similarly, A 
does not exit is written AA. 


see also EXISTENCE, FOR ALL, QUANTIFIER 


Exmedian 
The line through the VERTEX of a TRIANGLE which is 
PARALLEL to the opposite side. 
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Exmedian Point 
The point of intersection of two EXMEDIANS. 
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Exogenous Variable 
An economic variable that is related to other economic 
variables and determines their equilibrium levels. 


see also ENDOGENOUS VARIABLE 
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Exotic R* 

Donaldson (1983) showed there exists an exotic smooth 
DIFFERENTIAL STRUCTURE on R*. Donaldson's result 
has been extended to there being precisely a CONTIN- 
UUM of nondiffeomorphic DIFFERENTIAL STRUCTURES 
on R4. 

see also EXOTIC SPHERE 
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Exotic Sphere 

Milnor (1963) found more than one smooth struc- 
ture on the 7-D HYPERSPHERE. Generalizations have 
subsequently been found in other dimensions. Using 
SURGERY theory, it is possible to relate the number of 
DIFFEOMORPHISM classes of exotic spheres to higher ho- 
motopy groups of spheres (Kosinski 1992). Kervaire and 
Milnor (1963) computed a list of the number N (d) of dis- 
tinct (up to DIFFEOMORPHISM) DIFFERENTIAL STRUC- 
TURES on spheres indexed by the DIMENSION d of the 
sphere. For d = 1, 2,..., assuming the POINCARE CON- 
JECTURE, they are 1, 1, 1, > 1, 1, 1, 28, 2, 8, 6, 992, 
1, 3, 2, 16256, 2, 16, 16, ... (Sloane’s A001676). The 
status of d = 4 is still unresolved: at least one exotic 
structure exists, but it is not known if others do as well. 


The only exotic Euclidean spaces are a CONTINUUM of 
Exotic RÍ structures. 


see also Exotic R*, HYPERSPHERE 
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Exp 
see EXPONENTIAL FUNCTION 
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Expansion 

An AFFINE TRANSFORMATION in which the scale is in- 
creased. It is the opposite of a DILATION (CONTRAC- 
TION). 


see also DILATION 


Expansive 

Let ¢ be a MAP. Then ¢ is expansive if the DISTANCE 
d($”x,49”y) < 6 for all n € Z, then z = y. Equivalently, 
ġ is expansive if the orbits of two points x and y are 


always very close. 


Expectation Value 
For one discrete variable, 


(fe) = Y P(2). (1) 
For one continuous variable, 


(rte) = | #(@)P(e) de (2) 
The expectation value satisfies 
(az + by) = a(x) + b(y) (3) 


(a) =a (4) 


For multiple discrete variables 


(f(21,...,Tn)) = ba P(21,..., Tn). (6) 


11 Un 


4 


For multiple continuous variables 


(f(ai,...,2n)) | 
= f fet 2m)Pler 20) des >> den (7) 


The (multiple) expectation value satisfies 


((£ — Ha)(y — My)) = (£Y — bey — Hyt + Mr fly) 
= (£y) — Hafly — Pyllz + May 


= (xy) — (2) (y); (8) 


where u; is the MEAN for the variable 7. 
see also MEAN 


Experimental Design 
see DESIGN 


Exploration Problem 
see JEEP PROBLEM 


Exponential Distribution 


Exponent 
The POWER p in an expression a”. 


Exponent Laws 
The laws governing the combination of EXPONENTS 


(POWERS) are 


print (1) 
Z =a" (2) 
(o) =a (3) 
(zy) = ES (4) 
o 
= (6) 


where quantities in the DENOMINATOR are taken to be 
nonzero. Special cases include 


c= 2 (8) 
and 

2 =1 (9) 
for x # 0. The definition 0° = 1 is sometimes used 


to simplify formulas, but it should be kept in mind that 
this equality is a definition and not a fundamental math- 
ematical truth. 


see also EXPONENT, POWER 


Exponent Vector 
Let p; denote the ith PRIME, and write 


= Vi 
m = Pi . 
i 


Then the exponent vector is v(m) = (v1, v2,...). 
see also DIXON’S FACTORIZATION METHOD 
References 
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Exponential Digital Invariant 
see NARCISSISTIC NUMBER 


Exponential Distribution 


P(x} 
Dix) 


reflector voltage, the output frequency could be shifted electrically 
plus or minus fifteen megahertz from the mechanically set fre- 
quency. This FM characteristic can be used for fine tuning or for a 
form of afc with simple circuitry. 

The output probe is terminated with an SMA connector. A 
cross section of the connector assembly is shown in Fig. 10-38. A 
BNC connector could be used with equal success. The output 
probe center conductor is clipped close to the insulated sleeve, the 
ferrule is slid back onto the probe. Then the center conductor is 
soldered to the coax connector. Following this, the ferrule is slid 
forward, screwed to the connector with two 2-56 screws, and then 
sweat-soldered to the probe. 

Power leads run from a barrier strip to the tube. Connections 
to the tube are made with a modified octal tube socket—see Fig, 
10-39. While normal operation requires — 300 to — 700 volts at zero 
current for the reflector, operation at reduced potentials and output 
powers is not only possible but desirable in that power dissipation 
and heat are reduced substantially. This adds to the tube life- 
expectancy, 

Operation has been at cathode voltages as low as — 150 volts at 
10 mA and reflector voltages of —150 to —300 volts. With a 
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Exponential Distribution 


Given a POISSON DISTRIBUTION with rate of change 
A, the distribution of waiting times between successive 
changes (with k = 0) is 


Da)=P(X<x)=1-P(X > 2) 


=1- oe =p (1) 
P(x) = D' (£) = Ae **, (2) 


which is normalized since 


/ P(x) dz = a | e* dx 
0 0 


= —[e**]6 =-(0-1)=1. (3) 


This is the only MEMORYLESS RANDOM DISTRIBU- 
TION. Define the MEAN waiting time between successive 
changes as 0 = A *. Then 


Le-#/ 2 >0 
P edie ea 4 
(2) 0 gz <Ô. (4) 


The MOMENT-GENERATING FUNCTION is 


M(t) = / e” (5) e da = al e7000 dg 
0 0 


e7 (1—-6t) 2/8 e 1 
= == mE 05) 
; ð 
n 207 
M(t) = aan (7) 
R(t) = In M(t) = —In(1 — 6) (8) 
; 9 
FED) age (9) 
H 9? 
R") = Gp; (10) 
p= R'(0) =6 (11) 
o° = R"(0) = 6" (12) 


The SKEWNESS and KURTOSIS are given by 


Y = 2 (13) 
ya = 6. (14) 


The MEAN and VARIANCE can also be computed directly 


(x) =f P(x) dx = ae ze */* dz. (15) 
0 0 


Use the integral 


[ec dee < (ax — 1) (16) 
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to obtain 
O)! 
anaes 
= —s(0-1)=s. (17) 
Now, to find 
(a?) = Lp xe */* da, (18) 


jeer dx = — (2 — 2ax + 07x”) (19) 


= —8° (0 — 2) = 28”, (20) 
giving 
g= (o) — (x)? 
= 28 — 57 = 8” (21) 


o = \/var(r) = s. (22) 


If a generalized exponential probability function is de- 
fined by 


Lora | 
Pamle) = Fe ee. (23) 


then the CHARACTERISTIC FUNCTION is 


== 24 
ee == (24) 
and the MEAN, VARIANCE, SKEWNESS, and KURTOSIS 
are 


p=a+B8 (25) 
=P (26) 
Y= 2 (27) 
ya = 6. (28) 


see also DOUBLE EXPONENTIAL DISTRIBUTION 
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Exponential Divisor 


see e-DIVISOR 


Exponential Function 


The exponential function is defined by 
exp(z) =e", (1) 


where e is the constant 2.718.... It satisfies the identity 


exp(z + y) = exp(z) exp(y). (2) 
Ifz=x+ty, 
e7 = et” ee Y = e” (cosy + ¿sin y). (3) 
If | 
a+ bi = et, (4) 
then 
b 
wm= (8) 
y=tan |> (5) 


2 = In {bese tan”! HN 
= {asec tan” (=) JA (6) 


Re[IExp 2] Im(IExp 2] 


The above plot shows the function e?/?. 


see also EULER FORMULA, EXPONENTIAL RAMP, FOUR- 
IER TRANSFORM— EXPONENTIAL FUNCTION, SIGMOID 
FUNCTION 
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Exponential Function (Truncated) 
see EXPONENTIAL SUM FUNCTION 


Exponential Inequality 
For e < 1, 
a < 1+elzr-1). 


For c > 1, 
gz? > 1+elz-— 1). 


Exponential Integral 


Re [ExplntegralEi z] |ExpIntegralEi z| 


Im(ExpIntegralEi z] 


Let E(x) be the E,-FUNCTION with n = 1, 


e ab * e du 
Ex(2)= f ==] . (1) 
1 t £ u 


Then define the exponential integral ei(x) by 


Ex (1) = — ei(—2), (2) 


where the retention of the — ei(—x) NOTATION is a his- 
torical artifact. Then ei(x) is given by the integral 


st) =- [ SE (3) 


T 


This function is given by the Mathematica® (Wolfram 
Research, Champaign, IL) function ExpIntegralEi [x]. 
The exponential integral can also be written 


ei(ix) = ci(x) + isi(x), (4) 


where ci(x) and si(x) are COSINE and SINE INTEGRAL. 


Exponential Map 


The real ROOT of the exponential integral occurs at 
0.37250741078..., which is not known to be expressi- 
ble in terms of other standard constants. The quantity 
—eei(—1) = 0.596347362... is known as the GOMPERTZ 
CONSTANT. 


see also COSINE INTEGRAL, E,-FUNCTION, GOMPERTZ 
CONSTANT, SINE INTEGRAL 
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Exponential Map 

On a LIE GROUP, exp is a MAP from the LIE ALGEBRA 
to its LIE GROUP. If you think of the LIE ALGEBRA as 
the TANGENT SPACE to the identity of the LIE GROUP, 
exp(v) is defined to be h(1), where h is the unique LIE 
GROUP HOMEOMORPHISM from the REAL NUMBERS to 
the LIE GROUP such that its velocity at time 0 is v. 


On a RIEMANNIAN MANIFOLD, exp is a MAP from the 
TANGENT BUNDLE of the MANIFOLD to the MANIFOLD, 
and exp(v) is defined to be h(1), where h is the unique 
GEODESIC traveling through the base-point of v such 
that its velocity at time 0 is v. 


The three notions of exp (exp from COMPLEX ANALY- 
SIs, exp from LIE GROUPS, and exp from Riemannian 
geometry) are all linked together, the strongest link be- 
ing between the LIE GROUPS and Riemannian geometry 
definition. If G is a compact LIE GROUP, it admits a left 
and right invariant RIEMANNIAN METRIC. With respect 
to that metric, the two exp maps agree on their common 
domain. In other words, one-parameter subgroups are 
geodesics. In the case of the MANIFOLD S”, the CIR- 
CLE, if we think of the tangent space to 1 as being the 
IMAGINARY axis (y-AXIS) in the COMPLEX PLANE, then 


€XPRiemannian geometry (v) = eXPLie Groups (v) 


z €xXPeomplex analysis (v) ? 


and so the three concepts of the exponential all agree in 
this case. 


see also EXPONENTIAL FUNCTION 


Exponential Matrix 
see MATRIX EXPONENTIAL 
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Exponential Ramp 


Re[ExpRamp z] | ExpRamp z| 


Im[ExpRamp z] 


E i i i 
rates 

A iar 

See 
nee 


The curve 


y=1-e””. 


see also EXPONENTIAL FUNCTION, SIGMOID FUNCTION 
References 


von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, p. 158, 1993. 


Exponential Sum Formulas 


ye. ele ze Nela a agi Ne/2) 
i ~ Jet —eit/2 (g-im/2 _ giz/2) 
n=0 
E sin(; Nz) iz(N—1)/2 
EES , (1) 
sin(51) 
where SS 
—1 
n l-r” 
>, po lp (2) 
n=0 


has been used. Similarly, 


nen B t= pe? e (1 — pre'®*)(1 — pe~**) 
Le pe (1 per) (1 — pe-*) 


‘es pre’ a: pe‘? jp te 


¡ — plet? + e~is) + p? 
N+1¿i(N—1) = pe + 1 — pe 


P 
E E. Ad SG 
1 — 2pcosz + p° (3) 


This gives 


Y pre = ie y ore a 1 — pe 
N=>00 1 — 2pcos z + p? 
n=0 n=0 
(4) 
By looking at the REAL and IMAGINARY PARTS of these 
FORMULAS, sums involving sines and cosines can be ob- 
tained. 
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Exponential Sum Function 
es,(z) = exp, (1) = ae 


see also GAMMA FUNCTION 


Exradius 


The RADIUS of an EXCIRCLE. Let a TRIANGLE have 
exradius Ta (sometimes denoted pa), opposite side of 
length a, AREA A, and SEMIPERIMETER s. Then 


2 
ra = 6 ==) (1) 
_ s(s—c)(s— b) 
ar (2) 
= 4Rsin(5a1) cos($a2) cos(ża3) (3) 


(Johnson 1929, p. 189) where R is the CIRCUMRADIUS. 
Let r be the INRADIUS, then 


AR=rattette—T (4) 
1 1 1 1 
— + =+==- (5) 
Ta Th Te r 
rralbte = A’. (6) 
Some fascinating FORMULAS due to Feuerbach are 
rars + rar, + rir3 = 8? (7) 
r(rer3 + r3rı + rire) = sA=rirers (8) 
r(ri +72 +73) = a2a3 + a301 +aia2 —s° (9) 
TT1 +7Trea +773 riro +7273 +r3rı = a2a3 + 4341 + 0102 
(10) 
7273 +73%1 + 7172 — TTi —TT2 —TT3 — tla’ + az + ag”) 
(11) 


(Johnson 1929, pp. 190-191). 


see also CIRCLE, CIRCUMRADIUS, EXCIRCLE, INRADIUS, 
RADIUS 
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Extension Problem 


Exsecant 


exsec g = sec g — 1, 


where sec z is the SECANT. 

see also COVERSINE, HAVERSINE, SECANT, VERSINE 
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Extended Cycloid 
see PROLATE CYCLOID 


Extended Goldbach Conjecture 
see GOLDBACH CONJECTURE 


Extended Greatest Common Divisor 
see GREATEST COMMON DIVISOR 


Extended Mean-Value Theorem 

Let the functions f and g be DIFFERENTIABLE on the 
OPEN INTERVAL (a, 6) and CONTINUOUS on the CLOSED 
INTERVAL [a,b]. If g'(x) 4 0 for any x € (a,b), then 
there is at least one point c € (a,b) such that 


f'e) _ f(b) — F(a) 
ge) 9(b)— g(a) 


see also MEAN- VALUE THEOREM 


Extended Riemann Hypothesis 
The first quadratic nonresidue mod p of a number is 
always less than 2(In py. 


see also RIEMANN HYPOTHESIS 
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Extension 

The definition of a SET by enumerating its members. 
An extensional definition can always be reduced to an 
INTENTIONAL one. 


see also INTENSION 
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Extension Problem 

Given a SUBSPACE A of a SPACE X and a MAP from A 
to a SPACE Y, is it possible to extend that MAP to a 
MAP from X to Y? 


see also LIFTING PROBLEM 


Extensions Calculus 


Extensions Calculus 
see EXTERIOR ALGEBRA 


Extent 

The RADIUS of the smallest CIRCLE centered at one 
of the points of an N-CLUSTER, which contains all the 
points in the N-CLUSTER. 


see also N-CLUSTER 


Exterior 
That portion of a region lying “outside” a specified 
boundary. 


see also INTERIOR 


Exterior Algebra 

The ALGEBRA of the EXTERIOR PRODUCT, also called 
an ALTERNATING ALGEBRA or GRASSMANN ALGEBRA. 
The study of exterior algebra is also called AUSDEHN- 
UNGSLEHRE and EXTENSIONS CALCULUS. Exterior al- 
gebras are GRADED ALGEBRAS. 


In particular, the exterior algebra of a VECTOR SPACE 
is the DIRECT SUM over k in the natural numbers of the 
VECTOR SPACES of alternating k-forms on that VECTOR 
SPACE. The product on this algebra is then the wedge 
product of forms. The exterior algebra for a VECTOR 
SPACE V is constructed by forming monomials u, v Aw, 
TAYAz, etc., where u, v, w, £, y, and z are vectors 
in V and A is asymmetric multiplication. The sums 
formed from linear combinations of the MONOMIALS are 
the elements of an exterior algebra. 
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Exterior Angle Bisector 


interior angle 
bisector 


exterior angle 
nee ane 
~ bisection 


m 
“e 
e, 


The exterior bisector of an ÁNGLE is the LINE or LINE 
SEGMENT which cuts it into two equal ÁNGLES on the 
opposite “side” as the ANGLE. 
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For a TRIANGLE, the exterior angle bisector bisects the 
SUPPLEMENTARY ANGLE at a given VERTEX. It also di- 
vides the opposite side externally in the ratio of adjacent 
sides. 


see also ANGLE BISECTOR, ISODYNAMIC POINTS 


Exterior Angle Theorem 

In any TRIANGLE, if one of the sides is extended, the 
exterior angle is greater than both the interior and op- 
posite angles. 
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Exterior Derivative 
Consider a DIFFERENTIAL k-FORM 


w! = by dx, + ba dro. (1) 

Then its exterior derivative is 

dw’ = db, A dx, + dbz A dz», (2) 
where A is the WEDGE PRODUCT. Similarly, consider 
w = bi (x1, 22) dx, + b2(21,22) dxz. (3) 
Then 

dw” = db, A dx + dbz A dez 
0b1 Obi 


tO ie, Jad 
E ve Ox me da 


Ob» Ob2 


Denote the exterior derivative by 


e | 
Then for a 0-form t, 
_ Ot 
(DO. = a (6) 


for a 1-form t, 


and for a 2-form t, 


Dtos , Otar a) 
dx ðr? 0x3)” 


where €ijk is the PERMUTATION TENSOR. 


(Dt)ijk = = Eijk ( 


The second exterior derivative is 


ð ð ð Ó 
t aa a, ^t aa Bz At=0 (9) 
which is known as POINCARE’S LEMMA. 


see also DIFFERENTIAL k-FORM, POINCARE’S LEMMA, 
WEDGE PRODUCT 
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Exterior Dimension 
A type of DIMENSION which can be used to characterize 
FAT FRACTALS. 


see also FAT FRACTAL 
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Exterior Product 
see WEDGE PRODUCT 


Exterior Snowflake 


IIA 


A FRACTAL. 


see also FLOWSNAKE FRACTAL, KOCH ANTISNOW- 
FLAKE, KOCH SNOWFLAKE, PENTAFLAKE 
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Extra Strong Lucas Pseudoprime 

Given the LUCAS SEQUENCE U,,(b, —1) and V,(b, —1), 
define A = b? — 4. Then an extra strong Lucas pseu- 
doprime to the base b is a COMPOSITE NUMBER n = 
2"s + (A/n), where s is ODD and (n,2A) = 1 such 
that either U; = 0 (mod n) and V; = +2 (mod n), or 
Vat, = 0 (mod n) for some t withO <t<r-—1. An 
extra strong Lucas pseudoprime is a STRONG LUCAS 
PSEUDOPRIME with parameters (b, —1). COMPOSITE n 
are extra strong pseudoprimes for at most 1/8 of possi- 
ble bases (Grantham 1997). 


see also LUCAS PSEUDOPRIME, STRONG LUCAS PSEU- 
DOPRIME 
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Extrapolation 
see RICHARDSON EXTRAPOLATION 


Extremal Coloring 
see EXTREMAL GRAPH 


Extreme Value Distribution 


Extremal Graph 

A two-coloring of a COMPLETE GRAPH Kn of n nodes 
which contains exactly the number N = (R + B)min 
of MONOCHROMATIC FORCED TRIANGLES and no more 
(i.e., a minimum of R + B where R and B are the num- 
bers of red and blue TRIANGLES). Goodman (1959) 
showed that for an extremal graph, 


¿mim —1)\(m-2) forn=2m 
N(n) = ¢ =2m(m—1)(4m+1) forn=4m-+1 
¿2m(m-+1)(4m-—1) forn=4m +3. 


This is sometimes known as GOODMAN’S FORMULA. 
Schwenk (1972) rewrote it in the form 


N(n) = @ - [3n|z(n-1)"]], 


- sometimes known as SCHWENK’S FORMULA, where |z|] 


is the FLOOR FUNCTION. The first few values of N(n) 
for n = 1, 2,... are 0, 0, 0, 0, 0, 2, 4, 8, 12, 20, 28, 40, 
52, 70, 88, ... (Sloane's A014557). 
see also BICHROMATIC GRAPH, BLUE-EMPTY GRAPH, 
GOODMAN’S FORMULA, MONOCHROMATIC FORCED 
TRIANGLE, SCHWENK’S FORMULA 


References 

Goodman, A. W. “On Sets of Acquaintances and Strangers 
at Any Party.” Amer. Math. Monthly 66, 778-783, 1959. 

Schwenk, A. J. “Acquaintance Party Problem.” Amer. Math. 
Monthly 79, 1113-1117, 1972. 

Sloane, N. J. A. Sequence A014557 in “An On-Line Version 


of the Encyclopedia of Integer Sequences.” 


Extremals 

A field of extremals is a plane region which is SIMPLY 
CONNECTED by a one-parameter family of extremals. 
The concept was invented by Weierstraf. 


Extreme and Mean Ratio 
see GOLDEN MEAN 


Extreme Value Distribution 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let M, denote the “extreme” (i.e., largest) ORDER 
STATISTIC X(”? for a distribution of n elements X; taken 
from a continuous UNIFORM DISTRIBUTION. Then the 
distribution of the M,, is 


0 ifx<0 
P(M, <a2)=4 2" if0<z2<1 (1) 
1 ifg>1, 


and the MEAN and VARIANCE are 


n 
= l 2 
C= ne (2) 


2 n 


CESCE 


Extreme Value Distribution 


If X; are taken from a STANDARD NORMAL DISTRIBU- 
TION, then its cumulative distribution is 


F(z) = = f UN gy — 5+ &(z2), (4) 


where P(x) is the NORMAL DISTRIBUTION FUNCTION. 
The probability distribution of M,, is then 


P(M, <2) =([F(z)]" = 7 J l [FA et dt. 


(5) 
The MEAN p(n) and VARIANCE 0*(n) are expressible in 
closed form for small n, 


p(1)=0 (6) 
(2) = 7 (7) 
MS) = 7 (8) 
wa) = 7 [1+ Z sinh] (9) 
M(B) = 7 [1+ Esin"*3)] (10) 
and 
o7(1)=1 (11) 
o? (2) = -Ż (12) 
0*(3) = HA ave (13) 
ea) = 14 L — (ayy (14) 
Pej sie s O Ga 


Ar 271? 


No exact expression is known for (6) or 0*(6), but there 
is an equation connecting them 


5V3 1543 


a sin” '(4). (16) 


An analog to the CENTRAL LIMIT THEOREM states that 
the asymptotic normalized distribution of M, satisfies 
one of the three distributions 


P(y) = exp(-e”?) (17) 
a ify <0 

POW) = dy" (18) 

P(y) = [a | - : a (19) 


also known as GUMBEL, Fréchet, and WEIBULL DISTRI- 
BUTIONS, respectively. 


see also FISHER-TIPPETT DISTRIBUTION, ORDER 


STATISTIC 
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Extreme Value Theorem 

If a function f is continuous on a closed interval [a, b], 
then f has both a MAXIMUM and a MINIMUM on [a,b]. 
If f has an extreme value on an open interval (a,b), 
then the extreme value occurs at a CRITICAL POINT. 
This theorem is sometimes also called the WEIERSTRAS 
EXTREME VALUE THEOREM. 


Extremum 

A MAXIMUM or MINIMUM. An extremum may be Lo- 
CAL (a.k.a. a RELATIVE EXTREMUM; an extremum in a 
given region which is not the overall MAXIMUM or MIN- 
IMUM) or GLOBAL. Functions with many extrema can 
be very difficult to GRAPH. Notorious examples include 
the functions cos(1/x) and sin(1/x) near z = 0 


and sin(e?***) near 0 and 1. 
1 
iT Be UM aU 
o IN E i | 
| lil Il II ‘| 
NN 
-0.5 | | i | | 
| Ti |] l. 
$, | | f 


-1 


The latter has 


11 9 
S = d = E = d +1 = 19058 — 2579 + 1 = 16480 
T 


extrema in the CLOSED INTERVAL [0,1] (Mulcahy 1996). 


see also GLOBAL EXTREMUM, GLOBAL MAXIMUM, 
GLOBAL MINIMUM, KUHN-TUCKER THEOREM, LA- 
GRANGE MULTIPLIER, LOCAL EXTREMUM, LOCAL 
MAXIMUM, LOCAL MINIMUM, MAXIMUM, MINIMUM 
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Extremum Test 

Consider a function f(x) in 1-D. If f(x) has a relative 
extremum at zo, then either f'(20) = 0 or f is not 
DIFFERENTIABLE at xo. Either the first or second DE- 
RIVATIVE tests may be used to locate relative extrema 
of the first kind. 


A NECESSARY condition for f(x) to have a MINIMUM 
(MAXIMUM) at zo is 


and 
f"(z0)>0  (f"(zo) < 0). 


A SUFFICIENT condition is f’(zo) = 0 and f”(x0) > 0 
(f (z0) < 0). Let f'(xo) = 0, f"(zo) = 0, ..., 
f (xo) = 0, but ft) (zo) 4 0. Then f(z) has a REL- 
ATIVE MAXIMUM at zo if n is ODD and f'"t)) (zo) < 0, 
and f(x) has a RELATIVE MINIMUM at Zo if n is ODD 
and f+} (29) > 0. There is a SADDLE POINT at xo if 
nis EVEN. 


see also EXTREMUM, FIRST DERIVATIVE TEST, RELA- 
TIVE MAXIMUM, RELATIVE MINIMUM, SADDLE POINT 
(FUNCTION), SECOND DERIVATIVE TEST 


Extrinsic Curvature 

A curvature of a SUBMANIFOLD of a MANIFOLD which 
depends on its particular EMBEDDING. Examples of ex- 
trinsic curvature include the CURVATURE and TORSION 
of curves in 3-space, or the mean curvature of surfaces 
in 3-space. 


see also CURVATURE, INTRINSIC CURVATURE, MEAN 
CURVATURE 


Extrinsic Curvature 


F-Distribution 


F 


F-Distribution 

Arises in the testing of whether two observed samples 
have the same VARIANCE. Let ym” and yn” be inde- 
pendent variates distributed as CHI-SQUARED with m 
and n DEGREES OF FREEDOM. Define a statistic Fm 
as the ratio of the dispersions of the two distributions 


2 
_ Xn [n 


This statistic then has an F'-distribution with probabil- 
ity function and cumulative distribution 


r( pm) qn py m/2 


qa/21 
Pml) = TYEE) Gat nays 


mMl2pn/2_n/2Z—-1 


= m (3) 


(m + na)"+™)/2 B( En, $m) 


Gg Mt 
meni am an) (4) 


(2) 


= 1(1; $m; 3) 1 ( 
where T(z) is the GAMMA FUNCTION, B(a,b) is the 
BETA FUNCTION, and I(a,b;z) is the REGULARIZED 
BETA FUNCTION. The MEAN, VARIANCE, SKEWNESS 
and KURTOSIS are 


m 


H = m2 (5) 
2  2m“(m+n- 2) 
a= n(m — 2)?(m — 4) (6) 
_ 2(m+2n-— 2) 2(m — 4) 
apo m-—6 n(m +n-— 2) (7) 
_ 12(-16 + 20m — 8m* + m? + 44n) 
= nfm- 6)(m — 8)(n +m — 2) 


12(—32mn + 5m?n — 22n? + 5mn?) 


n(m — 6)(m — 8)(n + m — 2) (8) 


The probability that F would be as large as it is if the 
first distribution has a smaller variance than the second 
is denoted Q(Fn,m). 


The noncentral F-distribution is given by 


P(x) = e A/2+(Ani2)/[2(n2t+n12))] 
x ni”! n2 Pr"? (mo E nig) mira? 


n3i/2-1 n]t 
Páramo (22) 
x nn A S 
B(¿nm, ¿n2)T[3(m1 + n2) 


(9) 


where T(z) is the GAMMA FUNCTION, B(a,) is the 
BETA FUNCTION, and Lm(z) is an associated LA- 
GUERRE POLYNOMIAL. 
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see also BETA FUNCTION, GAMMA FUNCTION, REGU- 
LARIZED BETA FUNCTION, SNEDECOR's F-DISTRIBU- 
TION 
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F-Polynomial 
see KAUFFMAN POLYNOMIAL F 


F-Ratio 
The RATIO of two independent estimates of the VARI- 
ANCE of a NORMAL DISTRIBUTION. 


see also F-DISTRIBUTION, NORMAL DISTRIBUTION, 
VARIANCE 


F-Ratio Distribution 
see F-DISTRIBUTION 


Fabry Imbedding 


A representation of a PLANAR GRAPH as a planar 
straight line graph such that no two EDGES cross. 


Face 


face 
vertex 


x 


edge 


The intersection of an n-D POLYTOPE with a tan- 
gent HYPERPLANE. 0-D faces are known as VERTICES 
(nodes), 1-D faces as EDGES, (n — 2)-D faces as RIDGES, 
and (n — 1)-D faces as FACETS. 


see also EDGE (POLYHEDRON), FACET, POLYTOPE, 
RIDGE, VERTEX (POLYHEDRON) 


Facet 
An (n— 1)-D FACE of an n-D POLYTOPE. A procedure 
for generating facets is known as FACETING. 
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Faceting 

Using a set of corners of a SOLID that lie in a plane to 
form the VERTICES of a new POLYGON is called faceting. 
Such POLYGONS may outline new FACES that join to 
enclose a new SOLID, even if the sides of the POLYGONS 
do not fall along EDGES of the original SOLID. 
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Factor 

A factor is a portion of a quantity, usually an INTE- 
GER or POLYNOMIAL. The determination of factors is 
called FACTORIZATION (or sometimes “FACTORING”). It 
is usually desired to break factors down into the smallest 
possible pieces so that no factor is itself factorable. For 
INTEGERS, the determination of factors is called PRIME 
FACTORIZATION. For large quantities, the determina- 
tion of all factors is usually very difficult except in ex- 
ceptional circumstances. 


see also DIVISOR, FACTORIZATION, GREATEST PRIME 
FACTOR, LEAST PRIME FACTOR, PRIME FACTORIZA- 
TION ALGORITHMS 


Factor Base l 

The primes with LEGENDRE SYMBOL (n/p) = 1 (less 
than N = r(d) for trial divisor d) which need be consid- 
ered when using the QUADRATIC SIEVE FACTORIZATION 
METHOD. 


see also DIXON’S FACTORIZATION METHOD 
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Factor (Graph) 

A 1-factor of a GRAPH with n VERTICES is a set of n/2 
separate EDGES which collectively contain all n of the 
VERTICES of G among their endpoints. 


Factor Group 
see QUOTIENT GROUP 


Factor Level 
A grouping of statistics. 


Factor Ring 
see QUOTIENT RING 


Factor Space 
see QUOTIENT SPACE 


Factorial 


Factorial 
The factorial n! is defined for a POSITIVE INTEGER n as 
aae eaa Aa PPE (1) 
hy n= 0. 


The first few factorials for n = 0, 1, 2,... are 1, 1; 2, 
6, 24, 120, ... (Sloane’s A000142). An older NOTATION 
for the factorial is |n (Dudeney 1970, Gardner 1978, 
Conway and Guy 1996). 


As n grows large, factorials begin acquiring tails of trail- 
ing ZEROS. To calculate the number of trailing ZEROS 


for n!, use 
kmax 
n 
z= S/S], (2) 
k=1 
where ] 
nn 
Raves = | (3) 


and |x| is the FLOOR FUNCTION (Gardner 1978, p. 63; 
Ogilvy and Anderson 1988, pp. 112-114). For n = 1, 2, 
..., the number of trailing zeros are 0, 0, 0, 0, 1, 1, 1, 
1, 1, 2, 2, 2, 2, 2, 3, 3,... (Sloane's A027868). This is a 
special application of the general result that the POWER 
of a PRIME p dividing n! is 


ep(n) = 5° Fa (4) 


r>0 


(Graham et al. 1994, Vardi 1991). Stated another way, 
the exact POWER of a PRIME p which divides n! is 


n — sum of digits of the base-p representation of n 


p=1 
(5) 


By noting that 
n!=T(n+1), (6) 


where I (n) is the GAMMA FUNCTION for INTEGERS n, 
the definition can be generalized to COMPLEX values 


A=T(24+1)= J ” ent dt. (7) 
0 


This defines z! for all COMPLEX values of z, except when 
zis a NEGATIVE INTEGER, in which case z! = oo. Us- 
ing the identities for GAMMA FUNCTIONS, the values of 
($n)! (half integral values) can be written explicitly 


(3) = v7 (8) 
(3)! = ov" (9) 

(n — 5)! = YE (an —1)!! (10) 
(n +3)! = vr (2n + 1)! (11) 


where n!! is a DOUBLE FACTORIAL. 


CUT OFF UNUSEO 
PORTION OF SOCKET 


STANDARD 
OCTAL 


SOCKET 


Fig. 10-39. Socket modifications and wiring diagram. 


—300-volt cathode supply, output powers in excess of 60 milliwatts 
were readily obtained. With a — 150-volt cathode supply, the out- 
put dropped to about 4 mW, which is still sufficient for use asa local 
oscillator. Even at the high powers with only free convection 
cooling, life expectancy is high. Tubes pulled out of service after 
hundreds of hours of service and stored thirty years or more are 
still operating. 

A word of caution: The reflector must mever become positive 
with respect to the cathode. If it does, it will draw current, heat ‘up, 
and outgas, ruining the tube. To prevent this from occurring, 
merely connect a rectifier diode between the cathode and reflector 
as shown in Fig. 10-39. 

The theory and operation of reflex klystrons is available 
elsewhere and therefore is not covered here. What I hope I have 
accomplished here is to remind other amateurs of the availability of 
relfex klystrons as packaged sources of microwave power that are 
rugged, cover a wide spectrum, and are economical. 
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Factorial 
For INTEGERS s and n with s <n, 


(s-n)! _ 


(-1)""*(Qn — 28)! 
(2s — 2n)! 


(n — s)! (12) 


The LOGARITHM of 2! is frequently encountered 


wt) = 3 sees | -7- Dae 
(13) 
1 nz 1 Dz 
Te ES] - aa 
+(1—y)z— Y [C(2n + 1) - yz = 0%) 
n! 
= im, Cray EE (z+ 1)(2+ 2) al (15) 
= lim A (lala) + zInn— e +1) 
2 ie +2)-—...—In(z+m)] (16) 
= Y 7:00) (17) 
= -yz + Dv Sen) (18) 


— eon 


z” 


+ No = (19) 


where y is the EULER- MASCHERONI CONSTANT, ¢ is the 
RIEMANN ZETA FUNCTION, and Fn is the POLYGAMMA 
FUNCTION. The factorial can be expanded in a series 


z! = Von 22 Pe (14 ae 
—2 —3 
+2 Ar +...). (20) 


STIRLING'S SERIES gives the series expansion for In(z!), 


B 
In(z!) = 3 In(27) + (2 + 3) lnz — z + z 


z 
i a E 
k e. u 9 (2 1) 2 1 = 8 n 


= 3In(27) + (z+ 4) Inz-2+ $2 


—5 
ee O (21) 


=-1 


where B,, is a BERNOULLI NUMBER. 
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Identities satisfied by sums of factorials include 


y = — e = 2.718281828... (22) 
k=0 ` 
A m =e) = 0.3678794412... (23) 
k=0 
Y ore = Ip(2) = 2.279585302... (24) 
k=. 
A (—1)* 
Y GDF = Jo(2) = 0.2238907791... (25) 
k=0 
y Em = cosh 1 = 1.543080635... (26) 
k=0 l 
2 (17 
D oy = eos 1 = 0.5403023059... (27) 
— (2k)! 
z 1 . 
y ———y, = sinh 1 = 1.175201194... — (28) 
L (2k +1) 
5 ADA. = sin 1 = 0.8414709848 (29) 
, ae 
La (2k +1)! 


(Spanier and Oldham 1987), where Jo is a MODIFIED 
BESSEL FUNCTION OF THE FIRST KIND, Jo is a BESSEL 
FUNCTION OF THE FIRST KIND, cosh is the HYPER- 
BOLIC COSINE, cos is the COSINE, sinh is the HYPER- 
BOLIC SINE, and sin is the SINE. 


Let h be the exponent of the greatest POWER of a PRIME 
p dividing n!. Then 


h= Y Bi (30) 


i=l 
pi<n 


Let g be the number of 1s in the BINARY representation 
of n. Then 
gth=n (31) 


(Honsberger 1976). In general, as discovered by Legen- 
dre in 1808, the POWER m of the PRIME p dividing n! 
is given by 


_ = n _ n=[(no+ni+...+np) 
Ela ms, oa 


where the INTEGERS nj, .. 
base p (Ribenboim 1989). 


The sum-of-factorials function is defined by 


D(n) = y k! 
k=1 


— —e + ei(1) + m + Esnri(—1T(n + 2) (33) 


= —e + ei(1) ER R[Ezn+1(-1) T(n =e 2) (34) 


., mn are the digits of n in 
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where ei(1) = 1.89512 is the EXPONENTIAL INTEGRAL, 
En is the E, -FUNCTION, and 2 is the IMAGINARY NUM- 
BER. The first few values are 1, 3, 9, 33, 153, 873, 
5913, 46233, 409113, ... (Sloane's A007489). (n) can- 
not be written as a hypergeometric term plus a constant 
(Petkovšek et al. 1996). However the sum 


2 (m) = Skt = (n+1)!-1 (35) 


has a simple form, with the first few values being 1, 5, 
23, 119, 719, 5039, ... (Sloane’s A033312). 


The numbers n! + 1 are prime for n = 1, 2, 3, 11, 27, 
37, 41, 73, 77, 116, 154, ... (Sloane’s A002981), and the 
numbers n! — 1 are prime for n = 3, 4, 6, 7, 12, 14, 30, 
32, 33, 38, 94, 166, ... (Sloane’s A002982). In general, 
the power-product sequences (Mudge 1997) are given by 
S*(n) = (n!)* +1. The first few terms of S} (n) are 2, 
5, 37, 577, 14401, 518401, ... (Sloane’s A020549), and 
SF (n) is PRIME for n = 1, 2, 3, 4, 5, 9, 10, 11, 13, 24, 
65, 76, ... (Sloane’s A046029). The first few terms of 
S; (n) are 0, 3, 35, 575, 14399, 518399, ... (Sloane's 
A046030), but Sz (n) is PRIME for only n = 2 since 
Sz (n) = (n)?—1 = (n!+1)(n!— 1) for n > 2. The first 
few terms of S; (n) are 0, 7, 215, 13823, 1727999, ..., 
and the first few terms of Sł (n) are 2, 9, 217, 13825, 
1728001, ... (Sloane's A19514). 


There are only four INTEGERS equal to the sum of the 
factorials of their digits. Such numbers are called FAC- 
TORIONS. While no factorial is a SQUARE NUMBER, 
D. Hoey listed sums < 10*? of distinct factorials which 
give SQUARE NUMBERS, and J. McCranie gave the one 
additional sum less than 21! = 5.1 x 10*?: 


O! + 11 + 21 = 2? 
11 + 21 + 3! = 3? 


11 + 41 = 5? 
11 + 51 = 11? 
4145! = 12? 


11 + 21431 4 6! = 27? 

11 + 5146! = 29? 

1+71=714 

41 + 51471 = 72% 
11+21+31+71 +8! = 213° 
1!+4!+5!+6!+7!+8! = 215° 

1! +2! +3! +6! +9! = 603° 

1! + 4! + 8! +9! = 635° 
11+ 214 31+6!1+7!1+ 8! + 10! = 1917? 


14214314714 8!49!4 1014 11! + 12! 
+13! + 14! + 15! = 1183893* 
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(Sloane's A014597). The first few values for which the 
alternating SuM 


EA (36) 
i=l 
is PRIME are 3, 4, 5, 6, 7, 8, 41, 59, 61, 105, 160, ... 
(Sloane’s A014615, Guy 1994, p. 100). The only known 
factorials which are products of factorial in an ARITH- 
METIC SEQUENCE are 


011! = 1! 
12=21 
01112! = 2! 
6171 = 10! 
1!3!5! = 6! 
1!3!5!7! = 10! 


(Madachy 1979). 


There are no identities of the form 
n! = arlag! ar! (37) 


for r > 2 with a; > a; > 2 fori < j for n < 18160 
except 


9! = 71313121 (38) 
10! = 716! = 71513! (39) 
16! = 1415121 (40) 


(Guy 1994, p. 80). 
There are three numbers less than 200,000 for which 


(n—1)!4+1=0 (mod n’) , (41) 


namely 5, 13, and 563 (Le Lionnais 1983). BROWN 
NUMBERS are pairs (m,n) of INTEGERS satisfying the 
condition of BROCARD’S PROBLEM, i.e., such that 


ni+1l=m’, (42) 


Only three such numbers are known: (5, 4), (11, 5), (71, 
7). Erdós conjectured that these are the only three such 
pairs (Guy 1994, p. 193). 

see also ALLADI-GRINSTEAD CONSTANT, BROCARD’S 
PROBLEM, BROWN NUMBERS, DOUBLE FACTORIAL, 
FACTORIAL PRIME, FACTORION, GAMMA FUNCTION, 
HYPERFACTORIAL, MULTIFACTORIAL, POCHHAMMER 
SYMBOL, PRIMORIAL, ROMAN FACTORIAL, STIRLING’S 
SERIES, SUBFACTORIAL, SUPERFACTORIAL 
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Factorial Moment 
x= > ee) 


where 
a”) =a(a—1)---(«—r+1). 


Factorial Number 
see FACTORIAL 


Factorial Prime | 

A PRIME of the form n! +1. n!+ 1 is PRIME for 1, 2, 
3, 11, 27, 37, 41, 73, 77, 116, 154, 320, 340, 399, 427, 
872, 1477, ... (Sloane's A002981) up to a search limit 
4850. n! — 1 is PRIME for 3, 4, 6, 7, 12, 14, 30, 32, 33, 
38, 94, 116, 324, 379, 469, 546, 974, 1963, 3507, 3610, 
... (Sloane's A002982) up to a search limit of 4850. 
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Factorial Sum 
Sums with unity NUMERATOR and FACTORIALS in the 


- DENOMINATOR which can be expressed analytically in- 


clude 


: 1 
2 (n+i— k)n — 1)! 


2F1(1,—n;1+n-=k;-1)-1 


==  T(A+NTA+n-k) (1) 


1 E n/T 
2 (n+i-1)!(n-i)! 2} +n) +n) (2) 


7 1 
2 (n + 1)! Un — i)! 
a aru 


AG +n +n) 21n) 


1 
2 (n+%+1)'(n —7)! 


2=1 

A A A 
a(s+n)r(l+n) Anan)’ 

where 2F,(a,b;c;z) is a HYPERGEOMETRIC FUNCTION 

and ['(z) is a GAMMA FUNCTION. 


Sums with ¿ in the NUMERATOR having analytic solu- 
tions include 


Tr 


a (n +2 -— k)!(n — i)! 


= 


n2Fi(2,1—n;2—k+n;-1) 


= 5) 


~ 1-k4ny\P(l+nsl(l-k+n) 


DN a 
= Tn) [ar +n) Ta +n) (6) 


2, (n + i)!(n — 1)! = 2r? (1+ n) (7) 
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2, (n+i+1)!{n — i)! 


(n? + 38n +2) yr 


T ($ +n) (8) 


E 1 1 
~ 2(1+n) |TQ+n) — 


A sum with 77 in the NUMERATOR is 


~ (l—-k+n)(2—k+n)Ft+nld—k+n) 
x [(2 — k+n)2F1(2,1 —n;2 — k +n; —1) 
+2(n — 1) 2F1 (3,2 — n;3 —- k + n; —1)]}, (9) 
where 2Fi(a,b;c;z) is the HYPERGEOMETRIC FUNC- 
TION. 


Sums of factorial POWERS include 


yer at (10) 


where 
_ 2(8 + 7t" — 7t%) 
P(t) = “4-8 +8)2 (12) 
B 4t(1 — t) (5 +t — t°) 
a= (14-242 /(1-0U4-2 + 8) a 
R(t) =1- ¿(4 -t”) (14) 


(Beeler et al. 1972, Item 116). 
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Factoring 
see FACTORIZATION 


Factorion 

A factorion is an INTEGER which is equal to the sum of 
FACTORIALS of its digits. There are exactly four such 
numbers: 


1=1 (1) 
2=2! (2) 
145 =11 +41 +5! (3) 
40,585 = 4! + 0! + 5! +8! +5! (4) 


(Gardner 1978, Madachy 1979, Pickover 1995). The fac- 
torion of an n-digit number cannot exceed n - 9! digits. 


Fair Game 


see also FACTORIAL 
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Factorization 

The finding of FACTORS (DIVISORS) of a given INTEGER, 
POLYNOMIAL, etc. Factorization is also called FACTOR- 
ING. 


see also FACTOR, PRIME FACTORIZATION ALGORITHMS 


Fagnano’s Point 
The point of coincidence of P and P’ in FAGNANO’S 
PROBLEM. 


Fagnano’s Problem 

In a given ACUTE-angled TRIANGLE AABC, INSCRIBE 
another TRIANGLE whose PERIMETER is as small as pos- 
sible. The answer is the PEDAL TRIANGLE of AABC. 
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Fagnano’s Theorem 
If P(x, y) and P(z’,y’) are two points on an ELLIPSE 


+5 =1, (1) 
with ECCENTRIC ANGLES ¢ and @’ such that 
, b 
tangtang = — (2) 
a 


and A= P(a,0) and B = P(0,b). Then 


err 
a 


arc BP + arc BP" = (3) 


This follows from the identity 
E(u, k) + E(v, k) — E(k) = k? sn(u,k)sn(v,k), (4) 


where E(u, k) is an incomplete ELLIPTIC INTEGRAL OF 
THE SECOND KIND, E(k) is a complete ELLIPTIC INTE- 
GRAL OF THE SECOND KIND, and sn(v,k) is a JACOBI 
ELLIPTIC FUNCTION. If P and P’ coincide, the point 
where they coincide is called FAGNANO’S POINT. 


Fair Game 
A GAME which is not biased toward any player. 


see also GAME, MARTINGALE 


Fairy Chess 


Fairy Chess 

A variation of CHESS involving a change in the form of 
the board, the rules of play, or the pieces used. For 
example, the normal rules of chess can be used but with 
a cylindrical or MOBIUS STRIP connection of the edges. 


see also CHESS 
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Fallacy 

A fallacy is an incorrect result arrived at by appar- 
ently correct, though actually specious reasoning. The 
most common example of a mathematical fallacy is the 
“proof” that 1 = 2 as follows. Let a = b, then 


2 
ab=a 


ab — b° = a” — b? 


bla — b) = (a + b)(a — b) 


b=a+b 
b = 2b 
=D 


The incorrect step is division by a—b (equal to 0), which 
is invalid. Ball and Coxeter (1987) give other such ex- 
amples in the areas of both arithmetic and geometry. 
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False 

A statement which is rigorously not TRUE. Regular 
two-valued LOGIC allows statements to be only TRUE 
or false, but FUZZY LOGIC treats “truth” as a contin- 
uum which can have a value between 0 and 1. 


see also ALETHIC, Fuzzy Locic, LoGic, TRUE, TRUTH 
TABLE, UNDECIDABLE 


False Position Method 


An ALGORITHM for finding ROOTS which uses the point 
where the linear approximation crosses the axis as the 
next iteration and keeps the same initial point for each 
iteration. Using the two-point form of the line 


i= ASUS TEO — 21) 


LTn-1 — £1 


Fano’s Axiom 609 


with y = 0, using yı = f (zı), and solving for £n there- 
fore gives the iteration 


Tn-1 — Tı 


CATAS EAS 


see also BRENT’S METHOD, RIDDERS’ METHOD, SE- 
CANT METHOD 
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Faltung (Form) 
Let A and B be bilinear forms 


A= A(z,y) = ` Y aja 
B= B(2,y) = E bj Liyi 


and suppose that A and B are bounded in [p,p’] with 
bounds M and N. Then 


F = F(A,B)=S_ So fits, 


where the series 


fi = y Qikbkj 


k 


is absolutely convergent, is called the faltung of A and. 
B. F is bounded in [p, p'], and its bound does not exceed 
MN. 
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Faltung (Function) 
see CONVOLUTION 


Fan 
A SPREAD in which each node has a FINITE number of 
children. 


see also SPREAD (TREE) 


Fano’s Axiom 
The three diagonal points of a COMPLETE QUADRILAT- 
ERAL are never COLLINEAR. 
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Fano Plane 


The 2-D PROJECTIVE PLANE over GF(2) (“of order 
two”), illustrated above. It is a BLOCK DESIGN with 
y=7,k=3,\=1, r = 3, and b = 7, and is also the 
STEINER TRIPLE SYSTEM S(7). 


The Fano plane also solves the TRANSYLVANIA LOT- 
TERY, which picks three numbers from the INTEGERS 
1-14. Using two Fano planes we can guarantee. match- 
ing two by playing just 14 times as follows. Label the 
VERTICES of one Fano plane by the INTEGERS 1-7, the 
other plane by the INTEGERS 8-14. The 14 tickets to 
play are the 14 lines of the two planes. Then if (a, b,c) 
is the winning ticket, at least two of a,b,c are either in 
the interval [1, 7] or [8, 14]. These two numbers are on 
exactly one line of the corresponding plane, so one of 
our tickets matches them. 


The Lehmers (1974) found an application of the Fano 
plane for factoring INTEGERS via QUADRATIC FORMS. 
Here, the triples of forms used form the lines of 
the PROJECTIVE GEOMETRY on seven points, whose 
planes are Fano configurations corresponding to pairs of 
residue classes mod 24 (Lehmer and Lehmer 1974, Guy 
1975, Shanks 1985). The group of AUTOMORPHISMS 
(incidence-preserving BIJECTIONS) of the Fano plane is 
the SIMPLE GROUP of ORDER 168 (Klein 1870). 


see also DESIGN, PROJECTIVE PLANE, STEINER TRIPLE 
SYSTEM, TRANSYLVANIA LOTTERY 
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Far Out 
A word used by Tukey to describe data points which are 
outside the outer FENCES. 
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Far-Out Point 
For a TRIANGLE with side lengths a, b, and c, the far-out 
point has TRIANGLE CENTER FUNCTION 


a = alb +t — af). 


Farey Sequence 


As a: 6: c approaches 1:1: 1, this point moves out 
along the EULER LINE to infinity. 
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Farey Sequence 

The Farey sequence F, for any POSITIVE INTEGER n 
is the set of irreducible RATIONAL NUMBERS a/b with 
0 <a <b < n and (a,b) = 1 arranged in increasing 
order. 


F = {3.3 (1) 
Fo={l.507 (2) 
Fe={pg pat (3) 
Fe= {DP P PDD] (4) 
Fs = (355) 493957295 3949591)" (5) 


There is always an ODD number of terms, and the mid- 
dle term is always 1/2. Let p/q, p'/q', and p"/q" be 
three successive terms in a Farey series. Then 


qp — pq’ =1 (6) 
I H 
Pp p+p 
== =——., (7) 
q q+q 


These two statements are actually equivalent. 


The number of terms N(n) in the Farey sequence for 
the INTEGER n is 


N(n)=1+ X (bk) =1+ (n), (8) 


k=1 


where ġ(k) is the TOTIENT FUNCTION and ®(n) is the 
SUMMATORY FUNCTION of ọ(k), giving 2, 3, 5, 7, 11, 
13, 19, ... (Sloane’s A005728). The asymptotic limit 
for the function N(n) is 


N(n) ~ a 0.3039635509n* (9) 
r? i 
(Vardi 1991, p. 155). For a method of computing a suc- 
cessive sequence from an existing one of n terms, insert 
the MEDIANT fraction (a + b)/(c + d) between terms 
a/c and b/d when c+ d < n (Hardy and Wright 1979, 
pp. 25-26; Conway and Guy 1996). 


FORD CIRCLES provide a method of visualizing the 
Farey sequence. The Farey sequence F,, defines a sub- 
tree of the STERN-BROCOT TREE obtained by pruning 
unwanted branches (Graham et al. 1994). 


see also FORD CIRCLE, MEDIANT, RANK (SEQUENCE), 
STERN-BROCOT TREE 


Farey Series 


References 

Beiler, A. H. “Farey Tails.” Ch. 16 in Recreations in the The- 
ory of Numbers: The Queen of Mathematics Entertains. 
New York: Dover, 1966. 

Conway, J. H. and Guy, R. K. “Farey Fractions and Ford 
Circles.” The Book of Numbers. New York: Springer- 
Verlag, pp. 152-154 and 156, 1996. 

Dickson, L. E. History of the Theory of Numbers, Vol. 1: 
Divisibility and Primality. New York: Chelsea, pp. 155- 

- 158, 1952. 

Farey, J. “On a Curious Property of Vulgar Fractions.” Lon- 
don, Edinburgh and Dublin Phil. Mag. 47, 385, 1816. 

Graham, R. L.; Knuth, D. E.; and Patashnik, O. Concrete 
Mathematics: A Foundation for Computer Science, 2nd 
ed. Reading, MA: Addison-Wesley, pp. 118-119, 1994. 

Guy, R. K. “Mahler’s Generalization of Farey Series.” $F27 
in Unsolved Problems in Number Theory, 2nd ed. New 
York: Springer-Verlag, pp. 263-265, 1994. 

Hardy, G. H. and Wright, E. M. An Introduction to the The- 
ory of Numbers, 5th ed. Oxford, England: Clarendon 
Press, 1979. 

Sloane, N. J. A. Sequences A005728/M0661, A006842/ 
M0041, and A006843/M0081 in “An On-Line Version of 
the Encyclopedia of Integer Sequences.” 

Sylvester, J. J. “On the Number of Fractions Contained in 
Any Farey Series of Which the Limiting Number is Given.” 
London, Edinburgh and Dublin Phil. Mag. (5th Series) 15, 
251, 1883. 

Vardi, 1. Computational Recreations in Mathematica. Read- 
ing, MA: Addison-Wesley, p. 155, 1991. 

% Weisstein, E. W. “Plane Geometry.” http://www.astro. 


virginia. edu/~eww6n/math/notebooks/PlaneGeometry.m. 


Farey Series 
see FAREY SEQUENCE 


Farkas’s Lemma 
The INEQUALITY (fo, x) < 0 follows from 


(fi, 2) < Dis (Inge) <0 


IFF there exist NONNEGATIVE numbers Aj, ..., An with 


Soe = fo. 
k=1 


This LEMMA is used in the proof of the KUHN-TUCKER 
THEOREM. 


see also KUHN-TUCKER THEOREM, LAGRANGE MULTI- 
PLIER 


Faro Shuffle 
see RIFFLE SHUFFLE 


Fast Fibonacci Transform 
For a general second-order recurrence equation 


fn+1 = Pfa + yfn—-1, (1) 
define a multiplication rule on ordered pairs by 


(A, B)(C, D) = (AD + BC +2AC,BD+yAC). (2) 
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The inverse is then given by 


1 (-A,zA+B) 
(AB) = Bry GAB — yA? 8) 


and we have the identity 


(fi, yfo)(1,0)" = (fnti,yfn) (4) 


(Beeler et al. 1972, Item 12). 
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Fast Fourier Transform 

The fast Fourier transform (FFT) is a DISCRETE FOUR- 
IER TRANSFORM ALGORITHM which reduces the num- 
ber of computations needed for N points from 2N° to | 
2N lg N, where LG is the base-2 LOGARITHM. If the 
function to be transformed is not harmonically related 
to the sampling frequency, the response of an FFT looks 
like a SINC FUNCTION (although the integrated POWER 
is still correct). ALIASING (LEAKAGE) can be reduced by 
APODIZATION using a TAPERING FUNCTION. However, 
ALIASING reduction is at the expense of broadening the 
spectral response. 


FFTs were first discussed by Cooley and Tukey (1965), 
although Gauss had actually described the critical fac- 
torization step as early as 1805 (Gergkand 1969, Strang 
1993). A DISCRETE FOURIER TRANSFORM can be 
computed using an FFT by means of the DANIELSON- 
LANCZOS LEMMA if the number of points N is a POWER 
of two. If the number of points N is not a POWER of 
two, a transform can be performed on sets of points cor- 
responding to the prime factors of N which is slightly 
degraded in speed. An efficient real Fourier transform 
algorithm or a fast HARTLEY TRANSFORM (Bracewell 
1965) gives a further increase in speed by approximately 
a factor of two. Base-4 and base-8 fast Fourier trans- 
forms use optimized code, and can be 20-30% faster 
than base-2 fast Fourier transforms. PRIME factoriza- 
tion is slow when the factors are large, but discrete Four- 
ier transforms can be made fast for N = 2, 3, 4, 5, 7, 
8, 11, 13, and 16 using the WINOGRAD TRANSFORM 
ALGORITHM (Press et al. 1992, pp. 412-413, Arndt). 


Fast Fourier transform algorithms generally fall into 
two classes: decimation in time, and decimation in fre- 
quency. The Cooley-Tukey FFT ALGORITHM first re- 
arranges the input elements in bit-reversed order, then 
builds the output transform (decimation in time). The 
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basic idea is to break up a transform of length N into 
two transforms of length N/2 using the identity 


N-i 
—2rink/N __ 
Ane = 


N/2-1 


y daaa OONN 


n=0 n=0 
N/2-1 
—211(2 
+ > | a2n41€ ri(2n+1)k/N 
n=0 
N/2-- 
e a even eT 2rink/(N/2) 
N/2-1 
jp AP > | forte en a 
n=0 


sometimes called the DANIELSON-LANCZOS LEMMA. 
The easiest way to visualize this procedure is perhaps 
via the FOURIER MATRIX. 


The Sande-Tukey ALGORITHM (Stoer and Burlisch 
1980) first transforms, then rearranges the output values 
(decimation in frequency). 


see also DANIELSON-LANCZOS LEMMA, DISCRETE 
FOURIER TRANSFORM, FOURIER MATRIX, FOURIER 
TRANSFORM, HARTLEY TRANSFORM, NUMBER THEO- 
RETIC TRANSFORM, WINOGRAD TRANSFORM 
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Fatou’s Theorems 


Fat Fractal 
A CANTOR SET with LEBESGUE MEASURE greater than 
0. 


see also CANTOR SET, EXTERIOR DERIVATIVE, FRAC- 
TAL, LEBESGUE MEASURE 
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Fatou Dust 
see FATOU SET 


Fatou’s Lemma 
If a SEQUENCE {fn} of NONNEGATIVE measurable func- 
tions is defined on a measurable set E, then 


moo 


Jin inf fn dy < lim JE dp. 


E 
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Fatou Set 
A set consisting of the complementary set of complex 
numbers to a JULIA SET. 


see also JULIA SET 
References 
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Fatou’s Theorems 
Let f(0) be LEBESGUE INTEGRABLE and let 


6) E e dt (1) 
I(r, T On 1 — 2rcos(t — 0) +r? 


be the corresponding POISSON INTEGRAL. Then AL- 
MOST EVERYWHERE in —7 <0 <7, 
lim f(r.) = f(9). (2) 
Let 
F(z) = co + ciz + c22? +... +enz" +... (3) 
be regular for |z| < 1, and let the integral 
L frena (4) 
an Jon 


be bounded for r < 1. This condition is equivalent to 
the convergence of 


leol? + lcl? er eee (5) 


Faulhaber's Formula 


Then almost everywhere in =n <0 <7, 


lim F(re”* 


r=>07 


= F(e*?). (6) 


Furthermore, F(e*?) is measurable, |F(e**)|? is LEBES- 
GUE INTEGRABLE, and the FOURIER SERIES of F(e*?) 
is given by writing z = e*?. 
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Faulhaber’s Formula 

In a 1631 edition of Academiae Algebrae, J. Faulhaber 
published the general formula for the SUM of pth Pow- 
ERS of the first n POSITIVE INTEGERS, 


p+1 


+1 i 
Dr = =a (1) 4 ; ) Beeson > (1) 
¿=1 


where dip is the KRONECKER DELTA, (%7) is a BINOMIAL 
COEFFICIENT, and B; is the ith BERNOULLI NUMBER. 


Computing the sums for p= 1, ..., 10 gives 
> k= Fn? +2) (2) 
k=1 
Sok? = 3 (2n? +3n +n) (3) 
k=1 
Soe = ln + 2n? +n’) (4) 
k=1 
Skt = ¿(6n* + 15n* + 10n* — n) (5) 
k=1 
NOK = (20% + 6n? + 5n* — n°) (6) 
k=1 


> kê = 4 (6n’ + 21m + 21n° — Tn? +n) (7) 


k= 1 

Sok" = (3n? + 12n" + 14n* — 7n* 42n*) (8) 
k=1 

Y Uk? = 5 (10n? + 45n* + 60n” — 42n* 

k=1 


+ 20n? — 3n) (9) 


= L(2n* + 10n? + 15n* — 14n* 


+ 10n* — 3n?) (10) 


(6n! + 33n*” + 55n* — 66n” 


+ 66n° — 33n* + 5n). (11) 
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see also POWER, SUM 
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Favard Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let T,(x) be an arbitrary trigonometric POLYNOMIAL 


Tn(x) = žao + (Elo cos(ka) + by cat) s 


k=1 


where the COEFFICIENTS are real. Let the rth deriva- 
tive of Ta(x) be bounded in [—1, 1], then there exists a 
POLYNOMIAL T, (1) for which 


K, 


fa) Tala) < E 


for all z, where K, is the rth Favard constant, which is 
the smallest constant possible. 


4 oO (-1)* r+1 
e | OO | 


k=0 


These can be expressed by 


K. A(r +1) forr odd 
pi +1) forr even, 


where A is the DIRICHLET LAMBDA FUNCTION and £ is 
the DIRICHLET BETA FUNCTION. Explicitly, 


Ko =1 
-1 
Ki = 57 
Ky = ir” 
eee 
Ka = 577 : 
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Feigenbaum Constant 

A universal constant for functions approaching CHAOS 
via period doubling. It was discovered by Feigenbaum 
in 1975 and demonstrated rigorously by Lanford (1982) 
and Collet and Eckmann (1979, 1980). The Feigenbaum 
constant ô characterizes the geometric approach of the 
bifurcation parameter to its limiting value. Let px be 
the point at which a period 2* cycle becomes unstable. 


614 Feigenbaum Constant 


Denote the converged value by fino. Assuming geometric 
convergence, the difference between this value and pz is 
denoted 


T 
Jim poo — Mk = Fe (1) 


where T is a constant and 6 is a constant > 1. Solving 
for ô gives 
§= lim AH in (2) 
noo Un+2 — Hn+1 
(Rasband 1990, p. 23). For the LOGISTIC EQUATION, 


5 = 4.669216091... (3) 
T = 2.637... (4) 
[ico = 3.5699456.... (5) 


Amazingly, the Feigenbaum constant 6 = 4.669 is “uni- 
versal” (i.e., the same) for all 1-D Maps f(z) if f(x) has 
a single locally quadratic MAXIMUM. More specifically, 
the Feigenbaum constant is universal for 1-D MAPS if 
the SCHWARZIAN DERIVATIVE 


me Ce Lal (6) 


f(x) 


Dschwarzian = fi(x) = 2 

is NEGATIVE in the bounded interval (Tabor 1989, 
p. 220). Examples of maps which are universal in- 
clude the HENON MAP, LOGISTIC MAP, LORENZ SYS- 
TEM, Navier-Stokes truncations, and sine map 2n41 = 
asin(7Z%n). The value of the Feigenbaum constant can 
be computed explicitly using functional group renormal- 
ization theory. The universal constant also occurs in 
phase transitions in physics and, curiously, is very nearly 
equal to 


m+ tan '(e”) = 4.669201932.... (7) 


The CIRCLE MAP is not universal, and has a Feigenbaum 
constant of 6 = 2.833. For an AREA-PRESERVING 2-D 
MAP with 


Ln+1 = f(Ln, Yn) (8) 
Yn+1 = Pas Yn), (9) 


the Feigenbaum constant is 6 = 0.7210978... (Tabor 
1989, p. 225). For a function of the form 


f(x) =1—alz|" (10) 


with a and n constant and n an INTEGER, the Feigen- 
baum constant for various n is given in the following 
table (Briggs 1991, Briggs et al. 1991), which updates 
the values in Tabor (1989, p. 225). 


n Ò 

2 5.9679 
4 7.2846 
6 8.3494 
8 9.2962 


Feigenbaum Constant 


An additional constant a, defined as the separation of 
adjacent elements of PERIOD DOUBLED ATTRACTORS 
from one double to the next, has a value 


lim —% = —a = —2.502907875... (11) 


for “universal” maps (Rasband 1990, p. 37). This value 
may be approximated from functional group renormal- 
ization theory to the zeroth order by 


a24 Laos 
o OP 


which, when the QUINTIC EQUATION is numerically 
solved, gives a = —2.48634..., only 0.7% off from the 
actual value (Feigenbaum 1988). 


see also ATTRACTOR, BIFURCATION, FEIGENBAUM 
FUNCTION, LINEAR STABILITY, LOGISTIC MAP, PE- 
RIOD DOUBLING 
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Feigenbaum Function 


Feigenbaum Function 
Consider an arbitrary 1-D MAP 


n+l = F(2n) (1) 


at the onset of CHAOS. After a suitable rescaling, the 
Feigenbaum function 


g() = lim == FER) (2) 


ies FEO) 


is obtained. This function satisfies 
1 
g(g(=)) = —<yglaz), (3) 


with a = 2.50290..., a quantity related to the FEIGEN- 
BAUM CONSTANT. 


see also BIFURCATION, CHAOS, FEIGENBAUM CON- 
STANT 
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Feit-Thompson Conjecture 

Concerns PRIMES p and q for which p* — 1 and q? — 1 
have a common factor. The only (p,q) pair with both 
values less than 400,000 is (17, 3313), with a common 
factor 112,643. 
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Feit-Thompson Theorem 

Every FINITE SIMPLE GROUP (which is not CYCLIC) has 
EVEN ORDER, and the ORDER of every FINITE SIMPLE 
noncommutative group is DOUBLY EVEN, i.e., divisible 
by 4 (Feit and Thompson 1963). 


see also BURNSIDE PROBLEM, FINITE GROUP, ORDER 
(GROUP), SIMPLE GROUP 
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Fejes Tóth's Integral 


1 ji sin[5(n + 1)z] i 
mera | sof sin(51) ae 


T 


gives the nth CESARO MEAN of the FOURIER SERIES of 
fx). 
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Fejes Tóth*s Problem 


How can n points be distributed on a UNIT SPHERE such 
that they maximize the minimum distance between any 
pair of points? In 1943, Fejes Tóth proved that for N 
points, there always exist two points whose distance d 
is 


and that the limit is exact for N = 3, 4, 6, and 12. 


For two points, the points should be at opposite ends of 
a DIAMETER. For four points, they should be placed at 
the VERTICES of an inscribed TETRAHEDRON. There is 
no best solution for five points since the distance can- 
not be reduced below that for six points. For six points, 
they should be placed at the VERTICES of an inscribed 
OCTAHEDRON. For seven points, the best solution is 
four equilateral spherical triangles with angles of 80°. 
For eight points, the best dispersal is not the VERTICES 
of the inscribed CUBE, but of a square ÁNTIPRISM with 
equal EDGES. The solution for nine points is eight equi- 
lateral spherical triangles with angles of cos *(1/4). For 
12 points, the solution is an inscribed ICOSAHEDRON. 


The general problem has not been solved. 
see also THOMSON PROBLEM 
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Feller?s Coin-Tossing Constants 
see COIN TOSSING 


Feller-Lévy Condition 
Given a sequence of independent random variates Xy, 
Xo, ..., if on? = var(Xs) and 


2 
, A ken E ES 
then 
lim ~n° =0 
n> co 


This means that if the LINDEBERG CONDITION holds 
for the sequence of variates X1,..., then the VARIANCE 
of an individual term in the sum Sn of Xx is asymp- 
totically negligible. For such sequences, the LINDEBERG 
CONDITION is NECESSARY as well as SUFFICIENT for 
the LINDEBERG-FELLER CENTRAL LIMIT THEOREM to 
hold. 
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Fence 

Values one STEP outside the HINGES are called inner 
fences, and values two steps outside the HINGES are 
called outer fences. Tukey calls values outside the outer 
fences FAR OUT. 


see also ADJACENT VALUE 
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Fence Poset 
A PARTIAL ORDER defined by (¿— 1, 7), (@+1, 7) for 
ODD 2. 


see also PARTIAL ORDER 
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Ferguson-Forcade Algorithm 
A practical algorithm for determining if there exist in- 
tegers a; for given real numbers z; such that 


4111 +a9%o+...+ Ann = Q, 


or else establish bounds within which no such INTEGER 
RELATION can exist (Ferguson and Forcade 1979). A 
nonrecursive variant of the original algorithm was sub- 
sequently devised by Ferguson (1987). The Ferguson- 
Forcade algorithm has shown that there are no algebraic 
equations of degree < 8 with integer coefficients having 
Euclidean norms below certain bounds for e/r, e + 7, 
lnr, y, e”, y/e, y/m, and In y, where e is the base for 
the NATURAL LOGARITHM, ~ is PI, and y is the EULER- 
MASCHERONI CONSTANT (Bailey 1988). 


Constant Bound 
6.1030 x 101 


E/T 

e+r 9.2753 x 10% 
ln 8.7697 x 10? 
y 3.5739 x 10° 
e 1.6176 x 107” 
yje 1.8440 x 10** 
yfr 6.5403 x 10° 
Iny 2.6881 x 101° 


see also CONSTANT PROBLEM, EUCLIDEAN ALGO- 
RITHM, INTEGER RELATION, PSLQ ALGORITHM 
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Fermat-Euler Theorem 


Fermat 4n + 1 Theorem 

Every PRIME of the form 4n+1 is a sum of two SQUARE 
NUMBERS in one unique way (up to the order of SUM- 
MANDS). The theorem was stated by Fermat, but the 
first published proof was by Euler. 


see also SIERPINSKI’S PRIME SEQUENCE THEOREM, 
SQUARE NUMBER 
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Fermat’s Algorithm 
see FERMAT’S FACTORIZATION METHOD 


Fermat Compositeness Test 
Uses FERMAT’S LITTLE THEOREM 


Fermat’s Congruence 


see FERMAT’S LITTLE THEOREM 


Fermat Conic 

A PLANE CURVE of the form y = 2”. For n > 0, the 
curve is a generalized PARABOLA; for n < 0 it is a gen- 
eralized HYPERBOLA. 


see also CONIC SECTION, HYPERBOLA, PARABOLA 


Fermat’s Conjecture 


see FERMAT’S LAST THEOREM 


Fermat Difference Equation 
see PELL EQUATION 


Fermat Diophantine Equation 
see FERMAT DIFFERENCE EQUATION 


Fermat Equation 
The DIOPHANTINE EQUATION 


The assertion that this equation has no nontrivial solu- 
tions for n > 2 is called FERMAT’S LAST THEOREM. 


see also FERMAT’S LAST THEOREM 


Fermat-Euler Theorem 
see FERMAT’S LITTLE THEOREM 


Fermat's Factorization Method 


Fermat’s Factorization Method 
Given a number n, look for INTEGERS z and y such that 
n = q? — y?. Then 


n = (x — y)(z + y) (1) 


and n is factored. Any ODD NUMBER can be represented 
in this form since then n = ab, a and b are ODD, and 


a=x+y (2) 
b=a-y. (3) 


Adding and subtracting, 


a+b= 2r (4) 
a — b= 2y, (5) 


so solving for x and y gives 


z= ¿(a +b) (6 
= ¿(a — b) (7 

Therefore, 
z? — y? = L(a +b)? — (a —b)?]= ab. (8) 


As the first trial for z, try zı [yn |, where |æ] is the 
CEILING FUNCTION. Then check if 


Az, = ri” n (9) 


is a SQUARE NUMBER. There are only 22 combinations 
of the last two digits which a SQUARE NUMBER can 
assume, so most combinations can be eliminated. If Axı 
is not a SQUARE NUMBER, then try 


£2 = 2, +1, (10) 
S0 


Az = 227 — n = (z1 + 1} -n = z1 +2r1ı+1-n 


= Azı + 2x1 +1. (11) 
Continue with 


Ag; = £3? — n = (z2 +1) -n = r2 +22 +1-n 


= Agro + 2z + L = Azz + 221 + 3, (12) 


so subsequent differences are obtained simply by adding 
two. 


Maurice Kraitchik sped up the ALGORITHM by looking 
for z and y satisfying 


r? =y* (mod n), (13) 


This congruence has uninteresting 


ie., n|(z? — y?). 
= +y (mod n) and interesting solutions 


solutions z 
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x Á +y (mod n). It turns out that if n is ODD and DI- 
VISIBLE by at least two different PRIMES, then at least 
half of the solutions to z? = y? (mod n) with zy Co- 
PRIME to n are interesting. For such solutions, (n, — y) 
is neither n nor 1 and is therefore a nontrivial factor of 
n (Pomerance 1996). This ALGORITHM can be used to 
prove primality, but is not practical. In 1931, Lehmer 
and Powers discovered how to search for such pairs using 
CONTINUED FRACTIONS. This method was improved 
by Morrison and Brillhart (1975) into the CONTINUED 
FRACTION FACTORIZATION ALGORITHM, which was the 
fastest ALGORITHM in use before the QUADRATIC SIEVE 
FACTORIZATION METHOD was developed. 


see also PRIME FACTORIZATION ALGORITHMS, SMOOTH 


NUMBER 
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Fermat’s Last Theorem 

A theorem first proposed by Fermat in the form of a 
note scribbled in the margin of his copy of the ancient 
Greek text Arithmetica by Diophantus. The scribbled 
note was discovered posthumously, and the original is 
now lost. However, a copy was preserved in a book pub- 
lished by Fermat’s son. In the note, Fermat claimed to 
have discovered a proof that the DIOPHANTINE EQUA- 
TION x” + y” = z” has no INTEGER solutions for n > 2. 


The full text of Fermat’s statement, written in Latin, 
reads “Cubum autem in duos cubos, aut quadrato- 
quadratum in duos quadratoquadratos & generaliter 
nullam in infinitum ultra quadratum potestatem in duos 
eiusdem nominis fas est diuidere cuius rei demonstra- 
tionem mirabilem sane detexi. Hanc marginis exiguitas 
non caperet.” In translation, “It is impossible for a cube 
to be the sum of two cubes, a fourth power to be the 
sum of two fourth powers, or in general for any number 
that is a power greater than the second to be the sum 
of two like powers. I have discovered a truly marvelous 
demonstration of this proposition that this margin is too 
narrow to contain.” 


As a result of Fermat’s marginal note, the proposition 
that the DIOPHANTINE EQUATION 


where z, y, z, and n are INTEGERS, has no NONZERO so- 
lutions for n > 2 has come to be known as Fermat’s Last 
Theorem. It was called a “THEOREM” on the strength of 
Fermat’s statement, despite the fact that no other math- 
ematician was able to prove it for hundreds of years. 
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Note that the restriction n > 2 is obviously necessary 
since there are a number of elementary formulas for gen- 
erating an infinite number of PYTHAGOREAN TRIPLES 
(x,y,z) satisfying the equation for n = 2, 


ety? = 27. (2) 


A first attempt to solve the equation can be made by 
attempting to factor the equation, giving 


(272 ae O — ya) = ar. (3) 
Since the product is an exact POWER, 


yn/2 at ya? = homes 1 ¿n/2 + y”!? as 2p” 
OF n/2 n/2 n—l n 
gr y =2 qg 


Solving for y and z gives 


yr? = gn-2 n 


Ln = gap + q” de des = p” + graag 
phg" 


which give 


a (quepa -+ gyr z= (p” an gn-2 meer 
n—2,n ny2/n or 
y = (QU p" —q") ) 


However, since solutions to these equations in RATIONAL 
NUMBERS are no easier to find than solutions to the 
original equation, this approach unfortunately does not 
provide any additional insight. 


It is sufficient to prove Fermat’s Last Theorem by con- 
sidering PRIME POWERS only, since the arguments can 
otherwise be written 


so redefining the arguments gives 


A E (8) 


The so-called “first case” of the theorem is for expo- 
nents which are RELATIVELY PRIME to zx, y, and z 
(pix, y, z) and was considered by Wieferich. Sophie Ger- 
main proved the first case of Fermat’s Last Theorem for 
any ODD PRIME p when 2p + 1 is also a PRIME. Legen- 
dre subsequently proved that if p is a PRIME such that 
4p + 1, 8p + 1, 10p + 1, 14p + 1, or 16p + 1 is also a 
PRIME, then the first case of Fermat’s Last Theorem 
holds for p. This established Fermat’s Last Theorem for 
p < 100. In 1849, Kummer proved it for all REGULAR 
PRIMES and COMPOSITE NUMBERS of which they are 
factors (Vandiver 1929, Ball and Coxeter 1987). 


Kummer’s attack led to the theory of IDEALS, and Van- 
diver developed VANDIVER’S CRITERIA for deciding if 
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a given IRREGULAR PRIME satisfies the theorem. Gen- 
occhi (1852) proved that the first case is true for p if 
(p,p — 3) is not an IRREGULAR PAIR. In 1858, Kum- 
mer showed that the first case is true if either (p,p — 3) 
or (p,p — 5) is an IRREGULAR PAIR, which was subse- 
quently extended to include (p,p — 7) and (p, p — 9) by 
Mirimanoff (1905). Wieferich (1909) proved that if the 
equation is solved in integers RELATIVELY PRIME to an 
ODD PRIME p, then 


a (mod p ) l (9) 


(Ball and Coxeter 1987). Such numbers are called 
WIEFERICH PRIMES. Mirimanoff (1909) subsequently 
showed that 

3P7* = 1 (mod p°) (10) 


must also hold for solutions RELATIVELY PRIME to an 
ODD PRIME p, which excludes the first two WIEFERICH 
PRIMES 1093 and 3511. Vandiver (1914) showed 


A | (mod p°) : (11) 
and Frobenius extended this to 
1197*,17P"* =1 (mod p’). (12) 


It has also been shown that if p were a PRIME of the 
form 6x2 — 1, then 


7°-1,13?-1 199? =1 (mod p°), (13) 


which raised the smallest possible p in the “first case” to 
253,747,889 by 1941 (Rosser 1941). Granville and Mon- 
agan (1988) showed if there exists a PRIME p satisfying 
Fermat’s Last Theorem, then 


aol (mod p’) (14) 


for g = 5, 7, 11, ..., 71. This establishes that 
the first case is true for all PRIME exponents up to 
714,591,416,091,398 (Vardi 1991). 


The “second case” of Fermat’s Last Theorem (for 
pla, y, 2) proved harder than the first case. 


Euler proved the general case of the theorem for n = 3, 
Fermat n = 4, Dirichlet and Lagrange n = 5. In 1832, 
Dirichlet established the case n = 14. The n = 7 case 
was proved by Lamé (1839), using the identity 


(XYI AX 4Y EZ) 
=UX AYNA + Z)(Y +Z) 
x(X? +Y? + Z? + XY 4 XZ + YZ) 
+XYZ(X +Y +Z)]. (15) 


Although some errors were present in this proof, these 
were subsequently fixed by Lebesgue (1840). Much ad- 
ditional progress was made over the next 150 years, but 
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no completely general result had been obtained. Buoyed 
by false confidence after his proof that P1 is TRANSCEN- 
DENTAL, the mathematician Lindemann proceeded to 
publish several proofs of Fermat’s Last Theorem, all of 
them invalid (Bell 1937, pp. 464-465). A prize of 100,000 
German marks (known as the Wolfskel Prize) was also 
offered for the first valid proof (Ball and Coxeter 1987, 
p. 72). 


A recent false alarm for a general proof was raised by 
Y. Miyaoka (Cipra 1988) whose proof, however, turned 
out to be flawed. Other attempted proofs among both 
professional and amateur mathematicians are discussed 
by vos Savant (1993), although vos Savant erroneously 
claims that work on the problem by Wiles (discussed 
below) is invalid. By the time 1993 rolled around, the 
general case of Fermat's Last Theorem had been shown 
to be true for all exponents up to 4 x 10% (Cipra 1993). 
However, given that a proof of Fermat's Last Theo- 
rem requires truth for all exponents, proof for any fi- 
nite number of exponents does not constitute any sig- 
nificant progress towards a proof of the general theorem 
(although the fact that no counterexamples were found 
for this many cases is highly suggestive). 


In 1993, a bombshell was dropped. In that year, 
the general theorem was partially proven by Andrew 
Wiles (Cipra 1993, Stewart 1993) by proving the 
SEMISTABLE case of the TANIYAMA-SHIMURA CONJEC- 
TURE. Unfortunately, several holes were discovered in 
the proof shortly thereafter when Wiles’ approach via 
the TANIYAMA-SHIMURA CONJECTURE became hung up 
on properties of the SELMER GROUP using a tool called 
an “Euler system.” However, the difficulty was circum- 
vented by Wiles and R. Taylor in late 1994 (Cipra 1994, 
1995ab) and published in Taylor and Wiles (1995) and 
Wiles (1995). Wiles’ proof succeeds by (1) replacing 
ELLIPTIC CURVES with Galois representations, (2) re- 
ducing the problem to a CLASS NUMBER FORMULA, (3) 
proving that FORMULA, and (4) tying up loose ends that 
arise because the formalisms fail in the simplest degen- 
erate cases (Cipra 1995a). 


The proof of Fermat’s Last Theorem marks the end of a 
mathematical era. Since virtually all of the tools which 
were eventually brought to bear on the problem had yet 
to be invented in the time of Fermat, it is interesting to 
speculate about whether he actually was in possession 
of an elementary proof of the theorem. Judging by the 
temerity with which the problem resisted attack for so 
long, Fermat’s alleged proof seems likely to have been 
illusionary. 


see also ABC CONJECTURE, BOGOMOLOV-MIYAOKA- 
YAU INEQUALITY, MORDELL CONJECTURE, PYTHAG- 
OREAN TRIPLE, RIBET’S THEOREM, SELMER GROUP, 
SOPHIE GERMAIN PRIME, SZPIRO’S CONJECTURE, 
TANIYAMA-SHIMURA CONJECTURE, VOJTA’S CONJEC- 
TURE, WARING FORMULA 
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Fermat’s Lesser Theorem 
see FERMAT’S LITTLE THEOREM 


Fermat’s Little Theorem 
If p is a PRIME number and a a NATURAL NUMBER, 
then 

a? =a (mod p). (1) 


Furthermore, if pfa (p does not divide a), then there 
exists some smallest exponent d such that 


a“ —1=0 (mod p) (2) 
and d divides p — 1. Hence, 
aP7* —1=0 (mod p). (3) 


This is a generalization of the CHINESE HYPOTHESIS 
and a special case of EULER'S THEOREM. It is sometimes 
called FERMAT’S PRIMALITY TEST and is a NECESSARY 
but not SUFFICIENT test for primality. Although it was 
presumably proved (but suppressed) by Fermat, the first 
proof was published by Euler in 1749. 
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The theorem is easily proved using mathematical IN- 
DUCTION. Suppose pla” — a. Then examine 


(a+ 1)" — (a +1). (4) 


From the BINOMIAL THEOREM, 


(a+ 1)? = a? + (7) aP! + (5) areas. ..+ E ,) a+l. 
(5) 


Rewriting, 


p_p_1— {[P\_p- P \ p-2 Pp 
(a+1)”—a”—1 = (2) +(3)a +.+(,>,Ja 
(6) 


But p divides the right side, so it also divides the left 
side. Combining with the induction hypothesis gives 
that p divides the sum 


[(a +1)” — a? — 1] + (a? — a) = (a+ 1)? — (a +1), (7) 


as assumed, so the hypothesis is true for any a. The 
theorem is sometimes called FERMAT’S SIMPLE THEO- 
REM. WILSON’S THEOREM follows as a COROLLARY of 
Fermat’s Little Theorem. 


Fermat’s little theorem shows that, if p is PRIME, there 
does not exists a base a < p with (a,p) = 1 such that 
aP=1 — 1 possesses a nonzero residue modulo p. If such 
base a exists, p is therefore guaranteed to be compos- 
ite. However, the lack of a nonzero residue in Fermat’s 
little theorem does not guarantee that p is PRIME. The 
property of unambiguously certifying composite num- 
bers while passing some PRIMES make Fermat’s little 
theorem a COMPOSITENESS TEST which is sometimes 
called the FERMAT COMPOSITENESS TEST. COMPOSITE 
NUMBERS known as FERMAT PSEUDOPRIMES (or some- 
times simply “PSEUDOPRIMES”) have zero residue for 
some as and so are not identified as composite. Worse 
still, there exist numbers known as CARMICHAEL NUM- 
BERS (the smallest of which is 561) which give zero 
residue for any choice of the base a RELATIVELY PRIME 
to p. However, FERMAT’S LITTLE THEOREM CONVERSE 
provides a criterion for certifying the primality of a num- 
ber. 


A number satisfying Fermat’s little theorem for some 
nontrivial base and which is not known to be composite 
is called a PROBABLE PRIME. A table of the small- 
est PSEUDOPRIMES P for the first 100 bases a follows 
(Sloane’s A007535). 


Fermat's Little Theorem Converse 


see also BINOMIAL THEOREM, CARMICHAEL NUMBER, 
CHINESE HYPOTHESIS, COMPOSITE NUMBER, COMPOS- 
ITENESS TEST, EULER’S THEOREM, FERMAT’S LITTLE 
THEOREM CONVERSE, FERMAT PSEUDOPRIME, MOD- 
ULO MULTIPLICATION GROUP, PRATT CERTIFICATE, 
PRIMALITY TEST, PRIME NUMBER, PSEUDOPRIME, 
RELATIVELY PRIME, TOTIENT FUNCTION, WIEFERICH 
PRIME, WILSON’S THEOREM, WITNESS 
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Fermat’s Little Theorem Converse 

The converse of FERMAT’S LITTLE THEOREM is also 
known as LEHMER’S THEOREM. It states that, if an 
INTEGER zx is PRIME to m and z”~' = 1 (mod m) 
and there is no INTEGER e < m — 1 for which 2° = 
1 (mod m), then m is PRIME. Here, z is called a WIT- 
NESS to the primality of m. This theorem is the basis 
for the PRATT PRIMALITY CERTIFICATE. 


see also FERMAT’S LITTLE THEOREM, PRATT CERTIFI- 
CATE, PRIMALITY CERTIFICATE, WITNESS 
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Fermat-Lucas Number 

A number of the form 2” + 1 obtained by setting z = 1 
in a FERMAT-LUCAS POLYNOMIAL. The first few are 3, 
5, 9, 17, 33, ... (Sloane’s A000051). 


see also FERMAT NUMBER (LUCAS) 
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Fermat Number 

A BINOMIAL NUMBER of the form F, = 2?” +1. The 
first few for n = 0, 1, 2, ... are 3, 5, 17, 257, 65537, 
4294967297, ... (Sloane’s A000215). The number of 
DIGITS for a Fermat number is 


D(n) = | [log(2?” +1)}+1] = llog(2?”) +1| 
= |2” log2 +1]. (1) 


Being a Fermat number is the NECESSARY (but not SUF- 
FICIENT) form a number 


N,=2" +1 (2) 


must have in order to be PRIME. This can be seen by 
noting that if Na = 2” +1 is to be PRIME, then n cannot 
have any ODD factors b or else N, would be a factorable 
number of the form 


Aes Cl at 
SD ene ae re ae ea aL. (8) 


Therefore, for a PRIME Nn, n must be a POWER of 2. 


Fermat conjectured in 1650 that every Fermat number 
is PRIME, but only COMPOSITE Fermat numbers Fa 
are known for n > 5. Eisenstein (1844) proposed as 
a problem the proof that there are an infinite number 
of Fermat primes (Ribenboim 1996, p. 88), but this has 
not yet been achieved. An anonymous writer proposed 


2 
that numbers of the form 2? + 1, 92° + 1, 22% +1 were 


PRIME. However, this conjecture was refuted when Sel- 
fridge (1953) showed that 


2 


2 
¡AE E 4i (4) 


is COMPOSITE (Ribenboim 1996, p. 88). Numbers of the 
form a? +6? are called generalized Fermat numbers 
(Ribenboim 1996, pp. 359-360). 


Fermat numbers satisfy the RECURRENCE RELATION 


Em = Fofi cc «Fm-1 +2. (5) 


F„ can be shown to be PRIME iff it satisfies PEPIN’S 


TEST 


3(Pn-1)/2 = _1 (mod Fh). (6) 
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PÉPIN'S THEOREM 


n 
32 1 


= —1 (mod Fn) (7) 


is also NECESSARY and SUFFICIENT. 


In 1770, Euler showed that any FACTOR of Fn must have 


the form 
2H K +1, (8) 


where K is a POSITIVE INTEGER. In 1878, Lucas in- 
creased the exponent of 2 by one, showing that FACTORS 
of Fermat numbers must be of the form 


a 4+1. (9) 


If 
F = pip2*-*Pr (10) 


is the factored part of F, = FC (where C is the cofactor 
to be tested for primality), compute 


A = 3"! (mod Fa) (11) 
B =3*~* (mod Fh) (12) 
R= A-B (mod C). (13) 


Then if R = 0, the cofactor is a PROBABLE PRIME to 
the base 3%; otherwise C is COMPOSITE. 


In order for a POLYGON to be circumscribed about a 
CIRCLE (i.e., a CONSTRUCTIBLE POLYGON), it must 
have a number of sides N given by 


N = 2" F Fa, (14) 


where the Fn are distinct Fermat primes. This is equiv- 
alent to the statement that the trigonometric func- 
tions sin(kr/N), cos(kr/N), etc., can be computed in 
terms of finite numbers of additions, multiplications, 
and square root extractions iff N is of the above form. 
The only known Fermat PRIMES are 


Fo = 3 
F=5 

Fa = 17 

F3 = 257 
F, = 65537 


and it seems unlikely that any more exist. 


Factoring Fermat numbers is extremely difficult as a re- 
sult of their large size. In fact, only F5 to F11 have been 
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complete factored, as summarized in the following table. 
Written out explicitly, the complete factorizations are 


Fs = 641 - 6700417 
Fe = 274177 - 67280421310721 
F, = 59649589127497217 - 5704689200685129054721 
Fg = 1238926361552897 - 934616397153579777691683 - - - 
--- 558199606896584051237541638188580280321 
Fy = 2424833 - 74556028256478842083373957362004- - - 
--- §4918783366342657 - P99 
Fio = 45592577 - 6487031809 - 46597757852200185 - -- 
« --43264560743076778192897 - P252 
Fi, = 319489 - 974849 - 167988556341760475137 
- 356084 1906445833920513 - P564. 


Here, the final large PRIME is not explicitly given since 
it can be computed by dividing F, by the other given 
factors. 


F, Digits Facts. Digits Reference 

5 10 2 3,7 Euler 1732 

6 20 2 6, 14 Landry 1880 

7 39 2 7,22 Morrison and 

Brillhart 1975 
8 78 2 16,62 Brent and Pollard 1981 
9 155 3 7, 49,99 Manasse and Lenstra 
(In Cipra 1993) 

10 309 4 8, 10, 40, 252 Brent 1995 
11 617 5 6, 6, 21, 22, 564 Brent 1988 


Tables of known factors of Fermat numbers are given by 
Keller (1983), Brillhart et al. (1988), Young and Buell 
(1988), Riesel (1994), and Pomerance (1996). Young 
and Buell (1988) discovered that Foo is COMPOSITE, 


- and Crandall et al. (1995) that F22 is COMPOSITE. A 


current list of the known factors of Fermat numbers is 
maintained by Keller, and reproduced in the form of a 
Mathematica® notebook by Weisstein. In these tables, 
since all factors are of the form k2”+1, the known factors 
are expressed in the concise form (k,n). The number of 
factors for Fermat numbers Fn for n = 0, 1, 2, ... are 
1,1, 1, 1, 1, 2, 2, 2, 2, 3,4,5,.... 


see also CULLEN NUMBER, PEPIN’S TEST, PEPIN’S 
THEOREM, POCKLINGTON’S THEOREM, POLYGON, 
PROTH’s THEOREM, SELFRIDGE-HURWITZ RESIDUE, 
WOODALL NUMBER 
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Fermat Number (Lucas) 

A number of the form 2” — 1 obtained by setting z = 1 
in a FERMAT POLYNOMIAL is called a MERSENNE NUM- 
BER. 


see also FERMAT-LUCAS NUMBER, MERSENNE NUMBER 


Fermat Point 


Also known as the first ISOGONIC CENTER and the TOR- 
RICELLI POINT. In a given ACUTE TRIANGLE AABC, 
the Fermat point is the point X which minimizes the 
sum of distances from A, B, and C, 


IJAX|+|BX|+|CX|. (1) 


This problem is called FERMAT’S PROBLEM or 
STEINER’S PROBLEM (Courant and Robbins 1941) and 
was proposed by Fermat to Torricelli. Torricelli’s solu- 
tion was published by his pupil Viviani in 1659 (Johnson 
1929). 


If all ANGLES of the TRIANGLE are less than 120° 
(27/3), then the Fermat point is the interior point X 
from which each side subtends an ANGLE of 120°, i.e., 


L£BXC = LCXA= LAXB = 120". (2) 
The Fermat point can also be constructed by drawing 


EQUILATERAL TRIANGLES on the outside of the given 
TRIANGLE and connecting opposite VERTICES. The 


624 Fermat's Polygonal Number Theorem 


three diagonals in the figure then intersect in the Fer- 
mat point. The TRIANGLE CENTER FUNCTION of the 
Fermat point is 


a = csc(A + $r) (3) 
as bel? a? de (? EN a? b°)’ [a7 _ (a 4 p? a 2)? 
x [4A — V3(b? + c? — a?)l. (4) 


The ANTIPEDAL TRIANGLE is EQUILATERAL and has 
ÁREA 


A= 2A 1 + cot w cot (2) (5) 


where w is the BROCARD ANGLE. 


Given three POSITIVE REAL NUMBERS |, m,n, the “gen- 
eralized” Fermat point is the point P of a given ACUTE 
TRIANGLE AABC such that 


l-PA+m:-PB+n2:-PC (6) 


is a minimum (Greenberg and Robertello 1965, van de 


Lindt 1966, Tong and Chua 1995) 
see also ISOGONIC CENTERS 
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Fermat’s Polygonal Number Theorem 

In 1638, Fermat proposed that every POSITIVE INTEGER 
is a sum of at most three TRIANGULAR NUMBERS, four 
SQUARE NUMBERS, five PENTAGONAL NUMBERS, and 
n n-POLYGONAL NUMBERS. Fermat claimed to have a 
proof of this result, although Fermat's proof has never 
been found. Gauss proved the triangular case, and noted 
the event in his diary on July 10, 1796, with the notation 


** MY RHKA num =A+A+A. 


Fermat Polynomial 


This case is equivalent to the statement that every num- 
ber of the form 8m + 3 is a sum of three ODD SQUARES 
(Duke 1997). More specifically, a number is a sum of 
three SQUARES IFF it is not of the form 4°(8m + 7) for 
b > 0, as first proved by Legendre in 1798. 


Euler was unable to prove the square case of Fermat’s 
theorem, but he left partial results which were subse- 
quently used by Lagrange. The square case was finally 
proved by Jacobi and independently by Lagrange in 
1772. It is therefore sometimes known as LAGRANGE’S 
FOUR-SQUARE THEOREM. In 1813, Cauchy proved the 
proposition in its entirety. 


see also FIFTEEN THEOREM, VINOGRADOV’S THEO- 
REM, LAGRANGE’S FOUR-SQUARE THEOREM, WAR- 
ING’S PROBLEM 
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Fermat Polynomial 

The POLYNOMIALS obtained by setting p(x) = 3z and 
q(x) = —2 in the LUCAS POLYNOMIAL SEQUENCES. The 
first few Fermat polynomials are 


Fi(z)=1 

F(x) = 3x 

F(x) = 9x? — 2 

Fa(x) = 272% — 122 
F(x) =81x* — 54a” +4, 


and the first few Fermat-Lucas polynomials are 


filz) = 3x 

fala) = 92% — 4 

fs(v) = 272° — 182 

falx) = 81x — 72x" +8 
fs(z) = 2432? — 270z" + 602. 


Fermat and Fermat-Lucas POLYNOMIALS satisfy 
Fall) = ¿En 


fn(1) = fn 


where Fn are FERMAT NUMBERS and fn are FERMAT- 
Lucas NUMBERS. 


Chapter 11 


Easy One- 
Evening Projects 


Okay, if the projects are easy, why are they in the back of the book? 
Well, if you have read this far and still haven't built one of the 
projects presented in the first 10 chapters, this chapter will get you 
started for sure. All of these projects can be easily completed in 
one evening and some can be put together in only a few minutes. 
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Fermat’s Primality Test 


Fermat’s Primality Test 
see FERMAT’S LITTLE THEOREM 


Fermat Prime 
A FERMAT NUMBER F, = 2? +1 which is PRIME. 


see also CONSTRUCTIBLE POLYGON, FERMAT NUMBER 


Fermat’s Problem 

In a given ACUTE TRIANGLE AABC, locate a point 
whose distances from A, B, and C have the smallest 
possible sum. The solution is the point from which each 
side subtends an angle of 120°, known as the FERMAT 
POINT. 


see also ACUTE TRIANGLE, FERMAT POINT 


Fermat Pseudoprime 

A Fermat pseudoprime to a base a, written psp(a), is a 
COMPOSITE NUMBER n such that a”? = 1 (mod n) 
(i.e., it satisfies FERMAT'S LITTLE THEOREM, some- 
times with the requirement that n must be ODD; Pomer- 
ance et al. 1980). psp(2)s are called POULET NUMBERS 
or, less commonly, SARRUS NUMBERS or FERMATIANS 
(Shanks 1993). The first few EVEN psp(2)s (including 
the PRIME 2 as a pseudoprime) are 2, 161038, 215326, 
... (Sloane’s A006935). 


If base 3 is used in addition to base 2 to weed out po- 
tential COMPOSITE NUMBERS, only 4709 COMPOSITE 
NUMBERS remain < 25x 10°. Adding base 5 leaves 2552, 
and base 7 leaves only 1770 COMPOSITE NUMBERS. 


see also FERMAT’S LITTLE THEOREM, POULET NUM- 
BER, PSEUDOPRIME 
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Fermat Quotient 
The Fermat quotient for a number a and a PRIME base 
p is defined as 


_ a™ -1 
qp(a) = ; (1) 
If pfab, then 
qp(ab) = qpla) + qp(b) (2) 
Qp(p+ 1) = F1 (3) 
1 1 1 1 1 
ei prog -) 0 


all (mod p). The quantity qp(2) = (2P7* — 1)/p is 
known to be SQUARE for only two PRIMES: the so-called 
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WIEFERICH PRIMES 1093 and 3511 (Lehmer 1981, Cran- 
dall 1986). 


see also WIEFERICH PRIME 
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Fermat’s Right Triangle Theorem 

The AREA of a RATIONAL RIGHT TRIANGLE cannot be 
a SQUARE NUMBER. This statement is equivalent to “a 
CONGRUUM cannot be a SQUARE NUMBER.” 


see also CONGRUUM, RATIONAL TRIANGLE, RIGHT 
TRIANGLE, SQUARE NUMBER 


Fermat’s Sigma Problem 
Solve 

a(z?) = y 
and 

2 3 

olx") =y, 
where g is the DIVISOR FUNCTION. 
see also WALLIS’S PROBLEM 


Fermat’s Simple Theorem 
see FERMAT’S LITTLE THEOREM 


Fermat’s Spiral 


An ARCHIMEDEAN SPIRAL with m = 2 having polar 


equation 
r= að / ; 


discussed by Fermat in 1636 (MacTutor Archive). It is 
also known as the PARABOLIC SPIRAL. For any given 
POSITIVE value of 6, there are two corresponding values 
of r of opposite signs. The resulting spiral is therefore 
symmetrical about the line y = —x. The CURVATURE is 


2 
ia ah a? 0 


k(0) = ; 
ra 
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Fermat Spiral Inverse Curve 

The INVERSE CURVE of FERMAT’S SPIRAL with the ori- 
gin taken as the INVERSION CENTER is the LITUUS. 
References 


Lawrence, J. D. A Catalog of Special Plane Curves. New 
York: Dover, pp. 186-187, 1972. 


Fermat Sum Theorem 
The only whole number solution to the DIOPHANTINE 
EQUATION 

Par t3 
is y = 3, z = +5. This theorem was offered as a problem 
by Fermat, who suppressed his own proof. 


Fermat’s Theorem 

A PRIME p can be represented in an essentially unique 
manner in the form g? + y” for integral z and y IFF 
p= 1 (mod 4) or p = 2. It can be restated by letting 


Qlr, y) =r +y", 


then all RELATIVELY PRIME solutions (x, y) to the prob- 
lem of representing Q(x, y) = m for m any INTEGER 
are achieved by means of successive applications of the 
GENUS THEOREM and COMPOSITION THEOREM. There 
is an analog of this theorem for EISENSTEIN INTEGERS. 


see also EISENSTEIN INTEGER, SQUARE NUMBER 
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Fermat’s Two-Square Theorem 
see FERMAT’S THEOREM 


Fermatian 
see POULET NUMBER 


Fermi-Dirac Distribution 
A distribution which arises in the study of half-integral 
spin particles in physics, 


k? 


Its integral is 
E k*dk 
I ea ee en) 


where ® is the LERCH TRANSCENDENT. 


Feuerbach’s Conic Theorem 


Fern 
see BARNSLEY’S FERN 


= Ferrari’s Identity 


(a? + 2ac — 2be — b*)* + (b? — 2ab — 2ac — ey 


+(c? +2ab+2bc— a?) = 2(a +b +c? -ab+ac+bc)*. 


see also DIOPHANTINE EQUATION—QUARTIC 
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Ferrers Diagram 
see YOUNG DIAGRAM 


Ferrers’ Function 
An alternative name for an associated LEGENDRE POLY- 


NOMIAL. 
see also LEGENDRE POLYNOMIAL 
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Ferrier’s Prime 
According to Hardy and Wright (1979), the largest 
PRIME found before the days of electronic computers 
is the 44-digit number 

= 148 
F=3(2° +1) 


= 2098893665744058648615 1264256610222593863921, 


which was found using only a mechanical calculator. 
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Feuerbach Circle 
see NINE-POINT CIRCLE 


Feuerbach’s Conic Theorem 

The Locus of the centers of all Conics through the 
VERTICES and ORTHOCENTER of a TRIANGLE (which 
are RECTANGULAR HYPERBOLAS when not degenerate), 
is a CIRCLE through the MIDPOINTS of the sides, the 
points half way from the ORTHOCENTER to the VER- 
TICES, and the feet of the ALTITUDE. 


see also ALTITUDE, CONIC SECTION, FEUERBACH’S 
THEOREM, KIEPERT’S HYPERBOLA, MIDPOINT, OR- 
THOCENTER, RECTANGULAR HYPERBOLA 
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Feuerbach Point 


Feuerbach Point 


The point F at which the INCIRCLE and NINE-POINT 
CIRCLE are tangent. It has TRIANGLE CENTER FUNC- 


TION 
a = 1 — cos( B — C). 


see also FEUERBACH’S THEOREM 
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Feuerbach’s Theorem 


1. The CIRCLE which passes through the feet of the 
PERPENDICULARS dropped from the VERTICES of 
any TRIANGLE on the sides opposite them passes 
also through the MIDPOINTS of these sides as well 
as through the MIDPOINT of the segments which join 
the VERTICES to the point of intersection of the PER- 
PENDICULAR (a NINE-POINT CIRCLE). 


2. The NINE-POINT CIRCLE of any TRIANGLE is TAN- 
GENT internally to the INCIRCLE and TANGENT ex- 
ternally to the three EXCIRCLES. 


see also EXCIRCLE, FEUERBACH POINT, INCIRCLE, 
MIDPOINT, NINE-POINT CIRCLE, PERPENDICULAR, 
‘TANGENT 
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Feynman Point 
The sequence of six 9s which begins at the 762th decimal 
place of PI, 


nm = 3.14159... 134999999 837.... 
Na, oe 


see also PI 


FFT 
see FAST FOURIER TRANSFORM 


Fiber 

A quantity F corresponding to a FIBER BUNDLE, where 
the FIBER BUNDLE is a MAP f : E > B, with E the 
TOTAL SPACE of the FIBER BUNDLE and B the BASE 
SPACE of the FIBER BUNDLE. 


see also FIBER BUNDLE, WHITNEY SUM 


Fiber Bundle 

A fiber bundle (also called simply a BUNDLE) with 
FIBER F is a MAP f : E > B where E is called the To- 
TAL SPACE of the fiber bundle and B the BASE SPACE 
of the fiber bundle. The main condition for the MAP to 
be a fiber bundle is that every point in the BASE SPACE 
b € B has a NEIGHBORHOOD U such that f~*(U) is 
HOMEOMORPHIC to U x F in a special way. Namely, if 


h: f (U)—> U x F 
is the HOMEOMORPHISM, then 


projy ° h = fif-1{0)p 


where the MAP projy means projection onto the U com- 
ponent. The homeomorphisms A which “commute with 
projection” are called local TRIVIALIZATIONS for the 
fiber bundle f. In other words, E looks like the product 
B x F (at least locally), except that the fibers f—'(x) 
for x € B may be a bit “twisted:” 


Examples of fiber bundles include any. product B x F > 
B (which is a bundle over B with FIBER F), the MOBIUS 
STRIP (which is a fiber bundle :over the CIRCLE with 
FIBER given by the unit interval [0,1]; i.e, the BASE 
SPACE is the CIRCLE), and S” (which is a bundle over S” 
with fiber S*). A special class of fiber bundle is the VEC- 
TOR BUNDLE, in which the FIBER is a VECTOR SPACE. 


see also BUNDLE, FIBER SPACE, FIBRATION 


Fiber Space 
A fiber space, depending on context, means either a 
FIBER BUNDLE or a FIBRATION. 


see also FIBER BUNDLE, FIBRATION 
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Fibonacci Dual Theorem 

Let F, be the nth FIBONACCI NUMBER. Then the se- 
quence {Fn} = {1, 2, 3, 5, 8, ...} is COMPLETE, 
even if one is restricted to subsequences in which no two 
consecutive terms are both passed over (until the desired 
total is reached; Brown 1965, Honsberger 1985). 


see also COMPLETE SEQUENCE, FIBONACCI NUMBER. 
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Fibonacci Hyperbolic Cosine 
Let 
p=1+06= 1(3+ V5) & 2.618034 (1) 


where @ is the GOLDEN RATIO, and 


a = Ing = 0.4812118. (2) 
Then define 
2+1/2 -(x+1/2) 
+ 
cFh(z) = Ee (3) 
(22 +1) —(22+1) 
V5 
= E cosh|(2x + 1)a). (5) 
This function satisfies 
cFh(—x) = cFh(zx — 1). (6) 


For n € Z, cFh(n) = Fan+1 where Fn is a FIBONACCI 
NUMBER. 


References 

Trzaska, Z. W. “On Fibonacci Hyperbolic Trigonometry and 
Modified Numerical Triangles.” Fib. Quart. 34, 129-138, 
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Fibonacci Hyperbolic Cotangent 


cFh(z) 
tFh(zr) = 
Ue) =) ena): 
where cFh(x) is the FIBONACCI HYPERBOLIC COSINE 
and sFh(z) is the FIBONACCI HYPERBOLIC SINE. 
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Fibonacci Hyperbolic Sine 
Let 
p =1+¢ = 1(3+ V5) ~ 2.618034 (1) 


where @ is the GOLDEN RATIO, and 


a = Ing = 0.4812118. (2) 
Then define 
sFh(«) = 2 -a (3) 
aka (4) 
= E ahoa. (5) 


For n € Z, sFh(n) = Fan where Fn is a FIBONACCI 
NUMBER. The function satisfies 


sFh(—x) = — sFh(z). (6) 
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Fibonacci Hyperbolic Tangent 


sFh(x) 
cFh(z)’ 


tFh(x) = 


where sFh(x) is the FIBONACCI HYPERBOLIC SINE and 
cFh(z) is the FIBONACCI HYPERBOLIC COSINE. 
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Fibonacci Identity 
Since 
(a + ib)(c + id)| = |a + ib] |e + di] (1) 


l(ac — bd) + ¿(be + ad)| = ya? +b? y cè +d’, (2) 


it follows that 
(a? +b?)(c? +d”) = (ac—bd)? +(be+ad)* = e? +f’. (3) 


This identity implies the 2-D CAUCHY-SCHWARZ SUM 
INEQUALITY. 


see also CAUCHY-SCHWARZ SUM INEQUALITY, EULER 
FOUR-SQUARE IDENTITY 


References 
Petkovšek, M.; Wilf, H. S.; and Zeilberger, D. A=B. Welles- 
ley, MA: A. K. Peters, p. 9, 1996. 


Fibonacci Matrix 
A SQUARE MATRIX related to the FIBONACCI NUM- 
BERS. The simplest is the FIBONACCI Q-MATRIX. 


Fibonacci n-Step Number 


Fibonacci n-Step Number 
An n-step Fibonacci sequence is given by defining Fi = 
0 fork <0, Fi = Fo = 1, F} = 2, and 


k 
Fy => Fu (1) 
t= 1 


for k > 3. The case n = 1 corresponds to the degener- 
ate 1,1, 2, 2, 2,2 ...,n = 2 to the usual FIBONACCI 
NUMBERS 1, 1, 2, 3, 5, 8, ... (Sloane’s A000045), n = 3 
to the 'TRIBONACCI NUMBERS 1, 1, 2, 4, 7, 13, 24, 44, 
81, ... (Sloane’s A000073), n = 4 to the TETRANACCI 
NUMBERS 1, 1, 2, 4, 8, 15, 29, 56, 108, ... (Sloane’s 
A000078), etc. 


The limit limx->30 Fx/Fxr-1 is given by solving 
x"(2-x)=1 (2) 


for x and taking the REAL ROOT z > 1. If n = 2, the 
equation reduces to 


2 (2-2)=1 (3) 


z? — 2x? +1 = (x — 1D) — xz — 1) = 0, (4) 


giving solutions 
z= 1, (1 + V5). (5) 
The ratio is therefore 
x= (1+ v5) = ¢ = 1.618..., (6) 


which is the GOLDEN RATIO, as expected. Solutions 
for n = 1, 2, ... are given numerically by 1, 1.61803, 
1.83929, 1.92756, 1.96595, ..., approaching 2 as n — oo. 


see also FIBONACCI NUMBER, TRIBONACCI NUMBER 
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Fibonacci Number 

The sequence of numbers defined by the Un in the LUCAS 
SEQUENCE. They are companions to the LUCAS NUM- 
BERS and satisfy the same RECURRENCE RELATION, 


En = n-2 + Fn-1 (1) 


for n = 3, 4, ..., with Fi = Fa = 1. The first few 
Fibonacci numbers are 1, 1, 2, 3, 5, 8, 13, 21, ... 
(Sloane's A000045). The Fibonacci numbers give the 
number of pairs of rabbits n months after a single pair 
begins breeding (and newly born bunnies are assumed 
to begin breeding when they are two months old). 


The ratios of alternate Fibonacci numbers are given by 
the convergents to p”?, where ¢@ is the GOLDEN RATIO, 
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and are said to measure the fraction of a turn between 
successive leaves on the stalk of a plant (PHYLLOTAXIS): 
1/2 for elm and linden, 1/3 for beech and hazel, 2/5 
for oak and apple, 3/8 for poplar and rose, 5/13 for 
willow and almond, etc. (Coxeter 1969, Ball and Cox- 
eter 1987). The Fibonacci numbers are sometimes called 
PINE CONE NUMBERS (Pappas 1989, p. 224) 


Another RECURRENCE RELATION for the Fibonacci 
numbers is 


Fa(1 + V5) +1 

A O 
where |x| is the FLOOR FUNCTION and ¢ is the GOLDEN 
RATIO. This expression follows from the more general 
RECURRENCE RELATION that 


Fy, Fry vate Fn+k 


Frak+i Frik+2 s... Fnpok 


PEL Fn+k(k-1)+2 Fair 


The GENERATING FUNCTION for the Fibonacci numbers 
is 


g(t) = Y Faz" = 5 (4) 


l1 — g — gr? 


3 
II 
o 


Yuri Matijasevic (1970) proved that the equation n = 
Fam is a DIOPHANTINE EQUATION. This led to the proof 
of the impossibility of the tenth of HILBERT’S PROBLEMS 
(does there exist a general method for solving DIOPHAN- 
TINE EQUATIONS?) by Julia Robinson and Martin Davis 
in 1970. 


The Fibonacci number F,+1 gives the number of ways 
for 2 x 1 DOMINOES to cover a 2 x n CHECKERBOARD, 
as illustrated in the following diagrams (Dickau). 
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The number of ways of picking a SET (including the 
EMPTY SET) from the numbers 1, 2, ..., n without 
picking two consecutive numbers is F,42. The num- 
ber of ways of picking a set (including the EMPTY SET) 
from the numbers 1, 2, ..., n without picking two con- 
secutive numbers (where 1 and n are now consecutive) 
is Ln = Fa+1 + Fn-1, where Ln is a LUCAS NUMBER. 
The probability of not getting two heads in a row in n 
tosses of a COIN is Fn+2/2" (Honsberger 1985, pp. 120- 
122). Fibonacci numbers are also related to the number 
of ways in which n COIN TOSSES can be made such 
that there are not three consecutive heads or tails. The 
number of ideals of an n-element FENCE POSET is the 
Fibonacci number Fn. 


Sum identities are 


Y Fe = Fapa — 1. (5) 

k=1 
FEI+F3+F5+...+ Forti = Forte (6) 
1 + Fz + Fa + Fe +... + Fax = Forsi (7) 

Th 
Y Fe? = FaFn41 (8) 

k=1 
baaka = ha (9) 
Fn => Faia? tp ote ae ae (10) 


Additional RECURRENCE RELATIONS are CASSINI’S 
IDENTITY 
Fn-1Fn41 — Fy” = (-1)” (11) 


and the relations 
Fong = 1 + Fo + Pat... + Fon (12) 


Fata? = 4FaFn-1 + Fr-2" (13) 


(Brousseau 1972), 
Fatra = + FaEFm+1 (14) 


Fiktijn = Fna-1Fkn + Fr Feng (15) 
(Honsberger 1985, p. 107), 


Fn = Fifan- + Pi-1En-1, (16) 
so if l = n — l + 1, then 21 = n + 1 andl = (n + 1)/2 
Fa = Fing1y/2” + Fín-1)/2 (17) 
Letting k = (n — 1)/2, 
Fonsi = Feat” + Feo (18) 


Ena? — Fn+1i = FaFn+3 (19) 
Fa” = pa + 2Fn-2Fn-3. (20) 


Fibonacci Number 


Sum FORMULAS for F,, include 


a (pr (0+.] e 
ns 


Cesáro derived the FORMULAS 


` 4 Fy = Fan (23) 


= (7) o* Fp = Fan (24) 


k=0 


(Honsberger 1985, pp. 109-110). Additional identities 
can be found throughout the Fibonacci Quarterly jour- 
nal. A list of 47 generalized identities are given by Hal- 
ton (1965). 


In terms of the LUCAS NUMBER Ln, 


Fan = Fa En (25) 
FaníLan* — 1) = Fon (26) 
Fm+p + (DA Emp = Folm (27) 
at4n 
y Py = Fa+4n+2 — Fo+2 = FanLa+2n+2 (28) 
k=a-+1 


(Honsberger 1985, pp. 111-113). A remarkable identity 


15 


exp(L11+ t Dox" + lLga” +.) =F, + Fox + Fax? +... 
(29) 
(Honsberger 1985, pp. 118-119). It is also true that 


BE ===" (30) 


and 5 A 
Ln => —1 Ls a 
al tl =5 (31) 
Fa TN (—1)*Fn+ra 
for a ODD, and 


La + Teas ia 8(-1)” 


=5 2 
| gee ae ee (3 


for a EVEN (Freitag 1996). 


The equation (1) is a LINEAR RECURRENCE SEQUENCE 


Tn = Atz-1 + Ban_2 n > 3, (33) 
so the closed form for Fn is given by 
n = n 
moar n (34) 


a-h ' 
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where a and @ are the roots of z? = Az + B. Here, 
A= B = 1, so the equation becomes 


r’ —z-1=0, (35) 
which has ROOTS 

z= }(1 + v5). (36) 
The closed form is therefore given by 


o (+v5)"-(- v5)” 
= oe. 


This is known as BINET’S FORMULA. Another closed 


form is 
[a f14+v5\"]_ g 
m=z 7 I Á 


where [zx] is the NINT function. 


Fan (37) 


From (1), the RATIO of consecutive terms is 


Fz Fn-2 1 
=" =l 
Fai = Fasi = Pn-1 
Fn-2 
E AX 
1 Fi 
l+ Fn—3 
Fa-—2 
A j) (39) 
a 
n-—l 


which is just the first few terms of the CONTINUED 
FRACTION for the GOLDEN RATIO ¢. Therefore, 


= Q. (40) 


6 6 1 
The “SHALLOW DIAGONALS” of PASCAL’S TRIANGLE 
sum to Fibonacci numbers (Pappas 1989), 


- (-1)"sF2(1, 2,1 —n; (3 — n),2 — ¿n;-—3) 
m(2 — 3n4+n?) 


where 3 F(a, b,c; d,e;z) is a GENERALIZED HYPERGEO- 
METRIC FUNCTION. 


Fibonacci Number 631 


The sequence of final digits in Fibonacci numbers re- 
peats in cycles of 60. The last two digits repeat in 300, 
the last three in 1500, the last four in 15,000, etc. 


SO (1 
=—— =2- v5 42 
=a F, n F, n+2 v5 ( ) 
(Clark 1995). A very curious addition of the Fibonacci 
numbers is the following addition tree, 


13 
21 
34 
55 
89 


0112359550561... 
which is equal to the fractional digits of 1/89, 


OO 


Fa — 1 
> 107+} 89` (2) 


n=0 


For n > 3, FalFm IFF nim. Ln|Lm IFF n divides 
into m an EVEN number of times. (Fm, Fn) = Fin) 
(Michael 1964; Honsberger 1985, pp. 131-132). No ODD 
Fibonacci number is divisible by 17 (Honsberger 1985, 
pp. 132 and 242). No Fibonacci number > 8 is ever 
of the form p — 1 or p+1 where p is a PRIME number 
(Honsberger 1985, p. 133). 


Consider the sum 


k k 
1 1 1 
ART 2 Fui 2, earn E a) l 
n= n= 


(44) 
This is a TELESCOPING SUM, so 
ssis = (45) 
aa Fai Fete’ 
thus 
S = lim Sk = 1 (46) 
k> oo 


(Honsberger 1985, pp. 134-135). Using BINET’S FOR- 
MULA, it also follows that | 


© 
| 
mM 
Ra 
+ 
SÍ 
Ma 
P aS 
Ha 
Co 
Ma” 


(1 — V5) (49) 
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50 


Fa r r 
E =a’. (50) 
SF 
po : n Ez 
= — Fn41Fn+42 : PE 


(Honsberger 1985, pp. 138 and 242-243). The MILLIN 
SERIES has sum 


Ss” 


rn =i- v5) (52) 


(Honsberger 1985, pp. 135-137). 


The Fibonacci numbers are COMPLETE. In fact, drop- 
ping one number still leaves a COMPLETE SEQUENCE, 
although dropping two numbers does not (Honsberger 
1985, pp. 123 and 126). Dropping two terms from the 
Fibonacci numbers produces a sequence which is not 
even WEAKLY COMPLETE (Honsberger 1985, p. 128). 
However, the sequence 


F! = Fa — oh (53) 


is WEAKLY COMPLETE, even with any finite subse- 
quence deleted (Graham 1964). {F,7} is not COM- 
PLETE, but {Fn} + {Fn?} are. 277} copies of {Fn} 
are COMPLETE. 


For a discussion of SQUARE Fibonacci numbers, see 
Cohn (1964), who proved that the only SQUARE NUM- 
BER Fibonacci numbers are 1 and Fiz = 144 (Cohn 1964, 
Guy 1994). Ming (1989) proved that the only TRIAN- 
GULAR Fibonacci numbers are 1, 3, 21, and 55. The 
Fibonacci and LUCAS NUMBERS have no common terms 
except 1 and 3. The only CUBIC Fibonacci numbers are 
1 and 8. | 


(FnFn+3, 2Fn+1Fn42) Fonts = ae Pier) (54) 
is a PYTHAGOREAN TRIPLE. 
Fan” + 8Fan( Fen + Fon) = (3F an)’ (55) 


is always a SQUARE NUMBER (Honsberger 1985, p. 243). 


In 1975, James P. Jones showed that the Fibonacci num- 
bers are the POSITIVE INTEGER values of the POLYNOM- 
IAL 


P(x,y) = ~y" + 2y*a + ya” — 2y’a" — y(a* — 2) (56) 


for GAUSSIAN INTEGERS x and y (Le Lionnais 1983). If 
n and k are two POSITIVE INTEGERS, then between n” 
and nt! there can never occur more than n Fibonacci 
numbers (Honsberger 1985, pp. 104-105). 


Every Fn that is PRIME has a PRIME n, but the converse 


is not necessarily true. The first few PRIME Fibonacci 
numbers are for n = 3, 4, 5, 7, 11, 13, 17, 23, 29, 43, 
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47, 83, 131, 137, 359, 431, 433, 449, 509, 569, 571, ... 
(Sloane's A001605; Dubner and Keller 1998). Gardner's 
statement that F531 is prime is incorrect, especially since 
531 is not even PRIME (Gardner 1979, p. 161). It is not 
known if there are an INFINITE number of Fibonacci 
primes. 


The Fibonacci numbers Fn, are SQUAREFUL for n = 6, 
12, 18, 24, 25, 30, 36, 42, 48, 50, 54, 56, 60, 66, ..., 300, 
306, 312, 324, 325, 330, 336, ... (Sloane's A037917) and 
SQUAREFREE for n = 1, 2, 3, 4, 5, 7, 8, 9, 10, 11, 13, 
... (Sloane’s A037918). The largest known SQUAREFUL 
Fibonacci number is F336, and no SQUAREFUL Fibonacci 
numbers Fp are known with p PRIME. 


see also CASSINI’S IDENTITY, FAST FIBONACCI TRANS- 
FORM, FIBONACCI DUAL THEOREM, FIBONACCI n- 
STEP NUMBER, FIBONACCI Q-MATRIX, GENERALIZED 
FIBONACCI NUMBER, INVERSE TANGENT, LINEAR RE- 
CURRENCE SEQUENCE, LUCAS SEQUENCE, NEAR No- 
BLE NUMBER, PELL SEQUENCE, RABBIT CONSTANT, 
STOLARSKY ARRAY, TETRANACCI NUMBER, TRI- 
BONACCI NUMBER, WYTHOFF ARRAY, ZECKENDORF 
REPRESENTATION, ZECKENDORF’S THEOREM 
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Fibonacci Polynomial 


f 0.5 1 1.5 2 
The W POLYNOMIALS obtained by setting p(x) = x and 
q(x) = 1 in the Lucas POLYNOMIAL SEQUENCE. (The 
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corresponding w POLYNOMIALS are called LUCAS POLY- 
NOMIALS.) The Fibonacci polynomials are defined by 
the RECURRENCE RELATION 


Fr4i(x) = @F p(x) + Fn-1(2), (1) 


with F,(z) = 1 and Fz(x) = x. They are also given by 
the explicit sum formula 


AY pg | 
eee y ( eer, (2) 


j=0 
where |x| is the FLOOR FUNCTION and (7) is a BINO- 
MIAL COEFFICIENT. The first few Fibonacci polynomi- 
als are 


Fi (x) = 1 
Fa(x) = gr 
F3(x) = z’ +1 


Fi(x) = z? + 2% 
F; (x£) = zf +327 +1. 
The Fibonacci polynomials are normalized so that 
Raya Fay (3) 
where the Fns are FIBONACCI NUMBERS. 


The Fibonacci polynomials are related to the MORGAN- 
VOYCE POLYNOMIALS by 


Fon41(a) = bn(x”) . (4) 
Fon4n2(z) = £B, (T°) (5) 
(Swamy 1968). 


see also BRAHMAGUPTA POLYNOMIAL, FIBONACCI 
NUMBER, MORGAN-VOYCE POLYNOMIAL 
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Fibonacci Pseudoprime 
Consider a LUCAS SEQUENCE with P > 0 and Q = +1. 
A Fibonacci pseudoprime is a COMPOSITE NUMBER n 
such that 

Vn =P (mod n). 


There exist no EVEN Fibonacci pseudoprimes with pa- 
rameters P = 1 and Q = —1 (Di Porto 1993) or P = 
Q = 1 (André-Jeannin 1996). André-Jeannin (1996) 
also proved that if (P,Q) 4 (1,—1) and (P,Q) 4 (1,1), 
then there exists at least one EVEN Fibonacci pseudo- 
prime with parameters P and Q. 


see also PSEUDOPRIME 
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Fibonacci Q-Matrix 
A FIBONACCI MATRIX of the form 


m 1 
m= |" E (1) 


If U and V are defined as BINET FORMS 


Un = mU»-1 + Un-2 
Vn == mVa-—1 + Vn-2 


(Uo = 0, U1 = 1) (2) 
(Vo = 2, Vi = m), (3) 


then 
Un Un 
M = | U eal (4) 
IS [2 a (5) 
Defining 
_|F F| 11 1 
Q= E J i I (6) 
then 
n En Fn 
Q aa | E A (7) 


(Honsberger 1985, pp. 106-107). 
see also BINET FORMS, FIBONACCI NUMBER 
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Fibonacci Sequence 


see FIBONACCI NUMBER 


Fibration 

If f: E > B is a FIBER BUNDLE with B a PARACOM- 
PACT TOPOLOGICAL SPACE, then f satisfies the HOMO- 
TOPY LIFTING PROPERTY with respect to all TOPOLOG- 
ICAL SPACES. In other words, if g : [0,1] x X > B is 
a HOMOTOPY from go to gi, and if gy is a LIFT of the 
MAP go with respect to f, then g has a LIFT to a MAP 
g' with respect to f. Therefore, if you have a HOMO- 
TOPY of a MAP into B, and if the beginning of it has a 
LIFT, then that LIFT can be extended to a LIFT of the 
HOMOTOPY itself. 


A fibration is a MAP between TOPOLOGICAL SPACES 
f: E > B such that it satisfies the HOMOTOPY LIFTING 
PROPERTY. 


see also FIBER BUNDLE, FIBER SPACE 


Fields Medal. 


Field 

A field is any set of elements which sat: the FIELD 
AXIOMS for both addition and multiplica * mn and is a 
commutative DIVISION ALGEBRA. An archaic word for 
a field is RATIONAL DOMAIN. A field with a finite num- 
ber of members is known as a FINITE FIEI” r GALOIS 
FIELD. 


Because the identity condition must be different for ad- 
dition and multiplication, every field must have at least 
two elements. Examples include the COMPLEX NUM- 
BERS (C), RATIONAL NUMBERS (Q), and REAL NUM- 
BERS (R), but not the INTEGERS (Z), which form a 
RING. It has been proven by Hilbert and Weierstraf 
that all generalizations of the field concept to triplets of 
elements are equivalent to the field of COMPLEX NUM- 
BERS. 


see also ADJUNCTION, ALGEBRAIC NUMBER FIELD, 
COEFFICIENT FIELD, CYCLOTOMIC FIELD, FIELD AX- 
IOMS, FIELD EXTENSION, FUNCTION FIELD, GALOIS 
FIELD, Mac LANE’S THEOREM, MODULE, NUMBER 
FIELD, QUADRATIC FIELD, RING, SKEW FIELD, VEC- 
TOR FIELD 


Field Axioms 
The field axioms are generally written in additive and 
multiplicative pairs. 


atb=b-+a 
(a+b)+c=a+(b+Cc) 
a(b+c) =ab+ ac 
a+t0=a=0+a 
a+(-a)=0=(-a)+a 


Multiplication 


ab = ba 
(ab)c = a(bc) 
(a + bjc = ac + be 
a:l=a=1:a 
aa*t=1=a ta 


ifa £0 


Commutivity 
Associativity 
Distributivity 
Identity 


Inverses 


see also ALGEBRA, FIELD 


Field Extension 

A FIELD L is said to be a field extension of field K 
if K is a SUBFIELD of L. This is denoted L/K (note 
that this NOTATION conflicts with that of a QUOTIENT 
GROUP). The COMPLEX NUMBERS are a field extension 
of the REAL NUMBERS, and the REAL NUMBERS are a 
field extension of the RATIONAL NUMBERS. 


see also FIELD 


Fields Medal 

The mathematical equivalent of the Nobel Prize (there 
is no Nobel Prize in mathematics) which is awarded by 
the International Mathematical Union every four years 
to one or more outstanding researchers, usually under 
40 years of age. The first Fields Medal was awarded in 
1936. 


see also BURNSIDE PROBLEM, MATHEMATICS PRIZES, 
POINCARE CONJECTURE, ROTH’S THEOREM, TAU 
CONJECTURE 


WORLD'S SMALLEST CONTINUITY TESTER 


Using a rubber-type two-pronged plug, the few components 
that make up this tester are mounted inside the plug. The hole in 
the end of the plug through which the cord enters is used for the 
NE-2 neon bulb. 

Two small holes opposite each other are made near the base of 
the plug for the probe wires to extend, and the two 100k, Y2 watt 
resistors within the plug cavity, being in series with the probe 
cords, prevent shock. A piece of % inch i.d. aluminum tubing Y 
inch long, placed over the bulb end of the plug, with a % inch o.d. 
clear plastic lens pressed into the tube, protects the bulb and 
enhances the appearance of the miniscule tester. Make the probe 
wires long enough to suit your needs. See Figs. 11-1 through 11-3. 


SIMPLE FIELD-STRENGTH METER 


For many years I have used two field-strength meters, and 
they are still in use. I shall give credit to Jo Jennings W6El 
(deceased), for he is the person who showed me the simple circuit. 
This little gadget is non-frequency selective. I have used it from 2 
meters through 160 meters. The telescoping antenna may be 
adjusted to its shortest length when working with 2 meters to keep 
the needle on scale. Iuse this field-strength meter to adjust all my 2 
meter Js, base-loaded % wavelengths, beams, etc. 

The meter used should be a 100 microamp up to a 500 mi- 
croamp movement. The diodes may be germanium type, such as 


Fig. 11-1. Continulty tester schematic. 
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Fifteen Theorem 

A theorem due to Conway et al. (1997) which states 
that, if a POSITIVE definite QUADRATIC FORM with in- 
tegral matrix entries represents all natural numbers up 
to 15, then it represents all natural numbers. This the- 
orem contains LAGRANGE’S FOUR-SQUARE THEOREM, 
since every number up to 15 is the sum of at most four 
SQUARES. 


see also INTEGER-MATRIX FORM, LAGRANGE’S FOUR- 
SQUARE THEOREM, QUADRATIC FORM 
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Figurate Number 


CHER 


A number which can be represented by a regular geo- 
metrical arrangement of equally spaced points. If the 
arrangement forms a REGULAR POLYGON, the number 
is called a POLYGONAL NUMBER. The polygonal num- 
bers illustrated above are called triangular, square, pen- 
tagonal, and hexagon numbers, respectively. Figurate 
numbers can also form other shapes such as centered 
polygons, L-shapes, 3-dimensional solids, etc. The fol- 
lowing table lists the most common types of figurate 
numbers. 


Figurate Number 


Name 

biquadratic 

centered cube 
centered pentagonal 
centered square 
centered triangular 
cubic 

decagonal 

gnomic 

heptagonal 
heptagonal pyramidal 
hex 

hexagonal 

hexagonal pyramidal 
octagonal 

octahedral 
pentagonal 
pentagonal pyramidal 
pentatope 

pronic number 
rhombic dodecahedral 
square 

stella octangula 
tetrahedral 

triangular 


truncated octahedral 
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Formula 


nt 


(Qn — 1)(n* — n + 1) 
5 (5n? — 5n + 2) 

n? + (n -— 1) 

i (3n? — 3n + 2) 


4n? — 3n 
2n — 1 
¿n(5n — 3) 
n(n + 1)(5n — 2) 
3n* — 3n + 1 
n(2n — 1) 

¿n(n + 1)(4n — 1) 


nn + 1)(n + 2)(n + 3) 
n(n +1) 

(2n — 1)(2n? — 2n + 1) 
2 

n(2n? — 1) 

an(n + 1)(n +2) 

¿n(n + 1) 

16n? — 33n? + 24n — 6 


truncated tetrahedral  ¿n(23n* — 27n + 10) 


An n-D FIGURATE NUMBER can be defined by 


f= (rs + m-— s)(r +m-2) 
aa m!(r — 1)! 


see also BIQUADRATIC NUMBER, CENTERED CUBE 
NUMBER, CENTERED PENTAGONAL NUMBER, CEN- 
TERED POLYGONAL NUMBER, CENTERED SQUARE 
NUMBER, CENTERED TRIANGULAR NUMBER, CUBIC 
NUMBER, DECAGONAL NUMBER, FIGURATE NUMBER 
TRIANGLE, GNOMIC NUMBER, HEPTAGONAL NUMBER, 
HEPTAGONAL PYRAMIDAL NUMBER, HEX NUMBER, 
HEX PYRAMIDAL NUMBER, HEXAGONAL NUMBER, 
HEXAGONAL PYRAMIDAL NUMBER, NEXUS NUMBER, 
OCTAGONAL NUMBER, OCTAHEDRAL NUMBER, PEN- 
TAGONAL NUMBER, PENTAGONAL PYRAMIDAL NUM- 
BER, PENTATOPE NUMBER, POLYGONAL NUMBER, 
PRONIC NUMBER, PYRAMIDAL NUMBER, RHOMBIC 
DODECAHEDRAL NUMBER, SQUARE NUMBER, STELLA 
OCTANGULA NUMBER, TETRAHEDRAL NUMBER, TRI- 
ANGULAR NUMBER, TRUNCATED OCTAHEDRAL NUM- 
BER, TRUNCATED TETRAHEDRAL NUMBER 
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Figurate Number Triangle 

A PASCAL’S TRIANGLE written in a square grid and 
padded with zeroes, as written by Jakob Bernoulli 
(Smith 1984). The figurate number triangle therefore 


has entries 
¿ 
Qij = j 5 


where 7 is the row number, 7 the column number, and 
($) a BINOMIAL COEFFICIENT. Written out explicitly 
(beginning each row with j = 0), 


10 0 0 0 90 90 
110 0 0 0-0 
1 2 1 0 0 0 0 
13 3 1 0 0 9 
14 6 4 1 0 0 
1 5 10 10 5 1 0 
1 6 15 20 15 6 1 
1 7 7 


21 35 35 21 


Then we have the sum identities 


a 
y Qij = 2 
j=0 

q 


y aper =i 


j=1 


TL 


n+1 
S as = 4(n4+1),(j+1) = jaa oe 


i=xO 
see also BINOMIAL COEFFICIENT, FIGURATE NUMBER, 
PASCAL’S TRIANGLE 
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Figure Eight Knot 
see FIGURE-OF-EIGHT KNOT 


Figure Eight Surface 
see EIGHT SURFACE 


Filon’s Integration Formula 


Figure-of-Eight Knot 


The knot 04901, which is the unique PRIME KNGT of 
four crossings, and which is a 2-EMBMDDABLE KNOT. 
It is AMPHICHIRAL. It is also known as the “EM- 
ISH KNOT and SAVOY KNOT, and it has BRAID .VORD 


— — İ 
0102 lode . 
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Figures 

A number z is said to have “n figures” if it takes n 
DIGITS to express it. The number of figures is therefore 
equal to one more than the POWER of 10 in the Sci- 
ENTIFIC NOTATION representation of the number. The 
word is most frequently used in reference to monetary 
amounts, e.g., a “six-figure salary” would fall in the 
range of $100,000 to $999,999. 

see also DIGIT, SCIENTIFIC NOTATION, SIGNIFICANT 
FIGURES 


Filon’s Integration Formula 
A formula for NUMERICAL INTEGRATION, 


| i f(x) cos(ta) de 


= h{a(th)[ fon sin(tr2n) — fo sin(tzo)] 
+B(th)Can + y(th)Con-1 + Zth*Son-1}— Ra, (1) 


where 


Cin = ` fai cos(txai) — 5 [fan cos(tr2n) + fo cos(tzo)] 


10 
(2) 
Con-1 = y fei_1 cos(tu2;-1) (3) 
i=1 
Sani = >> fai. sin(taai-1) (4) 
1=1 
1 sin(26 2 sin? 6 
ala) = E _ 2a 65) 
1+c0s?9  sin(26 
B(0) =2 ae? 5 _ sin) (6) 
sin cos@ 
y(0) =4 (= = | (7) 


and the remainder term is 


Ra = ¿nh (€) + Oth’). (8) 


Filter 
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Filter 
Formally, a filter is defined in terms of a SET X and a 
SET ® of SUBSETS of X. Then $ is called a filter if 


1. XE, 

2. the EMPTY SET Ø ¢ Y, 

3. AC BC X and A€ IMPLIES LB € Y, 
4. and Á, B € 9 IMPLIES AUB € 9. 


Informally, a filter is a function or procedure which re- 
moves unwanted parts of a signal. The concept of fil- 
tering and filter functions is particularly useful in en- 
gineering. One particularly elegant method of filtering 
FOURIER TRANSFORMS a signal into frequency space, 
performs the filtering operation there, then transforms 
back into the original space (Press et al. 1992). 
see also SAVITZKY-GOLAY FILTER, WIENER. FILTER. 
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Fine? Equation 


Tl (Q-¢@")(1-@")(1-¢")-¢'"") 


lg? (bk ge) 


=1+ y Eı,5,7,11 (N; 24)g*, 
N=1 


n=1 


where E is the sum of the DIVISORS of N CONGRUENT 
to 1, 5, 7, and 11 (mod 24) minus the sum of DIVISORS 
of N CONGRUENT to —1, —5, —7, and —11 (mod 24). 


see also q-SERIES 


Finite 

A SET which contains a NONNEGATIVE integral number 
of elements is said to be finite. A SET which is not finite 
is said to be INFINITE. A finite or COUNTABLY INFI- 
NITE SET is said to be COUNTABLE. While the meaning 
of the term “finite” is fairly clear in common usage, pre- 
cise definitions of FINITE and INFINITE are needed in 
technical mathematics and especially in SET THEORY. 


see also COUNTABLE SET, COUNTABLY INFINITE SET, 
INFINITE, SET THEORY, UNCOUNTABLY INFINITE SET 
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Finite Difference 

The finite difference is the discrete analog of the DERIV- 
ATIVE. The finite FORWARD DIFFERENCE of a function 
fp is defined as 


Afp = fp+1 ~ fp, | (1) 


and the finite BACKWARD DIFFERENCE as 
Vip = fp — Fp-1- (2) 


If the values are tabulated at spacings h, then the nota- 
tion 


fp = f (£0 + ph) = f(x) (3) 


is used. The kth FORWARD DIFFERENCE would then 
be written as A* fp, and similarly, the kth BACKWARD 
DIFFERENCE as V“ fp. 


However, when f, is viewed as a discretization of the 
continuous function f(x), then the finite difference is 
sometimes written 


Af(e) = f(e + 1) - f(e - 1) = 21y(z) * f(a), (4) 


where * denotes CONVOLUTION and I](z) is the odd IM- 
PULSE PAIR. The finite difference operator can therefore 
be written 


e 


A =2I *. (5) 


An nth POWER has a constant nth finite difference. For 
example, take n = 3 and make a DIFFERENCE TABLE, 


The A? column is the constant 6. 


Finite difference formulas can be very useful for extrap- 
olating a finite amount of data in an attempt to find the 
general term. Specifically, if a function f(n) is known at 
only a few discrete values n = 0, 1, 2, ... and it is de- 
sired to determine the analytical form of f, the following 
procedure can be used if f is assumed to be a POLYNOM- 
IAL function. Denote the nth value in the SEQUENCE of 
interest by a,. Then define b, as the FORWARD DIF- 
FERENCE Ay = Gn4+i — Gn, Cn as the second FORWARD 
DIFFERENCE A? = bn41 — bn, etc., constructing a table 
as follows 


ap = f(p) 


bp-1 = Ap — Ap-1 


ao = f(0) a =f(1) a= f(2) 
bo = aı — ao bı = @2 — Q1 


Co = ba — by 


(7) 
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Continue computing do, eo, etc., until a 0 value is ob- 
tained. Then the POLYNOMIAL function giving the val- 
ues An is given by | 


f(n) = Jas (z) (8) 


k=0 
con(n— 1)  don(n— 1)(n — 2) 


= ao +bon+ 5 5.3 


+.... (9) 


When the notation Ag = ao, A = bo, etc., is used, 
this beautiful equation is called NEWTON’S FORWARD 
DIFFERENCE FORMULA. To see a particular example, 
consider a SEQUENCE with first few values of 1, 19, 143, 
607, 1789, 4211, and 8539. The difference table is then 
given by 


1 19 143 607 1789 4211 8539 
18 124 464 1182 2422 4328 
106 340 718 1240 1906 
234 378 522 666 
144 144 144 
0 0 


Reading off the first number in each row gives ag = 1, 
bo = 18, co = 106, de = 234, eg = 144. Plugging these 
in gives the equation 
f(n) =1418n + 53n(n — 1) + 39n(n — 1)(n — 2) 

| +6n(n —1)(n — 2)(n—3), (10) 
which simplifies to f(n) = 6n* +3n* +2n? +7n +1, and 
indeed fits the original data exactly! 
Beyer (1987) gives formulas for the derivatives 


n d” f(xo +ph) ae na" fp d” fo 7 
2 dz” =i dz” dp” on 


(Beyer 1987, pp. 449-451) and integrals 


J Ñ fía) de =h | E (12) 


(Beyer 1987, pp. 455-456) of finite differences. 


Finite differences lead to DIFFERENCE EQUATIONS, fi- 
nite analogs of DIFFERENTIAL EQUATIONS. In fact, 
UMBRAL CALCULUS displays many elegant analogs of 
well-known identities for continuous functions. Com- 
mon finite difference schemes for PARTIAL DIFFEREN- 
TIAL EQUATIONS include the so-called Crank-Nicholson, 
Du Fort-Frankel, and Laasonen methods. 


see also BACKWARD DIFFERENCE, BESSEL'S FINITE 
DIFFERENCE FORMULA, DIFFERENCE EQUATION, DIF- 
FERENCE TABLE, EVERETT’S FORMULA, FORWARD 
DIFFERENCE, GAUSS’S BACKWARD FORMULA, GAUSS’S 
FORWARD FORMULA, INTERPOLATION, JACKSON’S 
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DIFFERENCE FAN, NEWTON’S BACKWARD DIFFER- 
ENCE FORMULA, NEWTON-COTES FORMULAS, NEW- 
TON’S DIVIDED DIFFERENCE INTERPOLATION FOR- 
MULA, NEWTON’S FORWARD DIFFERENCE FORMULA, 
QUOTIENT-DIFFERENCE TABLE, STEFFENSON’S FOR- 
MULA, STIRLING’S FINITE DIFFERENCE FORMULA, UM- 
BRAL CALCULUS 
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Finite Field 

A finite field is a FIELD with a finite ORDER (number 
of elements), also called a GALOIS FIELD. The order of 
a finite field is always a PRIME or a POWER of a PRIME 
(Birkhoff and Mac Lane 1965). For each PRIME POWER, 
there exists exactly one (up to an ISOMORPHISM) fi- 
nite field GF(p”), often written as Fp» in current us- 
age. GF(p) is called the PRIME FIELD of order p, and 
is the FIELD of RESIDUE CLASSES modulo p, where the 
p elements are denoted 0, 1,...,p— 1. a = b in GF(p) 
means the same as a = b (mod p). Note, however, that 
2x2=0 (mod 4) in the RING of residues modulo 4, 
so 2 has no reciprocal, and the RING of residues mod- 
ulo 4 is distinct from the finite field with four elements. 
Finite fields are therefore denoted GF(p”), instead of 
GF(p1-++pn) for clarity. 


The finite field GF(2) consists of elements 0 and 1 which 
satisfy the following addition and multiplications tables. 


If a subset S of the elements of a finite field F satisfies 
the above AXIOMS with the same operators of F, then S 


Finite Field 


is called a SUBFIELD. Finite fields are used extensively 
in the study of ERROR-CORRECTING CODES. 


When n > 1, GF(p”) can be represented as the FIELD 
of EQUIVALENCE CLASSES of POLYNOMIALS whose Co- 
EFFICIENTS belong to GF(p). Any IRREDUCIBLE POLY- 
NOMIAL of degree n yields the same FIELD up to an Iso- 
MORPHISM. For example, for GF(2°), the modulus can 
be taken as z’ +g? +1 = 0, 22+2x+1, or any other IRRE- 
DUCIBLE POLYNOMIAL of degree 3. Using the modulus 
zr? + +1, the elements of GF(2°)—written 0, 2%, 2’, 
...—can be represented as POLYNOMIALS with degree 
less than 3. For instance, 


SoH | 

a(a®)=2(a+1l)=e’*+a 

dara =r +r =r -2e-l1l=2r*4+24+1 
Hele’ +g +1) =z” +r a ES 


= g(z? + 1) = z? +z = -1 = 1 = zo. 


a 
| 


8 R 8 R B 
~] 
| II 


Now consider the following table which contains several 
different representations of the elements of a finite field. 
The columns are the power, polynomial representation, 
triples of polynomial representation COEFFICIENTS (the 
vector representation), and the binary INTEGER corre- 
sponding to the vector representation (the regular rep- 
resentation). 


Representation 
Power Polynomial Vector Regular 
0 0 (000) 0 
go 1 (001) 1 
a* x (010) 2 
g? g (100) 4 
r’ +1 (011) 3 
a* r? +r (110) 6 
2° a+e+i1 (111) 7 
zf r?’ +1 (101) 5 


The set of POLYNOMIALS in the second column is closed 
under ADDITION and MULTIPLICATION modulo z? +g + 
1, and these operations on the set satisfy the AXIOMS 
of finite field. This particular finite field is said to be 
an extension field of degree 3 of GF(2), written GF(2°), 
and the field GF (2) is called the base field of GF(2*). If 
an IRREDUCIBLE POLYNOMIAL generates all elements in 
this way, it is called a PRIMITIVE IRREDUCIBLE POLY- 
NOMIAL. For any PRIME or PRIME POWER q and any 
POSITIVE INTEGER n, there exists a PRIMITIVE IRRE- 
DUCIBLE POLYNOMIAL of degree n over GF (q). 


For any element c of GF(q), c? = c, and for any NON- 
ZERO element d of GF(q), d97* = 1. There is a small- 
est POSITIVE INTEGER n satisfying the sum condition 
n-1 = 0 in GF(q), which is called the characteristic 
of the finite field GF(q). The characteristic is a PRIME 
NUMBER for every finite field, and it is true that 


(ety =a" + y" 
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over a finite field with characteristic p. 


see also FIELD, HADAMARD MATRIX, RING, SUBFIELD 
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Finite Game 
A GAME in which each player has a finite number of 
moves and a finite number of of choices at each move. 


see also GAME, ZERO-SUM GAME 


References 
Dresher, M. The Mathematics of Games of Strategy: Theory 
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Finite Group 

A GROUP of finite ORDER. Examples of finite groups are 
the MODULO MULTIPLICATION GROUPS and the POINT 
GROUPS. The CLASSIFICATION THEOREM of finite SIM- 
PLE GROUPS states that the finite SIMPLE GROUPS can 
be classified completely into one of five types. 


There is no known FORMULA to give the number of pos- 
sible finite groups as a function of the ORDER h. It is 
possible, however, to determine the number of ABELIAN 
GROUPS using the KRONECKER DECOMPOSITION THE- 
OREM, and there is at least one ABELIAN GROUP for 
every finite order h. 


The following table gives the numbers and names of the 
first few groups of ORDER h. In the table, Nya denotes 
the number of non-Abelian groups, Na denotes the num- 
ber of ABELIAN GROUPS, and N the total number of 
groups. In addition, Zn denotes an CYCLIC GROUP of 
ORDER n, An an ALTERNATING GROUP, D, a DIHE- 
DRAL GROUP, Qs the group of the QUATERNIONS, T 
the cubic group, and ® a DIRECT PRODUCT. 


Zə ® La ® La, Zə ® Za, La, Qs, Da 
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Miller (1930) gave the number of groups for orders 1- h N Na h N Na 
100, including an erroneous 297 as the number of groups l 1l i 1 1 1 1 
of ORDER 64. Senior and Lunn (1934, 1935) subse- 2 1 1 2 1 12 3 
quently completed the list up to 215, but omitted 128 Sook d 3 1 a: y 
and 192. The number of groups of ORDER 64 was cor- oo? we 3 2 E al 
rected in Hall and Senior (1964). James et al. (1990) a i : a A 
found 2328 groups in 115 ISOCLINISM families of OR- oe A i i i 4 
DER 128, correcting previous work, and O’Brien (1991) 8 5 3 i 6 2 4 
found the number of groups of ORDER 256. The number 9 2 2 1 1 1 1 
of groups is known for orders up to 1000, with the pos- 10 2 1 2 1 238 7 
sible exception of 512 and 768. Besche and Eick (1998) 11 1 1 1 1 1 1 
have determined the number of finite groups of orders 12 5 2 1 5 55 5 
less than 1000 which are not powers of 2 or 3. These 13 1 1 2 1 1 1 
numbers appear in the Magma® database. The num- 14 2 1 11 1 š 2 
bers of nonisomorphic finite groups N of each ORDER A hoy a i 1 5 Aod 
for the first few hundred orders are given in the following o T ; ; 
table (Sloane’s A000001-—-the very first sequence). ee A a i se , 
The number of ABELIAN GROUPS of ORDER h is denoted ee ey 1 : a ye 
Na (Sloane’s A000688). The smallest order for which 20 5 2 1 3 = oF 
i š ; 21 2 1 1 2 5 2 

there exist n = 1, 2, ... nonisomorphic groups are 1, 4, a i o i r9 
75, 28, 8, 42,... (Sloane's A046057). The incrementally a an 3 A i eS 
largest number of nonisomorphic finite groups are 1, 2, 24 15 3 i 9 4 1l 
5, 14, 15, 51, 52, 267, 2328, ... (Sloane's A046058), 25.2 2 2 3 2 2 
which occur for orders 1, 4, 8, 16, 24, 32, 48, 64, 128, 26 2 1 2 2 42 5 
... (Sloane's A046059). 27 5 3 1 1 1 1 
28 4 2 1 15 2 1 

29 1 1 1 1 1 1 

30 4 1 5 1 37 4 

31 1 1 5 1 1 1 

32 öl 7 1 2 4 1 

33 1 1 1 1 2 1 

34 2 1 2 1 12 3 

35 1 1 1 3 1 1 

36 14 4 1 3 6 1 

37 1 1 1 1 1 1 

38 1 3 1 4 2 

39 2 #1 1 1 13 3 

40 14 3 2 2 4 1 

41 1 1 1 1 1 1 

42 6 1 2 1 1543 11 

43 1 1 1 1 1 1 

44 4 2 1 10 2 1 

45 2 2 1 2 1 

46 2 1 7 17 4 

47 1 i 1 1 1 

48 52 5 2 10 2 

49 2 2 2 1 1 

50 2 2 4 52 6 
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h N Na Na 
201 2 1 1 3 
202 2 1 1 7 
203 2 1 1 1 
204 12 2 5 1 
205 2 1 1 1 
206 2 1 2 2 
207 2 2 1 1 1 
208 51 5 1 2 1 
209 de 1 1 1 1 
210 12 1 2 1 6 
211 1 1 2 1 2 
212 5 2 1 3 1 
213 1 1 1 1 2 
214 2 1 3 1 2 
215 1 1 1 2 1 
216 177 9 1 2 1 
217 1 1 1 1 1 
218 2 1 2 1 5 
219 2 1 1 1 2 
220 15 2 3 1 
221 1 1 1 1 
222 6 1 5 2 
223 1 1 1 1 
224 197 7 1 1 
225 6 4 2 2 3 
226 2 1i 2 1 3 
227 1 i 1 1 1 
228 15 2 1 3 3 
229 1 1 2 1 1 
230 4 1 3 1 2 
231 2 1 1 1 1 
232 14 3 1 2 1 
233 1 1 1 2 1 
234 16 2 2 1 15 
235 1 1 1 1 1 
236 4 2 1 5 1 
237 2 1 1 1 2 
238 4 1 14 2 2 
239 1 1 2 1 1 
240 208 5 1 2 1 
241 1 1 1 1 1 
242 5 2 2 2 6 
243 67 7 1 3 1 
244 5 2 2 3 1 
245 2 2 1 1 1 
246 1 3 1 4 
247 1 1 3 1 1 
248 12 3 1 2 1 
249 1 1 1 1 1 
250 15 3 4 2 10 


see also ABELIAN GROUP, ABEL’S THEOREM, AB- 
HYANKAR’S CONJECTURE, ALTERNATING GROUP, 
BURNSIDE’S LEMMA, BURNSIDE PROBLEM, CHEVALLEY 
GROUPS, CLASSIFICATION THEOREM, COMPOSITION 
SERIES, DIHEDRAL GROUP, GROUP, JORDAN-HOLDER 
THEOREM, KRONECKER DECOMPOSITION 'THEOREM, 
LIE GROUP, LIE-TYPE GROUP, LINEAR GROUP, MOD- 
ULO MULTIPLICATION GROUP, ORDER (GROUP), OR- 
THOGONAL GROUP, p-GROUP, POINT GROUPS, SIMPLE 
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GROUP, SPORADIC GROUP, SYMMETRIC GROUP, SYM- 
PLECTIC GROUP, TWISTED CHEVALLEY GROUPS, UNI- 
TARY GROUP 


References 

Arfken, G. “Discrete Groups.” $4.9 in Mathematical Meth- 
ods for Physicists, 3rd ed. Orlando, FL: Academic Press, 
pp. 243-251, 1985. 

Artin, E. “The Order of the Classical Simple Groups.” 
Comm. Pure Appl. Math. 8, 455-472, 1955. 

Aschbacher, M. Finite Group Theory. Cambridge, England: 
Cambridge University Press, 1994. 

Ball, W. W. R. and Coxeter, H. 5. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, pp. 73-75, 
1987. 

Besche and Eick. “Construction of Finite Groups.” To Ap- 
pear in J. Symb. Comput. 

Besche and Eick. “The Groups of Order at Most 1000.” To 
Appear in J. Symb. Comput. 

Conway, J. H.; Curtis, R. T.; Norton, S. P.; Parker, R. A.; 
and Wilson, R. A. Atlas of Finite Groups: Mazimal Sub- 
groups and Ordinary Characters for Simple Groups. Ox- 
ford, England: Clarendon Press, 1985. 

Hall, M. Jr. and Senior, J. K. The Groups of Order 2” (n < 
6). New York: Macmillan, 1964. 

James, R.; Newman, M. F.; and O’Brien, E. A. “The Groups 
of Order 128.” J. Algebra 129, 136-158, 1990. 

Miller, G. A. “Determination of All the Groups of Order 64.” 
Amer. J. Math. 52, 617-634, 1930. 

O’Brien, E. A. “The Groups of Order 256.” J. Algebra 143, 
219-235, 1991. 

O’Brien, E. A. and Short, M. W. “Bibliography on Classifi- 
cation of Finite Groups.” Manuscript, Australian National 
University, 1988. 

Senior, J. K. and Lunn, A. C. “Determination of the Groups 
of Orders 101-161, Omitting Order 128.” Amer. J. Math. 
56, 328-338, 1934. 

Senior, J. K. and Lunn, A. C. “Determination of the Groups 
of Orders 162-215, Omitting Order 192.” Amer. J. Math. 
57, 254-260, 1935. 

Simon, B. Representations of Finite and Compact Groups. 
Providence, RI: Amer. Math. Soc., 1996. 

Sloane, N. J. A. Sequences A000001/M0098 and A000688/ 
M0064 in “An On-Line Version of the Encyclopedia of In- 
teger Sequences.” 

University of Sydney Computational Algebra Group. “The 
Magma Computational Algebra for Algebra, Number The- 
ory and Geometry.” http://www.maths.usyd.edu.au: 
8000/u/magma/. 

 Weisstein, E. W. “Groups.” http://www.astro.virginia. 
edu/~eww6n/math/notebooks/Groups.m. 

Wilson, R. A. “ATLAS of Finite Group Representation.” 
http://for.mat.bham.ac.uk/atlas. 


Finite Group—D3 


The DIHEDRAL GROUP D; is one of the two groups of 
ORDER 6. It the non-Abelian group of smallest ORDER. 
Examples of D3 include the POINT GROUPS known as 
Csh, Cav, S3, D3, the symmetry group of the EQUILAT- 
ERAL TRIANGLE, and the group of permutation of three 
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objects. Its elements A; satisfy A; = 1, and four of 
its elements satisfy A;? = 1, where 1 is the IDENTITY 
ELEMENT. The CYCLE GRAPH is shown above, and the 
MULTIPLICATION TABLE is given below. 


C D E 
C D E 
E B C 
D C A 
1 A B 
B E 1 
A 1 D 
The CONJUGACY CLASSES are {1}, {A,B,C} 
ATAA=A (1) 
B"AB=C (2) 
CAC =B (3) 
DAD =C (4) 
EAE =B, (5) 
and {D, E}, 
DA 'D=E (6) 
B"*DB=D. (7) 


A reducible 2-D representation using REAL MATRICES 
can be found by performing the spatial rotations corre- 
sponding to the symmetry elements of C3,. Take the 
z-AXIS along the C3 axis. 


I=R,(0)= F 4 (8) 
asns | SSE) cathe) 
Lis E © 
B=Rilia)= Ey ad (10) 
C = Re(r) = F | (11) 
D = Rp(r) = CB = | ae Ey (12) 


To find the irreducible representation, note that there 
are three CONJUGACY CLASSES. Rule 5 requires that 
there be three irreducible representations satisfying 


h=11 +l: +137 =6, (14) 
so 1t must be true that 


h =l =1,l3 = 2. (15) 


Finite Group—Dy 


By rule 6, we can let the first representation have all 1s. 


D3 |1 A B C D E 
ra |1 1 1 1 1 1 


To find representation orthogonal to the totally symmet- 
ric representation, we must have three +1 and three —1 
CHARACTERS. We can also add the constraint that the 
components of the IDENTITY ELEMENT 1 be positive. 
The three CONJUGACY CLASSES have 1, 2, and 3 ele- 
ments. Since we need a total of three +1s and we have 
required that a +1 occur for the CONJUGACY CLASS of 
ORDER 1, the remaining +1s must be used for the el- 
ements of the CONJUGACY CLASS of ORDER 2, i.e., A 
and B. 


Using the rule 1, we see that 
1? + 17 + x3” (1) = 6, (16) 


so the final representation for 1 has CHARACTER 2. Or- 
thogonality with the first two representations (rule 3) 
then yields the following constraints: 


1.1.-2+1-2-x2+1-3-x3=2+2x2+3x3=0 
(17) 
1-1-2+1:2-x2 + (-1)-3- x3 = 2+ 2x2 — 3x3 =0. 
(18) 


Solving these simultaneous equations by adding and 
subtracting (18) from (17), we obtain x2 = —1, x3 = 0. 
The full CHARACTER TABLE is then 


C D 


Since there are only three CONJUGACY CLASSES, this 
table is conventionally written simply as 


Writing the irreducible representations in matrix form 
then yields 


100 0 

010 0 

‘=10 0.1.0 (19) 
0001 
-4 -}v3 0 0 

1/3 -1 00 

= | 2 2 

A 0 0 10 (20) 
0 0 01 
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3 4v3 0 0 
-4V3 -3 0 0 
= 2 2 
Š 0 0 10 (21) 
0 0 01 
-1 00 0 
0 10 0 
SE. 20.1 0 (a) 
0 0 0 -1 
z  -hv3 0 0 
siya ah 0 0 
D=| 2 2 23 
0 0 1 0 a 
0 0 0 -i 
1 IB 0 0 
4v3 -j 0 0 
E=|?2 2 24 
0 0 1 0 (24) 
0 0 0 -1 


see also DIHEDRAL GROUP, FINITE GROUP—Da, FI- 
NITE GROUP—-Zg6 
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The DIHEDRAL GROUP D; is one of the two non-Abelian 
groups of the five groups total of ORDER 8. It is some- 
times called the octic group. Examples of Da include the 
symmetry group of the SQUARE. The CYCLE GRAPH is 
shown above. | 


see also DIHEDRAL GROUP, FINITE GROUP—-D3, FI- 
NITE GROUP—-Z3, FINITE GROUP—Za ® Za ® Za, FI- 
NITE GROUP—Z3 ® Za, FINITE GROUP—Zg, 


Finite Group—(e) 

The unique (and trivial) group of ORDER 1 is denoted 
le). It is (trivially) ABELIAN and CYCLIC. Examples 
include the POINT GROUP Cı and the integers modulo 
1 under addition. 


(e) | 1 
1 1 


The only class is {1}. 


Finite Group—Qs. 
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One of the three Abelian groups of the five groups to- 
tal of ORDER 8. The group Qs has the MULTIPLICA- 
TION TABLE of +1,2,3,k, where 1, 2, 7, and k are the 
QUATERNIONS. The CYCLE GRAPH is shown above. 


see also FINITE GROUP— D4, FINITE GROUP—Z2 ® 
Z2 Q Z2, FINITE GROUP—Z3 ® Za, FINITE GROUP— 
Zs, QUATERNION 


Finite Group—Z 2 
£, 


The unique group of ORDER 2. Zz is both ABELIAN and 
CYCLIC. Examples include the POINT GROUPS C,, Ci, 
and C2, the integers modulo 2 under addition, and the 
MODULO MULTIPLICATION GROUPS M3, Ma, and Mg. 
The elements A; satisfy A;? = 1, where 1 is the IDEN- 
TITY ELEMENT. The CYCLE GRAPH is shown above, 
and the MULTIPLICATION TABLE is given below. 


Za |1 A 
1 1 A 
A A 1 


The CONJUGACY CLASSES are {1} and {A}. The irre- 
ducible representation for the C2 group is 41,-—1). 


Finite Group——Z23 Y Za 
ZZ 


O 
Pe 
AS 

One of the two groups of ORDER 4. The name of this 
group derives from the fact that it is a DIRECT PROD- 
UCT of two Z2 SUBGROUPS. Like the group Z4, Za ® Za 
is an ABELIAN GROUP. Unlike Z4, however, it is not 
CycLic. In addition to satisfying A;* = 1 for each 
element Aj, it also satisfies A;? = 1, where 1 is the 
IDENTITY ELEMENT. Examples of the Z2 Y Z2 group 
include the VIERGRUPPE, POINT GROUPS Do, Cer, and 
Coy, and the MODULO MULTIPLICATION GROUPS Mg 
and Mi2. That Ms, the RESIDUE CLASSES prime to 8 
given by {1, 3, 5, 7}, are a group of type Z2 Y Z2 can 
be shown by verifying that 


rei 32=9=1 5? =25=1 7? 
=49=1 (mod 8) (1) 


3-5=15=7 3:7=21=5 5-7=35 =3 (mod 8). 
(2) 


644 Finite Group-—Z2 Y Ze 
Za A Za is therefore a MODULO MULTIPLICATION 


GROUP. 


The CYCLE GRAPH is shown above, and the multiplica- 
tion table for the Z2 Y Z2 group is given below. 


The CONJUGACY CLASSES are {1}, {A}, 


ATAA=A (3) 

B'AB=A (4) 

C ACSA; (5) 
{B}, 

AT ?BA=B (6) 

CBO =B, (7) 
and {C}. 


Now explicitly consider the elements of the C2» POINT 
GROUP. 


15 


r= fo 1 © 
o h] o 
o 
e=], rat (11) 


Another reducible representation using 3-D REAL MA- 


TRICES can be obtained from the symmetry elements of 
the Dz group (1, C2(z), Ce(y), and Co(x)) or Coy group 
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(1, Ca, C», and 0,,). Place the C2 axis along the z-axis, 
g» in the z-y plane, and g, in the y-z plane. 


1 0 0 
[B= B= |o 1 ] (12) 
001 
1 0 0 
A=B =a | 1 | (13) 
0 0 1 
-1 0 0 
0 = Rule) ==] —1 | (14) 
0 0 1 
—1 0 0 
B= mtoe o 1 o|. (15) 
0 0 1 


In order to find the irreducible representations, note 
that the traces are given by x(1) = 3,x(C2) = —1, 
and x(c») = x(o,) = 1. Therefore, there are at least 
three distinct CONJUGACY CLASSES. However, we see 
from the MULTIPLICATION TABLE that there are actu- 
ally four CONJUGACY CLASSES, so group rule 5 requires 
that there must be four irreducible representations. By 
rule 1, we are looking for POSITIVE INTEGERS which 
satisfy 

E O SA (16) 


The only combination which will work is 
ly =l2 =l = la =1, (17) 


so there are four one-dimensional representations. Rule 
2 requires that the sum of the squares equal the ORDER 
h = 4, so each 1-D representation must have CHAR- 
ACTER +1. Rule 6 requires that a totally symmetric 
representation always exists, so we are free to start off 
with the first representation having all 1s. We then use 
orthogonality (rule 3) to build up the other representa- 
tions. The simplest solution is then given by 


These can be put into a more familiar form by switching 
I, and Tx, giving the CHARACTER TABLE 


Fig. 11-2. Component placement. 


1N34, etc. Silicon diodes will also work, but are a bit less sensi- 
tive. The diode leads may be left their normal length. The sloped 
meter box is ideal. The box does not have to be metal. See Fig. 
11-4, 


Fig. 11-3. The finished tester. 


Finite Group—Za ® Za ® Zo 


The matrices corresponding to this representation are 


now 

1000 
010 0 

Pe kg GO: t 40 (18) 
0001 
-1 0 0 0 
0 -1 0 0 

Cr = 0 0 1 0 (19) 
0 0 0 1 
1 0 0 0 
0 -1 0 0 

CES: ye AN (20) 
0 0 0 -1 
100 0 

, |0 10 0 
0 00 -1 


which consist of the previous representation with an ad- 
ditional component. ‘These matrices are now orthogonal, 
and the order equals the matrix dimension. As before, 
x(ov) = x{on). 

see also FINITE GROUP— Z4 
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One of the three Abelian groups of the five groups total 
of ORDER 8. Examples include the MODULO MULTI- 
PLICATION GROUP M24. The elements A; of this group 
satisfy A;? = 1, where 1 is the IDENTITY ELEMENT. 
The CYCLE GRAPH is shown above. 


see also FINITE GROUP—Da, FINITE GROUP—Qg, FI- 
NITE GROUP—Z2 ® Za, FINITE GROUP—-Zg 


Finite Group—-Z ® Z4 
ZZ, 


CA AS 
$e 
O 
OS 

© 
One of the three Abelian groups of the five groups to- 
tal of ORDER 8. Examples include the MODULO MUL- 
TIPLICATION GROUPS Mis, Mis, Moo, and M3o. The 
elements A; of this group satisfy A;* = 1, where 1 is the 


IDENTITY ELEMENT, and four of the elements satisfy 
A;? =1. The CYCLE GRAPH is shown above. 


see also FINITE GROUP— Da, FINITE GROUP—Qg, FI- 
NITE GROUP—Z2 Y Z2 © Z2, FINITE GROUP—-Zg3 
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Finite Group— Z3 


The unique group of ORDER 3. It is both ABELIAN 
and CYCLIC. Examples include the POINT GROUPS C3 
and D3 and the integer modulo 3. The elements A; 
of the group satisfy A; = 1 where 1 is the IDENTITY 
ELEMENT. The CYCLE GRAPH is shown above, and the 
MULTIPLICATION TABLE is given below. 


The CONJUGACY CLASSES are {1}, {A}, 


ATFAA=A 

B*'AB=A, 
and {B}, 

A 'BA=B 

B"*BB=B. 


The irreducible representation (CHARACTER TABLE) is 
therefore 


Finite Group-—-Za4 
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4 
One of the two groups of ORDER 4. Like Z2 @ Z2, it is 
ABELIAN, but unlike Z2 ® Za, it is a CYCLIC. Examples 
include the POINT GROUPS C4 and S4 and the MODULO 
MULTIPLICATION GROUPS M5 and Mio. Elements A; 


of the group satisfy A;* = 1, where 1 is the IDENTITY 
ELEMENT, and two of the elements satisfy A;” = 1. 


The CYCLE GRAPH is shown above. The MULTIPLI- 
CATION TABLE for this group may be written in three 
equivalent ways—denoted here by Zo, Z ae and Z = 


by permuting the symbols used for the group elements. 


C 
1 1 A B C 
A A B CG 1 
B B C 1 A 
C C 1 A B 
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The MULTIPLICATION TABLE for ZÍ” is obtained from 


Ziv by interchanging A and B. 
Zig” 


mM OQ pe 
Pe Qad 
me YY Aa 


The MULTIPLICATION TABLE for g is obtained from 
Z @) by interchanging A and C. 


z 


The CONJUGACY CLASSES of Za are {1}, {4}, 


AT'AA=A (1) 

BAB=A (2) 

CT AC = A, (3) 
{B}, 

A`™BA=B (4) 

B'BB=B (5) 

CBC = B, (6) 
and {C}. 


The group may be given a reducible representation using 
COMPLEX NUMBERS 


e= (7) 
A =1t (8) 
B=-1 (9) 
C= —i, (10) | 
or REAL MATRICES 
1.0 
. S F J (11) 
0 —1 
a= [0 g a2 
|I-1 0 
B= | a (13) 
0 1 
G = 3 A ; (14) 


see also FINITE GROUP—Z2 ® Za 


Finite Group—Ze 


Finite Group—dZ; 
Zs 


The unique GROUP of ORDER 5, which is ABELIAN. Ex- 
amples include the POINT GROUP Cs and the integers 
mod 5 under addition. The elements A; satisfy As? = 1, 
where 1 is the IDENTITY ELEMENT. The CYCLE GRAPH 
is shown above, and the MULTIPLICATION TABLE is il- 
lustrated below. 


The CONJUGACY CLASSES are {1}, {A}, {B}, {C}, and 
{D}. 


Finite Group— Ze 


One of the two groups of ORDER 6 which, unlike Dj, 
is ABELIAN. It is also a CYCLIC. It is isomorphic to 
Z2 Y Z3. Examples include the POINT GROUPS Ce and 
Se, the integers modulo 6 under addition, and the MoD- 
ULO MULTIPLICATION GROUPS M7, Mg, and Mi4. The 
elements A; of the group satisfy A; = 1, where 1 is 
the IDENTITY ELEMENT, three elements satisfy A;* = 1, 
and two elements satisfy A;? = 1. The CYCLE GRAPH is 
shown above, and the MULTIPLICATION TABLE is given 
below. 


The CONJUGACY CLASSES are {1}, {A}, {B}, {C}, 
{D}, and {E}. 
see also FINITE GROUP— Dz 


Finite Group—-Z7 


Finite Group— Z7 


The unique GROUP of ORDER 7. It is ABELIAN and 
CYCLIC. Examples include the POINT GROUP C7 and 
the integers modulo 7 under addition. The elements A; 
of the group satisfy A;’ = 1, where 1 is the IDENTITY 


ELEMENT. The CYCLE GRAPH is shown above. 
B C F 


The CONJUGACY CLASSES are {1}, { 
{D}, {E}, and {F}. 


Finite Group— Zs 


One of the three Abelian groups of the five groups total 
of ORDER 8. An example is the residue classes modulo 
17 which QUADRATIC RESIDUES, i.e., {1, 2, 4, 8, 9, 13, 
15, 16} under multiplication modulo 17. The elements 
A; satisfy A;® = 1, four of them satisfy A;* = 1, and two 
satisfy A;? = 1. The CYCLE GRAPH is shown above. 


see also FINITE GROUP— D4, FINITE GROUP— Qs, FI- 
NITE GROUP— Z2 ® Za, FINITE GROUP— Z2 ® Z2 Y Za 


Finite Mathematics 
The branch of mathematics which does not involve infi- 
nite sets, limits, or continuity. 


see also COMBINATORICS, DISCRETE MATHEMATICS 
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Finite Simple Group 
see SIMPLE GROUP 


Finite Simple Group Classification Theorem 
see CLASSIFICATION THEOREM 


Finite-to-One Factor 

A MAP y : M > M, where M is a MANIFOLD, is a 
finite-to-one factor of a MAP VW: X > X if there exists 
a continuous ONTO MAP 7: X —> M such that y or = 
ro Y and a *(x) C X is finite for each z € M. 


Finsler Geometry 
The geometry of FINSLER SPACE. 


Finsler Manifold 
see FINSLER SPACE 


Finsler Metric 

A continuous real function L(x,y) defined on the TAN- 
GENT BUNDLE T(M) of an n-D DIFFERENTIABLE MAN- 
IFOLD M is said to be a Finsler metric if 


1. L(x,y) is DIFFERENTIABLE at £ £ y, 

2. L(x, Ay) = lA|L(x,y) for any element (zx, y) € T(M) 
and any REAL NUMBER A, 

3. Denoting the METRIC 


10 0”[L(z, y)? (x yl? 


giley) = 9 —auidys 


then gi; is a POSITIVE DEFINITE MATRIX. 


A DIFFERENTIABLE MANIFOLD M with a Finsler metric 
is called a FINSLER SPACE. 


see also DIFFERENTIABLE MANIFOLD, FINSLER SPACE, 
TANGENT BUNDLE 
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Finsler Space 

A general space based on the LINE ELEMENT 
ds = F(z’,...,v";dx’,...,dz”), 

with F(z,y) > 0 for y % 0 a function on the TAN- 

GENT BUNDLE T(M), and homogeneous of degree 1 in 

y. Formally, a Finsler space is a DIFFERENTIABLE MAN- 

IFOLD possessing a FINSLER METRIC. Finsler geometry 

is RIEMANNIAN GEOMETRY without the restriction that 

the LINE ELEMENT be quadratic of the form 


F? = dij (x) dx" dz’. 


A compact boundaryless Finsler space is locally 
Minkowskian IFF it has 0 “flag curvature.” 
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see also FINSLER METRIC, HODGE’S THEOREM, RIE- 
MANNIAN GEOMETRY, TANGENT BUNDLE 
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Finsler-Hadwiger Theorem 


Let the SQUARES LIABCD and LJAB’C’ D’ share a com- 
mon VERTEX A. The midpoints Q and S of the segments 
B'D and BD’ together with the centers of the original 
squares R and T then form another square LIQRST. 
This theorem is a special case of the FUNDAMENTAL 
THEOREM OF DIRECTLY SIMILAR FIGURES (Detemple 
and Harold 1996). 


see also FUNDAMENTAL THEOREM OF DIRECTLY SIMI- 
LAR FIGURES, SQUARE 
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First-Countable Space 
A TOPOLOGICAL SPACE in which every point has a 
countable BASE for its neighborhood system. 


First Curvature 


see CURVATURE 


First Derivative Test 
Fu) <0, fx) =0 


f") > 0 
fi) <0 fia > 0 
IO NTO f'œ>0 f'a) <0 
= f° <0 fxy=0 
Stationary point minimum maximum 


Fischer Groups 


Suppose f(z) is CONTINUOUS at a STATIONARY POINT 

vO. 

1. If f'(x) > 0 on an OPEN INTERVAL extending left 
from zo and f'(x) < 0 on an OPEN INTERVAL ex- 
tending right from zo, then f has a RELATIVE MAX- 
IMUM (possibly a GLOBAL MAXIMUM) at zo. 


2. If f'(x) < 0 on an OPEN INTERVAL extending left 
from zo and f'(x) > 0 on an OPEN INTERVAL ex- 
tending right from xo, then f has a RELATIVE MIN- 
IMUM (possibly a GLOBAL MINIMUM) at Zo. 


3. If f'(x) has the same sign on an OPEN INTERVAL 
extending left from zo and on an OPEN INTERVAL 
extending right from zo, then f does not have a REL- 
ATIVE EXTREMUM at Zo. 


see also EXTREMUM, GLOBAL MAXIMUM, GLOBAL 
MINIMUM, INFLECTION POINT, MAXIMUM, MINIMUM, 
RELATIVE EXTREMUM, RELATIVE MAXIMUM, RELA- 
TIVE MINIMUM, SECOND DERIVATIVE TEST, STATION- 
ARY POINT 
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Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
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First Digit Law 
see BENFORD’S LAW 


First Digit Phenomenon 
see BENFORD’S LAW 


First Multiplier Theorem 

Let D be a planar Abelian DIFFERENCE SET and t be 
any DIVISOR of n. Then ¢ is a numerical multiplier of 
D, where a multiplier is defined as an automorphism a 
of G which takes D to a translation g + D of itself for 
some g € G. If a is of the form a: x > tz fort € Z 
relatively prime to the order of G, then a is called a 
numerical multiplier. 
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Gordon, D. M. “The Prime Power Conjecture is True 
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Fischer’s Baby Monster Group 
see BABY MONSTER GROUP 


Fischer Groups 

The SPORADIC GROUPS Fiz2, Figs, and Figg. These 
groups were discovered during the investigation of 3- 
TRANSPOSITION GROUPS. 


see also SPORADIC GROUP 
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Fish Bladder 


Fish Bladder 
see LENS 


Fisher-Behrens Problem 

The determination of a test for the equality of MEANS 
for two NORMAL DISTRIBUTIONS with different VARI- 
ANCES given samples from each. There exists an ex- 
act test which, however, does not give a unique answer 
because it does not use all the data. There also exist 
approximate tests which do not use all the data. 


see also NORMAL DISTRIBUTION 
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Fisher’s Block Design Inequality 
A balanced incomplete BLOCK DESIGN (v, k, A, r, b) 
exists only or b > v (or, equivalently, r > k). 


see also BRUCK-RYSER-CHOWLA THEOREM 
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Fisher?s Estimator Inequality 
Given T an UNBIASED ESTIMATOR of @ so that (T) = 6. 


Then 
1 


ae NE. 
ACT 


where var is the VARIANCE. 


var(T) 


Fisher’s Exact Test 

A STATISTICAL TEST used to determine if there are non- 
random associations between two CATEGORICAL VARI- 
ABLES. Let there exist two such variables X and Y, 
with m and n observed states, respectively. Now form 
an n Xm MATRIX in which the entries a;; represent the 
number of observations in which g = 7 and y = 7. Cal- 
culate the row and column sums R; and C}, respectively, 
and the total sum 


N= R= G 
i j 


of the MATRIX. Then calculate the conditional LIKELI- 
HOOD (P-VALUE) of getting the actual matrix given the 
particular row and column sums, given by 


(Ry!Ro! ++» Rm!) (C1!C2!--- Cn!) 


Pori = 
N! Il; ais! 
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(which is a HYPERGEOMETRIC DISTRIBUTION). Now 
find all possible MATRICES of NONNEGATIVE INTEGERS 
consistent with the row and column sums R; and Cj. 
For each one, calculate the associated P-VALUE using 
(0) (where the sum of these probabilities must be 1). 
Then the P-VALUE of the test is given by the sum of all 
P-VALUES which are < Perit. 


The test is most commonly applied to a 2 x 2 MATRICES, 
and is computationally unwieldy for large m or n. 


As an example application of the test, let X be a journal, 
say either Mathematics Magazine or Science, and let Y 
be the number of articles on the topics of mathematics 
and biology appearing in a given issue of one of these 
journals. If Mathematics Magazine has five articles on 
math and one on biology, and Science has none on math 
and four on biology, then the relevant matrix would be 


Math. Mag. Science 
math 5 0 Ri1=5 
biology 1 4 R2a=5 
Cı =6 Co=4 N=10. 


Computing Peri gives 


5126!4! 


Ferit = TONSIL) 


= 0.0238, 


and the other possible matrices and their Ps are 


$ 3| P=0281 
3 ] P = 0.4762 
ot] P=ozs 
E 5 P = 0.0238, 


which indeed sum to 1, as required. The sum of P-values 
less than or equal to Perit = 0.0238 is then 0.0476 which, 
because it is less than 0.05, is SIGNIFICANT. Therefore, 
in this case, there would be a statistically significant 
association between the journal and type of article ap- 
pearing. 


Fisher Index 
The statistical INDEX 


Pp TV P,Pp, 


where Pr is LASPEYRES’ INDEX and Pp is PAASCHE’S 
INDEX. 


see also INDEX 
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Fisher Kurtosis 


a Ha 
= — —-3= — - 3, 
u2? ot 
where ¡us is the ith MOMENT about the MEAN and o = 
4/2 is the STANDARD DEVIATION. 


see also FISHER SKEWNESS, KURTOSIS, PEARSON KUR- 
TOSIS 


Fisher Sign Test 

A robust nonparametric test which is an alternative to 
the PAIRED t-TEST. This test makes the basic assump- 
tion that there is information only in the signs of the dif- 
ferences between paired observations, not in their sizes. 
Take the paired observations, calculate the differences, 
and count the number of +s ny and —s n_, where 


N=n3+n- 


is the sample size. Calculate the BINOMIAL COEFFI- 


CIENT 
B = (5) : 
n+ 


Then B/2* gives the probability of getting exactly this 
many +s and —s if POSITIVE and NEGATIVE values are 
equally likely. Finally, to obtain the P-VALUE for the 
test, sum all the COEFFICIENTS that are < B and divide 
by 2%. 

see also HYPOTHESIS TESTING 


Fisher Skewness 


yı pa3/2 o?’ 


where u; is the 2 MOMENT about the MEAN, and a 
./p2 is the STANDARD DEVIATION. 


see also FISHER KURTOSIS, MOMENT, SKEWNESS, 
STANDARD DEVIATION 


Fisher’s Theorem 

Let A be a sum of squares of n independent normal 
standardized variates z;, and suppose A = B+C where 
B is a quadratic form in the x;, distributed as CHI- 
SQUARED with h DEGREES OF FREEDOM. Then C is 
distributed as x* with n — h DEGREES OF FREEDOM 
and is independent of B. The converse of this. theorem 
is known as COCHRAN’S THEOREM. 


see also CHI-SQUARED DISTRIBUTION, COCHRAN’S 
THEOREM 


Fisher-Tippett Distribution 


Fisher-Tippett Distribution 


P(x) 
Dix) 


Also called the EXTREME VALUE DISTRIBUTION and 
LOG-WEIBULL DISTRIBUTION. It is the limiting distri- 
bution for the smallest or largest values in a large sample 
drawn from a variety of distributions. 


e(a—z)/b—elo—2)/% 
P(x) = ———____—- (1) 


(2) 


These can be computed directly be defining 


z = exp (>) (3) 
z=a—blnz (4) 
di= -; exp (52) dz. (5) 


Then the MOMENTS are 


| xz” P(x) dx 
k xr” ex ( 2 
b P\ 2 


—00 
0 
= — | (a—-binz)"e “dz 


= / (a — blnz2)"e”*? dz 


0 


= jente f (In z)*e~* dz 


=y. e a), (6) 


k=0 


Un 


5) exp[-e (2/9 dz 


where I(k) are EULER-MASCHERONI INTEGRALS. Plug- 
ging in the EULER-MASCHERONI INTEGRALS I(k) gives 


po = 1 (7) 
fy =a + by (8) 
u2 =a” + 2aby + b° (7? + ix”) (9) 
pa = a” + 3a*by + 3ab*(y” + in’) 

+8 LP + Lym? + 2¢(3) (10) 


pa = af + 4a by + 6a*b (y + tr?) 
+ 4ad y” + ¿ym + 2¢(3)] 
+BY ly +y n? + Sot 8ye A1) 


Fisher’s z-Distribution 


where y is the EULER- MASCHERONI CONSTANT and ¢(3) 
is APERY’S CONSTANT. The MEAN, VARIANCE, SKEW- 
NESS, and KURTOSIS are therefore 


at (12) 
0 = p- p = np (13) 
— #3 
T= qa 
6/6 3 2 2/_2 2 
= pora 12 + 3a°by + 3ab*(7° + 37°) 
+O? + dyn? +2¢(3)]} (14) 
= pP 
V= aT’ 
36 


pana {af + da by + a°b (6%? + 1”) 


+ 4ab"[y* + dyn? + 2¢(3)] 
+b ly + Y + a + 8y¢(3)]}. (15) 


The CHARACTERISTIC FUNCTION is 
plt) =T(1— iste, (16) 


where ['(z) is the GAMMA FUNCTION. The special case 
of the Fisher-Tippett distribution with a = 0, b = 1 is 
called GUMBEL’S DISTRIBUTION. 


see also KULER-MASCHERONI INTEGRALS, GUMBEL’S 
DISTRIBUTION 


Fisher’s z-Distribution 


n1”! 2na"2/? el? 


g(2) = * (1) 


B (41, 32) (n1e?? + n3)m1+71)/2 


(Kenney and Keeping 1951). This general distribution 
includes the CHI-SQUARED DISTRIBUTION and STU- 
DENT’S t-DISTRIBUTION as special cases. Let u? and v? 
be INDEPENDENT UNBIASED ESTIMATORS of the VARI- 
ANCE of a NORMALLY DISTRIBUTED variate. Define 


¿=1m (2) =2m (5) (2) 


Then let 
r Ns]? 
F= a = 3 (3) 
ng 


so that niF'/n2 is a ratio of CHI-SQUARED variates 


mF _ x (nı) 
nə ~~ x2(n2)’ (4) 


which makes it a ratio of GAMMA DISTRIBUTION vari- 
ates, which is itself a BETA PRIME DISTRIBUTION vari- 
ate, 


=p a > (5) 
(2%) 
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glving 
ES (1 i ÓN m 
ee AS 
Es 22) 
The MEAN is a 
2 
(F) = 9? (7) 


and the MODE is 


Tra ni — 2 
n2+2 mı 


(8) 


see also BETA DISTRIBUTION, BETA PRIME DISTRI- 
BUTION, CHI-SQUARED DISTRIBUTION, GAMMA DIS- 
TRIBUTION, NORMAL DISTRIBUTION, STUDENT'S t- 
DISTRIBUTION 
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Fisher’s z'-Transformation 
Let r be the CORRELATION COEFFICIENT. Then defin- 
ing 


z' =tanh 'r (1) 
¢ = tanh" p, (2) 
gives 
oz =(N=3)""? (3) 
1 4-p? 
var(z') = = t 22 + (4) 
2_ 9 
ple” — 55] 
ar y (5) 
_ 32 — 3p* 
Y2 = 16N , (6) 


where n = N — 1. 
see also CORRELATION COEFFICIENT 


Fitting Subgroup 

The unique smallest NORMAL NILPOTENT SUBGROUP 
of H, denoted F(H). The generalized fitting subgroup 
is defined by F*(H) = F(H)E(H), where E(H) is the 
commuting product of all components of H, and F is 
the fitting subgroup of H. 


Five Cubes 


see CUBE 5-COMPOUND 
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Five Disks Problem 


DE 


Given five equal DISKS placed symmetrically about a 
given center, what is the smallest RADIUS r for which the 
RADIUS of the circular ÁREA covered by the five disks 
is 1? The answer is r = $ — 1 = 1/4 = 0.6180340..., 
where ¢ is the GOLDEN RATIO, and the centers c; of the 


disks ¿ = 1, ..., 5 are located at 
1 207% 
Bas ie nay 
Los [2ri\ |" 
z sin (27) 


The GOLDEN RATIO enters here through its connection 
with the regular PENTAGON. If the requirement that the 
disks be symmetrically placed is dropped (the general 
DISK COVERING PROBLEM), then the RADIUS for n = 
5 disks can be reduced slightly to 0.609383... (Neville 
1915). 


see also ARC, DISK COVERING PROBLEM, FLOWER OF 
LIFE, SEED OF LIFE 
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Five Tetrahedra Compound 


see TETRAHEDRON 5-COMPOUND 


Fixed 

When referring to a planar object, “fixed” means that 
the object is regarded as fixed in the plane so that it 
may not be picked up and flipped. As a result, MIRROR 
IMAGES are not necessarily equivalent for fixed objects. 


see also FREE, MIRROR IMAGE 


Fixed Element 


see FIXED POINT (MAP) 


Fixed Point (Map) 


Fixed Point 
A point which does not change upon application of a 
MAP, system of DIFFERENTIAL EQUATIONS, etc. 


see also FIXED POINT (DIFFERENTIAL EQUATIONS), 
FIXED POINT (MAP), FIXED POINT THEOREM 


References 
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Fixed Point (Differential Equations) 
Points of an AUTONOMOUS system of ordinary differen- 
tial equations at which 


col = lista) = 0 
ton. S faldis ln) = 0. 


If a variable is slightly displaced from a FIXED POINT, it 
may (1) move back to the fixed point (“asymptotically 
stable” or “superstable”), (2) move away (“unstable”), 
or (3) move in a neighborhood of the fixed point but 
not approach it (“stable” but not “asymptotically sta- 
ble”). Fixed points are also called CRITICAL POINTS 
or EQUILIBRIUM POINTS. If a variable starts at a point 
that is not a CRITICAL POINT, it cannot reach a critical 
point in a finite amount of time. Also, a trajectory pass- 
ing through at least one point that is not a CRITICAL 
POINT cannot cross itself unless it is a CLOSED CURVE, 
in which case it corresponds to a periodic solution. 


A fixed point can be classified into one of several classes 
using LINEAR STABILITY analysis and the resulting STA- 
BILITY MATRIX. 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL EQUA- 
TIONS), HYPERBOLIC FIXED POINT (DIFFERENTIAL 
EQUATIONS), STABLE IMPROPER NODE, STABLE NODE, 
STABLE SPIRAL POINT, STABLE STAR, UNSTABLE IM- 
PROPER NODE, UNSTABLE NODE, UNSTABLE SPIRAL 
POINT, UNSTABLE STAR 


Fixed Point (Map) 

A point x* which is mapped to itself under a MAP G, so 
that x* = G(x*). Such points are sometimes also called 
INVARIANT POINTS, or FIXED ELEMENTS (Woods 1961). 
Stable fixed points are called elliptical. Unstable fixed 
points, corresponding to an intersection of a stable and 
unstable invariant MANIFOLD, are called HYPERBOLIC 
(or SADDLE). Points may also be called asymptotically 
stable (a.k.a. superstable). 


see also CRITICAL POINT, INVOLUNTARY 
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Fixed Point Theorem 


Fixed Point Theorem 

If g is a continuous function g(x) € [a,b] FOR ALL gz € 
[a,b], then g has a FIXED POINT in [a,b]. This can be 
proven by noting that 


g(a)>a  g(b)<b 


g(a)-a>0  g(b)-b<O0. 


Since g is continuous, the INTERMEDIATE VALUE THE- 
OREM guarantees that there exists a c € [a,b] such that 


g(c) = c=0, 


so there must exist a c such that 


g(c) =c, 


so there must exist a FIXED POINT € [a,b]. 


see also BANACH FIXED POINT THEOREM, BROUWER 
FIXED POINT THEOREM, KAKUTANI’S FIXED POINT 
THEOREM, LEFSHETZ FIXED POINT FORMULA, LEF- 
SHETZ TRACE FORMULA, POINCARE-BIRKHOFF FIXED 
POINT THEOREM, SCHAUDER FIXED POINT THEOREM 


Fixed Point (Transformation) 
see FIXED POINT (MAP) 


Flag 
A collection of FACES of an n-D POLYTOPE or simplicial 
COMPLEX, one of each DIMENSION 0, 1,..., n—1, which 


all have a common nonempty INTERSECTION. In normal 
3-D, the flag consists of a half-plane, its bounding RAY, 
and the RAY’s endpoint. 


Flag Manifold 

For any SEQUENCE of INTEGERS 0 < ni < ... < Nk, 
there is a flag manifold of type (nı, ..., nx) which is 
the collection of ordered pairs of vector SUBSPACES of 
R”? (Vi, ..., Ve) with dim(V;) = n; and V; a SUBSPACE 
of Vi+1. There are also COMPLEX flag manifolds with 
COMPLEX subspaces of C”* instead of REAL SUBSPACES 
of a REAL nzg-space. These flag manifolds admit the 
structure of MANIFOLDS in a natural way and are used 
in the theory of LIE GROUPS. 


see also GRASSMANN MANIFOLD 
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Flat 


A set in RÊ formed by translating an affine subspace or 
by the intersection of a set of HYPERPLANES. 
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Flat Norm 
The flat norm on a CURRENT is defined by 


F(S) = | {Area T + vol R: S -T= OR}, 


where OR is the boundary of R. 
see also COMPACTNESS THEOREM, CURRENT 
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Flat Space Theorem 

If it is possible to transform a coordinate system to a 
form where the metric elements g,, are constants inde- 
pendent of x”, then the space is flat. 


Flat Surface 

A REGULAR SURFACE and special class of MINIMAL 
SURFACE for the GAUSSIAN CURVATURE vanishes ev- 
erywhere. A TANGENT DEVELOPABLE, GENERALIZED 
CONE, and GENERALIZED CYLINDER are all flat sur- 
faces. 


see also MINIMAL SURFACE 
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Flattening 
The flattening of a SPHEROID (also called OBLATENESS) 
is denoted e or f. It is defined as 


a—c __ 
= a 
= ca — 
a 


where c is the polar RADIUS and a is the equatorial 
RADIUS. 


see also ECCENTRICITY, ELLIPSOID, OBLATE SPHER- 
OID, PROLATE SPHEROID, SPHEROID 


E oblate 
— 1 prolate, 


ain A 


Flemish Knot 
see FIGURE-OF-EIGHT KNOT 


Fletcher Point 


654 Flexible Polyhedron 


The intersection of the GERGONNE LINE and the SODDY 
LINE. It has TRILINEAR COORDINATES given by 


1/1 1 1 
Are a eee, 
l= (++) ee 


where I is the INCENTER, Ge the GERGONNE POINT, 
and d, e, and f are the lengths of the sides of the CON- 
TACT TRIANGLE ADEF. 


see also CONTACT TRIANGLE, GERGONNE LINE, GER- 
GONNE POINT, SODDY LINE 
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Flexible Polyhedron 


b ——mountain fold 
~=: valley fold 


The RIGIDITY THEOREM states that if the faces of a 
conver POLYHEDRON are made of metal plates and the 
EDGES are replaced by hinges, the POLYHEDRON would 
be RIGID. The theorem was stated by Cauchy (1813), 
although a mistake in this paper went unnoticed for 
more than 50 years. Concave polyhedra need not be 
RIGID, and such nonrigid polyhedra are called flexible 
polyhedra. Connelly (1978) found the first example of a 
reflexible polyhedron, consisting of 18 triangular faces. 
A flexible polyhedron with only 14 triangular faces and 
9 vertices (shown above), believed to be the simplest 
possible composed of only triangles, was subsequently 
found by Steffen (Mackenzie 1998). There also exists 
a six-vertex eight-face flexible polyhedron (Wunderlich 
and Schwabe 1986, Cromwell 1997). 


Connelly et al. (1997) proved that a flexible polyhedron 
must keep its VOLUME constant (Mackenzie 1998). 


see also POLYHEDRON, QUADRICORN, RIGID, RIGIDITY 
THEOREM 
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Flip Bifurcation 


Flexagon 

An object created by FOLDING a piece of paper along 
certain lines to form loops. The number of states pos- 
sible in an n-FLEXAGON is a CATALAN NUMBER. By 
manipulating the folds, it is possible to hide and reveal 
different faces. 


see also FLEXATUBE, FOLDING, HEXAFLEXAGON, TET- 
RAFLEXAGON 
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Flexatube 


A FLEXAGON-like structure created by connecting the 
ends of a strip of four squares after folding along 45° 
diagonals. Using a number of folding movements, it is 
possible to flip the flexatube inside out so that the faces 
originally facing inward face outward. Gardner (1961) 
illustrated one possible solution, and Steinhaus (1983) 
gives a second. 


see also FLEXAGON, HEXAFLEXAGON, TETRAFLEXA- 
GON 
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Flip Bifurcation 
Let f : R x R > R be a one-parameter family of C* 
maps satisfying 


(0,0) = 0 


IS 


A p=0,x=0 


ANTENNA 
10 = 30 in, 


Fig. 11-4. Simple field-strength meter. 


A two-way coax switch is a real convenience for switching 
between two antennas, or for grounding an antenna, or for switch- 
ing one antenna to another rig. Take a small minibox, Bud 
#5A30005 or #5A3014, and with a %" drill or a Greenlee punch cut 
three holes as shown in the drawing in Fig. 11-5. These are cut on 
the three sides of the U-section. 

Mount three SO-239 connectors on the three sides of the 
U-shaped section. Then punch a 4%” hole in the other section and 
mount a heavy-duty toggle switch—SPDT. I used a DPDT and 
strapped the two sections together to take heavier current. 

Connect as shown in Fig. 11-6. Use a flexible piece of coax 
shield from RG-58/U for connection to the “common” connector so 
that the box can be put back together easily. 

Use #12 wire or the center conductor from RG-8/U coax for 
the other connections. 

The total actual parts cost was $5.02, saving about $35 over a 
commercial switch of the same type. 

The same idea can be used without the toggle for an 
emergency T connector, by connecting all three SO-239s together. 


SUPER SIMPLE TT GENERATOR 
Figure 11-7 shows a schematic detailing my circuit for the 
generation of touchtone™ frequencies. It works extremely well, is 


3 > | 2 3/a" a 2 8" x | SVB" 
Fig. 11-5. Coax switch. po MINIBOX 
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Floor Function 


O° f 

Zi] <o 
p==0,c2=0 

a f 

St) <o 
uw=0,2=0 


Then there are intervals (11,0), (0, 22), and e > 0 such 
that 
1. If y € (0, 2), then f(x} has one unstable fixed point 
and one stable orbit of period two for x € (—e, €), and 
2. If y € (11,0), then f,(x2) has a single stable fixed 
point for x € (—e, €). 
This type of BIFURCATION is known as a flip bifurcation. 
An example of an equation displaying a flip bifurcation 
iS 
O 2, 


see also BIFURCATION 


References 
Rasband, S5. N. Chaotic Dynamics of Nonlinear Systems. 
New York: Wiley, pp. 27-30, 1990. 


Floor Function 


fx] Ceiling 
[x] Nint (Round) 
— — — |x| Floor 


a X 


The function |x| is the largest INTEGER < g, shown as 
the dashed curve in the above plot, and also called the 
GREATEST INTEGER FUNCTION. In many computer lan- 
guages, the floor function is called the INTEGER PART 
function and is denoted int(x). The name and sym- 
bol for the floor function were coined by K. E. Iverson 
(Graham et al. 1990). 


Unfortunately, in many older and current works (e.g., 
Shanks 1993, Ribenboim 1996), the symbol [z] is used 
instead of |x]. Because of the elegant symmetry of the 
floor function and CEILING FUNCTION symbols |x| and 
[x], and because [x] is such a useful symbol when inter- 
preted as an IVERSON BRACKET, the use of [z] to denote 
the floor function should be deprecated. In this work, 
the symbol [z] is used to denote the nearest integer NINT 
function since it naturally falls between the |x| and [x] 
symbols. 


see also CEILING FUNCTION, FRACTIONAL PART, INT, 
IVERSON BRACKET, NINT 
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Floquet Analysis 
Given a system of periodic ORDINARY DIFFERENTIAL 
EQUATIONS of the form 


E 0 0 -1 0 E 
dly|_ | 0 0 0 —1 y (1) 
dt lvel | Der Py, 0 0 Ve |’ 

Vy Pey Py 0 0 Vy 


the solution can be written as a linear combination of 
functions of the form 


i LO 

y(t _ | Yo pt 

Sec aca P, (t), (2) 
Uy (t) Uyo 


where P,,(t) is a function periodic with the same period 
T as the equations themselves. Given an ORDINARY 
DIFFERENTIAL EQUATION of the form 


z+ g(t)z = 0, (3) 


where g(t) is periodic with period T, the ODE has a 
pair of independent solutions given by the REAL and 
IMAGINARY PARTS of 


a(t) = w(t)e’?™ (4) 
t = (ù + iwp)e” (5) 

ë = [ü + iwy + ¿(we + wy + iw’ )Je™ 
= [(w — wy’) + (20) + ww) Je”. (6) 


Plugging these into (3) gives 
w+ 2iwp + w(g +i — 4?) =0, (7) 


so the REAL and IMAGINARY PARTS are 


y +w(g— Y”) =0 (8) 
did + wp = 0. (9) 
From (9), 
2 AD A 
a i 27 (In w) + it [In()] 


= —In(Qw”) =0. (10) 
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Integrating gives 


CE 
¿=S, (11) 
where C is a constant which must equal 1, so y is given 
by 
t 
dt 
p= j r (12) 
to w? 
The REAL solution is then 
a(t) = w(t) cos[p(t)), (13) 
So 
$ = cos p — wb sin y = ve — wisiny 
Fen ee Ce ee eee T (14) 
Ww w w Ww 
and 


2 
1 = cos? Y + sin? y = 2*w *+ lw (w= — ¿)| 
= gw? + (we — wi) = I(2, 2, t), (15) 


which is an integral of motion. Therefore, although 
w(t) is not explicitly known, an integral I always ex- 
ists. Plugging (10) into (8) gives 


ss 1 
w+ g{t)w — Ta 0, (16) 


which, however, is not any easier to solve than (3). 
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Floquet’s Theorem 
see FLOQUET ANALYSIS 


Flow 
An ACTION with G = R. Flows are generated by VEC- 
TOR FIELDS and vice versa. 


see also ACTION, AMBROSE-KAKUTANI 'THEOREM, 
ANOSOV FLOW, AXIOM A FLOW, CASCADE, GEODESIC 
FLOW, SEMIFLOW 


Flow Line 
A flow line for a map on a VECTOR FIELD F is a path 
a(t) such that o'(t) = F(o(t)). 


Flype 


Flower 
see DAISY, FLOWER OF LIFE, ROSE 


Flower of Life 


One of the beautiful arrangements of CIRCLES found at 
the Temple of Osiris at Abydos, Egypt (Rawles 1997). 
The CIRCLES are placed with six-fold symmetry, forming 
a mesmerizing pattern of CIRCLES and LENSES. 


see also FIVE DISKS PROBLEM, REULEAUX TRIANGLE, 
SEED OF LIFE, VENN DIAGRAM 
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Flowsnake 
see PEANO-GOSPER CURVE 


Flowsnake Fractal 
see GOSPER ISLAND 


Floyd’s Algorithm 
An algorithm for finding the shortest path between two 
VERTICES. 


see also DIJKSTRA’S ALGORITHM 


Fluent 
Newton’s term for a variable in his method of FLUXIONS 
(differential calculus). 


Fluxion 
The term for DERIVATIVE in Newton’s CALCULUS. 


Flype 
A 180° rotation of a TANGLE. 


see also FLYPING CONJECTURE, TANGLE 


Flyping Conjecture 


Flyping Conjecture 

Also called the TAIT PLYPING CONJECTURE. Given two 
reduced alternating projections of the same knot, they 
are equivalent on the SPHERE IFF they are related by a 
series of FLYPES. It was proved by Menasco and This- 
tlethwaite (1991). It allows all possible REDUCED alter- 
nating projections of a given ALTERNATING KNOT to be 
drawn. 
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Focus 

A point related to the construction and properties of 
CONIC SECTIONS. 

see also ELLIPSE, ELLIPSOID, HYPERBOLA, HYPER- 
BOLOID, PARABOLA, PARABOLOID, REFLECTION PROP- 
ERTY 
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Fold Bifurcation 
Let f : R x R > R be a one-parameter family of O? 
MAP satisfying 


f(0,0) =0 


2 
H >0 
T 
p=0,2=0 
H >0, 
H k=0,x=0 


then there exist intervals (41,0), (0, 42) and e > 0 such 

that 

1. If y € (11,0), then f(x) has two fixed points in 
(—e, €) with the positive one being unstable and the 
negative one stable, and 

2. If uy € (0,p2), then f(x) has no fixed points in 
(=e, e). | 

This type of BIFURCATION is known as a fold bifurca- 

tion, sometimes also called a SADDLE-NODE BIFURCA- 


TION or TANGENT BIFURCATION. An example of an 
equation displaying a fold bifurcation is 


2 
C= MT 


(Guckenheimer and Holmes 1997, p. 145). 
see also BIFURCATION 
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Fold Catastrophe 
A CATASTROPHE which can occur for one control factor 
and one behavior axis. 


Folding 

The points accessible from c by a single fold which leaves 
41, ..., ân fixed are exactly those points interior to or on 
the boundary of the intersection of the CIRCLES through 
c with centers at a;, for i = 1,..., n. Given any three 
points in the plane a, b, and c, there is an EQUILATERAL 
TRIANGLE with VERTICES g, y, and z for which a, b, and 
c are the images of x, y, and z under a single fold. Given 
any four points in the plane a, b, c, and d, there is some 
SQUARE with VERTICES gz, y, z, and w for which a, b, c, 
and d are the images of zx, y, z, and w under a sequence 
of at most three folds. Also, any four collinear points 
are the images of the VERTICES of a suitable SQUARE 
under at most two folds. Every five (six) points are the 
images of the VERTICES of suitable regular PENTAGON 
(HEXAGON) under at most five (six) folds. The least 
number of folds required for n > 4 is not known, but 
some bounds are. In particular, every set of n points is 
the image of a suitable REGULAR n-gon under at most 
F(n) folds, where 


l1(3n — 2) for n even 
< E 
Fin) < { Ln — 3) for n odd. 
The first few values are 0, 2, 3, 5, 6, 8, 9, 11, 12, 14, 15, 
17, 18, 20, 21, ... (Sloane’s A007494). 


see also FLEXAGON, MAP FOLDING, ORIGAMI 
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Foliation 

Let M” be an n-MANIFOLD and let F = {Fa} denote 
a PARTITION of M into DISJOINT path-connected SUB- 
SETS. Then F is called a foliation of M of codimension 
c (with 0 < c < n) if there EXISTS a COVER of M by 
OPEN SETS U, each equipped with a HOMEOMORPHISM 
h: U — R” orh : U - R} which throws each nonempty 
component of Fa NU onto a parallel translation of the 
standard HYPERPLANE IR” © in R”. Each Fa is then 
called a LEAF and is not necessarily closed or compact. 


see also LEAF (FOLIATION), REEB FOLIATION 
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Folium 


The word “folium” means leaf-shaped. The polar equa- 
tion is 

r = cos 0(4a sin” 6 — b). 
If b > 4a, it is a single folium. If b = 0, it is a BIFOLIUM. 
If 0 < b< 4a, it is a TRIFOLIUM. The simple folium is 
the PEDAL CURVE of the DELTOID where the PEDAL 
POINT is one of the CUSPS. 


see also BIFOLIUM, FOLIUM OF DESCARTES, KEPLER’S 
FOLIUM, QUADRIFOLIUM, ROSE, TRIFOLIUM 
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Folium of Descartes 


A plane curve proposed by Descartes to challenge Fer- 
mat’s extremum-finding techniques. In parametric form, 


sat | 
A (1) 
3at? 


The curve has a discontinuity at t = —1. The left wing 
is generated as t runs from —1 to 0, the loop as £ runs 
from 0 to oo, and the right wing as t runs from —oo to 
—1. 


The CURVATURE and TANGENTIAL ANGLE of the folium 
of Descartes, illustrated above, are 

d= aa 

WW) = 31448 — 48 — 408 + Ate + £8)3/2 


1 1 (1-28 1 {2-1 
ott) = 5 a+ tan (Fe) ten G : 


Fontené Theorems 


Converting the parametric equations to POLAR COOR- 
DINATES gives 


2 BGA +t) 


(1 +13)? (5) 
0 = tan`! (2) = tan‘ t, (6) 

so e 
dð = “giao (7) 


The AREA enclosed by the curve is 


00 2 2 
a=} | Pa} (3at) (1 +t) dt 
0 


GFE 1+2 
o [ 3 dt 
a / a De (8) 


Now let u = 1 + t? so du = 3t? dt 


Ni 


Udy 
(9) 
In CARTESIAN COORDINATES, 
ss (3at)®(1+4t°) (3a) 
ety = “ürer > +e 3ary (10) 


(MacTutor Archive). The equation of the ASYMPTOTE 


is 
y= —-a-v. (11) 
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Follows 
see SUCCEEDS 


Fontené Theorems 


1. If the sides of the PEDAL TRIANGLE of a point 
P meet the corresponding sides of a TRIANGLE 
AO¡O0203 at X1, X2, and X3, respectively, then 
P,X1, P2X2, P3X3 meet at a point L common to 
the CIRCLES 010203 and Pı PaP. In other words, 
L is one of the intersections of the NINE-POINT CIR- 
CLE of A; 4243 and the PEDAL CIRCLE of P. 


2. If a point moves on a fixed line through the CIRCUM- 
CENTER, then its PEDAL CIRCLE passes through a 
fixed point on the NINE-POINT CIRCLE. 


Foot 


3. The PEDAL CIRCLE of a point is tangent to the 
NINE-POINT CIRCLE IFF the point and its [SoGo- 
NAL CONJUGATE lie on a LINE through the ORTHO- 
CENTER. FEUERBACH’S THEOREM is a special case 
of this theorem. 


see also CIRCUMCENTER, FEUERBACH’S THEOREM, 
ISOGONAL CONJUGATE, NINE-POINT CIRCLE, ORTHO- 
CENTER, PEDAL CIRCLE 
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Foot 
see PERPENDICULAR FOOT 


For All 
If a proposition P is true for all B, this is written PVB. 


see also ALMOST ALL, EXISTS, QUANTIFIER 


Forcing 

A technique in SET THEORY invented by P. Cohen 
(1963, 1964, 1966) and used to prove that the AXIOM OF 
CHOICE and CONTINUUM HYPOTHESIS are independent 
of one another in ZERMELO-FRAENKEL SET THEORY. 


see also AXIOM OF CHOICE, CONTINUUM HYPOTHESIS, 
SET THEORY, ZERMELO-FRAENKEL SET THEORY 
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Ford Circle 


Pick any two INTEGERS h and k, then the CIRCLE of 
RADIUS 1/(2k*) centered at (h/k, 1/(2k*)) is known as 
a Ford circle. No matter what and how many hs and ks 
are picked, none of the Ford circles intersect (and all are 
tangent to the x-AxIs). This can be seen by examining 
the squared distance between the centers of the circles 
with (h, k) and (A*,k'), 


2 
2 (h_P a E 
e= (e 3 taz) O 
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Let s be the sum of the radii 


1 
s= r1 +r = 23 Y op, (2) 


then y 
2 2 h'k— hk) —i 
an E ee (3) 


But (h’k — k'h)? > 1, so de — s? > 0 and the dis- 
tance between circle centers is > the sum of the CIR- 
CLE RADII, with equality (and therefore tangency) IFF 
|h'k — k'h| = 1. Ford circles are related to the FAREY 
SEQUENCE (Conway and Guy 1996). 


see also ADJACENT FRACTION, FAREY SEQUENCE, 
STERN-BROCOT TREE 
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Ford’s Theorem 
Let a, b, and k be INTEGERS with k > 1. For 7 = 0, 1, 


2, let 
y Ey ES a, 


i=0 
i=j (mod 3) 


Sj 


Then 
2a? +ab+b7)** = (So - S1) + (S1 — S2)* + (S2 — So)”. 


see also BHARGAVA’S DIOPHANTINE 


EQUATION—QUARTIC 


THEOREM, 
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Forest 

A GRAPH without any CIRCUITS (CYCLES), which 
therefore consists only of TREES. A forest with k com- 
ponents and n nodes has n — k EDGES. 


Fork 


see TREE 


Form 


see CANONICAL FORM, CUSP FORM, DIFFERENTIAL 
k-FORM, FORM (GEOMETRIC), FORM (POLYNOMIAL), 
MODULAR FORM, NORMAL FORM, PFAFFIAN FORM, 
QUADRATIC FORM 
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Form (Geometric) 
A 1-D geometric object such as a PENCIL or RANGE. 


Form (Polynomial) 
A HOMOGENEOUS POLYNOMIAL in two or more varl- 
ables. 


see also DISCONNECTED FORM, k-FORM 


Formal Logic 
see SYMBOLIC LOGIC 


Formosa Theorem 
see CHINESE REMAINDER THEOREM 


Formula 

A mathematical equation or a formal logical expression. 
The correct Latin plural form of formula is “formu- 
lae,” although the less pretentious-sounding “formulas” 
is used more commonly. 


see also ARCHIMEDES’ RECURRENCE FORMULA, BAYES’ 
FORMULA, BENSON’S FORMULA, BESSEL’S FINITE DIF- 
FERENCE FORMULA, BESSEL’S INTERPOLATION FOR- 
MULA, BESSEL’S STATISTICAL FORMULA, BINET’S FOR- 
MULA, BINOMIAL FORMULA, BRAHMAGUPTA’S FOR- 
MULA, BRENT-SALAMIN FORMULA, BRETSCHNEIDER’S 
FORMULA, BRIOSCHI FORMULA, CALDERON’S FOR- 
MULA, CARDANO’S FORMULA, CAUCHY’S FORMULA, 
CAUCHY’S COSINE INTEGRAL FORMULA, CAUCHY 
INTEGRAL FORMULA, CHASLES-CAYLEY-BRILL FOR- 
MULA, CHEBYSHEV APPROXIMATION FORMULA, CHRIS- 
TOFFEL-DARBOUX FORMULA, CHRISTOFFEL FOR- 
MULA, CLAUSEN FORMULA, CLENSHAW RECURRENCE 
FORMULA, DESCARTES-EULER POLYHEDRAL FOR- 
MULA, DESCARTES’ FORMULA, DIRICHLET’S FORMULA, 
DIXON-FERRAR FORMULA, DOBINSKI’S FORMULA, DU- 
PLICATION FORMULA, ENNEPER-WEIERSTRAB PARAM- 
ETERIZATION, EULER CURVATURE FORMULA, EULER 
FORMULA, EULER-MACLAURIN INTEGRATION FORMU- 
LAS, EULER POLYHEDRAL FORMULA, EULER TRIANGLE 
FORMULA, EVERETT’S FORMULA, EXPONENTIAL SUM 
FORMULAS, FAULHABER’S FORMULA, FRENET FORMU- 
LAS, GAUSS’S BACKWARD FORMULA, GAUSS-BONNET 
FORMULA, GAUSS’S FORMULA, GAUSS’S FORWARD 
FORMULA, GAUSS MULTIPLICATION FORMULA, GAUSS- 
SALAMIN FORMULA, GIRARD’S SPHERICAL EXCESS 
FORMULA, GOODMAN’S FORMULA, GREGORY’S FOR- 
MULA, GRENZ-FORMEL, GRINBERG FORMULA, HAL- 
LEY’S IRRATIONAL FORMULA, HALLEY’S RATIONAL 
FORMULA, HANSEN-BESSEL FORMULA, HERON’S FOR- 
MULA, HOOK LENGTH FORMULA, JACOBI ELLIP- 
TIC FUNCTIONS, JENSEN’S FORMULA, JONAH FOR- 
MULA, Kac FORMULA, KNESER-SOMMERFELD FOR- 
MULA, KUMMER’S FORMULAS, LAISANT’S RECUR- 
RENCE FORMULA, LANDEN’S FORMULA, LEFSHETZ 
FIXED POINT FORMULA, LEFSHETZ TRACE FOR- 
MULA, LEGENDRE DUPLICATION FORMULA, LEGEN- 
DRE’S FORMULA, LEHMER’S FORMULA, LICHNEROWICZ 
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FORMULA, LICHNEROWICZ-WEITZENBOCK FORMULA, 
LOBACHEVSKY’S FORMULA, LOGARITHMIC BINOMIAL 
FORMULA, LUDWIG’S INVERSION FORMULA, MACHIN’S 
FORMULA, MACHIN-LIKE FORMULAS, MEHLER’S BES- 
SEL FUNCTION FORMULA, MEHLER’S HERMITE POLY- 
NOMIAL FORMULA, MEISSEL’S FORMULA, MENSURA- 
TION FORMULA, MOBIUS INVERSION FORMULA, MOR- 
LEY’S FORMULA, NEWTON’S BACKWARD DIFFER- 
ENCE FORMULA, NEWTON-COTES FORMULAS, NEW- 
TON’S FORWARD DIFFERENCE FORMULA, NICHOL- 
SON’S FORMULA, PASCAL'S FORMULA, PICK’S FOR- 
MULA, POINCARE FORMULA, POISSON’S BESSEL FUNC- 
TION FORMULA, POISSON’S HARMONIC FUNCTION 
FORMULA, POISSON SUM FORMULA, POLYHEDRAL 
FORMULA, PROSTHAPHAERESIS FORMULAS, QUADRA- 
TIC FORMULA, QUADRATURE FORMULAS, RAYLEIGH’S 
FORMULAS, RIEMANN’S FORMULA, RODRIGUES FOR- 
MULA, ROTATION FORMULA, SCHLAFLI’S FORMULA, 
SCHROTER’S FORMULA, SCHWENK’S FORMULA, SEG- 
NER’S RECURRENCE FORMULA, SERRET-FRENET FOR- 
MULAS, SHERMAN-MORRISON FORMULA, SOMMER- 
FELD’S FORMULA, SONINE-SCHAFHEITLIN FORMULA, 
STEFFENSON’S FORMULA, STIRLING’S FINITE DIF- 
FERENCE FORMULA, STIRLING’S FORMULA, STRASSEN 
FORMULAS, THIELE’S INTERPOLATION FORMULA, 
WALLIS FORMULA, WATSON’S FORMULA, WATSON- 
NICHOLSON FORMULA, WEBER’S FORMULA, WEBER- 
SONINE FORMULA, WEYRICH’S FORMULA, WOODBURY 
FORMULA 
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Fortunate Prime 
2000 


1500 
es 
wœ 1000 


500 


Let 
Xk =1 + px, 


where pz is the kth PRIME and p# is the PRIMORIAL, 
and let qk be the NEXT PRIME (¡.e., the smallest PRIME 
greater than Xy), 


Qk = Pi+r(Xp) — Pler(1+pr A) > 


Forward Difference 


where r(n) is the PRIME COUNTING FUNCTION. Then 
R. F. Fortune conjectured that Fk = qk — Xk + 1 is 
PRIME for all k. The first values of Fk are 3, 5, 7, 13, 
23, 17, 19, 23, ... (Sloane’s A005235), and all known 
values of Fx are indeed PRIME (Guy 1994). The indices 
of these primes are 2, 3, 4, 6, 9, 7, 8, 9, 12, 18, .... In 
numerical order with duplicates removed, the Fortunate 
primes are 3, 5, 7, 13, 17, 19, 23, 37, 47, 59, 61, 67, 71, 
79, 89, ... (Sloane's A046066). 

see also ANDRICA’S CONJECTURE, PRIMORIAL 
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Forward Difference 
The forward difference is a FINITE DIFFERENCE defined 
by 

Afp = Fo+1 fp. (1) 


Higher order differences are obtained by repeated oper- 
ations of the forward difference operator, so 


A” fo = Ap” = A(Ap) = Alfp+1 — fp) 
= Apy1 — Ap = fp+2 — 2fp+1 + fp- (2) 


In general, 


k 
ses 0 
m=0 


where ( i ) is a BINOMIAL COEFFICIENT. 


NEWTON’S FORWARD DIFFERENCE FORMULA expresses 
fp as the sum of the nth forward differences 


fp = fot pAo+ plo + 1)Ag + P(p+1)(pt+ DA Eec 

(4) 
where Aj is the first nth difference computed from the 
difference table. 


see also BACKWARD DIFFERENCE, CENTRAL DIFFER- 
ENCE, DIFFERENCE EQUATION, DIVIDED DIFFERENCE, 
RECIPROCAL DIFFERENCE 
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Fountain 

An (n,k) fountain is an arrangement of n coins in rows 
such that exactly k coins are in the bottom row and each 
coin in the (i + 1)st row touches exactly two in the ith 
row. 
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Four Coins Problem 
/ / 


B b' c' C 
ns Ss al 
Given three coins of possibly different sizes which are 
arranged so that each is tangent to the other two, find 
the coin which is tangent to the other three coins. The 
solution is the inner SODDY CIRCLE. 


b 


see also APOLLONIUS CIRCLES, APOLLONIUS’ PROB- 
LEM, ARBELOS, BEND (CURVATURE), CIRCUMCIRCLE, 
CoIN, DESCARTES CIRCLE THEOREM, HART’S THEO- 
REM, PAPPUS CHAIN, SODDY CIRCLES, SPHERE PACK- 
ING, STEINER CHAIN 
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Four-Color Theorem 

The four-color theorem states that any map in a PLANE 
can be colored using four-colors in such a way that re- 
gions sharing a common boundary (other than a sin- 
gle point) do not share the same color. This prob- 
lem is sometimes also called GUTHRIE’S PROBLEM after 
F. Guthrie, who first conjectured the theorem in 1853. 
The CONJECTURE was then communicated to de Mor- 
gan and thence into the general community. In 1878, 
Cayley wrote the first paper on the conjecture. 


Fallacious proofs were given independently by Kempe 
(1879) and Tait (1880). Kempe’s proof was accepted for 
a decade until Heawood showed an error using a map 
with 18 faces (although a map with nine faces suffices 
to show the fallacy). The HEAWOOD CONJECTURE pro- 
vided a very general result for map coloring, showing 
that in a GENUS 0 SPACE (i.e., either the SPHERE or 
PLANE), six colors suffice. This number can easily be 
reduced to five, but reducing the number of colors all 
the way to four proved very difficult. 


Finally, Appel and Haken (1977) announced a computer- 
assisted proof that four colors were SUFFICIENT. How- 
ever, because part of the proof consisted of an exhaus- 
tive analysis of many discrete cases by a computer, some 
mathematicians do not accept it. However, no flaws 
have yet been found, so the proof appears valid. A 
potentially independent proof has recently been con- 
structed by N. Robertson, D. P. Sanders, P. D. Seymour, 
and R. Thomas. 
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Martin Gardner (1975) played an April Fool's joke by 
(incorrectly) claiming that the map of 110 regions illus- 
trated below requires five colors and constitutes a coun- 
terexample to the four-color theorem. 


see also CHROMATIC NUMBER, HEAWOOD CONJEC- 
TURE, MAP COLORING, SIX-COLOR THEOREM 
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Four- Vertex Theorem 


Four Travelers Problem 

Let four LINES in a PLANE represent four roads in GEN- 
ERAL POSITION, and let one traveler T; be walking along 
each road at a constant (but not necessarily equal to any 
other traveler’s) speed. Say that two travelers T; and T; 
have “met” if they were simultaneously at the intersec- 
tion of their two roads. Then if 7; has met all other 
three travelers (T2, T3, and T4) and T2, in addition to 
meeting Tı, has met 73 and T4, then T3 and T4 have 
also met! 
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Four- Vector 
A four-element vector 


,; (1) 


2 & A & 


which transforms under a LORENTZ TRANSFORMATION 
like the POSITION FOUR-VECTOR. This means it obeys 


a =M£a (2) 
Qu dy = ayb” (3) 


where Af is the LORENTZ TENSOR. Multiplication of 

two four-vectors with the METRIC g,. gives products of 
the form 

012 1,2 242 312 

guita = (a Y — (£ Y =(<) (2). (5) 

In the case of the POSITION FOUR-VECTOR, x° = ct 


(where c is the speed of light) and this product is an 
invariant known as the spacetime interval. 


see also GRADIENT FOUR-VECTOR, LORENTZ TRANS- 
FORMATION, POSITION FOUR-VECTOR, QUATERNION 
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Four- Vertex Theorem 

A closed embedded smooth PLANE CURVE has at least 
four vertices, where a vertex is defined as an extremum 
of CURVATURE. 


see also CURVATURE 
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Fourier-Bessel Series 


Fourier-Bessel Series 


see BESSEL FUNCTION FOURIER EXPANSION, SCHLÓ- 
MILCH’S SERIES 


Fourier-Bessel Transform 
see HANKEL TRANSFORM 


Fourier Cosine Series 
If f(x) is an EVEN FUNCTION, then db, = 0 and the 
FOURIER SERIES collapses to 


f(x) = tao + ye an cosí(nz), (1) 


n=1 


where 


I 


Qo 


Lf todt] star (a 


Lf fíz)cos(nx) dx 


tl 


an 


2 | f(x) cos(nx) dz, (3) 
FT Jo 
where the last equality is true because 


f(x) cos(nx) = f(—x) cos(—nz). (4) 


Letting the range go to L, 
1 fe 
ao = if f(x) dz (5) 
0 


ee 2f f(x) cos (=) dz. (6) 


see also EVEN FUNCTION, FOURIER COSINE TRANS- 
FORM, FOURIER SERIES, FOURIER SINE SERIES 


Fourier Cosine Transform 
The Fourier cosine transform is the REAL PART of the 
full complex FOURIER TRANSFORM, 


Feos(f(z)] = R[F[f(2)]). 


see also FOURIER SINE TRANSFORM, FOURIER TRANS- 
FORM 
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Fourier Integral 
see FOURIER TRANSFORM 
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Fourier Matrix 
The n x n SQUARE MATRIX F,, with entries given by 


Fis = ernigk/n (1) 


for j,k = 1, 2,..., n, and normalized by 1/,/n to make 
it a UNITARY. The Fourier matrix Fe is given by 


1 |1 1 
Fa == É ac (2) 


1 1 1 1 
SO 
er on, 1 i2 44 ¿8 
ya 1 ¡a woo ae 
1 1 1 1 1 
_ 1 1 ? 1-3? 1 
= 321 =] 11 1 
1 —4 1 2? 1 
(3) 
In general, 


P Dn Fa even-odd 
Fan = hk ea | a | shuffle | (4) 


lna Da. /2 
Fa = In/2 —D»/2 
| | 7 ln /2 Do. /2 
lnja —Dn/2 
Fie even-odd 
Eno 0, 2 (mod 4) 
j i Fie even-odd |? (5) 


Er. /2 E, 3 (mod 4) 


where Ín is the n x n IDENTITY MATRIX. Note that the 
factorization (which is the basis of the FAST FOURIER 
TRANSFORM) has two copies of F2 in the center factor 
MATRIX. 


see also FAST FOURIER TRANSFORM, FOURIER TRANS- 
FORM 
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Fourier-Mellin Integral 
The inverse of the LAPLACE TRANSFORM 


1 ae sine 
P() = LI) = z i e“ f(s) ds 


“Y—io00 


f(s) = L[F(8)] = / FO" dt. 


see also BROMWICH INTEGRAL, LAPLACE TRANSFORM 
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Fourier Series 
Fourier series are expansions of PERIODIC FUNCTIONS 
f(x) in terms of an infinite sum of SINES and COSINES 


= Ss An cos(nz) + y bn sin(no). (1) 


Fourier series make use of the ORTHOGONALITY rela- 
tionships of the SINE and COSINE functions, which can 
be used to calculate the coefficients a, and bn in the 
sum. The computation and study of Fourier series is 
known as HARMONIC ANALYSIS. 


To compute a Fourier series, use the integral identities 


/ sin(mz) sin{nz) de = rómn for nım #0 (2) 


J cos(mz) cos(nx) dx = nmn for nım #0 (3) 


[ sin(mx) cos(nx) dx = 0 (4) 


TT 


J eee ee (5) 


f cos(mz) dx = 0, (6) 


T 


where dmn is the KRONECKER DELTA. Now, expand 
your function f(x) as an infinite series of the form 


oo 


f(x) = >. an cos(nx) + ` bn sin(nz) 


n=0 n=0 


= Lao + y an cos(nz) + E bn sin(nz), (7) 
n=l 


n=l 


where we have relabeled the ay = 2a; term for future 
convenience but left a, = a,. Assume the function is 
periodic in the interval [—7, 7]. Now use the orthogo- 
nality conditions to obtain 


J E 


-f Y an cos(nz) + 2 bn sin(na) + ja e 


TL 


= y] [an cos(nx) + bn sin(nz)] dz + tao / dx 
n=1° ZT =e 


=> (0 + 0) + mao = Tao (8) 
m=1 


Fourier Series 


and 


| l f (2) sin(me) de 


= |. = An cos(na) + y bn sin(nz) + ja 


>" | n=1 n=l 


x sin(mz) dx 


= Ss J [an cos(nx) sin(mz) + bn sin(nx) sin(mx)| de 


+340 l sin(mz) du 


-rT 


n=1 


f Kaycos(ma) de = a » aa) 


e T" La=1 


+ ` bn sin(ng) + jeo cos(mx) dz 
=1 


=> / [an cos(nx) cos(mz) 
n=1 Y 7T 
+bn sin(nz) cos(mz)] de + han | cos(mz) de 


=m 


= Y (antómn +0) +0= ram. (10) 
n=1 
Plugging back into the original series then gives 
1 T 
ao = 1 f(x) dz (11) 
T + 


5 = F f(x) cos(nz) dz (12) 


bn 


= f a (13) 


for n = 1, 2, 3, .... The series expansion converges to 
the function f (equal to the original function at points 
of continuity or to the average of the two limits at points 
of discontinuity) 


a AA f(z) F lim, +29 + f(2)| 

for =n < to <r (14) 
5 Pi ees f(x) + lima. _ f(x)] 

for tp =-—T,T 


=h] 
Hi 


if the function satisfies the DIRICHLET CONDITIONS. 


TO TRANSCEIVER 


Fig. 11-6. Coax switch schematic. | Jg ANTENNA TO ANTENNA 


TOGGLE SWITCH 


quite easy to construct, and is inexpensive. Total cost for the 
project was under nineteen dollars. 

The oscillator is a Motorola MC144110CP chip using a 1 MHz 
crystal. The chip generates both the high and low tones, feeding 
the energy to the amplifier through the 1k resistors and the 
l-microfarad capacitor. Values for the output resistors can vary 
from a few hundred ohms to about 60 kilohms. The value of the 
resistor shunting the crystal can vary from about three to fifteen 
megohms. 

The amplifier consists of an LM-380N. This is one of the 
handiest linear chips around. It can output as much as two watts of 
audio with a minimum of components. In the configuration shown 
(this configuration may be used for just about any audio amp 
application, as a look around my shack will be evidence), input from 
the oscillator is fed to the inverting input. The value of this compo- 
nent may vary from about 470 pF to about .003 microfarads. The 
4.7k resistor controls the tone of the outputted signal. If desired, a 
pot may be substituted for the fixed resistor, and any tone which 
will both work and please the operator's ears may be selected. 
Output is taken through a 25-microfarad capacitor and an 8-ohm 
speaker. The 380 is designed to operate into 8-ohms loads. The 
value of the capacitor may range from about 18 microfarads to well 
over 100. For 12-volt operation, change the 4.7k resistor between 
pins 2 and 6 of the LM380 to a 1k and add a .01 uF capacitor 
between 6 and ground. 

Construction is easy. 1 built mine on a small piece of vector- 
board using telephone wire to make connections. A later model 
was built using a PC board. It is highly recommended that an IC 
socket be used for the MC14410CP. I used sockets on both chips. 
They are inexpensive and can save a lot of grief! An old transistor 
radio box was used to house the unit and keyboard. I used the 
Chomerics EF-21360 keyboard. The terminals will only stand very 
brief periods of heat, as evidenced by the fact that I ruined one 
while overzealously trying to attain a good connection. On the 
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Near points of discontinuity, a “ringing” known as the 
GIBBS PHENOMENON, illustrated below, occurs. For 
a function f(x) periodic on an interval [—L, L], use a 
change of variables to transform the interval of integra- 
tion to [—1,1]. Let 

TE 


r= — (15) 


ndr 


dz = (16) 


Solving for x’, x’ = La/n. Plugging this in gives 


= narr 
f(z) = ao + ya cos ( T ) 


ao = ġ f, F(x’) da" 
= + T f(x’) cos (==) dz’ | (18) 
þa = F f(x") sin (23) dx' 


If a function is EVEN so that f(x) = f(-x), then 
f(x) sin(nz) is ODD. (This follows since sin(nz) is ODD 
and an EVEN FUNCTION times an ODD FUNCTION is an 
ODD FUNCTION.) Therefore, bn = 0 for all n. Simi- 
larly, if a function is ODD so that f(x) = f(—x), then 
f(x) cos(nx) is ODD. (This follows since cos(nx) is EVEN 
and an EVEN FUNCTION times an ODD FUNCTION is an 
ODD FUNCTION.) Therefore, an = 0 for all n. 


2 
3 
! 


Because the SINES and COSINES form a COMPLETE 
ORTHOGONAL BASIS, the SUPERPOSITION PRINCIPLE 
holds, and the Fourier series of a linear combination of 
two functions is the same as the linear combination of 
the corresponding two series. The COEFFICIENTS for 
Fourier series expansions for a few common functions 
are given in Beyer (1987, pp. 411-412) and Byerly (1959, 


p. 51). 
The notion of a Fourier series can also be extended to 


COMPLEX COEFFICIENTS. Consider a real-valued func- 
tion f(x). Write 


jed Aw (19) 


n= — 09 
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OO 


Now examine 
À | A,e™ ¿HE de 


J flaje "”” i= | 


= y Aa a eT dr 


n=— 00 


= `S An | {cos[(n — m)z] + ¿sin[(n — m)z]} dz 


n= -— oo 


= Y An2irómn =27Am, (20) 


m= — oa 


SO 


Án = = f flaje*"”? dz. (21) 


The COEFFICIENTS can be expressed in terms of those 
in the FOURIER SERIES 


A= = f(x)[cos(naz) — isin(na)] de 


= dees f(x)[cos(nz) + isin(nz) dr n<0 
= ee f(x) dz 


57 y fla) [cos(nx) — ¿sin(nx)] de n>o0 


n=0 


$(an + ibn) n<0 
= žao n=0 (22) 
5 (an Toe ibn) n > 0. 


For a function periodic in [— L, L], these become 


fa) = y Ap TED) (23) 
y pel | 
An = al flaye Braz dg, (24) 
lap 


These equations are the basis for the extremely impor- 
tant FOURIER TRANSFORM, which is obtained by trans- 
forming A, from a discrete variable to a continuous one 
as the length L — oo. 


see also DIRICHLET FOURIER SERIES CONDITIONS, 
FOURIER COSINE SERIES, FOURIER SINE SERIES, 
FOURIER TRANSFORM, GIBBS PHENOMENON, LEBES- 
GUE CONSTANTS (FOURIER SERIES), LEGENDRE SE- 
RIES, RIESZ-FISCHER THEOREM, SCHLOMILCH’S SERIES 
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Fourier Series—-Power Series 
For f(z) = x* on the INTERVAL [—L,L) and periodic 
with period 2L, the FOURIER SERIES is given by 


1 h NTE 
n= if a” cos (=) dz 


Inr L* A 


A 1+3k -mn ) 
2 +k ' 


3 2414 4 


2 


where ¡F2(a;b,c;x) is a generalized HYPERGEOMETRIC 
FUNCTION. 


Fourier Series—Right Triangle 


0.5 1 1.5 2 


Consider a string of length 2L plucked at the right end, 
then 


a ae A 1 pn? 
“Ejo 2E 212127 10 4p? 


2L 
= 2 = cos (=) dx 
a 2L L 


n?m? 


Fourier Series—Triangle 


1 da x NIL 
m=z | az sin (0) de 


_ —2nmcos(2nm)+sin(Q2n7) 1 
g 2n? 772 O nT 


The Fourier series is therefore 


1 — 1. NTE 
z nl L ). 


n=l 


Nile 


f(z) = 


see also FOURIER SERIES 


Fourier Series—Square Wave 


SN 


| ye i Ñ 


Consider a square wave of length 2L. Since the function 
is ODD, 40 = an = 0, and 


an e 4 o n even 
NT 2 nr 11 nodd. 
The Fourier series is therefore 
4 $ 1 
AS 


see also FOURIER SERIES, SQUARE WAVE 


Fourier Series— Triangle 


1 1 


o 
in 
PR 
PR 
un 
tu 
o 
Ln 
Pp 
m 
n 
BI 


0.5 1 1.5 2 0.5 1 1.5 2 


Let a string of length 2L have a y-displacement of unity 
when it is pinned an z-distance which is (1/m)th of the 
way along the string. The displacement as a function of 
x is then 


fate) = 4 ped 
e= A ih (g-1) Mca cde, 


Fourier Series—Triangle Wave 
The COEFFICIENTS are therefore 


1 a 2L j pa 
=> Ma ea 
i i |/ 2L z+ | Ga | 


=k 
m [1 — m — cos(2mn) + m cos (22), 


— 2(m — 1)n?x? 
m? [cos (22) — 1] 
 2(m-— 1)n? x? 
ne m [m sin (2) — sin(27m)| 
a 2(m — 1)n?r? 
m sin (22) 


= 2(m — 1)n?7?- 


The Fourier series is therefore 


If m = 2, then a, and b, simplify to 


_ in“(1 js 4 r m= Lo aa 
on n?n? i a ae n?n72 (1 n=1,3,... 
Da = 0; 

giving 
4 = 1 NNE 
fo(z) = 5 - 72 y on (=5) l 
n=1,3,5,... 


see also FOURIER SERIES 


Fourier Series—Triangle Wave 


Consider a triangle wave of length 2L. Since the function 
is ODD, 40 = An = 0, and 


2 Hie T NTE 
=f pa (07) ae 


(—1)-2)/? for n odd 
0 for n even. 


0 T 

ee MAS ME 

= qp2p2 ) 0 A + ei 
-i A eel ee 


Fourier-Stieltjes Transform 667 


The Fourier series is therefore 


8 a (-1L) YD? /nr 
Wes 2. a 
n=1,3,5,... 


see also FOURIER SERIES 
Fourier Sine Series 


If f(x) is an ODD FUNCTION, then a, = 0 and the 
FOURIER SERIES collapses to 


f(z) = ) bn sin(ne), (1) 


where 


Da + | f(x) sin(nz) dx = z | f(x) sin(nz) de 
(2) 


for n = 1, 2, 3, .... The last EQUALITY is true because 
f(z) sin(na) = [-f(—2)][-sin(—ne)} 
= f(—«x)sin(—nz). (3) 
Letting the range go to L, 
> NTE 


see also FOURIER COSINE SERIES, FOURIER SERIES, 
FOURIER SINE TRANSFORM 


Fourier Sine Transform 
The Fourier sine transform is the IMAGINARY PART of 
the full complex FOURIER TRANSFORM, 


Fsin[f(2)] = SIF[F(z)]1. 


see also FOURIER COSINE TRANSFORM, FOURIER 
TRANSFORM 
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Fourier-Stieltjes Transform 

Let f(x) be a positive definite, measurable function on 
the INTERVAL (—oo, co). Then there exists a monotone 
increasing, real-valued bounded function a(t) such that 


fía) = / e"? dat) 
for “ALMOST ALL” x. If a(t) is nondecreasing and 
bounded and f(x) is defined as above, then f(z) is called 
the Fourier-Stieltjes transform of a(t), and is both con- 
tinuous and positive definite. 
see also FOURIER TRANSFORM, LAPLACE TRANSFORM 
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Fourier Transform 
The Fourier transform is a generalization of the COM- 


PLEX FOURIER SERIES in the limit as L —> 00. Replace 


the discrete A, with the continuous F(k) dk while let- 
ting n/L —> k. Then change the sum to an INTEGRAL, 
and the equations become 


f(x) = J F(k)e*"*** dk (1) 
r= f Hayes da. 2) 

Here: 
F(k) = F[f(#)] = / - flee 7" de (8) 


is called the forward (—1) Fourier transform, and 


00 


f(a) = FF(K)] = / EMT dk (4) 


— 00 


is called the inverse (+i) Fourier transform. Some au- 
thors (especially physicists) prefer to write the trans- 
form in terms of angular frequency w = 2z7v instead of 
the oscillation frequency v. However, this destroys the 
symmetry, resulting in the transform pair 


H(v) = F[h(t)] -| h(tje to? dt | (5) 


OO 


h(t) =F [H(v)] = = J H(vje* dw. (6) 


In general, the Fourier transform pair may be defined 
using two arbitrary constants A and B as 


F(w)=A / j me?” dt (7) 
B OO 


f(t) = = F(wje *** dw. (8) 


The Mathematica? program (Wolfram Research, Cham- 
paign, IL) calls A the $FourierOverallConstant and B 
the $FourierFrequencyConstant, and defines A = B = 
1 by default. Morse and Feshbach (1953) use B = 1 and 
A = 1/V27. In this work, following Bracewell (1965, 
pp. 6-7), A = 1 and B = —27 unless otherwise stated. 


Since any function can be split up into EVEN and ODD 
portions E(x) and O(z), 


f(x) = 5[f()+f(-2)]+3[f()-f(-2)] = A 
9 


Fourier Transform 


a Fourier transform can always be expressed in terms of 
the FOURIER COSINE TRANSFORM and FOURIER SINE 
TRANSFORM as 


Fg 2) = J E(x) cos(2rkz) dz 


— 00 


—i P O(2)sin(2rkx)dx. (10) 


— 00 


A function f(x) has a forward and inverse Fourier trans- 
form such that 


a ¿2rike es Ha)e + de dk 


for f(x) continuous at x (11) 


zlf(e+) + f(2-)) 


for f(x) discontinuous at z, 


f(z) = 


provided that 
1. e |f(x)| dx exists. 
2. Any discontinuities are finite. 


3. The function has bounded variation. A SUFFI- 
CIENT weaker condition is fulfillment of the LIP- 
SCHITZ CONDITION. 


The smoother a function (i.e., the larger the number of 
continuous DERIVATIVES), the more compact its Fourier 
transform. 


The Fourier transform is linear, since if f(x) and g(x) 
have FOURIER TRANSFORMS F(k) and G(k), then 


Jasa) + boae? as 
= af f(aje7?7*** de + JM g(x)e?"*** de 


co — 00 


= F(k) + G(k). (12) 

Therefore, 
Flaf(x)+bg(2)] = aF[f(x)|+bF [9(x)] = aF DE 
13 


The Fourier transform is also symmetric since F(k) = 
F[F(a)] implies F(-k) = F| (2)]. 


Let f xg denote the CONVOLUTION, then the transforms 
of convolutions of functions have particularly nice trans- 
forms, 


FIF * g] = F[F]F Ig] (14) 

Flfg] = F[f] * Fig] (15) 
FIF(F)+ F(gl=f*g (16) 
F[F(f)* F(g)] = fg. (17) 


Fourier Transform 


The first of these is derived as follows: 


F[f * g] = f f eta aga — a) dx' dx 


=f | terra 


x ¡AO 


g(x — x) de] 


ae / erika’ pa) de 
y / ¿amis (gl) ta" 
— 00 


= F[F]F [g], (18) 


IE O. i 
where 2 =2-2. 


There is also a somewhat surprising and extremely im- 
portant relationship between the AUTOCORRELATION 
and the Fourier transform known as the WIENER- 
KHINTCHINE THEOREM. Let F[f(z)] = F(k), and F* 
denote the COMPLEX CONJUGATE of F, then the FOUR- 
IER TRANSFORM of the ABSOLUTE SQUARE of F(k) is 
given by 


FE)" If Pinfir+ajdr (19) 


The Fourier transform of a DERIVATIVE f'(x) of a func- 
tion f(x) is simply related to the transform of the func- 
tion f(x) itself. Consider 


FLf(a)] = J f'(a)? de, (20) 


Now use INTEGRATION BY PARTS 


[eau [uv] - fud (21) 


with | 
du = f' (2) de v =e mt (22) 
u= f(x) du = —2mike Mts dz, (23) 
then 
F[f'(2)] 


sifa ia bat -f Fl (2) mike TF? dr \. 


(24) 


The first term consists of an oscillating function times 
f(x). But if the function is bounded so that 


lim fíx)=0 (25) 


=>3+00 
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(as any physically significant signal must be), then the 
term vanishes, leaving 


Flf (x)] = anik | Hao)" de = IwikF [f (2). 
J (26) 
This process can be iterated for the nth DERIVATIVE to 
yield 
FIA" (2)] = (2rik)"F[f(2). (27) 
The important MODULATION THEOREM of Fourier 


transforms allows Fl[cos(27k0x)f(x)] to be expressed in 
terms of F|[f(x)] = F(k) as follows, 


F(cos(2rkox)f(x)| = P f(x) cos(2rkoa)e""**" de 
= sf 00 Ce a de 


af f(x)e mamikor a —2mikzx de 


=f f(z) A a kg)z de 
af flaje TTE dy 
= ¿[F(k — ko) + F(k + ko)]. (28) 


Since the DERIVATIVE of the FOURIER TRANSFORM is 
given by 


d Ry —2mikzx 
P)= prirtol= farias de, 
i (29) 
it follows that 
F'(0) = -zri | x f(x) dx. (30) 
Iterating gives the general FORMULA 
oes FW 
The VARIANCE of a FOURIER TRANSFORM is 
oz? = ((xf —(af)), (32) 
and it is true that 
Oftg = Of +g. (33) 


If f(z) has the FOURIER TRANSFORM F(k), then the 
Fourier transform has the shift property 


J fla — goje? de 


= / f(z ae aoe a e—2xtthao) d(x = zo) 


= p Ariko F(k), (34) 
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so f(x — zo) has the FOURIER TRANSFORM 


Ff (x — 20)] = e777 F(R). (85) 


If f(x) has a FOURIER TRANSFORM F(k), then the Four- 
ier transform obeys a similarity theorem. 


J flazje 77" dz 


> A P flan)e Hoz /a) d(az) 


so f(ax) has the FOURIER TRANSFORM |a|~'F (£). 


The “equivalent width” of a Fourier transform is 


SE Fe) dx F(0) 


"= jo Traga C 
The “autocorrelation width” is 
JE fx fdz fe fdz f” f* dx 
Wa = =a = OES, (38) 
(fF * Fo fe Ff de 


where f xg denotes the CROSS-CORRELATION of f and 
g. 


Any operation on f(x) which leaves its AREA unchanged 
leaves F'(0) unchanged, since 


J f(x) dz = F[f(0)] = F(0). (39) 


In 2-D, the Fourier transform becomes 


P(e) = | / f (ke, hy Je" he +*) dk, dky 
oo (40) 
oO oO 
f (ke, ky) = l f F(x, ye" atko) de dy. (41) 


Similarly, the n-D Fourier transform can be defined for 
k, x € R” by 


F(x) = f e / i f(kje EX dk (42) 
— 00 — 00 


f(k) = J Tr J F(x)e?™™*™ dx. (43) 
— — 00 


see also AUTOCORRELATION, CONVOLUTION, DISCRETE 
FOURIER TRANSFORM, FAST FOURIER TRANSFORM, 
FOURIER SERIES, FOURIER-STIELTJES TRANSFORM, 
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HANKEL TRANSFORM, HARTLEY TRANSFORM, INTE- 
GRAL TRANSFORM, LAPLACE TRANSFORM, STRUC- 
TURE FACTOR, WINOGRAD TRANSFORM 
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Fourier Transform—1 
The FOURIER TRANSFORM of the CONSTANT FUNCTION 
f(x) = 1 is given by 


Fl) = J e +42 de = §(k), 


according to the definition of the DELTA FUNCTION. 
see also DELTA FUNCTION 


Fourier Transform—1/x 


Fourier Transform—1/z 
The FOURIER TRANSFORM of the function 1/z is given 
by 


OPV P cos(2rkx) — ¿isin(2rrkzx) iz 
w= OO T 
aa oo Sarka) de fork <0 
= 2i f% sin(27kx) 
= fi = dg for k > 0 
—i fork <0 
E a for k > 0, (1) 


which can also be written as the single equation 


F (-=) sirean] (2) 


TL 


where H(z) is the HEAVISIDE STEP FUNCTION. The 
integrals follow from the identity 


J sin(2rkx) ae = | sin(2rkz) d(Qrkz) 
0 0 


£ 2rkx 


at sinc z dz = $7. (3) 
0 


Fourier Transform—Cosine 


00 E 2rikp9gz —2rikyz 
Flcos(2r7rk92)] =j ii (AA) dx 


oo 


oO 
= | fe ESO) qe y NERO) dx 


oO 


3[8(k — ko) + ô(k + ko)], 


where d(x) is the DELTA FUNCTION. 
see also COSINE, FOURIER TRANSFORM—SINE 


Fourier Transform—Delta Function 
The FOURIER TRANSFORM of the DELTA FUNCTION is 
given by 


Oo 


Fló(x — to)] = / 6(x — goje? dg = e 20, 


oO 


see also DELTA FUNCTION 
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Fourier Transform—Exponential Function 
The FOURIER TRANSFORM of e" *ol7l is given by 


Fle kolehy «J e Kole] —2miko da 


0 oo 
= / a TRE ical dx + f e ` Ttika o- 2rkor de 
—00 0 


0 
= f [cos(2rrkx) — ¿sin(2rkx)]e?"*0"? de 
oO 
+] [cos(2rkx) — ¿sin(2rrkx)]e" 27%? de. (1) 
0 
Now let u = —zx so du = —dz, then 
Fle *olely = / [cos(2rrku) + ¿sin(2rrku)]e?"*9% dy] 
0 
+j [cos(2rku) — ¿sin(2rku)]e”*"*o% du] 
0 


CO 
= 2 | cos(2rku)e?**°™ du, (2) 
0 


which, from the DAMPED EXPONENTIAL COSINE INTE- 
GRAL, gives 


Sonka 1 k | 
Fle?rtolel] — ae (3) 


which is a LORENTZIAN FUNCTION. 


see also DAMPED EXPONENTIAL COSINE INTEGRAL, 
EXPONENTIAL FUNCTION, LORENTZIAN FUNCTION 


Fourier Transform— Gaussian 
The FOURIER TRANSFORM of a GAUSSIAN FUNCTION 
fl) =e * is given by 


F(k) = J pre ekt dy 


co 


= 7 eo [cos(kx) + isin(ka)] dz 


= J gue cos(kx) dz + y) ga sin(kz) dz. 


oO — 00 


The second integrand is EVEN, so integration over a 
symmetrical range gives 0. The value of the first inte- 
gral is given by Abramowitz and Stegun (1972, p. 302, 


equation 7.4.6) 
T —k?/4a 
F k = yz . 
(kt) =/Ze 


so a GAUSSIAN transforms to a GAUSSIAN. 
see also GAUSSIAN FUNCTION 
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Fourier Transform—Heaviside Step Function 


FlH(a)] = f © got H (g) da = > ck) 7 =| | 


oO 


where H(z) is the HEAVISIDE STEP FUNCTION and 6(k) 
is the DELTA FUNCTION. 


see also HEAVISIDE STEP FUNCTION 


Fourier Transform—Lorentzian Function 


1 
| — ¿?rikeo—Prlk] 
T (x — zo)? + (51D)? 


see also LORENTZIAN FUNCTION 


Fourier Transform—Ramp Function 
Let R(x) be the RAMP FUNCTION, then the FOURIER 
TRANSFORM of R(x) is given by 


= —2rikz el 1 
FIR) = J e 782 Rix) de = wid’ (2rk) — EEL 


oO 


where 6'(x) is the DERIVATIVE of the DELTA FUNCTION. 
see also RAMP FUNCTION 


Fourier Transform—Rectangle Function 
Let I(x) be the RECTANGLE FUNCTION, then the 
FOURIER TRANSFORM is 


F (II(x)] = sinc(7k), 


where sinc(x) is the SINC FUNCTION. 
see also RECTANGLE FUNCTION, SINC FUNCTION 


Fourier Transform—Sine 


Oo l 2rivot _ „—2nikor 
F[sin(2rkozx)] -j g UR (A) dx 
7 1 


oo 


oe 2ti(k—ko)e fie UOR] dt 
= 1[6(k + ko) — 6(k — ko)], 


where 6(xz) is the DELTA FUNCTION. 
see also FOURIER TRANSFORM—COSINE, SINE 


Fourier Transform—Heaviside Step Function 


Fractal 


Fox’s H-Function 
A very general function defined by 


H(z) = H7” |- 


(a1, 01), Bie kg a] 
Pq 


(b,, B1), sey (bp, Bp) 


4 l a F (bs — A:s) TJ” TP — a; +08) 
ani J TI’ T(1 — b; + B;s) TT (a; — a;3) 


z" ds, 


j=m-+1 


where 0 <m <q, 0< n <p, œj, ß; > 0, and aj, b; are 
COMPLEX NUMBERS such that the pole of I (b; —G;s) for 
j=1,2,..., m coincides with any POLE of T(1 — a; + 
ajs) for j = 1, 2,..., n. In addition C, is a CONTOUR 
in the complex s-plane from w — ico to w + ¿oo such that 
(b; + k)/ßB; and (a; — 1 — k)/a; lie to the right and left 
of C, respectively. 


see also MACROBERT’S E-FUNCTION, MEIJER’S G- 
FUNCTION 
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Frac 
see FRACTIONAL PART 


Fractal 

An object or quantity which displays SELF-SIMILARITY, 
in a somewhat technical sense, on all scales. The object 
need not exhibit exactly the same structure at all scales, 
but the same “type” of structures must appear on all 
scales. A plot of the quantity on a log-log graph versus 
scale then gives a straight line, whose slope is said to be 
the FRACTAL DIMENSION. The prototypical example 
for a fractal is the length of a coastline measured with 
different length RULERS. The shorter the RULER, the 
longer the length measured, a PARADOX known as the 
COASTLINE PARADOX. 


see also BACKTRACKING, BARNSLEY’S FERN, BOX 
FRACTAL, BUTTERFLY FRACTAL, CACTUS FRACTAL, 
CANTOR SET, CANTOR SQUARE FRACTAL, CAROTID- 
KUNDALINI FRACTAL, CESARO FRACTAL, CHAOS 
GAME, CIRCLES-AND-SQUARES FRACTAL, COASTLINE 
PARADOX, DRAGON CURVE, FAT FRACTAL, FA- 
TOU SET, FLOWSNAKE FRACTAL, FRACTAL DIMEN- 
SION, H-FRACTAL, HÉNON MAP, ITERATED FUNC- 
TION SYSTEM, JULIA FRACTAL, KAPLAN-YORKE MAP, 
KOCH ANTISNOWFLAKE, KOCH SNOWFLAKE, LÉVY 
FRACTAL, LÉVY TAPESTRY, LINDENMAYER SYSTEM, 
MANDELBROT SET, MANDELBROT TREE, MENGER 
SPONGE, MINKOWSKI SAUSAGE, MIRA FRACTAL, NEW- 
TON’S METHOD, PENTAFLAKE, PYTHAGORAS TREE, 
RABINOVICH-FABRIKANT EQUATION, SAN MARCO 
FRACTAL, SIERPINSKI CARPET, SIERPINSKI CURVE, 
SIERPINSKI SIEVE, STAR FRACTAL, ZASLAVSKII MAP 


Fractal 
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Fractal Dimension 

The term “fractal dimension” is sometimes used to refer 
to what is more commonly called the CAPACITY DI- 
MENSION (which is, roughly speaking, the exponent D 
in the expression n(e) = e P, where n(e) is the min- 
imum number of OPEN SETS of diameter e needed to 
cover the set). However, it can more generally refer 
to any of the dimensions commonly used to character- 
ize fractals (e.g., CAPACITY DIMENSION, CORRELATION 
DIMENSION, INFORMATION DIMENSION, LYAPUNOV DI- 
MENSION, MINKOWSKI-BOULIGAND DIMENSION). 


see also BOX COUNTING DIMENSION, CAPACITY DI- 
MENSION, CORRELATION DIMENSION, FRACTAL DI- 
MENSION, HAUSDORFF DIMENSION, INFORMATION 
DIMENSION, LYAPUNOV DIMENSION, MINKOWSKI- 
BOULIGAND DIMENSION, POINTWISE DIMENSION, q- 
DIMENSION 
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Fractal Land 
see CAROTID-KUNDALINI FRACTAL 


Fractal Process 
A 1-D MAP whose increments are distributed according 
to a NORMAL DISTRIBUTION. Let y(t— At) and y(t+At) 


be values, then their correlation is given by the BROWN 


FUNCTION 

part _ 4, 
When H = 1/2, r = 0 and the fractal process corre- 
sponds to 1-D Brownian motion. If H > 1/2, then 
r > 0 and the process is called a PERSISTENT PRO- 
CESS. If H < 1/2, then r < 0 and the process is called 
an ANTIPERSISTENT PROCESS. 


see also ANTIPERSISTENT PROCESS, PERSISTENT PRO- 
CESS 
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Fractal Sequence 
Given an INFINITIVE SEQUENCE {zn} with associated 
array a(i, j), then {x,} is said to be a fractal sequence 


1. If ¿+1 = zn, then there exists m < n such that 
= Dm 

2. If Ah < i, then, for every 7, there is exactly one k such 
that a(i,7) < a(h,k) < a(i, j +1). 

(As i and j range through N, the array A = ali, j), 

called the associative array of x, ranges through all of 

N.) An example of a fractal sequence is 1, 1, 1, 1, 2, 1, 

DDD ENS oly OA 


If {x,} is a fractal sequence, then the associated array is 
an INTERSPERSION. If zx is a fractal sequence, then the 
UPPER-TRIMMED SUBSEQUENCE is given by A(z) = 2, 
and the LOWER-TRIMMED SUBSEQUENCE V(x) is an- 
other fractal sequence. The SIGNATURE of an IRRA- 
TIONAL NUMBER is a fractal sequence. 


see also INFINITIVE SEQUENCE 
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Fractal Valley 
see CAROTID-KUNDALINI FUNCTION 


Fraction 

A RATIONAL NUMBER expressed in the form a/b, where 
a is called the NUMERATOR and b is called the DENOM- 
INATOR. A PROPER FRACTION is a fraction such that 
a/b <1, and a Lowest TERMS FRACTION is a fraction 
with common terms canceled out of the NUMERATOR 
and DENOMINATOR. 


The Egyptians expressed their fractions as sums (and 
differences) of UNIT FRACTIONS. Conway and Guy 
(1999) give a table of Roman NOTATION for fractions, in 
which multiples of 1/12 (the UNCIA) were given separate 
names. 


see also ADJACENT FRACTION, ANOMALOUS CAN- 
CELLATION, CONTINUED FRACTION, DENOMINATOR, 
EGYPTIAN FRACTION, FAREY SEQUENCE, GOLDEN 
RULE, HALF, LOWEST TERMS FRACTION, MEDI- 
ANT, NUMERATOR, PROPER FRACTION, PYTHAGO- 
REAN FRACTION, QUARTER, RATIONAL NUMBER, UNIT 
FRACTION 
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Fractional Calculus 
Fractional Calculus 


Denote the nth DERIVATIVE D” and the n-fold INTE- 
GRAL D`”. Then 


psy = | AE (1) 


DH) = Ga e oia e 


is true for n, then 


(HD ep — p-1 1 gyn 
png =v [7 oro 


-f = Pe-o=10 de de 


(3) 


Interchanging the order of integration gives 
1 t 
poo ero A 
‘Jo 


But (2) is true for n = 1, so it is also true for all n by 
INDUCTION. The fractional integral of f(t) can then be 
defined by 


DS) = 5 / O 


where ['(v) is the GAMMA FUNCTION. 


The fractional integral can only be given in terms of 
elementary functions for a small number of functions. 
For example, 


T r(A+1) a+ 
Dinas N M =] 
Tats for à > —1,v > 0 (6) 
t 
1 
DY at = at v=1 —-azr = E 
e o° / a “e dz (v,a), (7) 


where E,(v, a) is the E¿-FUNCTION. The fractional de- 
rivative of f (if it exists) can be defined by 


DUO =D poe i), (8) 
An example is 
MA +1) 


rA+m—p+1) 
_— TA) a-u 


DY = 


( ) 


D*E,(v,a) = Eix(v — p,a) for v >0,p #0. (10) 


=- — rn = e 
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Fractional Derivative 


It is always true that, for u,v > 0, 
DADAS DA (11) 
but not always true that 


Dp’ = pr, (12) 


see also DERIVATIVE, INTEGRAL 
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Fractional Derivative 
see FRACTIONAL CALCULUS 


Fractional Differential Equation 
The solution to the differential equation 


[D + aD” + bD*}y(t) = 0 
is 
€a(t) — ep (t) 


fora AB 

e EZ y 0 (q — |b)? e) 
fora= 640 

g2u—1 

T(2v) 


for a=8P=0, 


y(t) = 


where 


ea(t)= Y B7*"E,(—kv, p°), 


k=0 


E,(a, x) is the E¿-FUNCTION, and T(n) is the GAMMA 
FUNCTION. 
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Fractional Fourier Transform 
A z-TRANSFORM with 


z= eve [N 
for a % +1. This transform can be used to detect fre- 
quencies which are not INTEGER multiples of the lowest 
DISCRETE FOURIER TRANSFORM frequency. 


see also z-TRANSFORM 
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Fractional Integral 
see FRACTIONAL CALCULUS 


Fractional Part 


-1l 
The function giving the fractional (nonintegral) part of 
a number and defined as 


es ah lee 2 > 0 
fect) = fo E x <0, 


where |x| is the FLOOR FUNCTION. 


see also CEILING FUNCTION, FLOOR FUNCTION, NINT, 
ROUND, TRUNCATE, WHOLE NUMBER 
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Fractran 

Fractran is an algorithm applied to a given list fi, fe, 
.., fk of FRACTIONS. Given a starting INTEGER N, the 

Fractran algorithm proceeds by repeatedly multiplying 

the integer at a given stage by the first element f; given 

an integer PRODUCT. The algorithm terminates when 

there is no such fi. 


The list 
17 78 19 23 29 77 95 77 1 11 13 15 1 55 


91’ 85’ 51’ 38’ 33’ 29? 23’ 19° 17? 13’ 11’ 27” 1 


with starting integer N = 2 generates a sequence 2, 
15, 825, 725, 1925, 2275, 425, 390, 330, 290, 770, .... 
Conway (1987) showed that the only other powers of 2 
which occur are those with PRIME exponent: 2%, 2°, 2°, 
Oe glee 
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Framework 

Consider a finite collection of points p = (p1,...,Pn), 
pi € R* EUCLIDEAN SPACE (known as a CONFIGURA- 
TION) and a graph G whose VERTICES correspond to 
pairs of points that are constrained to stay the same 
distance apart. Then the graph G together with the 
configuration p, denoted G(p), is called a framework. 


see also BAR (EDGE), CONFIGURATION, RIGID 


Franklin Magic Square 
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Benjamin Franklin constructed the above 8 x 8 PAN- 
MAGIC SQUARE having MAGIC CONSTANT 260. Any 
half-row or half-column in this square totals 130, and 
the four corners plus the middle total 260. In addition, 
bent diagonals (such as 52-3-5-54-10-57-63-16) also total 
260 (Madachy 1979, p. 87). 


see also MAGIC SQUARE, PANMAGIC SQUARE 
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Fransén-Robinson Constant 


ye f 42 _ » 3077702420... 
0 T 


where r(x) is the GAMMA FUNCTION. The above plots 
show the functions P(x) and 1/T (x). 


see also GAMMA FUNCTION 
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Fredholm Integral Equation of the Second Kind 


Fréchet Bounds 
Any bivariate distribution function with marginal dis- 
tribution functions F and G satisfies 


max{ F(x) + G(y) — 1,0} < H(a,y) < min{F (x), G(y)}. 


Fréchet Derivative 
A function f is Fréchet differentiable at a if 


on £2) Fo) 


ma TA 


exists. This is equivalent to the statement that ¢ has a 
removable DISCONTINUITY at a, where 


_ f(z) - Ha) 


t—a 


p(z) 


Every function which is Fréchet differentiable is also 
Carathéodory differentiable. 


see also CARATHÉODORY DERIVATIVE, DERIVATIVE 


Fréchet Space 
A complete metrizable SPACE, sometimes also with the 
restriction that the space be locally convex. 


Fredholm Integral Equation of the First 
Kind 
An INTEGRAL EQUATION of the form 


Oe J K(2,t)$(t) de 


E 1 ES F(w) —twe 


see also FREDHOLM INTEGRAL EQUATION OF THE SEC- 
OND KIND, INTEGRAL EQUATION, VOLTERRA INTE- 
GRAL EQUATION OF THE FIRST KIND, VOLTERRA IN- 
TEGRAL EQUATION OF THE SECOND KIND 
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Fredholm Integral Equation of the Second 
Kind 
An INTEGRAL EQUATION of the form 


O(n) = fla) +A / — K(a,t)o(t) dt 
the *** dt 


o1 [F 
Pe a 1 Jam aAK(b) 


see also FREDHOLM INTEGRAL EQUATION OF THE 
FIRST KIND, INTEGRAL EQUATION, NEUMANN $E- 
RIES (INTEGRAL EQUATION), VOLTERRA INTEGRAL 


Free 


EQUATION OF THE FIRST KIND, VOLTERRA INTEGRAL 
EQUATION OF THE SECOND KIND 
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Free 

When referring to a planar object, “free” means that the 
object is regarded as capable of being picked up out of 
the plane and flipped over. As a result, MIRROR IMAGES 
are equivalent for free objects. 


A free abstract mathematical object is generated by n 
elements in a “free manner,” i.e., such that the n ele- 
ments satisfy no nontrivial relations among themselves. 
To make this more formal, an algebraic GADGET X is 
freely generated by a SUBSET G if, for any function 
f: G > Y where Y is any other algebraic GADGET, 
there exists a unique HOMOMORPHISM (which has dif- 
ferent meanings depending on what kind of GADGETS 
you're dealing with) g : X — Y such that g restricted 
to G is f. 


If the algebraic GADGETS are VECTOR SPACES, then 
G freely generates X IFF G is a Basis for X. If the 
algebraic GADGETS are ABELIAN GROUPS, then G freely 
generates X IFF X is a DIRECT SUM of the INTEGERS, 
with G consisting of the standard BASIS. 


see also FIXED, GADGET, MIRROR IMAGE, RANK 


Free Group 

The generators of a group G are defined to be the small- 
est subset of group elements such that all other elements 
of G can be obtained from them and their inverses. A 
GROUP is a free group if no relation exists between its 
generators (other than the relationship between an el- 
ement and its inverse required as one of the defining 
properties of a group). For example, the additive group 
of whole numbers is free with a single generator, 1. 


see also FREE SEMIGROUP 


Free Semigroup 
A SEMIGROUP with a noncommutative product in which 
no PRODUCT can ever be expressed more simply in terms 
of other ELEMENTS. 


see also FREE GROUP, SEMIGROUP 


Free Variable 
An occurrence of a variable in a LOGIC FORMULA which 
is not inside the scope of a QUANTIFIER. 


see also BOUND, SENTENCE 
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Freemish Crate 


AMD 
a 


J VY 


An IMPOSSIBLE FIGURE box which can be drawn but 
not built. 
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Freeth’s Nephroid 


A STROPHOID of a CIRCLE with the POLE O at the CEN- 
TER of the CIRCLE and the fixed point P on the CIR- 
CUMFERENCE of the CIRCLE. In a paper published by 
the London Mathematical Society in 1879, T. J. Freeth 
described it and various other STROPHOIDS (MacTutor 
Archive). If the line through P PARALLEL to the y- AXIS 
cuts the NEPHROID at A, then ANGLE AOP is 37/7, so 
this curve can be used to construct a regular HEPTAGON. 
The POLAR equation is 


r =a[1+2sin(50)). 


see also STROPHOID 
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Freiman’s Constant 
The end of the last gap in the LAGRANGE SPECTRUM, 


given by 


2221564096 + 293748 v 462 


E 491993569 


= 4.5278295661.... 


REAL NUMBERS greater, than F are members of the 
MARKOV SPECTRUM. 
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see also LAGRANGE SPECTRUM, MARKOV SPECTRUM 


References 
Conway, J. H. and Guy, R. K. The Book of Numbers. New 
York: Springer-Verlag, pp. 188-189, 1996. 


French Curve 


French curves are plastic (or wooden) templates having 
an edge composed of several different curves. French 
curves are used in drafting (or were before computer- 
aided design) to draw smooth curves of almost any de- 
sired curvature in mechanical drawings. Several typical 
French curves are illustrated above. 


see also CORNU SPIRAL 


Frenet Formulas 
Also known as the SERRET-FRENET FORMULAS 


T 0 xk 07T[T 
N|=j-k 0 7 N|, 
B O —r 0 B 


where T is the unit TANGENT VECTOR, N is the unit 
NORMAL VECTOR, B is the unit BINORMAL VECTOR, 
T is the TORSION, k is the CURVATURE, and x denotes 
dx/ds. 


see also CENTRODE, FUNDAMENTAL THEOREM OF 
SPACE CURVES, NATURAL EQUATION 
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Frequency Curve 
see GAUSSIAN FUNCTION 


Fresnel’s Elasticity Surface 
A QUARTIC SURFACE given by 


r = 1/a2x? + by? + c2z?, 


where 


2 /2 12 #2 
Se ay ae 


also known as FRESNEL’S WAVE SURFACE. It was intro- 
duced by Fresnel in his studies of crystal optics. 


Fresnel Integrals 
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Fresnel Integrals | 
In physics, the Fresnel integrals are most often defined 
by 


C(u) +iS(u) = / ¿7/2 dep 
0 


= j cos(gna*) de +i | sin(ina’) dz, (1) 
0 0 


SO a 
C(u) =/ cos(mx“) dz (2) 
S(u) = / sin(hrz*) de (3) 

They satisfy 
C(+o0) = —5 (4) 
S(+00) = 5 (5) 


Related functions are defined as 


Ci(z) = Af cost’ dt (6) 
Si(z) = Af sin t’ dt (7) 
1 


Calz) = == dt 8 

1 sin £ 
So(z) = — | — dt 9 
a AE ý 

An asymptotic expansion for z >> 1 gives 

al eee ee (10) 

2 ru s 

y a 

S(u) = a cos(¿ ru"). (11) 


Therefore, as u > 00, C(u) = 1/2 and S(u) = 1/2. The 
Fresnel integrals are sometimes alternatively defined as 


x(t) = / cos(u”) du (12) 


uo = | sin(u”) dv. (13) 


Fresnel’s Wave Surface 


Letting z = v? so de = 2vdv = 2yxdvu, and du = 


2? dx /2 


vt 
a(t) = 3] x* cosa da (14) 
0 


vt 
y(t) = Hi xP sin z dz. (15) 
0 


In this form, they have a particularly simple expan- 
sion in terms of SPHERICAL BESSEL FUNCTIONS OF THE 
FIRST KIND. Using 


sin g 
r 


(16) 


jo(z) = 
cos z 


ni(2) = =j- (0) =-==, (17) 


where ni (az) is a SPHERICAL BESSEL FUNCTION OF THE 
SECOND KIND 


t 
a(t”) = +] ni(x)x'/? de 
0 


t OO 
=; J, j-1(z)z"? de = z"? Y janle) (18) 
0 n=0 
t 
3 toa ae 
0 
= g? S janpi (x). (19) 
n=0 


see also CORNU SPIRAL 
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Fresnel’s Wave Surface 
see FRESNEL’S ELASTICITY SURFACE | 


Frey Curve | 
Let a? +b? = œ be a solution to FERMAT'S LAST THE- 
OREM. Then the corresponding Frey curve is 


y =x(2-a”)(a + b”). (1) 


Frey showed that such curves cannot be MODULAR, so if 
the TANIYAMA-SHIMURA CONJECTURE were true; Frey. 
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curves couldn’t exist and FERMAT’S LAST THEOREM 
would follow with 6 EVEN and a = —1 (mod 4). Frey 
curves are SEMISTABLE. Invariants include the DIs- 
CRIMINANT 


(a? — 0)?(—B" — 0)[a” — (br? = aP. (2) 


The MINIMAL DISCRIMINANT is 
Noa hoe, (3) 


the CONDUCTOR is 


n= |[4 (4) 


ijabe 
and the j-INVARIANT is 


28 (a?P + b?P +aPbP)?  28(2P — bPcP)® 


a?Pb2Pc?P (abc)? 


i= (5) 


see also ELLIPTIC CURVE, FERMAT’S LAST THEOREM, 
TANIYAMA-SHIMURA CONJECTURE 
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Frey Elliptic Curve 
see FREY CURVE 


Friday the Thirteenth 

The Gregorian calendar follows a pattern of leap years 
which repeats every 400 years. There are 4,800 months 
in 400 years, so the 13th of the month occurs 4,800 times 
in this interval. The number of times the 13th occurs 
on each weekday is given in the table below. As shown 
by Brown (1933), the thirteenth of the month is slightly 
more likely to be on a Friday than on any other day. 


Number of 13s 


14.31% 
14.27% 
14.27% 
14.31% 
14.25% 
14.33% 
14.25% 


Sunday 
Monday 
Tuesday 


Wednesday 
Thursday 
Friday 
Saturday 


see also 13, WEEKDAY 
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Friend 
A friend of a number n is another number m such that 
(m, n) is a FRIENDLY PAIR. 


see also FRIENDLY PAIR, SOLITARY NUMBER 


References 
Anderson, C. W. and Hickerson, D. Problem 6020. “Friendly 
Integers.” Amer. Math. Monthly 84, 65-66, 1977. 


Friendly Giant Group 
see MONSTER GROUP 


Friendly Pair 
Define 


an 


n 
where o(n) is the DIVISOR FUNCTION. Then a PAIR of 
distinct numbers (k, m) is a friendly pair (and k is said 
to be a FRIEND of m) if 


(n) 


i 


D(k) = X(m). 


For example, 4320 and 4680 are a friendly pair, since 
go (4320) = 15120, o (4680) = 16380, and 


(4320) = 2? = 
(4680) = 183% — 


MIN NIN 


Numbers which do not have FRIENDS are called 
SOLITARY NUMBERS. SOLITARY NUMBERS satisfy 
(a(n), n} = 1, where (a,b) is the GREATEST COMMON 
DIVISOR of a and b. 


see also ALIQUOT SEQUENCE, FRIEND, SOLITARY NUM- 
BER 


References 
Anderson, C. W. and Hickerson, D. Problem 6020. “Friendly 
Integers.” Amer. Math. Monthly 84, 65-66, 1977. 


Frieze Pattern 


C 


An arrangement of numbers at the intersection of two 
sets of perpendicular diagonals such that a+d = b+c+1 
(for an additive frieze pattern) or ad = bc + 1 (for a 
multiplicative frieze pattern) in each diamond. 


References 

Conway, J. H. and Coxeter, H. S. M. “Triangulated Polygons 
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Frobenius-Konig Theorem 

The PERMANENT of an n X n MATRIX with all entries 
either O or 1 is 0 IFF the MATRIX contains an r x s 
submatrix of 0s with r + s = n + 1. This result follows 
from the KONIG-EGEVARY THEOREM. 


see also KÖNIG-EGEVÁRY THEOREM, PERMANENT 


Frobenius Method 


Frobenius Map 
A map z+> 2? where p is a PRIME. 


Frobenius Method 
If zo is an ordinary point of the ORDINARY DIFFEREN- 
TIAL EQUATION, expand y in a TAYLOR SERIES about 


xo, letting 
y= Ss ant (1) 
n=0 


Plug y back into the ODE and group the COEFFICIENTS 
by POWER. Now, obtain a RECURRENCE RELATION for 
the nth term, and write the TAYLOR SERIES in terms of 
the ans. Expansions for the first few derivatives are 


y= Sy ant” (2) 
n=0 
y = Y _nan2”*=)Y (n+1)anyrz” (3) 
n=1 n=0 
oo OO 
y = n(n —1)anz"-? = S (n + 2)(n+ 1)an+22”. 
n=2 n=0 


(4) 


If xo is a regular singular point of the ORDINARY DIF- 
FERENTIAL EQUATION, 


P(x)y" + Qle)y' + R(x)y =0, (5) 


solutions may be found by the Frobenius method or 
by expansion in a LAURENT SERIES. In the Frobenius 
method, assume a solution of the form 


y= a" ` Ant”, (6) 


so that 


y=2* Y ina = y anz” (7) 


n=0 n=0 
y => an(n + kate (8) 
n=0 
y” = `^ an(n + k(n + k — 1)at+"2?, (9) 
n=0 


Now, plug y back into the ODE and group the COEFFI- 
CIENTS by POWER to obtain a recursion FORMULA for 
the anth term, and then write the TAYLOR SERIES in 
terms of the ans. Equating the ao term to 0 will pro- 
duce the so-called INDICIAL EQUATION, which will give 
the allowed values of k in the TAYLOR SERIES. 


FUCHS’S THEOREM guarantees that at least one POWER 
series solution will be obtained when applying the Fro- 
benius method if the expansion point is an ordinary, 


Frobenius-Peron Equation 


or regular, SINGULAR POINT. For a regular SINGULAR 
POINT, a LAURENT SERIES expansion can also be used. 
Expand y in a LAURENT SERIES, letting 


y = c-n” +... e +eo+e1@+...+ene"™4+.... 

(10) 
Plug y back into the ODE and group the COEFFICIENTS 
by POWER. Now, obtain a recurrence FORMULA for the 
Cnth term, and write the TAYLOR EXPANSION in terms 
of the cns. 


see also FUCHS’S THEOREM, ORDINARY DIFFERENTIAL 
EQUATION 


References 

Arfken, G. “Series Solutions—Frobenius’ Method.” $8.5 in 
Mathematical Methods for Physicists, 3rd ed. Orlando, 
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Frobenius-Peron Equation 


pe J AEE 


where d(x) is a DELTA FUNCTION, M (æ) is a map, and 
p is the NATURAL DENSITY. 


References 
Ott, E. Chaos in Dynamical Systems. New York: Cambridge 
University Press, p. 51, 1993. 


Frobenius Pseudoprime 

Let f(z) be a MONIC POLYNOMIAL of degree d with 
discriminant A. Then an ODD INTEGER n with 
(n, F(0)A) = 1 is called a Frobenius pseudoprime with 
respect to f(x) if it passes a certain algorithm given 
by Grantham (1996). A Frobenius pseudoprime with 
respect to a POLYNOMIAL f(x) € Z[z] is then a compos- 
ite Frobenius probably prime with respect to the POLY- 
NOMIAL TZ — @. 


While 323 is the first LUCAS PSEUDOPRIME with respect 
to the Fibonacci polynomial z? — æ — 1, the first Froben- 
ius pseudoprime is 5777. If f(a) = 2? —ra*+sx—1, then 


any Frobenius pseudoprime n with respect to f(z) is 


also a PERRIN PSEUDOPRIME. Grantham (1997) gives a 
test based on Frobenius pseudoprimes which is passed by 
COMPOSITE NUMBERS with probability at most 1/7710. 


see also PERRIN PSEUDOPRIME, PSEUDOPRIME, 


STRONG FROBENIUS PSEUDOPRIME 
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Frobenius Theorem 

Let A = ai; be a MATRIX with POSITIVE COEFFICIENTS 
so that ai; > 0 for all i,j = 1, 2, ..., n, then A has a 
POSITIVE EIGENVALUE Ao, and all its EIGENVALUES lie 
on the CLOSED DISK 


|z| < Ào. 


see also CLOSED DISK, OSTROWSKI'S THEOREM 


References | 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, p. 1121, 1979. 


Frobenius Triangle Identities 
Let Cz,m be a PADÉ APPROXIMANT. Then 


Ca+romSi-1)/m — CL/(M+1)SL/(M+1) 
=CrmSim (1) 


Crj(m43)S(t41)/M ~ C(n41)/MSL/(M 41) 
= Cinsyy(matSrjm (2) 


C(L+1)/MÎL/M — ČL/MS(L+1)/M 
= Cary ym T Sima) (3) 


CLI(M+1)SL/M — CL/MSL/(M+41) 
= Cir) min) aS(L-1)m) (4) 


where 

Sim = Glz)PL(c) + H(2)Q u(z) (5) 
and C is the C-DETERMINANT. 
see also C-DETERMINANT, PADE APPROXIMANT 


References 
Baker, G. A. Jr. Essentials of Padé Approximants in Theo- 
retical Physics. New York: Academic Press, p. 31, 1975. 


Frontier 
see BOUNDARY 


Frullani’s Integral 
If f'(x) is continuous and the integral converges, 


ZO ae (10) — Hoon (2). 


T 


References ' 


Spiegel, M. R. Mathematical Handbook of Formulas and Ta- 
bles. New York: McGraw-Hill, 1968. 
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Frustum 

The portion of a solid which lies between two PARALLEL 
PLANES cutting the solid. Degenerate cases are obtained 
for finite solids by cutting with a single PLANE only. 


see also CONICAL FRUSTUM, PYRAMIDAL FRUSTUM, 
SPHERICAL SEGMENT 


Fubini Principle 

If the average number of envelopes per pigeonhole is 
a, then some pigeonhole will have at least a envelopes. 
Similarly, there must be a pigeonhole with at most a 
envelopes. 


see also PIGEONHOLE PRINCIPLE 


Fuchsian System 


A system of linear differential equations 


Y Alo, 
with A(z) an ANALYTIC n x n MATRIX, for which the 
MATRIX A(z) is ANALYTIC in Č\{a1,..., an} and has 
a POLE of order 1 at a; for j = 1, ..., N. A system 
is Fuchsian IFF there exist n x n matrices Bi, ..., Bn 
with entries in Z such that 


N 


A(z) = Y a 
j=l 
N 
y B; = UY 
j=1 


Fuchs’s Theorem 
At least one POWER SERIES solution will be obtained 
when applying the FROBENIUS METHOD if the expan- 
sion point is an ordinary, or regular, SINGULAR POINT. 
The number of ROOTS is given by the ROOTS of the 
INDICIAL EQUATION. 


References — 
Arfken, G. Mathematical Methods for Physicists, 8rd ed. Or- 
lando, FL: Academic Press, pp. 462-463, 1985. 


Fuhrmann Circle 


Map 


Fuhrmann Triangle 


The CIRCUMCIRCLE of the FUHRMANN TRIANGLE. 
see also FUHRMANN TRIANGLE, MID-ARC POINTS 


References 

Fuhrmann, W. Synthetische Beweise Planimetrischer Sátze. 
Berlin, p. 107, 1890. 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 228-229, 1929. 


Fuhrmann’s Theorem 


Let the opposite sides of a convex CYCLIC HEXAGON be 
a, a’, b, b', c, and c’, and let the DIAGONALS e, f, and g 
be so chosen that a, a’, and e have no common VERTEX 
(and likewise for b, b’, and f), then 


efg = aa'e + bb' f +cc'g+abetabe. 


This is an extension of PTOLEMY’S THEOREM to the 
HEXAGON. 


see also CYCLIC HEXAGON, HEXAGON, PTOLEMY’S 
THEOREM 


References 

Fuhrmann, W. Synthetische Beweise Planimetrischer Satze. 
Berlin, p. 61, 1890. 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
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Fuhrmann Triangle 


The Fuhrmann triangle of a TRIANGLE AABC is the 
TRIANGLE AFoFsF 4 formed by reflecting the MID- 
Arc POINTS Mas, Mac, Mac about the lines AB, AC, 


Full Reptend Prime 


and BC. The CIRCUMCIRCLE of the Fuhrmann triangle 
is called the FUHRMANN CIRCLE, and the lines F'4 Mac, 
FeMac, and FoMagp CONCUR at the CIRCUMCENTER 
O. 


see also FUHRMANN CIRCLE, MID-ARC POINTS 


References 

Fuhrmann, W. Synthetische Beweise Planimetrischer Sätze. 
Berlin, p. 107, 1890. 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 228-229, 1929. 


Full Reptend Prime 

A PRIME p for which 1/p has a maximal period DECIMAL 
EXPANSION of p— 1 DIGITS. The first few numbers with 
maximal decimal expansions are 7, 17, 19, 23, 29, 47, 
59, 61, 97, ... (Sloane’s A001913). 


References 
Sloane, N. J. A. Sequence A001913/M4353 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


Full Width at Half Maximum 

The full width at half maximum (FWHM) is a param- 
eter commonly used to describe the width of a “bump” 
on a curve or function. It is given by the distance be- 
tween points on the curve at which the function reaches 
half its maximum value. The following table gives the 
- analytic and numerical full widths for several common 
Curves. 


Function Formula FWHM 
= 

Bartlett Lee a 

Blackman 0.810957a 

Connes (a — 2) 4- W2a 

Cosine cos (2 ) 50 

Gaussian e72 /(207) 242In20 

Hamming 1.05543a 

Hanning a 

1 
Lorentzian une 
Welch Lats va 


see also APODIZATION FUNCTION, MAXIMUM 


Fuller Dome 
see GEODESIC DOME 


Function 

A way of associating unique objects to every point in a 
given SET. A function from A to B is an object f such 
that for every a € A, there is a unique object f(a) € B. 
Examples of functions include sin z, z, 2”, etc. The term 
MAP is synonymous with function. 


Poincaré remarked with regard to the proliferation of 
pathological functions, “Formerly, when one invented a 
new function, it was to further some practical purpose; 
today one invents them in order to make incorrect the 
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reasoning of our fathers, and nothing more will ever be 
accomplished by these inventions.” 


see also ABELIAN FUNCTION, ABSOLUTE VALUE, ACK- 
ERMANN FUNCTION, AIRY FUNCTIONS, ALGEBRAIC 
FUNCTION, ALGEBROIDAL FUNCTION, ALPHA FUNC- 
TION, ANDREW’S SINE, ANGER FUNCTION, APODI- 
ZATION FUNCTION, APPARATUS FUNCTION, ARGU- 
MENT (FUNCTION), ARTIN L-FUNCTION, AUTOMOR- 
PHIC FUNCTION, BACHELIER FUNCTION, BARNES G- 
FUNCTION, BARTLETT FUNCTION, BASSET FUNC- 
TION, BATEMAN FUNCTION, BEI, BER, BERNOULLI 
FUNCTION, BESSEL FUNCTION OF THE FIRST KIND, 
BESSEL FUNCTION OF THE SECOND KIND, BESSEL 
FUNCTION OF THE THIRD KIND, BETA FUNCTION, 
BETA FUNCTION (EXPONENTIAL), BINOMIAL COEFFI- 
CIENT, BLACKMAN FUNCTION, BLANCMANGE FUNC- 
TION, BOOLEAN FUNCTION, BOURGET FUNCTION, 
BOXCAR FUNCTION, BROWN FUNCTION, CAL, CAN- 
TOR FUNCTION, CARMICHAEL FUNCTION, CAROTID- 
KUNDALINI FUNCTION, CEILING FUNCTION, CENTER 
FUNCTION, CENTRAL BETA FUNCTION, CHARACTER- 
ISTIC FUNCTION, CHEBYSHEV FUNCTION, CIRCULAR 
FUNCTIONS, CLAUSEN FUNCTION, COMB FUNCTION, 
COMPLETE FUNCTIONS, COMPLEX CONJUGATE, COM- 
PUTABLE FUNCTION, CONCAVE FUNCTION, CONFLU- 
ENT HYPERGEOMETRIC FUNCTION, CONFLUENT Hy- 
PERGEOMETRIC FUNCTION OF THE FIRST KIND, CON- 
FLUENT HYPERGEOMETRIC FUNCTION OF THE SECOND 
KIND, CONFLUENT HYPERGEOMETRIC LIMIT FUNC- 
TION, CONICAL FUNCTION, CONNES FUNCTION, CON- 
STANT FUNCTION, CONTIGUOUS FUNCTION, CONTINU- 
OUS FUNCTION, CONVEX FUNCTION, COPULA, COSE- 
CANT, COSINE, COSINE APODIZATION FUNCTION, Co- 
TANGENT, COULOMB WAVE FUNCTION, COVERSINE, 
CUBE ROOT, CUBED, CUMULANT-GENERATING FUNC- 
TION, CUMULATIVE DISTRIBUTION FUNCTION, CUN- 
NINGHAM FUNCTION, CYLINDER FUNCTION, CYLIN- 
DRICAL FUNCTION, DEBYE FUNCTIONS, DECREAS- 
ING FUNCTION, DEDEKIND ETA FUNCTION, DEDEKIND 
FUNCTION, DELTA FUNCTION, DIGAMMA FUNCTION, 
DILOGARITHM, DIRAC DELTA FUNCTION, DIRICH- 
LET BETA FUNCTION, DIRICHLET ETA FUNCTION, 
DIRICHLET FUNCTION, DIRICHLET LAMBDA FUNC- 
TION, DISTRIBUTION FUNCTION, DIVISOR FUNCTION, 
DOUBLE GAMMA FUNCTION, DOUBLET FUNCTION, 
En-FUNCTION, E¿-FUNCTION, EIGENFUNCTION, EIN 
FUNCTION, EINSTEIN FUNCTIONS, ELEMENTARY FUNC- 
TION, ELLIPTIC ALPHA FUNCTION, ELLIPTIC DELTA 
FUNCTION, ELLIPTIC EXPONENTIAL FUNCTION, EL- 
LIPTIC FUNCTION, ELLIPTIC FUNCTIONAL, ELLIPTIC 
LAMBDA FUNCTION, ELLIPTIC MODULAR FUNCTION, 
ELLIPTIC THETA FUNCTION, ELSASSER FUNCTION, EN- 
TIRE FUNCTION, EPSTEIN ZETA FUNCTION, ERDOS- 
SELFRIDGE FUNCTION, ERF, ERROR FUNCTION, EX- 
PONENTIAL RAMP, EULER L-FUNCTION, EVEN FUNC- 
TION, EXPONENTIAL FUNCTION, EXPONENTIAL FUNC- 
TION (TRUNCATED), EXPONENTIAL SUM FUNCTION, 
EXSECANT, FLOOR FUNCTION, Fox's H-FUNCTION, 
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FUNCTION SPACE, G-FUNCTION, GAMMA FUNCTION, 
GATE FUNCTION, GAUSSIAN FUNCTION, GEGEN- 
BAUER FUNCTION, GENERALIZED FUNCTION, GENER- 
ALIZED HYPERBOLIC FUNCTIONS, GENERALIZED HY- 
PERGEOMETRIC FUNCTION, GENERATING FUNCTION, 
GORDON FUNCTION, GREEN’S FUNCTION, GROWTH 
FUNCTION, GUDERMANNIAN FUNCTION, H-FUNCTION, 
HAAR FUNCTION, HAMMING FUNCTION, HANKEL 
FUNCTION, HANKEL FUNCTION OF THE FIRST KIND, 
HANKEL FUNCTION OF THE SECOND KIND, HANN 
FUNCTION, HANNING FUNCTION, HARMONIC FUNC- 
TION, HAVERSINE, HEAVISIDE STEP FUNCTION, HECKE 
L-FUNCTION, HEMICYLINDRICAL FUNCTION, HEMI- 
SPHERICAL FUNCTION, HEUMAN LAMBDA FUNCTION, 
HH FUNCTION, HILBERT FUNCTION, HOLONOMIC 
FUNCTION, HOMOGENEOUS FUNCTION, HURWITZ ZETA 
FUNCTION, HYPERBOLIC COSECANT, HYPERBOLIC Co- 
SINE, HYPERBOLIC COTANGENT, HYPERBOLIC FUNC- 
TIONS, HYPERBOLIC SECANT, HYPERBOLIC SINE, HY- 
PERBOLIC TANGENT, HYPERELLIPTIC FUNCTION, Hy- 
PERGEOMETRIC FUNCTION, IDENTITY FUNCTION, IM- 
PLICIT FUNCTION, IMPLICIT FUNCTION THEOREM, IN- 
COMPLETE GAMMA FUNCTION, INCREASING FUNC- 
TION, INFINITE PRODUCT, INSTRUMENT FUNCTION, 
INT, INVERSE COSECANT, INVERSE COSINE, IN- 
VERSE COTANGENT, INVERSE FUNCTION, INVERSE Hy- 
PERBOLIC FUNCTIONS, INVERSE SECANT, INVERSE 
SINE, INVERSE TANGENT, j-FUNCTION, JACOBI EL- 
LIPTIC FUNCTIONS, JACOBI FUNCTION OF THE FIRST 
KIND, JACOBI FUNCTION OF THE SECOND KIND, JA- 
COBI THETA FUNCTION, JACOBI ZETA FUNCTION, 
JINC FUNCTION, JOINT PROBABILITY DENSITY FUNC- 
TION, JONQUIERE’S FUNCTION, K-FUNCTION, KEI, 
KELVIN FUNCTIONS, KER, KOEBE FUNCTION, L- 
FUNCTION, LAMBDA FUNCTION, LAMBDA HYPERGEO- 
METRIC FUNCTION, LAMBERT’S W-FUNCTION, LAME 
FUNCTION, LEGENDRE FUNCTION OF THE FIRST KIND, 
LEGENDRE FUNCTION OF THE SECOND KIND, LEM- 
NISCATE FUNCTION, LEMNISCATE FUNCTION, LENGTH 
DISTRIBUTION FUNCTION, LERCH TRANSCENDENT, 
LEVY FUNCTION, LINEARLY DEPENDENT FUNC- 
TIONS, LIOUVILLE FUNCTION, LIPSCHITZ FUNCTION, 
LOGARITHM, LOGARITHMICALLY CONVEX FUNCTION, 
LoGiT TRANSFORMATION, LOMMEL FUNCTION, LYA- 
PUNOV FUNCTION, MACROBERT’S E-FUNCTION, MAN- 
GOLDT FUNCTION, MATHIEU FUNCTION, MEASUR- 
ABLE FUNCTION, MEIJER’S G-FUNCTION, MEROMOR- 
PHIC, MERTENS FUNCTION, MERTZ APODIZATION 
FUNCTION, MITTAG-LEFFLER FUNCTION, MOBIUS 
FUNCTION, MOBIUS PERIODIC FUNCTION, Mock 
THETA FUNCTION, MODIFIED BESSEL FUNCTION OF 
THE FIRST KIND, MODIFIED BESSEL FUNCTION OF 
THE SECOND KIND, MODIFIED SPHERICAL BESSEL 
FUNCTION, MODIFIED STRUVE FUNCTION, MODULAR 
FUNCTION, MODULAR GAMMA FUNCTION, MODULAR 
LAMBDA FUNCTION, MOMENT-GENERATING FUNC- 
TION, MONOGENIC FUNCTION, MONOTONIC FUNC- 
TION, Mu FUNCTION, MULTIPLICATIVE FUNCTION, 


Function 


MULTIVALUED FUNCTION, MULTIVARIATE FUNCTION, 
NEUMANN FUNCTION, NINT, NU FUNCTION, NULL 
FUNCTION, NUMERIC FUNCTION, OBLATE SPHER- 
OIDAL WAVE FUNCTION, ODD FUNCTION, OMEGA 
FUNCTION, ONE-WAY FUNCTION, PARABOLIC CYL- 
INDER FUNCTION, PARTITION FUNCTION P, PAR- 
TITION FUNCTION Q, PARZEN APODIZATION FUNC- 
TION, PEARSON-CUNNINGHAM FUNCTION, PEARSON’S 
FUNCTION, PERIODIC FUNCTION, PLANCK’S RADI- 
ATION FUNCTION, PLURISUBHARMONIC FUNCTION, 
POCHHAMMER SYMBOL, POINCARE-FUCHS-KLEIN AU- 
TOMORPHIC FUNCTION, POISSON-CHARLIER FUNC- 
TION, POLYGAMMA FUNCTION, POLYGENIC FUNC- 
TION, POLYLOGARITHM, POSITIVE DEFINITE FUNC- 
TION, POTENTIAL FUNCTION, POWER, PRIME COUNT- 
ING FUNCTION, PRIME DIFFERENCE FUNCTION, PROB- 
ABILITY DENSITY FUNCTION, PROBABILITY DISTRIBU- 
TION FUNCTION, PROLATE SPHEROIDAL WAVE FUNC- 
TION, PSI FUNCTION, PULSE FUNCTION, g-BETA FUNC- 
TION, Q-FUNCTION, g-GAMMA FUNCTION, QUASIPERI- 
ODIC FUNCTION, RADEMACHER FUNCTION, RAMANU- 
JAN FUNCTION, RAMANUJAN g- AND G- FUNCTIONS, 
RAMANUJAN THETA FUNCTIONS, RAMP FUNCTION, 
RATIONAL FUNCTION, REAL FUNCTION, RECTAN- 
GLE FUNCTION, REGULAR FUNCTION, REGULARIZED 
GAMMA FUNCTION, RESTRICTED DIVISOR FUNCTION, 
RIEMANN FUNCTION, RIEMANN-MANGOLDT FUNC- 
TION, RIEMANN-SIEGEL FUNCTIONS, RIEMANN THETA 
FUNCTION, RIEMANN ZETA FUNCTION, RING FUNC- 
TION, SAL, SAMPLING FUNCTION, SCALAR FUNCTION, 
SCHLOMILCH’S FUNCTION, SECANT, SEQUENCY FUNC- 
TION, SGN, SHAH FUNCTION, SIEGEL MODULAR FUNC- 
TION, SIGMA FUNCTION, SIGMOID FUNCTION, SIGN, 
SINC FUNCTION, SINE, SMARANDACHE FUNCTION, 
SPENCE’S FUNCTION, SPHERICAL BESSEL FUNCTION 
OF THE FIRST KIND, SPHERICAL BESSEL FUNCTION 
OF THE SECOND KIND, SPHERICAL HANKEL FUNCTION 
OF THE FIRST KIND, SPHERICAL HANKEL FUNCTION 
OF THE SECOND KIND, SPHERICAL HARMONIC, SPHER- 
OIDAL WAVEFUNCTION, SPRAGUE-GRUNDY FUNCTION, 
SQUARE ROOT, SQUARED, STEP FUNCTION, STRUVE 
FUNCTION, STURM FUNCTION, SUMMATORY FUNC- 
TION, SYMMETRIC FUNCTION, TAK FUNCTION, TAN- 
GENT, TAPERING FUNCTION, TAU FUNCTION, TETRA- 
CHORIC FUNCTION, THETA FUNCTION, TOROIDAL 
FUNCTION, TORONTO FUNCTION, TOTAL FUNCTION, 
TOTIENT FUNCTION, TOTIENT VALENCE FUNCTION, 
TRANSCENDENTAL FUNCTION, TRANSFER FUNCTION, 
TRAPDOOR FUNCTION, TRIANGLE CENTER FUNCTION, 
TRIANGLE FUNCTION, TRICOMI FUNCTION, TRIGONO- 
METRIC FUNCTIONS, UNIFORM APODIZATION FUNC- 
TION, UNIVALENT FUNCTION, VECTOR FUNCTION, 
VERSINE, VON MANGOLDT FUNCTION, W-FUNCTION, 
WALSH FUNCTION, WEBER FUNCTIONS, WEIERSTRAB 
ELLIPTIC FUNCTION, WEIERSTRAS FUNCTION, WEIER- 
STRAÍf SIGMA FUNCTION, WEIERSTRAKB ZETA FUNC- 
TION, WEIGHTING FUNCTION, WELCH APODIZATION 


second one, I held the wire against the keyboard terminal with 
pieces of spaghetti. Heat-shrinkable tubing may also be used. I put 
a pot into the output line between the speaker and capacitor to 
reduce the volume, as the 380 can put out quite a lot of audio! I also 
installed an external jack, as shown in the schematic, to permit 
direct connection to my rig. 


LINE NOISE SUPPRESSOR 


One of the most irritating sources of electrical noise, charac- 
terized by sharp clicks heard through the speaker of a receiver, is 
contact noise. The make/break cycles of appliances, aquarium 
heaters, flashing Christmas tree lights, and other noisy electrical 
contacts can wreak havoc with radio reception. 

Fortunately, there are several options which may be elected 
to minimize these ear-splitting distractions. Perhaps the simplest 
is the installation of a 0.1-uF capacitor across the contacts them- 
selves. 

Since it is often difficult to find direct access to the offending 
contacts, an alternate solution is found by bypassing the plug with 
the capacitor. Probably the simplest way to do this is by rigging a 
plug-in interference filter as shown in Fig. 11-8. 


ET A ae OS a r SS. > => ee ee Ee A SS A ES = ha 


= 


Function Field 


FUNCTION, WHITTAKER FUNCTION, WIENER FUNC- 
TION, WINDOW FUNCTION, XI FUNCTION, ZETA FUNC- 
TION | 
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Function Field 
see ALGEBRAIC FUNCTION FIELD 


Function Space 

f(Z) is the collection of all real-valued continuous func- 
tions defined on some interval I. f‘™ (I) is the collection 
of all functions € f(I) with continuous nth DERIVA- 
TIVES. A function space is a TOPOLOGICAL VECTOR 
SPACE whose “points” are functions. 


see also FUNCTIONAL, FUNCTIONAL ANALYSIS, OPER- 
ATOR 


Functional 
A mapping between FUNCTION SPACES if the range is 
on the REAL LINE or in the COMPLEX PLANE. 


see also COERCIVE FUNCTIONAL, CURRENT, ELLIP- 
TIC FUNCTIONAL, GENERALIZED FUNCTION, LAX- 
MILGRAM THEOREM, OPERATOR, RIESZ REPRESENTA- 
TION THEOREM 


Functional Analysis 

A branch of mathematics concerned with infinite dimen- 
sional spaces (mainly FUNCTION SPACES) and mappings 
between them. The SPACES may be of different, and pos- 
sibly INFINITE, DIMENSIONS. These mappings are called 
OPERATORS or, if the range is on the REAL line or in 
the COMPLEX PLANE, FUNCTIONALS. 


see also FUNCTIONAL, OPERATOR 
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Functional Calculus 
An early name for CALCULUS OF VARIATIONS. 


Functional Derivative 
A generalization of the concept of the DERIVATIVE to 
GENERALIZED FUNCTIONS. 


Functor 

A function between CATEGORIES which maps objects to 
objects and MORPHISMS to MORPHISMS. Functors exist 
in both covariant and contravariant types. 


see also CATEGORY, EILENBERG-STEENROD AXIOMS, 
MORPHISM, SCHUR FUNCTOR 


Fundamental Class 
The canonical generator of the nonvanishing HOMO- 
LOGY GROUP on a TOPOLOGICAL MANIFOLD. 


see also CHERN NUMBER, PONTRYAGIN NUMBER, 
STIEFEL- WHITNEY NUMBER 


Fundamental Continuity Theorem 

Given two POLYNOMIALS of the same order in one vari- 
able where the first p COEFFICIENTS (but not the first 
p — 1) are 0 and the COEFFICIENTS of the second ap- 
proach the corresponding COEFFICIENTS of the first as 
limits, then the second POLYNOMIAL will have exactly p 
roots that increase indefinitely. Furthermore, exactly k 
ROOTS of the second will approach each ROOT of mul- 
tiplicity k of the first as a limit. 
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Fundamental Discriminant 

—D is a fundamental discriminant if D is a POSITIVE 
INTEGER which is not DIVISIBLE by any square of an 
ODD PRIME and which satisfies D = 3 (mod 4) or D = 
4,8 (mod 16). 


see also DISCRIMINANT 
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Fundamental Forms 

There are three types of so-called fundamental forms. 
The most important are the first and second (since the 
third can be expressed in terms of these). The fun- 
damental forms are extremely important and useful in 
determining the metric properties of a surface, such 
as LINE ELEMENT, AREA ELEMENT, NORMAL CURVA- 
TURE, GAUSSIAN CURVATURE, and MEAN CURVATURE. 
Let M be a REGULAR SURFACE with vp, Wp points on 
the TANGENT SPACE M, of M. Then the first funda- 
mental form is the INNER PRODUCT of tangent vectors, 


I(Vp, Wp) = Vp’ Wp. (1) 


For M € R, the second fundamental form is the sym- 
metric bilinear form on the TANGENT SPACE Mp, 


II(vp, Wp) = S(vp) ‘Wp, (2) 


where S is the SHAPE OPERATOR. The third fundamen- 
tal form is given by 


III(vp, Wp) = S(vp) - S(wp). (3) 


The first and second fundamental forms satisfy 


I(ax, + bxy, ax, + bx.) = Ea? + 2Fab + Gb? (4) 
Il(ax, + bx,, ax, + bX) = ea? +2fab+gb", (5) 


and so their ratio is simply the NORMAL CURVATURE 


K(vp) T I(vp) (6) 


for any nonzero TANGENT VECTOR. The third funda- 
mental form is given in terms of the first and second 


forms by 
II — 2HI + KI=0, (7) 


where H is the MEAN CURVATURE and K is the GAUS- 
SIAN CURVATURE. 


The first fundamental form (or LINE ELEMENT) is given 
explicitly by the RIEMANNIAN METRIC 


ds* = E du? + 2F dudu + G dv”. (8) 


It determines the ARC LENGTH of a curve on a surface. 
The coefficients are given by 


Ox |? 

E = Xuu ~= da (9) 
Ox Ox 
Ox}? 

G — Xay — ðv (11) 


Fundamental Forms 


The coefficients are also denoted guu = E, gw = F, 
and gyv = G. In CURVILINEAR COORDINATES (where 
F = 0), the quantities 


EN u = VE (12) 
hy = JG = VG (13) 


are called SCALE FACTORS. 


The second fundamental form is given explicitly by 


edu? + 2f dudv + g dv’ (14) 
where 
e=). xm (15) 
o- Lou Bu? 
83r; 
f= 2 Xi Oudv (16) 
A’ x; 


and X; are the DIRECTION COSINES of the surface nor- 
mal. The second fundamental form can also be written 


e=—N,:Xu=NÑN-:Xuu (18) 
fa-N xa = N + Xuv = Nou Xiu 

=—N, -Xv (19) 
g =-—N,:Xy = N :Xu», (20) 


where N is the NORMAL VECTOR, or 


e det (XuuXuXv) (21) 


VEG — F? 
det(XuvXuXv) 
= —_— 22 
f HAT pa (22) 
det(X»vXyuXv) 
= A 23 
g EO T (23) 


see also ARC LENGTH, AREA ELEMENT, GAUSSIAN 
CURVATURE, GEODESIC, KAHLER MANIFOLD, LINE OF 
CURVATURE, LINE ELEMENT, MEAN CURVATURE, NOR- 
MAL CURVATURE, RIEMANNIAN METRIC, SCALE FAC- 
TOR, WEINGARTEN EQUATIONS 
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Fundamental Group 

The fundamental group of a CONNECTED SET £ is the 
QUOTIENT GROUP of the GROUP of all paths with initial 
and final points at a given point P and the SUBGROUP of 
all paths HOMOTOPIC to the degenerate path consisting 
of the point P. 


The fundamental group of the CIRCLE is the INFINITE 
CYCLIC GROUP. Two fundamental groups having dif- 
ferent points P are ISOMORPHIC. If the fundamental 
group consists only of the identity element, then the set 
S is simply connected. 


see also MILNOR’S THEOREM 


Fundamental Homology Class 
see also FUNDAMENTAL CLASS 


Fundamental Lemma of Calculus of 


Variations 
If 


b 
J M(dh(x) dx = 0 


Y h(x) with CONTINUOUS second PARTIAL DERIVA- 


TIVES, then | 
M(zx)=0 


on the OPEN INTERVAL (a, b). 


Fundamental System 

A set of ALGEBRAIC INVARIANTS for a QUANTIC such 
that any invariant of the QUANTIC is expressible as a 
POLYNOMIAL in members of the set. In 1868, Gordan 
proved the existence of finite fundamental systems of al- 
gebraic invariants and covariants for any binary QUAN- 
TIC. In 1890, Hilbert (1890) proved the HILBERT BASIS 
THEOREM, which is a finiteness theorem for the related 
concept of SYZYGIES. 


see also HILBERT BASIS THEOREM, SYZYGY 
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Fundamental Theorem of Algebra 

Every POLYNOMIAL equation having COMPLEX COEF- 
FICIENTS and degree > 1 has at least one COMPLEX 
Root. This theorem was first proven by Gauss. It is 
equivalent to the statement that a POLYNOMIAL P(z) 
of degree n has n values of z (some of them possi- 
bly degenerate) for which P(z) = 0. An example of 
a POLYNOMIAL with a single ROOT of multiplicity > 1 
is z? — 2z + 1 = (z — 1)(z — 1), which has z = lasa 
ROOT of multiplicity 2. 

see also DEGENERATE, POLYNOMIAL 
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Fundamental Theorem of Arithmetic 

Any POSITIVE INTEGER can be represented in exactly 
one way as a PRODUCT of PRIMES. The theorem is 
also called the UNIQUE FACTORIZATION THEOREM. The 
fundamental theorem of algebra is a COROLLARY of the 
first of EUCLID's THEOREMS (Hardy and Wright 1979). 


see also EUCLID’S THEOREMS, INTEGER, PRIME NUM- 
BER 
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Fundamental Theorems of Calculus 

The first fundamental theorem of calculus states that, 
if f is CONTINUOUS on the CLOSED INTERVAL la, b] and 
F is the ANTIDERIVATIVE (INDEFINITE INTEGRAL) of f 
on |a, b], then 


[ Hede = FO) - F(a) (1) 


The second fundamental theorem of calculus lets f be 
CONTINUOUS on an OPEN INTERVAL J and lets a be any 
point in I. If F is defined by 


Fe)= | 104 (2) 


then 


F (2) = f(z) (3) 
at each point in I. 


The complex fundamental theorem of calculus states 
that if f(z) has a CONTINUOUS ANTIDERIVATIVE F (2) in 
a region R containing a parameterized curve y : z = z(t) 
fora < t < p, then 


f © de= FEO) - Fela). (4) 


N 


see also CALCULUS, DEFINITE INTEGRAL, INDEFINITE 
INTEGRAL, INTEGRAL 


Fundamental Theorem of Curves 

The CURVATURE and 'PORSION functions along a SPACE 
CURVE determine it up to an orientation-preserving 
ISOMETRY. 
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Fundamental Theorem of Directly Similar 
Figures 

Let Fo and Fi denote two directly similar figures in the 
plane, where P, € Fi corresponds to Po € Fo under 
the given similarity. Let r € (0,1), and define Fp = 
{(1 — r)Po + rP, : Po € Fo}. Then F, is also directly 
similar to Fo. 


see also FINSLER-HADWIGER THEOREM 
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Fundamental Theorem of Gaussian 
Quadrature 

The ABSCISSAS of the N point GAUSSIAN QUADRATURE 
FORMULA are precisely the ROOTS of the ORTHOGONAL 
POLYNOMIAL for the same INTERVAL and WEIGHTING 
FUNCTION. 


see also GAUSSIAN QUADRATURE 


Fundamental Theorem of Genera 


2°- h(—d)], 


where w(d) is the genus of forms and h(—d) is the CLASS 
NUMBER of an IMAGINARY QUADRATIC FIELD. 
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Fundamental Theorem of Plane Curves 
Two unit-speed plane curves which have the same CUR- 
VATURE differ only by a EUCLIDEAN MOTION. 


see also FUNDAMENTAL THEOREM OF SPACE CURVES 
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Fundamental Theorem of Projective 
Geometry 

A PROJECTIVITY is determined when three points of one 
RANGE and the corresponding three points of the other 
are given. 


see also PROJECTIVE GEOMETRY 


Fundamental Unit 


Fundamental Theorem of Space Curves 

If two single-valued continuous functions k(s) (CURVA- 
TURE) and 7(s) (TORSION) are given for s > 0, then 
there exists EXACTLY ONE SPACE CURVE, determined 
except for orientation and position in space (i.e., up to 
a EUCLIDEAN MOTION), where s is the ARC LENGTH, 
k is the CURVATURE, and 7 is the ‘TORSION. 


see also ARC LENGTH, CURVATURE, EUCLIDEAN Mo- 
TION, FUNDAMENTAL THEOREM OF PLANE CURVES, 
TORSION (DIFFERENTIAL GEOMETRY) 
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Fundamental Theorem of Symmetric 
Functions 

Any symmetric polynomial (respectively, symmetric ra- 
tional function) can be expressed as a POLYNOMIAL (re- 
spectively, RATIONAL FUNCTION) in the ELEMENTARY 
SYMMETRIC FUNCTIONS on those variables. 


see also ELEMENTARY SYMMETRIC FUNCTION 
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Fundamental Unit 

In a real QUADRATIC FIELD, there exists a special UNIT 
7 known as the fundamental unit such that all units p 
are given by p = +7”, for m = 0, +1, +2, .... The 
following table gives the fundamental units for the first 
few real quadratic fields. 


n(d) d 
1+ V2 51 
24/3 53 
41+ V5) 55 
5+2/6 57 
84377 58 
3+ v10 59 
10+ 3/11 61 
3(3+ v13) 62 
15 + 4/14 65 
44/15 66 
44/17 67 
170 + 394/19 69 
3(5+v21) 70 
197 + 42/22 71 
24 + 5423 73 
5 + /26 74 
3(5+ v29) 77 
11 + 2430 78 
1520+ 273/31 |79 
5 + 4/33 82 
35 + 6434 83 
6+ /35 85 
6+ /37 86 
37 + 6/38 87 
25 + 4/39 89 
32 + 5/41 91 
13 + 2442 93 


3482 + 531443 95 
24335 + 3588446 | 97 
48 + 7/47 


n(d) 


50+ 7/51 

1(7 + v53) 

89 + 124/55 
151 + 20457 
99 + 134/58 
530 + 69459 
(39+ 5161) 
63 + 8462 

8 + v65 

65 + 84/66 
48842 + 5967/67 
2 (25 + 3V69) 
251 + 30/70 
3480 + 413471 
1068 + 125473 
43 + 54/74 
L(94 V77) 

53 + 6478 

80 + 94/79 

9 + /82 

82 + 94/83 
1(9+ /85) 
10405 + 1122/86 
28 + 34/87 

501 + 544/89 
1574 + 165491 
1 (29 + 34/93) 
39 + 4495 
5604 + 5694/97 


see also QUADRATIC FIELD, UNIT 
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Funnel 


The funnel surface is a REGULAR SURFACE defined by 
the Cartesian equation 


z= 3 In(x +y) (1) 


FWHM 689 
and the parametric equations 
z(r,0) = rcosé (2) 
y(r,0) = rsin | (3) 
z(r,0) = lnr. (4) 


see also GABRIEL’S HORN, PSEUDOSPHERE, SINCLAIR’S 
SOAP FILM PROBLEM 
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Fuss’s Problem 
see BICENTRIC POLYGON 


Futile Game 
A GAME which permits a draw (“tie”) when played 
properly by both players. 


Fuzzy Logic 

An extension of two-valued LOGIC such that statements 
need not be TRUE or FALSE, but may have a degree of 
truth between 0 and 1. Such a system can be extremely 
useful in designing control logic for real-world systems 
such as elevators. 


see also ALETHIC, FALSE, LOGIC, TRUE 
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FWHM 
see FULL WIDTH AT HALF MAXIMUM 


g-Function 
G 


g-Function 
see RAMANUJAN g- AND G-FUNCTIONS 


G-Function 


Defined in Whittaker and Watson (1990, p. 264) and 
also called the BARNES G-FUNCTION. 


2 
G(z + 1) = (Oneness ry 1/2 
00 ¿yn > 
Y de —z+2z ds 1 
Mee. 


where y is the EULER-MASCHERONI CONSTANT. This is 
an ANALYTIC CONTINUATION of the G function defined 
in the construction of the GLAISHER-KINKELIN CON- 
STANT 


= (n!)” 
OTN ea (2) 


which has the special values 


0 if n = 0, -1,-2,... 
G(n) =< 1 ifn=1 (3) 
011121---(n—2)! ifn =2,3,4,... 


for INTEGER n. This function is what Sloane and 
Plouffe (1995) call the SUPERFACTORIAL, and the first 
few values for n = 1, 2, ... are 1, 1, 1, 2, 12, 288, 
34560, 24883200, 125411328000, 5056584744960000, .. 
(Sloane’s A000178). 


The G-function is the reciprocal of the DOUBLE GAMMA 
FUNCTION. It satisfies 


G(z +1) = T(2)G(2) (4) 


G(zt+1) -i 1 r'(z) 
eco a a a (6) 
In ETA = J rzcot(mz)dz— zln(27) (7) 


and has the special values 


GG) = A —1/4 e!/891/24 (8) 
G(1) = (9) 
where 
— exp (EM), mm), 1| _ 
A = exp | 32 + is + a= 1.28242713.... 


(10) 
The G-function can arise in spectral functions in math- 
ematical physics (Voros 1987). 


An unrelated pair of functions are denoted gn and Gn 
and are known as RAMANUJAN g- AND G-FUNCTIONS. 


see also EULER-MASCHERONI CONSTANT, GLAISHER- 
KINKELIN CONSTANT, K-FUNCTION, MEIJER’S G- 
FUNCTION, RAMANUJAN g- AND G-FUNCTIONS, SUPER- 
FACTORIAL 
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Quart. J. 


n”.” Messen- 


G-Number 
see EISENSTEIN INTEGER 


G-Space 

A G-space is a special type of HAUSDORFF SPACE. Con- 
sider a point z and a HOMEOMORPHISM of an open 
NEIGHBORHOOD V of z onto an OPEN SET of R”. Then 
a space is a G-space if, for any two such NEIGHBOR- 
HOODS V’ and V”, the images of V’ UV” under the 
different HOMEOMORPHISMS are ISOMETRIC. If n = 2, 
the HOMEOMORPHISMS need only be conformal (but not 
necessarily orientation-preserving). 


see also GREEN SPACE 
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Gabriel’s Horn 


The SURFACE OF REVOLUTION of the function y = 1/z 
about the z-axis for x > 1. It has FINITE VOLUME 


but INFINITE SURFACE ÁREA, since 


oo 
s= | 2ryy/1 + y? dz 
1 


oO oo d 
>on | yde = 20 | == = 27 [In 2] 
1 1 f 


= 27 [ln co — 0] = oo. 


This leads to the paradoxical consequence that while 
Gabriel’s horn can be filled up with m cubic units of 
paint, an INFINITE number of square units of paint are 
needed to cover its surface! 


see also FUNNEL, PSEUDOSPHERE 


Gabriel’s Staircase 
The SUM 


valid for 0 <r < i1. 


Gadget 

A term of endearment used by ALGEBRAIC TOPOLO- 
GISTS when talking about their favorite power tools such 
as ABELIAN GROUPS, BUNDLES, HOMOLOGY GROUPS, 
HOMOTOPY GROUPS, k- THEORY, MORSE THEORY, OB- 
STRUCTIONS, stable homotopy theory, VECTOR SPACES, 
etc. 


see also ABELIAN GROUP, ALGEBRAIC TOPOLOGY, 
BUNDLE, FREE, HOMOLOGY GROUP, HOMOTOPY 
GROUP, k-THEORY, OBSTRUCTION, MORSE THEORY, 
VECTOR SPACE 


Gallows 


Gale-Ryser Theorem 

Let p and q be PARTITIONS of a POSITIVE INTEGER, 
then there exists a (0,1)-matrix A such that c(A) = p, 
r(A) = q IFF q is dominated by p”. 
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Galilean Transformation 

A transformation from one reference frame to another 
moving with a constant VELOCITY v with respect to 
the first for classical motion. However, special relativ- 
ity shows that the transformation must be modified to 
the LORENTZ TRANSFORMATION for relativistic motion. 
The forward Galilean transformation is 


t 1 00 0 t 
r’  |-v 1 0 0 x 
y | | 0 0 1 0 yl? 
z' 0 0 Q0 1 z 
and the inverse transformation is 

t 10 0 0 t' 

r| {v1 0 0 x! 

y| |0 01 0 y! 

z 0 0 0 1 z 


see also LORENTZ TRANSFORMATION 


Gall’s Stereographic Projection 

A CYLINDRICAL PROJECTION which projects the equa- 
tor onto a tangent cylinder which intersects the globe at 
+ 45°. The transformation equations are 


z=A 
y = tan(>¢), 


where À is the LONGITUDE and $ the LATITUDE. 
see also STEREOGRAPHIC PROJECTION 


References 
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Gallows l 

Schroeder (1991) calls the CEILING FUNCTION symbols 
[ and | the “gallows” because of their similarity in ap- 
pearance to the structure used for hangings. 


see also CEILING FUNCTION 
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Gallucci’s Theorem 


Gallucci’s Theorem 

If three SKEW LINES all meet three other SKEW LINES, 
any TRANSVERSAL to the first set of three meets any 
TRANSVERSAL to the second set of three. 


see also SKEW LINES, TRANSVERSAL LINE 


Galois Extension Field 
The splitting FIELD for a separable POLYNOMIAL over a 
FINITE FIELD K, where L is a FIELD EXTENSION of K. 


Galois Field 
see FINITE FIELD 


Galois Group 

Let L be a FIELD EXTENSION of K, denoted L/K, and 
let G be the set of AUTOMORPHISMS of L/K, that is, 
the set of AUTOMORPHISMS ø of L such that o(x) = z 
for every x € K, so that K is fixed. Then G is a GROUP 
of transformations of L, called the Galois group of L/K. 


The Galois group of (C/R) consists of the IDENTITY EL- 
EMENT and COMPLEX CONJUGATION. These functions 
both take a given REAL to the same real. 


see also ABHYANKAR’S CONJECTURE, FINITE GROUP, 
GROUP 
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Galois Imaginary 
A mathematical object invented to solve irreducible 
CONGRUENCES of the form 


F(x) = 0 (mod p), 
where p is PRIME. 


Galois’s Theorem 

An algebraic equation is algebraically solvable IFF its 
GROUP is SOLVABLE. In order that an irreducible equa- 
tion of PRIME degree be solvable by radicals, it is NEC- 
ESSARY and SUFFICIENT that all its ROOTS be rational 
functions of two ROOTS. 


see also ABEL’S IMPOSSIBILITY THEOREM, SOLVABLE 
GROUP 


Galois Theory 
If there exists a ONE-TO-ONE correspondence between 
two SUBGROUPS and SUBFIELDS such that 
G(E(G”) = G 
E(G(E')) = F', 


then E is said to have a Galois theory. 
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Galoisian 

An algebraic extension E of F for which every IRRE- 
DUCIBLE POLYNOMIAL in F which has a single ROOT in 
E has all its ROOTS in E is said to be Galoisian. Ga- 
loisian extensions are also called algebraically normal. 


Gambler’s Ruin 

Let two players each have a finite number of pennies 
(say, nı for player one and nz for player two). Now, flip 
one of the pennies (from either player), with each player 
having 50% probability of winning, and give the penny 
to the winner. If the process is repeated indefinitely, the 
probability that one or the other player will eventually 
lose all his pennies is unity. However, the chances that 
the individual players will be rendered penniless are 


ra 
Pi = ——— 
nı + n2 

rta 
P= ——, 
ny + ne 


see also COIN TOSSING, MARTINGALE, SAINT PETERS- 
BURG PARADOX 
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Game 

A game is defined as a conflict involving gains and losses 
between two or more opponents who follow formal rules. 
The study of games belongs to a branch of mathematics 
known as GAME THEORY. 


see also GAME THEORY 


Game Expectation 

Let the elements in a PAYOFF MATRIX be denoted aij, 
where the 7s are player A’s STRATEGIES and the js are 
player B’s STRATEGIES. Player A can get at least 


ae i 
min as (1) 


for STRATEGY i. Player B can force player A to get 
no more than max;<m aij for a STRATEGY j. The best 
STRATEGY for player A is therefore 


iin dije (2) 


and the best STRATEGY for player B is 


min max aij. (3) 
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In general, 
min min a,;; < min max Qij. (4) 
i<m j<n j<n i<m 


Equality holds only if a SADDLE POINT is present, in 
which case the quantity is called the VALUE of the game. 


see also GAME, PAYOFF MATRIX, SADDLE POINT 
(GAME), STRATEGY, VALUE 


Game of Life 
see LIFE 


Game Matrix 
see PAYOFF MATRIX 


Game Theory 

A branch of MATHEMATICS and LOGIC which deals with 
the analysis of GAMES (i.e., situations in which parties 
are involved in situations where their interests conflict). 
In addition to the mathematical elegance and complete 
“solution” which is possible for simple games, the prin- 
ciples of game theory also find applications to compli- 
cated games such as cards, checkers, and chess, as well 
as real-world problems as diverse as economics, property 
division, politics, and warfare. 


see also BOREL DETERMINACY ‘THEOREM, CATE- 
GORICAL GAME, CHECKERS, CHESS, DECISION THE- 
ORY, EQUILIBRIUM POINT, FINITE GAME, FUTILE 
GAME, GAME EXPECTATION, GO, HI-Q, IMPARTIAL 
GAME, MEX, MINIMAX THEOREM, MIXED STRAT- 
EGY, NASH EQUILIBRIUM, NASH’S THEOREM, NIM, 
NIM-VALUE, PARTISAN GAME, PAYOFF MATRIX, PEG 
SOLITAIRE, PERFECT INFORMATION, SADDLE POINT 
(GAME), SAFE, SPRAGUE-GRUNDY FUNCTION, STRAT- 
EGY, TACTIX, TIT-FOR-TAT, UNSAFE, VALUE, WYTH- 
OFF’S GAME, ZERO-SUM GAME 
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Gamma Distribution 


(a, 9) =(1, 1) 
(I, 2) 


T "w 
~ (2, 3) 
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A general type of statistical DISTRIBUTION which is re- 
lated to the BETA DISTRIBUTION and arises naturally in 
processes for which the waiting times between POISSON 
DISTRIBUTED events are relevant. Gamma distributions 
have two free parameters, labeled a and @, a few of which 
are illustrated above. 


Given a POISSON DISTRIBUTION with a rate of change À, 
the DISTRIBUTION FUNCTION D(x) giving the waiting 
times until the Ath change is | 


D(x) =P(X<x)=1-P(X>2) 
h-1 


2 (Az)*e7** 
e y A 


k=0 
h-1 k 
= Az (Az) 
= Ie ` El 
k=0 


for x > 0. The probability function P(x) is then ob- 
tained by differentiating D(x), 


(1) 


P(x) = D'(x) 
h—1 h—1 
= —Az (Ax)? Ar ka) 
e O Di 
k=0 k=0 
h-—1 h-1 
—Axz — Àg (Az) Az KATA 
= A + A y a e y E 
k=1 k=1 
= kmo! (ay 
= ip re je > JB ka EN E | 
k=1 i l 
h—1 
ae A+: (12) 
=A 1- > kl 
k=1 
a, gee a. Ne a Gy ce 
did fı f |) (ADE 


(2) 


For standard 120 lines, select a mylar™ capacitor with a 
600-volt rating. Insulate the exposed capacitor leads and connect 
them directly to the terminal screws of any convenient plug. Insert 
the plug-in filter into the same outlet as used to power the offending 
contact device. 

The bypass capacitor acts as a smoothing filter for the sharp 
voltage-spike transients generated by the sparking contact. While 
it is true that the capacitor might actually resonate an unusually 
long line cord to enhance the noise at some frequency, in actual 
practice this is extremely unlikely to happen within the passband of 
most receiving installations. 


SIMPLE DIODE TESTER 


For many years I have used my ohmmeter to test diodes. The 
usual technique was to set the meter on R x 10, fumble with the 
test leads to get a “low” reading (OK in the forward direction), 
reset the meter to R x 100 or R x 1000, refumble to reverse the 
diode, and check for a “high” reading (OK in the reverse direction). 
Usually, around the second fumble I would lose track as to whether 
I actually reversed the diode and would have to fumble a few more 
times to recheck. 

Recently, I purchased a bag of 100 untested switching diodes, 
and anticipating a long evening of lead switching, testing, and 
retesting, I decided to build a simple diode tester. Construction 
time was about 15 minutes, a good investment if you occasionally 
or more than occasionally test diodes. 

The circuit shown (Fig. 11-9) was built in a 3” x 4” x 1” 
plastic box. Three holes are drilled: one for each LED and one for 


| CLIPS TO CONNECT 
DIODE UNDER TEST 
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Now let a = hand define 6 = 1/A to be the time between 
changes. Then the above equation can be written 


OD<r<o (3) 


qa=1,¿-.=/0 
P(e) = T(a)oe 
0 g <D. 


The CHARACTERISTIC FUNCTION describing this distri- 
bution is 


p(t) = (1 -it) ”, (4) 


and the MOMENT-GENERATING FUNCTION is 


M(t) = [ ett a%-1 2/8 dz 
0 : 


T(a)j8a 
00 „ale (1-0t)2/9 Jy 
|e = 
0 
In order to find the MOMENTs of the distribution, let 
_ (1—0t)jz 
y=, (6) 
dy = as, (7) 


SO 


= js Oy YN“? e°”  Ody 
MS / E — 7 T(a)j0= 1 — 6t 


1 = a—=-1 -—y 
“al ye ey 
1 
MOS ds 


and the !ogarithmic Moment-Generating function is 


R(t) = ln M(t) = —aln(1 — 8t) (9) 
! ad 
R'(t)= 3 (10) 
2 
R" (t) = i (11) 


The MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 
then 


u = R'(0) = 06 (12) 

o? = R" (0) = ab? (13) 
2 

Vii Ve (14) 

Y2 = z, (15) 


The gamma distribution is closely related to other statis- 
tical distributions. If X1, X2, ..., Xn are independent 
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random variates with a gamma distribution having pa- 
rameters (01,0), (œ2,8), ..., (Gn, 0), then Y, X; is 
distributed as gamma with parameters 


Ti Sa (16) 
v= o. (17) 


Also, if Xi and X2 are independent random variates 
with a gamma distribution having parameters (a1, @) 
and (a2, 0), then X1/(X1+X2) isa BETA DISTRIBUTION 
variate with parameters (a1,@2). Both can be derived 
as follows. 


1 = 
P A A r1 +T2 aj-1, ag 1 1 
(x,y) Tla) D1 L2 ( 8) 
Let 
u = Ti + T2 Tı = UV (19) 
T1 
= = — 2 
Ce ta = u(l — v), (20) 


= Tu, (21) 


50 


g(u,v) dudv = f(x,y) dx dy = f(z,y)ududv. (22) 


Z —u aj=1 ag-1 _ ag-1 
g(u,v) = Fonda: (uv) u (1—v) 

EN 1 =u aiytag—1_ ai—l = ag—l 

= CAEN u v (1 — v) 


(23) 


The sum X, + X2 therefore has the distribution 


1 e` byw te2—1 
u) = f(t1 + 22) = u,v) dv = — 
flu) = flr +2)= | und 
(24) 
which is a gamma distribution, and the ratio X1/(X1 + 
X2) has the distribution 


ne fend 7 [aun de 


_ ytd == y) 


B(a1,02) 


3 


(25) 


where B is the BETA FUNCTION, which is a BETA DIS- 
TRIBUTION. 


If X and Y are gamma variates with parameters a, and 
a2, the X/Y is a variate with a BETA PRIME DISTRI- 
BUTION with parameters a; and a2. Let 


U=T+Yy => (26) 
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then the JACOBIAN is 


2 
JESSE A AE a) 
x,y a y 
SO ‘i 
dx dy = (+o) du dv (28) 


ls) 


u y“ u 
(4) (1+ v)? 
1 —u aytag-1 ag—1 —a1-a 
= —_——____—_—_—_—_— 1 1 2. 
Mana). ” ee 
(29) 


The ratio X/Y therefore has the distribution 


a | Je Wy oe 


h(v) = J g(u, v) du = ~ Blaa) * (30) 


which is a BETA PRIME DISTRIBUTION with parameters 
(a1, Qu). 


The “standard form” of the gamma distribution is given 
by letting y = 2/0, so dy = dz /@ and 


pele E? (by) te” 
P(y) dy T(a)j8= de T(a)0= (9 dy) 
a—-l_-y 
y e 
mod (31) 


so the MOMENTS about Q are 


Vr = Fa) . ett da = eo = (0) 
(32) 


where (a), is the POCHHAMMER SYMBOL. The Mo- 
MENTS about p = pı are then 


ju = (33) 
2 =a (34) 
3 = 2a (35) 
pa = 8a” + Ba. (36) 


The MOMENT-GENERATING FUNCTION is 


el 
ae a 


M(t) 
and the CUMULANT-GENERATING FUNCTION 1s 
K(t) =aln(1-t)=a(t+ 3 + it +...), (38) 


so the CUMULANTS are 


Kr = al(r). (39) 


Gamma Function 


If x is a NORMAL variate with MEAN yp and STANDARD 
DEVIATION øg, then 


(x — p)° 
= ——— 40 
20? (40) 
is a standard gamma variate with parameter a = 1/2. 
see also BETA DISTRIBUTION, CHI-SQUARED DISTRIBU- 
TION 
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Gamma Function 


Re[Gamma z] 


The complete gamma function is defined to be an exten- 
sion of the FACTORIAL to COMPLEX and REAL NUMBER 
arguments. It is ANALYTIC everywhere except at z = 0, 
—1,-—2,.... It can be defined as a DEFINITE INTEGRAL 
for R[z] > 0 (Euler’s integral form) 


ra= f te” dt (1) 
0 
= 2 | ee ede (2) 
0 


T(z) = f E og dt. (3) 


INTEGRATING (1) by parts for a REAL argument, it can 
be seen that 


r@= f te “di 
0 


=[-4 e "IF + / (x — 1) *e~* dt 
0 


or 


= (a — » | t? edt = (x —1)T (x — 1). 
(4) 


Gamma Function 


If x is an INTEGER n = 1, 2, 3, ... then 
P(n) = (n-1)P(m — 1) = (n — 1)(m — 2)T (n — 2) 
= (n= 1)(n- 2) -1= (n-— 1)!, (5) 


so the gamma function reduces to the FACTORIAL for a 
POSITIVE INTEGER argument. 


BINET’S FORMULA is 


, > tan (5) 
InT(a) = (a— 53) Ina—a+t 5 In(27) + 2 cane 1 % 
0 
(6) 
for R[a] > 0 (Whittaker and Watson 1990, p. 251). The 
gamma function can also be defined by an INFINITE 


PRODUCT form (Weierstraf Form) 


Oo 


r(2) = ca [I (+2) e ow 


r=1 


where y is the EULER-MASCHERONI CONSTANT. This 
can be written 


P(2) = = exp » cet | (8) 

where 
s1 = Y (9) 
sk = C(k) (10) 


for k > 2, where ¢ is the RIEMANN ZETA FUNCTION 
(Finch). Taking the logarithm of both sides of (7), 


in) Siew Y fin (1 ze = = =] _ (11) 


Differentiating, 
T(z) 1 — 2 1 
TT) FR = ~ 3 
aar A 
(2) = —T(2) E ++ y (— a 3) (13) 
= P(z)¥ (2) = P(z)do(z) (14) 


+(s——-3)+ 
3+n 3 


E ta 3 (16) 
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where W(2) is the DIGAMMA FUNCTION and wo(z) is 
the POLYGAMMA FUNCTION. nth derivatives are given 
in terms of the POLYGAMMA FUNCTIONS Wn, Un—1) +++» 


Wo. 


The minimum value xo of T(x) for REAL POSITIVE z = 
Zo is achieved when | 


I" (xo) = P(zo)Yo(zo) = 0 (17) 
Wo(zo) = 0, (18) 


This can be solved numerically to give zo = 1.46163... 
(Sloane’s A030169), which has CONTINUED FRAC- 
TION |1, 2, 6, 63, 135, 1, 1, 1, 1, 4, 1, 38, ...] 
(Sloane’s A030170). At xo, I'(zo) achieves the value 
0.8856031944... (Sloane’s A030171), which has Con- 
TINUED FRACTION (0, 1, 7, 1, 2, 1, 6, 1, 1, ...] (Sloane’s 
A030172). 


The Euler limit form is 


1 ; m-lnm)z 
=| lim e(0+41/2+...+1/m=Inm) | 


T(z) m—00 
[e Ae} 
m-—>+00 n 
n=l . 
a 1\? z\71 
= — 1+ — 1+ — 1 
STL (+3) (a ) | (19) 
SO 
1.2.3..n 
r = li n PE A ee 20 
a 
The LANCZOS APPROXIMATION for z > 0 is 
T(z + 1) = (2+y+ e a = 
C1 Ca Cn 
A ee f 21 
x Jeo +- +-+ + +e] (21) 


The complete gamma function D'(x) can be generalized 
to the incomplete gamma function T'(x,a) such that 
r(x) = T(x,0). The gamma function satisfies the re- 
currence relations 


(1 +2) = 2T(2) (22) 
(1 — z) = —-2D(-2). (23) 
Additional identities are 


T 


Ma) (=x) = E (24) 

T(2)P(1 — 2) = Sea) (25) 
Inf (a + iy + 1)] = In(x? + y?) + ¿tan? (2) 

+ In[P(z + ¿y)] (26) 

G? = So (27) 


(n+ ix)! = , ne [| Vs +2. (28) 


698 Gamma Function 


For integral arguments, the first few values are 1, 1, 
2, 6, 24, 120, 720, 5040, 40320, 362880, ... (Sloane's 
A000142). For half integral arguments, 


P(E) = va 29) 
r(3) = Eva (30) 
1(3)=3ym. (31) 


In general, for m a POSITIVE INTEGER m = 1, 2, ... 


9m 


am ez (32) 
a 2" Jr 
yr. (33) 


A 


I(3+m) 


il 


AAA 
A non 


_ (-1)"2™ 
= (2m — 1)! 


For R[z] = —$, 


a 
[a + ty)! cosh(ry)' 
Gamma functions of argument 2z can be expressed using 
the LEGENDRE DUPLICATION FORMULA 

T'(2z) = (20) 22% WBrn0rGW+2). (35) 


Gamma functions of argument 3z can be expressed using 
a triplication FORMULA 


T(32) = (20) 3"PHOTE+DIG6+2). (36) 


The general result is the GAUSS MULTIPLICATION FOR- 
MULA 


T(z)P'(z+ 4)--- (2+ M4) = (29 n PT (nz). 

(37) 
The gamma function is also related to the RIEMANN 
ZETA FUNCTION ¢ by 


T (5) n-2/2¢(3) =T (==) n--)/2¢(4 — s). (38) 


Borwein and Zucker (1992) give a variety of identities 
relating gamma functions to square roots and ELLIPTIC 
INTEGRAL SINGULAR VALUES kn, 1.€., MODULI kn such 
that 


= yn, (39) 


(34) 
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where K(k) is a complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND and K'(k) = K(k') = K(v1-— k?) is the 


complementary integral. 


r(}) 2 27/93-1/12,1/3 1 (gg (40) 

(5) =20 "(K(k)" (41) 

(3) = 293g TS)? (42) 

P(4)r(8) = (V2 — 112284 P K(k) (43) 

a = 2(V2 + 1) Pr IK (kr) (44) 
8 

RG Ses (v3 +1) eG) (48) 
5 \ _ 91/49-1/8 caga DG) 

E e a E (46) 

id = V3V2+V3 (47) 

nae =4-3/V3+vV2)7 ""K(k1) (48) 
24 24 

aaa Z peo & 1)r [K (ks) |? 


(49) 

TGITGHTGITGA) 
= 384(V2 + 1)(V3 — V2)(2— v3)r[K(ks)]? (50) 
P(A) =2 "548410 PTG) (51) 


T(5) 


MN) = 27 (v5 -1r (52) 


15) — 2. 31/2516 (2 TP (53) 


— 92, 32/5 sin(tr) sin( Em (¿3 (54) 
(zs) 
sin(757) 
Tas Ps) = 60(V5 — 1)sin(Zm)[K (kıs)? 
(56) 


=p Gs ey (57) 


9 
20 
7 
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= 2° (10 + 2V5) Aa? sin( 47) sin( 27) [Ey 


(59) 
LEG) Or rae 
= 160(V5 — 2)'/?a{[K(ks)]’. (60) 
A few curious identities include 
s 640 i 
E o, HE 
[ram =a (3) (61) 
T 1 4 2 2 _ 2 

ACI ed e 

167? gail pa pi 

f T' 1 

T TG) am? (63) 


(Magnus and Oberhettinger 1949, p. 1). Ramanujan 
also gave a number of fascinating identities: 


T’ (n+ 1) B - a 
D(n + xi + 1)P(n-— xi+1) “Y j+ cd 


(64) 
O B(m4+ 0h (n +1) 
PTOI For ea aE One at ak) 
y cosh[m(m + n)v3] ~ cos[x(m~n)] (gg) 


272(m? + mn +n?) 


where 


E cosh(rny3 ) — cos(rn) (67) 


9n+2 773/27, 


(Berndt 1994). 


The following ASYMPTOTIC SERIES is occasionally use- 
ful in probability theory (e.g., the 1-D RANDOM WALK): 


E 1 1 


T(J) 787 * 12872 
5 21 
Pio24J3 3276874 * =) (68) 


(Graham et al. 1994). This series also gives a nice 
asymptotic generalization of STIRLING NUMBERS OF 
THE FIRST KIND to fractional values. 


It has long been known that Nh? is TRANSCEN- 
DENTAL (Davis 1959), as is T(5) (Le Lionnais 1983), and 
Chudnovsky has apparently recently proved that (3) 
is itself TRANSCENDENTAL. 
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The upper incomplete gamma function is given by 


T(a, 2) = f tlet dt =1-— y(a,£), (69) 


where y is the lower incomplete gamma function. For a 
an INTEGER n 
n—-1 


ns 


T(n, 2) = (n— Mle * ` EI = (n — le”? esn—1(1), 
3=0 
(70) 
where es is the EXPONENTIAL SUM FUNCTION. The 
lower incomplete gamma function is given by 


yla, 1) =T'(a) — Tía, £) = / ett? dt 


= a tae” Fi (1; 1+a;12) 
=a *x*,F,(a;1+a;-—2), (71) 


where 1F (a; b; x) is the CONFLUENT HYPERGEOMETRIC 
FUNCTION OF THE FIRST KIND. For a an INTEGER n, 


= (n — 1)! (1 — esn-1(x)). (72) 


The function I(a,z) is denoted Gammala,z] and 
the function y(a,z) is denoted Gamma[a,0,z] in 
Mathematica® (Wolfram Research, Champaign, IL). 


see also DIGAMMA FUNCTION, DOUBLE GAMMA FUNC- 
TION, FRANSEN-ROBINSON CONSTANT G-FUNCTION, 
GAUSS MULTIPLICATION FORMULA, LAMBDA FUNC- 
TION, LEGENDRE DUPLICATION FORMULA, MU FUNC- 
TION, NU FUNCTION, PEARSON’S FUNCTION, POLY- 
GAMMA FUNCTION, REGULARIZED GAMMA FUNCTION, 
STIRLING’S SERIES 
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Gamma Group 
The gamma group F is the set of all transformations w 


of the form 
at+ 6 


ct +d’ 
where a, b, c, and d are INTEGERS and ad — bc = 1. 


w(t) = 


see also KLEIN’S ABSOLUTE INVARIANT, LAMBDA 
GROUP, THETA FUNCTION 
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Gamma-Modular 
see MODULAR GAMMA FUNCTION 


Gamma Statistic 


Kr 
Yr = ort2’ 


where xr are CUMULANTS and ø is the STANDARD DE- 
VIATION. 
see also KURTOSIS, SKEWNESS 


Garage Door 
see ASTROID 


Gauss’s Backward Formula 


Garding’s Inequality 

Gives a lower bound for the inner product (Lu, u), where 
L is a linear elliptic REAL differential operator of order 
m, and u has compact support. 
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. Knapp, A. W. “Group Representations and Harmonic Anal- 


ysis, Part 11.” Not. Amer. Math. Soc. 43, 537-549, 1996. 


Garman-Kohlhagen Formula 


V = e ” SiN(dı) == e " KN(də), 
where N is the cumulative NORMAL DISTRIBUTION and 
log (2) + (r—yit30*)r 
dı, d2 — -— A 
T/T 


If y = 0, this is the standard form of the Black-Scholes 
formula. 


see also BLACK-SCHOLES THEORY 
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Gate Function 
Bracewell's term for the RECTANGLE FUNCTION. 
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Gauche Conic 
see SKEW CONIC 


Gaullist Cross 


A CROSS also called the CROSS OF LORRAINE or PATRI- 
ARCHAL CROSS. 


see also CROSS, DISSECTION 


Gauss’s Backward Formula 


fo = fo+p8-1/2+Gh09+G3071/2+Gi69+G5Ó77/2+-.-, 


for p € [0,1], where 6 is the CENTRAL DIFFERENCE and 
a p+n 
Gon = 


+n 
Gzn+1 = Ea ip 


Gauss-Bodenmiller Theorem 


where (z) is a BINOMIAL COEFFICIENT. 


see also CENTRAL DIFFERENCE, GAUSS’S FORWARD 
FORMULA 
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Gauss-Bodenmiller Theorem 
The CIRCLES on the DIAGONALS of a COMPLETE QUAD- 
RILATERAL as DIAMETERS are COAXAL. Furthermore, 
the ORTHOCENTERS of the four TRIANGLES of a COM- 
PLETE QUADRILATERAL are COLLINEAR on the RADI- 
CAL AXIS of the COAXAL CIRCLES. 


see also COAXAL CIRCLES, COLLINEAR, COMPLETE 
QUADRILATERAL, DIAGONAL (POLYGON), ORTHOCEN- 
TER, RADICAL AXIS 
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Gauss-Bolyai-Lobachevsky Space 
A non-Euclidean space with constant NEGATIVE GAUS- 
SIAN CURVATURE. 


see also LOBACHEVSKY-BOLYAI-GAUSS GEOMETRY, 
NON-EUCLIDEAN GEOMETRY 


Gauss-Bonnet Formula 

The Gauss-Bonnet formula has several formulations. 
The simplest one expresses the total GAUSSIAN CUR- 
VATURE of an embedded triangle in terms of the total 
GEODESIC CURVATURE of the boundary and the JUMP 
ANGLES at the corners. 


More specifically, if M is any 2-D RIEMANNIAN MANI- 
FOLD (like a surface in 3-space) and if T is an embedded 
triangle, then the Gauss-Bonnet formula states that the 
integral over the whole triangle of the GAUSSIAN CUR- 
VATURE with respect to AREA is given by 27 minus the 
sum of the JUMP ANGLES minus the integral of the GEO- 
DESIC CURVATURE over the whole of the boundary of the 
triangle (with respect to ARC LENGTH), 


f| xa Yo | roas (1) 


where K is the GAUSSIAN CURVATURE, dA is the AREA 
measure, the a;s are the JUMP ANGLES of OT, and kg 
is the GEODESIC CURVATURE of OT, with ds the ARC 
LENGTH measure. 


The next most common formulation of the Gauss- 
Bonnet formula is that for any compact, boundaryless 
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2-D RIEMANNIAN MANIFOLD, the integral of the GAUS- 
SIAN CURVATURE over the entire MANIFOLD with re- 
spect to AREA is 27 times the EULER CHARACTERISTIC 
of the MANIFOLD, 


/ J K dA = 2rx( M). (2) 


This is somewhat surprising because the total GAUSSIAN 
CURVATURE is differential-geometric in character, but 
the EULER CHARACTERISTIC is topological in character 
and does not depend on differential geometry at all. So 
if you distort the surface and change the curvature at 
any location, regardless of how you do it, the same total 
curvature is maintained. 


Another way of looking at the Gauss-Bonnet theorem for 
surfaces in 3-space is that the GAUSS MAP of the surface 
has DEGREE given by half the EULER CHARACTERISTIC 
of the surface 


J| Kia- axm -Y a -f rads (3) 


which works only for ORIENTABLE SURFACES. This 
makes the Gauss-Bonnet theorem a simple consequence 
of the POINCARE-HOPF INDEX THEOREM, which is a 
nice way of looking at things if you're a topologist, but 
not so nice for a differential geometer. This proof can 
be found in Guillemin and Pollack (1974). Millman 
and Parker (1977) give a standard differential-geometric 
proof of the Gauss-Bonnet theorem, and Singer and 
Thorpe (1996) give a GAUSS's THEOREMA EGREGIUM- 
inspired proof which is entirely intrinsic, without any 
reference to the ambient EUCLIDEAN SPACE. 


A general Gauss-Bonnet formula that takes into account 
both formulas can also be given. For any compact 2-D 
RIEMANNIAN MANIFOLD with corners, the integral of 
the GAUSSIAN CURVATURE over the 2-MANIFOLD with 
respect to AREA is 27 times the EULER CHARACTERIS- 
TIC of the MANIFOLD minus the sum of the JUMP AN- 
GLES and the total GEODESIC CURVATURE of the bound- 
ary. 
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Gauss-Bonnet Theorem 
see GAUSS-BONNET FORMULA 
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Gauss's Circle Problem 


Count the number of LATTICE POINTS N(r) inside the 
boundary of a CIRCLE of RADIUS r with center at the 
origin. The exact solution is given by the SuM 


Lr] 


N(r)=144 1144) |v]. (1) 


The first few values are 1, 5, 13, 29, 49, 81, 113, 149, ... 
(Sloane’s A000328). 


Gauss showed that 
N(r) = xr? + E(r), (2) 


where 


|E(r)| < 2V2 xr. (3) 


Writing |E(r)| < Cr?, the best bounds on @ are 1/2 < 
0 < 46/73 = 0.630137 (Huxley 1990). The problem 
has also been extended to CONICS and higher dimen- 
sions. The limit 1/2 was obtained by Hardy and Landau 
(1915), and the limit 46/73 improves previous values of 
24/37 = 0.64864 (Cheng 1963) and 34/53 = 0.64150 
(Vinogradov), and 7/11 œ 0.63636. 


see also CIRCLE LATTICE POINTS 
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Gauss’s Class Number Conjecture 

In his monumental treatise Disquisitiones Arithmeticae, 
Gauss conjectured that the CLASS NUMBER h(—d) of 
an IMAGINARY quadratic field with DISCRIMINANT —d 
tends to infinity with d. A proof was finally given by 
Heilbronn (1934), and Siegel (1936) showed that for any 
e > 0, there exists a constant ce > 0 such that 


h(—d) > cd'S 


Gauss’s Class Number Problem 


as d > oo. However, these results were not effective 
in actually determining the values for a given m of a 
complete list of fundamental discriminants —d such that 
h(—d) = m, a problem known as GAUSS’S CLASS NUM- 
BER PROBLEM. 


Goldfeld (1976) showed that if there exists a “Weil 
curve” whose associated DIRICHLET L-SERIES has a zero 
of at least third order at s = 1, then for any e > 0, there 
exists an effectively computable constant ce such that 


h(—d) > c«(Ind)'”*. 


Gross and Zaiger (1983) showed that certain curves must 
satisfy the condition of Goldfeld, and Goldfeld’s proof 
was simplified by Oesterlé (1985). 


see also CLASS NUMBER, GAUSS’S CLASS NUMBER 
PROBLEM, HEEGNER NUMBER 
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Gauss’s Class Number Problem 

For a given m, determine a complete list of fundamen- 
tal DISCRIMINANTS —d such that the CLASS NUMBER 
is given by h(—d) = m. Heegner (1952) gave a solution 
for m = 1, but it was not completely accepted due to a 
number of apparent gaps. However, subsequent exam- 
ination of Heegner’s proof show it to be “essentially” 
correct (Conway and Guy 1996). Conway and Guy 
(1996) therefore call the nine values of n(—d) having 
h(—d) = 1 where —d is the DISCRIMINANT correspond- 
ing to a QUADRATIC FIELD a+b /—n (n = —1, —2, —3, 
—7, —11, —19, -43, -67, and —163; Sloane’s A003173) 
the HEEGNER NUMBERS. The HEEGNER NUMBERS have 
a number of fascinating properties. 


Stark (1967) and Baker (1966) gave independent proofs 
of the fact that only nine such numbers exist; both 
proofs were accepted. Baker (1971) and Stark (1975) 
subsequently and independently solved the generalized 
class number problem completely for m = 2. Oesterlé 
(1985) solved the case m = 3, and Arno (1992) solved 
the case m = 4. Wagner (1996) solve the cases n = 5, 6, 
and 7. Arno et al. (1993) solved the problem for ODD 
m satisfying 5 < m < 23. 


Gauss’s Constant 


see also CLASS NUMBER, GAUSS’S CLASS NUMBER 
CONJECTURE, HEEGNER NUMBER 
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Gauss’s Constant 
The RECIPROCAL of the ARITHMETIC-GEOMETRIC 
MEAN of 1 and V2, 


1 2 


(1) 


~o o 
M(1, v2) d y1-— qt a 


-2 dO a 
n Jo y 1 +sin? 6 


(A 
=x (5) 
1 1372 
= eya al! (3) 
= 0.83462684167..., (4) 


where K(k) is the complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND and I (z) is the GAMMA FUNCTION. 


see also ARITHMETIC-GEOMETRIC MEAN, GAUSS- 
KUZMIN-WIRSING CONSTANT 
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Gauss’s Criterion 

Let p be an ODD PRIME and b a POSITIVE INTEGER not 
divisible by p. Then for each POSITIVE ODD INTEGER 
2k — 1 < p, let r; be 


rk = (2k — 1)b (mod p) 


with 0 < rx < p, and let t be the number of EVEN 7s. 
Then 


where (b/p) is the LEGENDRE SYMBOL. 
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Gauss’s Double Point Theorem 

If a sequence of DOUBLE POINTS is passed as a CLOSED 
CURVE is traversed, each DOUBLE POINT appears once 
in an EVEN place and once in an ODD place. 
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Gauss Equations 
If x is a regular patch on a REGULAR SURFACE in R° 
with normal N, then 


Xuu = Tiixe + Tix» + eN (1) 
Xuv = Vigxu + Tiox, + fÑ (2) 
Xyy = TyoXu ly To i%s T gÑ, (3) 


where e, f, and g are coefficients of the second FUNDA- 
MENTAL FORM and ri are CHRISTOFFEL SYMBOLS OF 
THE SECOND KIND. 


see also CHRISTOFFEL SYMBOL OF THE SECOND KIND, 
FUNDAMENTAL FORMS, MAINARDI-CODAZZI EQUA- 
TIONS 
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Gauss’s Equation (Radius Derivatives) 
Expresses the second derivatives of r in terms of the 


CHRISTOFFEL SYMBOL OF THE SECOND KIND. 


rij = Tire + (ri; £ n)n. 
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Gauss’s Formula 


xP — y? E 
4 = R (x,y) — DPS” (x,y), 
TY 
where R and S are HOMOGENEOUS POLYNOMIALS in g 
and y with integral COEFFICIENTS. 


see also AURIFEUILLEAN FACTORIZATION, GAUSS'S 
BACKWARD FORMULA, GAUSS’S FORWARD FORMULA 
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Gauss’s Formulas 
Let a SPHERICAL TRIANGLE have sides a, b, and c with 
A, B, and C the corresponding opposite angles. Then 


sin[5(a — b)] _ sin[5(A — B)] 


sin(3c) cos(3C) (1) 
sin[5(a + b)] B cos[5(A — B)| (2) 

sin(3c)  sin(3C) 
cos[5(a—b)]  sin[¿(4+ B)] 

cos(3c) cos(iC) (3) 
cos[5(a +b)]  cos[¿(A+ B} 

cos(hc)  sim(iC) ` (4) 


see also SPHERICAL TRIGONOMETRY 


Gauss’s Forward Formula 


fo = fo + pb1/2 + G2ô0 + Gsdq/2 + Gaðo + Gsójj2 +., 


for p € [0,1], where ô is the CENTRAL DIFFERENCE and 


— 1 
Gon = a 
+n 
Gan+1 = te dE L): 


where (?) is a BINOMIAL COEFFICIENT. 


see also CENTRAL DIFFERENCE, GAUSS’S BACKWARD 
FORMULA 
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Gauss’s Harmonic Function Theorem 

If a function ¢ is HARMONIC in a SPHERE, then the value 
of ¢ at the center of the SPHERE is the ARITHMETIC 
MEAN of its value on the surface. 


Gauss-Jacobi Mechanical Quadrature 


Gauss’s Hypergeometric Theorem 


D(c)P(c— a — b) 

[(c — a)T'(c — b) 

for Ric — a — b] > 0, where 2F (a, 6; c; 2) is a HYPERGE- 
OMETRIC FUNCTION. If a is a NEGATIVE INTEGER —n, 
this becomes 


2Fı (a,b; c; 1) = 


c—b 
2F,(—n, b; C; 1) = tec ey 
Cin 
which is known as the VANDERMONDE THEOREM. 
see also GENERALIZED HYPERGEOMETRIC FUNCTION, 
HYPERGEOMETRIC FUNCTION 


References 
Petkovsek, M.; Wilf, H. S.; and Zeilberger, D. A=B. Welles- 
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Gauss’s Inequality 
If a distribution has a single MODE at po, then 


4 
P(lx — po] > Ar) < 9A2? 


where 
T’ =a" +(u— po)”. 


Gauss’s Interpolation Formula 


2n 
f(a) ~ tn (2) = X  feCx(o), 
k=0 
where t, (1) is a trigonometric POLYNOMIAL of degree n 
such that tn(a.) = fr for k=0,..., 2n, and 


sin[5(x — 2o)] ---sin[5(u — 2-1) 


sin[$ (x — Lr+1)] > sin[4 (x — Tən )| 
sin[} (sx = Tk+1)| En sin[3 (£x = Tzn )] | 
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Gauss-Jacobi Mechanical Quadrature 
If zı <x2<... < En denote the zeros of p,(x), there 
exist REAL NUMBERS A1,A2,..., Àn such that 


b 
| ADS 


for an arbitrary POLYNOMIAL of order 2n — 1 and the 
A, s are called CHRISTOFFEL NUMBERS. The distribu- 
tion da(x) and the INTEGER n uniquely determine these 
numbers A». 
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TOGGLE 
SWITCH 


Fig. 11-10. Front-panel layout. z 


the toggle switch. The “instruction plate” was written on a self- 
stick label and mounted just above the switch. Two test leads with 
clips are brought out to connect with the diode as shown by the 
symbol drawn just below the switch. Figure 11-10 shows the 
physical arrangement of the front panel. 

A standard 9-volt battery connector is brought out the back to 
power the circuit. I recently have standardized all of my small test 
instruments on 9 volts and bring out the connectors. When I want to 
use an instrument, I simply connect a 9-volt battery, thus saving on 
power supplies and multiple batteries for instruments I only occa- 
sionally use. 

Operation of the tester follows the “instruction plate.” Con- 
nect the diode, throw the toggle switch to the left, and check that 
both the red and green LEDs are on. If only the red LED fires, the 
diode is open. Now throw the toggle to the right; only the green 
LED should be on. If both the red and green LEDs fire, the diode is 
shorted. Note: If the diode fails both tests, you probably have 
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Gauss-Jordan Elimination 
A method for finding a MATRIX INVERSE. To apply 
Gauss-Jordan elimination, operate on a MATRIX 


Q11 SP are Qin 1 0 mks 0 

a21 eare An 0 1 0 
A AS ; 

Ani Pee Ann 0 0 e 1 


where | is the IDENTITY MATRIX, to obtain a MATRIX 
of the form 


1 0 0 bi bin 
0 1 0 b21 ban 
0 0 1 bni bnn 
The MATRIX 
b11 Din 
b21 ban 
B= . 
bni i ban 


is then the MATRIX INVERSE of A. The procedure is 
numerically unstable unless PIVOTING (exchanging rows 
and columns as appropriate) is used. Picking the largest 
available element as the pivot is usually a good choice. 


see also GAUSSIAN ELIMINATION, LU DECOMPOSITION, 
MATRIX EQUATION | 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vet- 
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Gauss-Kummer Series 


vo a 2 
at) (1) 


n=0 
= 1,2, 1,4, 1 ¿6 
=1 EEG ER Pass 
where 2F, (a, b; c; x) is a HYPERGEOMETRIC FUNCTION. 


This can be derived using KUMMER’S QUADRATIC 
TRANSFORMATION. 


Gauss-Kuzmin-Wirsing Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let xo be a random number from [0,1] written as a 
simple CONTINUED FRACTION 


et |e ee ee (1) 
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Define 


Ln =0+ 


An+1 + 1 


Qn+3 +... 


— E | | (2) 


Gauss (1800) showed that if F(n,z) is the probability 
that £n < x, then 


An+2 + 


In(1 + 2) 
lim F = ————, 
aes In 2 (3) 
Kuzmin (1928) published the first proof, which was sub- 
sequently improved by Lévy (1929). Wirsing (1974) 
showed, among other results, that 


F(n,x) - +2 
lim —————!2 =v 4 
lim Cay W(x), (4) 
where A = 0.3036630029... and W(x) is an analytic 
function with ¥(0) = (1) = 0. This constant is con- 
nected to the efficiency of the EUCLIDEAN ALGORITHM 


(Knuth 1981). 
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Gauss-Laguerre Quadrature 
see LAGUERRE-GAUSS QUADRATURE 


Gauss’s Lemma 

Let the multiples m, 2m, ..., [(p-1)/2]m of an INTEGER 
such that p{m be taken. If there are an EVEN number 
r of least POSITIVE RESIDUES mod p of these numbers 
> p/2, then m is a QUADRATIC RESIDUE of p. If r is 
ODD, m is a QUADRATIC NONRESIDUE. Gauss’s lemma 
can therefore be stated as (m|p) = (—1)”, where (m|p) 
is the LEGENDRE SYMBOL. It was proved by Gauss as 
a step along the way to the QUADRATIC RECIPROCITY 
THEOREM. 


see also QUADRATIC RECIPROCITY THEOREM 
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Gauss’s Machin-Like Formula 
The MACHIN-LIKE FORMULA 


lm = 12cot * 18 + 8cot™* 57 — Scot * 239. 


Gauss-Manin Connection 
A connection defined on a smooth ALGEBRAIC VARIETY 
defined over the COMPLEX NUMBERS. 
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Gauss Map 

The Gauss map is a function from an ORIENTABLE SUR- 
FACE in EUCLIDEAN SPACE to a SPHERE. It associates 
to every point on the surface its oriented NORMAL VEC- 
TOR. For surfaces in 3-space, the Gauss map of the 
surface has DEGREE given by half the EULER CHARAC- 
TERISTIC of the surface 


J| Kia- zaxm -X ai -f Kg ds, 


which works only for ORIENTABLE SURFACES. 


see also CURVATURE, NIRENBERG’S CONJECTURE, 


PATCH 
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Gauss’s Mean-Value Theorem 
Let f(z) be an ANALYTIC FUNCTION in |z — al < R. 
Then 


27 
f= Hetrat 
21 5 
forO<r< R. 


Gauss Measure 
The standard Gauss measure of a finite dimensional 
REAL HILBERT SPACE H with norm || + || has the 
BOREL MEASURE 


ua (dh) = (Vary 09 exp(4||hll) An (dh), 
where Aq is the LEBESGUE MEASURE on H. 
Gauss Multiplication Formula 


(Onr) D/2nV/2-" nz) 
=[(z)P(z++)P(z+ 2) T(z + 2) 


Gauss’s Theorem 


where T'(2) is the GAMMA FUNCTION. 
see also GAMMA FUNCTION, LEGENDRE DUPLICATION 
FORMULA, POLYGAMMA FUNCTION 
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Gauss Plane 
see COMPLEX PLANE 


Gauss’s Polynomial Theorem 
If a POLYNOMIAL 


f(z) =a + Ci + Oar? +... + Cn 


with integral COEFFICIENTS is divisible into a product 
of two POLYNOMIALS f = YO 


y= r” tar” p... HAm 


@=a E E T Bn, 


then the COEFFICIENTS of this POLYNOMIAL are INTE- 
GERS. 


see also ABEL’S IRREDUCIBILITY THEOREM, ABEL’S 
LEMMA, KRONECKER’S POLYNOMIAL THEOREM, POLY- 
NOMIAL, SCHOENEMANN’S THEOREM 
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Gauss’s Reciprocity Theorem 
see QUADRATIC RECIPROCITY THEOREM 


Gauss-Salamin Formula 
see BRENT-SALAMIN FORMULA 


Gauss’s Test 


Tf un > 0 and given B(n) a bounded function of n as 


n — oo, express the ratio of successive terms as 


n h B 
Teea a 


The SERIES converges for h >1 and diverges for h < 1. 
see also CONVERGENCE TESTS 
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Gauss’s Theorem 
see DIVERGENCE THEOREM 
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Gauss's Theorema Egregium 

Gauss's theorema egregium states that the GAUSSIAN 
CURVATURE of a surface embedded in 3-space may 
be understood intrinsically to that surface. “Resi- 
dents” of the surface may observe the GAUSSIAN CUR- 
VATURE of the surface without ever venturing into full 
3-dimensional space; they can observe the curvature of 
the surface they live in without even knowing about the 
3-dimensional space in which they are embedded. 


In particular, GAUSSIAN CURVATURE can be measured 
by checking how closely the ARC LENGTH of small Ra- 
DIUS CIRCLES correspond to what they should be in Eu- 
CLIDEAN SPACE, 27r. If the ARC LENGTH of CIRCLES 
tends to be smaller than what is expected in EUCLID- 
EAN SPACE, then the space is positively curved; if larger, 
negatively; if the same, 0 GAUSSIAN CURVATURE. 


Gauss (effectively) expressed the theorema egregium by 
saying that the GAUSSIAN CURVATURE at a point is 
given by —R(v,w)v,w, where R is the RIEMANN TEN- 
SOR, and v and w are an orthonormal basis for the TAN- 
GENT SPACE. 


see also CHRISTOFFEL SYMBOL OF THE SECOND KIND, 
GAUSS EQUATIONS, GAUSSIAN CURVATURE 
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Gauss’s Transformation 
If 
(1+ asin’ a) sinZ = (1 + z) sina, 


then 


ata) "LG = f/ __#__ 
o s/l1—2z?sin’ @ 0 j= sin? $ 


see also ELLIPTIC INTEGRAL OF THE FIRST KIND, LAN- 
DEN’S TRANSFORMATION 


Gaussian Approximation Algorithm 
see ARITHMETIC-GEOMETRIC MEAN 


Gaussian Bivariate Distribution 
The Gaussian bivariate distribution is given by 


1 Z 
se ta e 
27101021/1 — p? 2(1 — p°) (1) 
where 
_ (e — p)? — 2p(zı — pa) (ez — p2) E pu)” 
~ aj? 71023 a2?  ” 
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and 
(1102) = (21) (£2) (3) 


p = cov (z1, £2) = a 


is the COVARIANCE. Let Xi and X2 be normally and 
independently distributed variates with MEAN 0 and 
VARIANCE 1. Then define 


Yi = 1 + 01141 +0124 (4) 
Yo = pa +021X1 + 022 X2. (5) 


These new variates are normally distributed with MEAN 
1 and po, VARIANCE 


2 2 2 
01 =o011 + 012 (6) 
2_ 2 2 
02 =021 +022 , (7) 
and COVARIANCE 
Vio = 011021 + 012022. (8) 


The COVARIANCE matrix is 


01 po1902 
t == 3 9 
a o ar (9 
where y x 
12 011021 + 012022 
p= — = OO .. (10) 
0102 0102 


The joint probability density function for xı and 2 is 
1 —(#17+227)/2 
f(x, 22) de: dio = n” dx} dx2. (11) 


However, from (4) and (5) we have 
be en = pon i ll l (12) 
y2 — H2 O21 022 T2 


d11 12 
O21 022 


Now, if 
#0, (13) 


then this can be inverted to give 


—1 
Lt1| |O11 O12 Yi — Hi 
T2 O21 022 Ya — H2 
1 022 —012 yı — Hı 
011022 — 012021 | -021 O11 Ya — H2 


(14) 


Therefore, 


[a22 (y1 — a) — 012 (ya — H2)? 
(011092 — 012021)? 
[—o21(y1 — 11) + 011 [ya — pa)” (15) 
(011022 — 012021)? 


2 2 
Tı +r? = 


+ 


708 Gaussian Bivariate Distribution 
Expanding the NUMERATOR gives 


022 (y T pay — 2012022(y1 — pi) ya — H2) 
+012 (ya = pa) + oz (yı = pay 
—2011091(Y1 An p1)(ya = u2) a 011 (yo a uy, 
(16) 


50 


(t z t2°)(o11022 = 032091)" 
= (yı — m) (02° F T22) 
—2(y1 = pa) ya = pa) (011021 T 012022) 
+(y2 — m) (117 T 712°) 
= 027 (y — 1)” — 2(y1 — m )(y2 — 12)(p0102) 
2 2 
+01 (y2 — H2) 


2 2191 —p1)"  2p(y1 — 11) (y2 — p2) 


= 71 02 2 
O1 0102 
(y2 — a)” 
+ ——_—— |. (17 
|. (17) 
But 
1 e 1 = oi o: 
=p tes ee 2° 01209? — Vio? 
41732 
e Gos? 
7 (0112 + 0122) (021? + 022?) — (011021 + 012022)? 


(18) 
The DENOMINATOR is 


2 2 2 2 2 2 2 2 2 2 
011 021 +011 022 + 012 021 + 012 022 — 011 921 


2 2 2 
— 2011012021922 — 012 022 = (011022 — 012021) ) (19) 


sO 


1 _ a 0 20 
loo = 2 ( ) 
p (011022 — 012021) 
and 
1 
2 2 
gı trz: = 
1 — p? 
‘ (yi — m)?  2p(y1 — #1) {y2 — 12) 1 (y2 — m2) 
C12 C102 O27 


(21) 


Solving for xı and x2 and defining 


r 0102/1 — p? (22) 


p = 
011022 — 012021 
glves 
a da2 (y — Hı) 2 o12(y2 — H2) (23) 
p 
PRR —oo1(y1 — Ha) + 911 (ya — M2) (24) 


p' 
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The JACOBIAN 1s 


O21 021 722 T 
J T1 ? 22 a 0y1 042 — p! == Aa 
y T | 0x2 ðza | 721 911 


1 
= =3 (011022 — 012021) 


P 
1 1 
== a (25) 
P 0102/1 — p? 
Therefore, 
dy; d 
dz dx» = iat (26) 
71024/1— p? 
and 
l (a1? +4+227)/2 
—e dz, dx 
21 
1 
A ee dy, dy2, (27) 
2701024/1— p? 
where 
= 1 
= 172 
o | aba)? _ 20 = 10) = Ma) , (y2 = pa)” 
91? 7107 go? 
(28) 
Now, if 
Olli 012 = 0, (29) 
O21 022 
then 
011012 = 012021 (30) 
Yı = Hı + 01171 + 01272 (31) 
ds 712021 a 4 01102121 + 01202172 
011 011 
O 
= Ha + — (ont + 01212), (32) 
011 
sO 
Yı = Hı + T3 (33) 
o 
yo = u2 + 23, (34) 
011 
where oe 
23 = Yı — pı = — (y2 — p2). (35) 
021 


The CHARACTERISTIC FUNCTION is given by 


oo oo 
plti, t2) = / J et(tiz1+t222) pay, £2) dx1 dz2 
—oo J -o0 


= wf / p (t1T1+t202) exp ura] dz, dez, 
ae ee — P 


(36) 
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where 


z= E, | 


o? 0102 oz? 
(37) 
and i 
N = ————.. (38) 
270102 1 — p? 
Now let 
u = zı — Mi (39) 
W = T2 — H2. (40) 
Then 


emen f (eo-ar) 


x J eve" dudw, (41) 


oO 


where 
0 1 =, [uv - a] 
g 2(1 = p?) o1? - O2 
i etltrvitteua) 
N = ——————_<. 42 
2701024/1 — p? 


COMPLETE THE SQUARE in the inner integral 
ES 1 1 To 2p01w | a 
e = TR ju — ——ul pe* du 
J. d 2(1 — p*) 017 | 02 
=f exp {saat fu aE 
a 2017(1 — p°) g? 


1 a” ityu 
Xx. du. (43 
(A 02 po i ( ) 


Rearranging to bring the exponential depending on w 
outside the inner integral, letting 


v= u- p2, (44) 
d2 
and writing 
et” = cos(tiu) + ¿sin(t,u) (45) 


gives 


ane 1 
tt LN ito w a 2 
p(t1,t2) J ep | 271- p*) | 


x exp E j exp A E 
202° (1 — p°) a 2027(1 — p°) 
x (cos ts (v + 3) 
72 


+1 sin E (v + 3] \ dudw. (46) 


02 
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Expanding the term in braces gives 


t : ; 
[cos(t1v) cos (E) — sin(é1v) sin (ee 
72 oti 


; ti 
+i sin(t10) COS (=) + cos(tıv) sin (A) 
dat 72 


= [cos (e=) + isin (pu I 
C2 02 
[cos(t,v) + ¿sin(t,v)] 
= exp Ga [cos(t1v) + ¿sin(t16)]. (47) 
2 


But e 9 sin(bxr) is ODD, so the integral over the sine 
term vanishes, and we are left with 


blint) =! fe exp | 
eh 2027 


2,,2 . 
pow Pee 
x exp Bee = A exp eae dw 
«|e a] nee 


00 2 
=N' exp o (ts + ti (.2))| exp -— | dw 
pen T2 202? 


oo 2 
x / exp - — cos(tiv) dv. (48) 


oO 


Now evaluate the GAUSSIAN INTEGRAL 


me 2 T 2 
T E 
/ ere.) a= | e °* cos(kx) dx 
— OO 


T —k* /4a 
=4/— 49 
Te (49) 
to obtain the explicit form of the CHARACTERISTIC 
FUNCTION, 


e H(t11M1+t212) 


plint) = ———== 
2701024/1— p? 
1 C1 2 2 
x {envi exp l-3 (ts +p2t,) 202 | 
A da 
x fory 0 — p*)exp [-3t1201*(1 — p’))| \ 
= e timittan2) exp{—3[t2*a2" + 2p0102t1t2 
+o ti” + (1 p 01 t] 
= expli(t1 41 + t212) 
—H(01%1* + 2p0102t1t2 +01 t1 )]. (50) 


Let zı and z2 be two independent Gaussian variables | 
with MEANS yp; = 0 and oí = 1 fori = 1, 2. Then 
the variables a, and az defined below are Gaussian bi- 
variates with unit VARIANCE and CROSS-CORRELATION 
COEFFICIENT p: 


j1 p1— 
aj = 2 a + 7 Ee (51) 
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/1 fl — 
ag = La = 9 P ny. (52) 


The conditional distribution is 


1 2 ,,f2\2 
P(x2\t1) = exp | i ) | , (53) 
024/2n(1 — p?) 203 
where 
f o 
Hoa = p + p7- (21 — pa) (54) 


as = 024/1 — po. (55) 


The marginal probability density is 


P(a2) = T P(a1, 22) dr, 


eae: 


see also BOX-MULLER TRANSFORMATION, GAUSSIAN 
DISTRIBUTION, MCMOHAN’S THEOREM, NORMAL Dis- 
TRIBUTION 
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Gaussian Brackets 
Published by Gauss in Disquisitiones Arithmeticae. 
They are defined as follows. 


[]=1 (1) 
[as] = a1 (2) 
[a1, a2] = [ar]as + [| (3) 
[a1,42,.-..,4n] = (a1, @2,..-,@n—-1]an 
+[a1,@2,..-,@n—2]. (4) 


Gaussian brackets are useful for treating CONTINUED 
FRACTIONS because 


= (5) 


The NOTATION [zx] conflicts with that of GAUSSIAN 
POLYNOMIALS and the NINT function. | 
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Gaussian Curvature 


Gaussian Coefficient 
see q-BINOMIAL COEFFICIENT 


Gaussian Coordinate System | 
A coordinate system which has a METRIC satisfying 
gii = —1 and Ogi; [/OX; = 0. 


Gaussian Curvature 

An intrinsic property of a space independent of the co- 
ordinate system used to describe it. The Gaussian cur- 
vature of a REGULAR SURFACE in R? at a point p is 
formally defined as 


K(p) = 3 det(S(p)), (1) 


where S is the SHAPE OPERATOR and det denotes the 
DETERMINANT. 


If x : U > R? is a REGULAR PATCH, then the Gaussian 
curvature is given by 


eg — f° 
“= EGa FP E 


where E, F, and G are coefficients of the first FUNDA- 
MENTAL FORM and e, f, and g are coefficients of the 
second FUNDAMENTAL FORM (Gray 1993, p. 282). The 


Gaussian curvature can be given entirely in terms of the 
first FUNDAMENTAL FORM 


ds? = E du? + 2F du du + G dv? (3) 
and the DISCRIMINANT 
g=EG-F” (4) 


by 


1 O (V9 2 O (Y pa 
K= B E (Bri, | E (Er) , (5) 


where I; are the CONNECTION COEFFICIENTS. Equiv- 
alently, 


QF  109G 
ai ia Pek 
g? 13E k che 
2 vi 23 33 
E F i 
1 
-|r q i8) (6) 
GQ |13ẸE 12G 0 
2 Ov 2 Ov 
where 
OF 1 ðE 
ka = u 2 Ov (7) 
109%E 8? F 1 8G 
kis = eea; 8 
a2 2 Ov? Oudv 2 ðu? (8) 
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Writing this out, 


dudv ðv? ðu? 


- S [92 (¿92 _ 20) _ (98) 
4g? | Ou ðv Ou Ov 
F E OG OE OG 


tao locoso Oe Ou 


+ (25 be) (ay ~ Bu) 


ae [ae CR ae) ~ Ge) | © 


The Gaussian curvature is also given by 


2 
ron 
29 


det (XuuXuXy) det(XyyXuXv) — [det(XuvXyXv )]' 
K = 
[Xu]? xv]? — (Xu - Xv)*)? 
(10) 
(Gray 1993, p. 285), as well as 
‘INT. N “JINTTI 
x = NNN) _ EN TT (11) 
V9 V9 
where e'? is the LEVI-CIVITA SYMBOL, N is the unit 
NORMAL VECTOR and T is the unit TANGENT VECTOR. 
The Gaussian curvature is also given by 


K= -2 = K1 K2 = EE (12) 
where R is the CURVATURE SCALAR, k1 and ka the 
PRINCIPAL CURVATURES, and Rı and Ra the PRINCI- 
PAL RADII OF CURVATURE. For a MONGE PATCH with 
z = h(u, v), 

Raulo =< hes 


AS m 


The Gaussian curvature K and MEAN CURVATURE H 
satisfy 


H*>K, (14) 


with equality only at UMBILIC POINTS, since 


H?’ — K?’ = 2 («1 — mY. (15) 


If p is a point on a REGULAR SURFACE M C R? and 
Vp and Wp are tangent vectors to M at p, then the 
Gaussian curvature of M at p is related to the SHAPE 
OPERATOR S by 


S(vp) x S(wp) = K(p)vp X Wp. (16) 


Let Z be a nonvanishing VECTOR FIELD on M which is 
everywhere PERPENDICULAR to M, and let V and W be 
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VECTOR FIELDS tangent to M such that V x W = @, 
then | 
Z-(DyZ x DwZ) 


K = 
21211 


(17) 


(Gray 1993, pp. 291-292). 


For a SPHERE, the Gaussian quadrature is K = 1/a*. 
For EUCLIDEAN SPACE, the Gaussian quadrature is 
K = 0. For GAUSS-BOLYAI-LOBACHEVSKY SPACE, the 
Gaussian quadrature is K = —1/a*. A FLAT SURFACE 
is a REGULAR SURFACE and special class of MINIMAL 
SURFACE on which Gaussian curvature vanishes every- 
where. 


A point p on a REGULAR SURFACE M € R? is classified 
based on the sign of K(p) as given in the following table 
(Gray 1993, p. 280), where S is the SHAPE OPERATOR. 


Sign - Point 
K(p) > 0 elliptic point 
K(p) <0 hyperbolic point 


K(p) =0 but S(p) 40 parabolic point 
K(p) =0 and S(p) =0_ planar point 


A surface on which the Gaussian curvature K is every- 
where POSITIVE is called SYNCLASTIC, while a surface 
on which K is everywhere NEGATIVE is called ANTI- 
CLASTIC. Surfaces with constant Gaussian curvature 
include the CONE, CYLINDER, KUEN SURFACE, PLANE, 
PSEUDOSPHERE, and SPHERE. Of these, the CONE and 
CYLINDER are the only FLAT SURFACES OF REVOLU- 
TION. 


see also ANTICLASTIC, BRIOSCHI FORMULA, DEVEL- 
OPABLE SURFACE, ELLIPTIC POINT, FLAT SURFACE, 
HYPERBOLIC POINT, INTEGRAL CURVATURE, MEAN 
CURVATURE, METRIC TENSOR, MINIMAL SURFACE, 
PARABOLIC POINT, PLANAR POINT, SYNCLASTIC, UM- 
BILIC POINT 
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Gaussian Differential Equation 
see HYPERGEOMETRIC DIFFERENTIAL EQUATION 


Gaussian Distribution 


Fix) 
Dix} 


712 Gaussian Distribution 


The Gaussian probability distribution with MEAN and 
STANDARD DEVIATION ø is a GAUSSIAN FUNCTION of 
the form ae 
de -(2-p)*/20 | 

Lo rá i (1) 
where P(x) dx gives the probability that a variate with 
a Gaussian distribution takes on a value in the range 
[z, x + dz]. This distribution is also called the NORMAL 
DISTRIBUTION or, because of its curved flaring shape, 
the BELL CURVE. The distribution P(x) is properly 
normalized for z € (—00, co) since 


J ” Pla) de = 1. (2) 


oS 


The cumulative DISTRIBUTION FUNCTION, which gives 
the probability that a variate will assume a value < zx, 
is then 


D(z) = / P(x) dz = > / EA a 
= OV T Joo 
(3) 


Gaussian distributions have many convenient properties, 
so random variates with unknown distributions are of- 
ten assumed to be Gaussian, especially in physics and 
astronomy. Although this can be a dangerous assump- 
tion, it is often a good approximation due to a surprising 
result known as the CENTRAL LIMIT THEOREM. This 
theorem proves that the MEAN of any set of variates with 
any distribution having a finite MEAN and VARIANCE 
tends to the Gaussian distribution. Many common at- 
tributes such as test scores, height, etc., follow roughly 
Gaussian distributions, with few members at the high 
and low ends and many in the middle. 


Making the transformation 


Aa Re (4) 


so that dz = dz/o gives a variate with unit VARIANCE 
and 0 MEAN 
1 


P(x) dx = me dz, (5) 


known as a standard NORMAL DISTRIBUTION. So de- 
fined, z is known as a z-SCORE). 


The NORMAL DISTRIBUTION FUNCTION gives the prob- 
ability that a standard normal variate assumes a value 
in the interval [0, z], 


(x) = = eee dz = Serf ( . (6) 


Here, ERF is a function sometimes called the error func- 
tion. Neither $(z) nor ERF can be expressed in terms of 
finite additions, subtractions, multiplications, and root 
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extractions, and so both must be either computed nu- 
merically or otherwise approximated. The value of a for 
which P(x) falls within the interval [—a, a] with a given 
probability P is called the P CONFIDENCE INTERVAL. 


The Gaussian distribution is also a special case of the 
CHI-SQUARED DISTRIBUTION, since substituting 


o EY (7) 


g? 


so that 


de= YE de= ae (8) 


o 


(where an extra factor of 1/2 has been added to dz since 
z runs from 0 to œ instead of from —oo to oo), gives 


1 z\ 71/2 z 
P(x) dx = —e 4/9 (=) d (=) dz 
(x) > E : 


2 1 O EN = of 2 
ARTE) (=) a(5) dete) 


which is a CHI-SQUARED DISTRIBUTION in z/o with 
r= 1 (ie., a GAMMA DISTRIBUTION with a = 1/2 and 
0=2). 


Cramer showed in 1936 that if X and Y are INDEPEN- 
DENT variates and X + Y has a Gaussian distribution, 
then both X and Y must be Gaussian (CRAMER'S THE- 
OREM). 


The ratio X/Y of independent Gaussian-distributed 
variates with zero MEAN is distributed with a CAUCHY 
DISTRIBUTION. This can be seen as follows. Let X and 
Y both have MEAN 0 and standard deviations of cx and 
oy, respectively, then the joint probability density func- 
tion is the GAUSSIAN BIVARIATE DISTRIBUTION with 
p=0, 


Fle? 200?) +9? /(20y?)) (10) 
270790 y 


f(z,y)= 


From RATIO DISTRIBUTION, the distribution of U = 
Y/X is 


ela J aa 


1 00 
J jele? / ez" )+u"a?/ (20y?) 
oO 


27070 y 


ee p —a* it de u’ dx 
© TOZOy Jo R 2072 92a,” 


(11) 
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so 
EE 1 nae Try 
AS TOO u? — RUO? +o 
12 2>+ 27,7 y 
ae 
Sea (13) 
da) 


-which is a CAUCHY DISTRIBUTION with MEAN  = 0 
and full width 
20y 


T= (14) 


Or 


The CHARACTERISTIC FUNCTION for the Gaussian dis- 
tribution is 


p(t) = le (15) 


and the MOMENT-GENERATING FUNCTION is 


M(t) = le) = J E 


= 1 
J exp f- ES —2u+o ta + po! pde. 


—(#-p)?/207 q 


2 1 
o On 
(16) 


COMPLETING THE SQUARE in the exponent, 


1 
lz? — Ap +0°t)e +” 


20 
= 3 {le - (ut oA) + la — (u+ o). (17) 
Let 
y=zx-—(p+o*t) (18) 
dy = dz (19) 
a= 3 (20) 


The integral then becomes 


1 oo 
M(t) = —— E AAA 
lá cae j Y Fa á 


2 1 2,2 
= exp|—ay” + ui+ sa “tó ld 


1 2,2 a 2 
pe ptro?t?t/2 —ay 
= ——e e d 
oV2n F 1 


= 1 pees 
oyv2rY a 


v20*7 put+o?t?/2 
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= etttentt/2 (21) 


so 


2,2 
M'(t) = (protein + 2 (22) 
See + AE EY + to*)*, (23) 
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and 
p=M'(0) =p (24) 
a? = M"(0) - [M'(0)] 
= (0 dp) == =o". (25) 


These can also be computed using 


R(t) =In[M(t)] = ut + 40°#? (26) 
R'(t) =u+0*t (27) 
R"(t)=07, (28) 


yielding, as before, 


p=R'(0)=p (29) 
o? = R"(0) =o". (30) 


The moments can also be computed directly by comput- 
ing the MOMENTS about the origin u, = (27), 


Un = ee P OR as (31) 
“ay? es 


Now let 
u= 4 (32) 
20 
ipo (33) 
20 
r = ouv 2 + p, (34) 
giving 
Hn = veg ne" du = = | rre" du, 
oV 27 J_ oo ¿0 ae 
(35) 
SO 
(36) 


Ug = 1 

ne [ ze 

Hi Ji 2 
E J~ ai 
F (vV2ou + je" du 


= [V20 H1 (1) +4Ho0(1))=(0+p4)=p4 (37) 


pa = al. ge” du 


= Ue =| (20° u? + 2/2 opu + pje" du 
® T 


= [20° H2(1) + 2V2 euH (1) + p? Ho(1)| 
= (207 +0 +p’) =p? +o? (38) 


pa = = Ñ r'e" du 
o E 
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= a [evict + 6uo*u* 


+ 342 pout pe” du 
= [2V2 o” H3 (1) + 6uo* H2(1) 
+ 3V2 poi (1) + p° Ho(1)] 
=(04+6u%0* +0 + u°) = plu? +30%) (39) 


po 1 P 3.4 du 
CO Sef can 
1 oO 
= = | (40*u* + 8V2 uo u" 


+ 124 0%u* + 472 pout je du 

= [407 H4(1) + 8V2 po” H3(1) + 124%0* Ha(1) 
+ 472 40H,(1) + p Ho(1)] 

= (403 4+04+12u%0?*1 +04 pî) 


= pf +6u0* + 30%, (40) 


where H,,(a) are GAUSSIAN INTEGRALS. 


Now find the MOMENTS about the MEAN, 


ji = 0 (41) 
po = pz (um) = (W +0°)- p =o ~— (42) 
ps = p3 — Buap + 2(u1)? 

= (p? + 30°) — 3(07 +p") +24 =0 (43) 
pa = pa — Aug par + Gua (11) — 3(u1)* 

= (pÍ + 6u0" + 30%) — 4(u + 3uo”)p 

+ 6(u? +07)u" — 3pó 
= 30%, (44) 


so the VARIANCE, STANDARD DEVIATION, SKEWNESS, 
and KURTOSIS are given by 


var(z) = a = o° (45) 
stdv (x) = y var(2) =o (46) 
M3 _ 
pS pa =0 (47) 
La 307 


The VARIANCE of the SAMPLE VARIANCE s? for a sample 
taken from a population with a Gaussian distribution is 


(N — DEN — 1)u4 — (N - 3) pp" 
"N3 


= 2 —1)(u* +6uo” +30*) 


var(s?) = 


AN —1)(u4* + 2p? No? + No*) ae 
oe 
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If y = 0, this expression simplifies to 


_ ANNO? _ 20*(N ~ 1) 


var(s*) N3 R (50) 
and the STANDARD ERROR is 
2(N — 1) 
[standard error] = iat E (51) 


The CUMULANT-GENERATING FUNCTION for a Gaus- 
sian distribution is 


K(h) = In(e’"e? *"/2) = nht toh, (52) 
sO 
Ky = n (53) 
ka = a? (54) 
kp=0 forr> 2. (55) 


For Gaussian variates, x, = 0 for r > 2, so the variance 
of k-STATISTIC kg is 


Ke | 9kzk4  9K3" 6K2" 
var(ks) = 37 + ya + wit NN -DA 
_ WN | (56) 
Also, 
jee a oe os (57) 
BUA n TS) k 
var(g2) = EE) a 
where 
= a (60) 
n= E (61) 


If P(x) is a Gaussian distribution, then 


D(z) = : f + erf 7 ; (62) 


so variates z; with a Gaussian distribution can be gener- 
ated from variates y; having a UNIFORM DISTRIBUTION 
in (0,1) via 


ce av erf ~! (2y; == 1) + H. (63) 


connected it backwards. Thus, the tester also can be used to find 
the polarity of unmarked diodes. 

Caution: Many toggle switches connect the center terminal to 
the end terminal opposite the direction of the toggle handle. When 
the toggle handle is to the left, the center and right rear contact (as 
viewed from the front) are connected. Check yours out with an 
ohmmeter before wiring it in accordance with the schematic. 


THE CAPACITOR COMPARATOR 
The simple circuit here is an easy one-evening project that 
when completed will provide an audio tone comparison of a built-in 
reference capacitor to an unknown capacitor connected to the test 
clips. Bearing in mind that the larger the capacitor the lower the 
tone, it is a simple matter to establish the value of unmarked units. 
The circuit, as described, will identify caps between .5 pF and .001 
uF by providing tones between 8 kHz and 100 Hz. The heart of the 
tester is a 555 timing IC and may be operated from any dc voltage 
source between 8 and 14 volts. See Fig. 11-11. 

An LED indicator is provided for testing values larger than 
001 which do not produce a tone but merely turn the LED off and 
on. À .1 aF unit will trigger the indicator at approximately 5 Hz. 

Piston, compression, and rotary trimmers may be identified 
by first making a comparison fully closed and then fully opened. 
Small gimmick caps made from twisted leads are also easily sized. 

The LED is, of course, optional, as well as the number of 
reference capacitors. Any NPN switching or audio transistor may 
be used in place of the MPS6512. If the LED is not needed, the 
transistor may be eliminated and the speaker with its 1 uF coupling 
capacitor is connected directly to pin 3 of the IC. 


SIMPLE TR SYSTEM 

How many of us start our first ham station with manual 
transmit-receive switching? You know, “real” manual switching. 
First the other guy turns it over to you, then you throw the receiver 
into standby, then you throw the transmitter out of standby, and 
finally you frantically flip that little knife switch that does all the 
antenna changeover work. Maybe you've even forgotten all about it 
by now, but chances are that many of the Novices who are reading 
this are pretty familiar with how it feels to wonder if the other 
fellow gave up on you during the intermission. It's not an impossi- 
ble situation to remedy, though. For about two thirds the cost of 
the popular Dow Key “60” coaxial reply, you can build a 1000 W 
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However, a simpler way to obtain numbers with a Gaus- 
sian distribution is to use the BOX-MULLER TRANSFOR- 
MATION. 


The Gaussian distribution is an approximation to the 
BINOMIAL DISTRIBUTION in the limit of large numbers, 


_ (n1 — Np)? 


PU 2N pq 


where nı is the number of steps in the POSITIVE direc- 
tion, N is the number of trials (N = nı + n2), and p 
and q are the probabilities of a step in the POSITIVE 
direction and NEGATIVE direction (q = 1 — p). 


The differential equation having a Gaussian distribution 
as its solution is 


d y(u- zr 
7. == ( g? ) (65) 
since 4 
Ya e (66) 
y a? 
y 1 2 
In (2) WES) (67) 
y = yor 004/00 (68) 


This equation has been generalized to yield more compli- 
cated distributions which are named using the so-called 
PEARSON SYSTEM. 


see also BINOMIAL DISTRIBUTION, CENTRAL LIMIT 
THEOREM, ERF, GAUSSIAN BIVARIATE DISTRIBUTION, 
LOGIT TRANSFORMATION, NORMAL DISTRIBUTION, 
NORMAL DISTRIBUTION FUNCTION, PEARSON SYSTEM, 
RATIO DISTRIBUTION, z-SCORE 
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Gaussian Distribution—Linear Combination 
of Variates 

If xz is NORMALLY DISTRIBUTED with MEAN u and 
VARIANCE o”, then a linear function of z, 


y = ax +b, (1) 


is also NORMALLY DISTRIBUTED. The new distribution 
has MEAN ap +b and VARIANCE a’o”, as can be derived 
using the MOMENT-GENERATING FUNCTION 


M(t) = (eta) — et? (eo) = etd patto? (at)? /2 


tb 2 2,2 t 2,7242 /2 
= +uat+o*a?tt*/2 — eton) +ato*t e (2) 
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which is of the standard form with 


p =b+ap (3) 


For a weighted sum of independent variables 


Tt 


= Saini, (5) 


t=1 
the expectation is given by 


tT 


M(t) = Cue = ( exp Ed ais 


i=l 


= (ens the aise a Pe) | 


E 


n 


= [f(e = J J explant + 3004). (6) 
i=l 


i=l 
Setting this equal to 
exp(ut + to°t) (7) 


gives 


u= Ss api (8) 
t=1 


c= ) ato. (9) 


i=l 


Therefore, the MEAN and VARIANCE of the weighted 
sums of n RANDOM VARIABLES are their weighted sums. 


If x; are INDEPENDENT and NORMALLY DISTRIBUTED 
with MEAN 0 and VARIANCE o”, define 


1 ees, (10) 


j 
where c obeys the ORTHOGONALITY CONDITION 
CRC =:0%5 (11) 
with 6 the KRONECKER DELTA. Then y; are also in- 


dependent and normally distributed with MEAN 0 and 
VARIANCE o”. 


Gaussian Elimination 
A method for solving MATRIX EQUATIONS of the form 


Ax = b. (1) 
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Starting with the system of equations 


Qil 0412 -*** Qik Ly by 
a21 Q22 ‘**  02k T2 ba 
— ais E (2) 
Aki Qk2 *** Qkk Tk bk 
compose the augmented MATRIX equation 
0411 2012 **'* Qik bı L1 
a21 022 Gor | be Ta 
: (3) 
aki ak2 Ark | Or Tk 


Then, perform MATRIX operations to put the aug- 
mented MATRIX into the form 


i i l I i 

Qiy Gig *** Qik | Oy Ly 

t i i i 

0 a22 : Gop | be T2 
o g (4) 


Solve for app, then substitute back in to obtain solutions 


forn=1,2,...,k-1, 


1 i 
fi = -7 |9% Dy A452; i (5) 


ar j=i+1 


see also GAUSS-JORDAN ELIMINATION, LU DECOMPO- 
SITION, MATRIX EQUATION, SQUARE ROOT METHOD 


Gaussian Function 


-å -2 á 
In 1-D, the Gaussian function is the function from the 


GAUSSIAN DISTRIBUTION, 


f(z) = ane fae? (1) 


y 2T i 


sometimes also called the FREQUENCY CURVE. The 
FULL WIDTH AT HALF MAXIMUM (FWHM) for a Gaus- 
sian is found by finding the half-maximum points zo. 
The constant scaling factor can be ignored, so we must 
solve 

e7 (201)? /20? 


= 3 f (Smax) (2) 


But f(£max) occurs at Lmax = H, SO 


e (20-1)*/20* 


(3) 


bole 


= į f(u) = 


Gaussian Function 


Solving, 
e- (0-H)? /20% — 971 (4) 
Se). 
(zo — py? = 207 In 2 (6) 
zo = +0vV 21024 p. (7) 


The FULL WIDTH AT HALF MAXIMUM is therefore given 
by 


FWHM = z4 — z- =2v21n20 = 2.35480. (8) 


In 2-D, the circular Gaussian function is the distribu- 
tion function for uncorrelated variables x and y having 
a GAUSSIAN BIVARIATE DISTRIBUTION and equal STAN- 
DARD DEVIATION Y = Oz = Gy, 


1 ee —1.0121/20? 
f(x,y) = a [((@—He)“+(y—Hy)"]/20° (9) 
The corresponding elliptical Gaussian function corre- 


sponding to 0, # cy is given by 


1 


l o-((e~He)/2007+(y-Hy)?/20v)_ (49) 
270 roy 


f(z,y) = 


Im[Gaussian z] 


Re[Gaussian 2] {Gaussian z| 


The above plots show the real and imaginary parts of 
2 
(27) e" together with the complex absolute value 


(Qn) Pei 


The Gaussian function can also be used as an APODI- 
ZATION FUNCTION, shown above with the corresponding 
INSTRUMENT FUNCTION. 


Gaussian Hypergeometric Series 


The HYPERGEOMETRIC FUNCTION is also sometimes 
known as the Gaussian function. 


see also ERF, ERFC, FOURIER TRANSFORM—GAUSS- 
IAN, GAUSSIAN BIVARIATE DISTRIBUTION, GAUSSIAN 
DISTRIBUTION, NORMAL DISTRIBUTION 
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Gaussian Hypergeometric Series 
see HYPERGEOMETRIC FUNCTION 


Gaussian Integer 

A COMPLEX NUMBER a+bz where a and b are INTEGERS. 
The Gaussian integers are members of the QUADRATIC 
FIELD Q(./—1). The sum, difference, and product of 
two Gaussian integers are Gaussian integers, but a + 
bilc + di only if there is an e + fi such that 


(a+ bi)(e+ fi) = (ae — bf) + (af + beji = c + di. 


Gaussian INTEGERS can be uniquely factored in terms 
of other Gaussian INTEGERS up to POWERS of 7 and 
rearrangements. 


The norm of a Gaussian integer is defined by 
n(x + iy) = 2? + y. 


GAUSSIAN PRIMES are Gaussian integers a-+1b for which 
n(a+ib) = a? +0? is PRIME and a a PRIME INTEGER a 
such that a = 3 (mod 4). 

1. If 2[n(x + iy), then 1 +7 and 1—i|x+ iy. These 
factors are equivalent since —i(2 — 1) = ¿+ 1. For 
example, 2 = (1+2)(1 — 2) is not a Gaussian prime. 

2. If n(x+iy) = 3 (mod 4) |n(x+iy), then n(a+ib)|2+ 

3. If n(x + iy) = 1 (mod 4) |n(a + ty), then a + ib or 
b+ ialz + iy. If both do, then n(a + 1b)|x + iy. 

The Gaussian primes with Ja], |b] < 5 are given by —5 — 

4i, —5 — 27, —5 + 21, —5 + 44, —4 — 52, —4 — 1, —4 + 2, 

E E ey A A 

04% 03) A e 9p 1G, 1g 

—1 + 22, —1 + 42, —32, 32, 1 — 42, 1 — 2i, 1-1, 1 +å, 

1+ 22, 1442, 2 — 52, 2 — 32, 2 — 1, 2 + i, 2 + 31, 2 + 5i, 

3— 2i, 3, 3+2, 4-51, 4—1, 4+1, 4+ 5i, 5 — 4i, 5-21, 

5 + 2i, 5 + 4i. 


Every Gaussian integer is within |n|/v2 of a multiple of 
a Gaussian integer n. 

see also COMPLEX NUMBER, EISENSTEIN INTEGER, 
GAUSSIAN PRIME, INTEGER, OCTONION 
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Gaussian Integral 

The Gaussian integral, also called the PROBABILITY 
INTEGRAL, is the integral of the 1-D Gaussian over 
(—oo, 00). It can be computed using the trick of com- 
bining two 1-D Gaussians 


/ e” dr = (| e=» dy) (| e= dz) 
- J / et dyde (1) 


and switching to POLAR COORDINATES, 


oo y? 20 oo 5 
e dx = e—T*r dr dé 
— 00 0 0 


=3 9 0 rl, S/n. (2) 


However, a simple proof can also be given which does 
not require transformation to POLAR COORDINATES 
(Nicholas and Yates 1950). 


The integral from 0 to a finite upper limit a can be given 
by the CONTINUED FRACTION 


/ a A A A (3) 
0 


The general class of integrals of the form 


Tn (a) = J etn” dg (4) 
0 
can be solved analytically by setting 
z=a Py (5) 
dz = a7? dy (6) 
y? = az”. (7) 


Then 
S a 
lala) = eae | eV (a 1/7)" dy 
0 
2 
= id | ey” dy. (8) 
0 


For n = 0, this is just the usual Gaussian integral, so 


io Mat = Es (9) 


For n = 1, the integrand is integrable by quadrature, 


OO 
Iı (a) = a | e`! y dy =a *-le Y] = la”. 
0 
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To compute In(a) for n > 1, use the identity 


For n = 2s EVEN, 


50 


r 


If n = 2s + 1 is ODD, then 


In (a) = 


sO 


_ Bat"? (a) = 


Y 


— 9gs+1/2 


Qirn—-1)/2 
— @q(n-1)/2° a 


lan 
23n/2+1¿n72 nf2 


[(n+1) /2]! 


9q(n4+1)/2 


Vr gr/2 


_ (2s- 1)! 
pe 93+1g8 


-2 / et g"? de 
ða Jo 


2 
-3 
a” “dx 


aA ar- 1)/2 


The first few values are therefore 


In(a) = 
f(a) = 
h(a) = — 
Is(a) = 
Lla) = = 
Is(a) = 


Ig(a) = 


Va 
2V a 


~ 2 ar—n/2" 


oOo 2 
Qs+1_—- 
[otter ar = 
0 


The solution is therefore 


f ea das 
0 


f= for n even 


for n odd. 


JE 


(11) 


(12) 


(13) 


(14) 


(15) 


Gaussian Polynomial 


A related, often useful integral is 


1 j — 4E m 
H.,(a) = on La e a dz, (24) 
which is simply given by 
211 (a) fi 
H, == { NS or n even 25 
0 for n odd. (25) 
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Gaussian Integral (Linking Number) 
see LINKING NUMBER 


Gaussian Joint Variable Theorem 

Also called the MULTIVARIATE THEOREM. Given an 
EVEN number of variates from a NORMAL DISTRIBU- 
TION with MEANS all 0, 


(1122) = (21) (22), (1) 


(12122 £324) 


= (1122) (1324) + (2123) (1224) + (2104) (z2z3), (2) 
etc. Given an ODD number of variates, 
(xı) = 0, (3) 
(1112203) = 0, (4) 
etc. 


Gaussian Mountain Range 
see CAROTID-KUNDALINI FUNCTION 


Gaussian Multivariate Distribution 


see also GAUSSIAN BIVARIATE DISTRIBUTION, JOINT 
THEOREM, MULTIVARIATE THEOREM 


Gaussian Polynomial 
Defined by 


[1 (1) 


lI 


for integral J, and 


[2] : 
otherwise. 


[p| = {Ete a forO<k<n (2) 
0 


Unfortunately, the NOTATION conflicts with that of 
GAUSSIAN BRACKETS and the NEAREST INTEGER 


Gaussian Prime 


Gaussian POLYNOMIALS satisfy the iden- 


n+l 
k+1 haga 


FUNCTION. 
tities 


[e A 
Ea 

n+ 1 

k+1 E EET qa (4) 


n+1 o 1 grH © 
k 


For q = 1, the Gaussian polynomial turns into the BI- 
NOMIAL COEFFICIENT. 


see also BINOMIAL COEFFICIENT, GAUSSIAN COEFFI- 
CIENT, g-SERIES 


Gaussian Prime 


a on e e ay a . 
I” € n 

Ca 7 er wet Mo ne > we 

" Re os A E F . Madin are ee n 
ont at! AAA AE ‘ 
ee han Ty ee Bes as na Poe 
ra PATA: .. E a Fo i 
LAIA, AA ee ALT 
ia oP Pan A 

Eat Sa >: o fens 
2. HOLA Ao A a 
A Ea e PITO 

o AA EFE 

> . LT 


Gaussian primes are GAUSSIAN INTEGERS a + 26 for 
which n(a + ib) = a? + b? is PRIME and a a PRIME 
INTEGER a such that a = 3 (mod 4). The above plot 
of the COMPLEX PLANE shows the Gaussian primes as 
filled squares. 


see also EISENSTEIN INTEGER, GAUSSIAN INTEGER 
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Gaussian Quadrature 

Seeks to obtain the best numerical estimate of an inte- 
gral by picking optimal ABSCISSAS æ; at which to eval- 
uate the function f(x). The FUNDAMENTAL THEOREM 
OF GAUSSIAN QUADRATURE states that the optimal AB- 
SCISSAS of the m-point GAUSSIAN QUADRATURE FOR- 
MULAS are precisely the roots of the orthogonal POLY- 
NOMIAL for the same interval and WEIGHTING FUNC- 
TION. Gaussian quadrature is optimal because it fits all 
POLYNOMIALS up to degree 2m exactly. Slightly less op- 
timal fits are obtained from RADAU QUADRATURE and 
LAGUERRE QUADRATURE. 
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W(x) Interval æ; Are Roots Of 
1 (-1,1) P, (2) 

eT (0, 00) Ln(x) 

es (—00,00) Hníz) 
(1-22 (1D  Tníz) 
(1-84. (11)  Un(s) 

pee (0, 1) a” Pan yi(Vz) 
oe (0, 1) Paíyz) 


To determine the weights corresponding to the Gaus- 
sian ABSCISSAS, compute a LAGRANGE INTERPOLATING 
POLYNOMIAL for. f(z) by letting 


z) = |[(e-2:) (1) 
j=l 
(where Chandrasekhar 1967 uses F instead of 7), so 


re)=[(2] ==". @ 


kj i=l 


14) 


Then fitting a LAGRANGE INTERPOLATING POLYNOM- 
IAL through the m points gives 


AS 


for arbitrary points x;. We are therefore looking for a set 
of points x; and weights w; such that for a WEIGHTING 
FUNCTION W(z), 


| sti) ae = J TO de fla) 


=>) w,f(23), (4) 
with WEIGHT 
pen AA Ge 
-ig en t= 2; (5) 


The weights w; are sometimes also called the CHRIS- 
TOFFEL NUMBER (Chandrasekhar 1967). For orthogo- 
nal POLYNOMIALS @¢,{z) with j=1,..., n, | 


b;(@) = Ajx(x) (6) 


(Hildebrand 1956, p. 322), where A, is the COEFFI- 
CIENT of z” in ¢,(x), then 


spe a E 
oa xen | ua a 


e An+17Yn 
alta aa (7) 
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where 


1m = | Im (JPW (2) de 6) 
Using the relationship 


An+iAn-1 Yn O ls) (9) 


Patila) = — Aa Yn-1 


(Hildebrand 1956, p. 323) gives 


Ån Yn=-1 
An-1 bn (tj )bn—1(23) 


(Note that Press et al. 1992 omit the factor An/An-1.) 
In Gaussian quadrature, the weights are all POSITIVE. 
The error is given by 


po mn LO) 
== aa pw a clea! E 


(11) 


w= (10) 


where a < € < b (Hildebrand 1956, pp. 320-321). 


Other curious identities are 


= Any, Pmt (#) bm (2) — dm(t)Om+i(x)] (12) 


Antin(Edómaa(e) 1 
Ám+1Ym E Wi m 


Daa eee __ 


(Hildebrand 1956, p. 323). 


In the NOTATION of Szegő (1975), let tin < ... < Tnn be 
an ordered set of points in [a,b], and let Ain, ..., Ann be 
a set of REAL NUMBERS. If f(x) is an arbitrary function 
on the CLOSED INTERVAL [a, b], write the MECHANICAL 
QUADRATURE as 


p=1 


Here £un are the ABSCISSAS and A,n are the COTES 
NUMBERS. 


see also CHEBYSHEV QUADRATURE, CHEBYSHEV- 
GAUSS QUADRATURE, CHEBYSHEV-RADAU QUADRA- 
TURE, FUNDAMENTAL THEOREM OF GAUSSIAN QUAD- 
RATURE, HERMITE-GAUSS QUADRATURE, JACOBI- 
GAUSS QUADRATURE, LAGUERRE-GAUSS QUADRA- 
TURE, LEGENDRE-GAUSS QUADRATURE, LOBATTO 
QUADRATURE, MEHLER QUADRATURE, RADAU QUAD- 
RATURE 
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Gaussian Sum 


q-1 


S(p.a) = Nena, (a) 


r=0 


where p and q are RELATIVELY PRIME INTEGERS. If 
(n,n') = 1, then 


S(m,nn') = S(mn',n)S (mn, n'). (2) 


Gauss showed 


q-1 


wire Leg? 
y e ar’ fq — ae Va (3) 
— 4 
r=0 
for ODD q. <A more general result was obtained by 
Schaar. For p and q of opposite PARITY (i.e., one is 


EVEN and the other is ODD), SCHAAR'S IDENTITY states 


q-1 
oA 
e = 
Vi 


Such sums are important in the theory of QUADRATIC 
RESIDUES. 


see also KLOOSTERMAN’S SUM, SCHAAR’S IDENTITY, 
SINGULAR SERIES 


eri/4 pol 


> D mir "a/p (4) 
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Gear Graph 


Gear Graph 
A WHEEL GRAPH with a VERTEX added between each 
pair of adjacent VERTICES. 


Gegenbauer Function 
see ULTRASPHERICAL FUNCTION 


Gegenbauer Polynomial 
see ULTRASPHERICAL POLYNOMIAL 


Gelfond-Schneider Constant 
The number 2Y? = 2.66514414... which is known to be 
TRANSCENDENTAL by GELFOND’S THEOREM. 
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Gelfond-Schneider Theorem 
see GELFOND’S THEOREM 


Gelfond’s Theorem 
Also called the GELFOND-SCHNEIDER THEOREM. a? is 
TRANSCENDENTAL if 


1. a is ALGEBRAIC Æ 0, 1 and 
2. bis ALGEBRAIC and IRRATIONAL. 


This provides the solution to the seventh of HILBERT’S 
PROBLEMS. 


see also ALGEBRAIC NUMBER, HILBERT’S PROBLEMS, 
IRRATIONAL NUMBER, TRANSCENDENTAL NUMBER 
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Genaille Rods 

Numbered rods which can be used to perform multipli- 
cation. 

see also NAPIER’S BONES 
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Genera 
see FUNDAMENTAL THEOREM OF GENERA 
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General Linear Group 

The general linear group GL,,(q) is the set of n x n MA- 
TRICES with entries in the FIELD F, which have Noy- 
ZERO DETERMINANT. 


see also LANGLANDS RECIPROCITY, PROJECTIVE GEN- 
ERAL LINEAR GROUP, PROJECTIVE SPECIAL LINEAR 
GROUP, SPECIAL LINEAR GROUP 
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General Orthogonal Group 

The general orthogonal group GO. (q, F) is the SUB- 
GROUP of all elements of the PROJECTIVE GENERAL 
LINEAR GROUP. that fix the particular nonsingular 
QUADRATIC FORM F. The determinant of such an ele- 
ment is +1. 


see also PROJECTIVE GENERAL LINEAR GROUP 
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General Position 
An arrangement of points with no three COLLINEAR, or 
of lines with no three concurrent. 


see also ORDINARY LINE, NEAR-PENCIL 
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General Prismatoid 

A solid such that the AREA A, of any section parallel to 
and a distance y from a fixed PLANE can be expressed 
as 


A, = ay? +by"+cy+d. 


The volume of such a solid is the same as for a PRISMA- 
TOID, 


Examples include the CONE, CYLINDER, PRISMATOID, 
SPHERE, and SPHEROID. 


see also PRISMATOID, PRISMOID 
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General Unitary Group 

The general unitary group GU. (q) is the SUBGROUP of 
all elements of the GENERAL LINEAR GROUP GL(g”) 
that fix a given nonsingular Hermitian form. This is 
equivalent, in the canonical case, to the definition of 
GU, as the group of UNITARY MATRICES. 


References 

Conway, J. H.; Curtis, R. T.; Norton, S. P.; Parker, 
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Generalized Cone 


A RULED SURFACE is called a generalized cone if it can 
be parameterized by x(u,v) = p + vy(wu), where p is 
a fixed point which can be regarded as the vertex of 
the cone. A generalized cone is a REGULAR SURFACE 
wherever vy xy' Æ 0. The above surface is a generalized 
cylinder over a CARDIOID. A generalized cone is a FLAT 
SURFACE. 


see also CONE 
References 
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Generalized Cylinder 


A RULED SURFACE is called a generalized cylinder if it 
can be parameterized by x(u,v) = vp + y(u), where p 
is a fixed point. A generalized cylinder is a REGULAR 
SURFACE wherever y’ x p # 0. The above surface is 
a generalized cylinder over a CARDIOID. A generalized 
cylinder is a FLAT SURFACE. 


see also CYLINDER 
References 
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Generalized Fibonacci Number 
A generalization of the FIBONACCI NUMBERS defined 
by 1 = Gi = G2 =... = Ge_-1 and the RECURRENCE 
RELATION 

Gn = Gn-1 + Gn-c- (1) 


These are the sums of elements on successive diagonals 
of a left-justified PASCAL’S TRIANGLE beginning in the 
left-most column and moving in steps of c — 1 up and 
1 right. The case c = 2 equals the usual FIBONACCI 
NUMBER. These numbers satisfy the identities 


Gı + G2 + G3 +... + Gn = Gaya — 1 (2) 


G3 + Ge + Go +... + Gak = G3k+1 — 1 (3) 
Gi + G4 + G7 +... + G3k+1 = Gara (4) 
G2 + Gs + Gs +... + G3k+2 = G3k+3 (5) 
(Bicknell-Johnson and Spears 1996). For the special 
case c= 3, 
Gn+w = Gw-2Gn EN Gw-3Gn+1 F Guw-1Gn+2- (6) 
Bicknell-Johnson and Spears (1996) give many further 
identities. 


Horadam (1965) defined the generalized Fibonacci num- 
bers {wn} as wn = wn(a, b; p,q), where a, b, p, and q are 
INTEGERS, Wo = a, wi = b, and Wn = PWn-1 — GWn-2 
for n > 2. They satisfy the identities 


2 
WnWn+ar — eg Ur = Wntr (7) 


4WnWn41 Wn42 + (wq)? = (WaWn+2 + Wn41 ) (8) 


WnWn4+1Wn4+3Wn+4 


=Wn+2 +eg” (p +q)0a+2 +e  p (9) 


AWnWn4+1Wn4+2Wn4+4Wn+5Wn+6 
2 2 2 
+e*q" (w,U1U5 — wn41U2U6 — wnU¡Ug) 


= (Wn4+1Wn+2Wn+6 + WnWn+4Wn +5), (10) 

where 
e = pab — qa’ — b° (11) 
Up= Wn (0, 1; p,q). (12) 


The final above result is due to Morgado (1987) and is 
called the MORGADO IDENTITY. 


Another generalization of the Fibonacci numbers is de- 
noted £n. Given zı and gz, define the generalized Fi- 
bonacci number by £n = Zn—2 + Zn-1 for n > 3, 


n 
S Tn = Tn+2 — T2 (13) 
i=l 


Generalized Function 


10 


Y ea = Ley (14) 
i=l 
Ln? — En-1Bn+2 = (—1)"(a2" — 217 — zız2), (15) 


where the plus and minus signs alternate. 
see also FIBONACCI NUMBER 
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Generalized Function 

The class of all regular sequences of PARTICULARLY 
WELL-BEHAVED FUNCTIONS equivalent to a given reg- 
ular sequence (sometimes also called a DISTRIBUTION 
or FUNCTIONAL). A generalized function p(x) has the 
properties 


J j p™ f(x) de = (-1)” / i p(x) a) de. 


oO OO 


The DELTA FUNCTION is a generalized function. 
see also DELTA FUNCTION 


Generalized Helicoid 

The SURFACE generated by a twisted curve C when ro- 
tated about a fixed axis A and, at the same time, dis- 
placed PARALLEL to A so that the velocity of displace- 
ment is always proportional to the ANGULAR VELOCITY 
of ROTATION. 


see also GENERALIZED HELIX, HELICOID, HELIX 
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Generalized Helix 

The GEODESICS on a general cylinder generated by lines 
PARALLEL to a line Į with which the TANGENT makes a 
constant ANGLE. 


see also HELIX 


Generalized Hyperbolic Functions 
In 1757, V. Riccati first recorded the generalizations of 
the HYPERBOLIC FUNCTIONS defined by 


sa k 
a = Q nk+r 
F, =C y — i 1 
k=0 
for r = 0, ..., n — 1, where a is COMPLEX, and where 


the normalization is taken so that 
Fa o(0)=1. (2) 


This is called the a-hyperbolic function of order n of the 
kth kind. The functions Fẹ p satisfy 


FS, (2) = (%/a)~"( Yaa) (3) 
and 
IG) =af(a), (4) 
where 
(hyn, SO kKAr,0<k<n-l, 
pga {0 FEN (5) 
In addition, 
(oe _ | Pa p-1(2) forO<r<n-1 
qa mr (2) o l nee for r = 0. (6) 


The functions give a generalized EULER FORMULA 


e% =>) (Ya) Far (2). (7) 
r=0 


Since there are n nth roots of a, this gives a system of 
n linear equations. Solving for Far gives 


n-—1 


FR, (2) ==(Ya)” 


where 


is a PRIMITIVE ROOT OF UNITY. 


The LAPLACE TRANSFORM is 


/ e`“ F? (at) dt (10) 
0 
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The generalized hyperbolic function is also related to 
the MITTAG-LEFFLER FUNCTION F(z) by 


F} g(x) = Enfa”). (11) 


The values n = 1 and n = 2 give the exponential and 
circular/hyperbolic functions (depending on the sign of 
a), respectively. 


Fole) =e (12) 
Fx‘o(x) = cosh(ya z) (13) 
F$ (0) = aei, (14) 


For a = 1, the first few functions are 


Fi o(x) =e" 

Fyo(x) = cosh z 

Fa (£) = sinh z 

Fz o(x£) = $e” + 2e7*P cos(i V3 2)] 

F} (æ) = 4[e* + Ie i" cos(2 V3.2 + tr) 
F3o(x) = He” + 207" cos(4 V3.0 — Ex) 
Fy o(z) = 4(cosha2+cosz) 

F} (x£) = 4(sinhz + sinz) 

Fy2(a) = $(coshz — cos 2) 

F} (z) = 3(sinha — sin z). 


see also HYPERBOLIC FUNCTIONS, MITTAG-LEFFLER 
FUNCTION 
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Generalized Hypergeometric Function 

The generalized hypergeometric function is given by a 
HYPERGEOMETRIC SERIES, i.e., a series for which the 
ratio of successive terms can be written 


ak+1 _ P(k) _ (kt ai)(kR+a2)---(kK+ap) 
Qk Q(k) (k + bi )(k + b2)---(k+bg)(kK +1) 
(1) 
(The factor of k+ 1 in the DENOMINATOR is present for 
historical reasons of notation.) The resulting generalized 
hypergeometric function is written 


k 41,02,***,0p. 
Dat A 


k=0 


~~ SUNG E 
== (b1)nb(b2)k--- (Ba)e KE’ 


k=0 


(ap )x (3) 


Generalized Hypergeometric Function 


where (a); is the POCHHAMMER SYMBOL or RISING 
FACTORIAL 


T(a + k) 


Tray Tt) atk- I). (4) 


(a) 2 


If the argument æ = 1, then the function is abbreviated 
q1,02---.,0p = Q1,42..-,Qp. 
pE4 raro = Fg Erre 2 Hy) 


2F,(a,b;c;z) is “the” HYPERGEOMETRIC FUNCTION, 
and ¡Fi(a;b;z) = M(z) is the CONFLUENT HYPERGEO- 
METRIC FUNCTION. A function of the form pF 1 (;b; z) is 
called a CONFLUENT HYPERGEOMETRIC LIMIT FUNC- 
TION. 


The generalized hypergeometric function 


Wig A AoE g (6) 


p+1Ep bin biase 0 © 


is a solution to the DIFFERENTIAL EQUATION 


V(I +b- 1)--- (9 + bp—1) 


=2(0 +01) (0 + a2)--- (0 +ap+1)Jy =0, (7) 


where E 
A 
z de" (8) 


The other linearly independent solution is 


1 + aı — bı, 1 — as — da, 

1-51 „L+ apy1 — 01 | 
z “p41Ép A A A Hh (9) 

1—b, — bı 


A generalized hypergeometric equation is termed “well 
posed” if 

Many sums can be written as generalized hypergeomet- 
ric functions by inspection of the ratios of consecutive 


terms in the generating HYPERGEOMETRIC SERIES. For 
example, for 


2 
2n 
= k 
f(n) = Y (1) ( : | (11) 
the ratio of successive terms is 


a A 


Ok (-1)* al 


_(k- 2n)? 
(k +1)? ” 


(12) 


Fig. 11-11. LED indicator and RX—see LED specs. Capacitor bank: 1 = .7 
pF;2=3 pF;3 =5 pF; 4 = 10 pF; 5 =25 pF; 6 = 50 pF; 7 = 100 pF; 8 = 330 pF; 
9 = 470 pF; 10 = 680 pF; 11 = 820 pF. Test switch—SPDT push-button. 


capacity transceive switch that gives you convenient one switch 
operation. 

The heart of this little gadget is a Kurman 115 V rf power 
relay. This may be expensive, but compared to virtually any simi- 
lar rf relay, the cost is a really solid investment. It has quite 
impressive specs. 

The relay coil itself draws about a watt at 115 V, but if you 
prefer odd coil voltages, models are available with 6, 12, and 110 V 
dc coils. The DPDT, self-wiping contacts are capable of handling 
1.5 kW at frequencies up to 450 MHz. Standard G-7 insulating 
bridges provide excellent rf isolation between contacts. The relay 
can be easily mounted on one side of your enclosure by using the 
four tapped #6-32 mounting holes provided. See Fig. 11-12. 

A four pole, three position telephone lever switch is used for 
the front panel transceive switching. The middle position provides 
a standby condition for both transmitter and receiver. Two of the 
DPDT contacts are used to switch the transmitter and receiver 
standby circuits, while the third energizes the relay. On my model, 
the fourth contact was used to short the receive antenna terminals 
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Generalized Hypergeometric Function 
yielding 


— 2n, —2n 


fin) = 2 F3 | 1 ; -1 = 2Fı(—2n, —2n; dle —1) 


(13) 
(Petkovšek 1996, pp. 44-45). 


Gosper (1978) discovered a slew unusual hypergeo- 
metric function identities, many of which were sub- 
sequently proven by Gessel and Stanton (1982). An 
important generalization of Gosper’s technique, called 
ZEILBERGER’S ALGORITHM, in turn led to the powerful 
machinery of the WILF-ZEILBERGER PAIR (Zeilberger 
1990). 


Special hypergeometric identities include Gauss’s Hy- 
PERGEOMETRIC THEOREM 


r(e (e—a — b) 


r(e — ajT' (e — b) oe) 


oF (a, b; C; 1) = 


for R|c — a — b] > 0, KUMMER’S FORMULA 


oo T(Gb+1)I(b—a+1) 
2F (a, b;c; —1) = POEDCi ari) (15) 


where a — b+c = 1 and b is a positive integer, 
SAALSCHÜTZ’S THEOREM 


(d — a)je (d — b)ici 


3F2(a, b,c; d,e; 1) = “dild = a — bje (16) 


for d+e=a+b+c+1 with c a negative integer and 
(a)n the POCHHAMMER SYMBOL, DIXON’s THEOREM 


(ła)!(a — b)!(a — c)'($a—b-c)! 
al(ża — b)!(ła — c)!{a — b — c)! ’ 
| (17) 
where 1 + a/2 — b — c has a positive REAL PART, d = 
a—b+ 1, and e = a — c + 1, the CLAUSEN FORMULA 


3F2(a, b,c; d,e; 1) = 


a bed |- See (18) 


- 1 
(2a + 2b) ajaja) Oya) 


for atb+c—d = 1/2, e = a+b+1/2, a+ f = d+1 = b+9, 
d a nonpositive integer, and the DOUGALL-RAMANUJAN 
IDENTITY 


bi, b2, bs, ba, bs, be 
_ (ar + 1)n(ai — a2 — az + 1)n 


~ (a — az + 1nl(a1 — as + 1)n 
(as — az — a4 + 1)n(a1 — a3 — as + 1)n 


(a1 — as + 1)n(ai — a2 — a3 — 44 + l)n’ 


Qi1,42; a3, Q4, 45, Q6, @7 A 
7F6 | 1 


(19) 


where n = 2a; +1 = az + a3 + a4 + as, as = 1+ 41/2, 
a7 = —n, and b; = 1 + aı — ai+1 for i = 1, 2,..., 6. For 
all these identities, (a)n is the POCHHAMMER SYMBOL. 
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Gessel (1994) found a slew of new identities using WILF- 
ZEILBERGER PAIRS, including the following: 


F 74=bn+10 tern anttha + (8 =0 =D). 
*“*n—a—-b-=c4+1,n-a-b41,2n+2,n + 5(1 — a.— b)’ 


=0 (20) 
3n,2—c3n+2 3] (c+ 5n(3)n 
sE | S — 3c H (1 — elal a See 
-3b,-¿m,1(1-3n) a| (3—Dn 
3F2 | —3n, 2 —~b—n El — G + b)n (22) 
(aC 


~ 
NI 
Dro 

3 
nn 
ij 
Near 

3 


(Petkovšek et al. 1996, pp. 135-137). 


see also CARLSON’S ‘THEOREM, CLAUSEN FOR- 
MULA, CONFLUENT HYPERGEOMETRIC FUNCTION, 
CONFLUENT HYPERGEOMETRIC LIMIT FUNCTION, 
DIXON’S THEOREM, DOUGALL-RAMANUJAN IDENTITY, 
DOUGALL’S THEOREM, GOSPER’S ALGORITHM, HEINE 
HYPERGEOMETRIC SERIES, HYPERGEOMETRIC FUNC- 
TION, HYPERGEOMETRIC IDENTITY, HYPERGEOMET- 
RIC SERIES, JACKSON’S IDENTITY, KUMMER’S THE- 
OREM, RAMANUJAN’S HYPERGEOMETRIC IDENTITY, 
SAALSCHUTZ’S THEOREM, SAALSCHUTZIAN, SISTER 
CELINE’S METHOD, THOMAE’S THEOREM, WATSON’S 
THEOREM, WHIPPLE’S TRANSFORMATION, WILF-ZEIL- 
BERGER PAIR, ZEILBERGER’S ALGORITHM 
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Generalized Matrix Inverse 
see MOORE-PENROSE GENERALIZED MATRIX INVERSE 
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Generalized Mean 
A generalized version of the MEAN 


a 1/t 


m(t) = | = Y ar! (1) 


k=1 


with parameter t which gives the GEOMETRIC MEAN, 
ARITHMETIC MEAN, and HARMONIC MEAN as special 
cases: 


lim m(t) =G (2) 
m(1) = A (3) 
m(—1) = H. (4) 


see also MEAN 


Generalized Remainder Method 
An algorithm for computing a UNIT FRACTION. 


Generating Function 
A POWER SERIES 


ta) = ` üna 
n=0 


whose COEFFICIENTS give the SEQUENCE {ao, 41, 
...}. The Mathematica? (Wolfram Research, Cham- 
paign, IL) function DiscreteMath‘RSolve‘PowerSum 
gives the generating function of a given expression, and 
ExponentialPowerSum gives the exponential generating 
function. 


Generating functions for the first few powers are 


E = =2+a +r’ +... 

ES =2+20 + 3r? + 4rt +... 
n? : Tete = £ + 4r? + 9r? + 1627+... 
n>: oes = g + 8g? 4 272°4... 
nt : tfc Pee =x+162* + 8lz? +... 


see also MOMENT-GENERATING FUNCTION, RECUR- 
RENCE RELATION 
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Generation 

In population studies, the direct offspring of a refer- 
ence population (roughly) constitutes a single genera- 
tion. For a CELLULAR AUTOMATON, the fundamental 
unit of time during which the rules of reproduction are 
applied once is called a generation. 


Gentle Diagonal 


Generator (Digitadition) 

An INTEGER used to generate a DIGITADITION. Á num- 
ber can have more than one generator. If a number has 
no generator, it is called a SELF NUMBER. 


Generator (Group) 
An element of a CYCLIC GROUP, the POWERS of which 
generate the entire GROUP. 
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Genetic Algorithm 

An adaptive ALGORITHM involving search and optimiza- 
tion first used by John Holland. Holland created an elec- 
tronic organism as a binary string (“chromosome”), and 
then used genetic and evolutionary principles of fitness- 
proportionate selection for reproduction (including ran- 
dom crossover and mutation) to search enormous solu- 
tion spaces efficiently. So-called genetic programming 
languages apply the same principles, using an expres- 
sion tree instead of a bit string as the “chromosome.” 


see also CELLULAR AUTOMATON 


Genocchi Number 
A number given by the GENERATING FUNCTION 


It satisfies Gi = 1, Gs 
coefficients are given by 


i 
T 
I 
Q 
| 


.., and even 


Gan = 2(1 — 2°") Bon 
= 2nE2n—1(0), 


where Bn is a BERNOULLI NUMBER and £,(z) is an 
EULER POLYNOMIAL. The first few Genocchi numbers 
for n EVEN are —1, 1, —3, 17, —155, 2073, ... (Sloane's 
A001469). 


see also BERNOULLI NUMBER, EULER POLYNOMIAL 
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Gentle Diagonal 
see PASCAL’S TRIANGLE 


Gentle Giant Group 


Gentle Giant Group 
see MONSTER GROUP 


Genus (Curve) 
One of the PLUCKER CHARACTERISTICS, defined by 


p = 3(n-1)(n-2)-(94+x) = ¿(m-1)(m-2)-(r+0), 


where m is the class, n the order, 6 the number of nodes, 
k the number of CUSPS, ¿ the number of stationary tan- 
gents (INFLECTION POINTS), and 7 the number of BI- 
TANGENTS. 


see also RIEMANN CURVE THEOREM 
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Genus (Knot) 
The least genus of any SEIFERT SURFACE for a given 
KNOT. The UNKNOT is the only KNOT with genus 0. 


Genus (Surface) 

A topologically invariant property of a surface defined 
as the largest number of nonintersecting simple closed 
curves that can be drawn on the surface without sepa- 
rating it. Roughly speaking, it is the number of HOLES 
in a surface. 


see also EULER CHARACTERISTIC 


Genus Theorem 
A DIOPHANTINE EQUATION 


z’ +y =p 


can bc solved for p a PRIME IFF p = 1 (mod 4) or p= 2. 
The representation is unique except for changes of sign 
or rearrangements of x and y. 


see also COMPOSITION THEOREM, FERMAT’S THEOREM 


Geocentric Latitude 
An AUXILIARY LATITUDE given by 


Da = tan”*[(1 — e?) tan @]. 
The series expansion is 
Pg = $ — ez sin(2¢ġ) + de2” sin(4¢) + te2* sin(6d) +..., 


where 


see also LATITUDE 
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Geodesic 

Given two points on a surface, the geodesic is defined 
as the shortest path on the surface connecting them. 
Geodesics have many interesting properties. The NOR- 
MAL VECTOR to any point of a GEODESIC arc lies along 
the normal to a surface at that point (Weinstock 1974, 
p. 65). 


Furthermore, no matter how badly a SPHERE is dis- 
torted, there exist an infinite number of closed geodes- 
ics on it. This general result, demonstrated in the early 
1990s, extended earlier work by Birkhoff, who proved 
in 1917 that there exists at least one closed geodesic 
on a distorted sphere, and Lyusternik and Schirelmann, 
who proved in 1923 that there exist at least three closed 
geodesics on such a sphere (Cipra 1993). 


For a surface g(z,y,z) = 0, the geodesic can be found 
by minimizing the ARC LENGTH 


L= |ds= | Ja ra ae (1) 


But 
Ox Ox 
de = A, Tu + Ay te (2) 
2 2 
dx? = (5) du? +2 du do + (5) dv’, (3) 


and similarly for dy? and dz”. Plugging in, 


e Ox y? Oy y* Oz y? 2 
r= fA + (3u) + (5) |a 
dy dy , Əz dz 
ðu ðv Oudv 


2 2 z\2 : 1/2 
+ |(%) +(3) +(&) Jory @ 


This can be rewritten as 


| du dv 


L= / P + 2Qu' + Rv”? du (5) 


= J y/ Pu? + 2Qu' + Rdv, (6) 


where 


and 
_ 0% E Oy £ Oz\? 

PE ea) ae) (9) 

_ Oc Ox , dy By _ Oz dz 


T ðuðv dudv | dudv 


OCIO 
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Taking derivatives, 


<= L(P+2Qu' + Rv 2) — 1/2 
P ' ! 
x E +228, + ÎR, 2) (12) 
OL 1 ! 124 —1/2 ! 
aor = (P+2Qu' + Ru”) Y (2Q + 2Rv'), (13) 


so the EULER-LAGRANGE DIFFERENTIAL EQUATION 
then gives 


2P 420/28 4 222 d ( 


Q + Rv asf 
2,/P+2Qv' + Ru” du 


a/ P + 2Qu' + Rv’? 


(14) 


In the special case when P, Q, and R are explicit func- 
tions of u only, 


Q + Rv’ 


ay/ P +2Qu' + Rv”? 


Q? + 2QRv' + R?y*? 5 
P+2Qv'+ Rv? a (16) 


v? R(R— 17) + 2v'Q(R — c°) + (Q? — Pei”) =0 (17) 


= (15) 


= IRR oa) Rola == R) 


4Q?(R — 01°)? — 4R(R— APN? Per?)). (18) 


Now, if P and R are explicit functions of u only and 
Q = 0, 


_ yAR(R - c1?)Pc,? 
= ORR Ses). C17) 


C1 l 4/ HS du. (20) 


In the case Q = 0 where P and R are explicit functions 
of v only, then 


R(R T c1?) ? 


SO 


Tene E. Rv’ = m 
veom e 


2/P+Rv2 du 
SO 
ðP  1o0R = 
5 FU 5 2/P+ RvR 
y” Es 1 v (2Rv'v S) _ 
: eat thera ae 
OP RƏR spin, EU _ (23) 
ðv av j P+ Rv? — 


12 
a -y P+R =a (24) 


Geodesic Curvature 


Rv”? — (P + Rv?) = cay P + Rv” (25) 


P 2 
(-=) = P + Rv” (26) 
C1 
= 2 
Re? > ( Q 
and 
u = C1 P? 2 2p du (28) 


For a surface of revolution in which y = g(x) is rotated 
about the z-axis so that the equation of the surface is 


y +2 =g*(0), (29) 


the surface can be parameterized by 


=u (30) 
y = g(u) cosv (31) 
z = g(u)sinv. (32) 


The equation of the geodesics is then 


=a [X 4/1 oe du | (33) 
Vlg(u)]? — cr? 


C17 


see also ELLIPSOID GEODESIC, GEODESIC CURVATURE, 
GEODESIC DOME, GEODESIC EQUATION, GEODESIC 
TRIANGLE, GREAT CIRCLE, HARMONIC MAP, OBLATE 
SPHEROID GEODESIC, PARABOLOID GEODESIC 
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Geodesic Curvature 
For a unit speed curve on a surface, the length of the 
surface-tangential component of acceleration is the geo- 
desic curvature kg. Curves with kọ = 0 are called 
GEODESICS. For a curve parameterized as a(t) = 
x(u(t), v(t)), the geodesic curvature is given by 

— (2712 —Tj1Ju“v' 


= y EG — F?[-Ti,u* + Tigu? 
H O} ff 4 


+00 ts alow +u v ~v iui, 


where E, F, and G are coefficients of the first FUNDA- 
MENTAL FORM and T}; are CHRISTOFFEL SYMBOLS OF 
THE SECOND KIND. 


see also GEODESIC 
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Geodesic Dome 


Geodesic Dome 


A TRIANGULATION of a PLATONIC SOLID or other 
POLYHEDRON to produce a close approximation to a 
SPHERE. The nth order geodesation operation replaces 
each polygon of the polyhedron by the projection onto 
the CIRCUMSPHERE of the order n regular tessellation 
of that polygon. The above figure shows geodesations 
of orders 1 to 3 (from top to bottom) of the TETRA- 
HEDRON, CUBE, OCTAHEDRON, DODECAHEDRON, and 
ICOSAHEDRON (from left to right). 


R. Buckminster Fuller designed the first geodesic dome 
(i.e., geodesation of a HEMISPHERE). Fuller’s dome was 
constructed from an ICOSAHEDRON by adding ISOSCE- 
LES TRIANGLES about each VERTEX and slightly reposi- 
tioning the VERTICES. In such domes, neither the VER- 
TICES nor the centers of faces necessarily lie at exactly 
the same distances from the center. However, these con- 
ditions are approximately satisfied. 


In the geodesic domes discussed by Kniffen (1994), the 
sum of VERTEX angles is chosen to be a constant. Given 
a PLATONIC SOLID, let e” = 2e/v be the number of 
EDGES meeting at a VERTEX and n be the number of 
EDGES of the constituent POLYGON. Call the angle of 
the old VERTEX point A and the angle of the new VER- 
TEX point F. Then 


A=B (1) 
2e A=nF (2) 
2A + F = 180°. (3) 
Solving for A gives 
2e' e' A 
24 + A =24 (14 3 = 180 (4) 
A = 9° ——, (5) 
e +n 
and j F 
F= 2 A= = 180° (6) 
| enn 
The VERTEX sum is 
y=nF=180 2 (7) 


etn 
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Ae A) F | 2 


tetrahedron 
24 
60 | 32 


cube 
see also TRIANGULAR SYMMETRY GROUP 


octahedron 


dodecahedron 


icosahedron 
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Geodesic Equation 
dr” = nap de” de”, 
or 
digo 
dr? 


see also GEODESIC 


Geodesic Flow 
A type of FLOW technically defined in terms of the TAN- 


GENT BUNDLE of a MANIFOLD. 
see also DYNAMICAL SYSTEM 


Geodesic Triangle 


` A TRIANGLE formed by the arcs of three GEODESICS on 
a smooth surface. 


see also INTEGRAL CURVATURE 


Geodetic Latitude 
see LATITUDE 


Geographic Latitude 
see LATITUDE 


Geometric Construction 

In antiquity, geometric constructions of figures and 
lengths were restricted to use of only a STRAIGHTEDGE 
and COMPASS. Although the term “RULER” is some- 
times used instead of “STRAIGHTEDGE,” no markings 
which could be used to make measurements were al- 
lowed according to the Greek prescription. Furthermore, 
the “COMPASS” could not even be used to mark off dis- 
tances by setting it and then “walking” it along, so the 
COMPASS had to be considered to automatically collapse 
when not in the process of drawing a CIRCLE. 


Because of the prominent place Greek geometric con- 
structions held in Euclid’s Elements, these constructions 
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are sometimes also known as EUCLIDEAN CONSTRUC- 
TIONS. Such constructions lay at the heart of the GEO- 
METRIC PROBLEMS OF ANTIQUITY of CIRCLE SQUAR- 
ING, CUBE DUPLICATION, and TRISECTION of an AN- 
GLE. The Greeks were unable to solve these problems, 
but it was not until hundreds of years later that the 
problems were proved to be actually impossible under 
the limitations imposed. 


Simple algebraic operations such as a + b, a — b, ra 
(for r a RATIONAL NUMBER), a/b, ab, and yz can be 
performed using geometric constructions (Courant and 
Robbins 1996). Other more complicated constructions, 
such as the solution of APOLLONIUS’ PROBLEM and the 
construction of INVERSE POINTS can also accomplished. 


woe segment bisector 


NY, 


One of the simplest geometric constructions is the con- 
struction of a BISECTOR of a LINE SEGMENT, illustrated 
above. 


Py Pi 


Po O Po 


Equilateral Triangle Square 


Pentagon 17-gon 


The Greeks were very adept at constructing POLYGONS, 
but it took the genius of Gauss to mathematically de- 
termine which constructions were possible and which 
were not. As a result, Gauss determined that a se- 
ries of POLYGONS (the smallest of which has 17 sides; 
the HEPTADECAGON) had constructions unknown to 
the Greeks. Gauss showed that the CONSTRUCTIBLE 
POLYGONS (several of which are illustrated above) were 
closely related to numbers called the FERMAT PRIMES. 


Wernick (1982) gave a list of 139 sets of three located 
points from which a TRIANGLE was to be constructed. 
Of Wernick’s original list of 139 problems, 20 had not 
yet been solved as of 1996 (Meyers 1996). 


Geometric Construction 


It is possible to construct RATIONAL NUMBERS and 
EUCLIDEAN NUMBERS using a STRAIGHTEDGE and 
COMPASS construction. In general, the term for a 
number which can be constructed using a COMPASS 
and STRAIGHTEDGE is a CONSTRUCTIBLE NUMBER. 
Some IRRATIONAL NUMBERS, but no TRANSCENDEN- 
TAL NUMBERS, can be constructed. 


It turns out that all constructions possible with a COM- 
PASS and STRAIGHTEDGE can be done with a COMPASS 
alone, as long as a line is considered constructed when 
its two endpoints are located. The reverse is also true, 
since Jacob Steiner showed that all constructions pos- 
sible with STRAIGHTEDGE and COMPASS can be done 
using only a straightedge, as long as a fixed CIRCLE and 
its center (or two intersecting CIRCLES without their 
centers, or three nonintersecting CIRCLES) have been 
drawn beforehand. Such a construction is known as a 
STEINER CONSTRUCTION. 


GEOMETROGRAPHY is a quantitative measure of the 
simplicity of a geometric construction. It reduces ge- 
ometric constructions to five types of operations, and 
seeks to reduce the total number of operations (called 
the “SIMPLICITY”) needed to effect a geometric con- 
struction. 


Dixon (1991, pp. 34-51) gives approximate construc- 
tions for some figures (the HEPTAGON and NONAGON) 
and lengths (PI) which cannot be rigorously con- 
structed. Ramanujan (1913-14) and Olds (1963) give 
geometric constructions for 355/113 = m. Gardner 
(1966, pp. 92-93) gives a geometric construction for 


3 + 38 = 3.1415929... 27. 
Constructions for 7 are approximate (but inexact) forms 
of CIRCLE SQUARING. 


see also CIRCLE SQUARING, COMPASS, CONSTRUCTIBLE 
NUMBER, CONSTRUCTIBLE POLYGON, CUBE DUPLICA- 
TION, ELEMENTS, FERMAT PRIME, GEOMETRIC PROB- 
LEMS OF ANTIQUITY, GEOMETROGRAPHY, MASCHER- 
ONI CONSTRUCTION, NAPOLEON’S PROBLEM, NEU- 
SIS CONSTRUCTION, PLANE GEOMETRY, POLYGON, 
PONCELET-STEINER THEOREM, RECTIFICATION, SIM- 
PLICITY, STEINER CONSTRUCTION, STRAIGHTEDGE, 
TRISECTION 
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Geometric Distribution 


A distribution such that 
P(n) = q" ‘p=p(1—p)"™’," (1) 


where q = 1 — p and for n = 1, 2,.... The distribution 
is normalized since 


n— n P p 
P(n)= > a” 'p=p) == =*"=1 
> Pl) =>) a 
n=1 n=1 n=0 
(2) 
The MOMENT-GENERATING FUNCTION is 
p(t) = pil -(1—p)e"]™*,” (3) 
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or 
oO oO 
M(t) = (en) E N epg" = py ¿rl 
n=1 n=0 
re t 
=. t t no pe 
= pe dA Derr (4) 
lege e (569) 
M'(t) = l 
(t) =p | aa” 
_ plet E. qe” za ge”) = pe’ (5) 
~ (l—etg? — (1 — eg)? 
m (1 — eg) e? — e*2(1 — e*q)(—e*q) 
M i= 
(t) =p AT 
(1 pz 2e*g + eg je I 2qe%* (1 e e*q) 
=egis 
e Derg eg? lee” 
E (1 — etg)* 
a qe _ pe’ (1 — g*e**) 
(1 — etq)’ (bea) 
_ pe'(1+ ge’) 
Ae 6) 
M"(é) = pe [1 1 4e*(1 ~~ p) F e” (1 ~~ p)”] (7) 
© (l-e + ep)’ 
Therefore, 
1 
M' 0) = : = = PNS ee = P — 8 
n I p(1 +q) p(2 — p) 2—p 
a a 
HI i 6 — 6 + a 
MG =p LESA (10) 
P 
— 2)(—p? + 12p — 12 
Mo) Sak E (11) 
and 
Zo (2_1_1_1-P 
pa = u2 — (11) (= a e 7 
q 
= (12) 
a = 3 — Boa + 2l)” 
 6-6p+p g2P1 (2) 
e ee AE 2 | - 
P pP P P 
_6-—6p+p —3(2-p)+2 
= A 
(p — 1)(p— 2) 
= —— (13) 
Ha = pa — Apgar + Gua (14) — 3(u1)* 
SW itp 192). Ge Cpe 


A 
pt p* p 


_ (p -1)(-p° + 9p - 9) 


pi l (14) 


732 Geometric Distribution 


so the MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 
given by 


, 1 
a 15 
H = Hi p (15) 
=uw=éÉ (16) 
p 
3/2 
ts _ le Dr=2)(_P 
a g3 p? 1—p 
_ (—-1)(p—2) _ 2-p _2-P (17) 
(1-pyvl=p yl-p ya 
_ pa (p — 1)(—p” + 9p — 9) 
Y2 = a y = 4 (1—p)? 3 
P 
-9+9 -P _, 
(p — 1) 
2 
_ po —6p+6 
- ERA (18) 


In fact, the moments of the distribution are given ana- 
lytically in terms of the POLYLOGARITHM function, 


OO oo 
f} n— Li_ 1 Py 
Me = > P(n)n* = > p(1-p)"3n* = phia aR 
n=1 n=1 


(19) 
For the case p = 1/2 (corresponding to the distribu- 
tion of the number of COIN TOSSES needed to win in 
the SAINT PETERSBURG PARADOX) this formula imme- 
diately gives 


pi = (20) 
p2 = (21) 
p3 = 26 (22) 
H4 = 150, (23) 


so the MEAN, VARIANCE, SKEWNESS, and KURTOSIS in 
this case are 


p=2 (24) 
o =2 (25) 
Y = 2/2 (26) 
yo = E. (27) 


The first CUMULANT of the geometric distribution is 
1 -— 
Gea. (28) 
P 


and subsequent CUMULANTS are given by the RECUR- 
RENCE RELATION 


Kr+1 = (1 — p) e (29) 


see also SAINT PETERSBURG PARADOX 
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Geometric Problems of Antiquity 


Geometric Mean 


a 1/n 


I 


i=1 


Hoehn and Niven (1985) show that 


G 


Glas +c,03+C,...,4n +0) > c+ Gla1,02,...,On) 


for any POSITIVE constant c. 


see also ARITHMETIC MEAN, ARITHMETIC-GEOMETRIC 
MEAN, CARLEMAN’S INEQUALITY, HARMONIC MEAN, 
MEAN, ROOT-MEAN-SQUARE 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 10, 1972. 

Hoehn, L. and Niven, I. “Averages on the Move.” Math. 
Mag. 58, 151-156, 1985. 


Geometric Mean Index 
The statistical INDEX 


pos Me) |” 


where pn is the price per unit in period n, qn is the 
quantity produced in period n, and vn = pngn the value 
of the n units. 


see also INDEX 
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Geometric Probability Constants 
see CUBE POINT PICKING, CUBE TRIANGLE PICKING 


Geometric Problems of Antiquity 

The Greek problems of antiquity were a set of geometric 
problems whose solution was sought using only COM- 
PASS and STRAIGHTEDGE: 


1. CIRCLE SQUARING. 
2. CUBE DUPLICATION. 
3. TRISECTION of an ANGLE. 


Only in modern times, more than 2,000 years after they 
were formulated, were all three ancient problems proved 
insoluble using only COMPASS and STRAIGHTEDGE. 


Another ancient geometric problem not proved impos- 
sible until 1997 is ALHAZEN’S BILLIARD PROBLEM. 
As Ogilvy (1990) points out, constructing the general 
REGULAR POLYHEDRON was really a “fourth” unsolved 
problem of antiquity. 


Geometric Progression 


see also ALHAZEN’S BILLIARD PROBLEM, CIRCLE 
SQUARING, COMPASS, CONSTRUCTIBLE NUMBER, CON- 
STRUCTIBLE POLYGON, CUBE DUPLICATION, GE- 
OMETRIC CONSTRUCTION, REGULAR POLYHEDRON, 
STRAIGHTEDGE, TRISECTION 
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Geometric Progression 
see GEOMETRIC SEQUENCE 


Geometric Sequence 

A geometric sequence is a SEQUENCE {ax}, k = 1, 2, 
.., such that each term is given by a multiple r of the 

previous one. Another equivalent definition is that a 

sequence is geometric IFF it has a zero BIAS. If the 
multiplier is r, then the kth term is given by 


l 2 k 
Ak = Trap-1 # T (4Ak-2 = aor . 


Without loss of generality, take ay = 1, giving 


k 
da =T. 


Geometric Series 

A geometric series Y * , Ax is a series for which the ratio of 
each two consecutive terms a;+1/ax is a constant func- 
tion of the summation index k, say r. Then the terms 
a, are of the form az = aor", so axy+1/ax = r. If {ax}, 
with k = 1, 2, ..., is a GEOMETRIC SEQUENCE with 
multiplier —1 < r < 1 and ay = 1, then the geometric 


series 
Tt Tt 
Dar a 
k=0 - k=0 
is given by 
n 
Sn = res ltrtre+...4r”, (2) 
k=0 
SO 


TSn =r +r Hr? +... tr, (3) 
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Subtracting 


(1—=r)Sn=(1+r+r? +... +r") 


= (gaia seg A eg 
siy (4) 
so A 
E T ect ió . 
Sn = === (5) 
k=0 
As n > oo, then 
= 1 
— _ k 
E | => (6) 


see also ARITHMETIC SERIES, GABRIEL’S STAIRCASE, 
HARMONIC SERIES, HYPERGEOMETRIC SERIES, WHEAT 
AND CHESSBOARD PROBLEM 
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Geometrization Conjecture 
see THURSTON'S GEOMETRIZATION CONJECTURE 


Geometrography 

A quantitative measure of the simplicity of a GEOMET- 
RIC CONSTRUCTION which reduces geometric construc- 
tions to five steps. It was devised by E. Lemoine. 


S1 Place a STRAIGHTEDGE's EDGE through a given 
POINT, 


S2 Draw a straight LINE, 
C1 Place a POINT of a COMPASS on a given POINT, 


C2 Place a POINT of a COMPASS on an indeterminate 
POINT on a LINE, 


C3 Draw a CIRCLE. 


Geometrography seeks to reduce the number of opera- 
tions (called the “SIMPLICITY”) needed to effect a con- 
struction. If the number of the above operations are 
denoted mi, ma, 11, n2, and nz, respectively, then the 
SIMPLICITY is M1 + M2 +1 +2 + 3 and the symbol is 
mı Sı +maS2+n1€1 +n2C2+n3053. It is apparently an 
unsolved problem to determine if a given GEOMETRIC 
CONSTRUCTION is of the smallest possible simplicity. 
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see also SIMPLICITY 
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Geometry 

Geometry is the study of figures in a SPACE of a 
given number of dimensions and of a given type. The 
most common types of geometry are PLANE GEOMETRY 
(dealing with objects like the LINE, CIRCLE, TRIANGLE, 
and POLYGON), SOLID GEOMETRY (dealing with objects 
like the LINE, SPHERE, and POLYHEDRON), and SPHER- 
ICAL GEOMETRY (dealing with objects like the SPHER- 
ICAL TRIANGLE and SPHERICAL POLYGON). 


Historically, the study of geometry proceeds from a 
small number of accepted truths (AXIOMS or POSTU- 
LATES), then builds up true statements using a system- 
atic and rigorous step-by-step PROOF. However, there 
is much more to geometry than this relatively dry text- 
book approach, as evidenced by some of the beautiful 
and unexpected results of PROJECTIVE GEOMETRY (not 
to mention Schubert’s powerful but questionable ENU- 
MERATIVE GEOMETRY). l 


Formally, a geometry is defined as a complete locally 
homogeneous RIEMANNIAN METRIC. In RR”, the possible 
geometries are Euclidean planar, hyperbolic planar, and 
elliptic planar. In R, the possible geometries include 
Euclidean, hyperbolic, and elliptic, but also include five 
other types. 


see also ABSOLUTE GEOMETRY, AFFINE GEOMETRY, 
COORDINATE GEOMETRY, DIFFERENTIAL GEOMETRY, 
ENUMERATIVE GEOMETRY, FINSLER GEOMETRY, IN- 
VERSIVE GEOMETRY, MINKOWSKI GEOMETRY, NIL GE- 
OMETRY, NON-EUCLIDEAN GEOMETRY, ORDERED GE- 
OMETRY, PLANE GEOMETRY, PROJECTIVE GEOMETRY, 
SoL GEOMETRY, SOLID GEOMETRY, SPHERICAL GE- 
OMETRY, THURSTON’S GEOMETRIZATION CONJECTURE 
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Gergonne Line 


The perspective line for the CONTACT TRIANGLE 
ADEF and its TANGENTIAL TRIANGLE AABC. It is 
determined by the NoBBs Points D’, E', and F’. In 
addition to the NOBBS POINTS, the FLETCHER POINT 
and EVANS POINT also lie on the Gergonne line where 
it intersects the SODDY LINE and EULER LINE, respec- 
tively. The D and D’ coordinates are given by 


p=s+Le 
P2826. 
€ 


so BDCD' form a HARMONIC RANGE. The equation of 
the Gergonne line is 


see also CONTACT TRIANGLE, EULER LINE, EVANS 
POINT, FLETCHER POINT, NOBBS POINTS, SODDY 
LINE, TANGENTIAL TRIANGLE 
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during transmit, thus providing extra protection from front end 
burnout, 

Three SO-239 female coax connectors were mounted on the 
rear panel to provide standard interconnection to any rig. The 
power cord is also mounted on the back of the Radio Shack 5-34" x 
3” x 5-%” cabinet, being passed through a grommet for safety's 
sake. Additionally, a four pin socket is mounted below the coax 
connectors for hookup to the receiver and transmitter standby 
circuits. Since transmitter standby is often just a switching of the 
primary of the plate transformer, the socket pins must be capable of 
handling 2 A or so. An optional power switch can be installed, as 
indicated on the schematic, but it's not really necessary because 
the relay will be turned off anyway when the lever switch is in the 
center position. 

For most applications, the .001 uF bypass capacitors will 
adequately prevent rf from riding out on the incoming power leads. 
However, leads should be kept short on the capacitors bypassing 
the relay coil since such coils tend to pick up a lot of rf at high 
frequencies and subsequently put it right into the power line. Also, 
if the transceive switch is intended to be operated into a constant 
impedance, then coax is suggested for all rf carrying leads within 
the box. 

This switching system allows considerable versatility at 
nearly any power level and with virtually any equipment. I experi- 
enced only one difficulty. It may be necessary to weight down the 
entire assembly to prevent it from moving all over the place when 
the lever is thrown. 

Otherwise, you should have a reliable switch that will serve 
your needs for many years to come, no matter how much your other 
equipment changes. 


«BLOWN FUSE INDICATORS FOR LOW VOLTAGE 


At first glance the unit to be described would appear to be 
strictly a luxury, but use it once, and you'll wonder how you ever 
got along without it. 

It is a well known fact that individually fused circuits not only 
give increased protection to equipment, but simplify troubleshoot- 
ing by isolating the defective circuits. But it also means more fuses 
to check when troubleshooting. 

In ac equipment it is a simple matter to connect a neon bulb 
directly across each fuse; thus, when all is well all bulbs are out 
(being shorted by the fuse). When a fuse blows, the bulb is placed in 


490 


Gergonne Point 


Gergonne Point 


The common point of the CONCURRENT lines from the 
TANGENT points of a TRIANGLE’S INCIRCLE to the op- 
posite VERTICES. It has TRIANGLE CENTER FUNCTION 
-1 1 2 
a =l(a(b+c-=a)] ` = 53sec’ A. 
It is the ISOTOMIC CONJUGATE POINT of the NAGEL 
POINT. The CONTACT TRIANGLE and TANGENTIAL 
TRIANGLE are perspective from the Gergonne point. 


see also GERGONNE LINE 
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Germain Primes 
see SOPHIE GERMAIN PRIME 


Gerono Lemniscate 
see EIGHT CURVE 


GerSsgorin Circle Theorem 
Gives a region in the COMPLEX PLANE containing all 
the EIGENVALUES of a COMPLEX SQUARE MATRIX. Let 


|x| = max{|z;|:1<i<n}>0 (1) 

and define 
Ri = ` ai; |. (2) 

i=1 

IA 


Then each EIGENVALUE of the MATRIX Á of order n is 
in at least one of the disks 


{z : |z ER aii | < Ri). (3) 
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The theorem can be made stronger as follows. Let r be 
an INTEGER with 1 <r < n, then each EIGENVALUE of 
A is either in one of the disks Tı 


{z : |z — ajo] < sy PY, (4) 


or in one of the regions 


ad a , (5) 
¿=1 t=1 


where S ae is the sum of magnitudes of the r—1 largest 
off-diagonal elements in column 7. 
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Ghost 


Spectral Power 


0 


0 20 40 60 80 
Frequency (Hz) 


If the sampling of an interferogram is modulated at a 
definite frequency instead of being uniformly sampled, 
spurious spectral features called “ghosts” are produced 
(Brault 1985). Periodic ruling or sampling errors intro- 
duce a modulation superposed on top of the expected 
fringe pattern due to uniform stage translation. Be- 
cause modulation is a multiplicative process, spurious 
features are generated in spectral space at the sum and 
difference of the true fringe and ghost fringe frequencies, 
thus throwing power out of its spectral band. 


Ghosts are copies of the actual spectrum, but appear 
at reduced strength. The above shows the power spec- 
trum for a pure sinusoidal signal sampled by translat- 
ing a Fourier transform spectrometer mirror at constant 
speed. The small blips on either side of the main peaks 
are ghosts. 


In order for a ghost to appear, the process producing it 
must exist for most of the interferogram. However, if 
the ruling errors are not truly sinusoidal but vary across 
the length of the screw, a longer travel path can reduce 
their effect. 


see also JITTER 
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Gibbs Constant 
see WILBRAHAM-GIBBS CONSTANT 


Gibbs Effect 
see GIBBS PHENOMENON 


Gibbs Phenomenon 


bed 


‘a 
VO 


Q 
An overshoot of FOURIER SERIES and other EIGEN- 
FUNCTION series occurring at simple DISCONTINUITIES. 
It can be removed with the LANCZOS o FACTOR. 


see also FOURIER SERIES 
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Gigantic Prime 
A PRIME with 10,000 or more decimal digits. As of 
Nov. 15, 1995, 127 were known. 


see also TITANIC PRIME 
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Gill’s Method 


Gilbrat’s Distribution 
A CONTINUOUS DISTRIBUTION in which the LOGA- 
RITHM of a variable z has a NORMAL DISTRIBUTION, 


P(z) = ¿EIA 


It is a special case of the LOG NORMAL DISTRIBUTION 


P(x) = e7 (in e—M)? /28?° 


1 
Sy2r 
with S = 1 and M = 0. 
see also LOG NORMAL DISTRIBUTION 


Gilbreath’s Conjecture 
Let the DIFFERENCE of successive PRIMES be defined by 


dn = Pn+i — Pn, and d} by 


for k= 1 


Lala 
ld aide |) fork>1. 


N. L. Gilbreath claimed that df = 1 for all k (Guy 1994). 
It has been verified for k < 63419 and all PRIMES up to 
7(10'*), where r is the PRIME COUNTING FUNCTION. 
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Gill’s Method 
A formula for numerical solution of differential equa- 
tions, 


Yn+1 = Yn + Elki + (2— V2 )k2 
+(2 + V2)k3 + ka) + O(h*), 


where 

kı = hf (£n, yn) 

ke E hf (an + ih, Un + Iki) 

kg = hf (€n + th, yn + $(-1 + V2)ki + (1 — 4v2 ko) 
ka = hf (£n + h, Yn — 2/2 ka + (1+ 2/2 )k3). 


see also ADAMS’ METHOD, MILNE’S METHOD, PREDIC- 
TOR-CORRECTOR METHODS, RUNGE-KUTTA METHOD 
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Gingerbreadman Map 


Gingerbreadman Map 


A 2-D piecewise linear MAP defined by 


Ln+1 = 1 — Yn + Ls | 


Un+1 = En. 


The map is chaotic in the filled region above and stable 
in the six hexagonal regions. Each point in the interior 
hexagon defined by the vertices (0, 0), (1, 0), (2, 1), (2, 
2), (1, 2), and (0, 1) has an orbit with period six (except 
the point (1, 1), which has period 1). Orbits in the other 
five hexagonal regions circulate from one to the other. 
There is a unique orbit of period five, with all others 
having period 30. The points having orbits of period 
five are (—1, 3), (-1, —1), (3, —1), (5, 3), and (3, 5), 
indicated in the above figure by the black line. However, 
there are infinitely many distinct periodic orbits which 
have an arbitrarily long period. 


References 

Devaney, R. L. “A Piecewise Linear Model for the Zones of 
Instability of an Area Preserving Map.” Physica D 10, 
387-393, 1984. 

Peitgen, H.-O. and Saupe, D. (Eds.). “A Chaotic Ginger- 
breadman.” §3.2.3 in The Science of Fractal Images. New 
York: Springer-Verlag, pp. 149-150, 1988. 


Girard’s Spherical Excess Formula 
Let a SPHERICAL TRIANGLE A have angles A, B, and 
C. Then the SPHERICAL EXCESS is given by 


A=A+B+C-1. 


see also ANGULAR DEFECT, L’HUILIER’S THEOREM, 
SPHERICAL EXCESS 
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Girko’s Circular Law 
Let A be EIGENVALUES of a set of RANDOM nxn MATRI- 
CES. Then /,/n is uniformly distributed on the DISK. 


References 
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Girth 


The length of the shortest CYCLE in a GRAPH. 
Girth Example 
3 tetrahedron 


4 cube, K33 
5 Petersen graph 


Giuga's Conjecture 
If n > 1 and 


We O AO AD O 


is n necessarily a PRIME? In other words, defining 


n—1 
_ > | n-—1 
Sn — k , 
k=1 


does there exist a COMPOSITE n such that s, = 
—1 (mod n)? It is known that sn = —1 (mod n) IFF 
for each prime divisor p of n, (p — 1)|(n/p — 1) and 
pl(n/p—1) (Giuga 1950, Borwein et al. 1996); therefore, 
any counterexample must be SQUAREFREE. A compos- 
ite INTEGER n satisfies s, = —1 (mod n) IFF it is both 
a CARMICHAEL NUMBER and a GIUGA NUMBER. Giuga 
showed that there are no exceptions to the conjecture up 
to 101%. This was later improved to 10'7°° (Bedocchi 


1985) and 10'*°°° (Borwein et al. 1996). 
see also ARGOH’S CONJECTURE 
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Giuga Number 
Any COMPOSITE NUMBER n with p|(n/p — 1) for all 
PRIME DIVISORS p of n. n is a Giuga number IFF 


n—1 
y k9(r) = —1 (mod n) 
k=1 
where ¢ is the TOTIENT FUNCTION and [FF 


1 1 
2 lies 


p|n p|n 
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n is a Giuga number IFF 
nBgn) = —1 (mod n), 


where By, is a BERNOULLI NUMBER and ¢ is the To- 
TIENT FUNCTION. Every counterexample to Giuga’s 
conjecture is a contradiction to ARGOH’S CONJECTURE 
and vice versa. The smallest known Giuga numbers are 
30 (3 factors), 858, 1722 (4 factors), 66198 (5 factors), 
2214408306, 24423128562 (6 factors), 432749205173838, 
14737133470010574, 550843391309130318 (7 factors), 


244197000982499715087866346, 
954079914617070801288578559178 


(8 factors), ... (Sloane's A007850). 


It is not known if there are an infinite number of Giuga 
numbers. All the above numbers have sum minus prod- 
uct equal to 1, and any Giuga number of higher order 
must have at least 59 factors. The smallest ODD Giuga 
number must have at least nine PRIME factors. 


see also ARGOH’S CONJECTURE, BERNOULLI NUMBER, 
TOTIENT FUNCTION 
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Giuga Sequence 
A finite, increasing sequence of INTEGERS {n1,...,2m} 


such that 
m m 
> L II — EN. 


A sequence is a Giuga sequence IFF it satisfies 


ni|(Ni -+t Ni=1 * Ni41 * Mm — 1) 

fori = 1, ..., m. There are no Giuga sequences of 
length 2, one of length 3 ({2, 3, 5}), two of length 4 
({2, 3, 7, 41) and (2, 3, 11, 13}), 3 of length 5 ({2, 
3, 7, 43, 1805}, (2, 3, 7, 83, 85}, and (2, 3, 11, 17, 
59}), 17 of length 6, 27 of length 7, and hundreds of 
length 8. There are infinitely many Giuga sequences. 
It is possible to generate longer Giuga sequences from 
shorter ones satisfying certain properties. 


see also CARMICHAEL SEQUENCE 
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Glaisher-Kinkelin Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Define 
K(n +1) = 01123 ...n" (1) 
(m) _ i oe 
Ctd = gray = (onn) ifn > 0. 
(2) 


where G is the G-FUNCTION and K is the K-FUNCTION. 
Then 


K(n +1) 
lim nn? /2+n/241/2e—n?/4 =A (3) 
G 1 1/12 
lim ed ARO 2 © (4) 
n>00 n” /2 1/12(27,)9/2g-3n /4 A 
where | 
z ç'(2) (2r) y| _ 
Á = exp | On? + 12 + 3 1.28242713..., 


(5) 
where (z) is the RIEMANN ZETA FUNCTION, ~ is PI, 
and y is the EULER-MASCHERONI CONSTANT (Kinkelin 
1860, Glaisher 1877, 1878, 1893, 1894). Glaisher (1877) 
also obtained 


1/2 
A=2 Pr 1/8 exp E + a In[T(x + 1)| dz >. 
3-37 
(6) 


A? a? /6 
(5) (7) 


412 r? /8 
= ea ) (8) 


Glaisher (1894) showed that 


11/191/431/9,1/1651/25_., — 


11/131/951/2571/4991/81 


11/151/12591/729 |, 

3 

A r 
Š (aE) » (9) 

where 
63). A. CG). 1, CA 

= 43 15 (10 
3.450 56-78 Tag UO) 


see also G-FUNCTION, HYPERFACTORIAL, K-FUNCTION 
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Glide 


Glide 
A product of a REFLECTION in a line and TRANSLATION 
along the same line. 


see also REFLECTION, TRANSLATION 


Glissette 

The locus of a point P (or the envelope of a line) fixed in 
relation to a curve C which slides between fixed curves. 
For example, if ČC is a line segment and P a point on 
the line segment, then P describes an ELLIPSE when C 
slides so as to touch two ORTHOGONAL straight LINES. 
The glissette of the LINE SEGMENT C itself is, in this 
case, an ASTROID. 


see also ROULETTE 
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Global C(G;T) Theorem 

If a SYLOW 2-SUBGROUP T of G lies in a unique max- 
imal 2-local P of G, then P is a “strongly embedded” 
SUBGROUP of G, and G is known. 


Global Extremum 
A GLOBAL MINIMUM or GLOBAL MAXIMUM. 


see also LOCAL EXTREMUM 


Global Maximum 
The largest overall value of a set, function, etc., over its 
entire range. 


see also GLOBAL MINIMUM, LOCAL MAXIMUM, MAXI- 
MUM 


Global Minimum 

The smallest overall value of a set, function, etc., over 
lts entire range. 

see also GLOBAL MAXIMUM, KUHN-TUCKER THEOREM, 
LOCAL MINIMUM, MINIMUM 


Globe 

A SPHERE which acts as a model of a spherical (or el- 
lipsoidal) celestial body, especially the Earth, and on 
which the outlines of continents, oceans, etc. are drawn. 


see also LATITUDE, LONGITUDE, SPHERE 
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Glove Problem 

Let there be m doctors and n < m patients, and let all 
mn possible combinations of examinations of patients 
by doctors take place. Then what is the minimum num- 
ber of surgical gloves needed G(m,n) so that no doctor 
must wear a glove contaminated by a patient and no 
patient is exposed to a glove worn by another doctor? 
In this problem, the gloves can be turned inside out and 
even placed on top of one another if necessary, but no 
“decontamination” of gloves is permitted. The optimal 
solution is 


2 m=n=2 
5(m-+1) n=1,m=2k+1 


g(m,n) = 
[3(m)+¿n]| otherwise, 


where [x] is the CEILING FUNCTION (Vardi 1991). The 
case m = n = 2 is straightforward since two gloves have 
a total of four surfaces, which is the number needed for 
mn = 4 examinations. 
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Glue Vector 
A VECTOR specifying how layers are stacked in a LAM- 


INATED LATTICE. 


Gnomic Number 

A FIGURATE NUMBER of the form gn = 2n — 1 which 
are the areas of square gnomons, obtained by removing 
a SQUARE of side n — 1 from a SQUARE of side n, 


gn =n —(n—1)* = 2n-1. 


The gnomic numbers are therefore equivalent to the 
Opp NUMBERS, and the first few are 1, 3, 5, 7, 9, 11, 

. (Sloane’s A005408). The GENERATING FUNCTION 
for the gnomic numbers is 


g(1+ 2) 


op? et 8a + ba + Ta" +... 


see also ODD NUMBER 
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Gnomic Projection 


A nonconformal projection from a SPHERE's center in 
which ORTHODROMES are straight LINES. 


_ cospsin(A — Ao) 


COS € 


PEN cos ġı sin $ — sin ġı cos ġ cos(A — Ag) 08) 


COS cC 


where 
cosc = sin $: sin ¢ + cos ¢1 cos pcos(A — Ao). (3) 
The inverse FORMULAS are 


o = sin”? (cos csin ¢; + y sin c cos c cos ¢1) (4) 
A = A t E e . 5 
o + tan a) (5) 


References 


Coxeter, H. S. M. and Greitzer, S. L. Geometry Revisited. ' 


Washington, DC: Math. Assoc. Amer., pp. 150-153, 1967. 
Snyder, J. P. Map Projections—A Working Manual. U. $. 
Geological Survey Professional Paper 1395. Washington, 
DC: U. S. Government Printing Office, pp. 164-168, 1987. 


Gnomon 
A shape which, when added to a figure, yields another 
figure SIMILAR to the original. 
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Gnomon Magic Square 
A 3x 3 array of numbers in which the elements in each 
2 x 2 corner have the same sum. 


see also MAGIC SQUARE 


Go 

There are estimated to be about 4.63 x 1 possible 
positions on a 19x19 board (Flammenkamp). The num- 
ber of n-move Go games are 1, 362, 130683, 47046242, 
... (Sloane's A007565). 


170 
0 


Gobel’s Sequence 
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Gobel’s Sequence 
Consider the RECURRENCE RELATION 


1 + z0? Hri? 4...+ En’ 
Es + Lo + 21 + + Y 1 (1) 
n 
with zo = 1. The first few iterates of x, are 1, 2, 3, 
5, 10, 28, 154, ... (Sloane's A003504). The terms grow 
extremely rapidly, but are given by the asymptotic for- 
mula 


Tn © (n?42n—14-4n71—21n7? 4137073 —. i ome (2) 
where 


C = 1.04783144757641122955990946274313755459... 
(3) 
(Zagier). It is more convenient to work with the trans- 
formed sequence 


sn ze 2+ ay +2 +...+%lo-1 = Nin, (4) 


which gives the new recurrence 


— Sn’ 5 
Sn+1 = Sn +7 (5) 


with initial condition sj = 2. Now, Sn+1 will be nonin- 
tegral IFF nfs. The smallest p for which sp 0 (mod 
p) therefore gives the smallest nonintegral sp+1. In ad- 
dition, since p{sp, £p = p/p is also the smallest nonin- 
tegral xp. 


For example, we have the sequences {sn (mod k)} 1: 


2,6 = 2,2 =0,0,0 (mod 5) (6) 
2,6,15 =1,2 = 0,0,0,0 (mod 7) (7) 
2,6,15 = 4, Ž = 7, 14 = 8, £=0,0,...,0 


(mod 11). (8) 
Testing values of k shows that the first nonintegral £n 
is x43. Note that a direct verification of this fact is 
impossible since 


(calculated using the asymptotic formula) is much too 
large to be computed and stored explicitly. 


Goblet Illusion 


A sequence even more striking for remaining integral 
over many terms is the 3-Gobel sequence 


= 1+ zo? tae +... + Eni? 


n 


En 


The first few terms of this sequence are 1, 2, 5, 45, 22815, 
... (Sloane’s A005166). 


The Gobel sequences can be generalized to k powers by 


1 j E T A 
— A dota (11) 


see also SOMOS SEQUENCE 
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Goblet Illusion 


An ILLUSION in which the eye alternately sees two black 
faces, or a white goblet. 
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Godel's Completeness Theorem 

If T is a set of AXIOMS in a first-order language, and a 
statement p holds for any structure M satisfying T, then 
p can be formally deduced from T in some appropriately 
defined fashion. 


see also GODEL’S INCOMPLETENESS THEOREM 


(10) 
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Godel’s Incompleteness Theorem 

Informally, Godel’s incompleteness theorem states that 
all consistent axiomatic formulations of NUMBER THE- 
ORY include undecidable propositions (Hofstadter 1989). 
This is is sometimes called Gódel's first incompleteness 
theorem, and answers in the negative HILBERT’S PROB- 
LEM asking whether mathematics is “complete” (in the 
sense that every statement in the language of NUMBER 
THEORY can be either proved or disproved). Formally, 
Godel's theorem states, “To every w-consistent recursive 
class k of FORMULAS, there correspond recursive class- 
signs r such that neither (v Gen r) nor Neg(v Gen r) 
belongs to Flg(x), where v is the FREE VARIABLE of r” 
(Gödel 1931). 


A statement sometimes known as Gódel's second incom- 
pleteness theorem states that if NUMBER THEORY is 
consistent, then a proof of this fact does not exist us- 
ing the methods of first-order PREDICATE CALCULUS. 
Stated more colloquially, any formal system that is in- 
teresting enough to formulate its own consistency can 
prove its own consistency IFF it is inconsistent. 


Gerhard Gentzen showed that the consistency and com- 
pleteness of arithmetic can be proved if “transfinite” in- 
duction is used. However, this approach does not allow 
proof of the consistency of all mathematics. 


see also GODEL’S COMPLETENESS THEOREM, 
HILBERT’S PROBLEMS, KREISEL CONJECTURE, NATU- 
RAL INDEPENDENCE PHENOMENON, NUMBER THEORY, 
RICHARDSON’S THEOREM, UNDECIDABLE 
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Godel Number 

A Godel number is a unique number associated to a 
statement about arithmetic. 1t is formed as the PROD- 
UCT of successive PRIMES raised to the POWER of the 
number corresponding to the individual symbols that 
comprise the sentence. For example, the statement 
(lx) (x = sy) that reads “there EXISTS an g such that x 
is the immediate successor of y” is coded 


(MESS (11°) (13"*) (17°) (197) (23"°)(29°), 
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where the numbers in the set (8, 4, 13, 9, 8, 13, 5, 7, 16, 
9) correspond to the symbols that make up (31)(x = 
sy). 

see also GODEL’S INCOMPLETENESS THEOREM 
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Goldbach Conjecture 

Goldbach’s original conjecture, written in a 1742 letter 
to Euler, states that every INTEGER > 5 is the SUM 
of three PRIMES. As re-expressed by Euler, an equiv- 
alent of this CONJECTURE (called the “strong” Gold- 
bach conjecture) asserts that all POSITIVE EVEN INTE- 
GERS > 4 can be expressed as the SUM of two PRIMES. 
Schnirelmann (1931) proved that every EVEN number 
can be written as the sum of not more than 300,000 
PRIMES (Dunham 1990), which seems a rather far cry 
from a proof for four PRIMES! The strong Goldbach 
conjecture has been shown to be true up to 4 x 10’? 
by Sinisalo (1993). Pogorzelski (1977) claimed to have 
proven the Goldbach conjecture, but his proof is not 
generally accepted (Shanks 1993). 


The conjecture that all ODD numbers > 9 are the SUM 
of three ODD PRIMES is called the “weak” Goldbach 
conjecture. Vinogradov proved that all ODD INTEGERS 
starting at some sufficiently large value are the SUM 
of three PRIMES (Guy 1994). The original “sufficiently 


j 315 16.573 
large” N >3% = 


er was subsequently reduced to 
211-503 


e by Chen and Wang (1989). Chen (1973, 1978) 
also showed that all sufficiently large EVEN NUMBERS 
are the sum of a PRIME and the PRODUCT of at most 
two PRIMES (Guy 1994, Courant and Robbins 1996). 


It has been shown that if the weak Goldbach conjec- 
ture is false, then there are only a FINITE number of 
exceptions. 


Other variants of the Goldbach conjecture include the 
statements that every EVEN number > 6 is the SUM of 
two ODD PRIMES, and every INTEGER > 17 the sum of 
exactly three distinct PRIMES. Let R(n) be the number 
of representations of an EVEN INTEGER n as the sum of 
two PRIMES. Then the “extended” Goldbach conjecture 


states that 
pe 1 f7 dz 
Pk — 2 2 (in g) i 


where II, is the TWIN PRIMES CONSTANT (Halberstam 
and Richert 1974). 


R(n) ~ 2115 


k=2 
pp |n 


If the Goldbach conjecture is true, then for every number 
m, there are PRIMES p and q such that 


o(p) + $(q) = 2m, 


Golden Ratio 


where ((x) is the TOTIENT FUNCTION (Guy 1994, 
p. 105). 


Vinogradov (1937ab, 1954) proved that every suffi- 
ciently large ODD NUMBER is the sum of three PRIMES, 
and Estermann (1938) proves that almost all EVEN 
NUMBERS are the sums of two PRIMES. 
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Golden Mean 
see GOLDEN RATIO 


Golden Ratio 

A number often encountered when taking the ratios 
of distances in simple geometric figures such as the 
DECAGON and DODECAGON. It is denoted ¢, or some- 
times 7 (which is an abbreviation of the Greek “tome,” 
meaning “to cut”). ¢ is also known as the DIVINE PRO- 
PORTION, GOLDEN MEAN, and GOLDEN SECTION and is 
a PISOT-VIJAYARAGHAVAN CONSTANT. It has surpris- 
ing connections with CONTINUED FRACTIONS and the 


Golden Ratio 


EUCLIDEAN ALGORITHM for computing the GREATEST 
COMMON DIVISOR of two INTEGERS. 


Given a RECTANGLE having sides in the ratio 1: ¢, $ 
is defined such that partitioning the original RECTAN- 
GLE into a SQUARE and new RECTANGLE results in a 
new RECTANGLE having sides with a ratio 1: $. Such 
a RECTANGLE is called a GOLDEN RECTANGLE, and 
successive points dividing a GOLDEN RECTANGLE into 
SQUARES lie on a LOGARITHMIC SPIRAL. This figure is 
known as a WHIRLING SQUARE. 


This means that i 
a $ (1) 


$" —¢-1=0. (2) 


So, by the QUADRATIC EQUATION, 


ġ = (1+ v1 +4) = }(1+ v5) (3) 
= 1.618033988749894848204586834365638117720... 
(4) 


(Sloane’s A001622). 


x 1 


A B C 


A geometric definition can be given in terms of the above 
figure. Let the ratio z = AB/BC. The NUMERATOR 
and DENOMINATOR can then be taken as AB = z and 
BC = 1 without loss of generality. Now define the posi- 
tion of B by 


BC = AB (5) 
AB AC’ 
Plugging in gives 
z 
z7 IF di 
or 
gz’ —-2—1=0, (7) 


which can be solved using the QUADRATIC EQUATION 
to obtain - 


gene AS 148), (8) 


@ is the “most” IRRATIONAL number because it has a 
CONTINUED FRACTION representation. 
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(Sloane's A000012). Another infinite representation in 
terms of a CONTINUED SQUARE ROOT is 


9=Y 1+ Y 1+V1+vV1+.... 


Ramanujan gave the curious CONTINUED FRACTION 
identities 


- (10) 


1 e 
———>—— =1+ A AR (11) 
(Vóv5 )ern/5 A A 
—6r 
e 
1 + En 
e 
1 + — 10r 
ie 
1+.. 
1 
v5 e2t/V5 
1+[53/4(g—1)5/2—-1]-¢ 
e727 V5 
=1 + e anv5 (12) 
1 + e767 V5 
1 J e 8rv5 
i+ e l0rv5 
1 + —— 
1+.. 


(Ramanathan 1984). 


The legs of a GOLDEN TRIANGLE are in a golden ra- 
tio to its base. In fact, this was the method used by 
Pythagoras to construct @. Euclid used the following 
construction. 


E D 


Draw the SQUARE LIABDC, call E the MIDPOINT of 
AC, so that AE = EC = zx. Now draw the segment 
BE, which has length 


y 2412 = 25, (13) 


and construct EF with this length. Now construct 
FG = EF, then 


_FC_ EF+CE_ a(vV5+1) _ 
oop op a Os 
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The ratio of the CIRCUMRADIUS to the length of the side 
of a DECAGON is also €, 


~ = dese() = 31+ V5) = 6. (15) 


Similarly, the legs of a GOLDEN TRIANGLE (an ISOSCE- 
LES TRIANGLE with a VERTEX ANGLE of 36°) are in 
a GOLDEN RATIO to the base. Bisecting a GAULLIST 
Cross also gives a golden ratio (Gardner 1961, p. 102). 


1+0 


D C 
š 
r(1+0) 
rọ 
A 1] E B 


In the figure above, three TRIANGLES can be INSCRIBED 
in the RECTANGLE LIABCD of arbitrary aspect ratio 
1:r such that the three RIGHT TRIANGLES have equal 
areas by dividing AB and BC in the golden ratio. Then 


Kaane = 3 r(1+0):1= iro’ (16) 
Kaper = 4 ro- o= iro? (17) 
Kacpr = 5(1+ ¢)-r= irg”, (18) 


which are all equal. 


The golden ratio also satisfies the RECURRENCE RELA- 
TION 


paa a ges dE p”. (19) 

Taking n = 0 gives 
g=o +1 (20) 
# =1+¢. (21) 


But this is the definition equation for $ (when the root 
with the plus sign is used). Squaring gives 


g? = 4(5+2V5 +1) = 4(6+2V5) = 1(3 + V5) 
15+1)+1=9 "+0" (22) 
E = (E HH =P + GHP = $ +40, (23) 
and so on. 


For the difference equations 


to = 1 
1 
Un = 1 + for n = 1,2,3, (24) 
Ln-—1 
$ is also given by 
@= lim gn. (25) 
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In addition, 


@= lim En , (26) 


nooo n—l1 
where Fn is the nth FIBONACCI NUMBER. 


The SUBSTITUTION MAP 


0 — 01 (27) 
1>0 (28) 

glves 
0 — 01 > 010 > 01001 > ..., (29) 


giving rise to the sequence 
0100101001001010010100100101... (30) 


(Sloane's A003849). Here, the zeros occur at positions 
1, 3, 4, 6, 8, 9, 11, 12, ... (Sloane's A000201), and 
the ones occur at positions 2, 5, 7, 10, 13, 15, 18, ... 
(Sloane’s A001950). These are complementary BEATTY 
SEQUENCES generated by |nd| and ng? |. The se- 
quence also has many connections with the FIBONACCI 
NUMBERS. 


Salem showed that the set of PISOT-VIJAYARAGHAVAN 
CONSTANTS is closed, with ¢ the smallest accumulation 
point of the set (Le Lionnais 1983). 


see also BERAHA CONSTANTS, DECAGON, FIVE DISKS 
PROBLEM, GOLDEN RATIO CONJUGATE, GOLDEN TRI- 
ANGLE, ICOSIDODECAHEDRON, NOBLE NUMBER, PEN- 
TAGON, PENTAGRAM, PHI NUMBER SYSTEM, SECANT 
METHOD 
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Fig. 11-12. Optional switch S1 (SPDT toggle) is shown in the off position, while S2 (4PDT telephone lever switch) is shown in the transmit 
position. C1-6: .001 uF, 1 kV, disc ceramic. K1: DPDT rf power relay. S01-3:S0-239 female coax connectors. SO4: 4 pin socket, all pins well 
isolated from chassis, capable of 2 A. Enclosure: Radio Shack 5-14” x 3" x 5-%” metal cabinet. 
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Golden Ratio Conjugate 
The quantity 


=i 
1 = ya ~ 0.6180339885, (1) 


where @ is the GOLDEN RATIO. The golden ratio con- 
jugate is sometimes also called the SILVER RATIO. A 
quantity similar to the FEIGENBAUM CONSTANT can be 
found for the nth CONTINUED FRACTION representation 


lao, a1, 42, ...). (2) 
Taking the limit of 
On — Onl 
Ôn = — 3 
Cn — On+1 ) 
gives 
6= lim =1+¢=2+¢c. (4) 
n— 00 


see also GOLDEN RATIO, SILVER RATIO 


Golden Rectangle 

Given a RECTANGLE having sides in the ratio 1: ¢, the 
GOLDEN RATIO ¢ is defined such that partitioning the 
original RECTANGLE into a SQUARE and new RECTAN- 
GLE results in a new RECTANGLE having sides with a 
ratio 1: ¢. Such a RECTANGLE is called a golden rect- 
angle, and successive points dividing a golden rectangle 
into SQUARES lie on a LOGARITHMIC SPIRAL. 


see also GOLDEN RATIO, LOGARITHMIC SPIRAL, RECT- 
ANGLE 


References 

Pappas, T. “The Golden Rectangle.” The Joy of Mathemat- 
ics. San Carlos, CA: Wide World Publ./Tetra, pp. 102- 
106, 1989. 


Golden Rule 
The mathematical golden rule states that, for any FRAC- 
TION, both NUMERATOR and DENOMINATOR may be 
multiplied by the same number without changing the 
fraction’s value. 


see also DENOMINATOR, FRACTION, NUMERATOR 
References 
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Golden Section 
see GOLDEN RATIO 


Golden Theorem 
see QUADRATIC RECIPROCITY THEOREM 


Golden Triangle 


An ISOSCELES TRIANGLE with VERTEX angles 36°. 
Such TRIANGLES occur in the PENTAGRAM and 
DECAGON. The legs are in a GOLDEN RATIO to the 
base. For such a TRIANGLE, 


1h 
sin(18°) = sin(m) = ra (1) 
b = 2asin( 47) = 2a a E la( v5 —1) (2) 
b+1= la(v5+1) (3) 
b+a 5+1 
Tan a (4) 


see also DECAGON, GOLDEN RATIO, ISOSCELES TRIAN- 
GLE, PENTAGRAM 
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Goldschmidt Solution 

The discontinuous solution of the SURFACE OF REVOLU- 
TION ÁREA minimization problem for surfaces connect- 
ing two CIRCLES. When the CIRCLES are sufficiently 
far apart, the usual CATENOID is no longer stable and 
the surface will break and form two surfaces with the 
CIRCLES as boundaries. 


see also CALCULUS OF VARIATIONS, SURFACE OF REV- 
OLUTION 


Golomb Constant 
see GOLOMB-DICKMAN CONSTANT 
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Golomb-Dickman Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let II be a PERMUTATION of n elements, and let a; be 
the number of CYCLES of length z in this PERMUTATION. 
Picking II at RANDOM gives 


Pei 
7 =lan+y- in? +0(=) 


¿=1 (2) 
1 


(Shepp and Lloyd 1966, Wilf 1990). Goncharov (1942) 
showed that 


=Inn+7+0(=] (1) 


lim Pla; =k) = ae Mag, (4) 


n-—00 


which is a POISSON DISTRIBUTION, and 


lim P (Lo — nn] (Inn)? < : = (zx), 


j=l 

(5) 
which is a NORMAL DISTRIBUTION, y is the EULER- 
MASCHERONI CONSTANT, and Ẹ is the NORMAL DISs- 
TRIBUTION FUNCTION. Let 


M(a) = aes Oj (6) 
m(a) = ¿min aj. (7) 


Golomb (1959) derived 


A= lim puto) 


nO 


= 0.6243299885..., (8) 


which is known as the GOLOMB CONSTANT or Golomb- 
Dickman constant. Knuth (1981) asked for the con- 
stants b and c such that 


lim n?[(M(a)) 


Tt —> 00 


—An- AX] =c, (9) 


and Gourdon (1996) showed that 


Y le —1/(_1)\" 
= 1 e 48€ al ) 
(Mío) = A(n+ $) ¿+ EE 
17 y 1 n 1 ge 1,2+n 

==te* + =(—1) eae +33 

+ 3840 8 -3 , (10) 
where 

pte: (11) 


Golomb-Dickman Constant 


A can be expressed in terms of the function f(x) defined 
by f(z) =1for1<x<2and 


df _ fa-1) 
de x-i (12) 
for z > 2, by E 
de dz. (13) 


Shepp and Lloyd (1966) derived 
AS / exp | —z— J — dy 
0 T y 
1 x d 
= f exp (J me) dz. (14) 
A o my 


Mitchell (1968) computed A to 53 decimal places. 


Surprisingly enough, there is a connection between A 
and PRIME FACTORIZATION (Knuth and Pardo 1976, 
Knuth 1981, pp. 367-368, 395, and 611). Dickman 
(1930) investigated the probability P(z,n) that the 
largest PRIME FACTOR p of a random INTEGER between 
1 and n satisfies p < n” for x € (0,1). He found that 


ifa>1 
F(x) = lim P(z,n) = [TF (gts) # if0<2<1. 
(15) 
Dickman then found the average value of x such that 
p = n”, obtaining 


— e Inp\ | |! dF 

p= lim (a) = jim (EP) =f 05 de 
1 

as / r(— ;) dt = 0.62432999, (16) 
0 


which is A. 
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Golomb Ruler 


Golomb Ruler 

A Golomb ruler is a set of NONNEGATIVE integers such 
that all pairwise POSITIVE differences are distinct. The 
optimum Golomb ruler with n marks is the Golomb 
ruler having the smallest possible maximum element 
(“length”). The set (0, 1, 3, 7) is an order four Golomb 
ruler since its differences are (1 = 1 — 0, 2 = 3-1, 
3 = 3-0, 4 = 7-3, 6 = 7-1, 7 = 7—0), all of which are 
distinct. However, the optimum 4-mark Golomb ruler is 
(0, 1, 4, 6), which measures the distances (1, 2, 3, 4, 5, 
6) (and is therefore also a PERFECT RULER). 


The lengths of the optimal n-mark Golomb rulers for 
n = 2,3, 4,... are 1, 3, 6, 11, 17, 25, 34, ... (Sloane’s 
A003022, Vanderschel and Garry). The lengths of the 
optimal n-mark Golomb rulers are not known for n > 20. 


see also PERFECT DIFFERENCE SET, PERFECT RULER, 
RULER, TAYLOR’S CONDITION, WEIGHINGS 
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A PLANE path on a set of equally spaced LATTICE 
POINTS, starting at the ORIGIN, where the first step 
is one unit to the north or south, the second step is two 
units to the east or west, the third is three units to the 
north or south, etc., and continuing until the ORIGIN is 
again reached. No crossing or backtracking is allowed. 
The simplest golygon is (0, 0), (0, 1), (2, 1), (2, —2), 
(-2, —2), (—2, —7), (-8, —7), (—8, 0), (0, 0). 
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A golygon can be formed if there exists an EVEN INTE- 
GER n such that 


Ass (= =0 (1) 

+2 Dd 0 (2) 

(Vardi 1991). Gardner proved that all golygons are of 
the form n = 8k. The number of golygons of length n 


(EVEN), with each initial direction counted separately, 
is the PRODUCT of the COEFFICIENT of q” /8 in 


(14+ a+) (14277), (3) 
with the COEFFICIENT of 2"("/2+0/8 in 
(l+a)(1+27)---(G+a™)., (4) 


The number of golygons N(n) of length 8n for the first 
few n are 4, 112, 8432, 909288, ... (Sloane’s A006718) 


and is asymptotic to 


3 . y8n—4 


tj rn? (án + 1) 


(5) 


(Sallows et al. 1991, Vardi 1991). 


see also LATTICE PATH 
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Gomory’s Theorem 

Regardless of where one white and one black square are 
deleted from an ordinary 8x8 CHESSBOARD, the reduced 
board can always be covered exactly with 31 DOMINOES 
(of dimension 2 x 1). 


see also CHESSBOARD 


Gompertz Constant 


G= / “ du = —eei(—1) = 0.596347362..., 
ò 1l+u 


where ei(x) is the EXPONENTIAL INTEGRAL. Stieltjes 
showed it has the CONTINUED FRACTION representation 


see also EXPONENTIAL INTEGRAL 
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Gompertz Curve 
The function defined by 


y=ab? . 


It is used in actuarial science for specifying a simpli- 
fied mortality law. Using s(x) as the probability that a 
newborn will achieve age z, the Gompertz law (1825) is 


s(x) = exp[—mi(c* — 1)], 


forc >1,a> 0. 


see also LIFE EXPECTANCY, LOGISTIC GROWTH 
CURVE, MAKEHAM CURVE, POPULATION GROWTH 
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Gonal Number 
see POLYGONAL NUMBER 


Good Path 
see p-GOOD PATH 


Good Prime 
A PRIME pr is called “good” if 


2 
Pn > Pn-iPn+i 


for all 1 < i < n — 1 (there is a typo in Guy 1994 in 
which the is are replaced by 1s). There are infinitely 
many good primes, and the first few are 5, 11, 17, 29, 
37, 41, 53, ... (Sloane's A028388). 


see also ANDRICA’S CONJECTURE, POLYA CONJECTURE 
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Goodman’s Formula 

A two-coloring of a COMPLETE GRAPH K,, of n nodes 
which contains exactly the number of MONOCHROMATIC 
FORCED TRIANGLES and no more (i.e., a minimum of 
R+ B where R and B are the number of red and blue 
TRIANGLES) is called an EXTREMAL GRAPH. Goodman 
(1959) showed that for an extremal graph, 


pam — 1)\(m — 2) forn=2m 
R+B =f mim- Dlima D for n= 4m +1 
¿m(m-+1)(4m-—1) forn =4m+3. 


Goodstein Sequence 


Schwenk (1972) rewrote the equation in the form 
ae 1, {1 2 
R+B = (5) - linlia- D], 


where (7) is a BINOMIAL COEFFICIENT and |x| is the 


FLOOR FUNCTION. 
see also BLUE-EMPTY GRAPH, EXTREMAL GRAPH, 
MONOCHROMATIC FORCED TRIANGLE 
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Goodstein Sequence 

Given a HEREDITARY REPRESENTATION of a number 
n in BASE, let B{b](n) be the NONNEGATIVE INTEGER 
which results if we syntactically replace each b by b+ 1 
(i.e., B[b] is a base change operator that ‘bumps the 
base’ from b up to b+ 1). The HEREDITARY REPRESEN- 
TATION of 266 in base 2 is 


966 — 2° +2° +2 
2+1 
m 9? + 92+1 + 2, 


so bumping the base from 2 to 3 yields 
B[2](266) = 33%" 4 33H 4 3, 


Now repeatedly bump the base and subtract 1, 


spe CI- i=c ae 
za E A A eh GES 
Gs(266) = BI6](G4) — 1 


in E A 


etc. Starting this procedure at an INTEGER n gives the 
Goodstein sequence {G;,(n)}. Amazingly, despite the 
apparent rapid increase in the terms of the sequence, 
GOODSTEIN’S THEOREM states that G,(n) is 0 for any 
n and any sufficiently large k. 


see also GOODSTEIN’S THEOREM, HEREDITARY REPRE- 
SENTATION 


Goodstein’s Theorem 


Goodstein’s Theorem 

For all n, there exists a k such that the kth term of 
the GOODSTEIN SEQUENCE Gx(n) = 0. In other words, 
every GOODSTEIN SEQUENCE converges to 0. 


The secret underlying Goodstein’s theorem is that the 
HEREDITARY REPRESENTATION of n in base b mimics 
an ordinal notation for ordinals less than some number. 
For such ordinals, the base bumping operation leaves the 
ordinal fixed whereas the subtraction of one decreases 
the ordinal. But these ordinals are well-ordered, and 
this allows us to conclude that a Goodstein sequence 
eventually converges to zero. 


Goodstein’s theorem cannot be proved in PEANO 
ARITHMETIC (i.e., formal NUMBER THEORY). 


see also NATURAL INDEPENDENCE PHENOMENON, 
PEANO ARITHMETIC 


Googol 
A LARGE NUMBER equal to 10?™, or 


10000000000000000000000000 
0000000000000000000000000 
0000000000000000000000000 
0000000000000000000000000. 


see also GOOGOLPLEX, LARGE NUMBER 


References 

Kasner, E. and Newman, J. R. Mathematics and the Imagi- 
nation. Redmond, WA: Tempus Books, pp. 20-27, 1989. 

Pappas, T. “Googol & Googolplex.” The Joy of Mathemat- 
ics. San Carlos, CA: Wide World Publ./Tetra, p. 76, 1989. 


Googolplex 
A LARGE NUMBER equal to 10%”. 
see also GOOGOL, LARGE NUMBER 
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Gordon Function 
Another name for the CONFLUENT HYPERGEOMETRIC 
FUNCTION OF THE SECOND KIND, defined by 


G(alc|z) = e° ENE) EE ~ "i sin[m(a — ol 


Tr(a) [TA —a) sin(ra) 
D(c — 1) 
I'(e — a) 
where I(x) is the GAMMA FUNCTION and 1F (a; b; z) is 


the CONFLUENT HYPERGEOMETRIC FUNCTION OF THE 
FIRST KIND. 


see also CONFLUENT HYPERGEOMETRIC FUNCTION OF 
THE SECOND KIND 


x1 Fi (ajc; z) — 2 2 Pla -0+1202)), 
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Gorenstein Ring 

An algebraic RING which appears in treatments of du- 
ality in ALGEBRAIC GEOMETRY. Let A be a local AR- 
TINIAN RING with m C A its maximal IDEAL. Then 
A is a Gorenstein ring if the ANNIHILATOR of m has 
DIMENSION 1 as a VECTOR SPACE over K = A/m. 


see also CAYLEY-BACHARACH THEOREM 
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Gosper’s Algorithm 

An ALGORITHM for finding closed form HYPERGEOMET- 
RIC IDENTITIES The algorithm treats sums whose suc- 
cessive terms have ratios which are RATIONAL FUNC- 
TIONS. Not only does it decide conclusively whether 
there exists a hypergeometric sequence zn such that 


= 2n+1 7 Zn, 


but actually produces zn if it exists. If not, it pro- 
duces p tn. An outline of the algorithm follows 
(Petkovšek 1996): 


1. For the ratio r(n) = tn+1/tn which is a RATIONAL 
FUNCTION of n. 


2. Write 
_ a(n) c(n + 1) 


= vin) dm) > 


where a(n), b(n), and c(n) are polynomials satisfying 


GCD(a(n),b(n + h) = 1 


for all nonnegative integers h. 


3. Find a nonzero polynomial solution x(n) of 
a(n)a(n + 1) — b(n — l)z(n) = c(n), 


if one exists. 
4. Return b(n — 1)x(n)/c(n)t, and stop. 


Petkovšek et al. (1996) describe the algorithm as “one of 
the landmarks in the history of computerization of the 
problem of closed form summation.” Gosper's algorithm 
is vital in the operation of ZEILBERGER’S ALGORITHM 


and the machinery of WILF-ZEILBERGER PAIRS. 


see also HYPERGEOMETRIC IDENTITY, SISTER CELINE’S 
METHOD, WILF-ZEILBERGER PAIR, ZEILBERGER'S AL- 
GORITHM 
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Gosper Island 


OLI E 


A modification of the KOCH SNOWFLAKE which has 
FRACTAL DIMENSION 


B 21n 3 


= 1.12915.... 
In 7 


D 


The term “Gosper island” was used by Mandelbrot 
(1977) because this curve bounds the space filled by the 
PEANO-GOSPER CURVE; Gosper and Gardner use the 
term FLOWSNAKE FRACTAL instead. Gosper islands can 
TILE the PLANE. 


ster 


see also KOCH SNOWFLAKE, PEANO-GOSPER CURVE 
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Gosper’s Method 
see GOSPER’S ALGORITHM 


Graceful Graph 

A LABELLED GRAPH which can be “gracefully num- 
bered” is called a graceful graph. Label the nodes 
with distinct NONNEGATIVE INTEGERS. Then label the 
EDGES with the absolute differences between node val- 
ues. If the EDGE numbers then run from 1 to e, the 
graph is gracefully numbered. In order for a graph to 
be graceful, it must be without loops or multiple EDGES. 


Graceful Graph 


Golomb showed that the number of EDGES connecting 
the EVEN-numbered and ODD-numbered sets of nodes 
is |(e + 1)/2], where e is the number of EDGES. In ad- 
dition, if the nodes of a graph are all of EVEN ORDER, 
then the graph is graceful only if |(e + 1)/2] is EVEN. 
The only ungraceful simple graphs with < 5 nodes are 


shown below. . 


There are exactly e! graceful graphs with e EDGES 
(Sheppard 1976), where e!/2 of these correspond to 
different labelings of the same graph. Golomb (1974) 
showed that all complete bipartite graphs are graceful. 
CATERPILLAR GRAPHS; COMPLETE GRAPHS K2, K3, 
Ka = W4 = T (and only these; Golomb 1974); CYCLIC 
GRAPHS Cn when n = 0 or 3 (mod 4), when the num- 
ber of consecutive chords k = 2, 3, or n — 3 (Koh and 
Punim 1982), or when they contain a Pk chord (Delorme 
et al. 1980, Koh and Yap 1985, Punnim and Pabhapote 
1987); GEAR GRAPHS; PATH GRAPHS; the PETERSEN 
GRAPH; POLYHEDRAL GRAPHS T = Ka = Wa, C, O, 
D, and I (Gardner 1983); STAR GRAPHS; the THOMSEN 
GRAPH (Gardner 1983); and WHEEL GRAPHS (Frucht 
1988) are all graceful. 


Some graceful graphs have only one numbering, but oth- 
ers have more than one. It is conjectured that all trees 
are graceful (Bondy and Murty 1976), but this has only 


Graceful Graph 


been proved for trees with < 16 VERTICES. It has also 
been conjectured that all unicyclic graphs are graceful. 


An excellent on-line resource is Brundage (http://www. 
math.washington.edu/~brundage/oldgraceful/). 


see also HARMONIOUS GRAPH, LABELLED GRAPH 
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Graded Algebra 

If A is a graded module and there EXISTS a degree- 
preserving linear map $ : A Q A — A, then (4,6) is 
called a graded algebra. 
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Gradian 

A unit of angular measure in which the angle of an entire 
CIRCLE is 400 gradians. A RIGHT ANGLE is therefore 
100 gradians. 


see also DEGREE, RADIAN 


Gradient 

The gradient is a VECTOR operator denoted V and 
sometimes also called DEL or NABLA. It most often is 
applied to a real function of three variables f(u1, uz, uz), 
and may be denoted 


Vf = grad(f). (1) 


For general CURVILINEAR COORDINATES, the gradient 
is given by 


1 09. 1 09 1006, 


Vý = == a a, (2 
E hı Out ba ho Our re ha 0us3 3 ( ) 
which simplifies to 
_ 96, Ob. 0%, 
Volz, y, z) — E ay ae" (3) 


in CARTESIAN COORDINATES. 


The direction of Vf is the orientation in which the DI- 
RECTIONAL DERIVATIVE has the largest value and |V f| 
is the value of that DIRECTIONAL DERIVATIVE. Further- 
more, if Vf Æ 0, then the gradient is PERPENDICULAR 
to the LEVEL CURVE through (zo, yo) if z = f(x,y) and 
PERPENDICULAR to the level surface through (to, yo, zo) 
if Fx,y,2) = 0. 


752 Gradient Four- Vector 
In TENSOR notation, let 
ds’ = Ju dz, | (4) 


be the LINE ELEMENT in principal form. Then 


Ve, tg = V aes = Vga TA eg- (5) 
For a MATRIX Á, 
_ (Ax)TA 
V|Ax| = TAX] . (6) 


For expressions giving the gradient in particular coordi- 
nate systems, see CURVILINEAR COORDINATES. 


see also CONVECTIVE DERIVATIVE, CURL, DIVER- 
GENCE, LAPLACIAN, VECTOR DERIVATIVE 
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Gradient Four- Vector 

The 4-dimensional version of the GRADIENT, encoun- 
tered frequently in general relativity and special relativ- 
ity, is 


19 
epi 
Va a E > 

Oy 

a 

Oz 

which can be written 

2 _ m2 
(Ye) = LJ ’ 


where CY is the D' ALEMBERTIAN OPERATOR. 


see also D' ALEMBERTIAN OPERATOR, GRADIENT, TEN- 
SOR, VECTOR 
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Gradient Theorem 


J (Vf) -ds = f(b) - f(a), 
b 


where V is the GRADIENT, and the integral is a LINE 
INTEGRAL. It is this relationship which makes the defi- 
nition of a scalar potential function f so useful in gravi- 
tation and electromagnetism as a concise way to encode 
information about a VECTOR FIELD. 


see also DIVERGENCE THEOREM, GREEN’S THEOREM, 
LINE INTEGRAL 


Graeffe’s Method 


Graeco-Latin Square 
see EULER SQUARE 


Graeco-Roman Square 
see EULER SQUARE 


Graeffe’s Method 


A Root-finding method which proceeds by multiplying 
a POLYNOMIAL f(x) by f(—1) and noting that 


f(x) = (x — a1)(@ — a2): (1 — an) (1) 
fa) = (-1)"(@+ a1)(@+a2)---(@+an) (2) 


so the result is 


f(a) f(—x) = (-1)"(@? — a1*)(@? — ag”) +++ (2° — an”). 
(3) 
Repeat v times, then write this in the form 


yY +by H.. bn = (4) 


where y = 1%”. Since the coefficients are given by NEW- 
TON’S RELATIONS 


bı = —(yı t y2 +... + Yn) (5) 
bo = (y1Y2 + yiys +... + Yn-1Yn) (6) 
bn = (—1) yY- Yn, (7) 


and since the squaring procedure has separated the 
roots, the first term is larger than rest. Therefore, 


bi ~ —Yl (8) 
ba & yiyo (9) 
bn œ (-1)"yiy2--- Yn, (10) 
giving 
yi ~ —b3 (11) 
ba 
Y —— 12 
yo b. (12) 
bn 
nar 13 
y Te (13) 


Solving for the original roots gives 


(E 


a] ~ z (14) 
a Y (15) 


1 

ba 

by 
b 

desk aS. 16 

an fo Pe (16) 


This method works especially well if all roots are real. 
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Graham's Biggest Little Hexagon 


Graham” Biggest Little Hexagon 


0.9891 


0.343771 


The largest possible (not necessarily regular) HEXAGON 
for which no two of the corners are more than unit 
distance apart. In the above figure, the heavy lines 
are all of unit length. The AREA of the hexagon is 
A = 0.674981 ..., where A is a ROOT of 


40964A? — 81924? — 30084? — 30, 848.4’ + 21,056A° 
+146, 496.4° — 221, 360A* + 1232A? + 144, 464.4” 
—78, 488.4 + 11,993 = 0. 


see also CALABI’S TRIANGLE 


References 

Conway, J. H. and Guy, R. K. “Graham's Biggest Little Hex- 
agon.” In The Book of Numbers. New York: Springer- 
Verlag, pp. 206-207, 1996. 

Graham, R. L. “The Largest Small Hexagon.” J. Combin. 
Th. Ser. A 18, 165-170, 1975. 


Graham’s Number 

The smallest dimension of a HYPERCUBE such that if the 
lines joining all pairs of corners are two-colored, a PLA- 
NAR COMPLETE GRAPH Ka of one color will be forced. 
That an answer exists was proved by R. L. Graham and 
B. L. Rothschild. The actual answer is believed to be 6, 
but the best bound proved is 


3 ttt 3 
Nam. ee” 


31 
64 i 


Nr 
TO, 


where ft is stacked ARROW NOTATION. It is less than 
3 > 3 > 3 > 3, where CHAINED ARROW NOTATION 
has been used. 


see also ARROW NOTATION, CHAINED ARROW NOTA- 
TION, SKEWES NUMBER 
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Gram-Charlier Series 
Approximates a distribution in terms of a NORMAL DIS- 
TRIBUTION. Let 


1 Bete 


y 27 


p(t) = 
then 
FE) = ot) + inp + np (0) +.... 


see also EDGEWORTH SERIES 
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Gram Determinant 
The DETERMINANT 


G(fi, fo,.--, fn) 
[fide ffifedt = fffnodt 
ffofidt ffidt --- f fofndt 
ffifndt fffnrdt fat 
see also GRAM-SCHMIDT ORTHONORMALIZATION, 
WRONSKIAN 
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Gram’s Inequality 

Let fı(x), ..., fn(x) be REAL INTEGRABLE FUNCTIONS 
over the CLOSED INTERVAL [a,b], then the DETERMI- 
NANT of their integrals satisfies 


frida frtantOd [nro do 

i fa(x)fi(z) de f fo? (x) dx f fola)f (2) dx 

fo tole) fala)dz f° fal@)fale) d [fte de 
> 0. 


see also GRAM-SCHMIDT ORTHONORMALIZATION 
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Gram Matrix 

Given m points with n-D vector coordinates vi, let M 
be the n x m matrix whose jth column consists of the 
coordinates of the vector v;, with 7 =1,..., m. Then 
define the m x m Gram matrix of dot products aij = 
Vi- Vj as 


A = M™M, 


where A* denotes the TRANSPOSE. The Gram matrix 
determines the vectors v; up to ISOMETRY. 


Gram-Schmidt Orthonormalization 

A procedure which takes a nonorthogonal set of LIN- 
EARLY INDEPENDENT functions and constructs an OR- 
THOGONAL BASIS over an arbitrary interval with respect 
to an arbitrary WEIGHTING FUNCTION w(x). Given an 
original set of linearly independent functions {un}, let 


{wn} denote the orthogonalized (but not normalized) 


functions and {¢,} the orthonormalized functions. 


polz) == Ui (x) (1) 
Pe ae o E (2) 
fu (x)w(x) dz 
Take 
p1(x) = ur (£) + arodolz), (3) 


where we require 


[vrdowde = | urdowde + ar0 | owde =0. (4) 


By definition, 


[etwas =1. (5) 


SO 


a@10 = - f rudo dz. (6) 


The first orthogonalized function is therefore 


pı = ur(z) — / uri pow de Do, (7) 
and the corresponding normalized function is 


j = Be) (8) 


do oie 


By mathematical induction, it follows that 


di(x) = _ dl) (9) 
fvw dz 


where 


wi(xz) = ui + aiogo + ai1gi... + Oi 51051 (10) 


Gram-Schmidt Orthonormalization 


and 


aij = - f weds dz. (11) 
If the functions are normalized to N; instead of 1, then 
b 
/ [p;i (£) w de = Ny* (12) 
pi(z) = eee. (13) 
SJ pèw dx 
f uidjw dz 
= 14 
Qij N;? (14) 


ORTHOGONAL POLYNOMIALS are especially easy to gen- 
erate using GRAM-SCHMIDT ORTHONORMALIZATION. 
Use the notation 


b 
(ados) = (ollas) = f as(ajas(ojw(a) de, (15) 


where w(x) is a WEIGHTING FUNCTION, and define the 
first few POLYNOMIALS, 


Po (x) = 1 (16) 


_ |, — {ZPo|po) 
pi(z) = | “Epa | po- (17) 


As defined, po and pı are ORTHOGONAL POLYNOMIALS, 
as can be seen from 


— (| (Polpo) 
(polp1) = (| polvo) |») 


(xpo|po) ( o) 
(po|Po) 
= (apo) — (xpo) = 0. (18) 


Now use the RECURRENCE RELATION 


pita(z) = E — frp? Pi — | (pi|pi) 


= (xpo) — 


(pi|p:) (pi-1|Pi-1) 
to construct all higher order POLYNOMIALS. 


| pi-1 (19) 


To verify that this procedure does indeed produce OR- 
THOGONAL POLYNOMIALS, examine 


(Di+1 ps) = ( E = (zp:lp:) 23 Pi p) 


(pilpi) 
-( (p:|p:) a pi) 
(pilpi} 


(pi—1|Pi-1) 
_ (xpilpi) 
(p:|pi) 
(pili) + 
E TE (pi—11p:) 
(pi|p:) 


=D (pi-11p:) 


L lel) EA 
= (ps—1|pi-1) (pj—21pj-2) 3-a1P5-) 


= (xpi|pi) 


= ZN (pjlp;) a 
=...=(-1) papal (polp1) = 0, (20) 


FUSE 6000 “FUSE BLOWN 
NEON BULB OUT NEON BULB LIGHTS 


Fig. 11-13, Circuit for ac use. 


series with the load and, glows (without allowing enough current 
flow to damage the defective circuit). A look at Fig. 11-13 will 
make this operation clear. 

I “borrowed” the idea from a piece of military gear several 
years ago, and have used it ever since. Many hours have been 
saved by knowing exactly which unit to check when something 
“went south.” 

Many times I have wished that such a system could be applied 
to the mobile rig, but since the 6V in my VW (or the 12 in your 
Cadillac) will not light a neon bulb it seemed out of the question. 
Then a light came on in the think department. How about incandes- 
cent bulbs? Theory could not find a flaw in the idea (at least not my 
limited theory) so it was decided to give it a practical test, using a 
sealed beam unit from a headlight as a “load.” It worked! 

The values used were selected for easy calculation, but the 
theory will hold in any case. Assume, for example, a 6A load. The 
next higher rating of fuse is 10A, which should give adequate 
protection. Now, connect a 60 mA pilot lamp across the fuse. If all 
values are considered to be exact (of course they never are, but this 
is theory) our circuit may now conduct 10.06A before the fuse 
blows. If a short develops at point A in Fig. 11-14, the fuse will 
blow, but the lamp will merely have its normal brilliance, announc- 
ing to one and all that F1 has blown. If the short is only momentary, 
the bulb will be placed in series with the load, but application of 
Ohm’s law will show us that our 6A load has a resistance of only 


FUSE BLOWN 


FUSE GOOD 
DIAL LIGHT GUT DIAL LIGHT GLOWS. 


Fig. 11-14. Circuit for dc use. 
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Gram Series 


since (polp1) = 0. Therefore, all the POLYNOMIALS p;(x) 
are orthogonal. Many common ORTHOGONAL POLYNO- 
MIALS of mathematical physics can be generated in this 
manner. However, the process is numerically unstable 
(Golub and van Loan 1989). 


see also GRAM DETERMINANT, GRAM’S INEQUALITY, 
ORTHOGONAL POLYNOMIALS 
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Gram Series 


E a (In z)" 
R(x) =1+ 2 kRIC(k +1)’ 


where ¢ is the RIEMANN ZETA FUNCTION. This approx- 
imation to the PRIME COUNTING FUNCTION is 10 times 
better than Li(x) for x < 10° but has been proven to be 
worse infinitely often by Littlewood (Ingham 1990). An 


equivalent formulation due to Ramanujan is 
oo 
4 CDA (Bz) 
G(x) = — ) A | M nm 
(2) ee Bok(2k — 1) A 27 E) 


(Berndt 1994), where Bz, is a BERNOULLI NUMBER. 
The integral analog, also found by Ramanujan, is 


ey i (In 2) dt | 
os| ERETO 


(Berndt 1994). 
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Granny Knot 


a“ 
a A 


A COMPOSITE KNOT of seven crossings consisting of a 
KNOT SUM of TREFOILS. The granny knot has the same 
ALEXANDER POLYNOMIAL (z? — 2+ 1)? as the SQUARE 
KNOT. 
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Graph (Function) 


F(x) 

4 

3 

2 i 

PEA 
1 nT p 
X 

-2 -1 I 2 
Technically, the graph of a function is its RANGE (a.k.a. 
image). Informally, given a FUNCTION f(a1,...,@n) de- 


fined on a DOMAIN U, the graph of f is defined as a 
CURVE or SURFACE showing the values taken by f over 
U (or some portion of U), 


graph f(x) = ((2, F(2)) € R? : x € U} 


graph f(21, . eye) = Kii wa Tn, (E1) , Tn)) 
€ Ror : (Ersan) € U}. 


A graph is sometimes also called a PLOT. 


Good routines for plotting graphs use adaptive algo- 
rithms which plot more points in regions where the 
function varies most rapidly (Wagon 1991, Math Works 
1992, Heck 1993, Wickham-Jones 1994). 


see also CURVE, EXTREMUM, GRAPH (GRAPH THE- 
ORY), HISTOGRAM, MAXIMUM, MINIMUM 
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A mathematical object composed of points known as 
VERTICES or NODES and lines connecting some (possibly 
empty) SUBSET of them, known as EDGES. The study 
of graphs is known as GRAPH THEORY. Graphs are 1-D 
COMPLEXES, and there are always an EVEN number of 
ODD NODES in a graph. The number of nonisomorphic 
graphs with v NODES is given by the POLYA ENUMER- 
ATION THEOREM. The first few values for n = 1, 2,..., 
are 1, 2, 4, 11, 34, 156, 1044, ... (Sloane’s A000088; see 
above figure). 


Graph sums, differences, powers, and products can be 
defined, as can graph eigenvalues. 


Before applying POLYA ENUMERATION THEOREM, de- 
fine the quantity 


po 
1 
= Te, ye (1) 
where p! is the FACTORIAL of p, and the related poly- 
nomial F 
ISS Re ee (2) 
1 k=1 


where the j; = (j1,..., jp); are all of the p-VECTORS 


satisfying 
ji + 2j2 + 33 +... + Dip = P. (3) 
For example, for p = 3, the three possible values of j are 
ji = (3,0,0), since (1-3)+(2-0)+(3-0)=3, 
O T pa "E 
ja = (1,1,0), since (1-1)+ (2-1)+(3-0)=3, 
3! 


giving hj, = CETE =3, (5) 
js = (0,0,1), since (1:0) + (2-0)+(3:-1)=3 
ak 3! 
giving his = ogoan + ©) 
Therefore, 
Za(S)= f1? + 3fi fo + 2fs. (7) 
For small p, the first few values of Zp(S) are given by 
ZAS) = fi + fa (8) 
Z3(S =A * + 3fi fe + 2fs (9) 
Za(S) = fi? + 6fi7 fo + 3fo” + 8fifs + 6fa (10) 
25(S) = A +10f fo + 15 fi fo” + 20f1 fs 
+ 20 fə fs + 30f1 fa + 24fs (11) 
ZAS) = fie + 15 fii* fo + 45 f17 fo? + 15 fe" 


+ 40 fi? fs +120 fi fofs + 40 fs” 

+ 90f1 fa + 90 fafa + 144 f1 fs + 120f6 (12) 
ZAS) = fr + 21f1° fo + 105fi° fo” + 105 fi f2” 

+ 704, fs + 420f17 fo fs + 210 fo? fs 

+ 280 fı f3? + 210fi° fa + 630f1 fo fa 

+ 420 fa fa + 504f17 fs + 504 fo fs 

+ 840f1 fe + 720f7. (13) 
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Application of the PÓLYA ENUMERATION THEOREM 
then gives the formula 
((p-1)/2) 


Al 2 J2n+1 
Z(R)= DD I] gong enti te +1)( ) 


(3) n=0 
[p/2| 
n— 2n n(?2n 
x [| angen)" gan) 


n=l 


P P 
x |! lI JLCM (q,r) 


q=i r=q+1 


Jap GCP tan) (14) 


where |z] is the FLOOR FUNCTION, () is a BINOMIAL 
COEFFICIENT, LCM is the LEAST COMMON MULTIPLE, 
GCD is the GREATEST COMMON DIVISOR, and the SUM 
(j) is over all j; satisfying the sum identity described 
above. The first few generating functions Zp(R) are 


Za(R) = 291 (15) 
23(R) = g + 39192 + 293 (16) 
Za(R) = 91° + 991° go” + 893° + 69294 (17) 
Zs(R) = g1 + 1091%g2* + 1591*g2* + 20g193° 

+ 309294. + 24957 + 20919396 (18) 
Z6(R) = gi” +1591 g2" + 609192" + 4091 g3* 


+ 4093” + 180919294" + 144g5" 
+ 12091 9293 96 + 1209396" 
Z(R)=g 7 +21g1* g2" + 10591 92° (19) 
+ 10591 92" + 709193" + 28093" 
+ 21091 9294" + 6309192 ga” 
+ 50491 95* + 4209192 93 ge 
+ 2109179279396" + 8409396” + 72097" 
+ 5049195 gio + 420929394912. (20) 


Letting gi = 1 + z then gives a POLYNOMIAL S;(z), 
which is a GENERATING FUNCTION for (i.e., the terms 
of zê give) the number of graphs with i EDGES. The 
total number of graphs having i edges is S¿(1). The first 
few S;(x) are 


Sia=1+xu (21) 
Sj=1+24+x+x (22) 
Si=1+24+20 +30 +20 +0 +2 (23) 
S5 =1+2+22 + 42° + 6x* + 62° + 62° 
+40 + 2g? + 2? + a” (24) 


Se = 1 +r +2? +52 +92* + 152° 

+ 217% + 242" + 242° + 212° 

+ 154 + 971? + 5r? 

4 9738 $ git 4 qp!’ (25) 
Sí = 1 +g + 2r? +52 + 1021 + 21r? 

+ 212% + 242" + 412% + 652” + 972° 


Graph (Graph Theory) 


+ 1312" + 1482" + 1482" 

+ 1310 + 97213 + 650 + 412" 

ty 9171 oe 10r!" ED 578 dl 919 a 72° i a, 
(26) 


giving the number of graphs with n nodes as 1, 2, 4, 11, 
34, 156, 1044, ... (Sloane's A000088). King and Palmer 
(cited in Read 1981) have calculated Sn up to n = 24, 
for which 


S24 = 195, 704, 906, 302, 078, 447, 922, 174, 862, 416,--- 
-++ 726, 256, 004, 122, 075, 267, 063, 365, 754, 368. (27) 


see also BIPARTITE GRAPH, CATERPILLAR GRAPH, 
CAYLEY GRAPH, CIRCULANT GRAPH, COCKTAIL 
PARTY GRAPH, COMPARABILITY GRAPH, COMPLE- 
MENT GRAPH, COMPLETE GRAPH, CONE GRAPH, CON- 
NECTED GRAPH, COXETER GRAPH, CUBICAL GRAPH, 
DE BRUIJN GRAPH, DIGRAPH, DIRECTED GRAPH, 
DODECAHEDRAL GRAPH, EULER GRAPH, EXTREMAL 
GRAPH, GEAR GRAPH, GRACEFUL GRAPH, GRAPH 
THEORY, HANOI GRAPH, HARARY GRAPH, HARMO- 
NIOUS GRAPH, HOFFMAN-SINGLETON GRAPH, Icos- 
AHEDRAL GRAPH, INTERVAL GRAPH, ISOMORPHIC 
GRAPHS, LABELLED GRAPH, LADDER GRAPH, LATTICE 
GRAPH, MATCHSTICK GRAPH, MINOR GRAPH, MOORE 
GRAPH, NULL GRAPH, OCTAHEDRAL GRAPH, PATH 
GRAPH, PETERSEN GRAPHS, PLANAR GRAPH, RAN- 
DOM GRAPH, REGULAR GRAPH, SEQUENTIAL GRAPH, 
SIMPLE GRAPH, STAR GRAPH, SUBGRAPH, SUPER- 
GRAPH, SUPERREGULAR GRAPH, SYLVESTER GRAPH, 
TETRAHEDRAL GRAPH, THOMASSEN GRAPH, TOURNA- 
MENT, TRIANGULAR GRAPH, TURAN GRAPH, TUTTE’S 
GRAPH, UNIVERSAL GRAPH, UTILITY GRAPH, WEB 
GRAPH, WHEEL GRAPH 
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Graph Theory 
The mathematical study of the properties of the formal 
mathematical structures called GRAPHS. 


see also ADJACENCY MATRIX, ADJACENCY RELA- 
TION, ARTICULATION VERTEX, BLUE-EMPTY COLOR- 
ING, BRIDGE (GRAPH), CHROMATIC NUMBER, CHRO- 
MATIC POLYNOMIAL, CIRCUIT RANK, CROSSING NUM- 
BER (GRAPH), CYCLE (GRAPH), CYCLOMATIC NUM- 
BER, DEGREE, DIAMETER (GRAPH), DIJKSTRA’S AL- 
GORITHM, ECCENTRICITY, EDGE-COLORING, EDGE 
CONNECTIVITY, EULERIAN CIRCUIT, EULERIAN TRAIL, 
FACTOR (GRAPH), FLOYD’S ALGORITHM, GIRTH, 
GRAPH TwWO-COLORING, GROUP THEORY, HAMILTON- 
IAN CIRCUIT, HASSE DIAGRAM, HUB, INDEGREE, INTE- 
GRAL DRAWING, ISTHMUS, JOIN (GRAPH), LOCAL DE- 
GREE, MONOCHROMATIC FORCED TRIANGLE, OUTDE- 
GREE, PARTY PROBLEM, PÓLYA ENUMERATION THEO- 
REM, POLYA POLYNOMIAL, RADIUS (GRAPH), RAMSEY 
NUMBER, RE-ENTRANT CIRCUIT, SEPARATING EDGE, 
TAIT COLORING, TAIT CYCLE, TRAVELING SALES- 
MAN PROBLEM, TREE, TUTTE’S THEOREM, UNICURSAL 
CIRCUIT, VALENCY, VERTEX COLORING, WALK 
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Graph Two-Coloring 
Assignment of each EDGE of a GRAPH to one of two 
color classes (“red” or “green” ). 


see also BLUE-EMPTY GRAPH, MONOCHROMATIC 
FORCED TRIANGLE 
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Graphical Partition 

A graphical partition of order n is the DEGREE SE- 
QUENCE of a GRAPH with n/2 EDGES and no isolated 
VERTICES. For n = 2, 4, 6, ..., the number of graphical 
partitions is 1, 2, 5, 9, 17, ... (Sloane’s A000569). 
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Grassmann Algebra 
see EXTERIOR ALGEBRA 


Grassmann Coordinates 

An (m+ 1)-D SUBSPACE W of an (n + 1)-D VECTOR 
SPACE V can be specified by an (m+1) x (n+1) MATRIX 
whose rows are the coordinates of a BASIS of W. The set 
of all (744) (m+ 1) x (m+1) Minors of this MATRIX 
are then called the Grassmann coordinates of w (where 


(7) is a BINOMIAL COEFFICIENT). 


see also CHOW. COORDINATES 


References 

Wilson, W. S.; Chern, S5. S.; Abhyankar, $. $S.; Lang, 5.; and 
Igusa, J.-I. “Wei-Liang Chow.” Not. Amer. Math. Soc. 
43, 1117-1124, 1996. 


Grassmann Manifold 

A special case of a FLAG MANIFOLD. A Grassmann 
manifold is a certain collection of vector SUBSPACES of 
a VECTOR SPACE. In particular, Gn x is the Grass- 
mann manifold of k-dimensional subspaces of the VEC- 
TOR SPACE R”. lt has a natural MANIFOLD structure 
as an orbit-space of the STIEFEL MANIFOLD Vx of 
orthonormal k-frames in R”. One of the main things 
about Grassmann manifolds is that they are classifying 
spaces for VECTOR BUNDLES. 


Gray Code 

An encoding of numbers so that adjacent numbers have 
a single DIGIT differing by 1. A BINARY Gray code with 
n DIGITS corresponds to a HAMILTONIAN PATH on an 
n-D HYPERCUBE (including direction reversals). The 
term Gray code is often used to refer to a “reflected” 
code, or more specifically still, the binary reflected Gray 
code. 


To convert a BINARY number dı d2--- dn—1 dn to its cor- 
responding binary reflected Gray code, start at the right 
with the digit dn (the nth, or last, DIGIT). If the d,_1 
is 1, replace dn by 1— dn; otherwise, leave it unchanged. 
Then proceed to d,_1. Continue up to the first DIGIT 


Gray Code 


d,, which is kept the same since dp is assumed to be a 
O. The resulting number g1 92 -`` 9n—1 Gn is the reflected 
binary Gray code. 


To convert a binary reflected Gray code g1 92 *** gn~19n 
to a BINARY number, start again with the nth digit, and 
compute 


n—i 
Ln = Sy; (mod 2). 
i=1 


If En is 1, replace gn by 1 — gn; otherwise, leave it the 
unchanged. Next compute 


n—2 
Yn-1= X gi (mod 2), 
¿=1 


and so on. The resulting number dı d2:-: dn—ı dn is 
the BINARY number corresponding to the initial binary 
reflected Gray code. 


The code is called reflected because it can be generated 
in the following manner. Take the Gray code 0, 1. Write 
it forwards, then backwards: 0, 1, 1, 0. Then append 0s 
to the first half and 1s to the second half: 00, 01, 11, 10. 
Continuing, write 00, 01, 11, 10, 10, 11, 01, 00 to obtain: 
000, 001, 011, 010, 110, 111, 101, 100, ... (Sloane’s 
A014550). Each iteration therefore doubles the number 
of codes. The Gray codes corresponding to the first few 
nonnegative integers are given in the following table. 


0 0 11110 111100 
1 1 (21 11111 [41 111101 
2 11 |22 11101 |42 111111 
3 10 ¡23 11100 |43 111110 
4 110 |24 10100 |44 111010 
9 111 |25 10101 ¡45 111011 
6 101 |26 10111 ¡46 111001 
7 100 |27 10110 |47 111000 
8 1100 |28 10010 | 48 101000 
9 1101 ¡29 10011 | 49 101001 
10 1111 |30 10001 |50 101011 
11 1110 |31 10000 |51 101010 
12 1010 |32 110000 (52 101110 
13 1011 ¡33 110001 ¡53 101111 
14 1001 |34 110011 |54 101101 
15 1000 |35 110010 |55 101100 
16 11000 |36 110110 |56 100100 
17 11001 |37 110111 ¡57 100101 
18 11011 |38 110101 |58 100111 


19 11010 110100 100110 


The binary reflected Gray code is closely related to the 
solution of the TOWERS OF HANOI as well as the BAGUE- 
NAUDIER. 


see also BAGUENAUDIER, BINARY, HILBERT CURVE, 
MORSE-THUE SEQUENCE, RYSER FORMULA, TOWERS 
OF HANOI 


Great Circle 
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Great Circle 


The shortest path between two points on a SPHERE, 
also known as an ORTHODROME. To find the great cir- 
cle (GEODESIC) distance between two points located at 
LATITUDE ô and LONGITUDE A of (61, A1) and (62, A2) 
on a SPHERE of RADIUS a, convert SPHERICAL COOR- 
DINATES to CARTESIAN COORDINATES using 


cos A; cos 6; 
r; =a | sind; cosd; |. (1) 
sin 6; 


(Note that the LATITUDE 6 is related to the COLATI- 
TUDE ¢ of SPHERICAL COORDINATES by 6 = 90° — @, 
so the conversion to CARTESIAN COORDINATES replaces 
sing and cos@¢@ by cosó and sinó, respectively.) Now 
find the ANGLE a between rı and r2 using the DOT 
PRODUCT, 


cosa = fı : Ta 
= cos 6; cos d2(sin Ai sin A2 + cos Ay cos Az) 
+ sin 6; sin d2 
= cos 61 cos d2 cos(A1 — A2) + sind; sin ô2. (2) 


The great circle distance is then 
d = acos } [cos 6; cos 2 cos(A1 — A2) + sin 6; sin 62}. (3) 


For the Earth, the equatorial RADIUS is a == 6378 km, or 
3963 (statute) miles. Unfortunately, the FLATTENING of 
the Earth cannot be taken into account in this simple 
derivation, since the problem is considerable more com- 
plicated for a SPHEROID or ELLIPSOID (each of which 
has a RADIUS which is a function of LATITUDE). 
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The equation of the great circle can be explicitly com- 
puted using the GEODESIC formalism. Writing 


u=A (4) 
v=ó=>3n7n-0 (5) 
gives the P, Q, and R parameters of the GEODESIC 


(which are just combinations of the PARTIAL DERIVA- 
TIVES) as 


P= Esa + ES + ear =0 sintu (6) 


Ou Ou Ou 
_ 0202, dy dy 0202 _, e 
T ðuðv ðuðv ðuðv 
= Ox 2 Oy à Oz o 2 
R= (5) +6) tla) =* (8) 


The GEODESIC differential equation then becomes 
cos v sinf v+2 cos v sin? vv’? +cos vv —sin vv” = 0. (9) 
However, because this is a special case of Q = 0 with P 


and R explicit functions of v only, the GEODESIC solu- 
tion takes on the special form 


R d dv 
v=C1 = dv =a | SF 
P?—¢?P a? sint v — c12 sin? y 


J dv 

sin v4 / (<) sin? v — 1 

1 cos y 
ren 


(Gradshteyn and Ryzhik 1979, p. 174, eqn. 2.599.6), 
which can be rewritten as 


—tan + C2 (10) 


| 


+ C2. (11) 


It therefore follows that 


(sin c2)a sin v cos u — (cos c2 )a sin vsin u 


_ a COS U =i (12) 


(2-1 


This equation can be written in terms of the CARTESIAN 
COORDINATES as 


x sin Ca — y Cos cz — — === =], (13) 
which is simply a PLANE passing through the center of 


the SPHERE and the two points on the surface of the 
SPHERE. 


760 Great Cubicuboctahedron 


see also GEODESIC, GREAT SPHERE, LOXODROME, MI- 
KUSINSKI’S PROBLEM, ORTHODROME, POINT-POINT 
DISTANCE—2-D, SPHERE 
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Great Cubicuboctahedron 


The UNIFORM POLYHEDRON Uja whose DUAL POLY- 
HEDRON is the GREAT HEXACRONIC ICOSITETRAHE- 
DRON. It has WYTHOFF SYMBOL 34| 4%. Its faces are 
8{3}+6{4}+6{$}. It is a FACETED version of the CUBE. 
The CIRCUMRADIUS of a great cubicuboctahedron with 
unit edge length is 
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Great Deltoidal Hexecontahedron 
The DUAL of the GREAT RHOMBICOSIDODECAHEDRON 
(UNIFORM). 


Great Deltoidal Icositetrahedron 
The DUAL of the GREAT RHOMBICUBOCTAHEDRON 
(UNIFORM). 


Great Dirhombicosidodecacron 
The DUAL of the GREAT DIRHOMBICOSIDODECAHE- 


DRON. 


Great Dirhombicosidodecahedron 


The UNIFORM POLYHEDRON Uys whose DUAL is the 
GREAT DIRHOMBICOSIDODECACRON. This POLYHE- 
DRON is exceptional because it cannot be derived from 


Great Ditrigonal Icosidodecahedron 


SCHWARZ TRIANGLES and because it is the only UNI- 
FORM POLYHEDRON with more than six POLYGONS sur- 
rounding each VERTEX (four SQUARES alternating with 
two TRIANGLES and two PENTAGRAMS). It has WYTH- 
OFF SYMBOL |2 238. Its faces are 40{3} + 60{4} + 
24{2}, and its CIRCUMRADIUS for unit edge length is 


R=iv2. 
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Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 200-203, 1989. 


Great Disdyakis Dodecahedron 
The DUAL of the GREAT TRUNCATED CUBOCTAHE- 
DRON. 


Great Disdyakis Triacontahedron 
The DUAL of the GREAT TRUNCATED ICOSIDODECAHE- 
DRON. 


Great Ditrigonal Dodecacronic 


Hexecontahedron 
The DUAL of the GREAT DITRIGONAL DODECICOSIDO- 
DECAHEDRON. 


Great Ditrigonal Dodecicosidodecahedron 


The UNIFORM POLYHEDRON U42 whose DUAL is the 
GREAT DITRIGONAL DODECACRONIC HEXECONTAHE- 
DRON. It has WYTHOFF SYMBOL 35| 3. Its faces are 
20{3} + 12{5} + 12{ 42}, and its CIRCUMRADIUS for unit 
edge length is 


R= 1/34 - 6v5. 


References 


Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 125, 1989. 


Great Ditrigonal Icosidodecahedron 


Great Dodecacronic Hexecontahedron 


The UNIFORM POLYHEDRON U47 whose DUAL is the 
GREAT TRIAMBIC ICOSAHEDRON. It has WYTHOFF 
SYMBOL |35. Its faces are 20{3} + 12{5}, and its 
CIRCUMRADIUS for unit edge length is 


R= 4v3. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 135-136, 1989. 


Great Dodecacronic Hexecontahedron 
The DUAL of the GREAT DODECICOSIDODECAHEDRON. 


Great Dodecadodecahedron 
see DODECADODECAHEDRON 


Great Dodecahedron 


The UNIFORM POLYHEDRON Uzs which is the DUAL 
of the SMALL STELLATED DODECAHEDRON and one of 
the KEPLER-POINSOT SOLIDS. Its faces are 12{5}. Its 
SCHLAFLI SYMBOL is {5, 2}, and its WYTHOFF SYMBOL 
is 2 | 25. Its faces are 12{5}. Its CIRCUMRADIUS for unit 
edge length is 


R = 15*/4g)/2q = 151/4,/9(1 + V5), 


where q is the GOLDEN RATIO. 


see also GREAT ICOSAHEDRON, GREAT STELLATED Do- 
DECAHEDRON, KEPLER-POINSOT SOLID, SMALL STEL- 
LATED DODECAHEDRON 


References 

Fischer, G. (Ed.). Plate 105 in Mathematische Mòd- 
elle/Mathematical Models, Bildband/Photograph Volume. 
Braunschweig, Germany: Vieweg, p. 104, 1986. 


Great Dodecahedron-Small Stellated 
Dodecahedron Compound 

A POLYHEDRON COMPOUND in which the GREAT Do- 
DECAHEDRON is interior to the SMALL STELLATED Do- 
DECAHEDRON. 


see also POLYHEDRON COMPOUND 


Great Dodecicosacron 761 


Great Dodecahemicosacron 
The DUAL of the GREAT DODECAHEMICOSAHEDRON. 


Great Dodecahemicosahedron 


The UNIFORM POLYHEDRON Ues whose DUAL is the 
GREAT DODECAHEMICOSACRON. It has WYTHOFF 
SYMBOL 2 3|2. Its faces are 12{2} + 6{}. It is a 
FACETED DODECADODECAHEDRON. The CIRCUMRA- 


DIUS for unit edge length is 


R= iv3. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 106—107, 1989. 


Great Dodecahemidodecacron 
The DUAL of the GREAT DODECAHEMIDODECAHEDRON. 


Great Dodecahemidodecahedron 


The UNIFORM POLYHEDRON Uyo whose DUAL is the 

GREAT DODECAHEMIDODECACRON. It has WYTHOFF 
5 0 

SYMBOL 2 2|8. Its faces are 12{3} + 6(5). Its CIR- 

CUMRADIUS for unit edge length is 


R=¢", 


where ¢ is the GOLDEN RATIO. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 165, 1989. 


Great Dodecicosacron 
The DUAL of the GREAT DODECICOSAHEDRON. 


762 Great Dodecicosahedron 


Great Dodecicosahedron 
> 


The UNIFORM POLYHEDRON Uss whose DUAL is the 
GREAT DODECICOSACRON. It has WYTHOFF SYMBOL 
33 | E . Its faces are 20{6} + 12). Its CIRCUMRA- 


2 
DIUS for unit edge length is 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 156-157, 1989. 


Great Dodecicosidodecahedron 


The UNIFORM POLYHEDRON Ugi whose DUAL is the 
GREAT DODECACRONIC HEXECONTAHEDRON. Its 
WYTHOFF SYMBOL is 2 © | 3. Its faces are 20{6}+12{3}, 
and its CIRCUMRADIUS for unit edge length is 


R = 1/58 — 18V5. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 148, 1989. 


Great Hexacronic Icositetrahedron 
The DUAL of the GREAT CUBICUBOCTAHEDRON. 


Great Hexagonal Hexecontahedron 
The DUAL of the GREAT SNUB DODECICOSIDODECAHE- 
DRON. 


Great Icosacronic Hexecontahedron 
The DUAL of the GREAT ICOSICOSIDODECAHEDRON. 


Great Icosicosidodecahedron 


Great Icosahedron 


One of the KEPLER-POINSOT SOLIDS whose DUAL is 
the GREAT STELLATED DODECAHEDRON. lts faces are 
2043). It is also UNIFORM POLYHEDRON Us3 and has 
WYTHOFF SYMBOL 3 ¿| É. Its faces are 20{3}+12{2}+ 
12(2). Its CIRCUMRADIUS for unit edge length is 


R=1411-4v5. 


see also GREAT DODECAHEDRON, GREAT ICOSAHE- 
DRON, GREAT STELLATED DODECAHEDRON, KEPLER- 
POINSOT SOLID, SMALL STELLATED DODECAHEDRON, 
TRUNCATED GREAT ICOSAHEDRON 


References 

Fischer, G. (Ed.). Plate 106 in Mathematische Mod- 
elle/Mathematical Models, Bildband/Photograph Volume. 
Braunschweig, Germany: Vieweg, p. 105, 1986. 

Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 154, 1989. 


Great Icosahedron-Great Stellated 
Dodecahedron Compound 


A POLYHEDRON COMPOUND most easily constructed by 
adding the VERTICES of a GREAT ICOSAHEDRON to a 
GREAT STELLATED DODECAHEDRON. 


see also POLYHEDRON COMPOUND 


References 
Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., pp. 132-133, 1989. 


Great Icosicosidodecahedron 


a, 


Great Icosidodecahedron 


The UNIFORM POLYHEDRON U4g whose DUAL is the 
GREAT ICOSACRONIC HEXECONTAHEDRON. It has 
WYTHOFF SYMBOL $ 5|3. Its faces are 20{3} + 20{6} + 
12{5}. Its CIRCUMRADIUS for unit edge length is 


R= iV34-6v5. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 137-139, 1989. 


Great Icosidodecahedron 


A UNIFORM POLYHEDRON Usa whose DUAL is the 
GREAT RHOMBIC TRIACONTAHEDRON (also called the 
GREAT STELLATED TRIACONTAHEDRON). It is a STEL- 
LATED ARCHIMEDEAN SOLID. It has SCHLAFLI SYM- 


BOL f 5 p and WYTHOFF SYMBOL 2|3 É. Its faces are 


2 
2013) + 1245). Its CIRCUMRADIUS for unit edge length 
is 
R=¢", 
where ¢ is the GOLDEN RATIO. 


References 

Cundy, H. and Rollett, A. Mathematical Models, 8rd ed. 
Stradbroke, England: Tarquin Pub., p. 124, 1989. 

Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 147, 1989. 


Great Icosihemidodecacron 
The DUAL of the GREAT ICOSIHEMIDODECAHEDRON. 


Great Icosihemidodecahedron 


The UNIFORM POLYHEDRON U7; whose DUAL is the 
GREAT ICOSIHEMIDODECACRON. It has WYTHOFF 
SYMBOL 53|2. Its faces are 20{3} + 6{2}. For unit 
edge length, its CIRCUMRADIUS is 


R=¢", 
where œ is the GOLDEN RATIO. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 164, 1989. 


Great Quasitruncated Icosidodecahedron 763 


Great Inverted Pentagonal Hexecontahedron 
The DUAL of the GREAT INVERTED SNUB ICOSIDODEC- 
AHEDRON. 


Great Inverted Retrosnub 
Icosidodecahedron 


see GREAT RETROSNUB ICOSIDODECAHEDRON 


Great Inverted Snub Icosidodecahedron 


The UNIFORM POLYHEDRON Ugg whose DUAL is the 
GREAT INVERTED PENTAGONAL HEXECONTAHEDRON. 
It has WYTHOFF SYMBOL | 232. Its faces are 80{3} + 
12(5). For unit edge length, it has CIRCUMRADIUS 


Pe 1 /8- 22/3 — 16x + 21/3 y2 
8 - 22/3 — 107 + 21/372 


9 
= 0.816080674799923, 


where 


1/3 
r= (49 x 27V5 + 3v6 V93 — 49V5 ) E 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 179, 1989. 


Great Pentagonal Hexecontahedron 
The DUAL of the GREAT SNUB ICOSIDODECAHEDRON. 


Great Pentagrammic Hexecontahedron 
The DUAL of the GREAT RETROSNUB ICOSIDODECAHE- 
DRON. 


Great Pentakis Dodecahedron 
The DUAL of the SMALL STELLATED TRUNCATED Do- 
DECAHEDRON. 


Great Quasitruncated Icosidodecahedron 
see GREAT TRUNCATED ICOSIDODECAHEDRON 


764 Great Retrosnub Icosidodecahedron 


Great Retrosnub Icosidodecahedron 


The UNIFORM POLYHEDRON U74, also called the GREAT 
INVERTED RETROSNUB ICOSIDODECAHEDRON, whose 
DUAL is the GREAT PENTAGRAMMIC HEXECONTAHE- 
DRON. It has WYTHOFF SYMBOL |23 5. Its faces are 
80{3} + 12{2}. For unit edge length, it has CIRCUMRA- 
DIUS | 
2-2 


~ 0.5800015, 
where x is the smaller NEGATIVE root of 
r? +2n*-¢ * =0, 


with @ the GOLDEN MEAN. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 189-193, 1989. 


Great Rhombic Triacontahedron 

A ZONOHEDRON which is the DUAL of the GREAT Icos- 
IDODECAHEDRON. It is also called the GREAT STEL- 
LATED TRIACONTAHEDRON. 


References 
Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., p. 126, 1989. 


Great Rhombicosidodecahedron 
(Archimedean) 


Great Rhombicuboctahedron 


An ARCHIMEDEAN SOLID also known as the RHOM- 
BITRUNCATED ICOSIDODECAHEDRON. It is sometimes 
improperly called the TRUNCATED ICOSIDODECAHE- 
DRON, a name which is inappropriate since TRUNCATION 
would yield RECTANGULAR instead of SQUARE. The 
great rhombicosidodecahedron is also UNIFORM POLY- 
HEDRON Uzg. Its DUAL is the DISDYAKIS TRIACON- 
TAHEDRON, also called the HEXAKIS ICOSAHEDRON. It 
has SCHLAFLI SYMBOL t{ $} and WYTHOFF SYMBOL 
235|. The INRADIUS, MIDRADIUS, and CIRCUMRADIUS 
for a = 1 are 


r= 5 (105 + 6V5)V 31 + 12V5 ~ 3.73665 
30 + 125 = 3.76938 


31 + 1245 = 3.80239. 


y 
{| 
Nie bole 


see also SMALL RHOMBICOSIDODECAHEDRON 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, p. 137, 
1987. 


Great Rhombicosidodecahedron (Uniform) 


The UNIFORM POLYHEDRON Ugz7, also called the 
QUASIRHOMBICOSIDODECAHEDRON, whose DUAL is the 
GREAT DELTOIDAL HEXECONTAHEDRON. It has 


SCHLAFLI SYMBOL rf 5 ds It has WYTHOFF SYMBOL 


2 
35|2. Its faces are 20{3} + 30{4} + 12(3). For unit 
edge length, its CIRCUMRADIUS is 


R=iV11-4v5. 


References 


Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 162-163, 1989. 


Great Rhombicuboctahedron 
(Archimedean) 


1.00, while the 60 mA bulb has a resistance of 1002, thus most of 
the applied voltage will be dropped across the bulb, and it will still 
light. 


This method worked out so well on the mobile rig that it was 
also applied to the entire automobile, with all the bulbs installed on 
a single panel just below the dash. 

Unless you have a large supply of pilot light sockets and jewels 
on hand, this would at first appear expensive, but there is a sneaky 
way around this. Bulbs mount nicely in a grommet set into a hole, 
and coating them with a special paint made for putting orange 
parking lights on older model cars makes a very attractive installa- 
tion. In the event the bulbs tend to creep out of the grommets, a 
drop of Duco cement applied to the bulb and grommet will cure 
this, and replacement is so seldom that connection may be made by 
soldering directly to the bulbs. 


GRAVITY DETECTOR 

The complete circuit is shown in Fig. 11-15. The load resis- 
tor, R2, is selected to set the operating point on the negative 
resistance slope of the thermistor's characteristic curve. Typical 
characteristics for an 8 or 10,000 ohm bead are shown in Fig. 
11-16. R1 is used to prevent applying an abrupt surge of current to 
the bead, since these take appreciable time to reach operating 
temperature. 

The thermistor should be mounted in a small clear plastic 
case, using extreme care not to break the fragile leads, or lose the 
thing by sneezing when you open its container. Flexible leads 
connect to the rest of the circuit. All connections should be sol- 
dered, since if clip leads are used and one happened to come loose, 
the natural tendency is to clip it right back on. That can be disas- 
trous. 
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Great Rhombicuboctahedron (Uniform) 


An ARCHIMEDEAN SOLID sometimes (improperly) called 
the TRUNCATED CUBOCTAHEDRON and also called the 
RHOMBITRUNCATED CUBOCTAHEDRON. Its DUAL is 
the DISDYAKIS DODECAHEDRON, also called the HEX- 
AKIS OCTAHEDRON. It has SCHLAFLI SYMBOL tf 3). 
It is also UNIFORM POLYHEDRON Ui; and has WYTH- 
OFF SYMBOL 234]. Its faces are 8{6} + 12{4} + 6{8}. 
The SMALL CUBICUBOCTAHEDRON is a FACETED ver- 
sion. The INRADIUS, MIDRADIUS, and CIRCUMRADIUS 
for unit edge length are 


r= £(144+ V2)V134 6V2 ~ 2.20974 
p = tV 12 + 6V2 & 2.26303 


2 
R = } V 13 + 6V2 = 2.31761. 
Additional quantities are 


t = tan(x) = V2 =l 
l = 2t = 2(/2 — 1) 
h = 1 + lsin(įr) = 3 — V2. 


see also SMALL RHOMBICUBOCTAHEDRON, GREAT 
TRUNCATED CUBOCTAHEDRON 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, p. 138, 
1987. 


Great Rhombicuboctahedron (Uniform) 


The UNIFORM POLYHEDRON Uj7, also known as 
the QUASIRHOMBICUBOCTAHEDRON, whose DUAL is 
the GREAT DELTOIDAL ICOSITETRAHEDRON. It has 
SCHLAFLI SYMBOL r’{ 2} and WYTHOFF SYMBOL 5 4] 2. 
Its faces are 8{3} + 20{4}. Its CIRCUMRADIUS for unit 


edge length is 
R=ivV5-2Vv2. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 132-133, 1989. 


Great Rhombihexahedron 765 


Great Rhombidodecacron 
The DUAL of the GREAT RHOMBIDODECAHEDRON. 


Great Rhombidodecahedron 


The UNIFORM POLYHEDRON Uv3 whose DUAL is the 
Great Rhombidodecacron. It WYTHOFF SYMBOL 


3 
22 | dl Its faces are 30{4} + 1242). Its CIRCUM- 


4 
RADIUS for unit edge length is 
R=ivV11—4v5. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 168-170, 1989. 


Great Rhombihexacron 
The DUAL of the GREAT RHOMBIHEXAHEDRON. 


Great Rhombihexahedron 


The UNIFORM POLYHEDRON Uv», whose DUAL is the 
GREAT RHOMBIHEXACRON. It has WYTHOFF SYMBOL 


22 1|. Its faces are 12{4} + 6{3}. Its CIRCUMRADIUS 


2 
for unit edge length is 


References 


Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 159-160, 1989. 


766 Great Snub Dodecicosidodecahedron 


Great Snub Dodecicosidodecahedron 


The UNIFORM POLYHEDRON Ug, whose DUAL is the 
GREAT HEXAGONAL HEXECONTAHEDRON. It has 
WYTHOFF SYMBOL |3 2 3. Its faces are 80{3} + 24{3}. 
Its CIRCUMRADIUS for unit edge length is 


R=iv2. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 183-185, 1989. 


Great Snub Icosidodecahedron 


The UNIFORM POLYHEDRON Us7 whose DUAL is the 
GREAT PENTAGONAL HEXECONTAHEDRON. It has 
WYTHOFF SYMBOL |23 2. Its faces are 80{3} + 12{2}. 
For unit edge length, it has CIRCUMRADIUS 


2-2 


R=} 


= 0.6450202, 
l-g 


where z is the most NEGATIVE ROOT of 
ES p? — 0, 


with ¢ the GOLDEN RATIO. 


r? -+ 2g? 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 186-188, 1989. 


Great Sphere 

The great sphere on the surface of a HYPERSPHERE is 
the 3-D analog of the GREAT CIRCLE on the surface of 
a SPHERE. Let 2h be the number of reflecting SPHERES, 
and let great spheres divide a HYPERSPHERE into g 4-D 
TETRAHEDRA. Then for the POLYTOPE with SCHLAFLI 
SYMBOL {p, q,r}, 


4h 4 4 
O E er a 
g P r 


sce also GREAT CIRCLE 


Great Stellated Truncated Dodecahedron 


Great Stellapentakis Dodecahedron 
The DUAL of the GREAT TRUNCATED ICOSAHEDRON. 


Great Stellated Dodecahedron 


One of the KEPLER-POINSOT SOLIDS whose DUAL is the 
GREAT ICOSAHEDRON. lts SCHLÁFLI SYMBOL is (3, 3}. 
It is also UNIFORM POLYHEDRON Us, and has WYTH- 
OFF SYMBOL 3/22. Its faces are 12{2}. Its CIRCUM- 
RADIUS for unit edge length is 


R= 4 V307} = ]v3(v5 — 1). 


The easiest way to construct it is to make 12 TRIANGU- 
LAR PYRAMIDS 


with side length $ = (1 + v5 )/2 (the GOLDEN RATIO) 
times the base and attach them to the sides of an Icos- 
AHEDRON. 


see also GREAT DODECAHEDRON, GREAT ICOSAHE- 
DRON, GREAT STELLATED TRUNCATED DODECAHE- 
DRON, KEPLER-POINSOT SOLID, SMALL STELLATED 
DODECAHEDRON 


References 

Fischer, G. (Ed.). Plate 104 in Mathematische Mod- 
elle/Mathematical Models, Bildband/Photograph Volume. 
Braunschweig, Germany: Vieweg, p. 103, 1986. 


Great Stellated Triacontahedron 
see GREAT RHOMBIC TRIACONTAHEDRON 


Great Stellated Truncated Dodecahedron 


The UNIFORM POLYHEDRON Ue, also called the QUA- 
SITRUNCATED GREAT STELLATED DODECAHEDRON, 
whose DUAL is the GREAT TRIAKIS ICOSAHEDRON. It 
has SCHLAFLI SYMBOL t’{2,3} and WYTHOFF SYMBOL 


Great Triakis Icosahedron 


23] %. Its faces are 20{3} + 12{>}. Its CIRCUMRADIUS 
for unit edge length is 


R= 1474-3045. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 161, 1989. 


Great Triakis Icosahedron 
The DUAL of the GREAT STELLATED TRUNCATED Do- 
DECAHEDRON. 


Great Triakis Octahedron 
The DUAL of the STELLATED TRUNCATED HEXAHE- 
DRON. 


see also SMALL TRIAKIS OCTAHEDRON 


Great Triambic Icosahedron 
The DUAL of the GREAT DITRIGONAL ICOSIDODECA- 
HEDRON. 


Great Truncated Cuboctahedron 


The UNIFORM POLYHEDRON Uzo, also called the QUA- 
SITRUNCATED CUBOCTAHEDRON, whose DUAL is the 
GREAT DISDYAKIS DODECAHEDRON. It has SCHLAFLI 
SYMBOL t’{2} and WYTHOFF SYMBOL 235 |. Its CIR- 
CUMRADIUS for unit edge length is 


R= 13413 — 6v2. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 145-146, 1989. 


Great Truncated Icosahedron 


The UNIFORM POLYHEDRON Uss, also called the TRUN- 
CATED GREAT ICOSAHEDRON, whose DUAL is the 


Greater Than/Less Than Symbol 767 


GREAT STELLAPENTAKIS DODECAHEDRON. It has 
ScHLAFLI SYMBOL t{3,2} and WYTHOFF SYMBOL 
2513. Its faces are 20{6} + 12{2}. Its CIRCUMRADIUS 
for unit edge length is 


R= 1/58 — 18V5. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 148, 1989. 


Great Truncated Icosidodecahedron 


The UNIFORM POLYHEDRON Ugg, also called the GREAT 
QUASITRUNCATED ICOSIDODECAHEDRON, whose DUAL 
is the GREAT DISDYAKIS TRIACONTAHEDRON. It has 


SCHLÁFLI SYMBOL ZE and WYTHOFF SYMBOL 


2 
235|. Its faces are 20{6} + 30{4} + 12{->}. Its CIR- 
CUMRADIUS for unit edge length is 


R=1V31- 1245. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 166-167, 1989. 


Greater 

A quantity a is said to be greater than b if a is larger 
than b, written a > b. If a is greater than or EQUAL 
to b, the relationship is written a > b. If a is MUCH 
GREATER than b, this is written a > b. Statements 
involving greater than and LESs than symbols are called 
INEQUALITIES. | 


see also EQUAL, GREATER THAN/LESS THAN SYMBOL, 
INEQUALITY, LESS, MUCH GREATER 


Greater Than/Less Than Symbol 

When applied to a system possessing a length R at which 
solutions in a variable r change character (such as the 
gravitational field of a sphere as r runs from the interior 
to the exterior), the symbols 


r> = max(r, R) 


r< = min(r, R) 


are sometimes used. 


see also EQUAL, GREATER, LESS 


768 Greatest Common Denominator 


Greatest Common Denominator 
see GREATEST COMMON DIVISOR 


Greatest Common Divisor 
The greatest common divisor of a and b GCD(a,b), 
sometimes written (a,b), is the largest DIVISOR com- 
mon to a and b. Symbolically, let 


a= | [».* (1) 
i 
= IEZ (2) 
i 
Then the greatest common divisor is given by 
(a, b) ae | saa (3) 
i 


where min denotes the MINIMUM. The GCD is Dis- 
TRIBUTIVE 
(ma, mb) = m(a, b) (4) 


(ma, mb, mc) = mía, b,c), (5) 


and ASSOCIATIVE 


(a, b,c) = ((a,b),c) = (a, (b, c)) (6) 


a d c b 
(ab, cd) = (a,c)(b, d) (a a’ es) (> 0, 5) 


If a = ai(a,b) and b = bı (a,b), then 


(a, b) = (a1 (a, b), by (a, b)) = (a, b)(a1, b1), (8) 


so (a1,b1) = 1 and a; and b; are said to be RELATIVELY 
PRIME. The GCD is also IDEMPOTENT 


(a, a) = a, (9) 


COMMUTATIVE 
(a,b) = (b,a), (10) 


and satisfies the ABSORPTION LAW 


(a, (a, b)] = a. (11) 


The probability that two INTEGERS picked at random 


are RELATIVELY PRIME is [¢(2)]~* = 6/1*, where (z) is - 


the RIEMANN ZETA FUNCTION. Polezzi (1997) observed 
that (m,n) = k, where k is the number of LATTICE 
POINTS in the PLANE on the straight LINE connecting 
the VECTORS (0, 0) and (m,n) (excluding (m, n) itself). 
This observation is intimately connected with the prob- 
ability of obtaining RELATIVELY PRIME integers, and 
also with the geometric interpretation of a REDUCED 
FRACTION y/z as a string through a LATTICE of points 
with ends at (1,0) and (x,y). The pegs it presses against 


Greatest Prime Factor 


(zi, yi) give alternate CONVERGENTS y,;/az; of the CoN- 
TINUED FRACTION for y/z, while the other CONVER- 
GENTS are obtained from the pegs it presses against with 
the initial end at (0, 1). 


Knuth showed that 
(2? — 1,9? — 1) = 29 - 1 (12) 


for p, q PRIME. 


The extended greatest common divisor of two INTEGERS 
m and n can be defined as the greatest common divisor 
of m and n which also satisfies the constraint g = rm + 
sn for r and s given INTEGERS. It is used in solving 
LINEAR DIOPHANTINE EQUATIONS. 


see also BEZOUT NUMBERS, EUCLIDEAN ALGORITHM, 
LEAST PRIME FACTOR 


References 

Polezzi, M. “A Geometrical Method for Finding an Explicit 
Formula for the Greatest Common Divisor.” Amer. Math. 
Monthly 104, 445-446, 1997. 


Greatest Common Divisor Theorem 
Given m and n, it is possible to choose c and d such that 
cm + dn is a common factor of m and n. 


Greatest Common Factor 
see GREATEST COMMON DIVISOR 


Greatest Integer Function 
see FLOOR FUNCTION 


Greatest Lower Bound 
see INFIMUM, LEAST UPPER BOUND 


Greatest Prime Factor 


80 
60 
40 


20 


20 40 60 80 100 
For an INTEGER n > 2, let gpf(x) denote the greatest 
prime factor of n, i.e., the number px in the factorization 


== a1 a 
n = pi "Dk or 


with p; < pj fori < j. For n = 2, 3, ..., the first 
few are 2, 3,20 Dd Ty. 23 35 11s 3,13; T; Dyra 
(Sloane’s A006530). The greatest multiple prime factors 


Grebe Point 


for SQUAREFUL integers are 2, 2, 3, 2, 2, 3, 2, 2, 5, 3, 2, 
2,3, ... (Sloane's A046028). 

see also DISTINCT PRIME FACTORS, FACTOR, LEAST 
COMMON MULTIPLE, LEAST PRIME FACTOR, MAN- 
GOLDT FUNCTION, PRIME FACTORS, TWIN PEAKS 
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Grebe Point 
see LEMOINE POINT 


Greedy Algorithm 
An algorithm used to recursively construct a SET of ob- 
jects from the smallest possible constituent parts. 


Given a SET of k INTEGERS (a1, a2, ..., ae) with a1 < 
az <... < ax, a greedy algorithm can be used to find a 
VECTOR of coefficients (ci, C2, -.., Ck} such that 


k 


Y ca =c-a=n, (1) 


i=1 


where c-a is the DOT PRODUCT, for some given INTEGER 
n. This can be accomplished by letting c; = 0 for z = 1, 
..., k— 1 and setting 


es H (2) 


ak 


Now define the difference between the representation 


and n as 
A=n-c:a. (3) 


If A = 0 at any step, a representation has been found. 
Otherwise, decrement the NONZERO a; term with least 
i, set all a; = 0 for j < i, and build up the remaining 
terms from 


=a 

a psa 4 
g= |= (4) 
for j =i-—1,..., 1 until A =0 or all possibilities have 


been exhausted. 


For example, MCNUGGET NUMBERS are numbers which 
are representable using only (a1,@2,a3) = (6,9, 20). 
Taking n = 62 and applying the algorithm iteratively 
gives the sequence (0, 0, 3), (0, 2, 2), (2, 1, 2), (3, 0, 
2), (1, 4, 1), at which point A = 0. 62 is therefore a 
MCNUGGET NUMBER with 


62 = (1-6) + (4-9) + (1-20). (5) 
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If any INTEGER n can be represented with c; = 0 or 
1 using a sequence (a1, az, ...), then this sequence is 
called a COMPLETE SEQUENCE. 


A greedy algorithm can also be used to break down arbi- 
trary fractions into UNIT FRACTIONS in a finite number 
of steps. For a FRACTION a/b, find the least INTEGER 
zı such that 1/ai < a/b, i.e., 


L (6) 


where [x] is the CEILING FUNCTION. Then find the 
least INTEGER x2 such that 1/22 < a/b — 1/21. Iterate 
until there is no remainder. The ALGORITHM gives two 
or fewer terms for 1/n and 2/n, three or fewer terms for 
3/n, and four or fewer for 4/n. 


Paul Erdős and E. G. Strays have conjectured that the 
DIOPHANTINE EQUATION 


4 1 1 
es ee 
a 


n 


+= (7) 


o 


always can be solved, and W. Sierpiñski conjectured that 


1.1 1 
=2+3+_2 8 
A z (8) 


o 


5 
n 
can be solved. 


see also COMPLETE SEQUENCE, INTEGER RELA- 
TION, LEVINE-O’SULLIVAN GREEDY ALGORITHM, MC- 
NUGGET NUMBER, REVERSE GREEDY ALGORITHM, 
SQUARE NUMBER, SYLVESTER’S SEQUENCE, UNIT 
FRACTION 


References 


Greek Cross 


An irregular DODECAHEDRON CROSS in the shape of a 
PLUS SIGN. 


see also CROSS, DISSECTION, DODECAHEDRON, LATIN 
Cross, PLUS SIGN, SAINT ANDREW’S CROSS 


Greek Problems 
see GEOMETRIC PROBLEMS OF ANTIQUITY 


Green’s Function 
Let 


L= D° +an-i(t)D” +... +a (t) D +ao(t) (1) 
be a differential OPERATOR in 1-D, with a;(t) CONTINU- 
ous fori = 0, 1,..., n— 1 on the interval J, and assume 


we wish to find the solution y(t) to the equation 


Ly(t) = h(t), (2) 
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where A(t) is a given CONTINUOUS on J. To solve equa- 
tion (2), we look for a function g : C”(1) +> C(I) such 
that L(g(h)) = h, where 


y(t) = g(h(t)). (3) 


This is a CONVOLUTION equation of the form 


y= g*h, (4) 
so the solution is 
t 
TE / ea (5) 
to 


where the function g(t) is called the Green’s function for 


Lon I. 
Now, note that if we take h(t) = (t), then 


TE / taa, (6) 


to 


so the Green's function can be defined by 


Lg(t) = ô(t). (7) 


However, the Green's function can be uniquely deter- 
mined only if some initial or boundary conditions are 
given. 


For an arbitrary linear differential operator L in 3-D, 
the Green’s function G(r, r') is defined by analogy with 
the 1-D case by 


LG(r,r') = 6(r—r’). (8) 


The solution to Lo = f is then 
oa) = [cre (9) 


Explicit expressions for G(r,r') can often be found in 
terms of a basis of given eigenfunctions ¢,(ri) by ex- 
panding the Green's function 


OO 


G(r1,r2) => aní (r2Jón (11) (10) 


n=0 


and DELTA FUNCTION, 


-Yt ón (rx) (11) 


Multiplying both sides by fm(r2) and integrating over 
rı space, 


rra) e ón fomente) 


(12) 


9 (ry — ra) 


Green’s Function—Helmholtz. . . 


dm{T2) = Dp bnnm = bm, (13) 
n=0 
50 
rı — r2) El ón(r2) (14) 
n=0 


By plugging in the differential operator, solving for the 
ans, and substituting into G, the original nonhomoge- 
neous equation then can be solved. 


References 

Arfken, G. “Nonhomogeneous Equation—Green's Func- 
tion,” “Green’s Functions—One Dimension,” and “Green's 
Functions—Two and Three Dimensions.” §8.7 and $16.5— 
16.6 in Mathematical Methods for Physicists, 3rd ed. Or- 
lando, FE: Academic Press, pp. 480-491 and 897-924, 
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Green”s Function—Helmholtz Differential 
Equation 

The inhomogeneous HELMHOLTZ DIFFERENTIAL EQUA- 
TION is 


V' pr) + kóp(r) = plr), (1) 


where the Helmholtz operator is defined as L = V? +k?. 
The Green’s function is then defined by 


Maca (2) 


Define the basis functions ¢, as the solutions to the 
homogeneous HELMHOLTZ DIFFERENTIAL EQUATION 


V “ón (1) + kn nlr) = 0. (3) 


The Green's function can then be expanded in terms of 
the ons, 


G(ri,r2) = Dal (r2)9n (11), (4) 

and the DELTA FUNCTION as 
5° (rı — 12) = Y ón(rión(r2). (5) 

n=0 


Plugging (4) and (5) into (2) gives 


y? 


Y _an(r2)ón eo +k? X anrajón(r) 


n=0 n=0 


= y ón(r1)ón(r2). (6) 


Using (3) gives 


oOo 


- Y an(r2)kn*ón(r) +k Y an(r2)ġn(r1) 


n=0 n=0 


= `“ Pn (r1)Pn (r2) (7) 


n=0 


Green’s Function—Poisson’s Equation 


San (r2)¢n(ri)(k — kn?) = Y ón(ri)ón(r2). (8) 


This equation must hold true for each n, so 


an(r2)n(r1)(k" = kn”) = On(r1)0n(r2) (9) 


an (12) = ae (10) 
and (4) can be written 
G(r1,r2) = Mas ae ĉa L 5 (11) 


The general solution to (1) is therefore 


piri) = J sema ars 


= IA a On a p(r2) om (12) 


References 
Arfken, G. Mathematical Methods for Physicists, 8rd ed. Or- 
lando, FL: Academic Press, pp. 529-530, 1985. 


Green’s Function—Poisson’s Equation 
POISSON’S EQUATION equation is 


Vd = Amp, (1) 
where ¢ is often called a potential function and p a den- 
sity function, so the differential operator in this case is 


L = V?. As usual, we are looking for a Green’s function 
G(ri,r2) such that 


V’G(ri,r2) = 6°(r1 — ro). (2) 


But from LAPLACIAN, 


2 1 = —4ró lr -r 
y (1) > ar), (3) 


1 


An|r —r'|’ 


SO 


G(r,r’) = — 


and the solution is 


am = f Ger arpa’) ate’ = - [LEE 65 


lr — r'| 


Expanding G(r1,r2) in the SPHERICAL HARMONICS Y,” 
gives 


G(r1,r2) 


53 5 vat: “TT Y" (61, G1) ¥7" (02,2), (6) 


i=0 m=—i 
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where re and rs, are GREATER THAN/LESS THAN SYM- 
BOLS. This expression simplifies to 


lve? 
G(r1,r2) = — y -TFT Palcos y), (7) 


where P, are LEGENDRE POLYNOMIALS, and cos y = 
r; ‘rg. Equations (6) and (7) give the addition theorem 
for LEGENDRE POLYNOMIALS. 


In CYLINDRICAL COORDINATES, the Green’s function is 
much more complicated, 


00 


1 
G(r1,r2)= 3,2 ` 


m= — 00 


/ Im(kpc) Km (bps et 1~92) cosik(z1 — 22)] dk, 
0 
(8) 


where Im(x) and Km(x) are MODIFIED BESSEL FUNC- 
TIONS OF THE FIRST and SECOND KINDS (Arfken 1985). 
References 

Arfken, G. Mathematical Methods for Physicists, 3rd ed. Or- 


lando, FL: Academic Press, pp. 485-486, 905, and 912, 
1985. 


Green's Identities 

Green's identities are a set of three vector deriva- 
tive/integral identities which can be derived starting 
with the vector derivative identities 


V- (YVE) = YV’ + (Vy) - (V4) (1) 


and 


V- (PVY) = 914 + (VE) (V4), (2) 


where V. is the DIVERGENCE, V is the GRADIENT, V? 
is the LAPLACIAN, and a-b is the DOT PRODUCT. From 
the DIVERGENCE THEOREM, 


[ones f Eda (3) 


Plugging (2) into (3), 


/ Op tia f [VY + (VG): (VY) dV. (4) 


This is Green’s first identity. 
Subtracting (2) from (1), 
V: (PVY — YVG) = Up -YV G. (5) 


Therefore, 


/ (PY — YV’ g) dV = J (Vy — y VO) -da. (6) 
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This is Green's second identity. 


Let u have continuous first PARTIAL DERIVATIVES and 
be HARMONIC inside the region of integration. Then 
Green's third identity is 


1 1\ Ou 0 1 
ue) xf ln (=) Se nz) de 
(Kaplan 1991, p. 361). 
References 


Kaplan, W. Advanced Calculus, {th ed. 
Addison-Wesley, 1991. 


Reading, MA: 


Greene’s Method 

A method for predicting the onset of widespread CHAOS. 
It is based on the hypothesis that the dissolution of an 
invariant torus can be associated with the sudden change 
from stability to instability of nearly closed orbits (Ta- 
bor 1989, p. 163). 


see also OVERLAPPING RESONANCE METHOD 


References 
Tabor, M. Chaos and Integrability in Nonlinear Dynamics: 
An Introduction. New York: Wiley, 1989. 


Green Space 

A G-SPACE provides local notions of harmonic, hyper- 
harmonic, and superharmonic functions. When there 
exists a nonconstant superharmonic function greater 
than 0, it is a called a Green space. Examples are R” 
(for n > 3) and any bounded domain of R”. 


Green’s Theorem 

Green’s theorem is a vector identity which is equivalent 
to the CURL THEOREM in the PLANE. Over a region D 
in the plane with boundary 0D, 


= Og _ Of 
[Slaw de+ o(e.y)au= || € a dz dy 


[ Bass ff (vx) Kaa 


If the region D is on the left when traveling around 0D, 
then AREA of D can be computed using 


AS 7 x dy — y dz. 
aD 


see also CURL THEOREM, DIVERGENCE THEOREM 


References 

Arfken, G. “Gauss’s Theorem.” §1.11 in Mathematical Meth- 
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Grenz-Formel 


Gregory’s Formula 
A series FORMULA for PI found by Gregory and Leibniz, 


It converges very slowly, but its convergence can be ac- 
celerated using certain transformations, in particular 


© ak 
n= Sek +0), 


where ¢€(z) is the RIEMANN ZETA FUNCTION (Vardi 
1991). 


see also MACHIN’S FORMULA, MACHIN-LIKE FORMU- 
LAS, PI | 


References 
Vardi, I. Computational Recreations in Mathematica. Read- 
ing, MA: Addison-Wesley, pp. 157-158, 1991. 


Gregory Number 
A number 
t, = tan (1) =cot * e, 


where z is an INTEGER or RATIONAL NUMBER, tan”! x 


is the INVERSE TANGENT, and cot”* g is the INVERSE 
COTANGENT. Gregory numbers arise in the determina- 
tion of MACHIN-LIKE FORMULAS. Every Gregory num- 
ber tą can be expressed uniquely as a sum of tns where 
the ns are STØRMER NUMBERS. 


References 

Conway, J. H. and Guy, R. K. “Gregory’s Numbers” In The 
Book of Numbers. New York: Springer-Verlag, pp. 241- 
242, 1996. 


Grelling’s Paradox 

A semantic PARADOX, also called the HETEROLOGICAL 
PARADOX, which arises by defining “heterological” to 
mean “a word which does not describe itself.” The word 
“heterological” is therefore heterological IFF it is not. 


see also RUSSELL’S PARADOX 


References 
Hofstadter, D. R. Gédel, Escher, Bach: An Eternal Golden 
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Grenz-Formel 
An equation derived by Kronecker: 


m 2m ((2s — 2) 
) (æ? + y? +d2%)* = 4¢(8)n(e) + — ga 
4 27* qiat-9/2 À ee X $ (3) ESPA yt? dy 
T(s) u21- 2 7 
n=l ulin 0 


where 
r(n) =4 y sin(F$rd), 


d|n 


Griffiths Points 


¢(z), is the RIEMANN ZETA FUNCTION, n(z) is the 
DIRICHLET ETA FUNCTION, [(z) is the GAMMA FUNC- 
TION, and the primed sum omits infinite terms (Selberg 
and Chowla 1967). 
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Analytic Number Theory and Computational Complezity. 
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Griffiths Points 

“The” Griffiths point is the fixed point in GRIFFITHS’ 
THEOREM. Given four points on a CIRCLE and a line 
through the center of the CIRCLE, the four correspond- 
ing Griffiths points are COLLINEAR (Tabov 1995). 


The points 
Gr=I+4Ge 


Gr’ = I —4Ge, 


are known as the first and second Griffiths points, where 
I is the INCENTER and Ge is the GERGONNE POINT. 


see also GERGONNE POINT, GRIFFITHS’ THEOREM, IN- 
CENTER, OLDKNOW POINTS, RIGBY POINTS 
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Griffiths” Theorem 

When a point P moves along a line through the CIR- 
CUMCENTER of a given TRIANGLE A, the CIRCUMCIR- 
CLE of the PEDAL TRIANGLE of P with respect to A 
passes through a fixed point (the GRIFFITHS POINT) on 
the NINE-POINT CIRCLE of A. 


see also CIRCUMCENTER, GRIFFITHS POINTS, NINE- 
POINT CIRCLE, PEDAL TRIANGLE 


Grimm”s Conjecture 

Grimm conjectures that ifn+1,n+2,...,n+k are all 
COMPOSITE NUMBERS, then there are distinct PRIMES 
pi, such that p;,l(n + 7) for 1 <j <k. 


References 

Guy, R. K. “Grimm’s Conjecture.” §B32 in Unsolved Prob- 
lems in Number Theory, 2nd ed. New York: Springer- 
Verlag, p. 86, 1994. 


Grinberg Formula 

A formula satisfied by all HAMILTONIAN CIRCUITS with 
n nodes. Let fj be the number of regions inside the 
circuit with 7 sides, and let g; be the number of regions 
outside the circuit with 7 sides. If there are d interior 
diagonals, then there must be d+ 1 regions 


[+ regions in interior] = d+ 1 = fe+fs+...+ fn. (1) 
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Any region with 7 sides is bounded by 7 EDGES, so such 
regions contribute 7 f; to the total. However, this counts 
each diagonal twice (and each EDGE only once). There- 
fore, 


2fe+3fet+...tnf, =2d+n. (2) 
Take (2) — 2 x (1), 


fi+2f+3f+...+(n-2Df=n-2 (3) 
Similarly, 
93 +2g94+...+(n-— 2)g9n =n-— 2, (4) 
so 


(fs—g3)+2(fa—ga)+3(fs—gs)+...+(n—2)(fn—gn) 7 
9 


Grobner Basis 

A Grobner basis for a system of POLYNOMIAL equations 
is an equivalence system that possesses useful proper- 
ties. It is very roughly analogous to computing an OR- 
THONORMAL BASIS from a set of BASIS VECTORS and 
can be described roughly as a combination of GAUS- 
SIAN ELIMINATION (for linear systems) and the EUCLID- 
EAN ALGORITHM (for UNIVARIATE POLYNOMIALS over 
a FIELD). 


Grobner bases are useful in the construction of sym- 
bolic algebra algorithms. The algorithm for computing 
Grobner bases is known as BUCHBERGER’S ALGORITHM. 


see also BUCHBERGER’S ALGORITHM, COMMUTATIVE 
ALGEBRA 
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Groemer Packing 
A honeycomb-like packing that forms HEXAGONS. 


see also GROEMER THEOREM 


References 
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Groemer Theorem 


Given n CIRCLES and a PERIMETER p, the total AREA 
of the CONVEX HULL is 


Aconvex Hull = 2/3(n = 1) + pl == 1/3) + n( v3 = 1). 


Furthermore, the actual AREA equals this value IFF the — 


packing is a GROEMER PACKING. The theorem was 
proved in 1960 by Helmut Groemer. 


see also CONVEX HULL 


Gronwall’s Theorem 
Let o(n) be the DIVISOR FUNCTION. Then 


lim A). =e. 
n—o0 n In Inn 


where y is the EULER-MASCHERONI CONSTANT. Ra- 
manujan independently discovered a less precise version 
of this theorem (Berndt 1994). Robin (1984) showed 
that the validity of the inequality 


a(n) < e'nlninn 


for n > 5041 is equivalent to the RIEMANN HYPOTHESIS. 
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Gross 
A DOZEN DOZEN, or the SQUARE NUMBER 144. 


see also 12, DOZEN 


Grossencharacter 

In the original formulation, a quantity associated with 
ideal class groups. According to Chevalley’s formula- 
tion, a Grossencharacter is a MULTIPLICATIVE CHAR- 
ACTER of the group of ADELES that is trivial on the 
diagonally embedded k*, where k is a number FIELD. 


References 
Knapp, A. W. “Group Representations and Harmonic Anal- 
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Grothendieck’s Theorem 


Grossman's Constant 
Define the sequence ay = 1, ay = x, and 

Un 
1 + an+ 
for n > 0. Janssen and Tjaden (1987) showed that 
this sequence converges for exactly one value of g, 
x = 0.73733830336929..., confirming Grossman’s con- 
jecture. 


an+2 = 
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Grothendieck’s Majorant 
The best known majorant of Grothendieck’s constant. 
Let A be an n x n REAL SQUARE MATRIX such that 


y QijgLliYj (1) 


1<i,j<n 


in which z; and y; have REAL ABSOLUTE VALUES < 
1. Grothendieck has shown there exists a number Ke 
independent of A and n satisfying 


Y aig (ziy) (2) 
1<1,<n 
in which the vectors z; and y; have a norm < 1 in 
HILBERT SPACE. The Grothendieck constant is the 
smallest REAL NUMBER for which this inequality has 
been proven. Krivine (1977) showed that 


1.676... < Ko < 1.782..., (3) 
and has postulated that 


T 
Ke = ——"—_ = 1.7822139.... 4 
? = 2m(1+ V2) (4) 


It is related to KHINTCHINE’S CONSTANT. 
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Grothendieck’s Theorem 

Let E and F be paired spaces with S a family of ab- 
solutely convex bounded sets of F such that the sets of 
S generate F and, if B,,B2 E S, then there exists a 
Bz € S such that Bs D Bı and B3 D Be. Then Es is 
complete IFF algebraic linear functional f(y) of F that 
is weakly continuous on every B € S is expressed as 
f(y) = (a, y) for some x € E. When Es is not com- 
plete, the space of all linear functionals satisfying this 
condition gives the completion És of Es. 


see also MACKEY’S THEOREM 
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NEG RES 
= |REGION 


BURN OUT 
POINT 


Fig. 11-16. Characteristic curve for a bead thermistor. Values may vary 
widely. 


Rather than tell your friends how it works, let them try to 
figure it out. The theory is that the thermistor bead has a little 
chimney of convection currents of heated air rising from it. Moving 
it sidewise lets the chimney follow the bead, since the air in the 
plastic box is trapped there. Moving it up or down changes the rate 
at which the heated air rises from the bead, modifying its tempera- 
ture. Because all a thermistor does is change its resistance with 
temperature, a phase sensitive output signal is obtained, which is 
observed on a scope or voltmeter. 


SOLAR-POWERED ALIGNMENT TOOL | 


Two common methods of calibrating the direction of a beam 
antenna with respect to true north (or south) are: to align the boom 
in the direction of the polestar, or to apply the variation correction 
to the magnetic north (or south) reading of a compass. Unfortu- 
nately, there is no accommodating star at the south celestial pole 
for observers in the Southern Hemisphere. The variation correc- 
tion depends upon one’s latitude and longitude. 

The method I shall describe here is simpler; it is based upon 
the sun's meridian passage at any locality in the world. All one 
needs to know is one’s approximate longitude obtained from a 
world map and the local mean time (LMT) of the sun’s meridian 
transit. At this moment, the sun is at its maximum altitude and is on 
a north-south line. Table 11-1 lists the LMT of the sun’s meridian 
passage on the first, tenth, and twentieth of each month. These 
values do not vary by more than about one minute from year to 
year. 

Since our clocks are based on standard or zone time and not on 
local time, it is necessary to apply a longitude correction, con- 
verted to time units. Table 11-2 allows this, to the nearest standard 
meridian. The standard meridians theoretically are spaced 15° 


494 


Ground Set 


Ground Set 

A PARTIALLY ORDERED SET is defined as an ordered 
pair P = (X,<). Here, X is called the GROUND SET of 
P and < is the PARTIAL ORDER of P. 


see also PARTIAL ORDER, PARTIALLY ORDERED SET 


Group 

A group G is defined as a finite or infinite set of 
OPERANDS (called “elements”) A, B,C,... that may be 
combined or “multiplied” via a BINARY OPERATOR to 
form well-defined products and which furthermore sat- 
isfy the following conditions: 


1. Closure: If A and B are two elements in G, then the 
product AB is also in G. 


2. Associativity: The defined multiplication is associa- 
tive, i.e., for all A,B,C € G, (AB)C = A(BC). 


3. Identity: There is an IDENTITY ELEMENT I (a.k.a. 
1, E, or e) such that [A = Al = A for every element 
AEG. 


4. Inverse: There must be an inverse or reciprocal of 
each element. Therefore, the set must contain an 
element B = 47? such that AAT! = ATHA = I for 
each element of G. 


A group is therefore a MONOID for which every element 
is invertible. A group must contain at least one element. 


The study of groups is known as GROUP THEORY. If 
there are a finite number of elements, the group is called 
a FINITE GROUP and the number of elements is called 
the ORDER of the group. 


Since each element A, B, C,..., X, and Y is a mem- 
ber of the GROUP, GROUP property 1 requires that the 


product 
D = ABC... XY (1) 


must also be a member. Now apply D to 


VOX 3 CB A 


DY ox qe CABRAS) 
=(ABC---XYMY X ..-CT BAS). (2) 


But 


ABO s XYY Xe BA? 
ZABO XIX OB AS 
= ABC.--C "BUA" =... = AA! =I, (3) 


sO 
TaD X sO BA): (4) 


which means that 
DOr SOR Ouse B A (5) 
and 


(ABC---XY)*=Y UX"?.--C7B ‘A. (6) 
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An IRREDUCIBLE REPRESENTATION of a group is a rep- 
resentation for which there exists no UNITARY TRANS- 
FORMATION which will transform the representation 
MATRIX into block diagonal form. The IRREDUCIBLE 
REPRESENTATION has some remarkable properties. Let 
the ORDER of a GROUP be h, and the dimension of the 
ith representation (the order of each constituent matrix) 
be l; (a POSITIVE INTEGER). Let any operation be de- 
noted R, and let the mth row and nth column of the 
matrix corresponding to a matrix R in the ith IRRE- 
DUCIBLE REPRESENTATION be [;(R)mn. The following 
properties can be derived from the GROUP ORTHOGO- 
NALITY THEOREM, 


Y Tian (BR) mnt” SS 


1. The DIMENSIONALITY THEOREM: 


h= sh +h? 4h? +...= Y x7 (0, (8) 


where each l; must be a POSITIVE INTEGER and y is 
the CHARACTER (trace) of the representation. 


2. The sum of the squares of the CHARACTERS in any 
IRREDUCIBLE REPRESENTATION 2 equals h, 


h= >> x0(R). (9) 
R 


3. ORTHOGONALITY of different representations 


Y xl Rx (R) =0 foriX%j (10) 
R 


4. In a given representation, reducible or irreducible, 
the CHARACTERS of all MATRICES belonging to op- 
erations in the same class are identical (but differ 
from those in other representations). 


5. The number of IRREDUCIBLE REPRESENTATIONS of 
a GROUP is equal to the number of CONJUGACY 
CLASSES in the GROUP. This number is the dimen- 
sion of the T MATRIX (although some may have zero 
elements). 


6. A one-dimensional representation with all 1s (totally 
symmetric) will always exist for any GROUP. 


7. A 1-D representation for a GROUP with elements ex- 
pressed as MATRICES can be found by taking the 
CHARACTERS of the MATRICES. 


8. The number a; of IRREDUCIBLE REPRESENTATIONS 
Xi present in a reducible representation c is given by 


ai = =) x(R)xi(R), (11) 
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where h is the ORDER of the GROUP and the sum 
must be taken over all elements in each class. Writ- 
ten explicitly, 


ai = A ` x(R)x: (R)nr, (12) 
R 


where y; is the CHARACTER of a single entry in 
the CHARACTER TABLE and nr is the number of 
elements in the corresponding CONJUGACY CLASS. 


see also ABELIAN GROUP, ADELE GROUP, AFFINE 
GROUP, ALTERNATING GROUP, ARTINIAN GROUP, AS- 
CHBACHER’S COMPONENT THEOREM, Bp,-THEOREM, 
BABY MONSTER GROUP, BETTI GROUP, BIMONSTER, 
BORDISM GROUP, BRAID GROUP, BRAUER GROUP, 
BURNSIDE PROBLEM, CENTER (GROUP), CENTRAL- 
IZER, CHARACTER (GROUP), CHARACTER (MULTI- 
PLICATIVE), CHEVALLEY GROUPS, CLASSICAL GROUPS, 
COBORDISM GROUP, COHOMOTOPY GROUP, COMPO- 
NENT, CONJUGACY CLASS, COSET, CONWAY GROUPS, 
COXETER GROUP, CYCLIC GROUP, DIHEDRAL GROUP, 
DIMENSIONALITY THEOREM, DYNKIN DIAGRAM, EL- 
LIPTIC GROUP MODULO p, ENGEL’S THEOREM, EU- 
CLIDEAN GROUP, FEIT-THOMPSON THEOREM, FINITE 
GROUP, FISCHER GROUPS, FISCHER’S BABY MON- 
STER GROUP, FUNDAMENTAL GROUP, GENERAL LIN- 
EAR GROUP, GENERAL ORTHOGONAL GROUP, GEN- 
ERAL UNITARY GROUP, GLOBAL C(G;T) THEO- 
REM, GROUPOID, GROUP ORTHOGONALITY THEOREM, 
HALL-JANKO GROUP, HAMILTONIAN GROUP, HARADA- 


NORTON GROUP, HEISENBERG GROUP, HELD GROUP, © 


HERMANN-MAUGUIN SYMBOL, HIGMAN-SIMS GROUP, 
HOMEOMORPHIC GROUP, HYPERGROUP, ICOSAHEDRAL 
GROUP, IRREDUCIBLE REPRESENTATION, ISOMORPHIC 
GROUPS, JANKO GROUPS, JORDAN-HOLDER THE- 
OREM, KLEINIAN GROUP, KUMMER GROUP, Ly- 
BALANCE THEOREM, LAGRANGE’S GROUP THEO- 
REM, LOCAL GROUP THEORY, LINEAR GROUP, 
LYONS GROUP, MATHIEU GROUPS, MATRIX GROUP, 
MCLAUGHLIN GROUP, MOBIUS GROUP, MODULAR 
GROUP, MODULO MULTIPLICATION GROUP, MON- 
ODROMY GROUP, MONOID, MONSTER GROUP, MUL- 
LIKEN SYMBOLS, NERON-SEVERI GROUP, NILPOTENT 
GROUP, NONCOMMUTATIVE GROUP, NORMAL SUB- 
GROUP, NORMALIZER, O’NAN GROUP, OCTAHEDRAL 
GROUP, ORDER (GROUP), ORTHOGONAL GROUP, OR- 
THOGONAL ROTATION GROUP, OUTER AUTOMOR- 
PHISM GROUP, p-GROUP, p'-GROUP, p-LAYER, POINT 
GROUPS, POSITIVE DEFINITE FUNCTION, PRIME 
GROUP, PROJECTIVE GENERAL LINEAR GROUP, PRO- 
JECTIVE GENERAL ORTHOGONAL GROUP, PROJEC- 
TIVE GENERAL UNITARY GROUP, PROJECTIVE SPE- 
CIAL LINEAR GROUP, PROJECTIVE SPECIAL OR- 
THOGONAL GROUP, PROJECTIVE SPECIAL UNITARY 
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GROUP, PROJECTIVE SYMPLECTIC GROUP, PSEU- 
DOGROUP, QUASIGROUP, QUASISIMPLE GROUP, QU- 
ASITHIN THEOREM, QUASI-UNIPOTENT GROUP, REP- 
RESENTATION, RESIDUE CLASS, RUBIK’S CUBE, RUD- 
VALIS GROUP, SCHONFLIES SYMBOL, SCHUR MUL- 
TIPLIER, SEMISIMPLE, SIGNALIZER FUNCTOR THEO- 
REM, SELMER GROUP, SEMIGROUP, SIMPLE GROUP, 
SOLVABLE GROUP, SPACE GROUPS, SPECIAL LIN- 
EAR GROUP, SPECIAL ORTHOGONAL GROUP, SPE- 
CIAL UNITARY GROUP, SPORADIC GROUP, STOCHAS- 
TIC GROUP, STRONGLY EMBEDDED THEOREM, SUB- 
GROUP, SUBNORMAL, SUPPORT, SUZUKI GROUP, SYM- 
METRIC GROUP, SYMPLECTIC GROUP, 'TETRAHE- 
DRAL GROUP, THOMPSON GROUP, TIGHTLY EMBED- 
DED, TITS GROUP, TRIANGULAR SYMMETRY GROUP, 
TWISTED CHEVALLEY GROUPS, UNIMODULAR GROUP, 
UNIPOTENT, UNITARY GROUP, VIERGRUPPE, VON 
DYCK’S ‘THEOREM 
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Group Convolution 
The convolution of two COMPLEX-valued functions on a 
GROUP G is defined as 


(a *b)(g) = Y a(k)b(k-*g) 


kEG 


where the SUPPORT (set which is not zero} of each func- 
tion is finite. 
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Group Orthogonality Theorem 
Let T be a representation for a GROUP of ORDER A, then 


Y T; (R)mnTj (R) mint” = — 


The proof is nontrivial and may be found in Eyring et 
al. (1944). 


References - 
Eyring, H.; Walker, J.; and Kimball, G. E. Quantum Chem- 
istry. New York: Wiley, p. 371, 1944. 


Group Ring 

The set of sums | aszt ranging over a multiplicative 
GROUP and a; are elements of a FIELD with all but a 
finite number of a; = 0. 


Group Theory 


Group Theory 

The study of GROUPS. Gauss developed but did not 
publish parts of the mathematics of group theory, but 
Galois is generally considered to have been the first to 
develop the theory. Group theory is a powerful formal 
method for analyzing abstract and physical systems in 
which SYMMETRY is present and has surprising impor- 
tance in physics, especially quantum mechanics. 


see also FINITE GROUP, GROUP, PLETHYSM, SYMME- 
TRY 
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Groupoid 
There are at least two definitions of “groupoid” cur- 
rently in use. 


The first type of groupoid is an algebraic structure on 
a SET with a BINARY OPERATOR. The only restriction 
on the operator is CLOSURE (i.e., applying the BINARY 
OPERATOR to two elements of a given set S returns 
a value which is itself a member of S). Associativity, 
commutativity, etc., are not required (Rosenfeld 1968, 
pp. 88-103). A groupoid can be empty. The numbers of 
nonisomorphic groupoids of this type having n elements 
are 1, 1, 10, 3330, 178981952, ... (Sloane's A001329), 
and the numbers of nonisomorphic and nonantiisimor- 
phic groupoids are 1, 7, 1734, 89521056, ... (Sloane's 
A001424). An associative groupoid is called a SEMI- 
GROUP. 
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The second type of groupoid is an algebraic structure 
first defined by Brandt (1926) and also known as a VIR- 
TUAL GROUP. A groupoid with base B is a set G with 
mappings a and J from G onto B and a partially defined 
binary operation (g,h) + gh, satisfying the following 
four conditions: 


1. gh is defined only when B(G) = a(h) for certain 
maps a and 8 from G onto R° witha: (z, y, y) > £ 
and B: (1,7, yY) > Y. 

2. ASSOCIATIVITY: If either (gh)k or g(hk) is defined, 
then so is the other and (gh)k = g(hk). 


3. For each g in G, there are left and right IDENTITY 
ELEMENTS A, and py such that 44g = g = gpg. 

4. Each g in G has an inverse g * for which gg”? = Ag 
and g7*g = Pg 

(Weinstein 1996). A groupoid is a small CATEGORY with 

every morphism invertible. 


see also BINARY OPERATOR, INVERSE SEMIGROUP, LIE 
ALGEBROID, LIE GROUPOID, MONOID, QUASIGROUP, 
SEMIGROUP, TOPOLOGICAL GROUPOID 
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Growth 

A general term which refers to an increase (or decrease 
in the case of the oxymoron “NEGATIVE growth”) in a 
given quantity. 


see also GROWTH FUNCTION, GROWTH SPIRAL 


Growth Function 
see BLOCK GROWTH . 


Growth Spiral 
see LOGARITHMIC SPIRAL 


778 Grundy's Game 


Grundy?s Game 

A special case of NIM played by the following rules. 
Given a heap of size n, two players alternately select a 
heap and divide it into two unequal heaps. A player loses 
when he cannot make a legal move because all heaps 
have size 1 or 2. Flammenkamp gives a table of the ex- 
tremal SPRAGUE-GRUNDY VALUES for this game. The 
first few values of Grundy’s game are 0, 0, 0, 1, 0, 2, 1, 
0, 2,... (Sloane’s A002188). 
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Grundy-Sprague Number 
see NIM-VALUE 


Gudermannian Function 
Denoted either y(x) or gd(z). 


gd(x) = tan *(sinhx) = 2tan”*(e”) —- lr (1) 


gd* (x) = In[tan($a + 32)] = In(secx + tang). (2) 


The derivatives are given by 


de gd(x) = sech z (3) 
L gd”? (zx) = sec gz. (4) 


Guldinus Theorem 
see PAPPUS’S CENTROID THEOREM 


Gumbel’s Distribution 

A special case of the FISHER-TIPPETT DISTRIBUTION 
with a = 0, b = 1. The MEAN, VARIANCE, SKEWNESS, 
and KURTOSIS are 


pH = Y 
2 1,2 
gC = gr 
1246 ¢(3) 
Yı T 3 
T 
n=. 


where y is the EULER-MASCHERONI CONSTANT, and 
((3) is APERY’S CONSTANT. 


see also FISHER-TIPPETT DISTRIBUTION 


Guthrie’s Problem 
The problem of deciding if four-colors are sufficient to 
color any map on a plane or SPHERE. 


see also FOUR-COLOR THEOREM 


Gyrobirotunda 


Gutschoven's Curve 
see KAPPA CURVE 


Guy’s Conjecture 

Guy’s conjecture, which has not yet been proven or dis- 
proven, states that the CROSSING NUMBER for a COM- 
PLETE GRAPH of order n is 


SSIS), 


where |x| is the FLOOR FUNCTION, which can be rewrit- 
ten | 


64 
(n-—1)*(n-—3)? for n odd. 


Ln(n-—2)*(n—4) forn even 
64 


The first few values are 0, 0, 0, 0, 1, 3, 9, 18, 36, 60, ... 
(Sloane's A000241). 


see also CROSSING NUMBER (GRAPH) 
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Gyrate Bidiminished 
Rhombicosidodecahedron 


see JOHNSON SOLID 


Gyrate Rhombicosidodecahedron 
see JOHNSON SOLID 


Gyrobicupola 


A BICUPOLA in which the bases are in opposite orienta- 
tions. 


see also BICUPOLA, PENTAGONAL GYROBICUPOLA, 
SQUARE GYROBICUPOLA 


Gyrobifastigium 


JOHNSON SOLID J26, consisting of two joined triangular 
PRISMS. 


Gyrobirotunda 
A BIROTUNDA in which the bases are in opposite orien- 
tations. 


Gyrocupolarotunda 


Gyrocupolarotunda 
A CUPOLAROTUNDA in which the bases are in opposite 
orientations. 


see also ORTHOCUPOLAROTUNDA 


Gyroelongated Cupola 
A n-gonal CUPOLA adjoined to a 2n-gonal ANTIPRISM. 


see also GYROELONGATED PENTAGONAL CUPOLA, GY- 
ROELONGATED SQUARE CUPOLA, GYROELONGATED 
TRIANGULAR CUPOLA 


Gyroelongated Dipyramid 


see GYROELONGATED PYRAMID, GYROELONGATED 


SQUARE DIPYRAMID 


nana Pentagonal Bicupola 


JOHNSON SOLID Jag, which consists of a PENTAGONAL 
ROTUNDA adjoined to a decagonal ANTIPRISM. 


Gyroelongated Pentagonal Birotunda 
see JOHNSON SOLID 


Gyroelongated Pentagonal Cupola 
see JOHNSON SOLID 


Gyroelongated Pentagonal Cupolarotunda 
see JOHNSON SOLID 


Gyroelongated Pentagonal Pyramid 
see JOHNSON SOLID 


Gyroelongated Pentagonal Rotunda 
see JOHNSON SOLID 


Gyroelongated Pyramid 
An n-gonal pyramid adjoined to an n-gonal ANTIPRISM. 


see also ELONGATED PYRAMID, GYROELONGATED DI- 
PYRAMID, GYROELONGATED PENTAGONAL PYRAMID, 
GYROELONGATED SQUARE DIPYRAMID, GYROELON- 
GATED SQUARE PYRAMID 


Gyroelongated Rotunda 
see GYROELONGATED PENTAGONAL ROTUNDA 


Gyroelongated Square Bicupola 
see JOHNSON SOLID 
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Gyroelongated Square Cupola 
see JOHNSON SOLID 


Gyroelongated Square Dipyramid 


One of the eight convex DELTAHEDRA. It consists of 
two oppositely faced SQUARE PYRAMIDS rotated 45° to 
each other and separated by a ribbon of eight side-to- 
side TRIANGLES. It is JOHNSON SOLID J17. 


Call the coordinates of the upper PYRAMID bases (+ 1, 
+ 1, hi) and of the lower (+2, 0, —h1) and (0, +42, 
—h1). Call the PYRAMID apexes (0, 0, +(h1 + ha)). 
Consider the points (1, 1, 0) and (0, 0, hi + he). The 
height of the PYRAMID is then given by 


V12 +12? +h? = V2+he* =2 (1) 


ha = V2. (2) 
Now consider the points (1, 1, hi) and (v2, 0, —h1). 
The height of the base is given by 


(1-42) 4-1? + (2h)? = 1 -— 27242414 4h;? 
=4-2V2+4h1?=2%=4 (3) 


4h1? = 2V2 (4) 
poes ti (5) 
2 Va 
so 
Mans (6) 
hy oe. (7) 


Gyroelongated Square Pyramid 
see JOHNSON SOLID 


Gyroelongated Triangular Bicupola 
see JOHNSON SOLID 


Gyroelongated Triangular Cupola 
see JOHNSON SOLID 


h-Cobordism 


H 


h-Cobordism 
An h-cobordism is a COBORDISM W between two MANI- 


FOLDS Mı and Mə such that W is SIMPLY CONNECTED 
and the inclusion maps Mı —> W and M2 — W are 


HOMOTOPY equivalences. 


h-Cobordism Theorem 


If W is a SIMPLY CONNECTED, COMPACT MANIFOLD 
with a boundary that has two components, Mı and Ma, 


such that inclusion of each is a HOMOTOPY equivalence, 
then W is DIFFEOMORPHIC to the product Mı x [0,1] 


for dim(M,) > 5. In other words, if M and M' are two 
simply connected MANIFOLDS of DIMENSION > 5 and 
there exists an h-COBORDISM W between them, then 
W is a product M x I and M is DIFFEOMORPHIC to 


M”. 


The proof of the h-cobordism theorem can be accom- 
plished using SURGERY. A particular case of the A- 
cobordism theorem is the POINCARÉ CONJECTURE in 


dimension n > 5. Smale proved this theorem in 1961. 


see also DIFFEOMORPHISM, POINCARÉ CONJECTURE, 
SURGERY 
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H-Fractal 


¿E dsd ¿BE 


The FRACTAL illustrated above. 
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H-Function 
see Fox*'s H-FUNCTION 


H-Spread 

The difference Hə — Hı, where Hı and He are HINGES. 
It is the same as the INTERQUARTILE RANGE for N = 5, 
9, 13,... points. 

see also HINGE, INTERQUARTILE RANGE, STEP 
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H-Transform 

A 2-D generalization of the HAAR TRANSFORM which is 
used for the compression of astronomical images. The 
algorithm consists of dividing the 2% x 2% image into 
blocks of 2 x 2 pixels, calling the pixels in the block 
Goo, 410, 401, and a11. For each block, compute the four 
coefficients 


ho = 5(a11 + aio + Go1 + 400) 


he = 4(a11 + aio — a01 — Goo) 


> 
«e 
ll 


5 (011 — 10 + a01 — Goo) 


pa 
a 
| 


= z(a — a10 — a01 + Apo). 


Construct a 2"! x 2-7! image from the ho values, and 


repeat until only one ho value remains. The H-transform 
can be performed in place and requires about 16N?/3 
additions for an N x N image. 


see also HAAR TRANSFORM 
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Haar Function 
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1 1 

= -1 =f a 

1 1 1 1 
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Define 
1 0<r<; 
v(1)=34 -1 ¿<x<1 (1) 
0 otherwise 
and 
bj(1) = Y(2 z — k), (2) 
where the FUNCTIONS plotted above are 
Poo = (xz) 
vio = Y(2x) 
Yi = ¥(22 — 1) 
Y20 = P(4x) 
yar = p(4x — 1) 
par = p(4x — 2) 
Ya = pl4z — 3). 


Then a FUNCTION f(z) can be written as a series ex- 
pansion by 


oo 9-1 


Hu) = co +X Y cin dye (2). (3) 


j=0 k=0 


The FUNCTIONS Qjxz and y are all ORTHOGONAL in 
[0, 1], with 


1 


/ O 0 (4) 


/ O =i0. (5) 


These functions can be used to define WAVELETS. Let a 
FUNCTION be defined on n intervals, with n a POWER of 
2. Then an arbitrary function can be considered as an 
n-VECTOR f, and the COEFFICIENTS in the expansion 
b can be determined by solving the MATRIX equation 


f=W,b (6) 


for b, where W is the MATRIX of Y basis functions. For 
example, | 


1 1 1 0 


1 -1 0 1 
(7) 


The WAVELET MATRIX can be computed in O(n) steps, 
compared to O(nlgn) for the FOURIER MATRIX. 


see also WAVELET, WAVELET TRANSFORM 


References 

Haar, A. “Zur Theorie der orthogonalen Funktionensys- 
teme.” Math. Ann. 69, 331-371, 1910. 

Strang, G. “Wavelet Transforms Versus Fourier Transforms.” 
Bull. Amer. Math. Soc. 28, 288-305, 1993. 


Hadamard’s Inequality 


Haar Integral 
The INTEGRAL associated with the HAAR MEASURE. 


see also HAAR MEASURE 


Haar Measure 

Any locally compact Hausdorff topological group has a 
unique (up to scalars) NONZERO left invariant measure 
which is finite on compact sets. If the group is Abelian 
or compact, then this measure is also right invariant and 
is known as the Haar measure. 


Haar Transform 
A 1-D transform which makes use of the HAAR FUNC- 
TIONS. 


see H-TRANSFORM, HAAR FUNCTION 
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Haberdasher’s Problem 


AS do D © 


With four cuts, DISSECT an EQUILATERAL TRIANGLE 
into a SQUARE. First proposed by Dudeney (1907) and 
discussed in Gardner (1961, p. 34) and Stewart (1987, 
p. 169). The solution can be hinged so that the three 
pieces collapse into either the TRIANGLE or the SQUARE. 


see also DISSECTION 
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Hadamard Design 

A SYMMETRIC BLOCK DESIGN (4n +3, n+ 1, n) which 
is equivalent to a HADAMARD MATRIX of order 4n + 
4, It is conjectured that Hadamard designs exist from 
all integers n > 0, but this has not yet been proven. 
This elusive proof (or disproof) remains one of the most 
important unsolved problems in COMBINATORICS. 
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Hadamard’s Inequality 
Let A = a, be an arbitrary n x n nonsingular MATRIX 
with REAL elements and DETERMINANT |A|, then 


Tt 


[A]? < ll ar 


ixl k=1 


Hadamard Matrix 


see also HADAMARD’S THEOREM 
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Hadamard Matrix 


A class of SQUARE MATRIX invented by Sylvester (1867) 
under the name of ANALLAGMATIC PAVEMENT. A Had- 
amard matrix is a SQUARE MATRIX containing only 1s 
and —1s such that when any two columns or rows are 
placed side by side, HALF the adjacent cells are the same 
SIGN and half the other (excepting from the count an L- 
shaped “half-frame” bordering the matrix on two sides 
which is composed entirely of 1s). When viewed as pave- 
ments, cells with 1s are colored black and those with —1s 
are colored white. Therefore, the n x n Hadamard ma- 
trix H, must have n(n — 1)/2 white squares (—1s) and 
n(n + 1)/2 black squares (1s). 


This is equivalent to the definition 
HaHa” = nln, (1) 


where ln is the n x n IDENTITY MATRIX. A Hadamard 
matrix of order 4n + 4 corresponds to a HADAMARD 
DESIGN (4n + 3, 2n + 1, n). 


PALEY’S THEOREM guarantees that there always exists 
a Hadamard matrix Hn when n is divisible by 4 and of 
the form 2°(q™ +1), where p is an ODD PRIME. In such 
cases, the MATRICES can be constructed using a PALEY 
CONSTRUCTION. The PALEY CLASS k is undefined for 
the following values of m < 1000: 92, 116, 156, 172, 
184, 188, 232, 236, 260, 268, 292, 324, 356, 372, 376, 
404, 412, 428, 436, 452, 472, 476, 508, 520, 532, 536, 
584, 596, 604, 612, 652, 668, 712, 716, 732, 756, 764, 
772, 808, 836, 852, 856, 872, 876, 892, 904, 932, 940, 
944, 952, 956, 964, 980, 988, 996. 


Sawade (1985) constructed Hoes. It is conjectured (and 
verified up ton < 428) that H, exists for all n DIVISIBLE 
by 4 (van Lint and Wilson 1993). However, the proof 
of this CONJECTURE remains an important problem in 
CODING THEORY. The number of Hadamard matrices of 
order 4n are 1, 1, 1, 5, 3, 60, 487, ... (Sloane’s A007299). 


If H, and Hm are known, then Hanm can be obtained by 
replacing all 1s in Hm by Hn and all —1s by —Hn. For 
n < 100, Hadamard matrices with n = 12, 20, 28, 36, 
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44, 52, 60, 68, 76, 84, 92, and 100 cannot be built up 
from lower order Hadamard matrices. 


1 1 
H= i (2) 
1 1 1 1 
4, — [Ha Ha] ad ä -1 1 
2 |-H Ha t 4 1 1 
“e e O | 
E a ot 
a. E = a 
E ee | (3) 
1 =i 21 4 


Hg can be similarly generated from H4. Hadamard ma- 
trices can also be expressed in terms of the WALSH 
FUNCTIONS Cal and Sal 


Cal(0, t) 
Sal(4, t) 
Sal(2, t) 


Ha = Cal(2, t) 


Hadamard matrices can be used to make ERROR- 
CORRECTING CODES. 


see also HADAMARD DESIGN, PALEY CONSTRUCTION, 
PALEY’S THEOREM, WALSH FUNCTION 
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Hadamard’s Theorem 
Let |A| be an n x n DETERMINANT with COMPLEX (or 
REAL) elements a;;, then |A| 4 0 if 


Ti 
[az] > 2 laiz. 
¿=1 


ji 


see also HADAMARD'S INEQUALITY 
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Hadamard Transform 
A FAsT FOURIER TRANSFORM-like ALGORITHM which 
produces a hologram of an image. 


Hadamard- Vallée Poussin Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


The sum of RECIPROCALS of PRIMES diverges, but 


1 = 0.2614972128..., (1) 


where a(n) is the PRIME COUNTING FUNCTION and 
y is the EULER-MASCHERONI CONSTANT (Le Lionnais 
1983). Hardy and Wright (1985) show that, if w(n) is 
the number of distinct PRIME factors of n, then 


lim E S w(k) — In(Inn)| = Ci. (2) 


Hafner-Sarnak-McCurley Constant 


Furthermore, if Q(n) is the total number of PRIME fac- 
tors of n, then 


iiy E S| Qk) — In(lan) 


k=1 
_ 1 
= Ci + —— = 1.0346538819.... (3 
2 pk (Pk — 1) B) 
=1 
Similarly, 
ul In p ES In p 
lim £ lnn | =-y- a 
il Do 
k=1 j=2 k=1 
= —C2 = —1.3325822757.... (4) 
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Hadwiger’s Principal Theorem 

The VECTORS +a), ..., tan in a 3-space form a nor- 
malized EUTACTIC STAR IFF Tx = x for all x in the 
3-space. 


Hadwiger Problem 
What is the largest number of subcubes (not necessarily 
different) into which a CUBE cannot be divided by plane 
cuts? The answer is 47. 


see also CUBE DISSECTION 


Hafner-Sarnak-McCurley Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Given two randomly chosen INTEGER n X n matrices, 
what is the probability D(n) that the corresponding de- 
terminants are coprime? Hafner et al. (1993) showed 
that 


2 


where the product is over PRIMES. The case D(1) is just 
the probability that two random INTEGERS are coprime, 


D(1) = > — 0.6079271019.... (2) 


PPP PP 


Table 11-1. LMTs of Sun's Meridian Passage. These Times Basically Correspond to the 
Sun's Transit over the Greenwich Meridian, Taken from the American Ephemeris and 
Nautical Almanac. Because the Sun's Apparent Eastward Daily Motion is of the Order of 
1° or Less, the Slight Difference Between the Greenwich and the Local Mean Time of 
the Sun's Meridian Transit May be Neglected. 


| Date Jan Feb i Nov 
1 1202 1213 | 143 : 
10 1207 1213 : 1143 


20 1210 1213 1145 


apart to the east or west of the Greenwich prime meridian. If the 
station longitude is east of the standard meridian, subtract the 
difference in longitude in time units between your station and the 
nearest standard meridian from the LMT; if the station longitude is 
west of the standard meridian, add the longitude difference in time 
units to the LMT. Thus, standard or zone time = LMT plus or 
minus the difference. Because the time zones have ragged bound- 
aries, it may be necessary to add or subtract one hour and, in some 
instances, one-half hour, as the custom dictates. 

To demonstrate the simplicity of the solar method, two exam- 
ples are chosen. 

(1) What is the standard time of meridian passage of the sun at 
longitude 114° 20’ W on October 15? From Table 1 we interpolate a 


Table 11-2. Difference of Longitude Conversion. 


Time 

Arc (minutes) 
0° 00' 
0° 15' 
0° 30' 
0° 45' 
1° 00' 
115 
1° 30' 
1° 45' 


0 
1 
2 
3 
4 
5 
6 
7 
8 
9 


495 


Hahn-Banach Theorem 


Vardi (1991) computed the limit 


og = lim D(n) = 0.3532363719.... (3) 


TL? OO 


The speed of convergence is roughly ~ 0.57” (Flajolet 
and Vardi 1996). 
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Hahn-Banach Theorem 

A linear FUNCTIONAL defined on a SUBSPACE of a VEC- 
TOR SPACE V and which is dominated by a sublinear 
function defined on V has a linear extension which is 
also dominated by the sublinear function. 
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Hailstone Number 

Sequences of INTEGERS generated in the COLLATZ 
PROBLEM. For example, for a starting number of 7, 
the sequence is 7, 22, 11, 34, 17, 52, 26, 13, 40, 20, 10, 
5, 16, 8, 4, 2, 1, 4, 2, 1, .... Such sequences are called 
hailstone sequences because the values typically rise and 
fall, somewhat analogously to a hailstone inside a cloud. 


While a hailstone eventually becomes so heavy that it 
falls to ground, every starting INTEGER ever tested has 
produced a hailstone sequence that eventually drops 
down to the number 1 and then “bounces” into the small 
loop 4, 2, 1,.... 


see also COLLATZ PROBLEM 
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Hairy Ball Theorem 

There does not exist an everywhere NONZERO VECTOR 
FIELD on the 2-SPHERE ©. This implies that some- 
where on the surface of the Earth, there is a point with 
zero horizontal wind velocity. 


Half 
The UNIT FRACTION 1/2. 


see also QUARTER, SQUARE ROOT, UNIT FRACTION 
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Half- Closed Interval 

An INTERVAL in which one endpoint is included but not 
the other. A half-closed interval is denoted fa, b) or (a, b} 
and is also called a HALF-OPEN INTERVAL. 


see also CLOSED INTERVAL, OPEN INTERVAL 


Half-Normal Distribution 


P(x) 
Dix} 


A NORMAL DISTRIBUTION with MEAN 0 and STANDARD 
DEVIATION 1/8 limited to the domain [0, co). 


pa tr (1) 
T 
D(z) = erf (=) ~ (2) 
The MOMENTS are 
1 
Hı = ” (3) 
T 
— 4 
a = za (4) 
T 
H3 3 (5) 
37? 
pa = Af’ (6) 


so the MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 


1 
H=7 (7) 
a 2 T—2 
r = u2 — fi = 912 (8) 
2 
Y = TE (9) 
2 = 0. (10) 


see also NORMAL DISTRIBUTION 


Half-Open Interval 
see HALF-CLOSED INTERVAL 


Hall-Janko Group 
The SPORADIC GROUP HJ, also denoted J2. 


see also JANKO GROUPS 
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Halley’s Irrational Formula 
A Root-finding ALGORITHM which makes use of a 
third-order TAYLOR SERIES 


Hla) IAF A 
A Root of f(z) satisfies f(x) = 0, so 


0% f(tn) + f'(@n)(@n41 — tn) + Ef" (@n)(tn41 — En)”. 
(2) 


Using the QUADRATIC EQUATION then gives 


Pen) + y [f'(2n)1? — 2F (an) f" (an) 
Ln4+1 = Tn + op ; 
f” (En) 
(3) 
Picking the plus sign gives the iteration function 
= _ 2f(2)f" (z) 
1 l [f’(2)]? 

C;(2) = s - +, (4) 


f'(2) 


This equation can be used as a starting point for deriving 
HALLEY’S METHOD. 


If the alternate form of the QUADRATIC EQUATION is 
used instead in solving (2), the iteration function be- 
comes instead 


2f (zx) 
Cile) = r- n (5) 
' F(a) + VIF @)P = 2F(2)F"@) 
This form can also be derived by setting n = 2 in 


LAGUERRE’S METHOD. Numerically, the SIGN in the 
DENOMINATOR is chosen to maximize its ABSOLUTE 
VALUE. Note that in the above equation, if f(x) = 0, 
then NEWTON’S METHOD is recovered. This form of 
Halley’s irrational formula has cubic convergence, and 
is usually found to be substantially more stable than 
NEWTON’S METHOD. However, it does run into difh- 
culty when both f(x) and f'(x) or f'(x) and f"(x) are 
simultaneously near zero. 

see also HALLEY’S METHOD, LAGUERRE’S METHOD, 
NEWTON’S METHOD 
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Halley’s Method 

Also known as the TANGENT HYPERBOLAS METHOD 
or HALLEY’S RATIONAL FORMULA. As in HALLEY’S 
IRRATIONAL FORMULA, take the second-order ‘TAYLOR 
POLYNOMIAL 


f(z) = flan) +f’ (en)(@—2tn)+ pe ened Fe i 
1 


Halley’s Method 


A Root of f(x) satisfies f(x) = 0, so 
0 f(tn) de fi (tn) (2n41 = Tn) + 1 f” (En)(En+1 = Ln)”. 


(2) 
Now write 


0 = f(£n) + (tn41 — tn)[f' (En) + sf" (en) (@n41 — £n)l, 


7 (3) 
giving 
| f(zn) 
nti = En — SS 4 
a € 
Using the result from NEWTON’S METHOD, 
AS 
glves 
2f (an) f (Ln) 
i.) = a ee 6 
tat = A O 
so the iteration function is 
H;s(2) =a ACN C) (7) 


APA Fefe) 


This satisfies H; (a) = H} (a) = 0 where a is a ROOT, 
so it is third order for simple zeros. Curiously, the third 
derivative 


2 
HH f” (a) 3 Eo 
H (a) == == Ee 8 
A Fla) 2| F(a) z 
is the SCHWARZIAN DERIVATIVE. Halley’s method may 
also be derived by applying NEWTON’S METHOD to 


ff'7*/?, It may also be derived by using an OSCULAT- 
ING CURVE of the form 


yla) = EE (9) 

Taking derivatives, 
fn) = 5 (10) 
f(t) = E (11) 
f" (En) = HE (12) 

which has solutions 
= A ead? = Head) pS 
O Heal E 
2f(2n)f' (En) m 


APA)? — Flan) f En) 


Halley’s Rational Formula 
so at a ROOT, y(tn+1) = 0 and 
te €, | (16) 


which is Halley?s method. 
see also HALLEY’S IRRATIONAL FORMULA, LAGUERRE'S 
METHOD, NEWTON’S METHOD 
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Halley’s Rational Formula 


see HALLEY’S METHOD 


Halphen Constant 
see ONE-NINTH CONSTANT 


Halphen’s Transformation 
A curve and its polar reciprocal with regard to the fixed 
CONIC have the same Halphen transformation. 
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Halting Problem 

The determination of whether a TURING MACHINE will 
come to a halt given a particular input program. This 
problem is formally UNDECIDABLE, as first proved by 
Turing. 


see also BUSY BEAVER, CHAITIN'S CONSTANT, TURING 
MACHINE, UNDECIDABLE 
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Ham Sandwich Theorem 

The volumes of any n n-D solids can always be simulta- 
neously bisected by a (n — 1)-D HYPERPLANE. Proving 
the theorem for n = 2 (where it is known as the PAN- 
CAKE THEOREM) is simple and can be found in Courant 
and Robbins (1978). The theorem was proved for n > 3 
by Stone and Tukey (1942). 


see also PANCAKE THEOREM 
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Hamilton’s Equations 
The equations defined by 


1= op (1) 
. OH 
P= Aq’ (2) 


where t = dx/dt and H is the so-called Hamiltonian, are 
called Hamilton’s equations. These equations frequently 
arise in problems of celestial mechanics. Another formu- 
lation related to Hamilton’s equation is 


ðL 
P= Og’ (3) 


where L is the so-called Lagrangian. 


References 

Morse, P. M. and Feshbach, H. “Hamilton’s Principle and 
Classical Dynamics.” §3.2 in Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 280-301, 1953. 


Hamilton’s Rules 
The rules for the MULTIPLICATION of QUATERNIONS. 


see also QUATERNION 


Hamiltonian Circuit 

A closed loop through a GRAPH that visits each node 
exactly once and ends adjacent to the initial point. The 
Hamiltonian circuit is named after Sir William Rowan 
Hamilton, who devised a puzzle in which such a path 
along the EDGES of an ICOSAHEDRON was sought (the 
ICOSIAN GAME). 


Al PLATONIC SOLIDS have a Hamiltonian circuit, as 
do planar 4-connected graphs. However, no foolproof 
method is known for determining whether a given gen- 
eral GRAPH has a Hamiltonian circuit. The number of 
Hamiltonian circuits on an n-HYPERCUBE is 2, 8, 96, 
43008, ... (Sloane's A006069, Gardner 1986, pp. 23- 
24). 

see also CHVATAL’S THEOREM, DIRAC'S THEO- 
REM, EULER GRAPH, GRINBERG FORMULA, HAM- 
ILTONIAN GRAPH, HAMILTONIAN PATH, ICOSIAN 
GAME, KOZYREV-GRINBERG THEORY, ORE’S THEO- 
REM, POSA’S THEOREM, SMITH’S NETWORK THEOREM 
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Hamiltonian Cycle 
see HAMILTONIAN CIRCUIT 


Hamiltonian Graph 
A GRAPH possessing a HAMILTONIAN CIRCUIT. 


see also HAMILTONIAN CIRCUIT, HAMILTONIAN PATH 
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New York: 


Hamiltonian Group 

A non-Abelian GROUP all of whose SUBGROUPS are self- 
conjugate. 

References 

Carmichael, R. D. “Hamiltonian Groups.” §31 in Introduc- 
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Hamiltonian Map 
Consider a 1-D Hamiltonian MAP of the form 


H (p,q) = ip" + V(q), (1) 


which satisfies HAMILTON’S EQUATIONS 


. OH 
q = Op (2) 
D OH 
ET (3) 
Now, write 
a (qi+1 — Gi) 
qi = — At > (4) 
where 
qi = q(t) (5) 
di+1 = q(t + At). (6) 


Then the equations of motion become 


qi+1 = qi tpiAt (7) 


OV 
Pi+1 = Pi — At . (8) 
Og q=q 


Note that equations (7) and (8) are not AREA- 
PRESERVING, since 


O(gi+1, Pi+1) 1 -A2 20°V 
——— 09: = + At l. 
o (qi, pi) At 1 a 0q;? 4 

(9) 
However, if we take instead of (7) and (8), 
qi+1 = qi + piât (10) 


OV 
qi | 
q—di+1 


Hamming Function 


a (a 
O(giti Pit) _| 1 —Atgg, E ties 
O(q;, pi) At 1 
| 8V 
= 1 At 2 = 1 12 
+ (At) dq? i (12) 


which is AREA-PRESERVING. 


Hamiltonian Path 

A loop through a GRAPH that visits each node exactly 
once but does not end adjacent to the initial point. The 
number of Hamiltonian paths on an n-HYPERCUBE is 
0, 0, 48, 48384, ... (Sloane's A006070, Gardner 1986, 
pp. 23-24). 

see also HAMILTONIAN CIRCUIT, HAMILTONIAN GRAPH 
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Hamiltonian System 
A system of variables which can be written in the form 
of HAMILTON’S EQUATIONS. 


Hammer-Aitoff Equal-Area Projection 


A MAP PROJECTION whose inverse is defined using the 
intermediate variable 


Lay 


x 
lil 


Then the longitude and latitude are given by 


—1 ZE 
A = 2tan Gest 
$ = sin" (yz). 


Hamming Function 


height of the highest sidelobe. The Hamming function 
is given by 


A(z) = 0.54 + 0.46 cos (E) : (1) 


lts FULL WIDTH AT HALF MAXIMUM is 1.05543a. The 
corresponding INSTRUMENT FUNCTION is 


a(1.08 — 0.64a?k?) sinc(2rak 
1 AE 


Handedness 


This APODIZATION FUNCTION is close to the one pro- 
duced by the requirement that the APPARATUS FUNC- 
TION goes to 0 at ka = 5/4. From APODIZATION FUNC- 
TION, a general symmetric apodization function A(z) 
can be written as a FOURIER SERIES 


A(x) ha ae cos (=) z (3) 


n=l 


where the COEFFICIENTS satisfy 
a0+2 Y an =1. (4) 
n=l 
The corresponding apparatus function is 


I(t) = 2b{ao sinc(2rkb) + S [sinc(2rkb + nr) 
n=1 


+sinc(2rkb — nr)]p. (5) 
To obtain an APODIZATION FUNCTION with zero at ka = 


3/4, use 
ao + 201 = 1, (6) 


SO 


2 2 2 
(1-201) ¿01 ( $ =) = (1-201)1-a(3+1) = 0 


Tr 37 (8) 
8 
als+3+5%)=%¿ (9) 
5 7-3 
=o. A AAA 
24141. 2:.3-74+3:5+5:7 
= 2 = 0.2283 (10) 
tee = = Si 
= 80 — 2 0.5435. (11) 


The FWHM is 1.81522, the peak is 1.08, the peak NEG- 
ATIVE and POSITIVE sidelobes (in units of the peak) are 
—0.00689132 and 0.00734934, respectively. 


see also APODIZATION FUNCTION, HANNING FUNC- 
TION, INSTRUMENT FUNCTION 
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Handedness 
Objects which are identical except for a mirror reflection 
are said to display handedness and to be CHIRAL. 


see also AMPHICHIRAL, CHIRAL, ENANTIOMER, MIR- 
ROR IMAGE 
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Handkerchief Surface 


3 


z(u,v) = su + uv” + 2(u* — v’). 


References 
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Handle 

Handles are to MANIFOLDS as CELLS are to CW- 
COMPLEXES. If M is a MANIFOLD together with a 
(k — 1)-SPHERE S*~* embedded in its boundary with a 
trivial TUBULAR NEIGHBORHOOD, we attach a k-handle 
to M by gluing the tubular NEIGHBORHOOD of the 
(k — 1)-SPHERE S*~* to the TUBULAR NEIGHBORHOOD 
of the standard (k — 1)-SPHERE S*~! in the dim(M)- 
dimensional DISK. 


In this way, attaching a k-handle is essentially just the 
process of attaching a fattened-up k-DISK to M along 
the (k — 1)-SPHERE S" ?. The embedded DISK in this 
new MANIFOLD is called the k-handle in the UNION of 
M and the handle. 


see also HANDLEBODY, SURGERY, TUBULAR NEIGH- 
BORHOOD 


Handlebody 
A handlebody of type (n,k) is an n-D MANIFOLD that 
is attained from the standard n-DISK by attaching only 
k-D HANDLES. 


see also HANDLE, HEEGAARD SPLITTING, SURGERY 
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Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, p. 46, 1976. 


Hankel Function 
A COMPLEX function which is a linear combination of 
BESSEL FUNCTIONS OF THE FIRST and SECOND KINDS. 


see also HANKEL FUNCTION OF THE FIRST KIND, HAN- 
KEL FUNCTION OF THE SECOND KIND, SPHERICAL 
HANKEL FUNCTION OF THE FIRST KIND, SPHERICAL 
HANKEL FUNCTION OF THE SECOND KIND 
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Hankel Function of the First Kind 


HP (2) = Jn(z) + i¥a(z), 


where J,(z) is a BESSEL FUNCTION OF THE FIRST KIND 
and Y,(z) is a BESSEL FUNCTION OF THE SECOND 
KIND. Hankel functions of the first kind can be rep- 
resented as a CONTOUR INTEGRAL using 


1 f” (2/2)(t-1/t) 
HY (z) = — J ll 
0 


; n+1 
un [upper half plane] t 


see also DEBYE’S ASYMPTOTIC REPRESENTATION, 
WATSON-NICHOLSON FORMULA, WEYRICH’S FORMULA 
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Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 623-624, 1953. 


Hankel Function of the Second Kind 


HPV (2) = In(z) — iYn (z), 


where J,(z) is a BESSEL FUNCTION OF THE FIRST 
KIND and Y,,(z) is a BESSEL FUNCTION OF THE SEC- 
OND KIND. Hankel functions of the second kind can be 
represented as a CONTOUR INTEGRAL using 


0 (z/2)(t-1/t) 
H®)(z) = = J A 


n +1 
ORS Seas [lower half plane] t 


see also WATSON-NICHOLSON FORMULA 
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Hankel’s Integral 


q 


2m-1 /TT (m+ 4) 


n 
«| cos(xt)(1 — t)? dt, 
0 


Jna) = 


where Jm(x) is a BESSEL FUNCTION OF THE FIRST 
KIND and [(z) is the GAMMA FUNCTION. Hankel’s in- 
tegral can be derived from SONINE’S INTEGRAL. 


see also POISSON INTEGRAL, SONINE’S INTEGRAL 


Hankel Transform 


Hankel Matrix 
A MATRIX with identical values for each element in a 
given diagonal. Define H, to be the Hankel matrix with 


leading column made up of the INTEGERS 1, ..., n, then 
1 2 
1 2 3 
Hz3=]2 3 0 
3.00 


Hankel Transform 
Equivalent to a 2-D FOURIER TRANSFORM with a radi- 
ally symmetric KERNEL, and also called the FOURIER- 
BESSEL TRANSFORM. 


tue) = Fir = ff peje thor dedy 


(1) 
Let 
x + iy = re” (2) 
u + iv = qe? (3) 
so that 
= rcosÚ (4) 
= rsin (5) 
r= yx +y? (6) 
u = qcosd (7) 
v=qsing (8) 
q= y u? +, (9) 
Then 


(rje recorra an do 


de 
9 
I! 
IT, 
8 
, 
3 
a, 


(rje? cos(9—¿),, dr d6 


| 
ae. 
Ss 
> 
—, 


flrje +9 E dr d@ 


00 27 
af / f(rjye 77798 On dr de 
0 0 
oo an 
-| f(r) / p emira cos O ao r dr 
0 0 


= 27 f f(r)Jol(2rqr)r dr, (10) 


Hann Function 


where Jo(z) is a zeroth order BESSEL FUNCTION OF THE 
FIRST KIND. Therefore, the Hankel transform pairs are 


g(k) = J Jenit (11) 


fa) = [ g(k) Jo(ka)k dk. (12) 


see also BESSEL FUNCTION OF THE FIRST KIND, FOUR- 

IER TRANSFORM, LAPLACE TRANSFORM 
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Hann Function 
see HANNING FUNCTION 


Hanning Function 


FUNCTION, frequently used to reduce ALIASING in 
FOURIER TRANSFORMS. The illustrations above show 
the Hanning function, its INSTRUMENT FUNCTION, and 
a blowup of the INSTRUMENT FUNCTION sidelobes. The 
Hanning function is given by 


f(x) = cos” (=) = 5 — ġ cos (=) ; (1) 


The INSTRUMENT FUNCTION for Hanning apodization 
can also be written 


alsinc(2rka) +3 sinc(2rka—r)+ 3 sinc(2rka+m)]. (2) 


Its FULL WIDTH AT HALF MAXIMUM is a. It has AP- 
PARATUS FUNCTION 


A(x) = 


| 
| Ò 
roa 
wje- 
| 
bole 
o 
O 
h 
IR 
a | J 
Nee” 
j | 
| 
Bo 
3] 
e. 
a 
R 
a 
8 


= ¿(41 + Ap). (3) 


The first integral is 


meee sin(27rka) 
h = $ en dE = “E 2asinc(2rka). (4) 
_ T 


a 
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The second integral can be rewritten 


0 
TEN -—2ñik 

h= | cos (E) e “22 de 
a 


a 


a 
TINA zri 
-j cos (E). Anika qa 

a 

0 

TL 

2mik —27r1 
= cos (==) (et ed 
z a 


= 2 | COS (=) cos(2rkx) de 
a a 


sin (= — 2nk) x sin (Z + 27k) 2 j 
04 E 
2 (= — 2rrk) 2 (= +2rk) 


= site —2rka)  sin(r + al 


m — 2rka t + 2rka 
_ a |sin(2rka) sin(2rka) 
= x į 1-2ka 1 + 2ka 
= alsinc(a — 2rka) + sinc(r + 27 ka)]. (5) 


Combining (4) and (5) gives 


A(z) = alsinc(21ka) + 5 sinc(x — 2rka) 
+3 sinc(r + 2rrka)]. (6) 


To find the extrema, define x = 27 ka and rewrite (6) as 
A(x) = a[sin x + 5 sinc(x — 7) + 5 sinc(x + r)]. (7) 
Then solve 


dA n?(-a* cosa + 32? sin zx + 1x cosg — 7’ sin 2) 
dx Lt = 22)? 


=0 (8) 


to find the extrema. The roots are x = 7.42023 
and 10.7061, giving a peak NEGATIVE sidelobe of 
—0.026708 and a peak POSITIVE sidelobe (in units of 
a) of 0.00843441. The peak in units of a is 1, and the 
full-width at half maximum is given by setting (7) equal 
to 1/2 and solving for x, yielding 


£1 /2 = 27k,/24 = T. (9) 


Therefore, with L = 2a, the FULL WIDTH AT HALF 
MAXIMUM is 


=. (10) 


see also APODIZATION FUNCTION, HAMMING FUNC- 
TION 
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Hanoi Graph 


A GRAPH H,, arising in conjunction with the TOWERS 
OF HANOI problem. The above figure is the Hanoi graph 
Hs. 


see also TOWERS OF HANOI 


Hanoi Towers 
see TOWERS OF HANOI 


Hansen-Bessel Formula 


1 ; st in(t—7 
Jn (2) = 5 7 iz cost, (t-71/2) dt 

a” s iz cost 

= — / e cos(nt) dt 
= 

0 

1 f7 

== J cos(zsint — nt) dt 
T 

0 P 
for n = 0, 1, 2, ..., where Jn(z) is a BESSEL FUNCTION 


OF THE FIRST KIND. 
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Hansen Chain 

An ADDITION CHAIN for which there is a SUBSET H of 
members such that each member of the chain uses the 
largest element of H which is less than the member. 


see also ADDITION CHAIN, BRAUER CHAIN, HANSEN 
NUMBER 
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Hansen Number 
A number n for which a shortest chain exists which is a 
HANSEN CHAIN is called a Hansen number. 
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Harary Graph 


Hansen’s Problem 

A SURVEYING PROBLEM: from the position of two 
known but inaccessible points A and B, determine the 
position of two unknown accessible points P and P’ by 
bearings from A, B, P' to P and A, B, P to P’. 


see also SURVEYING PROBLEMS 
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Happy Number 

Let the sum of the SQUARES of the DIGITS of a Pos- 
ITIVE INTEGER So be represented by sı. In a similar 
way, let the sum of the SQUARES of the DIGITS of sı be 
represented by s2, and so on. If some s; = 1 for i > 1, 
then the original INTEGER so is said to be happy. 


Once it is known whether a number is happy (or not), 
then any number in the sequence s1, $2, 83, ... will also 
be happy (or not). A number which is not happy is 
called UNHAPPY. Unhappy numbers have EVENTUALLY 
PERIODIC sequences of s; 4, 16, 37, 58, 89, 145, 42, 20, 
4,... which do not reach 1. 


Any PERMUTATION of the DIGITS of an UNHAPPY or 
happy number must also be unhappy or happy. This 
follows from the fact that ADDITION is COMMUTATIVE. 
The first few happy numbers are 1, 7, 10, 13, 19, 23, 28, 
31, 32, 44, 49, 68, 70, 79, 82, 86, 91, 94, 97, 100, ... 
(Sloane's A007770). These are also the numbers whose 
2-RECURRING DIGITAL INVARIANT sequences have pe- 
riod 1. 


see also KAPREKAR NUMBER, RECURRING DIGITAL IN- 
VARIANT , UNHAPPY NUMBER 
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Harada-Norton Group 
The SPORADIC GROUP AN. 


References 
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Harary Graph 
The smallest k-connected GRAPH with n VERTICES. 


Hard Hexagon Entropy Constant 


Hard Hexagon Entropy Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


A constant related to the HARD SQUARE ENTROPY 
CONSTANT. This constant is given by 


Kh = lim IG(N)])/% = 1.395485972..., (1) 


where G(N) is the number of configurations of nonat- 
tacking KINGS on an n x n chessboard with regular 
hexagonal cells, where N = n*, Amazingly, Kp is al- 


gebraic and given by 


Kh = K1K2K3Ka, (2) 
where 

had 3s a (3) 

k2 =[1-Y41=c+42+c+2y1+c+ 02] (4) 

k3 =[-1-Vl—ct+1/24+c4+2V1lt+er+e?]’ (5) 

ka =[V1-a+ y 2+a+2y1+a+a2] 1? (6) 
a= — 124417/8 (7) 

b= or 30 (8) 
A) 


(Baxter 1980, Joyce 1988). 
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Hard Square Entropy Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let F(n*) be the number of binary nxn MATRICES with 
no adjacent 1s (in either columns or rows). Define N = 
n?, then the hard square entropy constant is defined by 


k= lim [F(N)]'/% = 1.503048082.... 
Noo 


The quantity In« arises in statistical physics (Baxter 
et al. 1980, Pearce and Seaton 1988), and is known as 
the entropy per site of hard squares. A related constant 
known as the HARD HEXAGON ENTROPY CONSTANT 
can also be defined. 
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Hardy’s Inequality 
Let {an} be a NONNEGATIVE SEQUENCE and f(z) a 
NONNEGATIVE integrable FUNCTION. Define 


An =) ar (1) 


B, = 3 i (2) 

and Ñ 
Pts)= [sae 6) 
ae)= | Feat, (4) 


and take p > 1. For sums, 


DEG) Yer o 


n=l 


(unless all a, = 0), and for integrals, 


Pa @<(4) [vere © 


(unless f is identically 0). 
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Hardy-Littlewood Conjectures 

The first Hardy-Littlewood conjecture is called the k- 
TUPLE CONJECTURE. It states that the asymptotic 
number of PRIME CONSTELLATIONS can be computed 
explicitly. 


The second Hardy-Littlewood conjecture states that 
m+ y) — a(x) < rly) 


for all x and y, where m(x) is the PRIME COUNTING 
FUNCTION. Although it is not obvious, Richards (1974) 
proved that this conjecture is incompatible with the first 
Hardy-Littlewood conjecture. 


see also PRIME CONSTELLATION, PRIME COUNTING 
FUNCTION 
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Hardy-Littlewood Constants 
see PRIME CONSTELLATION 


Hardy-Littlewood Tauberian Theorem 
Let a, > 0 and suppose 


oo 


ase e ss 


a |e 


n=1 


as a >0%*. Then 
Un “Y E 


noz 
as t > 00. 
see also TAUBERIAN THEOREM 
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Hardy-Littlewood k-Tuple Conjecture 
see PRIME PATTERNS CONJECTURE | 


Hardy-Ramanujan Number 

The smallest nontrivial TAXICAB NUMBER, i.e., the 
smallest number representable in two ways as a sum of 
two CUBES. It is given by 


1729 = 1° + 12° = 9? + 10°. 


The number derives its name from the following story 
G. H. Hardy told about Ramanujan. “Once, in the taxi 
from London, Hardy noticed its number, 1729. He must 
have thought about it a little because he entered the 
room where Ramanujan lay in bed and, with scarcely a 
hello, blurted out his disappointment with it. It was, he 
declared, ‘rather a dull number,’ adding that he hoped 
that wasn’t a bad omen. ‘No, Hardy,’ said Ramanujan, 
‘it is a very interesting number. It is the smallest number 
expressible as the sum of two [POSITIVE] cubes in two 
different ways” (Hofstadter 1989, Kanigel 1991, Snow 
1993). 


see also DIOPHANTINE EQUATION—CUBIC, TAXICAB 
NUMBER 
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Hardy-Ramanujan Theorem 
Let w(n) be the number of DISTINCT PRIME FACTORS 
of n. If U(x) tends steadily to infinity with zx, then 


IniIng — Y(x)VIninz < w(n) < Inlnz + U(z)Vining 


for ALMOST ALL numbers n < x. “ALMOST ALL” 
means here the frequency of those INTEGERS n in the 
interval 1 < n < z for which 


Jw(n) — lnln z| > U(z)VInIng 


approaches 0 as © > oo. 


see also DISTINCT PRIME FACTORS, ERDOS-KAC THE- 
OREM 


Hardy’s Rule 

Let the values of a function f(x) be tabulated at in- 
tervals equally spaced by hk about to, so that f-3 = 
f(xo — 3h), f-2 = f(xo — 2h), etc. Then Hardy’s rule 
gives the approximation to the integral of f(z) as 


rot3h 
J f(a) de = 1 h(28f-3 + 162f_2 + 22fo + 162f2 
20 —3h 


+28f3) + oh RIO (Es) — WF (E, 
where the final term gives the error, with £1, £2 € [xo — 
3h, to + 3h). 


see also BODE’S RULE, DURAND’S RULE, NEWTON- 
COTES FORMULAS, SIMPSON’S 3/8 RULE, SIMPSON’S 
RULE, TRAPEZOIDAL RULE, WEDDLE’S RULE 


Harmonic Addition Theorem 
To convert an equation of the form 


f(@) = acos@ + bsin@ (1) 


to the form 


f(9) = ccos(9 + ô), (2) 


expand (2) using the trigonometric addition formulas to 
obtain 
f(@) = ccos@cos6 — csin@ sino. (3) 


Now equate the COEFFICIENTS of (1) and (3) 


a=ccosd (4) 

b = —csinó, (5) 
SO T 

tan ó = a (6) 

a +b? =e’, (7) 
and we have 

— tan”! =>) 

ô = tan ( (8) 


c= ya? +b. (9) 


value of 1145 LMT. The nearest standard meridian is 120° W. The 
difference in longitude between the station and the nearest meri- 
dian is 5° 40’. From Table 11-2, this amounts to 23 minutes. Since 
the station is east of the standard meridian, the Pacific standard 
time of the sun’s meridian passage is 1145—0023 = 1122 PST. 

(2) What is the standard time of meridian passage of the sun at 
longitude 25° 40’ E on March 25? From Table 1, LMT = 1205. The 
difference in longitude between the station and the nearest stan- 
dard meridian of 30° E is 4° 20’, which from Table 11-2 is equiva- 
lent to 17 minutes. Since the station is west of the standard meri- 
dian, the standard time of the sun’s meridian passage is 1205 + 
0017 = 1222. 

At the standard time the sun is on the meridian, that is, due 
north or south, depending on your latitude, line up the antenna 
boom with the sun or parallel to any shadow cast by a vertical 
structure (pole, tower, etc.). An error of 4 minutes in time amounts 
to a change in the direction of the sun of only 1°. Set the direction 
indicator of your rotator to 0°. Make certain that the radiating 
element of the antenna is on the correct side of the boom— 
otherwise you could be 180° off. That’s all there is to it! 


4 


496 


Harmonic Analysis 


Given two general sinusoidal functions with frequency 
w: 


pı = Ar sin(wt + 61) (10) 
we = Az sin(wt + 02), (11) 


their sum Y can be expressed as a sinusoidal function 
with frequency w 


Y = Yı + Y2 = Ar [sin(wt) cos 61 + sin d1 cos(wt)] 
+ Ag[sin(wt) cos d2 + sin d2 cos(wt)|] 
= [Ai cos 6; + A2 cos 02] sin(wt) 


+ [Az sinó, + Ao sin da] cos(wt). (12) 

Now, define 
Acosó = Ai cosó, + Az cos 42 (13) 
Asinó = A; sinó, + Ag sin do. (14) 


Then (12) becomes 
Acosósin(wt) + Asin ô cos(wt) = Asin(wt + ô). (15) 
Square and add (13) and (14) 
Az = Ar? + Az? +24142cos(d2 — 61). (16) 
Also, divide (14) by (13) 


Aj sin ôi + Ag sin d2 


A; cos 6; + Ae cos 62’ (17) 


tan dé = 


SO 
p = Asin(wt + 4), (18) 


where A and 6 are defined by (16) and (17). 


This procedure can be generalized to a sum of n har- 
monic waves, giving 


y= > A; cos(wt + ði) = Acos(wt + ô), (19) 
t=1 
where 
A= SAP 42 S$ A¡Ajcos(8; — ô) (20) 
11 J>3 i=} l 


and 
> A; sin ô; 


A 21 
Y ¡1 4i cos ĝi P 


tanó = — 


Harmonic Analysis 
see also FOURIER SERIES 
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Harmonic Brick 
A right-angled PARALLELEPIPED with dimensions a x 
ab x abc, where a, b, and c are INTEGERS. 


see also BRICK, DE BRUIJN’S THEOREM, EULER BRICK 


Harmonic Conjugate Function 
The harmonic conjugate to a given function u(x, y) is a 
function v(x, y) such that 


f(x,y) = u(z,y) + vlz, y) 


is COMPLEX DIFFERENTIABLE (i.e., satisfies the 
CAUCHY-RIEMANN EQUATIONS). It is given by 


ol Jue dy — uy dz. 


Harmonic Conjugate Points 


W X Y Z 


Given COLLINEAR points W, X, Y, and Z, Y and Z are 
harmonic conjugates with respect to W and X if 


[WY] _|WZ] 
YX]  |ZX|' 


The distances between such points are said to be in HAR- 
MONIC RATIO, and the LINE SEGMENT depicted above 
is called a HARMONIC SEGMENT. 


Harmonic conjugate points are also defined for a TRI- 
ANGLE. If W and X have TRILINEAR COORDINATES 
a:8:~7 and a’: B': y”, then the TRILINEAR COORDI- 
NATES of the harmonic conjugates are 


Y=a+a : B+B :7+7 
Z=a-0a:B-B :y-y 


(Kimberling 1994). 
see also HARMONIC RANGE, HARMONIC RATIO 
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Harmonic Coordinates 
Satisfy the condition 


Tl =9"T n° =0, (1) 


or equivalently, 


37 (vag) = 0. (2) 


796 Harmonic Decomposition 


It is always possible to choose such a system. Using the 
D' ALEMBERTIAN OPERATOR, 


Ox dx" Ax" 


2 
és (pa) =P a 


But since T^ = 0 for harmonic coordinates 
, 


Fat =0. (4) 


Harmonic Decomposition 

A POLYNOMIAL function in the elements of x can be 
uniquely decomposed into a sum of harmonic POLYNO- 
MIALS times POWERS of |x|]. 


Harmonic Divisor Number 

A number n for which the HARMONIC MEAN of the DI- 
VISORS of n, i.e., nd(n)/a(n), is an INTEGER, where d(n) 
is the number of POSITIVE integral DIVISORS of n and 
a(n) is the DIVISOR FUNCTION. For example, the divi- 
sors of n = 140 are 1, 2, 4, 5, 7, 10, 14, 20, 28, 35, 70, 
and 140, giving 


d(140) = 12 
(140) = 336 

140d(140) _ 140-12 _ , 

(140) 335 


so 140 is a harmonic divisor number. Harmonic divisor 
numbers are also called ORE NUMBERS. Garcia (1954) 


gives the 45 harmonic divisor numbers less than 10”. 
The first few are 1, 6, 140, 270, 672, 1638, ... (Sloane’s 
A007340). 


For distinct PRIMES p and q, harmonic divisor numbers 
are equivalent to EVEN PERFECT NUMBERS for numbers 
of the form p"g. Mills (1972) proved that if there exists 
an ODD POSITIVE harmonic divisor number n, then n 
has a prime-POWER factor greater than 10”. 


Another type of number called “harmonic” is the HAR- 
MONIC NUMBER. 


see also DIVISOR FUNCTION, HARMONIC NUMBER 
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Harmonic Equation 
see LAPLACE’S EQUATION 


Harmonic Function 
Any real-valued function u(z,y) with continuous sec- 
ond PARTIAL DERIVATIVES which satisfies LAPLACE’S 
EQUATION 

V'u(z,y) = 0 (1) 


is called a harmonic function. Harmonic functions are 
called POTENTIAL FUNCTIONS in physics and engineer- 
ing. Potential functions are extremely useful, for exam- 
ple, in electromagnetism, where they reduce the study 
of a 3-component VECTOR FIELD to a 1-component 
SCALAR FUNCTION. A scalar harmonic function is 
called a SCALAR POTENTIAL, and a vector harmonic 
function is called a VECTOR POTENTIAL. 


To find a class of such functions in the PLANE, write the 
LAPLACE’S EQUATION in POLAR COORDINATES 


1 1 
r r 
and consider only radial solutions 


teg Eu i: (3) 


This is integrable by quadrature, so define v = du/dr, 


dv 1 
e 0 (4) 
2-2 (5) 
v r 
In (=) = —Inr (6) 
v 1 
Aa? (7) 
du iA 
ies 8) 
du = dz. (9) 
r 
so the solution is 
u = Alnr. (10) 


Ignoring the trivial additive and multiplicative con- 
stants, the general pure radial solution then becomes 


u = In[(z-a)?+ (y0) +? = 5 In l(a = ay + (y — b)*| 
(11) 


Harmonic-Geometric Mean 


Other solutions may be obtained by differentiation, such 
as 
r-a 


EEES ee) 


= y—b 
oy? oa 


u = e° sin y (14) 
v = e” cosy, (15) 

and ; 
tan”? (==) (16) 

r-a 


Harmonic functions containing azimuthal dependence 
include 


u = r” cos(nó) (17) 
v = r” sin(n8). (18) 


The POISSON KERNEL 


u(r, R,0,4) = = a (19) 


2 — 2r R cos(0 — p) + r? 


is another harmonic function. 


see also SCALAR POTENTIAL, VECTOR POTENTIAL 


References 

Ash, J. M. (Ed.) Studies in Harmonic Analysis. Washing- 
ton, DC: Math. Assoc. Amer., 1976. 

Axler, S.; Pourdon, P.; and Ramey, W. Harmonic Function 
Theory. Springer-Verlag, 1992. 

Benedetto, J. J. Harmonic Analysis and Applications. Boca 
Raton, FL: CRC Press, 1996. 

Cohn, H. Conformal Mapping on Riemann Surfaces. New 
York: Dover, 1980. 


Harmonic-Geometric Mean 


Let 
207 Bn 
A O F a 
Bn+1 = wv Anba, 
then 
H(a0,60) = lim a PE, ek 
DOO T nao © Mía9 71, Bo)’ 


where M is the ARITHMETIC-GEOMETRIC MEAN. 


see also ARITHMETIC MEAN, ARITHMETIC-GEOMETRIC 
MEAN, GEOMETRIC MEAN, HARMONIC MEAN 
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Harmonic Homology 

A PERSPECTIVE COLLINEATION with center O and axis 
o not incident is called a HOMOLOGY. A HOMOLOGY 
is said to be harmonic if the points A and A’ on a line 
through O are harmonic conjugates with respect to O 
and o-a. Every PERSPECTIVE COLLINEATION of period 
two is a harmonic homology. 


see also HOMOLOGY (GEOMETRY), 
COLLINEATION 


PERSPECTIVE 
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Harmonic Logarithm 
For all INTEGERS n and NONNEGATIVE INTEGERS t, the 


harmonic logarithms A (£) of order t and degree n are 


defined as the unique functions satisfying 

1. AP (x) = (Inz), 

2. \“ (x) has no constant term except A (x) == 
3. 2M) (2) = [n] A, (2), 

where the “ROMAN SYMBOL” |n] is defined by 


_fn forn 0 
= 1 
in| 1 forn=0 (1) 
(Roman 1992). This gives the special cases 
(0) _ fa” forn>0 
An (@)= {5 forn < 0 (2) 
(Mya — $12" (ng- Hna) forn>0 
An (x) sE ee (ore 0, (3) 


where H, is a HARMONIC NUMBER 


The harmonic logarithm has the INTEGRAL 


1 
[eo dx = wei). (5) 
The harmonic logarithm can be written 


\ (2) = [n]!D-" (Ina), (6) 


~ 


where D is the DIFFERENTIAL OPERATOR, (so D~” is 
the nth INTEGRAL). Rearranging gives 


DAP (x) = ren IN) (2). (7) 


This formulation gives an analog of the BINOMIAL THE- 
OREM called the LOGARITHMIC BINOMIAL FORMULA. 
Another expression for the harmonic logarithm is 


t 


AQ (x) =a” X COMA, (8) 


j=0 


798 Harmonic Map 


where (t); = t(t — 1)---(£- j + 1) is a POCHHAMMER 
SYMBOL and ol) is a two-index HARMONIC NUMBER 
(Roman 1992). 


see also LOGARITHM, ROMAN FACTORIAL 
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Harmonic Map 

A harmonic map between RIEMANNIAN MANIFOLDS can 
be viewed as a generalization of a GEODESIC when the 
domain DIMENSION is one, or of a HARMONIC FUNCTION 
when the range is a EUCLIDEAN SPACE. 


see also BOCHNER IDENTITY, EUCLIDEAN SPACE, GEO- 
DESIC, HARMONIC FUNCTION, RIEMANNIAN MANIFOLD 
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Harmonic Mean 


The harmonic mean H(x%1,..., tn) of n points z; (where 
E A. el 
1 1451 
— = — —. | 1 
H n 2i Ti ( ) 


The special case of n = 2 is therefore 


1 1/1 1 
BS eS e = 2 
H 2 (= dá =,) ( ) 
or 1 $ 
_ Ti +22 
H 7 22122 (3) 


. The VOLUME-to-SURFACE AREA ratio for a cylindrical 
container with height h and radius r and the MEAN 
CURVATURE of a general surface are related to the har- 
monic mean. 


Hoehn and Niven (1985) show that 


H(a1+¢,a2+¢,...,@n +c) > c+ H(a1,a2,...,dn) (4) 


for any POSITIVE constant c. 


see also ARITHMETIC MEAN, ARITHMETIC-GEOMETRIC 
MEAN, GEOMETRIC MEAN, HARMONIC-GEOMETRIC 
MEAN, ROOT-MEAN-SQUARE 
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Harmonic Number 


Harmonic Mean Index 
The statistical INDEX 


a >, Pogo 
Pr = Se S 
Po” 40 
Pn 

where p, is the price per unit in period n, qn is the 
quantity produced in period n, and vn = pngn the value 
of the n units. 
see also INDEX 
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Harmonic Number 
A number of the form 


Hn = Y 
k=1 


This can be expressed analytically as 


(1) 


A] m 


Ha = y + poln +1), (2) 


where y is the EULER-MASCHERONI CONSTANT and 
W(x) = Yo(x) is the DIGAMMA FUNCTION. The number 
formed by taking alternate signs in the sum also has an 
analytic solution 


n 


4 yk+1 
m= (3) 


=In2 + 3(-1)"[do(3n + 5) — yolzn + 1). (4) 


The first few harmonic numbers Hn are 1, 3/2, 11/6, 
25/12, 137/60, ... (Sloane’s A001008 and A002805). 
The HARMONIC NUMBER H,, is never an INTEGER (ex- 
cept for Hı), which can be proved by using the strong 
triangle inequality to show that the 2-ADIC VALUE of Hn 
is greater than 1 for n > 1. The harmonic numbers have 
ODD NUMERATORS and EVEN DENOMINATORS. The 
nth harmonic number is given asymptotically by 


1 
H, ~l a 
nntyt y> (5) 


where y is the EULER-MASCHERONI CONSTANT (Con- 


way and Guy 1996). Gosper gave the interesting identity 


— —e* `o =. = e" [Inz+T(0, 2) + y), (6) 


3o 


1i=0 k=1 


Harmonic Number 


where T'(0, z) is the incomplete GAMMA FUNCTION and 
“y is the EULER-MASCHERONI CONSTANT. Borwein and 
Borwein (1995) show that 


Hee 11 11 4 
>. (n41) Tel) = 3667 (7) 
n=1 
= Hy: N 17 4 
Y = EC) = et (8) 
n=1 
co H, 
D nS 2¢(4) = ar, (9) 
n=1 


where ¢(z) is the RIEMANN ZETA FUNCTION. The first 
of these had been previously derived by de Doelder 
(1991), and the last by Euler (1775). These identities 
are corollaries of the identity 


if x” {In[2 cos(32)]}* dz = 44¢(4) = En? (10) 


(Borwein and Borwein 1995). Additional identities due 
to Euler are 


oo H, 
` aa = 26(3) (11) 
n=1 
roa) H m—2 
pa = PEDR C(m—n)¢(n+1) (12) 
for m = 2, 3, ... (Borwein and Borwein 1995), where 


((3) is APERY’S CONSTANT. These sums are related to 
so-called EULER SUMS. 


Conway and Guy (1996) define the second harmonic 
number by 


HY = $0 H; = (n+1)(Anti-1) = (n+1)(Hn 41-1), 
1=1 


(13) 
the third harmonic number by 


Hy) =) HY = (" >) (Hn+2 — H2), — (14) 
i=1 | 


and the nth harmonic number by 


k=1 
HP = ( ) asana — Hp-1). (15) 


A slightly different definition of a two-index harmonic 
number ch? is given by Roman (1992) in connection with 


the HARMONIC LOGARITHM. Roman (1992) defines this _ 


by 
(0) _ J1 forn>0 
k k forn <0- (16) 
a f1 forj=0 
co ={o for j £0 (17) 
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plus the recurrence relation 
en? = 74 +nc?.. (18) 


For general n > 0 and 7 > 0, this is equivalent to 


m 


(i) — 1 (j—1) 19 
Cn y pa , ( ) 


¿=1 


and for n > 0, it simplifies to 


a=): p (anys, (20) 


il 


For n < 0, the harmonic number can be written 
ES = (-1) [n|!s(—n, 3), (21) 


where |n}! is the ROMAN FACTORIAL and s is a STIR- 
LING NUMBER OF THE FIRST KIND. 


A separate type of number sometimes also called a “har- 
monic number” is a HARMONIC DIVISOR NUMBER (or 
ORE NUMBER). 


see also APERY’S CONSTANT, EULER SUM, HARMONIC 
LOGARITHM, HARMONIC SERIES, ORE NUMBER 
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Harmonic Progression 


see Harmonic Series 


Harmonic Range 
A B C D 


2 1 3 
A set of four COLLINEAR points A, B, C, and D ar- 
ranged such that 


AB:BC=2:1 
AD:DC=6:3. 


Hardy (1967) uses the term HARMONIC SYSTEM OF 
POINTS to refer to a harmonic range. 


see also EULER LINE, GERGONNE LINE, HARMONIC 
CONJUGATE POINTS, SODDY LINE 
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Harmonic Ratio 
see HARMONIC CONJUGATE POINTS 


Harmonic Segment 
see HARMONIC CONJUGATE POINTS 


Harmonic Series 
The SUM 


(1) 


la 


oo 
k=1 


is called the harmonic series. It can be shown to DI- 
VERGE using the INTEGRAL TEST by comparison with 
the function 1/x. The divergence, however, is very slow. 


In fact, the sum 
1 
— 2 
> ] > (2) 
P 


taken over all PRIMES also diverges. The generalization 
of the harmonic series 


¢(n) 


ea (3) 


is known as the RIEMANN ZETA FUNCTION. 


The sum of the first few terms of the harmonic series is 
given analytically by the nth HARMONIC NUMBER 


Hy = S05 = 7+ doln 1), (4) 


j=l 


where y is the EULER-MASCHERONI CONSTANT and 
W(x) = o(x) is the DIGAMMA FUNCTION. The number 
of terms needed to exceed 1, 2, 3, ... are 1, 4, 11, 31, 
83, 227, 616, 1674, 4550, 12367, 33617, 91380, 248397, 
_... (Sloane's A004080). Using the analytic form shows 
that after 2.5 x 10% terms, the sum is still less than 20. 
Furthermore, to achieve a sum greater than 100, more 
than 1.509 x 10% terms are needed! 


Progressions of the form 


1 1 1 


—, ———_, ———,... 5 
ar Qit+d al + 2d (5) 


are also sometimes called harmonic series (Beyer 1987). 
The modified harmonic series, given by the sum 

r= yl, (6) 
=a" 


1 


where px is the kth PRIME, diverges. 


see also ARITHMETIC SERIES, BERNOULLI'S PARADOX, 
BOOK STACKING PROBLEM, EULER SUM, ZIPF’S LAW 


Harnack’s Inequality 
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Harmonic System of Points 
see HARMONIC RANGE 


Harmonious Graph 

A connected LABELLED GRAPH with n EDGES in which 
all VERTICES can be labeled with distinct INTEGERS 
(mod n) so that the sums of the PAIRS of numbers at the 
ends of each EDGE are also distinct (mod n). The LAD- 
DER GRAPH, FAN, WHEEL GRAPH, PETERSEN GRAPH, 
TETRAHEDRAL GRAPH, DODECAHEDRAL GRAPH, and 
ICOSAHEDRAL GRAPH are all harmonious (Graham and 
Sloane 1980). 


see also GRACEFUL GRAPH, LABELLED GRAPH, 
POSTAGE STAMP PROBLEM, SEQUENTIAL GRAPH 
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Harnack’s Inequality 

Let D = D(z,R) be an OPEN DISK, and let u be a 
HARMONIC FUNCTION on D such that u(z) > 0 for all 
z € D. Then for all z € D, we have 


0 < u(z) < >) u(zo). 


see also LIOUVILLE'S CONFORMALITY THEOREM 
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Harnack’s Theorems 


Harnack’s Theorems 
Harnack’s first theorem states that a real irreducible 
curve of order n cannot have more than 


circuits (Coolidge 1959, p. 57). 


Harnack’s second theorem states that there exists a 
curve of every order with the maximum number of cir- 
cuits compatible with that order and with a certain num- 
ber of double points, provided that number is not per- 
missible for a curve of lower order (Coolidge 1959, p. 61). 
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Harshad Number 

A POSITIVE INTEGER which is DIVISIBLE by the sum of 
its DIGITS, also called a NIVEN NUMBER (Kennedy et 
al. 1980). The first few are 1, 2, 3, 4, 5, 6, 7, 8, 9, 10, 
12, 18, 20, 21, 24, ... (Sloane’s A005349). Grundman 
(1994) proved that there is no sequence of more than 
20 consecutive Harshad numbers, and found the small- 
est sequence of 20 consecutive Harshad numbers, each 
member of which has 44,363,342,786 digits. 


Grundman (1994) defined an n-Harshad (or n-Niven) 
number to be a POSITIVE INTEGER which is DIVISIBLE 
by the sum of its digits in base n > 2. Cai (1996) showed 
that for n = 2 or 3, there exists an infinite family of 
sequences of consecutive n-Harshad numbers of length 
2n. 
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Hart’s Inversor 


A linkage which draws the inverse of a given curve. It 
can also convert circular to linear motion. The rods 
satisfy AB = CD and BC = DA, and O, P, and P’ 
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remain COLLINEAR. Coxeter (1969, p. 428) shows that 
if AO = AB, then 


OP x OP' = p(1— (AD? — AB’). 


see also PEAUCELLIER INVERSOR 
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Hart’s Theorem 
Any one of the eight APOLLONIUS CIRCLES of three 
given CIRCLES is TANGENT to a CIRCLE C, as are the 
other three APOLLONIUS CIRCLES having (1) like con- 
tact with two of the given CIRCLES and (2) unlike con- 
tact with the third. 


see also APOLLONIUS CIRCLES 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 127-128, 1929. 


Hartley Transform 

An INTEGRAL TRANSFORM which shares some features 
with the FOURIER TRANSFORM, but which (in the dis- 
crete case), multiplies the KERNEL by 


s (=>) - sin (7) (1) 


instead of 


e7?rikn/N = 


os (=) - isin (72). (2) 


The Hartley transform produces REAL output for a 
REAL input, and is its own inverse. It therefore can have 
computational advantages over the DISCRETE FOURIER 
TRANSFORM, although analytic expressions are usually 
more complicated for the Hartley transform. 


The discrete version of the Hartley transform can be 
written explicitly as 


nl Fg Y en [om (22) ERE 
= RF e SFla], (4) 


where F denotes the FOURIER TRANSFORM. The Hart- 
ley transform obeys the CONVOLUTION property 


Hla * blk = 5 (Ak Br — A,B, + Ak Bk + Ar Br), (5) 


802 Hartley Transform 


where 
do = ao (6) 
Gn/2 = An/2 (7) 
Qk = An—k (8) . 


(Arndt). Like the FAST FOURIER TRANSFORM, there is 
a “fast” version of the Hartley transform. A decimation 
in time algorithm makes use of 


H! fa] ES Haja [a £ven] + AH ia (9) 
Hine [a] =Hnj2 [a] — XHnj2[a°“], (10) 


where Y denotes the sequence with elements 


An COS (>) — @, sin (=) (11) 


A decimation in frequency algorithm makes use of 


Ho [a] = Haz Ll fs rento, (12) 
Hn [a] = Hala aL (13) 


The DISCRETE FOURIER TRANSFORM 


N—1 
Az = Fla] = y A (14) 


m=O 


can be written 


N-1 ; 
Ax e ?2rikn/N 0 An 
el = ` | 0 ¿2 rikn/N An (15) 


n=O, j 


222144 1-1 ch 
a amama 
pa H 
1f1+i 1-i] Jan 
rie pa] bal (16) 
——— Ss 
T 
SO 
F = THT. (17) 


see also DISCRETE FOURIER TRANSFORM, FAST FOUR- 
IER TRANSFORM, FOURIER TRANSFORM 
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HashLife 

A LIFE ALGORITHM that achieves remarkable speed by 
storing subpatterns in a hash table, and using them to 
skip forward, sometimes thousands of generations at a 
time. HashLife takes tremendous amounts of memory 
and can’t show patterns at every step, but can quickly 
calculate the outcome of a pattern that takes millions of 
generations to complete. 


References 

Hensel, A. “A Brief Illustrated Glossary of Terms in Con- 
way’s Game of Life.” http://www.cs.jhu.edu/-callahan/ 
glossary.html. 


Hasse's Algorithm 
see COLLATZ PROBLEM 


Hasse’s Conjecture 

Define the ZETA FUNCTION of a VARIETY over a NUM- 
BER FIELD by taking the product over all PRIME IDEALS 
of the ZETA FUNCTIONS of this VARIETY reduced mod- 
ulo the PRIMES. Hasse conjectured that this product 
has a MEROMORPHIC continuation over the whole plane 
and a functional equation. 


References 
Lang, S. “Some History of the Shimura-Taniyama Conjec- 
ture.” Not. Amer. Math. Soc. 42, 1301-1307, 1995. 


Hasse-Davenport Relation 

Let F be a FINITE FIELD with g elements, and let F, 
be a FIELD containing F such that [F, : F] = s. Let x 
be a nontrivial MULTIPLICATIVE CHARACTER of F and 
x’ =x0Np,/r a character of F,. Then 


where g(x) is a GAUSSIAN SUM. 
see also GAUSSIAN SUM, MULTIPLICATIVE CHARACTER 


References 

Ireland, K. and Rosen, M. “A Proof of the Hasse-Davenport 
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Hasse Diagram 

A graphical rendering of a PARTIALLY ORDERED SET 
displayed via the COVER relation of the PARTIALLY OR- 
DERED SET with an implied upward orientation. A point 
is drawn for each element of the POSET, and line seg- 
ments are drawn between these points according to the 
following two rules: 


1. If x < y in the poset, then the point corresponding 
to x appears lower in the drawing than the point 
corresponding to y. 


2. The line segment between the points corresponding 
to any two elements x and y of the poset is included 
in the drawing IFF x covers y or y covers g. 


Hasse diagrams are also called UPWARD DRAWINGS. 


Hasse-Minkowski Theorem 


Hasse-Minkowski Theorem 

Two nonsingular forms are equivalent over the rationals 
IFF they have the same DETERMINANT and the same 
p-SIGNATURES for all p. 


Hasse Principle 

A collection of equations satisfies the Hasse principle if, 
whenever one of the equations has solutions in IR and 
all the Q,, then the equations have solutions in the RA- 
TIONALS Q. Examples include the set of equations 


ar + bay + cy” = 0 


with a, b, and c INTEGERS, and the set of equations 


for a rational. The trivial solution z = y = 0 is usu- 
ally not taken into account when deciding if a collec- 
tion of homogeneous equations satisfies the Hasse princi- 
ple. The Hasse principle is sometimes called the LOCAL- 
GLOBAL PRINCIPLE. 


see also LOCAL FIELD 


Hasse’s Resolution Modulus Theorem 

The JACOBI SYMBOL (a/y) = x(y) as a CHARACTER can 
be extended to the KRONECKER SYMBOL (f(a)/y) = 
x* (y) so that x*(y) = x(y) whenever x(y) 4 0. When 
y is RELATIVELY PRIME to f(a), then x*(y) Æ 0, 
and for NONZERO values x*(yi1) = x*(y2) IFF yı = 
yz mod* f(a). In addition, |f(a)| is the minimum value 
for which the latter congruence property holds in any 
extension symbol for x(y). 


see also CHARACTER (NUMBER THEORY), JACOBI SYM- 
BOL, KRONECKER SYMBOL 


References 
Cohn, H. Advanced Number Theory. New York: Dover, 
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Hat 


The hat is a caret-shaped symbol most commonly used 
to denote a UNIT VECTOR (Ŷ) or an ESTIMATOR (2). 


see also ESTIMATOR, UNIT VECTOR 


Haupt-Exponent 

The smallest exponent e for which b = 1 (mod p), 
where b and p are given numbers, is the haupt- 
exponent of b (mod p). The number of bases having 
a haupt-exponent e is p(e), where p(e) is the TOTIENT 
FUNCTION. Cunningham (1922) published the haupt- 
exponents for primes to 25409 and bases 2, 3, 5, 6, 7, 
10, 11, and 12. 


see also COMPLETE RESIDUE SYSTEM, RESIDUE INDEX 
References 


Cunningham, A. Haupt-Ezxponents, Residue Indices, Primi- 
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Hausdorff Axioms 
Describe subsets of elements z in a NEIGHBORHOOD SET 
E of x. The NEIGHBORHOOD is assumed to satisfy: 


1. There corresponds to each point x at least one 
NEIGHBORHOOD U(r), and each NEIGHBORHOOD 
U(x) contains the point zx. 


2. If U(x) and V(z) are two NEIGHBORHOODS of the 
same point x, there must exist a NEIGHBORHOOD 
W (zx) that is a subset of both. 


3. If the point y lies in U(x), there must exist a NEIGH- 
BORHOOD U(y) that is a SUBSET of U(x). 


4. For two different points x and y, there are two corre- 
sponding NEIGHBORHOODS U(x} and U(y) with no 
points in common. 


Hausdorft-Besicovitch Dimension 


see CAPACITY DIMENSION 


Hausdorff Dimension 

Let A be a SUBSET of a METRIC SPACE X. Then the 
Hausdorff dimension D(A) of A is the INFIMUM of d > 0 
such that the d-dimensional HAUSDORFF MEASURE of 
A is 0. Note that this need not be an INTEGER. 


In many cases, the Hausdorff dimension correctly de- 
scribes the correction term for a resonator with FRAC- 
TAL PERIMETER in Lorentz’s conjecture. However, in 
general, the proper dimension to use turns out to be the 
MINKOWSKI-BOULIGAND DIMENSION (Schroeder 1991). 


see also CAPACITY DIMENSION, FRACTAL DIMENSION, 
MINKOWSKI-BOULIGAND DIMENSION 
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Hausdorff Measure 

Let X be a METRIC SPACE, A be a SUBSET of X, and d 
a number > 0. The d-dimensional Hausdorff measure of 
A, H*(A), is the INFIMUM of POSITIVE numbers y such 
that for every r > 0, A can be covered by a countable 
family of closed sets, each of diameter less than r, such 
that the sum of the dth POWERS of their diameters is 
less than y. Note that H°(A) may be infinite, and d 
need not be an INTEGER. 


References 


Federer, H. Geometric Measure Theory. New York: 
Springer-Verlag, 1969. 
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Hausdorff Paradox 
For n > 3, there exist no additive finite and invariant 
measures for the group of displacements in R”. 


References 
Le Lionnais, F. Les nombres remarquables. Paris: Hermann, 


p. 49, 1983. 


Hausdorff Space 
A TOPOLOGICAL SPACE in which any two points have 
disjoint NEIGHBORHOODS. 


Haversine 


hav(z) = 35 vers(z) = ¿(1 — cos 2), 


where vers(z) is the VERSINE and cos is the COSINE. 
Using a trigonometric identity, the haversine is equal to 


hav(z) = sin*(1 z). 


see also COSINE, COVERSINE, EXSECANT, VERSINE 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
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Heads Minus Tails Distribution 

A fair COIN is tossed 2n times. Let D = |H — T| be 
the absolute difference in the number of heads and tails 
obtained. Then the probability distribution is given by 


ay {GG eo 
PO lnea) et 2 


where P(D = 2k — 1) = 0. The most probable value of 
D is D = 2, and the expectation value is 


see also BERNOULLI DISTRIBUTION, COIN, COIN Toss- 
ING 


References 

Handelsman, M. B. Solution to Problem 436, “Distribut- 
ing ‘Heads’ Minus ‘Tails.’” College Math. J. 22, 444-446, 
1991. 


Heap 

A SET of N members forms a heap if it satisfies a) ;/2) 2 
a; for 1 < |7/2| < j < N, where |z! is the FLOOR 
FUNCTION. 


see also HEAPSORT 


Heat Conduction Equation 


Heapsort 

An N lg N SORTING ALGORITHM which is not quite as 
fast as QUICKSORT. It is a “sort-in-place” algorithm 
and requires no auxiliary storage, which makes it par- 
ticularly concise and elegant to implement. 


see also QUICKSORT, SORTING 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vet- 
terling, W. T. “Heapsort.” §8.3 in Numerical Recipes 
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Heart Surface 


A heart-shaped surface given by the SEXTIC EQUATION 


(2z? + 2y? + 27 — 1)? — rz” yz =0. 


see also BONNE PROJECTION, PIRIFORM 


References 
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Heat Conduction Equation 
A diffusion equation of the form 


ƏT | 


Physically, the equation commonly arises in situations 
where k is the thermal diffusivity and T the tempera- 
ture. 


The 1-D heat conduction equation is 


OT O°T 
= K 


Ot Ax?’ 


(2) 
This can be solved by SEPARATION OF VARIABLES using 
T(az,t) = X(x)T (t). (3) 


Then 5 
dT d° X 
X — = KT 


dt dx? ~ (4) 


A 


Alignment tool, solar-powered 494 


Alkaline batteries 
400 watt 
1296 MHz 


vertical 


Capacitor comparator 

Capacity meter 

Car regulator, 
solid-state 

Car voltage regulator 


382 
155 
161 
164 
392 
281 


442 


Electronic gadgets 
Electronic load, adjustable 
ERF meter 


F 
Field strength meter 
Four-band mobile antenna 
Frequency counter 
meter 


Heat Conduction Equation 
Dividing both sides by KXT gives 


1dT _ 1d4Xx 1 7 

RT dt T X de® TTE’ ©) 

where each side must be equal to a constant. Antic- 

ipating the exponential solution in T, we have picked 

a negative separation constant so that the solution re- 

mains finite at all times and A has units of length. The 
T' solution is 


T(t) = Ae”, (6) 


and the X solution is 
X(x) = C cos (5) + Dsin a (7) 
A A 
The general solution is then 


T(a,t) = T(t)X (a) 


zde ~ [C cos (=) + Dsin (Z) 
SEUN |D cos (=) + Esin (=)| . 


If we are given the boundary conditions 


T(0,t) =0 (9) 
and 
T(L,t) =0, (10) 
then applying (9) to (8) gives 
D cos (5) =0> D=0, (11) 


and applying (10) to (8) gives 


L L L 
E = == aro 12 
sin (5) Sy nT=>A aoe (12) 
so (8) becomes 
Talt t) = Pae Sen in (=) (13) 


Since the general solution can have any n, 


= e Cn sin (=) a Sey (14) 
n=i 


Now, if we are given an initial condition T(z, 0), we have 


T(x, 0) e 


sin (+) . (15) 
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Multiplying both sides by sin(mrx/L) and integrating 
from 0 to L gives 


L œ 
= J X Ga sin (2) sin (=) dx. (16) 
Using the ORTHOGONALITY of sin(nz) and sin(mz), 
Z j NTE MTE < 
Ye] sin (=) sin (7) dz = 2, 3"WómnCn 


n=1 0 
i MTE 
-n =| sin (=) T(x,0)dx, (17) 
0 


mz) T(x,0) dz. (18) 


If the boundary conditions are replaced by the require- 
ment that the derivative of the temperature be zero at 
the edges, then (9) and (10) are replaced by 


OT 
— = 19 
las (19) 
OT 
ERA = 20 
Ox | (1,1) a 


Following the same procedure as before, a similar answer 
is found, but with sine replaced by cosine: 


er cos (=) ana (21) 


T(zx,t) 


where 


Cc — 
0 


Heat Conduction Equation—Disk 
To solve the HEAT CONDUCTION EQUATION on a 2-D 
disk of radius R = 1, try to separate the equation using 


dz. (22) 


t=0 


e (==) OT (z, 0) 
L Ox 


T(r, 0,t) = R(MNO(AT(+t). (1) 


Writing the @ and r terms of the LAPLACIAN in SPHER- 
ICAL COORDINATES gives 


œR 2dR 1d0 
Y fe a 2 
dy? o r2 d0?’ (2) 
so the HEAT CONDUCTION EQUATION becomes 
RO@T dR 2dR 1 O 
— OT + -—-0T + —— RT. 3 
k d? dr A r dr r? d8? n (3) 
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Multiplying through by r*/ROT gives 


FarT_rdr, _2rdR de 1 (4) 
KT d? R dr? R dr dé? O 
The 8 term can be separated. 
la (5) 
d0? © i 


which has a solution 


©(@) = Acos | n(n + 1) 6) + Bsin [Vain +10] l 
(6) 


The remaining portion becomes 


EE ay A ia (7) 

KT d? Rdr Rdr l 

Dividing by r° gives 
14T_1PR, 2dR_ n+l) 1 iy 
KT d? Rdr rRdr po YD? 


where a NEGATIVE separation constant has been chosen 
so that the t portion remains finite 


T(t) = Ce. (9) 
The radial portion then becomes 


1R 2dR n(n+1) 1 
e p tT’ (0) 


E T D R=0, (11) 


which is the SPHERICAL BESSEL DIFFERENTIAL EQUA- 
TION. If the initial temperature is T(r,0) = 0 and the 
boundary condition is T(1, t) = 1, the solution is 


Jol An T ean 24 
T(r, t) yaa eee (12) 


where a,, is the nth POSITIVE zero of the BESSEL FUNC- 
TION OF THE FIRST KIND Jp. 


Heaviside Calculus 
A method of solving differential equations using FOUR- 
IER TRANSFORMS and LAPLACE TRANSFORMS. 


see also FOURIER TRANSFORM, LAPLACE TRANSFORM 


Heaviside Step Function 


Heaviside Step Function 


-1 -0.5 0.5 
A discontinuous “step” function, also called the UNIT 
STEP, and defined by 


0 gz<0 
H(x)=4 3 z=0 (1) 
i «> 0. 


It is related to the BOXCAR FUNCTION. The DERIVA- 
TIVE is given by 


d 
Z H(z) = 4(2), (2) 


where 6(z) is the DELTA FUNCTION, and the step func- 
tion is related to the RAMP FUNCTION R(z) by 
£ R(2) = -H (2) (3) 
dx 7 


Bracewell (1965) gives many identities, some of which 
include the following. Letting * denote the CONVOLU- 


TION, 
jay s fe (4) 


A(T) * H(T) = / H(u)H(T — u) du (5) 


H(z) * f(x 


= H(0) IN H(T — u) du 
= H(0)H(T) f i du=TH(T). (6) 


Additional identities are 


H(z) xz>y 


H(2)H (y) = Eo T<yY 


The step function obeys the integral identities 


b b 
f uns du = (a0) f fu) du (9) 


a 


b ul 
J Hu ~ w)f(u) du = Hua) | flu) du (10) 


a 


Heawood Conjecture 
b 
J H(u — uo)H (u; — u) f (u) du 


=H(u)éH(a) | fdu (11) 


The Heaviside step function can be defined by the fol- 
lowing limits, 


A AA 
= 2 lim erfe(—¢) (13) 
y lim j tte t/t du (14) 

Tt], 
=3+2limsi(2) | (15) 


i—>0 


= im f t~* sinc (=) du (16) 
t-+0 as t 


(l-e7/*) æ>0 
L(1-e* z<0 


x 1 
= im fe A (25 dz, (18) 


where A is the one-argument TRIANGLE FUNCTION and 
si(x) is the SINE INTEGRAL. 


(17) 


The FOURIER TRANSFORM of the Heaviside step func- 
tion is given by 


oo 


FIH(2)| = ] ¿2 7ik2 (q) de = > s(x) = = 


—00 


where 6(k) is the DELTA FUNCTION. 


see also BOXCAR FUNCTION, DELTA FUNCTION, FOUR- 
IER TRANSFORM— HEAVISIDE STEP FUNCTION, RAMP 
FUNCTION, RAMP FUNCTION, RECTANGLE FUNCTION, 
SQUARE WAVE 
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Heawood Conjecture 
The bound for the number of colors which are SUFFI- 
CIENT for MAP COLORING on a surface of GENUS g, 


x(9) = | (7+ /289+1)| 


is the best possible, where |x| is the FLOOR FUNCTION. 
x(g) is called the CHROMATIC NUMBER, and the first 
few values for g = 0,1,... are 4, 7, 8, 9, 10, 11, 12, 12, 
13, 13, 14, ... (Sloane’s A000934). 
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The fact that x(g) is also NECESSARY was proved by 
Ringel and Youngs (1968) with two exceptions: the 
SPHERE (PLANE), and the KLEIN BOTTLE (for which 
the Heawood FORMULA gives seven, but the correct 
bound is six). When the FOUR-COLOR THEOREM was 
proved in 1976, the KLEIN BOTTLE was left as the only 


exception. The four most difficult cases to prove were 


g = 59, 83, 158, and 257. 
see also CHROMATIC NUMBER, FOUR-COLOR THEO- 
REM, MAP COLORING, SIX-COLOR THEOREM, TORUS 
COLORING | 
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Hebesphenomegacorona 
see JOHNSON SOLID 


Hecke Algebra 

An associative RING, also called a HECKE RING, which 
has a technical definition in terms of commensurable 
SUBGROUPS. 


Hecke £-Function 
A generalization of the EULER £-FUNCTION associated 
with a GROSSENCHARACTER. 


References 
Knapp, A. W. “Group Representations and Harmonic Anal- 
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Hecke Operator 
A family of operators on each SPACE of MODULAR 
FORMS. Hecke operators COMMUTE with each other. 


Hecke Ring 
see HECKE ALGEBRA 


Hectogon 
A 100-sided POLYGON. 


Hedgehog 
An envelope parameterized by its GAUSS MAP. The 
parametric equations for a hedgehog are 


x = p(6) cos 8 + p'(0) sind 
y = pl) sin 8 + p (8) cos6. 


A plane convex hedgehog has at least four VERTICES 
where the CURVATURE has a stationary value. A plane 
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convex hedgehog of constant width has at least six VER- 
TICES (Martinez-Maure 1996). 
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Heegaard Diagram 

A diagram expressing how the gluing operation that 
connects the HANDLEBODIES involved in a HEEGAARD 
SPLITTING proceeds, usually by showing how the merid- 
ians of the HANDLEBODY are mapped. 


see also HANDLEBODY, HEEGAARD SPLITTING 
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Heegaard Splitting 

A Heegaard splitting of a connected orientable 3- 
MANIFOLD M is any way of expressing M as the 
UNION of two (3,1)-HANDLEBODIES along their bound- 
aries. The boundary of such a (3,1)-HANDLEBODY is an 
orientable SURFACE of some GENUS, which determines 
the number of HANDLES in the (3,1)-HANDLEBODIES. 
Therefore, the HANDLEBODIES involved in a Heegaard 
splitting are the same, but they may be glued together 
in a strange way along their boundary. A diagram show- 
ing how the gluing is done is known as a HEEGAARD 
DIAGRAM. 
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Heegner Number 

The values of —d for which QUADRATIC FIELDS 
Q(/—d) are uniquely factorable into factors of the form 
a+b /-d. Here, a and b are halfintegers, except 
for d = 1 and 2, in which case they are INTEGERS. 
The Heegner numbers therefore correspond to DISCRIM- 
INANTS —d which have CLASS NUMBER h(—d) equal to 
1, except for Heegner numbers —1 and —2, which corre- 
spond to d = —4 and —8, respectively. 


The determination of these numbers is called GAUSS’S 
CLASS NUMBER PROBLEM, and it is now known that 
there are only nine Heegner numbers: —1, —2, —3, —7, 
—11, —19, —43, —67, and —163 (Sloane’s A003173), cor- 
responding to discriminants —4, —8, —3, —7, —11, —19, 
—43, —67, and —163, respectively. 


Heilbronn and Linfoot (1934) showed that if a larger d 
existed, it must be > 10°. Heegner (1952) published a 
proof that only nine such numbers exist, but his proof 
was not accepted as complete at the time. Subsequent 


Height 


examination of Heegner’s proof show it to be “essen- 
tially” correct (Conway and Guy 1996). 


The Heegner numbers have a number of fascinating 
connections with amazing results in PRIME NUMBER 
theory. In particular, the 7-FUNCTION provides stun- 
ning connections between e, 7, and the ALGEBRAIC 
INTEGERS. They also explain why Euler’s PRIME- 
GENERATING POLYNOMIAL n° —n +41 is so surprisingly 
good at producing PRIMES. 


see also CLASS NUMBER, DISCRIMINANT (BINARY 
QUADRATIC FORM), GAuss’s CLASS NUMBER PROB- 
LEM, 7-Function, PRIME-GENERATING POLYNOMIAL, 
QUADRATIC FIELD 
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Heesch Number 

The Heesch number of a closed plane figure is the max- 
imum number of times that figure can be completely 
surrounded by copies of itself. The determination of the 
maximum possible (finite) Heesch number is known as 
HEESCH’S PROBLEM. The Heesch number of a TRIAN- 
GLE, QUADRILATERAL, regular HEXAGON, or any other 
shape that can TILE or TESSELLATE the plane, is in- 
finity. Conversely, any shape with infinite Heesch num- 
ber must tile the plane (Eppstein). The largest known 
(finite) Heesch number is 3, and corresponds to a tile 
invented by R. Ammann (Senechal 1995). 
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Heesch’s Problem 
How many times can a shape be completely surrounded 


by copies of itself without being able to TILE the en- 
tire plane, i.e., what is the maximum (finite) HEESCH 
NUMBER? 
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Height 


The vertical length of an object from top to bottom. 


see also LENGTH (SIZE), WIDTH (SIZE) 


Heilbronn Triangle Problem 


Heilbronn Triangle Problem 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Given any arrangement of n points within a UNIT 
SQUARE, let Hn be the smallest value for which there is 
at least one TRIANGLE formed from three of the points 
with AREA < H,,. The first few values are 


Ha = 


al 


(le bir Bole 


T 
IV Iv IV |l 
= Nj- sl Eje le 
bho 
| 
= 


ROVT- 11) 


T 
IV 


His > 0.020 
Hig > 0.0175. 


Komlós et al. (1981, 1982) have shown that there are 
constants c such that 


clnn C 
n8/7 — e’ 


for any € > 0 and all sufficiently large n. 


Using an EQUILATERAL TRIANGLE of unit AREA instead 
gives the constants 


h3 = 1 
ha =} 
hs = 3 — 242 
he =1 
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Heine-Borel Theorem 

If a CLOSED SET of points on a line can be covered by a 
set of intervals so that every point of the set is an interior 
point of at least one of the intervals, then there exist a 
finite number of intervals with the covering property. 


Heine Hypergeometric Series 


= (0134 n(Q2;q)n ---(Ar;G)n n 
>? ane (Bard (Bd (1) 


where 


(a; Jn = (1 — a)(1 — ag (1 — ag?) --- (1 — ag” *), (2) 
(a; q)o = 1. (3) 


In particular, 


2W1(a,b;c;q,2) = y E (4) 


(Andrews 1986, p. 10). Heine proved the transformation 
formula 


(b; 9)oo(az; q) oo ; 


1 , a, ; , 5), 
Cease 


(5) 


291 (a,b; c; q, z) = 
and Rogers (1893) obtained the formulas 


291(4, b; c; q, z) 
_ (c/b; q)oo(b2; 9)oo 
(z; Qoo(c; 9)oo 
201(a,b,c;q,2) 
= (abz/c; q) (2; 9) 00291 [c/a,c/b;c; q,abz/c) (7) 


261(b, abz/c; bz;q,c/b) (6) 


(Andrews 1986, pp. 10-11). 
see also q-SERIES 
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Heisenberg Group 

The Heisenberg group H” in n COMPLEX variables is 
the GROUP of all (z,t) with z € C” and t € R having 
multiplication 


(w, t)(z,t’) = (w+2,t+t + Sw” z)) 


where w is the conjugate transpose. The Heisenberg 


group is ISOMORPHIC to the group of MATRICES 


1 z" ijz? + 
0 1 z : 
0 0 1 


and satisfies 
(2,1)? = (—z, -t). 


Every finite-dimensional unitary representation is trivial 
on Z and therefore factors to a REPRESENTATION of the 
quotient C”. 


see also NIL GEOMETRY 
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Heisenberg Space 
The boundary of COMPLEX HYPERBOLIC 2-SPACE. 


see also HYPERBOLIC SPACE 
Held Group 

The SPORADIC GROUP He. 
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Helen of Geometers 


see CYCLOID 


Helicoid 


The MINIMAL SURFACE having a HELIX as its bound- 
ary. It is the only RULED MINIMAL SURFACE other than 
the PLANE (Catalan 1842, do Carmo 1986). For many 
years, the helicoid remained the only known example of 
a complete embedded MINIMAL SURFACE of finite topol- 
ogy with infinite CURVATURE. However, in 1992 a sec- 
ond example, known as HOFFMAN’S MINIMAL SURFACE 
and consisting of a helicoid with a HOLE, was discovered 
(Sci. News 1992). 


Helicoid 


The equation of a helicoid in CYLINDRICAL COORDI- 
NATES is 
z=cé. (1) 


In CARTESIAN COORDINATES, it is 


Y tan (=) (2) 


£ C 


It can be given in parametric form by 


£ = U COSV (3) 
y = usinv (4) 
z= ču, (5) 


which has an obvious generalization to the ELLIPTIC 
HELICOID. The differentials are 


dx = cos v du — usin v du (6) 
dy = sin v du + u cos v du (7) 
dz = 2cu dy, (8) 


so the LINE ELEMENT on the surface is 


ds? = dz? + dy? + dz? 
= cos? v du? — 2u sin v cos v du du + u’ sin? v dv? 


. 2 2 . 2 2 2 
+ sin“ vdu” + 2u sin v cos v du du + ul cos” udu 


+ 4c*u* du? 
= (1+ 4c?u?) du? + u? du”, (9) 
and the METRIC components are 
Juu = 1 + 4u? (10) 
Juv = 0 (11) 
Juv =U’. (12) 


From GAuss's THEOREMA EGREGIUM, the GAUSSIAN 
CURVATURE is then 


2 
K= Ar (13) 
The MEAN CURVATURE is 
H =0, (14) 
and the equation for the LINES OF CURVATURE is 
u = +csinh(v — k). | (15) 


A y ba, 
UA 


oa 
Athy 
srt sa E 


Helix 


The helicoid can be continuously deformed into a 
CATENOID by the transformation 


z(u, v) =cosasinhusinu+sinacoshucosu (16) 
y(u, v) = — cosa sinh v cos u + sin a cosh v sin u (17) 


z(u,v) = ucosa + usina, (18) 


where a = 0 corresponds to a helicoid and a = 7/2 to 
a CATENOID. 


If a twisted curve C (i.e., one with TORSION + Æ 0) 
rotates about a fixed axis A and, at the same time, is 
displaced parallel to A such that the speed of displace- 
ment is always proportional to the angular velocity of 
rotation, then C generates a GENERALIZED HELICOID. 


see also CALCULUS OF VARIATIONS, CATENOID, ELLIP- 
TIC HELICOID, GENERALIZED HELICOID, HELIX, HOFF- 
MAN’S MINIMAL SURFACE, MINIMAL SURFACE 
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Helix 


A helix is also called a CURVE OF CONSTANT SLOPE. 
It can be defined as a curve for which the TANGENT 


Helix 811 


makes a constant ANGLE with a fixed line. The helix is 
a SPACE CURVE with parametric equations 


xz=rcost (1) 
y=rsint (2) 
DC, (3) 


where c is a constant. The CURVATURE of the helix is 


given by 
r 


r? pe’ 


(4) 


and the Locus of the centers of CURVATURE of a helix 
is another helix. The ARC LENGTH is given by 


s= | tapy deyr pe. (5) 


The TORSION of a helix is given by 


—rsint —rceost r sin t 
rcost —rsint —rceost 
c 0 0 


== 66) 


SO 


a ERE das 
1 HS (7) 


which is a constant. In fact, LANCRET'S THEOREM 
states that a NECESSARY and SUFFICIENT condition for 
a curve to be a helix is that the ratio of CURVATURE to 
TORSION be constant. The OSCULATING PLANE of the 
helix is given by 


zi —rcost za —rsint z3 -— ct 
—r sint r cost c =0 (8) 
—r cost —r sint 0 

zicsint — zaccost + (23 — ct)r = 0. (9) 


The MINIMAL SURFACE of a helix is a HELICOID. 


see also GENERALIZED HELIX, HELICOID, SPHERICAL 
HELIX 
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Helly Number 


Given a Euclidean n-space, 
A, =n+l. 


see also EUCLIDEAN SPACE, HELLY’S THEOREM 


Helly?s Theorem 

If F is a family of more than n bounded closed convex 
sets in Euclidean n-space R”, and if every Hn (where 
H., is the HELLY NUMBER) members of F have at least 
one point in common, then all the members of F' have 
at least one point in common. 


see also CARATHEODORY’S FUNDAMENTAL THEOREM, 
HELLY NUMBER 


Helmholtz Differential Equation 
A PARTIAL DIFFERENTIAL EQUATION which can be 
written in a SCALAR version 


V iy +k%4Y =0, (1) 
or VECTOR form, 
VA +Kk%A=0, (2) 


where V? is the LAPLACIAN. When k = 0, the 
Helmholtz differential equation reduces to LAPLACE’S 
EQUATION. When k* < 0, the equation becomes the 
space part of the diffusion equation. 


The Helmholtz differential equation can be solved by 
SEPARATION OF VARIABLES in only 11 coordinate sys- 
tems, 10 of which (with the exception of CONFOCAL 
PARABOLOIDAL COORDINATES) are particular cases of 
the CONFOCAL ELLIPSOIDAL system: CARTESIAN, CON- 
FOCAL ELLIPSOIDAL, CONFOCAL PARABOLOIDAL, CON- 
ICAL, CYLINDRICAL, ELLIPTIC CYLINDRICAL, OBLATE 
SPHEROIDAL, PARABOLOIDAL, PARABOLIC CYLINDRI- 
CAL, PROLATE SPHEROIDAL, and SPHERICAL COORDI- 
NATES (Eisenhart 1934). LAPLACE’S EQUATION (the 
Helmholtz differential equation with k = 0) is separa- 
ble in the two additional BISPHERICAL COORDINATES 
and TOROIDAL COORDINATES. 


If Helmholtz’s equation is separable in a 3-D coordinate 


system, then Morse and Feshbach (1953, pp. 509-510) 
show that 
hih2h3 
hi” 
where 1 Æ 7 % n. The LAPLACIAN is therefore of the 
form 


= falUn)gn(us, uj), (3) 


y? = E [or(uz us) [re] 


hih2h3 
ð 
+92(ti us) 3 [fua] 


+9s(ur, ua) 3 fous) ¿| ) i 
(4) 


Helmholtz Diferential Equation 


which simplifies to 


T E T 
7 hi fi Our EX A 
1 8 ə 
ha? fa Oua BORA 
1 ə 9 
ETT fou) | (5) 


Such a coordinate system obeys the ROBERTSON CON- 
DITION, which means that the STACKEL DETERMINANT 
is of the form 


g= hihzhs (6) 
fi(ur) fe(u2) fa (us) 

Coordinate System Variables Solution Functions 

Cartesian X(2)Y (y)Z(2) exponential, circular, 
hyperbolic 

circular cylindrical R(r)O(@)Z(z) Bessel, exponential, 
circular 

conical ellipsoidal harmonics, 
power 

ellipsoidal A(A)M(p)N(v) ellipsoidal harmonics 

elliptic cylindrical U(u)V(v)Z(2) Mathieu, circular 


A(A)M(u)N(v) Legendre, circular 
Bessel, circular 


oblate spheroidal 

parabolic 

parabolic cylindrical Parabolic cylinder, 
Bessel, circular 

U(u)V(v)0(0) Baer functions, circular 

A(A)M(p)N(v) Legendre, circular 

R(rjO0(0)9(9) Legendre, power, 


paraboloidal 
prolate spheroidal 
spherical 

circular 


see also LAPLACE’S EQUATION, POISSON’S EQUATION, 
SEPARATION OF VARIABLES, SPHERICAL BESSEL DIF- 
FERENTIAL EQUATION 
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Helmholtz Differential Equation—Bipolar 
Coordinates 

In BIPOLAR COORDINATES, the HELMHOLTZ DIFFER- 
ENTIAL EQUATION is not separable, but LAPLACE’S 
EQUATION is. 

see also LAPLACE’S EQUATION—BIPOLAR COORDI- 
NATES 


Helmholtz Differential Equation—Cartesian 


Coordinates 
In 2-D CARTESIAN COORDINATES, attempt SEPARA- 
TION OF VARIABLES by writing 


F(x,y) = X(2)Y (y), (1) 


Helmholtz Differential Equation 


then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 
d X 
dx? 
Dividing both sides by XY gives 


ry + Sx + XY =0, (2) 


2 
+5 +k =0. (3) 


This leads to the two coupled ordinary differential equa- 
tions with a separation constant m?, 


1 X a 

a 4) 
1 Y 

>z = (m +k’), (5) 
Y dy 


where X and Y could be interchanged depending on the 
boundary conditions. These have solutions 


X=Ame + Bme "7 (6) 
Y eV" da E O a v menta 
= Em sin( ym? + k? y) + Fm cos( y m? + k? y). 
(7) 


The general solution is then 


x [Es sin(y/m? + k? y) + Fm cos( y m? + k? y)]. (8) 


In 3-D CARTESIAN COORDINATES, attempt SEPARA- 
TION OF VARIABLES by writing 


F(z,y,z) = X(2)Y(y)Z(2), (9) 


then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 


X d’ Y d*Z 
dx? dy? dz? 


=0. (10) 


Dividing both sides by XY Z gives 


14Z 


1 X  1d*Y 1d4zZ 
Z dz? 


2 _ 
X de? TY dy +k*=0. (11) 


This leads to the three coupled differential equations 


Lia xX 3 
a v2) 
1 d*Y 5 
Y dy? pa 
2 
Z 
ae —(k* +1? +m’), (14) 
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where X, Y, and Z could be permuted depending on 
boundary conditions. The general solution is therefore 


F(x,y, z) 
= Y Y (Miet + Be®)(Ome™ + De") 
i=1 m=1 
k2+124m2 z + Fime’ ii Y (15) 
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Helmholtz Differential Equation—Circular 
Cylindrical Coordinates 

In CYLINDRICAL COORDINATES, the SCALE FACTORS 
are hy = 1, hg =r, hz = 1 and the separation functions 
are fi(r) =r, fa(0) = 1, f3(z) = 1, so the STACKEL DE- 
TERMINANT is 1. Attempt SEPARATION OF VARIABLES 
by writing 


F(r,0,z) = R(r)O(6)Z(z), (1) 
then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 

ËR l dR 1 O ËZ 


@Z+—-—0Z4+ RZ? 


2 
ra ae 72 doa T22 —— RO+k*ROZ = 0. 


(2) 


Now divide by ROZ, 


PËR  rdk\ O1 PZ, 
R dr? Rdr d? © dz? Z 
so the equation has been separated. Since the solution 
must be periodic in O from the definition of the circular 


cylindrical coordinate system, the solution to the second 
part of (3) must have a NEGATIVE separation constant 


k? =0, (3) 


de 1 
d8? e = — (k? +m’), (4) 


which has a solution 


OO) aces VE pae Verme. (5) 


Plugging (5) back into (3) gives 


TËR rdaR_ 2 Zr _ (6) 
Rdr? Rdr dz Z 
1 ËR 1dR m? dZ1 
Ra tra mtaz? N 


The solution to the second part of (7) must not be sinu- 
soidal at +00 for a physical solution, so the differential 
equation has a POSITIVE separation constant 


ď Z 1 3 


ea 8 
dz? Z m, (8) 
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and the solution is 
Z(z) = Ene ”* + Fre”. (9) 


Plugging (9) back into (7) and multiplying through by 
R yields 


dR 1dkR > m E 
1 d’R 1 1dR m? 
n? dr? ' (nr)n dr E a cer ty) 
d’R 1 dR m 
A ees io eS A = Û. 2 
d(nr)? (nr) d(nr) E ad á a 


This is the BESSEL DIFFERENTIAL EQUATION, which 
has a solution 


R(r) = AmnJm(nr) + BmnYmí(nr), (13) 


where Jn(x) and Y„ (z) are BESSEL FUNCTIONS OF THE 
FIRST and SECOND KINDS, respectively. The general 
solution is therefore 


F(r,0, z) 


fe x Ser + BmnYm(nr)] 


m=0 n=0 
ee Ve Tm + Dme Y RA ne O 
(14) 


Actually, the HELMHOLTZ DIFFERENTIAL EQUATION is 
separable for general k of the form 


g(0) 


k?(r,0,z) = f(r) + 22" +h(z) +k”. (15) 


see also CYLINDRICAL COORDINATES, HELMHOLTZ DIF- 
FERENTIAL EQUATION 
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Helmholtz Differential Equation—Confocal 
Ellipsoidal Coordinates 

Using the NOTATION of Byerly (1959, pp. 252-253), La- 
PLACE’S EQUATION can be reduced to 


Helmholtz Differential Equation 


where 
[ dd 
A = Ee — 
e y (A=)? — c?) 
ap a ES 
a) F (sin (5) (2) 
H 
B=c pe 
py (e? — 2) (pu? — b?) 
¡E 
=F|y1-b-e, sin”? a i (3) 


-r (baa (8) a 


A= cdc (a, >) (5) 
p= ona (8 (6-2) (6) 
v = bsn (72) (7) 


Equation (1) is not separable using a function of the 


form 
F = L(a)M(8)N(y), (8) 


but it is if we let 


1 d?L 
AS (9) 
1 M 
Mage = PH (10) 
1 œN 
Wat = 2c". (11) 
These give 
ag = —bo = Co (12) 
a2 = —ba = C2, (13) 


and all others terms vanish. Therefore (1) can be broken 
up into the equations 


2 
L 
= = (ao + a2d*)L (14) 
d’ M 
era = —(a0 + azu” )M (15) 
2 
C ata N. (16) 


dy 


Keycoder 1 208 Receivers 171 
Klystrons 470 five band 179 
satellite tv 192 
L simple 172 
Lead acid batteries 382 Regulators 1 
Line noise suppressor 485 three terminal 50 
Logic probe, audible 126 Resistance bridge 88 
Loop antenna 308 Ax and Cx substitution boxes 86 
N S 
Mini-counter 425 Semiconductor test gadget 106 
Mount, magnetic 339 Signal generator 120 
Multiband ground plane 331 trader 124 
Storage batteries 380 
N Synthesizer, two-meter 250 
Nicad batteries 360 
Nicad charger, regulated 373 T 
Nicad conditioner 363 Test equipment, general 75 
special 119 
0 Thermostat, automatic 388 
Ohmmeter 80 Touchtone' generator 482 
meteriess 76 Touch-tune 409 
Overvoltage Transceivers 207 
protection circuit 420 miniature 224 
Transformers 464 
p Transmitters as 
, fast scan atv 
Aida o 422 Transistor tester 103 
Phone patch 264 
Power supplies 1 audible 10e 
; 7 Teme 
ri arger 
ay voktage 5 bi TR system 488 
TV games 453 
heavy duty 21 teed unt 429 
inexpensive 46 a 
low voltage 28 Two-meter beam 319 
synthesizer 250 
reguiated 11 whi 
tester 131 ip 312 
12 volt 6 y 
0 2 Vf notch filter 414 
versatile 41 Misal aieiai 414 
Preamp, bargain i7 eee res 
general purpose 156 Voltage regulator, 723 57 
VOM, audible 83 
n design 84 
QRP rig, allband 242 wW 
easy 235 Wattmeter, ac 97 
vest pocket 223 ff 99 
transmatch 343 Z 
quad, monster 325 Zener dassifier 108 


498 Edited by Roland Phelps 
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For future convenience, now write 


ao = —(b? + )p (17) 
az = m(m + 1), (18) 
then 
a —[m(m+1)” - (è +c*)p]L=0 (19) 
i + [m(m+ lu? — (b° +e*)p]M=0 (20) 
A - [m(m + 1)x? — (b? + c )p)N = 0. (21) 


Now replace a, ĝ, and y to obtain 


d*L dL 
2 2 2 2 2 2 2 2 
—[m(m + 1)d? — (b +c*)pjL=0 (22) 
; dM 
CAC du? + p(w? Hp ae 


dv 
—[m(m + 1)v? — (b? + c?)p]N =0. (24) 


Each of these is a LAME’S DIFFERENTIAL EQUATION, 
whose solution is called an ELLIPSOIDAL HARMONIC. 
Writing 


L(A) = ER (A) (25) 
M(A) = En. (H) (26) 
N(A) = Em(v) (27) 


gives the solution to (1) as a product of ELLIPSOIDAL 
HARMONICS El, (x). 


F = En(YEm(1) Em!(v)- (28) 
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Helmholtz Differential Equation—Confocal 


Paraboloidal Coordinates 

As shown by Morse and Feshbach (1953), the 
HELMHOLTZ DIFFERENTIAL EQUATION is separable in 
CONFOCAL PARABOLOIDAL COORDINATES. 


see also CONFOCAL PARABOLOIDAL COORDINATES 
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Helmholtz Differential Equation—Conical 
Coordinates 

In CONICAL COORDINATES, LAPLACE’S EQUATION can 
be written 


PV ƏV 2 28 (,20V\ _ 
Bat taa) =O O 
where 
pe 
des J AA (2) 
a EEN) 
” d 
al -r (3) 
o Va — v?)(b? — v?) 
(Byerly 1959). Letting 
V = U(u)R(r) (4) 
breaks (1) into the two equations, 
d f> iR) _ 
= (P=) =m(m+)R (5) 
ou OU id *_vp*)U =0 (6) 
ða ' ap? j aie 
Solving these gives 
R(r) = Ar” + Bro"? (7) 
U(u) = Em(M)Em(v), (8) 


where E?, are ELLIPSOIDAL HARMONICS. The regular 
solution is therefore 


V = Ar” Ex, (uw) Em (Vv). (9) 


However, because of the cylindrical symmetry, the so- 
lution Ef, (u)E?, (v) is an mth degree SPHERICAL HAR- 
MONIC. 
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Helmholtz Differential Equation—Elliptic 


Cylindrical Coordinates 
In ELLIPTIC CYLINDRICAL COORDINATES, the SCALE 


FACTORS are hy = hy = avy sinh? u + sin? v, ha = 1, 
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and the separation functions are fi(u) = fe(v) = 
fs(z) = 1, giving a STACKEL DETERMINANT of S = 
a’ (sin? v +sinh? u). The Helmholtz differential equation 
is 


1 OF OF OF 
(Fat Sa) + Ge th =o 


a?(sinh? u + sin? v) \ Ou? ðv? Oz? 
Attempt SEPARATION OF VARIABLES by writing 
F(u,v,z) = U(u)V(v)Z(2), (2) 


then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 


Z dU div 
sinh? u + sin? v (v du? an dv? 


dz A 
PUV +k*UVZ=0. (3) 


Now divide by UV Z to give 


1 1dU ,1dV 
sinh? u + sin? v AU du? V dv? 
LEZ aag 
+3 Ta + 0. (4) 
Separating the Z part, 
IZ ea 
Fade —(k + m2) (5) 
2 2 
1 1U eV Yd (6) 
sinh? u + sin? v A U du? V dv? i 
SO P 
VA 
a —(k* + m’)Z, (7) 


which has the solution 


Z(z) = Acos(y k? + m? 


Rewriting (6) gives 


a 2 
tz U - m? sink?) + (s - m? sin? v) = 0, 


z)+ Bsin(y k? + m? z). (8) 


U du? V du 
(9) 
which can be separated into 
140 n? inh? u = (10) 
g gur ™§ wg 
1V 2.2 
typa e sin =U: (11) 
SO a 
d*U 
a” (c+m*sinh*u)JU=0 | (12) 
dv 
ay + (c—m' sin? v)V = 0. (13) 
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Now use 
sinh? u = 5[1 — cosh(2u)| (14) 
sin? y = 5[1 — cos(2v)] (15) 
to obtain 
2 
a — {c+ 1m*[1 — cosh(2u)]}U =0 (16) 
u 
2 
a Y + {e+im?’[- cos(2)]}V =0. (17) 


Regrouping gives 
d'U 
du? 
av 
dv? 
EE ee = 

Let b = 5m” +c and q = 


- [(c+ jm?) - }m?2cosh(2u)]U =0 (18) 


+ (c+ im”) — im”2 cos(2v)|V = 0. (19) 


+m”, then these become 


2 
<= — [b — 2q cosh(2u)]U = 0 (20) 
PV 

qo? + [b — 2qcos(2v)|V = 0. (21) 


Here, (21) is the MATHIEU DIFFERENTIAL EQUA- 
TION and (20) is the modified MATHIEU DIFFERENTIAL 
EQUATION. These solutions are known as MATHIEU 
FUNCTIONS. 


see also ELLIPTIC CYLINDRICAL COORDINATES, MATH- 
IEU DIFFERENTIAL EQUATION, MATHIEU FUNCTION 
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Helmholtz Differential Equation—Oblate 
Spheroidal Coordinates 

As shown by Morse and Feshbach (1953) and Arfken 
(1970), the HELMHOLTZ DIFFERENTIAL EQUATION is 
separable in OBLATE SPHEROIDAL COORDINATES. 
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Helmholtz Differential Equation Parabole 
Coordinates 

The SCALE FACTORS are hy = hy = vu? + v?, he = uv 
and the separation functions are fi(u) = u, fe(v) = v, 
fs(0) = 1, given a STACKEL DETERMINANT of S = u? + 
v?. The LAPLACIAN is 


1 (10F , oF 19F | oF 
u? +v? \ u du Ou? v Ov Ov? 
1 OF 


2 — 
Tay? O62 +k = 0. (1) 


Helmholtz Differential Equation 
Attempt SEPARATION OF VARIABLES by writing 
F(u,v,z) = U(u)V (v)0(0), (2) 


then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 


es =) +kUVO=0. (3) 


Now divide by UVO, 


wv? [a (140, U), 1 (ray, av 
u? +v? |U \ u du du? V \v dv dv? 


140 _, 
+2 FTE +k 0. (4) 
Separating the O part, 
1 O 3 a 
Sr = 0 + m?) (5) 
wot [1 (lay av) 1 (av, dy 
u? +v? |U \u du du? V \v dv dv? 
=k", (6) 
so : 
d'O 
z 7 —(k* + m*)0, (7) 


which has solution 


O(0) = Acos( y k? + m? 0) + Bsin(y k? + m2 0), (8) 


and 
1/10 20] [1 (iw, ev 
U \ u du du? V \v dv du? 
2 
qu HV 
—k Tia? =0 (9) 


1/1dv dv k? 
listar) -S]=9 eo 


This can be separated 


1/1dU dU k? 
i (22 +93)-5-. Z 


2 2 
+) - 5 = (12) 
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SO 


d?U dU 

2 2 

u duz FE (c+k°)U =0 (13) 
d? V dV 

2 2 
7): a E py =p. 

va, + To +(e \V = 0 (14) 
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Helmholtz Differential Equation—Parabolic 
Cylindrical Coordinates 

In PARABOLIC CYLINDRICAL COORDINATES, the SCALE 
FACTORS are hy, = hy = vu? +v?, hz = 1 and the 
separation functions are fi(u) = falv) = f(z) = 1, 
giving STACKEL DETERMINANT of S = u? + v7. The 
HELMHOLTZ DIFFERENTIAL EQUATION is 


+k?=0. (1) 


1 OF it O° F 5 OF 
u? + y2 \ Qu? ðv? Oz? 


Attempt SEPARATION OF VARIABLES by writing 
F(u,v,z) = U(u)V(v)Z(z), (2) 


then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 


2 2 2 
: (vz: Y ruzi) Uv 


qu? + y? 
Divide by UVZ, 


V dv? 


u? +v? | U du? 


1 1dU 1d°V 1 d? 
( + remo (4) 


Separating the Z part, 


2 2 
e e 14U_, 18V —-k?=0 (6) 
u? +v? \ U du? V dv? 7 
DATO. LAVO. aspa sn 
U du? var S An (7) 
sO f 
d Z 2 9 
ES +m*)Z, (8) 


which has solution 


Z (2) = Acos(y k? + m? 2) + Bsin(y k? + m?z), (9) 
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and 


2 2 
Ge — ut) + Ge — Ko) = 0. (10) 


This can be separated 


ga s a) 
2 
A 
SO 5 
sT — (e+ kêu U =0 (13) 
2 
ad + (c—k*v*)V =0. (14) 


These are the WEBER DIFFERENTIAL EQUATIONS, and 
the solutions are known as PARABOLIC CYLINDER 
FUNCTIONS. 

see also PARABOLIC CYLINDER FUNCTION, PARABOLIC 
CYLINDRICAL COORDINATES, WEBER DIFFERENTIAL 
EQUATIONS 
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Helmholtz Differential Equation—Polar 


Coordinates 
In 2-D POLAR COORDINATES, attempt SEPARATION OF 
VARIABLES by writing 


F(r,@) = R(r)O(8), (1) 


then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 


1 doe 


r? de? 


PR o, Lar 


2 — 
O + O R+kRO=0. (2) 


Divide both sides by RO 


r?d*R rdR 1 O 2 
a + (Sg +") =o (3) 


The solution to the second part of (3) must be periodic, 
so the differential equation is 


SS eee), (4 
which has solutions 
(0) = caet Vtm y ei Hm? 
k? + m2 0) + ca cos( y k? + m? 0). 
(5) 


= c3 sin( 


Helmholtz Differential Equation 


Plug (4) back into (3) 
rR"+rR—-m*R=0. (6) 


This is an EULER DIFFERENTIAL EQUATION with a = 1 
and 3 = —m*. The roots are r = +m. So for m = 0, 
r = 0 and the solution is 


R(r)=c1 + colnr. (7) 


But since Inr blows up at r = 0, the only possible phys- 
ical solution is R(r) = c;. When m > 0, r = +m, so 


R(r) = ar” + er ™. (8) 


But since r””” blows up at r = 0, the only possible 
physical solution is Rm(r) = cır™. The solution for R 
is then 


Rali) = ar (9) 
for m = 0, 1, ... and the general solution is 
OO 
F(r,@) = S Tamr” sin(y k? + m? 6) 
m=0 


+ bmr™ cos(y k? + m? 6)}. (10) 
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Helmholtz Differential Equation—Prolate 
Spheroidal Coordinates 

As shown by Morse and Feshbach (1953) and Arfken 
(1970), the HELMHOLTZ DIFFERENTIAL EQUATION is 
separable in PROLATE SPHEROIDAL COORDINATES. 
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Helmholtz Differential Equation—Spherical 
Coordinates 

In SPHERICAL COORDINATES, the SCALE FACTORS are 
hr = 1, he = rsing, hg = r, and the separation func- 
tions are fi(r) = r°, f2(0) = 1, fs(¢ġ) = sind, giving a 
STACKEL DETERMINANT of S = 1. The LAPLACIAN is 
10/20 1 a? 

72 ðr (r =) + 224 092 

r? Or Or r? sin* ġo OO 


1 Of. ,0 
pre sind 96 (sino) - (1) 


To solve the HELMHOLTZ DIFFERENTIAL EQUATION 
in SPHERICAL COORDINATES, attempt SEPARATION OF 
VARIABLES by writing 


F(r,0,p) = R(r)O(9)9(0). (2) 


y? 
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Then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 


@ R 2 dR 1 O 
dr? STT pao r? r2sin o d0? A 
coso dë 1 d’® 


sd ab F Pa N (3) 


Now divide by RO®, 
r?°si? g. ÆR 2r’sin? r sin PQ de 


RO dr tr BRO dr 
1  rsinto_. „dO coso r? sin? ro sin” p de 


Mano PRO Ei r2singd SOR a 
1 r* sin? o dP 
r? ®RO dd? aoe 


r? sin? $R $ 2r sin? ġ dR i 1 O 
R dr? R dr © de? 


cosdsingd® sin? dd’h\ _ 
+ $ dp © ip) =° ©) 


The solution to the second part of (5) must be sinusoidal, 
so the differential equation is 


dO 1 j 

IÓ (6) 
which has solutions which may be defined either as a 
COMPLEX function with m = —oo, ..., 00 

o(8) = Ae, (7) 
or as a sum of REAL sine and cosine functions with m = 
—O0,..., 00 

O(0) = Sm sin(m0) + Cm cos(mé). (8) 


Plugging (6) back into (7), 


r dR 2rdR_ 1 (m? ES 
R d? R dr sin’¢ $ do 
sin sin? $ ds = 
6 do? = 0. (9) 
The radial part must be equal to a constant 
eee ge a) (10) 
Rd? Rd | 
d*R dR 
2 — 
We + ar = 11+ 1)R. (11) 


But this is the EULER DIFFERENTIAL EQUATION, so we 
try a series solution of the form 


k= yaar, (12) 
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Then 
mod n+c)l(n+c-1)apr” +4 2r Y (n+cjanro +? 
n=0 n=0 
(1 +1 p> Qnr"** =0 (13) 
S (n +0) (n+c—1)Janr"*" +2 Y (n + c)anr”*® 
n=0 n=0 


-1(1+1) $ anr™** = 0 (14) 


Si[(nte)(n+et1)—Ul+ Djanr™** =0. (15) 
n=O 
This must hold true for all POWERS of r. For the r” 
term (with n = 0), 


c(c+ 1) = 1(1+ 1), (16) 
which is true only if c = l, —1 — 1 and all other terms 
vanish. So an = 0 for n #1, —l — 1. Therefore, the 
solution of the R component is given by 


Ri(r) = Ayr’ + By. (17) 


Plugging (17) back into (9), 


2 cos @ 1 d®& 1d | 
(1 +1) — WA sing dp’ Bdge ~” (18) 
+ y lia 1) - A eer 19 
sin ng sin? $ Toa ( ) 


which is the associated LEGENDRE DIFFERENTIAL 
EQUATION for x = cos¢ and m= 0, ..., l. The general 
COMPLEX solution is therefore 


oo l 
by (Apr! + Br TIPP (cos pje ™? 
i=0 


00 l 
=Y Y (Ar! + Ber! )¥/"(8,4), (20) 
i=0 m=-—1 


where 


Y" (0, 6) = PP (cos d)e (21) 


are the (COMPLEX) SPHERICAL HARMONICS. The gen- 
eral REAL solution is 


y S (Ar! + Bir "*)P"(cos $) 


i=0 m=0 


x[Sm sin(m0) + Cm cos(m0)]. (22) 


820 Helmholtz Differential Equation 


Some of the normalization constants of P;” can be ab- 
sorbed by Sm and Cm, so this equation may appear in 
the form 


i=0 m=0 
x[sry; (8, p) + ory,” (6,¢)], (23) 
where 
Y,” (6, $) = Pi” (cos 6) sin(mé) (24) 
yaa (0, $) = Py” (cos 6) cos(m8) (25) 


are the EVEN and ODD (real) SPHERICAL HARMONICS. 
If azimuthal symmetry is present, then O(@) is constant 
and the solution of the $ component is a LEGENDRE 
POLYNOMIAL P,(cos p). The general solution is then 


F(r,¢) = X (Ar! + Bir") Pi(cos¢). (26) 


Actually, the equation is separable under the more gen- 
eral condition that k? is of the form 


k*(r,0,) = f(r) + 9(0) + E AR”, (27) 


r? r? sin @ 


References 
Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, p. 514 and 658, 1953. 


Helmholtz Differential Equation—Spherical 


Surface 
On the surface of a SPHERE, attempt SEPARATION OF 
VARIABLES in SPHERICAL COORDINATES by writing 


F(6, 6) = O(8) ®(9), (1) 


then the HELMHOLTZ DIFFERENTIAL EQUATION be- 
comes 


1 do 
sin? y d6? 


2 
cosp ah a d* 
sind dọ do? 


Dividing both sides by PO, 


. 2 2 2 
sin“ o did 1 d*9 2\ _ 
a ia) + (Sarre) =0 


O+k?%0%=0. (2) 


cos psin $ d® 
$ do 


which can now be separated by writing 


de 1 
WO —(k* +m’). (4) 
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The solution to this equation must be periodic, so m 
must be an INTEGER. The solution may then be defined 
either as a COMPLEX function 


e(0) = Amet *’ +m? o ip E e (5) 


for m = —00, ..., 00, or as a sum of REAL sine and 


cosine functions 


O(0) = Sm sin( y k? + m? 0) + Cm cos( y k? + m? 0) 
(6) 
for m = 0, ..., co. Plugging (4) into (3) gives 


cospsinpdB sin? od 2 
FA T > g +m =0 (7) 
2 
E E 8 
= sing sin? $ (8) 


which is the LEGENDRE DIFFERENTIAL EQUATION for 
x = cos @ with 

mí = I(1+ 1), (9) 
giving 

?+1—m? =0 (10) 


l= ¿(-1+ y1+4m2). (11) 


Solutions are therefore LEGENDRE POLYNOMIALS with 
a COMPLEX index. The general COMPLEX solution is 
then 


oo 


F(6,¢)= Y Pi(cos¢)(Ame”™’ + Bme"""*), (12) 


m= — oc 


and the general REAL solution is 


F(8,¢) = y P, (cos $)[Sm sin(m@) + Cm cos(mé)]. 
m=O 

(13) 
Note that these solutions depend on only a single vari- 
able m. However, on the surface of a sphere, it is usual to 
express solutions in terms of the SPHERICAL HARMON- 
Ics derived for the 3-D spherical case, which depend on 
the two variables l and m. 


Helmholtz Differential Equation—Toroidal 
Coordinates 

The HELMHOLTZ DIFFERENTIAL EQUATION is not sep- 
arable. 


see LAPLACE’S EQUATION— TOROIDAL COORDINATES 


Helmholtz’s Theorem 


Helmholtz’s Theorem 
Any VECTOR FIELD v satisfying 


[V v]æ = 0 (1) 
IV Xv] 5-0 (2) 


may be written as the sum of an IRROTATIONAL part 
and a SOLENOIDAL part, 


v=-Vọ+V xA, (3) 


where for a VECTOR FIELD F, 


V-F 3.7 
= — —— d 4 
? f A4r|r' -r| i (4) 
A -j E (5) 
y 4r|r' -r| 


see also IRROTATIONAL FIELD, SOLENOIDAL FIELD, 
VECTOR FIELD 
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Helson-Szegó Measure 

An absolutely continuous measure on 0D whose density 
has the form exp(x + y), where x and y are real-valued 
functions in L”, ||y||o. < 7/2, exp is the EXPONENTIAL 
FUNCTION, and ||y|| is the NORM. 


Hemicylindrical Function 
A function S,(z) which satisfies the RECURRENCE RE- 
LATION 


together with 


is called a hemicylindrical function. 
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Hemisphere 


Half of a SPHERE cut by a PLANE passing through its 
CENTER. A hemisphere of RADIUS r can be given by 
the usual SPHERICAL COORDINATES 


z=rcos@sing (1) 
y=rsinésing (2) 
z =rcosé, (3) 


where 9 € [0, 27) and ¢ € [0, 7/2]. All Cross-SECTIONS 
passing through the z-axis are SEMICIRCLES. 


The VOLUME of the hemisphere is 


ve rf (r? — 22) de = 2, (4) 
0 


The weighted mean of z over the hemisphere is 


4 — / z(r? — 22) dz = lar, (5) 
O 
The CENTROID is then given by 
DE 
Z= E) =r (6) 


(Beyer 1987). 
see also SEMICIRCLE, SPHERE 
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822 Hempel’s Paradox 


The hemisphere function is defined as 


a — zt? — y? for /zr? +y? <a 
H(z,y) = 
l 0 for 4/12 + y? >a. 


Watson (1966) defines a hemispherical function as a 
function S which satisfies the RECURRENCE RELATIONS 


E AS 


with 
Si (z) = — S9 (z). 


see also CYLINDER FUNCTION, CYLINDRICAL FUNC- 
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Hempel’s Paradox | ci 
A purple cow is a confirming instance of the hypothesis 
that all crows are black. 
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Hendecagon 
see UNDECAGON 


Henneberg's Minimal Surface 
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Hénon-Heiles Equation 


A double algebraic surface of 15th order and fifth class 
which can be given by parametric equations 


z(u,v) = 2sinhucosv — 5 sinh(3u) cos(3v) (1) 
y(u,v) = 2sinhusinv — 2 sinh(3u)sin(3v) (2) 
z(u, v) = 2 cosh(2u) cos(2v). (3) 


It can also be obtained from the ENNEPER-WEIERSTRAB 
PARAMETERIZATION with 


f=2-2z 4 (4) 
Gee. (5) 


see also MINIMAL SURFACE 
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Hénon Attractor 
see HÉNON MAP 


Hénon-Heiles Equation 
A nonlinear nonintegrable HAMILTONIAN SYSTEM with 


. Ov 
age (1) 
. wv 
y = ~ By’ (2) 
where 
V(z,y) = ¿(27 + y" + 2a*y — 2y”) (3) 
Vo =r sin(36). (4) 
The energy is 
E=V(z,y)+ 3(8 +9’). (5) 


0.4 | 


[i + 
0.5 00 0.5 


y y 
The above plots are SURFACES OF SECTION for E = 
1/12 and E = 1/8. The Hamiltonian for a generalized 
Hénon-Heiles potential is 


H = į (pz + py” + Az" + By”) + Da“y- ¿Cy. (6) 


Hénon Map 


The equations of motion are integrable only for 
1. D/C =Q, 

2. D/C = -1,A/B =1, 

3. D/C = —1/6, and 

4. D/C = —1/16, A/B = 1/6. 
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Hénon Map 


A 


-0.4-0.2 O 0.2 0. 


= 0 1 
A quadratic 2-D MAP given by the equations 


Enti = 1— at,” + yn (1) 
Un+1 = Bla (2) 
or 
Ln+1 = Tn cosa — (Yn — Zn’) sina (3) 
Yn+1 = Tp sina + (Yn — En“) cosa. (4) 


The above map is for a = 1.4 and 8 = 0.3. The Hénon 
map has CORRELATION EXPONENT 1.25 + 0.02 (Grass- 
berger and Procaccia 1983) and CAPACITY DIMENSION 
1.261+0.003 (Russell et al. 1980). Hitzl and Zele (1985) 


give conditions for the existence of periods 1 to 6. 


see also BOGDANOV MAP, LOZI MAP, QUADRATIC MAP 
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Hensel’s Lemma 

An important result in VALUATION THEORY which gives 
information on finding roots of POLYNOMIALS. Hensel’s 
lemma is formally stated as follow. Let (K,|-|) be a com- 
plete non-Archimedean valuated field, and let R be the 
corresponding VALUATION RING. Let f(z) be a POLY- 
NOMIAL whose COEFFICIENTS are in R and suppose ao 
satisfies 


If(a0)| < |f"(ao)I*, (1) 


where f' is the (formal) DERIVATIVE of f. Then there 
exists a unique element a € R such that f(a) = 0 and 


(2) 


[a — ao| < 


Less formally, if f(x) is a POLYNOMIAL with “INTEGER” 
COEFFICIENTS and f(ap) is “small” compared to f'(ao), 
then the equation f(x) = 0 has a solution “near” ao. In 
addition, there are no other solutions near ag, although 
there may be other solutions. The proof of the LEMMA 
is based around the Newton-Raphson method and relies 
on the non-Archimedean nature of the valuation. 


Consider the following example in which Hensel’s lemma 
is used to determine that the equation z? = —1 is solv- 
able in the 5-adic numbers Q, (and so we can embed 
the GAUSSIAN INTEGERS inside Q, in a nice way). Let 
K be the 5-adic numbers Q,, let f(x) = z? + 1, and let 
ao = 2. Then we have f(2) = 5 and f'(2) = 4, so 


If(2)Is = 5 < 1'(2)l5 = 1, (3) 


and the condition is satisfied. Hensel's lemma then tells 
us that there is a 5-adic number a such that a? +1—0 


and 
la — 2|5 <= |2|s = =. (4) 


Similarly, there is a 5-adic number b such that b? +1 = 0 


and 
jo — 3ls <= |P|s = =. (5) 


Therefore, we have found both the square roots of —1 in 
Q.. It is possible to find the roots of any POLYNOMIAL 
using this technique. 


Henstock-Kurzweil Integral 
see HK INTEGRAL 


Heptacontagon 
A 70-sided POLYGON. 
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Heptadecagon 


The REGULAR POLYGON of 17 sides is called the HEP- 
TADECAGON, or sometimes the HEPTAKAIDECAGON. 
Gauss proved in 1796 (when he was 19 years old) 
that the heptadecagon is CONSTRUCTIBLE with a COM- 
PASS and STRAIGHTEDGE. Gauss’s proof appears in 
his monumental work Disquisitiones Arithmeticae. The 
proof relies on the property of irreducible POLYNOMIAL 
equations that ROOTS composed of a finite number of 
SQUARE ROOT extractions only exist when the order of 
the equation is a product of the form 2°3°F, - Fa--- Fe, 
where the F, are distinct PRIMES of the form 


Fay +i 


known as FERMAT PRIMES. Constructions for the regu- 
lar TRIANGLE (37), SQUARE (2°), PENTAGON (92 +1), 
HEXAGON (2°3*), etc., had been given by Euclid, but 
constructions based on the FERMAT PRIMES > 17 were 
unknown to the ancients. The first explicit construction 
of a heptadecagon was given by Erchinger in about 1800. 


Ps B 


MFOE NRO 
17-gon 
The following elegant construction for the heptadecagon 


(Yates 1949, Coxeter 1969, Stewart 1977, Wells 1992) 
was first given by Richmond (1893). 


1. Given an arbitrary point O, draw a CIRCLE centered 
on O and a DIAMETER drawn through O. 


2. Call the right end of the DIAMETER dividing the CIR- 
CLE into a SEMICIRCLE Po. 


3. Construct the DIAMETER PERPENDICULAR to the 
original DIAMETER by finding the PERPENDICULAR 
BISECTOR OB. 


4. Find J a QUARTER the way up OB. 


5. Join JPo and find E so that ¿OJE is a QUARTER of 
LOJ Po. 


6. Find F so that Z¿EJF is 45°. 
7. Construct the SEMICIRCLE with DIAMETER F Po. 


Heptadecagon 


8. This SEMICIRCLE cuts OB at K. 
9. Draw a SEMICIRCLE with center E and RADIUS EK. 
10. This cuts the extension of O Pù at N3. 


11. Construct a line PERPENDICULAR to OPs through 
N3. 


12. This line meets the original SEMICIRCLE at P3. 
13. You now have points Po and P; of a heptadecagon. 


14. Use Po and P; to get the remaining 15 points of the 
heptadecagon around the original CIRCLE by con- 
structing Po, Ps, Pe, Po, Paz, Pis, Pi, Pa, Pr, Pio, 
Pis, Pie, P2, Ps, Ps, Pii, and Pia. 


15. Connect the adjacent points P;. 


This construction, when suitably streamlined, has SIM- 
PLICITY 53. The construction of Smith (1920) has a 
greater SIMPLICITY of 58. Another construction due to 
Tietze (1965) and reproduced in Hall (1970) has a SIM- 
PLICITY of 50. However, neither Tietze (1965) nor Hall 
(1970) provides a proof that this construction is cor- 
rect. Both Richmond’s and Tietze’s constructions re- 
quire extensive calculations to prove their validity. De 
Temple (1991) gives an elegant construction involving 
the CARLYLE CIRCLES which has GEOMETROGRAPHY 
symbol 85, + 4S2 + 22C1 + 11C3 and SIMPLICITY 45. 
The construction problem has now been automated to 
some extent (Bishop 1978). 


see also 257-GON, 65537-GON, COMPASS, CoN- 
STRUCTIBLE POLYGON, FERMAT NUMBER, FER- 
MAT PRIME, REGULAR POLYGON, STRAIGHTEDGE, 
TRIGONOMETRY VALUES—7r/17 
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Abstract 


The study of the global atmospheric electric circuit has advanced dramatically in the past 50 years. Large advances have 
been made in the areas of lightning and thunderstorm research, as related to the global circuit. We now have satellites looking 
down on the Earth continuously, supplying information on the temporal and spatial variability of lightning and thunderstorms. 
Thunderstorms are electric current generators, which drive electric currents up through the conducting atmosphere. They 
maintain the ionosphere at a potential of ~+ 250 kV with respect to the Earth’s surface. The global electric circuit is completed 
by currents ~2 pA/m? flowing through the fair weather atmosphere, remote from thunderstorms, and by transient currents due 
to negative cloud-to-ground lightning discharges. The time constant of the circuit, ~ > 2 min, demonstrates that thunderstorms 
must occur continually to maintain the fair weather electric field. New discoveries have been made in the field of sprites, elves 
and blue jets, which may have a direct impact on the global circuit. Our knowledge of the global electric circuit modulated 
by solar effects has improved. Changes to the global circuit are associated with changes of conductivity linked with the 
time-varying presence of energetic charged particles, and the solar wind may influence the global electric circuit by inferred 
effects on cloud microphysics, temperature, and dynamics in the troposphere. We now have a better understanding of how the 
conductivity of the atmosphere is influenced by aerosols, and how this impacts our measurements of the fair-weather global 
circuit. The global atmospheric electric circuit is also beginning to be recognised by some climate researchers as a useful tool 
with which to study and monitor the Earth’s changing climate. (c) 2000 Elsevier Science Ltd. All rights reserved. 


Keywords: Atmospheric electricity; Global circuit; Lightning; Climate change 


1. Introduction to the global atmospheric electric circuit the viability of attempts to measure worldwide variations 
of electrical properties of the atmosphere near the Earth’s 


One of the first, and certainly the most famous, demon- surface. 


strations of a reproducible variation with Universal Time is 
the hourly average curve of electric potential gradient in the 
lowest atmosphere obtained over the world’s oceans on the 
Carnegie cruises. These curves have long served as de facto 
standards (see Bering et al., 1998) with which to evaluate 


* Corresponding author. Tel.: 44-1223-353839; fax: 44-1223- 
303839. 

E-mail address: michael.j.rycroft@ukgateway.net (MJJ. 
Rycroft). 


The thunderstorm generator hypothesis proposed by Wil- 
son (1920) was based on his observations that, beneath the 
thundercloud, negative charge is transferred to the Earth and 
above the thundercloud positive charge is transferred to the 
conducting upper atmosphere. A subsequent discovery was 
the close correlation between the diurnal (Universal Time) 
variation of the thunderstorm generator current (represented 
by the frequency of thunderstorm occurrence) and the load 
current (represented by the fair-weather ground electric field, 
or air-Earth current density), integrated over the surface of 
the Earth. 


1364-6826/00/$ - see front matter © 2000 Elsevier Science Ltd. All rights reserved. 
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Heptagon 


The unconstructible regular seven-sided POLYGON, il- 
lustrated above, has SCHLAFLI SYMBOL (7). 


Although the regular heptagon is not a CONSTRUCTIBLE 
POLYGON, Dixon (1991) gives several close approxima- 
tions. While the ANGLE subtended by a side is 360% /7 = 
51.428571°, Dixon gives constructions containing an- 
gles of 2sin”*(y/3/4) = 51.317812°, tan”*(5/4) = 
51.340191°, and 30° + sin”*((V3 — 1)/2) = 51.470701°. 


Madachy (1979) illustrates how to construct a heptagon 
by folding and knotting a strip of paper. 


see also EDMONDS’ MAP, TRIGONOMETRY VALUES—— 
n/T 
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Heptagonal Number 


A FIGURATE NUMBER of the form n(5n—3)/2. The first 
few are 1, 7, 18, 34, 55, 81, 112, ... (Sloane’s A000566). 
The GENERATING FUNCTION for the heptagonal num- 
bers is 


r(4e + 1) 


da =2+70 + 182 + 340 +... 
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Heptagonal Pyramidal Number 

A PYRAMIDAL NUMBER of the form n(n + 1)(5n — 2)/6, 
The first few are 1, 8, 26, 60, 115, ... (Sloane's 
A002413). The GENERATING FUNCTION for the hep- 
tagonal pyramidal numbers is 


A A 
Ca 
References 
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Heptahedron 

The regular heptahedron is a one-sided surface made 
from four TRIANGLES and three QUADRILATERALS. It is 
topologically equivalent to the ROMAN SURFACE (Wells 
1991). While all of the faces are regular and ver- 
tices equivalent, the heptahedron is self-intersecting and 
is therefore not considered an ARCHIMEDEAN SOLID. 
There are three semiregular heptahedra: the pentago- 
nal and pentagrammic PRISMS, and a FACETED OCTA- 
HEDRON (Holden 1991). 
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Heptakaidecagon 
see HEPTADECAGON 


Heptaparallelohedron 
see CUBOCTAHEDRON 


Heptomino 
The heptominoes are the 7-POLYOMINOES. ‘There are 
108 different heptominoes. 


see also HERSCHEL, Pl HEPTOMINO, POLYOMINO 


Herbrand’s Theorem 

Let an ideal class be in A if it contains an IDEAL whose 
lth power is PRINCIPAL. Let 2 be an ODD INTEGER 
1 < ¿< land define j by i+ j = 1. Then A; = (e). If 
i > 3 and {B;, then A; = (e). 
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Hereditary Representation 

The representation of a number as a sum of powers of a 
BASE b, followed by expression of each of the exponents 
as a sum of powers of b, etc., until the process stops. For 
example, the hereditary representation of 266 in base 2 
18 


266 = 2° +23 4+2 
9 9H 4 9, 


see also GOODSTEIN SEQUENCE 


Heredity 

A property of a SPACE which is also true of each of 
its SUBSPACES. Being “COUNTABLE” is hereditary, but 
having a given GENUS is not. 


Hermann’s Formula 
The MACHIN-LIKE FORMULA 


The other 2-term MACHIN-LIKE FORMULAS are EU- 
LER’S MACHIN-LIKE FORMULA, HUTTON’S FORMULA, 
and MACHIN’S FORMULA. 


Hermann Grid Illusion 
ERE 
EERE 
EEE 
BEE 
EERE 


A regular 2-D arrangement of squares separated by ver- 
tical and horizontal “canals.” Looking at the grid pro- 
duces the illusion of gray spots in the white AREA be- 
tween square VERTICES. The illusion was noted by Her- 
mann (1870) while reading a book on sound by J. Tyn- 
dall. 
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Hermann-Hering Illusion 


EERE 

TT 

EERE 

EERE 

EERE EE 
The illusion in view by staring at the small black dot 
for a half minute or so, then switching to the white dot. 
The black squares appear stationary when staring at 
the white dot, but a fainter grid of moving squares also 
appears to be present. 


Hermite Differential Equation 


Hermann-Mauguin Symbol 

A symbol used to represent the point and space groups 
(e.g., 2/m3). Some symbols have abbreviated form. The 
equivalence between Hermann-Mauguin symbols (“crys- 
tallographic symbol”) and SCHONFLIES SYMBOLS for the 
POINT GROUPS is given by Cotton (1990). 


see also POINT GROUPS 
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Hermit Point 


see ISOLATED POINT 


Hermite Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


The Hermite constant is defined for DIMENSION n as the 
value 
_ supy mins, (51, £95062 52n) 


= [discriminant(/f)]}/" 


(Le Lionnais 1983). In other words, they are given by 


On 2/n 
m= 4(=) ’ 


where ôn» is the maximum lattice PACKING DENSITY for 
HYPERSPHERE PACKING and Vn is the CONTENT of the 
n-HYPERSPHERE. The first few values of (yn)” are 1, 
4/3, 2, 4, 8, 64/3, 64, 256, .... Values for larger n are 
not known. 


For sufficiently large n, 


see also HYPERSPHERE PACKING, KISSING NUMBER, 
SPHERE PACKING 
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Hermite Differential Equation 


dy dy 
2 2 + Ay = 0. 
da? ta + Ay = 0 (1) 


This differential equation has an irregular singularity at 
oo. It can be solved using the series method 


oo 


Y (n +2)(n+1)a, +22" — Y 2nant" + y Adnr” =0 


n=0 n=i1 n=0 
(2) 


Hermite Differential Equation 


(2a2 +04) +) [(n+2)(n+ 1)an +2 —2nan +Aan]a” = 0. 


n=l 


(3) 
Therefore, 
A 
a2 = -F (4) 
and ; n 
n — 
Qn+2 = (n+2)(n+1)°” (5) 
for n = 1, 2,.... Since (4) is just a special case of (5), 
2n — À 
ün+2 = mar Iati (6) 
for n = 0, 1, .... The linearly independent solutions are 
then 
À 4 — AJA 
Y1 = ao moa 
(8 -—A)(4—A)A 6 
cy TI ge —... (7) 
e (2-A) 3, (6-A)(2-A) s 
waa es 31 x =a t +... 
(8) 
If \ = 4n = 0, 4, 8, ..., then yı terminates with the 


POWER rò, and yı (normalized so that the COEFFI- 
CIENT of 2” is 2”) is the regular solution to the equation, 
known as the HERMITE POLYNOMIAL. If A = 4n+2 = 2, 
6, 10, ..., then ye terminates with the POWER rò, and 
y2 (normalized so that the COEFFICIENT of x” is 2”) 
is the regular solution to the equation, known as the 
HERMITE POLYNOMIAL. 


If A = 0, then Hermite’s differential equation becomes 
y” — 2xy' = 0, (9) 


which is of the form P2(x)y"” + Pi(z)y' = 0 and so has 
solution 


=a f dz To 
S exp (f 5 dx) 7 


=c | r +e 
i exp f —2z dz : 
-a Era ma |e deter (10) 


e”? 
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Hermite-Gauss Quadrature 

Also called HERMITE QUADRATURE. A GAUSSIAN 
QUADRATURE over the interval (—o0, 00) with WEIGHT- 
ING FUNCTION W (2) = e-* . The ABSCISSAS for quad- 
rature order n are given by the roots of the HERMITE 
POLYNOMIALS H,,(z), which occur symmetrically about 
0. The WEIGHTS are 


pee An+1Yn ES An Yn-1 


~ AnH! (2) Hn+1(x:) An-1 H,,-1(2i) Hh (2i)’ 
(1 


where A, is the COEFFICIENT of 2” in H, (xz). For HER- 
MITE POLYNOMIALS, 


A= 2". (2) 
SO A 
n+l 
ah 2. (3) 
Additionally, 
Yn = yT 2” nl, (4) 
SO 
e a 2+ntyr 
Hn+1(0;)Hn(2;) 
”n(n- 1)! 
a(n — 1)! a (5) 


— Hy-1(«1)Ha(2i)’ 
Using the RECURRENCE RELATION 
| Hi (x) = 2nHn-1(£) = 22Hn (£) - Hay1la) (6) 
yields 
H, (ti) = 2nHn-1(2:) = ~Hn41(2:) (7) 
and gives . 


Pina at nl ar 


CANE 8) 


Wi = 


The error term is 


n!y/r 2n 
Hazon A (9) 


Beyer (1987) gives a table of ABSCISSAS and weights up 
to n=12. 


n ti Wi 

2 +0.707107 0.886227 

3 0 1.18164 
+1.22474 0.295409 

4 +0.524648 0.804914 
+1.65068 0.0813128 

5 0 0.945309 


+0.958572 0.393619 
+2.02018 0.0199532 
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The ABSCISSAS and weights can be computed analyti- 
cally for small n. 


S 


Tm ti 


2 +3v2 tyr 
3 0 zyr 
+3 v6 i/r 
3— v6 yn 

4 = 2 4(3— v6) 


+ 3+v6 fr 
V 2 4(3+ V6) 
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Hermite Interpolation 


see HERMITE’S INTERPOLATING FUNDAMENTAL POLY- 
NOMIAL 


Hermite's Interpolating Fundamental 


Polynomial 
Let l(x) be an nth degree POLYNOMIAL with zeros at 
Z1,..., Zm. Then the fundamental POLYNOMIALS are 


(D (o) — = l (xv) ep y? 
Al) (2) = f =z] (L (2) (1) 


and 


hy (x) = (z — e) [ly (2)]. (2) 


They have the properties 


AL? (£u) = bon (3) 

hae (4) 

h” (ay) = 0 (5) 

h (xy) = dup. (6) 

Now let fi,..., fn and fi, ..., fy be values. Then the 


expansion 
Wale) = YO fore) +S EROE) (7) 
vol vp=1 


gives the unique HERMITE’S INTERPOLATING FUNDA- 
MENTAL POLYNOMIAL for which 


Waler) = fo (8) 
Waler) = fa. (9) 


If f, = 0, these are called STEP POLYNOMIALS. The 
fundamental POLYNOMIALS satisfy 


hi(2) +... +hn(z)=1 (10) 


Hermite Polynomial 


and A P 
N ai (a) + Y aP (x) = 2. (11) 
L=1 v=1 
Also, 
b 
J AD (x) da(s) = A, (12) 
web 
f AD (x) da(x) = 0 (13) 
r 
J zh, (x)da(z) = 0 (14) 
En 
J RP (x) da(x) = 0 (15) 
a 5 
/ h”, dalz) = Av (16) 
, t 
f ch) (x) de = Avtv, (17) 
for v = 1, ... n. 
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Hermite-Lindemann Theorem 
The expression 


Aye"! + Aye”? + Age? +... ; 


in which the COEFFICIENTS A; differ from zero and in 
which the exponents a; are ALGEBRAIC NUMBERS dif- 
fering from each other, cannot equal zero. 


see also ALGEBRAIC NUMBER, CONSTANT PROBLEM, 
INTEGER RELATION, LINDEMANN-WEIERSTRA8 THEO- 
REM 
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Hermite Polynomial 


Hermite Polynomial 


A set of ORTHOGONAL POLYNOMIALS. The Hermite 
polynomials H,,(1) are illustrated above for x € [0,1] 
and. n= 1,2, 6025: 9. 


The GENERATING FUNCTION for Hermite polynomials 
1S 


exp(2xt — t’) = y aa (1) 


Using a TAYLOR SERIES shows that, 


H, (1) = le) exp(2xt — )| i 


= |e" ES R (2) 


Since Of (x — t)/0t = —Əð f (x — t)/Oz, 


Tt 


x z2 d ae d 
Öf = -e pe ]= 20 -L o) 
Of =e"? (a = E) [fe 
=oft+ef-Larms-F, a) 
50 z E 
Os = Oz, (8) 
ii 22 d —g? Pa z? /2 d —g?/2 
sao a (« — = | e ; (9) 


which means the following definitions are equivalent: 


oo 


exp(2xt — tó) = y Ane) (10) 
Hn (x) = (-1)” ER (11) 
Hna) =e” ” ( = =) ne* /*, (12) 


The Hermite POLYNOMIALS are related to the derivative 
of the ERROR FUNCTION by 


dett 


H,,(z) = at” erf(z). (13) 
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They have a contour integral representation 


| 
Hn (£) = pay entria (14) 


20 


They are orthogonal in the range (—oo, 00) with respect 
2 
to the WEIGHTING FUNCTION e * 


a H,(2)Hm(x)e~” de = Smn2"nlV/n- (15) 


Define the associated functions 


/ a Pe 
Un(z) = 71/2197 H. (ax)je le (16) 


These obey the orthogonality conditions 


o0 dum a att m=n-+ 1 
J un(e) dx = az m=n-1 (17) 
SS 0 otherwise 
J Um (£)Uun(x) de = mn = (18) 
ñ LEE m=n41 
f um(a}eun(e)de= 5 EYE maon-1 (9 
Ei 0 otherwise 
Ml gt man 
J O 4 VO mont? 
-0 0 mininzt2 
(20) 
Te 2%a!Bly! 
e`” H¿HgH, dz = VE Lm, 
J. = (s — a)!(s — Bs = y)! 
(21) 


if a + 8 +y = 2s is EVEN and s > qa, s > ĝ, and s > y. 
Otherwise, the last integral is 0 (Szegő 1975, p. 390). 


They also satisfy the RECURRENCE RELATIONS 
Haaa = 2rHn(£) = 2nH,-1(2) (22) 


H (xz) = 2nHn_1(z). (23) 
The DISCRIMINANT is 
DS ee (24) 
vol 
(Szegó 1975, p. 143). 


An interesting identity is 


n 


y ba H,(x)Hn—v(y) = 2" Hy [2 (2 +y)]. (25) 


v=0 
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The first few POLYNOMIALS are 


Ho(x) =1 
Hi (xz) = ae 
H(z) = 4x 
H3(x) = 82? — 122 
H4(xz) = 162° — 487? + 12 
Hs(x) = 322? — 160z? + 120% 
He(x) = 642° — 4802* + 720z? — 120 
H7(a) = 128%” — 1344x* + 3360x* — 1680x 
Hg(x) = 256g" — 35944" + 134402? — 134402 * 
+ 160 
H(z) = 512%” — 92162" + 483841? — 806402" 
+ 302402 


Hio(x) = 1024x*” — 23040x* + 1612802° — 4032002* 


+ 3024002” — 30240. 
A class of generalized Hermite POLYNOMIALS yp (x) sat- 


isfying 
2 (x)¢” (26) 


was studied by Subramanyan (1990). A class of related 
POLYNOMIALS defined by 


Bete Ail 


ZE 
ham = 78 (22) 
y E (27) 
and with GENERATING FUNCTION 
pt” = ` hn,m(£)t" (28) 
n=0 


was studied by Djordjevié (1996). They satisfy 


Halt) =a a (o). (29) 


A modified version of the HERMITE POLYNOMIAL is 
sometimes defined by 


He, (2) = Hy (3) (30) 


see also MEHLER'S HERMITE POLYNOMIAL FORMULA, 
WEBER FUNCTIONS 
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Hermite Quadrature 
see HERMITE-GAUSS QUADRATURE 


Hermite’s Theorem 
e is TRANSCENDENTAL. 


Hermitian Form 
A combination of variables z and y given by 


axx” + bry” +b"x"y+cyy", 
where z” and y* are COMPLEX CONJUGATES. 


Hermitian Matrix 

If a MATRIX is SELF-ADJOINT, it is said to be a Hermi- 
tian matrix. Therefore, a Hermitian MATRIX is defined 
as one for which 


A=A', (1) 


where + denotes the ADJOINT MATRIX. Hermitian MA- 
TRICES have REAL EIGENVALUES with ORTHOGONAL 
EIGENVECTORS. For REAL MATRICES, Hermitian is the 
same as symmetrical. Any MATRIX C which is not Her- 
mitian can be expressed as the sum of two Hermitian 
matrices 


C=12(C+C') 4+ 4(C—C'). (2) 


Let U be a UNITARY MATRIX and A be a Hermitian 
matrix. Then the ADJOINT MATRIX of a SIMILARITY 
TRANSFORMATION is 


(UAU~*)' = UA)! 


UAU-!. (3) 


((UA)(U~*)]}f = (U 
= (Ut)t(ATUt) = UAU! = 


Hermitian Operator 


The specific matrix 


T—ÍY —2 


a | i Ed - aP, +yPa + 2P, (4) 


where P; are PAULI SPIN MATRICES, is sometimes called 
“the” Hermitian matrix. 


see also ADJOINT MATRIX, HERMITIAN OPERATOR, 
PAULI SPIN MATRICES 
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Hermitian Operator 
A Hermitian OPERATOR L is one which satisfies 


b b | 
J v* Lu dx = / uLv™ dz. (1) 
a l a 


As shown in STURM-LIOUVILLE THEORY, if L is SELF- 
ADJOINT and satisfies the boundary conditions 


f ti 
|v" pu ]z=a = [v" pu ]e=s, (2) 
then it is automatically Hermitian. Hermitian operators 
have REAL EIGENVALUES, ORTHOGONAL EIGENFUNC- 
TIONS, and the corresponding EIGENFUNCTIONS form a 
COMPLETE set when L is second-order and linear. In 
order to prove that EIGENVALUES must be REAL and 
EIGENFUNCTIONS ORTHOGONAL, consider 
Lui + Aiwu; = 0. (3) 
Assume there is a second EIGENVALUE A, such that 


Lu; + Aj;wu; = 0 (4) 


Lu;* + Aj wuj” =): (5) 


Now multiply (3) by u;* and (5) by us 


us Lui + uj Aiwu = 0 (6) 
uiLuj* + udj"wu;* =0 (7) 
us* Lu a ui Lu;" = (Aj* = AiJwuiu;”. (8) 


Now integrate 


b b b 
/ uj” Lu; a / uy Lu;* = (A;* = a) | WUiU; - (9) 
a a a 


But because L is Hermitian, the left side vanishes. 


b 
(A;" — x) | wuiu; = 0. (10) 
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If EIGENVALUES A; and A; are not degenerate, then 


b 
f, wuiuj* = 0, so the EIGENFUNCTIONS are ORTHOG- 
ONAL. If the EIGENVALUES are degenerate, the EIGEN- 
FUNCTIONS are not necessarily orthogonal. Now take 
i=j. 


b 
(A;* — x) f wuju; =0. (11) 


The integral cannot vanish unless u; = 0, so we have 
A¡* = A; and the EIGENVALUES are real. | 


For a Hermitian operator O, 
($109) = (ÖY) = (dle). (12) 


In integral notation, 
/ (AD) Y dx = / b* Åy da. (13) 
Given Hermitian operators A and B, 


a ia ad E 


Because, for a Hermitian operator A with EIGENVALUE 
a, 


(p| Ay) = (Alp) (15) 
a (plp) = a" (|). (16) 


Therefore, either (py) = 0 or a = a*. But (|y) = 0 
IFF Y = 0, so 
(199) 40, (17) 


for a nontrivial EIGENFUNCTION. ‘This means that 
a =a", namely that Hermitian operators produce REAL 
expectation values. Every observable must therefore 
have a corresponding Hermitian operator. Furthermore, 


(Un 49m) = (Adn|tm) (18) 
am (Ynl|Ym) = an” (Palm) = an (Palm) ; (19) 


since Gn = An”. Then 
(am — an) (Ynlbm) =O. (20) 
For @m A Qn (i.€., Yn # Um), 
(PnlYm) = 0. (21) 


For Qm = An (ie., Yn = Um), 


(bnlbm) = (nln) = 1. (22) 


Therefore, 


(Yn|bm) = fnm, (23) 
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so the basis of EIGENFUNCTIONS corresponding to a Her- 
mitian operator are ORTHONORMAL. Given two Hermi- 
tian operators Á and B, 
(AB) = Št Ät = BA=AB+{[B,A], (24) 


the operator AB equals (AB )', and is therefore Hermi- 
tian, only if ro 
[B, A] = 0. (25) 


Given an arbitrary operator A, 


(ai + Ale) = ((AT + A) lye) 
=((A+A)dilv2), (26) 


~ id 


so A+ Al is Hermitian. 


(qi |é(A — a) = (—i( Apila) 
as At) ida’, (27) 


so i(A — A?) is Hermitian. Similarly, 


(pr 1(44by2) = (Abdi A +2) = (AA) di lye) , 


a (28) 
so AA? is Hermitian. 
Define the Hermitian conjugate operator Al by 
(Apip) = (v1414) . (29) 


For a Hermitian operator, A = A!. Furthermore, given 
two Hermitian operators A and B, 


(y2|(AB)'b1) = ((AB)paldi) = (By 4 gr) 
= (pal Bt Ala) , (30) 
sO 
(AB) = BIA’. (31) 


By further iterations, this can be generalized to 
at Ft... BRA (32) 


see also ADJOINT OPERATOR, HERMITIAN MATRIX, 
SELF-ADJOINT OPERATOR, STURM-LIOUVILLE THE- 
ORY 
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Heron’s Formula 
Gives the AREA of a TRIANGLE in terms of the lengths 
of the sides a, b, and c and the SEMIPERIMETER 


s=3(a+b+c). (1) 


Heron's Formula 

Heron's formula then states 
A = 4/ s(s — a)(s — b)(s — c). (2) 
Expressing the side lengths a, 6, and c in terms of the 
radii a’, b’, and c’ of the mutually tangent circles cen- 


tered on the TRIANGLE vertices (which define the SODDY 
CIRCLES), 


a=b4+e (3) 
b=at+e (4) 
e=a +b, | (5) 


gives the particularly pretty form 


A = yabe (a! +b +c) (6) 


The proof of this fact was discovered by Heron (ca. 100 
BC-100 AD), although it was already known to Arch- 
imedes prior to 212 BC (Kline 1972). Heron’s proof 
(Dunham 1990) is ingenious but extremely convoluted, 
bringing together a sequence of apparently unrelated 
geometric identities and relying on the properties of 
CYCLIC QUADRILATERALS and RIGHT TRIANGLES. 


Heron’s proof can be found in Proposition 1.8 of his work 
Metrica. This manuscript had been lost for centuries 
until a fragment was discovered in 1894 and a complete 
copy in 1896 (Dunham 1990, p. 118). More recently, 
writings of the Arab scholar Abu’l Raihan Muhammed 
al-Biruni have credited the formula to Heron’s predeces- 


sor Archimedes (Dunham 1990, p. 127). 


A much more accessible algebraic proof proceeds from 
the LAW OF COSINES, 


b? +e — a? 


cos Á = or) a (7) 

Then 
TE a ee eee 

2be 

giving 
A= sbcsin A (9) 
= iy —a4 — bt — ct + 2b?c? + 2c?a? + 2a?b? (10) 
= i[(a +b + c)(—a +b + c)(a — b + c)(a +b- c)” 
(11) 
= y sís — a)(s — b)(s — c) (12) 


(Coxeter 1969). Heron's formula contains the PYTHAG- 
OREAN THEOREM. 
see also BRAHMAGUPTA’S FORMULA, BRETSCHNEIDER’S 


FORMULA, HERONIAN TETRAHEDRON, HERONIAN TRI- 
ANGLE, SODDY CIRCLES, SSS THEOREM, TRIANGLE 


Heron Triangle 
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Heron Triangle 
see HERONIAN TRIANGLE 


Heronian Tetrahedron 

A TETRAHEDRON with RATIONAL sides, FACE AREAS, 
and VOLUME. The smallest examples have pairs of op- 
posite sides (148, 195, 203), (533, 875, 888), (1183, 1479, 
1804), (2175, 2296, 2431), (1825, 2748, 2873), (2180, 
2639, 3111), (1887, 5215, 5512), (6409, 6625, 8484), and 
(8619, 10136, 11275). 


see also HERON’S FORMULA, HERONIAN TRIANGLE 
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Heronian Triangle 

A TRIANGLE with RATIONAL side lengths and RATIO- 
NAL AREA. Brahmagupta gave a parametric solution 
for integer Heronian triangles (the three side lengths and 
area can be multiplied by their LEAST COMMON MULTI- 
PLE to make them all INTEGERS): side lengths c(a? +b), 
b(a? + c*), and (b+ c)(a? — bc), giving SEMIPERIMETER 


s=a (b+c) 


and ÁREA 
A = abc(a + b)(a’ — be). 


The first few integer Hernonian triangles, sorted by in- 
creasing maximal side lengths, are (3, 4, 5), (6, 8, 10), (5, 
12, 13), (9, 12, 15), (4, 18, 15), (13, 14, 15), (9, 10, 17), 
... (Sloane’s A046128, A046129, and A046130), having 
areas 6, 24, 30, 54, 24, 84, 36, ... (Sloane’s A046131). 


Schubert (1905) claimed that Heronian triangles with 
two rational MEDIANS do not exist (Dickson 1952). This 
was shown to be incorrect by Buchholz and Rathbun 
(1997), who discovered six such triangles. 


see also HERON’S FORMULA, MEDIAN (TRIANGLE), PY- 
THAGOREAN TRIPLE, TRIANGLE 
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Herschel 


A HEPTOMINO shaped like the astronomical symbol for 
Uranus (which was discovered by William Herschel). 


Herschfeld’s Convergence Theorem 
For real, NONNEGATIVE terms £n and REAL p with 0 < 
p < 1, the expression 

lim zo + (zı + (z2 + (... + (2P YYY 


k- 00 


converges IFF (an)? is bounded. 
see also CONTINUED SQUARE ROOT 
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Hesse’s Theorem 
If two pairs of opposite VERTICES of a COMPLETE 
QUADRILATERAL are pairs of CONJUGATE POINTS, then 
the third pair of opposite VERTICES is likewise a pair of 
CONJUGATE POINTS. 


Hessenberg Matrix 


A matrix of the form 


a11 @12 013 41(n-1) din 
az1 Q22 023 42(n—1) Q2n 
0 a32 433 A3(n—1) d3n 
0 0 033 Qa(n—1) Aan 
0 0 0 @5(n—1) Q5n 
0 0 O0 OD @n-~1)(n-1) On-1)n 
0 0 0 0 anm- din 
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Hessian Covariant 


t H H 
H =|laa'a" |a,n-20,n-20yn-2 = 0. 
The nonsingular inflections of a curve are its nonsingular 
intersections with the Hessian. 
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Hessian Determinant 
The DETERMINANT 


a e 

H f(z, y) = ea ec 
o* f ð 

| OyOz ml 


appearing in the SECOND DERIVATIVE TEST as D = 
H f(x, y). 
see also SECOND DERIVATIVE TEST 
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Heteroclinic Point 

If intersecting stable and unstable MANIFOLDS (SEP- 
ARATRICES) emanate from FIXED POINTS of different 
families, they are called heteroclinic points. 


see also HOMOCLINIC POINT 


Heterogeneous Numbers 

Two numbers are heterogeneous if their PRIME factors 
are distinct. 

see also DISTINCT PRIME FACTORS, HOMOGENEOUS 
NUMBERS 
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Heterological Paradox 
see GRELLING’S PARADOX 


Heteroscedastic 
A set of STATISTICAL DISTRIBUTIONS having different 
VARIANCES. 


see also HOMOSCEDASTIC, VARIANCE 


Heterosquare 


Heuristic 


A heterosquare is an n x n ARRAY of the integers from 
1 to n? such that the rows, columns, and diagonals have 
different sums. (By contrast, in a MAGIC SQUARE, they 
have the same sum.) There are no heterosquares of order 
two, but heterosquares of every ODD order exist. They 
can be constructed by placing consecutive INTEGERS in 
a SPIRAL pattern (Fults 1974, Madachy 1979). 


An ANTIMAGIC SQUARE is a special case of a het- 
erosquare for which the sums of rows, columns, and main 
diagonals form a SEQUENCE of consecutive integers. 


see also ANTIMAGIC SQUARE, MAGIC SQUARE, TALIS- 
MAN SQUARE 
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Heuman Lambda Function 


holom) = FOET + = (m)Z(l1 - m), 


where ¢ is the AMPLITUDE, m is the PARAMETER, Z is 
the JACOBI ZETA FUNCTION, and F(¢|m’) and K(m) 
are incomplete and complete ELLIPTIC INTEGRALS OF 
THE FIRST KIND. 


see also ELLIPTIC INTEGRAL OF THE FIRST KIND, JA- 
COBI ZETA FUNCTION 
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Heun’s Differential Equation 


d'w (14 Odea Je 
dx? x «—l x-—aj) dz 
az —q _ 
NC 
where 
a+B=y-ó0-e+1=0. 
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Heuristic 
(1) Based on or involving trial and error. (2) Convincing 
without being rigorous. 
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By making measurements in regions where local diurnal 
variations of atmospheric conductivity are minor, by exclud- 
ing data collected during periods of local meteorological 
influence, and by averaging to remove the day-to-day vari- 
ability of global thunderstorm activity, a diurnal curve with 
a peak near 18 UT, a minimum near 03 UT and a range 
of some 30% of the mean was obtained. This is known as 
the global, ‘fair-weather’, diurnal variation, or the ‘Carnegie 
curve’. Bering (1995) gives a comprehensive interpretation 
of recent advances in this area. 

Humans are becoming increasingly concerned about 
changes — both natural and anthropogenic — in the Earth’s 
environment. Particular attention is being paid to the atmo- 
sphere, not only the troposphere, the region of the Earth’s 
weather and climate, but also the stratosphere — above it, 
which is where the ozone layer is. The springtime Antarc- 
tic ozone depletion, the so-called ozone hole, is the most 
popular example (see Farman et al., 1985; Rycroft, 1990; 
Solomon, 1999). Changes higher up, in the mesosphere, 
thermosphere and ionosphere may also be important. 

How does atmospheric electricity affect man and his tech- 
nological systems? Is our electrical environment changing 
significantly as a result of air pollution, the release of ra- 
dioactive materials, the construction of high-voltage power 
lines, and other activities, or by energetic charged particle 
effects in the atmosphere? It is clear that modern technolog- 
ical advances may be seriously affected by various electrical 
processes in the atmosphere or in space, and also that man 
is beginning to affect the electrical environment in which he 
resides. 


2. Physics of the global atmospheric circuit 


Atmospheric electricity plays various roles in the highly 
coupled system representing the Earth’s atmosphere and the 
near-Earth space environment. For further background in- 
formation, see Herman and Goldberg (1978). 

The conductivity of the fair-weather atmosphere near the 
surface is on the order of 107** mho/m, and it increases 
nearly exponentially with altitude up to 60 km, with a scale 
height of about 7 km. The main charge carriers below about 
60 km are small positive and negative ions that are produced 
primarily by galactic cosmic rays. Above 60 km, free elec- 
trons become more important as charge carriers and their 
high mobility abruptly increases the conductivity through- 
out the mesosphere. Above 80 km, the conductivity becomes 
anisotropic because of the influence of the geomagnetic field, 
and there are diurnal variations due to solar photoionization 
processes. The arena for the subject is included in the system 
shown in Fig. 1, which shows the Earth at the centre, sur- 
rounded by the atmosphere, ionosphere, the van Allen belts 
and magnetosphere deformed by the flowing solar wind. 

The area for the subject of atmospheric electricity is the 
electrically insulating concentric shell between the highly 
conducting Earth and the highly conducting ionosphere 
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Fig. 1. Diagram showing the Earth at the centre, surrounded by the 
atmosphere, ionosphere, the van Allen radiation belts and magne- 
tosphere deformed by the flowing solar wind (from Davies, 1990). 


(see Fig. 2); this is surrounded by “magnetospheric action”. 
Fig. 3, from Markson (1978), shows that the global electric 
circuit is believed to be driven by the upward current from 
thunderstorms, 1000 of them occurring around the globe 
at any one time. They occur mostly at low latitudes, over 
tropical land masses, in the local afternoon and evening. 
The more energetic thunderstorms reach higher into the 
atmosphere. 

It has been known for over two centuries that the solid 
and liquid Earth and its atmosphere are almost permanently 
electrified. The surface has a net negative charge, and there is 
an equal and opposite positive charge distributed throughout 
the atmosphere above the surface. The fair-weather electric 
field is typically from 100 to 300 V/m at the surface; there 
are diurnal, seasonal, and other time variations in this field 
that are caused by many factors. The atmosphere has a finite 
conductivity that increases with altitude; this conductivity 
is maintained primarily by galactic cosmic ray ionization. 
Near the Earth’s surface, the conductivity is large enough 
to dissipate any field in just 5—40 min (depending on the 
amount of pollution); therefore, the local electric field must 
be maintained by some almost continuous current source. 

According to the classical picture of atmospheric elec- 
tricity, the totality of thunderstorms acting together at any 
time charges the ionosphere to a potential of several hun- 
dred thousand Volts with respect to the Earth’s surface. 
This potential difference drives a vertical electric conduc- 
tion current downward from the ionosphere to the ground in 
all fair-weather regions of the globe. The fair weather elec- 
tric conduction current varies according to the ionospheric 
potential difference and the columnar resitance between the 
ionosphere and the ground. Horizontal currents flow freely 
along the highly conducting Earth’s surface and in the 


Hex Game 


Hex Game 
A two-player GAME. There is a winning strategy for 
the first player if there is an even number of cells on 
each side; otherwise, there is a winning strategy for the 
second player. 


References 

Gardner, M. Ch. 8 in The Scientific American Book of Math- 
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Hex Number 


The CENTERED HEXAGONAL NUMBER given by 
Ha =1+6T, = 2Hn-1 — Hn-2+6=3n* — 3n + 1, 


where Tn is the nth TRIANGULAR NUMBER. The first 
few hex numbers are 1, 7, 19, 37, 61, 91, 127, 169, ... 
(Sloane's A003215). The GENERATING FUNCTION of 
the hex numbers is 


a(x” + 4a +1) 


(i —2)3 = x + 7r? + 19r? + 37r +... 


The first TRIANGULAR hex numbers are 1 and 91, and 
the first few SQUARE ones are 1, 169, 32761, 6355441, ... 
(Sloane’s A006051). SQUARE hex numbers are obtained 
by solving the DIOPHANTINE EQUATION 


327 +1 = y’. 


The only hex number which is SQUARE and TRIANGU- 
LAR is 1. There are no CUBIC hex numbers. 


see also MAGIC HEXAGON, CENTERED SQUARE NUM- 
BER, STAR NUMBER, TALISMAN HEXAGON 
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Hex (Polyhex) 
see POLYHEX 


Hexadecimal 835 


Hex Pyramidal Number 

A FIGURATE NUMBER which is equal to the CUBIC 
NUMBER n°. The first few are 1, 8, 27, 64,... (Sloane’s 
A000578). 
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Hexa 
see POLYHEX 


Hexabolo 
A 6-POLYABOLO. 


Hexacontagon 
A 60-sided POLYGON. 


Hexacronic Icositetrahedron 


see GREAT HEXACRONIC ICOSITETRAHEDRON, SMALL 
HEXACRONIC [COSITETRAHEDRON 


Hexad 
A SET of six. 


see also MONAD, QUARTET, QUINTET, TETRAD, TRIAD 


Hexadecagon 


A 16-sided POLYGON, sometimes also called a HEX- 
AKAIDECAGON. 


see also POLYGON, REGULAR POLYGON, TRIGONOME- 
TRY VALUES—7r/16 


Hexadecimal 

The base 16 notational system for representing REAL 
NUMBERS. The digits used to represent numbers using 
hexadecimal NOTATION are 0, 1, 2, 3, 4, 5, 6, 7, 8, 9, A, 
B, C, D, E, and F. 

see also BASE (NUMBER), BINARY, DECIMAL, META- 
DROME, OCTAL, QUATERNARY, TERNARY, VIGESIMAL 
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836 Hexaflexagon 


Hexafiexagon 

A FLEXAGON made by folding a strip into adjacent 
EQUILATERAL TRIANGLES. The number of states possi- 
ble in a hexaflexagon is the CATALAN NUMBER C44 = 42. 


see also FLEXAGON, FLEXATUBE, TETRAFLEXAGON 
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Hexagon 


A six-sided POLYGON. In proposition IV.15, Euclid 
showed how to inscribe a regular hexagon in a CIRCLE. 
The INRADIUS r, CIRCUMRADIUS R, and AREA A can 
be computed directly from the formulas for a general 
regular POLYGON with side length s and n = 6 sides, 


r= scot (5) =3V35 (1) 

R= ¿scsc (=) =8 (2) 

A = ins’ cot (=) = 3/3 s? (3) 
4 6 2 ; 


Therefore, for a regular hexagon, 


— = sec (5) = y (4) 
(Bek w 


Hexagon 


A PLANE PERPENDICULAR to a C3 axis of a CUBE, 
DODECAHEDRON, or ICOSAHEDRON cuts the solid in 
a regular HEXAGONAL CROSS-SECTION (Holden 1991, 
pp. 22-23 and 27). For the CUBE, the PLANE passes 
through the MIDPOINTS of opposite sides (Steinhaus 
1983, p. 170; Cundy and Rollett 1989, p. 157; Holden 
1991, pp. 22-23). Since there are four such axes for the 
CUBE and OCTAHEDRON, there are four possibly hexag- 
onal cross-sections. Since there are four such axes in 
each case, there are also four possibly hexagonal cross- 
sections. 


Take seven CIRCLES and close-pack them together in a 
hexagonal arrangement. The PERIMETER obtained by 
wrapping a band around the CIRCLE then consists of 
six straight segments of length d (where d is the DIAME- 
TER) and 6 arcs with total length 1/6 of a CIRCLE. The 
PERIMETER is therefore 


p = (12 + 2r)r = 2(6 + rr)r. (6) 


see also CUBE, CYCLIC HEXAGON, DISSECTION, Do- 
DECAHEDRON, GRAHAM’S BIGGEST LITTLE HEXAGON, 
HEXAGON POLYIAMOND, HEXAGRAM, MAGIC HEXA- 
GON, OCTAHEDRON, PAPPUS’S HEXAGON THEOREM, 
PASCAL’S THEOREM, TALISMAN HEXAGON 
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Hexagon Polyiamond 


Hexagon Polyiamond 


Q9 


A 6-POLYIAMOND. 
see also HEXAGON 
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Hexagonal Number 


A FIGURATE NUMBER and 6-POLYGONAL NUMBER of 
the form n(2n — 1). The first few are 1, 6, 15, 28, 45, 

. (Sloane’s A000384). The GENERATING FUNCTION 
of the hexagonal numbers 


x(3x +1) 


=> — gz + 6r? + 157 +282* +... 


Every hexagonal number is a TRIANGULAR NUMBER 
since 


r(2r — 1) = į (2r — 1)[(2r — 1) + 1]. 


In 1830, Legendre (1979) proved that every number 
larger than 1791 is a sum of four hexagonal numbers, 
and Duke and Schulze-Pillot (1990) improved this to 
three hexagonal numbers for every sufficiently large in- 
teger. The numbers 11 and 26 can only be represented 
as a sum using the maximum possible of six hexagonal 
numbers: 


11=1+1+1+1+13+6 
26=1+1+6+6+64 6. 


see also FIGURATE NUMBER, HEX NUMBER, TRIANGU- 
LAR NUMBER 
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Hexahedron 837 


Hexagonal Pyramidal Number 

A PYRAMIDAL NUMBER of the form n(n + 1)(4n — 1)/6, 
The first few are 1, 7, 22, 50, 95, ... (Sloane's A002412). 
The GENERATING FUNCTION of the hexagonal pyrami- 
dal numbers is 


(3e+1) 724290 4 500% +... 
CEE 
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Hexagonal Scalenohedron 


An irregular DODECAHEDRON which is also a TRAPE- 
ZOHEDRON. 


see also DODECAHEDRON, TRAPEZOHEDRON 
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Hexagonal Tiling 
see TILING 


Hexagram 


The STAR POLYGON {6,2}, also known as the STAR OF 
DAVID. 


see also DISSECTION, PENTAGRAM, SOLOMON'S SEAL 
KNOT, STAR FIGURE, STAR OF LAKSHMI 


Hexagrammum Mysticum Theorem 
see PASCAL’S THEOREM 


Hexahedron 

A hexahedron is a six-sided POLYHEDRON. The regu- 
lar hexahedron is the CUBE, although there are seven 
topologically different CONVEX hexahedra (Guy 1994). 


see also CUBE 
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338 Hexahemioctahedron 


Hexahemioctahedron 
The DUAL POLYHEDRON of the CUBOHEMIOCTAHE- 
DRON. 


Hexakaidecagon 
see HEXADECAGON 


Hexakis Icosahedron 
see DISDYAKIS TRIACONTAHEDRON 


Hexakis Octahedron 
see DISDYAKIS DODECAHEDRON 


Hexlet 

Also called Soppy’s HEXLET. Consider three mutually 
tangent SPHERES A, B, and C. Then construct a chain 
of SPHERES tangent to each of A, B, and C threading 
and interlocking with the A — B — C ring. Surprisingly, 
every chain closes into a “necklace” after six SPHERES 
regardless of where the first SPHERE is placed. This is 
a special case of KOLLROS’ THEOREM. The centers of 
a Soddy hexlet always lie on an ELLIPSE (Ogilvy 1990, 
p. 63). 

see also COXETER’S LOXODROMIC SEQUENCE OF TAN- 
GENT CIRCLES, KOLLROS’ THEOREM, STEINER CHAIN 
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HexLife 

An alternative LIFE game similar to Conway’s, which 
is played on a hexagonal grid. No set of rules has yet 
emerged as uniquely interesting. 


see also HIGHLIFE 


References 

Hensel, A. “A Brief Illustrated Glossary of Terms in Con- 
way’s Game of Life.” http://www.cs.jhu.edu/-callahan/ 
glossary.html. 


Hexomino 
One of the 35 6-POLYOMINOES. 
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Heyting Algebra 
An ALGEBRA which is a special case of a LOGOS. 
see also LOGOS, TOPOS 


HighLife 


Hh Function 


Let 
AS (1) 
Q(x) = z ede (2) 


where Z and Q are closely related to the NORMAL DIS- 
TRIBUTION FUNCTION, then 


Hh_,,(x) = (-1) 427 z"? (2) (3) 
Hh, (x) = Cn 2 ES] (4) 


see also NORMAL DISTRIBUTION FUNCTION, TETRA- 
CHORIC FUNCTION 


Hi-Q 

A triangular version of PEG SOLITAIRE with 15 holes 
and 14 pegs. Numbering hole 1 at the apex of the tri- 
angle and thereafter from left to right on the next lower 
row, etc., the following table gives possible ending holes 
for a single peg removed (Beeler et al. 1972, Item 76). 
Because of symmetry, only the first five pegs need be 
considered. Also because of symmetry, removing peg 2 
is equivalent to removing peg 3 and flipping the board 
horizontally. 


remove possible ending pegs 


1 1,7= 10, 13 
2 2,6, 11, 14 

4 3=12,4,9,15 
5 13 
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Higher Arithmetic 
An archaic term for NUMBER THEORY. 


Highest Weight Theorem 

A theorem proved by E. Cartan (1913) which classifies 
the irreducible representations of COMPLEX semisimple 
LIE ALGEBRAS. 
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HighLife 

An alternate set of LIFE rules similar to Conway’s, but 
with the additional rule that six neighbors generate a 
birth. Most of the interest in this variant is due to the 
presence of a so-called replicator. 


see also HEXLIFE, LIFE 
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Highly Abundant Number 


Highly Abundant Number 
see HIGHLY COMPOSITE NUMBER 


Highly Composite Number 

A COMPOSITE NUMBER (also called a SUPERABUNDANT 
NUMBER) is a number n which has more FACTORS than 
any other number less than n. In other words, o(n)/n 
exceeds o(k)/k for all k < n, where a(n) is the DIVISOR 
FUNCTION. They were called highly composite numbers 
by Ramanujan, who found the first 100 or so, and su- 
perabundant by Alaoglu and Erdós (1944). 


There are an infinite numbers of highly composite num- 
bers, and the first few are 2, 4, 6, 12, 24, 36, 48, 60, 
120, 180, 240, 360, 720, 840, 1260, 1680, 2520, 5040, ... 
(Sloane's A002182). Ramanujan (1915) listed 102 up 
to 6746328388800 (but omitted 293, 318, 625, 600, and 
29331862500). Robin (1983) gives the first 5000 highly 
composite numbers, and a comprehensive survey is given 


by Nicholas (1988). 


If 
N= 992303 des por (1) 


is the prime decomposition of a highly composite num- 
ber, then 


1. The PRIMES 2, 3,..., p form a string of consecutive 
PRIMES, 

2. The exponents are nonincreasing, so a2 > a3 >... 2 
ap, and 


3. The final exponent a, is always 1, except for the two 
cases N = 4 = 2? and N = 36 = 2? - 3”, where it is 
2: 


Let Q(z) be the number of highly composite numbers 
< x. Ramanujan (1915) showed that 


m Q(z) _ 00. (2) 


200 nz 


Erdős (1944) showed that there exists a constant cı > 0 
such that 


Q(z) > (na) +2 (3) 


Nicholas proved that there exists a constant c2 > 0 such 
that 
Q(z) < (Inz)”. (4) 


see also ABUNDANT NUMBER 
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Higman-Sims Group 
The SPORADIC GROUP HS. 
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Hilbert’s Axioms 

The 21 assumptions which underlie the GEOMETRY pub- 
lished in Hilbert’s classic text Grundlagen der Geome- 
trie. The eight INCIDENCE AXIOMS concern collinear- 
ity and intersection and include the first of EUCLID’S 
POSTULATES. The four ORDERING AXIOMS concern the 
arrangement of points, the five CONGRUENCE AXIOMS 
concern geometric equivalence, and the three CONTINU- 
ITY AXIOMS concern continuity. There is also a single | 
parallel axiom equivalent to Euclid’s PARALLEL POSTU- 
LATE. 


see also CONGRUENCE AXIOMS, CONTINUITY AXIOMS, 
INCIDENCE AXIOMS, ORDERING AXIOMS, PARALLEL 
POSTULATE 
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Hilbert Basis Theorem 
If R is a NOETHERIAN RING, then S = R[X] is also a 
NOETHERIAN RING. 


see also ALGEBRAIC VARIETY, FUNDAMENTAL SYSTEM, 
SYZYGY 
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Hilbert’s Constants 
.N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Extend HILBERT’S INEQUALITY by letting p,q > 1 and 


1 1 
p q 
so that 
1 1 
O<A=2--=--S<l. (2) 
P q 


Levin (1937) and Stečkin (1949) showed that 


A ambn r(q — 1) e 
A e E | > |} 


m=1n=1 


00 1/p oo 1/q 
x / (St) ae / (a)l de) (3) 
and 
f(z)o(y) (q — D) i 


/ 0 (x + y) Pp 


00 1/p co 1/q 
0 SoY dz) (| ala) dz) s (4) 


Mitrinovic et al. (1991) indicate that this constant is the 
best possible. 


dx dy < rm esc | 


see also HILBERT’S INEQUALITY 
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Hilbert Curve 


ae | 


A LINDENMAYER SYSTEM invented by Hilbert (1891) 
whose limit is a PLANE-FILLING CURVE a ai 
a square. ‘Traversing the VERTICES of an n-D HY- 
PERCUBE in GRAY CODE order produces a genera- 
tor for the n-D Hilbert curve (Goetz). The Hilbert 
curve can be simply encoded with initial string 
"L", STRING REWRITING rules "L" -> "+RF-LFL-FR+", 


"R"->"-LF+RFR+FL-", and angle 90° (Peitgen and Saupe ~ 


1988, p. 278). 


Hilbert Hotel 


A related curve is the Hilbert II curve, shown 
above (Peitgen and Saupe 1988, p. 284). It is 
also a LINDENMAYER SYSTEM and the curve can be 
encoded with initial string "X", STRING REWRIT- 
ING rules "X" -> "XFYFX+F+YFXFY-F-XFYFX", "Y" -> 
"YFXFY-F-XFYFX+F+YFXFY", and angle 90°. 


see also LINDENMAYER SYSTEM, PEANO CURVE, 
PLANE-FILLING CURVE, SIERPINSKI CURVE, SPACE- 
FILLING CURVE 
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Hilbert Function 

Let T = [p1,...,pm) CP” be a collection of m distinct 
points. Then the number of conditions imposed by T 
on forms of degree d is called the Hilbert function hr of 
T. If curves Xı and X2 of degrees d and e meet in a 
collection T of d - e points, then for any k, the number 
hr(k) of conditions imposed by T on forms of degree k 
is independent of Xı and X> and is given by 


rea) = (139) (529) 
k-e+2 k-d-—e+2 
A A 


where the BINOMIAL COEFFICIENT (3) is taken as 0 if 
a < 2 (Cayley 1843). 
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Hilbert Hotel 

Let a hotel have a DENUMERABLE set of rooms num- 
bered 1, 2, 3, Then any finite number n of 
guests can be accommodated without evicting the cur- 
rent guests by moving the current guests from room 12 
to room į + n. Furthermore, a DENUMERABLE number 


Hilbert’s Inequality 


of guests can be similarly accommodated by moving the 
existing guests from 1 to 22, freeing up a DENUMERABLE 
number of rooms 27 — 1. 
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Hilbert’s Inequality 
Given a POSITIVE SEQUENCE {an}, 


oO 


Ss [an |?, 


n= — 00 


where the ans are REAL and “square summable.” 


Another INEQUALITY known as Hilbert's applies to 
NONNEGATIVE sequences {an} and {bn}, 


mX=l 


unless all an or all b, are 0. If f(x) and g(x) are NON- 
NEGATIVE integrable functions, then the integral form 
ls 


¡A Re de dy < mese (z) 
x / FEF d) ( | Toae) 


The constant 7 csc(7/P) is the best possible, in the sense 
that counterexamples can be constructed for any smaller 
value. 
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Hilbert Matrix 
A MATRIX H with elements 


Hij = (+j _ D 


for i,j = 1, 2,..., n. Although the MATRIX INVERSE is 
given analytically by 


Je (n+i- 1) Un+3-1)! 
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Hilbert matrices are difficult to invert numerically. The 
DETERMINANTS for the first few values of H,, are given 
in the following table. 


n det(H,) 

1 

8.33333 x 10”? 

4.62963 x 10-4 

1.65344 x 1077 

3.74930 x 107}? 
5.36730 x 107 * 


oo me & Be 


Hilbert’s Nullstellansatz 

Let K be an algebraically closed field and let J be an 
IDEAL in K(x), where x = (£1, %2,...,%n) is a finite set 
of indeterminates. Let p € K(x) be such that for any 
(c1,-.-,¢n) in K”, if every element of J vanishes when 
evaluated if we set each (x; = c;), then p also vanishes. 
Then p’ lies in I for some j. Colloquially, the theory of 
algebraically closed fields is a complete model. 


Hilbert Number 
see GELFOND-SCHNEIDER CONSTANT 


Hilbert Polynomial 

Let IT be an ALGEBRAIC CURVE in a projective space of 
DIMENSION n, and let p be the PRIME IDEAL defining I, 
and let x(p,m) be the number of linearly independent 
forms of degree m modulo p. For large m, x(p, m) is a 
POLYNOMIAL known as the Hilbert polynomial. 
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Hilbert’s Problems 

A set of (originally) unsolved problems in mathematics 
proposed by Hilbert. Of the 23 total, ten were presented 
at the Second International Congress in Paris in 1900. 
These problems were designed to serve as examples for 
the kinds of problems whose solutions would lead to the 
furthering of disciplines in mathematics. 


la. Is there a transfinite number between that of a 
DENUMERABLE SET and the numbers of the CON- 
TINUUM? This question was answered by Godel 
and Cohen to the effect that the answer depends 
on the particular version of SET THEORY as- 
sumed. 


1b. Can the CONTINUUM of numbers be considered a 
WELL-ORDERED SET? This question is related 
to Zermelo’s AXIOM OF CHOICE. In 1963, the 
AXIOM OF CHOICE was demonstrated to be inde- 
pendent of all other AXIOMS in SET THEORY, so 
there appears to be no universally valid solution 
to this question either. 


2. Can it be proven that the AXIOMS of logic are con- 
sistent? GODEL’S INCOMPLETENESS THEOREM 
indicated that the answer is “no,” in the sense 
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Hilbert's Problems 


that any formal system interesting enough to for- 
mulate its own consistency can prove its own con- 
sistency IFF it is inconsistent. 


. Give two TETRAHEDRA which cannot be de- 


composed into congruent TETRAHEDRA directly 
or by adjoining congruent TETRAHEDRA. Max 
Dehn showed this could not be done in 1902. 
W. F. Kagon obtained the same result indepen- 
dently in 1903. 


. Find GEOMETRIES whose AXIOMS are closest to 


those of EUCLIDEAN GEOMETRY if the ORDERING 
and INCIDENCE AXIOMS are retained, the CON- 
GRUENCE AXIOMS weakened, and the equivalent 
of the PARALLEL POSTULATE omitted. This prob- 
lem was solved by G. Hamel. 


. Can the assumption of differentiability for 


functions defining a continuous transformation 
GROUP be avoided? (This is a generalization of 
the CAUCHY FUNCTIONAL EQUATION.) Solved by 
John von Neumann in 1930 for bicompact groups. 
Also solved for the ABELIAN case, and for the solv- 
able case in 1952 with complementary results by 
Montgomery and Zipin (subsequently combined 
by Yamabe in 1953). Andrew Glean showed in 
1952 that the answer is also “yes” for all locally 
bicompact groups. 


. Can physics be axiomized? 


7. Let a #4140 be ALGEBRAIC and 6 IRRATIONAL. 


10. 


11. 


12. 


13. 


Is af then TRANSCENDENTAL? Proved true in 
1934 by Aleksander Gelfond (GELFOND's THEO- 
REM; Courant and Robins 1996). 


. Prove the RIEMANN HYPOTHESIS. The CONJEC- 


TURE has still been neither proved nor disproved. 


. Construct generalizations of the RECIPROCITY 


THEOREM of NUMBER THEORY. 


Does there exist a universal algorithm for solving 
DIOPHANTINE EQUATIONS? The impossibility of 
obtaining a general solution was proven by Ju- 
lia Robinson and Martin Davis in 1970, following 
proof of the result that the equation n = Fam 
(where Fam is a FIBONACCI NUMBER) is Dio- 
phantine by Yuri Matijasevich (Matijasevi¿ 1970, 
Davis 1973, Davis and Hersh 1973, Matijasevic 
1993). 


Extend the results obtained for quadratic fields to 
arbitrary INTEGER algebraic fields. 


Extend a theorem of Kronecker to arbitrary alge- 
braic fields by explicitly constructing Hilbert class 
fields using special values. This calls for the con- 
struction of HOLOMORPHIC FUNCTIONS in several 
variables which have properties analogous to the 
exponential function and elliptic modular func- 
tions (Holtzapfel 1995). 


Show the impossibility of solving the general sev- 
enth degree equation by functions of two variables. 


Hilbert’s Problems 


14. Show the finiteness of systems of relatively inte- 
gral functions. 

15. Justify Schubert’s ENUMERATIVE GEOMETRY 
(Bell 1945). 

16. Develop a topology of REAL algebraic curves and 
surfaces. The SHIMURA-TANIYAMA CONJECTURE 
postulates just this connection. See Ilyashenko 
and Yakovenko (1995) and Gudkov and Utkin 
(1978). 

17. Find a 
SQUARES. 


18. Build spaces with congruent POLYHEDRA. 


representation of definite form by 


19. Analyze the analytic character of solutions to vari- 
ational problems. 


20. Solve general BOUNDARY VALUE PROBLEMS. 


21. Solve differential equations given a MONODROMY 
GROUP. More technically, prove that there always 
exists a FUCHSIAN SYSTEM with given singular- 
ities and a given MONODROMY GROUP. Several 
special cases had been solved, but a NEGATIVE so- 
lution was found in 1989 by B. Bolibruch (Anasov 
and Bolibruch 1994). 


22. Uniformization. 


23. Extend the methods of CALCULUS OF VARIA- 
TIONS. 
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Hilbert-Schmidt Norm 


Hilbert-Schmidt Norm 
The Hilbert-Schmidt norm of a MATRIX Á is defined as 


Ala == 


Hilbert-Schmidt Theory 
The study of linear integral equations of the Fredholm 
type with symmetric kernels 


K(zx,t) = K(t, x). 
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Hilbert Space 
A Hilbert space is VECTOR SPACE H with an INNER 
PRODUCT (f,g) such that the NORM defined by 


Ifl= VASP) 


turns H into a COMPLETE METRIC SPACE. If the INNER 
PRODUCT does not so define a NORM, it is instead known 
as an INNER PRODUCT SPACE. 


Examples of FINITE-dimensional Hilbert spaces include 


1. The REAL NUMBERS R” with (v, u) the vector DOT 
PRODUCT of v and u. 


2. The COMPLEX NUMBERS C” with (v,u) the vector 
Dot PRODUCT of v and the COMPLEX CONJUGATE 
of u. 


An example of an INFINITE-dimensional Hilbert space is 
L?, the SET of all Functions f : R > R such that the 
INTEGRAL of f? over the whole REAL LINE is FINITE. 
In this case, the INNER PRODUCT is 


(fa) = | Fle) de 


A Hilbert space is always a BANACH SPACE, but the 
converse need not hold. 


see also BANACH SPACE, L2-NORM, L2-SPACE, LIOU- 
VILLE SPACE, PARALLELOGRAM LAW, VECTOR SPACE 
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Hilbert’s Theorem 

Every MODULAR SYSTEM has a MODULAR SYSTEM 
BASIS consisting of a finite number of POLYNOMIALS. 
Stated another way, for every order n there exists a non- 
singular curve with the maximum number of circuits and 


the maximum number for any one nest. 
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Hilbert Transform 


gu) = = a 
_ 1 f” gy dy 
rozi We. 


see also TITCHMARSH THEOREM 
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Hill Determinant 
A DETERMINANT which arises in the solution of the 
second-order ORDINARY DIFFERENTIAL EQUATION 


dw dw h? 

2 1,2,2 , 112 

e ——— —— — — — = — x 

x a FT + (4 + 3h b+ )»- (1) 


Writing the solution as a POWER SERIES 


oo 
n= —oo 
gives a RECURRENCE RELATION 


Wanda +[2h* — 4b + 16(n + 1 5) an +h*an-1 = 0. (3) 


The value of s can be computed using the Hill determi- 
nant. 


=> 1-0 oia? a? 
A(s) = 2 ar > , (4) 
0 0 _ B? (e —1)? -—a? 


where 
o= 58 (5) 
a = ib- ih (6) 
B= gh, (7) 
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and ø is the variable to solve for. The determinant can 
be given explicitly by the amazing formula 


- 2 
sin“ (78/2) 
ASAS a (8) 
sin (m/b — 5h?) 
where 
A(0) 
: 7 : 
1 VEST eT 0 0 
Sahi 1 e EA 0 
64+2h*-—ab 644 2h? -—4b 
en EE 0 pe ae 1 i 
Pe 1642h? —4b > 16+2hA? --4b , 
0 0 AET 1 
h? 
0 0 0 1612h2-4b 
(9) 


leading to the implicit equation for s, 


sin” (478) = A(0) sin? (jayb — sre | . (10) 


see also HILL’S DIFFERENTIAL EQUATION 
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Hill’s Differential Equation 


dz 
rr (t)z, 
where ¢ is periodic. It can be written as 

du lo D 

da? + 0+2 y n cos(2nz)| =0, 


n=l 


where n are known constants. A solution can be given 
by taking the “DETERMINANT” of an infinite MATRIX. 


see also HILL DETERMINANT 


Hillam’s Theorem 

If f : [a,b] — [a,b] (where [a,b] denotes the CLOSED 
INTERVAL from a to b on the REAL LINE) satisfies a 
LIPSCHITZ CONDITION with constant K, i.e., if 


IF) — Fly)| < Klz — y] 
for all x, y € [a,b], then the iteration scheme 
Enti = (1 — A)Jtn + Af (tn), 


where A = 1/(K +1), converges to a FIXED POINT of f. 


Hippopede 
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Hindu Check 
see CASTING OUT NINES 


Hinge 
1 M 4n+5 
150 895 1895 
250 895 1099 1775 
688 895 1166 1699 
795 75 1333 1693 
795 1499 
Hy H 


The upper and lower hinges are descriptive statistics of 
a set of N data values, where N is of the form N = 
4n +5 with n = 0, 1, 2,.... The hinges are obtained by 
ordering the data in increasing order ai, ..., an, and 
writing them out in the shape of a “w” as illustrated 
above. The values at the bottom legs are called the 
hinges Hı and H2 (and the central peak is the MEDIAN). 
In this ordering, 


Hı = an+2 = Q(N+3)/4 
M = a2n43 = Q(N+1)/2 


Hz = a3n+4 = Q(3N+1)/4- 


For N of the form 4n + 5, the hinges are identical to 
the QUARTILES. The difference Hz — Hi is called the 
H-SPREAD. 


see also H-SPREAD, HABERDASHER’S PROBLEM, ME- 
DIAN (STATISTICS), ORDER STATISTIC, QUARTILE, 
TRIMEAN 
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Hippias’ Quadratrix 
see QUADRATRIX OF HIPPIAS 
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Fig. 2. Diagram showing the upward current to the ionosphere generated by thunderstorms; the ionosphere is approximately an equipotential 
surface, at +250 kV with respect to the Earth’s surface (from Markson, 1983). 


lonosphere 


Fig. 3. Diagram of the global electric circuit (bold); the current 
flowing in the circuit is determined mainly by the current in the 
generator representing the sum of thunderstorms around the world, 
in the charging resistor above, and in the resistor representing more 
than the boundary layer below. Also important are increases in the 
ionising radiation which, from time to time, reduce the conductivity 
of the middle atmosphere (from Markson, 1978). 


ionosphere. A current flows upward from a thunderstorm 
cloud top toward the ionosphere and also from the ground 
into the thunderstorm generator, closing the circuit. The 
global fair-weather load resistance is of the order of 100 Q, 
as indicated in Fig. 3. 

A few measurements have been made that give the mag- 
nitude of the current flowing upward over the whole area of 
a thundercloud (Kasemir, 1979). The currents range from 
0.1 up to 6 A, with an average between about 0.5 and 1 A 
per thunderstorm cell (Blakeslee et al., 1989). 

The topic is not as simple as it seems initially — there are 
many variations. It is a problem of global scale, but with spa- 
tial variations of important parameters, on the regional scale 


(e.g. in the geomagnetic latitude, or geographic longitude), 
on the local scale, and also with altitude. At higher geomag- 
netic latitudes, the conductivity of the air, ø, is larger due to 
the larger flux of ionising radiation there due to cosmic rays 
(~ > 1 GeV ions) or to relativistic charged particle precipi- 
tation from the magnetosphere (> 1 GeV ions or > 1 MeV 
electrons). The cosmic ray fluxes are somewhat reduced at 
the time of a Forbush decrease and, for certain geomagnetic 
storms, the fluxes of magnetospheric origin are enhanced. 

Fig. 3 illustrates one thunderstorm representing all 10° ac- 
tive thunderstorms occurring over less than 1% of the Earth’s 
surface, and each generating ~1 A. Thus, an upward cur- 
rent of ~1 kA is driven through the “charging resistor’, of 
10°-10° Q. This current flows through the almost perfectly 
conducting ionosphere. The return current of 1 kA flows 
through the fair weather atmosphere, over 99% of Earth’s 
surface remote from thunderstorms; the “discharging resis- 
tor”, or load resistor, has the value ~2 x 10? Q globally. 

It is generally convenient to regard the highly (but not 
perfectly ) conducting ionosphere as an equipotential surface 
locally, at a potential of about +250 kV with respect to 
the Earth. However, the ionosphere is not an equipotential 
surface globally, because of 


e the dawn-to-dusk potential difference (up to ~100 kV) 
across the polar cap arising from the interaction of the 
solar wind with the magnetosphere (see Fig. 2), which 
causes the two-cell convection pattern of the polar 
F-region, 

e potential differences (up to ~100 kV) associated with 
auroral/magnetospheric processes, 

e unipolar induction, due to the rotation of the Earth’s mag- 
netic field, so that the equator is at a potential of —91 kV 
with respect to the pole, in the centred dipole approxima- 
tion, in an inertial frame of reference, and 


Histogram 


A curve also known as a HORSE FETTER and given by 
the polar equation 


r? = 4b(a — bsin? 6). 
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Histogram 


2 


` 7 


3 6 9 10 
The grouping of data into bins (spaced apart by the so- 
called CLAss INTERVAL) plotting the number of mem- 
bers in each bin versus the bin number. The above his- 
togram shows the number of variates in bins with CLASS 
INTERVAL 1 for a sample of 100 real variates with a UN- 
IFORM DISTRIBUTION from 0 and 10. Therefore, bin 1 
gives the number of variates in the range 0-1, bin 2 gives 


the number of variates in the range 1-2, etc. 


1 2 4 5 8 


see also OGIVE 


Hitch 
A KNOT that secures a rope to a post, ring, another 
rope, etc., but does not keep its shape by itself. 


see also CLOVE HITCH, KNOT, LINK, LOOP (KNOT) 
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Hitting Set 

Let S be a collection S of subsets of a finite set X. The 
smallest subset Y of X that meets every member of S 
is called the hitting set or VERTEX COVER. Finding the 
hitting set is an NP-COMPLETE PROBLEM. 


Hjelmslev’s Theorem 

When all the points P on one line are related by an 
ISOMETRY to all points P’ on another, the MIDPOINTS 
of the segments PP’ are either distinct and collinear or 
coincident. 


Hodge’s Theorem 845 


HJLS Algorithm 

An algorithm for finding INTEGER RELATIONS whose 
running time is bounded by a polynomial in the num- 
ber of real variables. It is much faster than other algo- 
rithms such as the FERGUSON-FORCADE ALGORITHM, 
LLL ALGORITHM, and PSOS ALGORITHM. 


Unfortunately, it is numerically unstable and therefore 
requires extremely high precision. The cause of this in- 
stability is not known (Ferguson and Bailey 1992), but is 
believed to derive from its reliance on GRAM-SCHMIDT 
ORTHONORMALIZATION, which is know to be numeri- 
cally unstable (Golub and van Loan 1989). 


see also FERGUSON-FORCADE ALGORITHM, INTEGER 
RELATION, LLL ALGORITHM, PSLQ ALGORITHM, 
PSOS ALGORITHM 
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HK Integral 

Named after Henstock and Kurzweil. Every LEBESGUE 
INTEGRABLE function is HK integrable with the same 
value. 


References 
Shenitzer, A. and Steprans, J. “The Evolution of Integra- 
tion.” Amer. Math. Monthly 101, 66-72, 1994. 


Hodge Star 
On an oriented n-D RIEMANNIAN MANIFOLD, the Hodge 
star is a linear FUNCTION which converts alternating 
DIFFERENTIAL k-FORMS to alternating (n — k)-forms. 
If w is an alternating kK-FORM, its Hodge star is given 
by 

w(v1,...,Uk) = (“w)(ve41,---, Un) 


when v1, ..., Un is an oriented orthonormal basis. 


see also STOKES’ THEOREM 


Hodge’s Theorem 

On a compact oriented FINSLER MANIFOLD without 
boundary, every COHOMOLOGY class has a UNIQUE har- 
monic representative. The DIMENSION of the SPACE of 
all harmonic forms of degree p is the pth BETTI NUMBER 
of the MANIFOLD. 


see also BETTI NUMBER, COHOMOLOGY, DIMENSION, 
FINSLER MANIFOLD 


References 


Chern, S.-S. “Finsler Geometry is Just Riemannian Geome- 
try without the Quadratic Restriction.” Not. Amer. Math. 
Soc. 43, 959-963, 1996. 
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Hoehn’s Theorem 


A geometric theorem related to the PENTAGRAM and 
also called the PRATT-KASAPI THEOREM. 


[Vi W1] |V2 W2] |V3W3] |Va Wal |VsWs| 


[Wa V3] |W Va| [W4 Vs] [Ws Va| [Wi Va] — 
IVi Wal |V2 W3] ¡Va Wa] | Va Ws] | Vs W1 | = 


|WiV3| |WeVa| |W3Vs| |WaVi| |WsV2| 


In general, it is also true that 


[vW] IViVisiVigsal [ViVi VizaVies| 
WirrVi+al [Vi Vi+1 Vi+2Vi+a| [ViteViesVier| | 


This type of identity was generalized to other figures in 
the plane and their duals by Pinkernell (1996). 
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Hoffman’s Minimal Surface 

A minimal embedded surface discovered in 1992 con- 
sisting of a helicoid with a HOLE and HANDLE (Science 
News 1992). It has the same topology as a punctured 
sphere with a handle, and is only the second complete 
embedded minimal surface of finite topology and infi- 
nite total curvature discovered (the HELICOID being the 
first). 


A three-ended minimal surface GENUS 1 is sometimes 
also called Hoffman’s minimal surface (Peterson 1988). 


see also HELICOID 
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Hoffman-Singleton Graph 

The only GRAPH of DIAMETER 2, GIRTH 5, and VA- 
LENCY 7. It contains many copies of the PETERSEN 
GRAPH. 
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Hofstadter-Conway $10,000 Sequence 
The INTEGER SEQUENCE defined by the RECURRENCE 
RELATION 


a(n) = a(a(n — 1)) + a(n — a(n — 1)), 


with a(1) = a(2) = 1. The first few values are 1, 1, 
2, 2, 3, 4, 4, 4, 5, 6, ... (Sloane’s A004001). Plotting 
a(n)/n against n gives the BATRACHION plotted below. 
Conway (1988) showed that limn_,.. a(n)/n = 1/2 and 
offered a prize of $10,000 to the discoverer of a value of n 
for which |a(z)/i — 1/2| < 1/20 for i > n. The prize was 
subsequently claimed by Mallows, after adjustment to 
Conway’s “intended” prize of $1,000 (Schroeder 1991), 
who found n = 1489. 


a(n)/n takes a value of 1/2 for n of the form 2* with 
k=1,2,.... Pickover (1996) gives a table of analogous 
values of n corresponding to different values of la(n)/n-— 
1/2| < e. 


0 200 400 600 800 1000 


see also BLANCMANGE FUNCTION, HOFSTADTER’S Q- 
SEQUENCE, MALLOW’S SEQUENCE 
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Hofstadter Figure-Figure Sequence 
Define F(1) = 1 and S(1) = 2 and write 


F(n) = F(n- 1)+5S(n-— 1), 


where the sequence (S(n)) consists of those integers 
not already contained in {F'(n)}. For example, F(2) = 
F(1) + S(1) = 3, so the next term of S(n) is S(2) = 4, 
giving F(3) = F(2) + S(2) = 7. The next integer is 5, 
so S(3) = 5 and F(4) = F(3) + S(3) = 12. Continuing 
in this manner gives the “figure” sequence F(n) as 1, 3, 
7, 12, 18, 26, 35, 45, 56, ... (Sloane's A005228) and the 
“space” sequence as 2, 4, 5, 6, 8, 9, 10, 11, 13, 14, ... 
(Sloane's A030124). 
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Hofstadter G-Sequence 
The sequence defined by G(0) = 0 and 


G(n) =n — G(G(n-— 1)). 


The first few terms are 1, 1, 2, 3, 3, 4, 4, 5, 6, 6, 7, 8, 8, 
9,9,... (Sloane's A005206). | 
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Hofstadter H-Sequence 
The sequence defined by H(0) = 0 and 


H(n) =n — H(H(H (n-— 1))). 


The first few terms are 1, 1, 2, 3, 4, 4, 5, 5, 6, 7, 7, 8, 9, 
10, 10, 11, 12, 13, 13, 14, ... (Sloane’s A005374). 
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Hofstadter Male-Female Sequences 
The pair of sequences defined by F(0) = 1, M(0) = 0, 
and 


F(n) =n- M(F(n-1)) 
M(n) =n- F(M(n-— 1)). 


The first few terms of the “male” sequence M(n) are 
0, 1, 2, 2, 3, 4, 4, 5, 6, 6, 7, 7, 8, 9, 9, ... (Sloane's 
A005379), and the first few terms of the “female” se- 
quence F(n) are 1, 2, 2, 3, 3, 4, 5, 5, 6, 6, 7, 8, 8, 9, 9, 
... (Sloane’s A005378). 
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Hofstadter Point | 
The r-HOFSTADTER TRIANGLE of a given TRIANGLE 
AABC is perspective to AABC, and the PERSPECTIVE 
CENTER is called the Hofstadter point. The TRIANGLE 
CENTER FUNCTION is 


_ sin(rA) 
— osin(r—rA)' 


As r — 0, the TRIANGLE CENTER FUNCTION ap- 
proaches 


and as r > 1, the TRIANGLE CENTER FUNCTION ap- 
proaches 


a = —. 


A 
see also HOFSTADTER TRIANGLE 
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Hofstadter’s Q-Sequence 


The INTEGER SEQUENCE given by 


Q(n) = Q(n — Q(n — 1)) + Q(n — Q(n — 2)), 


with Q(1) = Q(2) = 1. The first few values are 1, 1, 2, 3, 
3,4,5,5,6,6,... (Sloane's A005185; illustrated above). 
These numbers are sometimes called Q-NUMBERS. 

see also HOFSTADTER-CONWAY $10,000 SEQUENCE, 
MALLOW’S SEQUENCE 
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Hofstadter Sequences 

Let bı = 1 and bz = 2 and for n > 3, let bn be the least 
INTEGER > bn-ı which can be expressed as the Sum of 
two or more consecutive terms. The resulting sequence 
is 1, 2, 3, 5, 6, 8, 10, 11, 14, 16,... (Sloane’s A005243). 
Let cı = 2 and ca = 3, form all possible expressions of 
the form cic; — 1 for 1 < i <j < n, and append them. 
The resulting sequence is 2, 3, 5, 9, 14, 16, 17, 18, ... 
(Sloane’s A05244). 


see also HOFSTADTER-CONWAY $10,000 SEQUENCE, 
HOFSTADTER'S Q-SEQUENCE 
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Hofstadter Triangle 
For a NONZERO REAL NUMBER r and a TRIANGLE 
AABC, swing LINE SEGMENT BC about the vertex B 
towards vertex A through an ANGLE rB. Call the line 
along the rotated segment L. Construct a second line L’ 
by rotating LINE SEGMENT BC about vertex C through 
an ANGLE rC. Now denote the point of intersection of L 
and L' by A(r). Similarly, construct B(r) and C(r). The 
TRIANGLE having these points as vertices is called the 
Hofstadter r-triangle. Kimberling (1994) showed that 
the Hofstadter triangle is perspective to AABC, and 
calls PERSPECTIVE CENTER the HOFSTADTER POINT. 
see also HOFSTADTER POINT 
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Holder Condition 
A function ġ(t) satisfies the Holder condition on two 
points t, and t2 on an arc L when 


|b(t2) — P(t1)| < Alte — tal, 


with A and y POSITIVE REAL constants. 


Holder Sum Inequality 


Holder Integral Inequality 
If 


with p, g > 1, then 


b 
/ POLO 


< | J E de ° | J ' lse) de a 


with equality when 


lg(x)| = elf (x). 


If p = q = 2, this inequality becomes SCHWARZ’S IN- 
EQUALITY. 
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Holder Sum Inequality 


If S 
Spe 
p q 
with p, q > 1, then 
n n 1/p Pa 1/q 
Y lagbr] < | Y Jax? O 


k=1 k=1 k=1 


with equality when |bx| = claz|?7*. If p = q = 2, this 
becomes the CAUCHY INEQUALITY. 
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Hole 


Hole 

A hole in a mathematical object is a TOPOLOGICAL 
structure which prevents the object from being contin- 
uously shrunk to a point. When dealing with ToPo- 
LOGICAL SPACES, a DISCONNECTIVITY is interpreted as 
a hole in the space. Examples of holes are things like 
the hole in the “center” of a SPHERE or a CIRCLE and 
the hole produced in EUCLIDEAN SPACE cutting a KNOT 
out from it. 


Singular HOMOLOGY GROUPS form a MEASURE of the 
hole structure of a SPACE, but they are one particu- 
lar measure and they don't always pick up everything. 
HOMOTOPY GROUPS of a SPACE are another measure 
of holes in a SPACE, as well as BORDISM GROUPS, k- 
THEORY, COHOMOTOPY GROUPS, and so on. 


There are many ways to measure holes in a space. 
Some holes are picked up by HOMOTOPY GROUPS that 
are not picked up by HOMOLOGY GROUPS, and some 
holes are picked up by HOMOLOGY GROUPS that are 
not picked up by HOMOTOPY GROUPS. (For example, 
in the TORUS, HOMOTOPY GROUPS “miss” the two- 
dimensional hole that is given by the TORUS itself, but 
the second HOMOLOGY GROUP picks that hole up.) In 
addition, HOMOLOGY GROUPS don’t pick up the vary- 
ing hole structures of the complement. of KNOTS in 3- 
space, but the first HOMOTOPY GROUP (the fundamen- 
tal group) does. 


see also BRANCH CUT, BRANCH POINT, CORK PLUG, 
CROSS-CAP, GENUS (SURFACE), SINGULAR POINT 
(FUNCTION), SPHERICAL RING, TORUS 


Holomorphic Function 
A synonym for ANALYTIC FUNCTION. 


see also ANALYTIC FUNCTION, HOMEOMORPHIC 


Holonomic Constant 

A limiting value of a HOLONOMIC FUNCTION near a SIN- 
GULAR POINT. Holonomic constants include APERY’S 
CONSTANT, CATALAN’S CONSTANT, POLYA’S RANDOM 
WALK CONSTANTS for d > 2, and PI. 


Holonomic Function 
A solution of a linear homogeneous ORDINARY DIFFER- 
ENTIAL EQUATION with POLYNOMIAL COEFFICIENTS. 


see also HOLONOMIC CONSTANT 
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Holonomy 
A general concept in CATEGORY THEORY involving the 
globalization of topological or differential structures. 


see also MONODROMY 
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Home Plate 


8.5 8.5 


12 12 


Home plate in the game of BASEBALL is an irregular 
PENTAGON. However, the Little League rulebook’s spec- 
ification of the shape of home plate (Kreutzer and Ker- 
ley 1990), illustrated above, is not physically realizable, 
since it requires the existence of a (12, 12, 17) RIGHT 
TRIANGLE, whereas 


12? + 12? = 288 4 289 = 17? 


(Bradley 1996). 
see also BASEBALL COVER 
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Homeoid 

A shell bounded by two similar ELLIPSOIDS having a 
constant ratio of axes. Given a CHORD passing through 
a homeoid, the distance between inner and outer inter- 
sections is equal on both sides. Since a spherical shell 
is a symmetric case of a homeoid, this theorem is also 
true for spherical shells (CONCENTRIC CIRCLES in the 
PLANE), for which it is easily proved by symmetry ar- 
guments. 


see also CHORD, ELLIPSOID 


Homeomorphic 
There are two possible definitions: 


1. Possessing similarity of form, 


2. Continuous, ONE-TO-ONE, ONTO, and having a con- 
tinuous inverse. 


The most common meaning is possessing intrinsic topo- 
logical equivalence. Two objects are homeomorphic if 
they can be deformed into each other by a continuous, 
invertible mapping. Homeomorphism ignores the space 
in which surfaces are embedded, so the deformation can 
be completed in a higher dimensional space than the 
surface was originally embedded. MIRROR IMAGES are 
homeomorphic, as are MOBIUS BANDS with an EVEN 
number of half twists, and MOBIUS BANDS with an ODD 
number of twists. 


In CATEGORY THEORY terms, homeomorphisms are 
ISOMORPHISMS in the CATEGORY of TOPOLOGICAL 
SPACES and continuous maps. 


see also HOMOMORPHIC, POLISH SPACE 
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Homeomorphic Group 

If the ELEMENTS of two GROUPS are n to 1 and the 
correspondences satisfy the same GROUP multiplication 
table, the GROUPS are said to be homeomorphic. 


see also ISOMORPHIC GROUPS 


Homeomorphic Type 

The following three pieces of information completely de- 
termine the homeomorphic type of the surface (Massey 
1967): 

1. Orientability, 

2. Number of boundary components, 


3. EULER CHARACTERISTIC. 


see also ALGEBRAIC TOPOLOGY, EULER CHARACTER- 
ISTIC 
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Homeomorphism 


see HOMEOMORPHIC, HOMEOMORPHIC GROUP, HOME- 
OMORPHIC TYPE, TOPOLOGICALLY CONJUGATE 


HOMELY Polynomial 

A 2-variable oriented KNOT POLYNOMIAL P¿ (a, z) mo- 
tivated by the JONES POLYNOMIAL (Freyd et al. 1985). 
Its name is an acronym for the last names of its co- 
discoverers: Hoste, Ocneanu, Millett, Freyd, Lickorish, 
and Yetter (Freyd et al. 1985). Independent work re- 
lated to the HOMFLY polynomial was also carried out 
by Prztycki and Traczyk (1987). HOMFLY polynomial 
is defined by the SKEIN RELATIONSHIP 


a~* Py, (a,z) —aPL_(a,z) =2Pi,(a, 2) (1) 
(Doll and Hoste 1991), where v is sometimes written in- 
stead of a (Kanenobu and Sumi 1993) or, with a slightly 
different relationship, as 


aPr, (a,z) — a” t Pr_(a, z) = zPr (a, z) (2) 


(Kauffman 1991). It is also defined as Pz (£, m) in terms 
of SKEIN RELATIONSHIP 


(PL, -+ 0 Py, + mPL, = 0 (3) 
(Lickorish and Millett 1988). It can be regarded as a 
nonhomogeneous POLYNOMIAL in two variables or a ho- 


mogeneous POLYNOMIAL in three variables. In three 
variables the SKEIN RELATIONSHIP is written 


TPL, (x,y, z) + yPr_ (£,Y, 2) a ZP ro (£, y, 2) = 0. (4) 


HOMPFLY Polynomial 


It is normalized so that Punknot = 1. Also, for n unlinked 
unknotted components, 


Pr{xz,y,z) = 6 e (5) 


zZ 


This POLYNOMIAL usually detects CHIRALITY but does 
not detect the distinct ENANTIOMERS of the KNOTS 
09042, 10048, 10071, 10091, 10104, and 10125 (Jones 1987). 
The HOMFLY polynomial of an oriented KNOT is the 
same if the orientation is reversed. It is a generalization 
of the JONES POLYNOMIAL V(t), satisfying 


V(t) = Pla = t, z = t? — t" ?) (6) 
V(t) = P0 = it, m =t t). (7) 


It is also a generalization of the ALEXANDER POLYNOM- 
IAL V(z), satisfying 


A(z) = P(a=1,2 = A A (8) 


The HOMFLY POLYNOMIAL of the MIRROR IMAGE K* 
of a KNOT K is given by 


Px» (t,m) = Px(07*,m), (9) 


so P usually but not always detects CHIRALITY. 


A split union of two links (i.e., bringing two links to- 
gether without intertwining them) has HOMFLY poly- 
nomial 


P(Li U L2) = —(€+£"")m™* P(Li)P(L2). (10) 
Also, the composition of two links 
P(Li#L2) = P(Li)P(L2), (11) 


so the POLYNOMIAL of a COMPOSITE KNOT factors into 
POLYNOMIALS of its constituent knots (Adams 1994). 


MUTANTS have the same HOMFLY polynomials. In 
fact, there are infinitely many distinct KNOTS with 
the same HOMFLY POLYNOMIAL (Kanenobu 1986). 
Examples include (05001, 10132), (08008, 10129) (08016, 
10156), and (10025, 10056) (Jones 1987). Incidentally, 
these also have the same JONES POLYNOMIAL. 


M. B. Thistlethwaite has tabulated the HOMFLY poly- 
nomial for KNOTS up to 13 crossings. 


see also ALEXANDER POLYNOMIAL, JONES POLYNOM- 
IAL, KNOT POLYNOMIAL 
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Homoclinic Point 

A point where a stable and an unstable separatrix (in- 
variant manifold) from the same fixed point or same 
family intersect. Therefore, the limits 


lim f*(X) 


k- 00 


and 


lim f*(X) 


k-+— 00 


exist and are equal. 


Refer to the above figure. Let X be the point of in- 
tersection, with Xı ahead of X on one MANIFOLD and 
Xə ahead of X of the other. The mapping of each of 
these points TX, and T X2 must be ahead of the map- 
ping of X, TX. The only way this can happen is if the 
MANIFOLD loops back and crosses itself at a new homo- 
clinic point. Another loop must be formed, with T? X 
another homoclinic point. Since T? X is closer to the hy- 
perbolic point than TX, the distance between T*X and 
TX is less than that between X and T'X. Area preser- 
vation requires the ÁREA to remain the same, so each 
new curve (which is closer than the previous one) must 
extend further. In effect, the loops become longer and 
thinner. The network of curves leading to a dense ÁREA 
of homoclinic points is known as a homoclinic tangle or 
tendril. Homoclinic points appear where CHAOTIC re- 
gions touch in a hyperbolic FIXED POINT. 
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A small Disk centered near a homoclinic point in- 
cludes infinitely many periodic points of different pe- 
riods. Poincaré showed that if there is a single homo- 
clinic point, there are an infinite number. More specifi- 
cally, there are infinitely many homoclinic points in each 
small disk (Nusse and Yorke 1996). 


see also HETEROCLINIC POINT 


References 

Nusse, H. E. and Yorke, J. A. “Basins of Attraction.” Science 
271, 1376-1380, 1996. — 

Tabor, M. Chaos and Integrability in Nonlinear Dynamics: 
An Introduction. New York: Wiley, p. 145, 1989. 


Homogeneous Coordinates 
see TRILINEAR COORDINATES 


Homogeneous Function 
A function which satisfies 


f (ta, ty) = t" f(z, y) 


for a fixed n. MEANS, the WEIERSTRAB ELLIPTIC 
FUNCTION, and TRIANGLE CENTER FUNCTIONS are ho- 
mogeneous functions. A transformation of the variables 
of a TENSOR changes the TENSOR into another whose 
components are linear homogeneous functions of the 
components of the original TENSOR. 


see also EULER’S HOMOGENEOUS FUNCTION THEOREM 


Homogeneous Numbers 

Two numbers are homogeneous if they have identical 
PRIME FACTORS. An example of a homogeneous pair is 
(6, 36), both of which share PRIME FACTORS 2 and 3: 


36 = 27 . 37. 


see also HETEROGENEOUS NUMBERS, PRIME FACTORS, 
PRIME NUMBER 
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Homogeneous Polynomial 

A multivariate polynomial (i.e., a POLYNOMIAL in more 
than one variable) with all terms having the same de- 
gree. For example, z? +xyz+y*z2+2* is a homogeneous 
polynomial of degree three. 


see also POLYNOMIAL 


Homographic 
see MOBIUS TRANSFORMATION 


Homography 
A CIRCLE-preserving transformation composed of an 
EVEN number of inversions. 


see also ANTIHOMOGRAPHY 


852 Homological Algebra 


Homological Algebra 
An abstract ALGEBRA concerned with results valid for 
many different kinds of SPACES. 
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Homologous Points 

The extremities of PARALLEL RADII of two CIRCLES are 
called homologous with respect to the SIMILITUDE CEN- 
TER collinear with them. 


see also ANTIHOMOLOGOUS POINTS 
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Homolographic Equal Area Projection 


see MOLLWEIDE PROJECTION 


Homology (Geometry) 
A PERSPECTIVE COLLINEATION in which the center and 


axis are not incident. 


see also ELATION, HARMONIC HOMOLOGY, PERSPEC- 
TIVE COLLINEATION l 


Homology Group 

The term “homology group” usually means a singular 
homology group, which is an ABELIAN GROUP which 
partially counts the number of HOLES in a TOPOLOG- 
ICAL SPACE. In particular, singular homology groups 
form a MEASURE of the HOLE structure of a SPACE, but 
they are one particular measure and they don’t always 
pick up everything. 


In addition, there are “generalized homology groups” 
which are not singular homology groups. 


Homology (Topology) 

Historically, the term “homology” was first used in a 
topological sense by Poincaré. To him, it meant pretty 
much what is now called a COBORDISM, meaning that 
a homology was thought of as a relation between MAN- 
IFOLDS mapped into a MANIFOLD. Such MANIFOLDS 
form a homology when they form the boundary of a 
higher-dimensional MANIFOLD inside the MANIFOLD in 
question. 


To simplify the definition of homology, Poincaré sim- 
plified the spaces he dealt with. He assumed that all 
the spaces he dealt with had a triangulation (i.e., they 
were “SIMPLICIAL COMPLEXES”). Then instead of talk- 
ing about general “objects” in these spaces, he restricted 
himself to subcomplexes, i.e., objects in the space made 
up only on the simplices in the TRIANGULATION of the 
space. Eventually, Poincaré’s version of homology was 


Homothetic 


dispensed with and replaced by the more general SINGU- 
LAR HOMOLOGY. SINGULAR HOMOLOGY is the concept 
mathematicians mean when they say “homology.” 


In modern usage, however, the word homology is used to 
mean HOMOLOGY GROUP. For example, if someone says 
“X did Y by computing the homology of Z,” they mean 
“X did Y by computing the HOMOLOGY GROUPS of Z.” 
But sometimes homology is used more loosely in the 
context of a “homology in a SPACE,” which corresponds 


to singular homology groups. 


Singular homology groups of a SPACE measure the ex- 
tent to which there are finite (compact) boundaryless 
GADGETS in that SPACE, such that these GADGETS are 
not the boundary of other finite (compact) GADGETS in 
that SPACE. 


A generalized homology or cohomology theory must sat- 
isfy all of the EILENBERG-STEENROD AXIOMS with the 
exception of the DIMENSION AXIOM. 


see also COHOMOLOGY, DIMENSION AXIOM, EILEN- 
BERG-STEENROD AXIOMS, GADGET, HOMOLOGICAL 
ALGEBRA, HOMOLOGY GROUP, SIMPLICIAL COMPLEX, 
SIMPLICIAL HOMOLOGY, SINGULAR HOMOLOGY 


Homomorphic 
Related to one another by a HOMOMORPHISM. 


Homomorphism 
A term used in CATEGORY THEORY to mean a general 
MORPHISM. 


see also HOMEOMORPHISM, MORPHISM 


Homoscedastic 
A set of STATISTICAL DISTRIBUTIONS having the same 


VARIANCE. 
see also HETEROSCEDASTIC 


Homothecy 
see DILATION 


Homothetic 

Two figures are homothetic if they are related by a DILA- 
TION (a dilation is also known as a HOMOTHECY). This 
means that they lie in the same plane and correspond- 
ing sides are PARALLEL; such figures have connectors 
of corresponding points which are CONCURRENT at a 
point known as the HOMOTHETIC CENTER. The Ho- 
MOTHETIC CENTER divides each connector in the same 
ratio k, known as the SIMILITUDE RATIO. For figures 
which are similar but do not have PARALLEL sides, a 
SIMILITUDE CENTER exists. 


see also DILATION, HOMOTHETIC CENTER, PERSPEC- 
TIVE, SIMILITUDE RATIO 
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Homothetic Center 


Homothetic Center 


The meeting point of lines that connect corresponding 
points from HOMOTHETIC figures. In the above figure, 


O is the homothetic center of the HOMOTHETIC figures” 


ABCDE and 4'B'C'"D' E”. For figures which are similar 
but do not have PARALLEL sides, a SIMILITUDE CENTER 
exists (Johnson 1929, pp. 16-20). 


Given two nonconcentric CIRCLES, draw RADII PARAL- 
LEL and in the same direction. Then the line joining the 
extremities of the RADII passes through a fixed point 
on the line of centers which divides that line externally 
in the ratio of RADII. This point is called the exter- 
nal homothetic center, or external center of similitude 
(Johnson 1929, pp. 19-20 and 41). 


If RADII are drawn PARALLEL but instead in opposite 
directions, the extremities of the RADII pass through a 
fixed point on the line of centers which divides that line 
internally in the ratio of RADII (Johnson 1929, pp. 19- 
20 and 41). This point is called the internal homothetic 
center, or internal center of similitude (Johnson 1929, 
pp. 19-20 and 41). 


The position of the homothetic centers for two circles of 
radii r;, centers (zi, y:), and segment angle @ are given 
by solving the simultaneous equations 


y — ya = LL (a — 22) 
To — T1 
+ + 
+ Ya — Yi + 
_ = 24. “i {ypy 
Y — Y2 O 2) 


for (x,y), where 


r7 = e + (—1)r, cos 


yo = Yi + (-1)'r; sin 6, 
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and the plus signs give the external homothetic center, 
while the minus signs give the internal homothetic cen- 
ter. 


Ak 
ANNA 
Js 


As the above diagrams show, as the angles of the paral- 
lel segments are varied, the positions of the homothetic 
centers remain the same. This fact provides a (slotted) 
LINKAGE for converting circular motion with one radius 
to circular motion with another. 


A 


> 


Q 


The six homothetic centers of three circles lie three by 
three on four lines (Johnson 1929, p. 120), which “en- 
close” the smallest circle. 


The homothetic center of triangles is the PERSPECTIVE 
CENTER of HOMOTHETIC TRIANGLES. It is also called 
the SIMILITUDE CENTER. (Johnson 1929, pp. 16-17). 


see also APOLLONIUS’ PROBLEM, PERSPECTIVE, SIMIL- 
ITUDE CENTER 
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Homothetic Position 

Two similar figures with PARALLEL homologous LINES 
and connectors of HOMOLOGOUS POINTS CONCURRENT 
at the HOMOTHETIC CENTER are said to be in homo- 
thetic position. If two SIMILAR figures are in the same 
plane but the corresponding sides are not PARALLEL, 
there exists a self-HOMOLOGOUS POINT which occupies 
the same homologous position with respect to the two 
figures. 
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Homothetic Triangles 

Nonconcurrent TRIANGLES with PARALLEL sides are al- 
ways HOMOTHETIC. Homothetic triangles are always 
PERSPECTIVE TRIANGLES. Their PERSPECTIVE CEN- 
TER is called their HOMOTHETIC CENTER. 


Homotopy 

A continuous transformation from one FUNCTION to an- 
other. A homotopy between two functions f and g 
from a SPACE X to a SPACE Y is a continuous MAP 
G from X € [0,1] + Y such that G(x,0) = f(x) and 
G(x,1) = g(x). Another way of saying this is that a 
homotopy is a path in the mapping SPACE Map(X, Y) 
from the first FUNCTION to the second. 


see also h-COBORDISM 


Homotopy Axiom 

One of the EILENBERG-STEENROD AXIOMS which states 
that, if f : (X, A) > (Y, B) is homotopic to g : (X, A) > 
(Y, B), then their INDUCED MAPS f, : H,(X,A) > 
H,(Y, B) and g, : H,(X,A) —> Hn(Y, B) are the same. 


Homotopy Group 
A GROUP related to the HOMOTOPY classes of MAPS 
from SPHERES S” into a SPACE X. 


see also COHOMOTOPY GROUP 


Homotopy Theory 
The branch of ALGEBRAIC TOPOLOGY which deals with 
HOMOTOPY GROUPS. 
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Honeycomb 

A TESSELLATION in n-D, for n > 3. The only regular 
honeycomb in 3-D is {4,3,4}, which consists of eight 
cubes meeting at each VERTEX. The only quasiregular 
honeycomb (with regular cells and semiregular VERTEX 
FIGURES) has each VERTEX surrounded by eight TET- 


RAHEDRA and six OCTAHEDRA and is denoted / 3 : \ 
? 


There are many semiregular honeycombs, such as 


a » in which each VERTEX consists of two OCTA- 


HEDRA (3,4) and four CUBOCTAHEDRA e \ 


see also SPONGE, TESSELLATION 
References 


Bulatov, V. “Infinite Regular Polyhedra.” http ://wuw. 
physics.orst.edu/~bulatov/polyhedra/infinite/. 


Hoof 
see CYLINDRICAL WEDGE 


Hopf Link 


Hook 


A 6-POLYIAMOND. 


References 
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Hook Length Formula 

A FORMULA for the number of YOUNG 'TABLEAUX 
associated with a given YOUNG DIAGRAM. In each 
box, write the sum of one plus the number of boxes 
horizontally to the right and vertically below the 
box (the “hook length”). The number of tableaux 
is then n! divided by the product of all “hook 
lengths”. The Combinatorica‘Number0fTableaux func- 
tion in Mathematica® implements the hook length for- 
mula. 


see also YOUNG DIAGRAM, YOUNG TABLEAU 
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Hopf Algebra 

Let a graded module A have a multiplication f and a 
co-multiplication 4. Then if ġ and y have the unity of 
k as unity and y : (4,0) > (4,0) 9 (A, 0) is an algebra 
homomorphism, then (A, ¢, Y) is called a Hopf algebra. 


Hopf Bifurcation 
The BIFURCATION of a FIXED POINT to a LIMIT CYCLE 
(Tabor 1989). 
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Hopf Circle 
see HOPF MAP 


Hopf Link 


The LINK 2? which has JONES POLYNOMIAL 


V(t) = -t-t 
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e dynamo action in the ionosphere, such as the Sq process 
(up to ~20 kV). 


The theoretical foundations of the subject of atmospheric 
electricity are firm, being based on the laws of physics — 
the Navier-Stokes and continuity equations, and the laws of 
thermodynamics — which are required to understand and 
predict atmospheric motions. The atmospheric density de- 
creases exponentially with increasing height, with a scale 
height, H~7 km. The atmospheric conductivity o increases 
with height due to the energy spectrum of the cosmic rays 
and the charged particles precipitating from the magneto- 
sphere. By Ohm’s law, which is valid for linear processes 
only, 


F=GE, (1) 


where J is the vertical electric current density and £ is the 
vertical electric field. This leads us to expect that, in order 
to maintain current continuity, E is largest near the Earth’s 
surface, where its value is, from observations, ~130 V/m. 
It decreases upwards, exponentially. By Gauss” law, there 
is a space charge profile associated with this electric field. 

Cho and Rycroft (1998) have presented a simple model 
profile for the atmospheric conductivity, ranging from near 
107" mho/m near the surface to 107” mho/m at 80 km 
altitude in the lower ionosphere. Hale (1994) has presented 
more complex profiles, which show variations in both space 
and time. 

Only a few mathematical models of global atmospheric 
electricity have appeared over the years (Kasemir, 1963, 
1977; Hill, 1971; Hays and Roble, 1979; Volland, 1982; 
Ogawa, 1985). Since it is difficult to obtain global measure- 
ments to deduce the instantaneous properties of the global 
circuit, these models provide a convenient means of examin- 
ing, through numerical experiments, the various interacting 
processes operating in the global circuit. The overall success 
of the models may be judged by how well they represent 
the observed atmospheric electrical properties at any place 
and time within the circuit. 

Thunderstorms are extremely complex, and some simpli- 
fying assumptions must be made to represent their properties 
in a global model. The usual assumption is to consider thun- 
derstorms as dipolar current sources, with a positive source 
in the could top and a negative source in the cloud bottom. 

Ogawa (1985) has considered the simple equivalent cir- 
cuit for the atmosphere shown in Fig. 4. With R; being the 
charging resistor mentioned earlier, R2 the resistance of the 
thunderstorm generator where there exist potential differ- 
ences ~100 MV between the positively charged top of the 
thundercloud and the negatively charged bottom, and R3 the 
resistance of the boundary layer (first few km) of the atmo- 
sphere, all of which are much greater than r, the resistance 
of the fair-weather atmosphere, it follows that 


I = Ralo (Ri + Ro) + R3). (2) 


Eq. (2) relates the current through the fair-weather atmo- 
sphere, /, to the current in the thunderstorm generator, lo. 


Ionosphere 


Earth 


Fig. 4. A simplified equivalent circuit of the global electric circuit, 
showing the net thunderstorm generator current, Jọ, and the fair 
weather current / (from Ogawa, 1985). 


It is clear that R; and R; are particularly important in this 
relation; R3 can be significantly reduced by 


e point discharge currents due to the very large electric field 
below the thundercloud, in the region of updraughts, and 

e increasing the height of the ground surface above mean 
sea level. 


In this regard, measurements of / at a high-altitude (moun- 
tain) observatory remote from active thunderstorms can give 
some information on Jp if R; and R2 can be considered to 
be constant. Both may, however, be reduced at times of 
enhanced fluxes of energetic charged particles associated 
with enhanced geomagnetic activity. And the contribution to 
Rı above an active, sprite-producing thundercloud may be 
greatly reduced due to the ionisation (see Cho and Rycroft, 
1998) produced in the rarefied mesosphere by the large tran- 
sient electric fields due to large, positive cloud-to-ground 
lightning discharges. 

Fig. 5 is a new diagram, the upper part of which attempts 
to illustrate the electric currents flowing through different 
parts of the atmosphere, and including the magnetosphere 
above. The lower part of the diagram shows the equivalent 
circuit, with three different fair weather regions. One of these 
is for a high altitude part of the Earth where the profiles of J 
and E through the fair weather atmosphere will differ from 
those elsewhere. 

From standard electrostatic theory, the capacitance C of 
the concentric shell of atmosphere between the Earth and 
the ionosphere, over one scale height of atmosphere rather 
than over the full height of the ionosphere, is given by 


C = AneoR;,/H~0.7 F, (3) 


where Re is the radius of the Earth and eo is the permittivity 
of free space. 

Hence the time constant for the atmospheric global elec- 
tric circuit, t, is given by 


T= Cre~2 min. (4) 


Hopf Map 


and HOMFLY POLYNOMIAL 


P(z,a) =z (a-a) + zat. 


It has BRAID WORD a1”. 


Hopf Map 

The first example discovered of a MAP from a higher- 
dimensional SPHERE to a lower-dimensional SPHERE 
which is not null-HOMOTOPIC. Its discovery was a shock 
to the mathematical community, since it was believed at 
the time that all such maps were null-HOMOTOPIC, by 
analogy with HOMOLOGY GROUPS. The Hopf map takes 
points (X1, X2, X3, X4) on a 3-sphere to points on a 
2-sphere (21, £2, £3) | 


ty = 2(X1X2 + X3X4) 
Zo = 2(X1X4 — X2X3) 
Lg = (Xi? ta ie Cee De 


Every point on the two SPHERES corresponds to a CIR- 
CLE called the HOPF CIRCLE on the 3-SPHERE. 


Hopf’s Theorem 

A NECESSARY and SUFFICIENT condition for a MEA- 
SURE which is quasi-invariant under a transformation to 
be equivalent to an invariant PROBABILITY MEASURE is 
that the transformation cannot (in a measure theoretic 
sense) compress the SPACE. 


Horizontal 
Oriented in position PERPENDICULAR to up-down, and 
therefore PARALLEL to a flat surface. 


see also VERTICAL 


Horizontal-Vertical Illusion 
see VERTICAL-HORIZONTAL ILLUSION 


Horn Angle 

The configuration formed by two curves starting at a 
point, called the VERTEX V, in a common direction. 
They are concrete illustrations of non-Archimedean ge- 
ometries. 
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Horn Cyclide 
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The inversion of a HORN TORUS. If the inversion center 
lies on the torus, then the horn cyclide degenerates to a 
PARABOLIC HORN CYCLIDE. 


see also CYCLIDE, HORN TORUS, PARABOLIC CYCLIDE, 
RING CYCLIDE, SPINDLE CYCLIDE, TORUS 


Horn Torus 


One of the three STANDARD TORI given by the para- 
metric equations 


x= (c+acosv)cosu (1) 
y = (c+acosv)sinu (2) 
z=asinv (3) 


with a = c. The inversion of a horn torus is a HORN 
CYCLIDE (or PARABOLIC HORN CYCLIDE). The above 
left figure shows a horn torus, the middle a cutaway, 
and the right figure shows a CROSS-SECTION of the horn 
torus through the zz-plane. 


see also CYCLIDE, HORN CYCLIDE, RING TORUS, SPIN- 
DLE TORUS, STANDARD TORI, TORUS 
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Horned Sphere 


see ALEXANDER’S HORNED SPHERE, ANTOINE’S 
HORNED SPHERE 
Horner’s Method 
Let 
P(x) = anz” +...+ a9 (1) 
and bn = an. If we then define 
bk = ak + bp-120 (2) 
for k=n-—1,n-—2,..., 0, we obtain bp = P(xo). It 
therefore follows that 
P(x) = (x — 20) Q(x) + bo, (3) 
where 


Q(x) = bp t + bni"? +...+¢bo2+bi. (4) 

In addition, 
P' (x) = Q(z) + (x — 20)Q'(x) (5) 
P' (20) = Q(zo). (6) 
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Horner’s Rule 

A rule for POLYNOMIAL computation which both re- 
duces the number of necessary multiplications and re- 
sults in less numerical instability due to potential sub- 
traction of one large number from another. The rule 
simply factors out POWERS of zx, giving 


ant” +an 112" "*4...+00 = ((ant+an-1)2+...)2+a0. 
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Horocycle 
The LOCUS of a point which is derived from a fixed point 
Q by continuous parallel displacement. 
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Horse Fetter 
see HIPPOPEDE 


Horseshoe Map 
see SMALE HORSESHOE MAP 


Hough Transform 
A technique used to detect boundaries in digital images. 


Householder’s Method 
A Root-finding algorithm based on the iteration for- 
mula 


Enti = Un — 


f(en) l N ON 
P (en) TC. S 


This method, like NEWTON’S METHOD, has poor con- 
vergence properties near any point where the DERIVA- 
TIVE f'(x) =0. 

see also NEWTON’S METHOD 


References 
Householder, A. S. The Numerical Treatment of a Single 
Nonlinear Equation. New York: McGraw-Hill, 1970. 


Howell Design 
Let S be a set of n + 1 symbols, then a Howell design 
H(s,2n) on symbol set S is an s x s array H such that 


1. Every cell of H is either empty or contains an un- 
ordered pair of symbols from $, 


2. Every symbol of S occurs once in each row and col- 
umn of H, and 


3. Every unordered pair of symbols occurs in at most 
one cell of H. 
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Hundred 


Hub 
The central point in a WHEEL GRAPH W,,. The hub has 
DEGREE n — 1. 


see also WHEEL GRAPH 


Huffman Coding 

A lossless data compression algorithm which uses a small 
number of bits to encode common characters. Huffman 
coding approximates the probability for each character 
as a POWER of 1/2 to avoid complications associated 
with using a nonintegral number of bits to encode char- 
acters using their actual probabilities. 
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Hull 
see ÁFFINE HULL, CONVEX HULL 


Humbert’s Theorem 

The NECESSARY and SUFFICIENT condition that an al- 
gebraic curve has an algebraic INVOLUTE is that the ARC 
LENGTH is a two-valued algebraic function of the coor- 
dinates of the extremities. Furthermore, this function 
is a ROOT of a QUADRATIC EQUATION whose COEFFI- 
CIENTS are rational functions of z and y. 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, p. 195, 1959. 


Hundkurve 
see TRACTRIX 


Hundred 

100 = 10°. Madachy (1979) gives a number of algebraic 
equations using the digits 1 to 9 which evaluate to 100, 
such as 


(7-5)? +96+8-4-3-1=100 
3°+914+74+8-6—5-4=100 
V9 — 6 + 72 — (1)(3!) — 8+ 45 = 100 
123 — 45 — 67 + 89 = 100, 


and so on. 


see also 10, BILLION, HUNDRED, LARGE NUMBER, MIL- 
LION, THOUSAND 
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Hunt's Surface 


Hunt’s Surface 


An ALGEBRAIC SURFACE given by the implicit equation 


£(a? + y + 22 — 13)? + 27(3a? + y? — 42° — 12) =0. 


References 

Hunt, B. “Algebraic Surfaces.” http://www.mathematik. 
uni-k1.de/-wwagag/Galerie.html. 

Nordstrand, T. “Hunt's Surface.” 
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Huntington Equation 
An equation proposed by Huntington (1933) as part of 
his definition of a BOOLEAN ÁLGEBRA, 


n(n(z) + y) + nínl(x) + n(y)) = z. 


see also ROBBINS ALGEBRA, ROBBINS EQUATION 
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Hurwitz Equation 
The DIOPHANTINE EQUATION 


2 2 2 
Ti +22 +... in =0l]tl2:::Tn 


which has no INTEGER solutions for a >n. 


see also LAGRANGE NUMBER (DIOPHANTINE EQUA- 
TION) 
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Hurwitz’s Irrational Number Theorem 
As Lagrange showed, any IRRATIONAL NUMBER a has 
an infinity of rational approximations p/q which satisfy 


(1) 


Similarly, if a 4 $(1+ V5), 


1 


V8 q? 


TA | 


q 


< 


and if a # (1 + V5) # V2, 


ai 
VI- 


Q& — — 
q 


In general, even tighter bounds of the form 


pal (4) 


can be obtained for the best rational approximation pos- 
sible for an arbitrary irrational number a, where the Ln 
are called LAGRANGE NUMBERS and get steadily larger 
for each “bad” set of irrational numbers which is ex- 
cluded. 


see also HURWITZ’S IRRATIONAL NUMBER THEO- 
REM, LIOUVILLE’S RATIONAL APPROXIMATION THEO- 
REM, LIOUVILLE-ROTH CONSTANT, MARKOV NUMBER, 
ROTH’S THEOREM, SEGRE’S THEOREM, THUE-SIEGEL- 
ROTH THEOREM 
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Hurwitz Number 

A number with a continued fraction whose terms are the 
values of one or more POLYNOMIALS evaluated on con- 
secutive INTEGERS and then interleaved. This property 
is preserved by MOBIUS TRANSFORMATIONS (Beeler et 
al. 1972, p. 44). 
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Hurwitz Polynomial 

A POLYNOMIAL with REAL POSITIVE COEFFICIENTS 
and ROOTS which are either NEGATIVE or pairwise con- 
jugate with NEGATIVE REAL PARTS. 
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Hurwitz-Radon Theorem 
Determined the: possible values of r and n for which 
there is an IDENTITY of the form 


(er? to. tae? Wy Farti Jaa A 


Hurwitz’s Root Theorem 

Let {f(z)} be a SEQUENCE of ANALYTIC FUNCTIONS 
REGULAR in a region G, and let this sequence be UNI- 
FORMLY CONVERGENT in every CLOSED SUBSET of G. 
If the ANALYTIC FUNCTION 


lim f(z) = f(z) 


n—o00 


does not vanish identically, then if z = a is a zero of 
f(x) of order k, a NEIGHBORHOOD |z — a| < Fd of x =a 
and a number N exist such that if n > N, fn(x) has 
exactly k zeros in |x — a| < ô. 


References 
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Hurwitz Zeta Function 
A generalization of the RIEMANN ZETA FUNCTION with 


a FORMULA a 
) = E 
D=) Ee k+a)s’ (1) 


where any term with k + a = 0 is excluded. The Hur- 
witz zeta function can also be given by the functional 
equation 


q 
= 2TNp n 
= 2 (1-s (279)? sin e ) 12 
(1-s)(2mq)°* X ( UE L 7 
(2) 
(Apostol 1976, Miller and Adamchik), or the integral 


at? 


((s,a)= 3a + —— 


on 2\—-s/2 f . -1 {Y dy 
12/49 {sin [sta (2) aaa 


(3) 
If R[z] < 0, then 
2 (1-2) |. (TY <> cos(2ran) 
C(z,a) = a sx (=) 2, rre) 
+ cos (=) y ange . (4) 


Hurwitz Zeta Function 


The Hurwitz zeta function satisfies 


¢(0,a) = a e (5) 
= ¢(0, a) = In[I'(a)] — z 1n(2r) (6) 
=¢(0, 0) = 4 In(2n), (7) 


where T(z) is the GAMMA FUNCTION. The POLYGAMMA 
FUNCTION Ym(z) can be expressed in terms of the Hur- 
witz zeta function by 


bm(z) = (II mi¢(1 + m, 2). (8) 


For POSITIVE integers k, p, and q > p, 


e (mar 1,2) _ [p(2k) = n(2rg)]Ban(P/a) 
— In(27)| Box 
q22k 


_[v(2k) 


(1) Hir £. /2rpn 
+ Gray 2 ex nee E 
(—1)**12(2k — 
(27q)?" 


1 
q-1 
1)! 2mTpn \ a n 
pat eit 2k, — 
Yoo ( q Jel + 
'(-2k + 1 
A (9) 


where Bn is a BERNOULLI NUMBER, B,(1) a BER- 
NOULLI POLYNOMIAL, Yn(z) is a POLYGAMMA FUNC- 
TION, and ((2) is a RIEMANN ZETA FUNCTION (Mil- 
ler and Adamchik). Miller and Adamchik also give the 
closed-form expressions 


Bar ln2 _ (227? — 1) (-2k +1) 
a 2 => 4kk Q2k—1 
| (10) 
1 k 
1E e CP A A 
¢ ( 2%+1,3) =P Tasa — 18% NT 
CUtvaa(3) _ BUE yy 
a 1 2(32k=1) 


(44 +1)Bagrr , (447? — 1)B2x 1n 2 


AR+1 E 93k—1k 


(22*=1 _ 1)¢'(-2k + 1) 
4(87)2*—1 AR (12) 


y ED dar 14) -1)" Be 1(3) 
, 1 — 1)(27*-1 + 1)Bog7 
a) o 
¿Bor(8%%" —1)In2 1-1)In2  Bax(2%*-—1)In3 
(62*=1)4k (62-1) 4k 
(DOF + 1) bona (4) 
2/3 (127)2*-1 


Qk—-1 _ Qk—-1 yer _ 
¿8 os (—2k + 1) (13) 


Hutton’s Formula 


see also KHINTCHINE’S CONSTANT, POLYGAMMA FUNC- 
TION, PSI FUNCTION, RIEMANN ZETA FUNCTION, ZETA 
FUNCTION 
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Hutton’s Formula 
The MACHIN-LIKE FORMULA 


T=2tan (1) +tan”*(2). 
The other two-term MACHIN-LIKE FORMULAS are EU- 


LER'S MACHIN-LIKE FORMULA, HERMANN?S FORMULA, 
and MACHIN’S FORMULA. 


Hutton’s Method 
see LAMBERT’S METHOD 


Hyperbola 


P / \ 


In general, a hyperbola is defined as the LOCUS of all 
points in the PLANE the difference of whose distance 
from two fixed points (the Foci F, and Fz) separated 
by a distance 2c, where 


c= Va? + 62, (1) 


is a given POSITIVE constant. By analogy with the defi- 
nition of the ELLIPSE, the equation for a hyperbola with 
SEMIMAJOR AXIS a parallel to the z-AXIS and SEMIMI- 
NOR AXIS b parallel to the y-AXIS is given by 
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Unlike the ELLIPSE, no points of the hyperbola actually 
lie on the SEMIMINOR AXIS, but rather the ratio b/a 
determined the vertical scaling of the hyperbola. The 
ECCENTRICITY of the hyperbola is defined as 


DE (3) 


In the standard equation of the hyperbola, the center is 
located at (to, yo), the FOCI are at (zo +c, yo), and the 
vertices are at (zo + a, yo). The so-called ASYMPTOTES 
(shown as the dashed lines in the above figures) can be 
found by substituting 0 for the 1 on the right side of the 
general equation (2), 


b 
y = +2 (z — 20) + yo, (4) 


and therefore have SLOPES b/a. 


The special case a = b (the left diagram above) is known 
as a RIGHT HYPERBOLA because the ASYMPTOTES are 
PERPENDICULAR. 


In POLAR COORDINATES, the equation of a hyperbola 
centered at the ORIGIN (i.e., with to = yo = 0) is 
2 a? b? 


pene 
b? cos? 0 — a? sin? 0 


(5) 
In POLAR COORDINATES centered at a FOCUS, 


_ ales —1) 
= 1—ecosé 


(6) 


The two-center BIPOLAR COORDINATES equation with 
origin at a FOCUS is 


rı — r2 = +2a. (7) 
The parametric equations for the hyperbola are 


xz = +a cosh t (8) 
y = bsinh t. (9) 


The CURVATURE and TANGENTIAL ANGLE are 


r(t) = —[cosh(2t)]7*? (10) 
p(t) =—tan *(tanht). (11) 


The special case of the RIGHT HYPERBOLA was first 
studied by Menaechmus. Euclid and Aristaeus wrote 
about the general hyperbola, but only studied one 
branch of it. The hyperbola was given its present name 
by Apollonius, who was the first to study both branches. 
The Focus and DIRECTRIX were considered by Pappus 
(MacTutor Archive). The hyperbola is the shape of an 
orbit of a body on an escape trajectory (i.e., a body 
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with positive energy), such as some comets, about a 
fixed mass, such as the sun. 


The Locus of the apex of a variable CONE containing 
an ELLIPSE fixed in 3-space is a hyperbola through the 
Foct of the ELLIPSE. In addition, the Locus of the 
apex of a CONE containing that hyperbola is the origi- 
nal ELLIPSE. Furthermore, the ECCENTRICITIES of the 
ELLIPSE and hyperbola are reciprocals. 


see also CONIC SECTION, -ELLIPSE, HYPERBOLOID, 
JERABEK’S HYPERBOLA, KIEPERT’S HYPERBOLA, 
PARABOLA, QUADRATIC CURVE, RECTANGULAR HY- 
PERBOLA, REFLECTION PROPERTY, RIGHT HYPER- 
BOLA 
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Hyperbola Evolute 
The EVOLUTE of a RECTANGULAR HYPERBOLA is the 
LAMÉ CURVE 


(ax)*/* — (by? = (a +)". 


From a point between the two branches of the EVOLUTE, 
two NORMALS can be drawn to the HYPERBOLA. How- 
ever, from a point beyond the EVOLUTE, four NORMALS 
can be drawn. 


Hyperbola Inverse Curve 


a 


For a HYPERBOLA with a = b with INVERSION CENTER 
at the center, the INVERSE CURVE 


2k cost 
a a[3 — cos(2¢)| (1) 
= ksin(2t) 
a= a[3 — cos(2t)] (2) 


is a LEMNISCATE. 


Hyperbolic Automorphism 


For an INVERSION CENTER at the VERTEX, the INVERSE 
CURVE 


at 4k cos tsin? ($t) (3) 
ña al5 — 4cost + cos(2t) — 2sin(2t)] 
ae k(tant — 1) (4) 


a[(sect — 1)? + (tant — 1)?] 


is a RIGHT STROPHOID. 


/ al / 4 , Ñ 
For an INVERSION CENTER at the FOCUS, the INVERSE 
CURVE 


a k cos t(1 — e cos t) (5) 
a(cost — e)? 


= Ve? — 1ksin(2t) 


2a(cost — e)? 
is a LIMACON, where e is the ECCENTRICITY. 


Y N á 
f En e” A fi 
4 ` 
-© o 
V Fi Ya ra A 
N A 


For a HYPERBOLA with a = V3b and INVERSION ČEN- 
TER at the VERTEX, the INVERSE CURVE 


N 
\ 
t 

JE 


No 


2k cos t( V3 — cost) 
b[9 — 4v3 cost + cos(2t) — 2 sin(2t)] 
k(tant — 1) 
b{(./3 sect — 1)? + (tant — 1)?] 


xz = b+ (7) 


y=b+ (8) 


is a MACLAURIN TRISECTRIX. 
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Hyperbola Pedal Curve 
The PEDAL CURVE of a HYPERBOLA with the PEDAL 
POINT at the Focus is a CIRCLE. The PEDAL CURVE 
of a RECTANGULAR HYPERBOLA with PEDAL POINT at 
the center is a LEMNISCATE. 


Hyperbolic Automorphism 
see ANOSOV AUTOMORPHISM 


Hyperbolic Cosecant 


Hyperbolic Cosecant 
20 


Re[Csch 2] Im[Csch z] [cseh z} 


The hyperbolic cosecant is defined as 


Lo 
SA 


csch xz = — 
sinh z 


see also BERNOULLI NUMBER, BIPOLAR COORDINATES, 
BIPOLAR CYLINDRICAL COORDINATES, COSECANT, 
HELMHOLTZ DIFFERENTIAL EQUATION—-TOROIDAL 
COORDINATES, HYPERBOLIC SINE, POINSOT’S SPIRALS, 
SURFACE OF REVOLUTION, TOROIDAL FUNCTION 
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Hyperbolic Cosine 


The hyperbolic cosine is defined as 


coshz = t (e” +e”). 
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This function describes the shape of a hanging cable, 
known as the CATENARY. 


see also BIPOLAR COORDINATES, BIPOLAR CYLIN- 
DRICAL COORDINATES, BISPHERICAL COORDINATES, 
CATENARY, CATENOID, CHI, CONICAL FUNCTION, 
CORRELATION COEFFICIENT—GAUSSIAN BIVARIATE 
DISTRIBUTION, COSINE, CUBIC EQUATION, DE MOIV- 
RE’S IDENTITY, ELLIPTIC CYLINDRICAL COORDI- 
NATES, ELSASSER FUNCTION, FIBONACCI HYPER- 
BOLIC COSINE, FIBONACCI HYPERBOLIC SINE, HYPER- 
BOLIC GEOMETRY, HYPERBOLIC LEMNISCATE FUNC- 
TION, HYPERBOLIC SINE, HYPERBOLIC SECANT, 
HYPERBOLIC TANGENT, INVERSIVE DISTANCE, LA- 
PLACE'S EQUATION—BIPOLAR COORDINATES, LA- 
PLACE’S EQUATION—BISPHERICAL COORDINATES, LA- 
PLACE’S EQUATION—TOROIDAL COORDINATES, LEM- 
NISCATE FUNCTION, LORENTZ GROUP, MATHIEU DIF- 
FERENTIAL EQUATION, MEHLER’S BESSEL FUNCTION 
FORMULA, MERCATOR PROJECTION, MODIFIED BES- 
SEL FUNCTION OF THE FIRST KIND, OBLATE SPHER- 
OIDAL COORDINATES, PROLATE SPHEROIDAL COORDI- 
NATES, PSEUDOSPHERE, RAMANUJAN COS/COSH IDEN- 
TITY, SINE-GORDON EQUATION, SURFACE OF REVOLU- 
TION, TOROIDAL COORDINATES 
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Hyperbolic Cotangent 


Re[Coth z] [Coth z| 


e+e? er+1 
e? — e7? erl 
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Its LAURENT SERIES is 


o 1,3 | 
cothg = — + 32 — gT ho... 


see also BERNOULLI NUMBER, BIPOLAR COORDINATES, 
BIPOLAR CYLINDRICAL COORDINATES, COTANGENT, 
FIBONACCI HYPERBOLIC COTANGENT, HYPERBOLIC 
TANGENT, LAPLACE’S EQUATION—TOROIDAL COOR- 
DINATES, LEBESGUE CONSTANTS (FOURIER SERIES), 
PROLATE SPHEROIDAL COORDINATES, SURFACE OF 
REVOLUTION, TOROIDAL COORDINATES, TOROIDAL 
FUNCTION 
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Hyperbolic Cube 


A hyperbolic version of the Euclidean CUBE. 


see also HYPERBOLIC DODECAHEDRON, HYPERBOLIC 
OCTAHEDRON, HYPERBOLIC TETRAHEDRON 
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Hyperbolic Cylinder 
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Hyperbolic Fixed Point (Map) 


A QUADRATIC SURFACE given by the equation 


see also ELLIPTIC PARABOLOID, PARABOLOID 


Hyperbolic Dodecahedron 


SL 


NS 
NE 


A hyperbolic version of the Euclidean DODECAHEDRON. 


see also HYPERBOLIC CUBE, HYPERBOLIC OCTAHE- 
DRON, HYPERBOLIC TETRAHEDRON 
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Hyperbolic Fixed Point (Differential 
Equations) 

A FIXED POINT for which the STABILITY MATRIX has 
EIGENVALUES Ay < 0 < Az, also called a SADDLE 
POINT. 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL EQUA- 
TIONS), FIXED POINT, STABLE IMPROPER NODE, STA- 
BLE SPIRAL POINT, STABLE STAR, UNSTABLE IM- 
PROPER NODE, UNSTABLE NODE, UNSTABLE SPIRAL 
POINT, UNSTABLE STAR 
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Hyperbolic Fixed Point (Map) 
A FIXED POINT of a LINEAR TRANSFORMATION (MAP) 
for which the rescaled variables satisfy 


($ — a)” + 4By > 0. 


see also ELLIPTIC FIXED POINT (MAP), LINEAR 
TRANSFORMATION, PARABOLIC FIXED POINT 


Hyperbolic Functions 


Hyperbolic Functions 

The hyperbolic functions sinh, cosh, tanh, csch, sech, 
coth (HYPERBOLIC SINE, HYPERBOLIC COSINE, etc.) 
share many properties with the corresponding CIRCU- 
LAR FUNCTIONS. The hyperbolic functions arise in 
many problems of mathematics and mathematical phys- 
ics in which integrals involving v1 + zx? arise (whereas 
the CIRCULAR FUNCTIONS involve y1 — «*). 


For instance, the HYPERBOLIC SINE arises in the grav- 
itational potential of a cylinder and the calculation of 
the Roche limit. The HYPERBOLIC COSINE function is 
the shape of a hanging cable (the so-called CATENARY). 
The HYPERBOLIC TANGENT arises in the calculation of 
magnetic moment and rapidity of special relativity. All 
three appear in the Schwarzschild metric using exter- 
nal isotropic Kruskal coordinates in general relativity. 
The HYPERBOLIC SECANT arises in the profile of a lam- 
inar jet. The HYPERBOLIC COTANGENT arises in the 
Langevin function for magnetic polarization. 


The hyperbolic functions are defined by 


ek e 
sinh z = £ > = — sinh(—z) (1) 
cosh z = £ -s = cosh(—2) (2) 
z —2 2z ` 
er =e er a1 
tanh z = —— = == 
amhz = SOS = I (3) 
2 
csch z = ——— 4 
oo (4) 
2 
sech z = ———— (5) 
e* + er? 
e*+te*  e%41 
hz = ——_ = = 6 
coth z a 222 —1 (6) 


For purely IMAGINARY arguments, 
sinh(iz) = ¿sin z (7) 


cosh(iz) = cos z. (8) 


The hyperbolic functions satisfy many identities anoma- 
lous to the trigonometric identities (which can be in- 
ferred using OSBORNE’S RULE) such as 


cosh” æ — sinh’ g = 1 (9) 
cosh g + sinh g = e” (10) 
cosh z — sinhz =e *. (11) 


See also Beyer (1987, p. 168). Some half-angle FORMU- 
LAS are 


z\  sinhg+itsiny 
toni (3) = coshxr+cosy (12) 
z sinh z — isin y 
jo g 
= 2 cosh x — cos y 8) 
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Some double-angle FORMULAS are 
sinh(2r) = 2sinhzcoshz (14) 
cosh(2z) = 2cosh*x—1=1+2simnh*x. (15) 
Identities for COMPLEX arguments include 


sinh(z+7ty) = sinh g cosy + icoshzsiny (16) 
cosh(x + iy) = cosh z cos y + isinh zsiny. (17) 


The ABSOLUTE SQUARES for COMPLEX arguments are 
|sinh(z)|? = sinh? z + sin? y (18) 


| cosh(z)|? = sinh?” x + cos” y. (19) 


Integrals involving hyperbolic functions include 


=e Va + bx -— ya 
va+bzr+ Ja 


J dz 
zVa+t bz 


= ln (Ya + bz — vay 
7 (a+ br) —a 
-1 (a+ bx) — 2,/a(a+ bz) +a 
aan: nn a © 
(20) 
If b > 0, then 
| dz pe 2a + bx — 24/a(a+ bx) 
rya+bx j bx 
20 a fa 
=In|(55 +1) 2 06 (a 4) | 
(21) 


Let z = 2a/bx +1, and a/bx = (z — 1)/2 and 


=n |z- VE- DE*N] 


= In (z — V2-1) = cosh *(z) 


= cosh”? (1 + ==) 
bx 


= atanh (- (Ez). (22) 


see also HYPERBOLIC COSECANT, HYPERBOLIC Co- 
SINE, HYPERBOLIC COTANGENT, GENERALIZED Hy- 
PERBOLIC FUNCTIONS, HYPERBOLIC INVERSE FUNC- 
TIONS, HYPERBOLIC SECANT, HYPERBOLIC SINE, HY- 
PERBOLIC TANGENT, HYPERBOLIC INVERSE FUNC- 
TIONS, OSBORNE’S RULE 
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Hyperbolic Geometry 

A NON-EUCLIDEAN GEOMETRY, also called LOBACHEV- 
SKY-BOLYAI-GAUSS GEOMETRY, having constant SEC- 
TIONAL CURVATURE —1. This GEOMETRY satisfies all 
of EUCLID’S POSTULATES ezcept the PARALLEL POSTU- 
LATE, which is modified to read: For any infinite straight 
LINE L and any POINT P not on it, there are many other 
infinitely extending straight LINES that pass through P 
and which do not intersect L. 


In hyperbolic geometry, the sum of ANGLES of a TRI- 
ANGLE is less than 180°, and TRIANGLES with the same 
angles have the same areas. Furthermore, not all TRI- 
ANGLES have the same ANGLE sum (c.f. the AAA THE- 
OREM for TRIANGLES in Euclidean 2-space). The best- 
known example of a hyperbolic space are SPHERES in 
Lorentzian 4-space. The POINCARE HYPERBOLIC DISK 
is a hyperbolic 2-space. Hyperbolic geometry is well un- 
derstood in 2-D, but not in 3-D. 


Geometric models of hyperbolic geometry include the 
KLEIN-BELTRAMI MODEL, which consists of an OPEN 
Disk in the Euclidean plane whose open chords corre- 
spond to hyperbolic lines. A 2-D model is the POINCARE 
HYPERBOLIC DISK. Felix Klein constructed an analytic 
hyperbolic geometry in 1870 in which a POINT is repre- 
sented by a pair of REAL NUMBERS (21,22) with 


21. + Lo? < 1 
(i.e., points of an OPEN DISK in the COMPLEX PLANE) 


and the distance between two points is given by 


l — Ti X1 = T2 Xa 


Vi — 21? — £2 V1- X1? — X2? 


The geometry generated by this formula satisfies all of 
EUCLID’S POSTULATES except the fifth. The METRIC of 
this geometry is given by the CAYLEY-KLEIN-HILBERT 
METRIC, 


d(x, X) =acosh”* 


a*(1 — m2?) 


gil = (a ase 

T a? rizs 
(122 — ap 

922 = oat — 7) 


(1 E £12 = rq)? 


Hyperbolic Knot 


Hilbert extended the definition to general bounded sets 
in a EUCLIDEAN SPACE. 


see also ELLIPTIC GEOMETRY, EUCLIDEAN GEOME- 
TRY, HYPERBOLIC METRIC, KLEIN-BELTRAMI MODEL, 
NON-EUCLIDEAN GEOMETRY, SCHWARZ-PICK LEMMA 
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Hyperbolic Inverse Functions 


sinh”* ($) = In (a + Va? +02) (1) 
cosh”* z = ln (z + yz? — 1) (2) 


—1 a ll ar 
tanh (5) =in( (3) 
csch™* z = In (1+ 1422) (4) 
Ji 2 
sech”? z = ln Gene (5) 
coth”* z = $ in (27) (6) 
A 2-1) 
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Hyperbolic Knot 

A hyperbolic knot is a KNOT that has a complement that 
can be given a metric of constant curvature —1. The 
only KNOTS which are not hyperbolic are TORUS KNOTS 
and SATELLITE KNOTS (including COMPOSITE KNOTS), 
as proved by Thurston in 1978. Therefore, all but six of 
the PRIME KNOTS with 10 or fewer crossings are hyper- 
bolic. The exceptions with nine or fewer crossings are 
03001 (the(3, 2)-TORUS KNOT), 05001, 97001, 08019 (the 
(4,3)-ToRUS KNOT), and 0901. 


Almost all hyperbolic knots can be distinguished by 
their hyperbolic volumes (exceptions being 05992 and a 
certain 12-crossing knot; see Adams 1994, p. 124). It has 
been conjectured that the smallest hyperbolic volume is 
2.0298..., that of the FIGURE-OF-EIGHT KNOT. 


MUTANT KNOTS have the same hyperbolic knot volume. 
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ELECTRIC CURRENTS 


—_ 
magnetosphere 


thermosphere 


60-80 +250 kV IONOSPHERE 
E + mesosphere 
paj ATMOSPHERIC 
S | | | ELR A ELECTRICITY 
= stratosphere 
x 100 MV aa free troposphere 
= 10= es $ Htt -1 
s 35 e D IOO MY + oe boundary layer 
oZ OMV >> EARTH'S SURFACE 
ge mountain, E 
thunderstorms poly Anaia 
~1% 49 % 49 % 
60-80 
£ (T-1250 A 
: charging O 
Ww resistor > Ri a EQUIVALENT 
E R | J -2x10"2Am"? -T ~ CIRCUIT 
H 1- C over 1 scale height, 
T -y E lo ®© R3 95 Q H ~ 7 km 
2 = R3 100Q J- missing ATE RŽ 
a C= a” ~ 0.7F 
~ 105 ote eae 
Ry A load resistor r Si 200 Q antes 
R3 ~ 10°Q 100 R 


Also, Q = CV = 200C x 103 storms = 2x10°C 


Fig. 5. (a) Top. Diagram, approximately to scale, showing electric currents (bold arrows) flowing up from the net thunderstorm generator 
over ~ < 1% of the Earth’s surface, through the ionosphere, the fair-weather atmosphere and the Earth, and closing as point discharge 
currents below the thundercloud. In the centre, the distribution of positive space charge is shown. (b) Bottom. The equivalent circuit for 
(a), showing components of the fair-weather resistor over different height ranges for 2-3 km above the surface; the boundary layer resistor 
is “missing” above a mountain or over Antarctica. Typical numerical values are also shown. 


With a charge of 200 C associated with each thunderstorm, 
the total O on the plates of the spherical condenser is 2 x 
10° C. Thus, the energy associated with the global electric 
circuit is enormous; it is 


W =CV?/2~2 x 10% J, (5) 


inserting V = 250 kV. 

The electric current density through the fair-weather at- 
mosphere, J, has the value ~2 x 107'* A/m?. Taking the 
conductivity of air at ground level, produced by extremely 
energetic cosmic rays and by radon from the ground, and 
due to aerosols, to be ~2 x 107! mho/m, the fair weather 
electric field at ground level is ~10? V/m, close to the 
near observed value of 130 V/m. At 20 km altitude, the 
fair-weather vertical electric field is ~1 V/m, and can be 
well measured from balloons. At 50 km altitude, it is only 
107? V/m. 

Following a Forbush decrease, the atmospheric conduc- 
tivity everywhere could be reduced by ~10%. If J is un- 
changed, the ionospheric potential, and hence also the fair 
weather electric field, may be increased by ~10%. There 


is some observational evidence to support this concept (see 
Ogawa, 1985). 

After a sprite above one of the thousand active thunder- 
storms, the ionospheric potential would reduce to 99.9% of 
its initial value for a millisecond or so. Thus, it is evident 
that sprites are unlikely to cause an observable effect on the 
fair-weather electric field. 

To consider electrodynamic or electromagnetic effects 
rather than electrostatic phenomena, Maxwell’s equations 
are involved. They relate electromagnetic fields to charge 
and current densities in a time-varying situation. Electro- 
magnetic waves of appropriate frequencies can be generated, 
and these propagate away. The medium through which the 
energy propagates has a certain refractive index, which is 
equal to the square root of the relative electric permittivity. 

The medium is treated as a conductor at frequencies 
(w) such that w<qa/é. Alternatively, the medium be- 
haves as a leaky dielectric when m>Soa/é; that is the 
situation in the ionosphere for VLF waves and for higher 
frequency waves. However, for waves at Schumann res- 
onance frequencies the lower ionosphere behaves like a 


Hyperbolic Lemniscate Function 


Hyperbolic Lemniscate Function 
By analogy with the LEMNISCATE FUNCTIONS, hyper- 
bolic lemniscate functions can also be defined 


arcsinhlemn x = f (1+10 de (1) 
0 


1 
arccoshlemn z = J i di: (2) 


r 


Let 0 < 9 < 7/2 and 0 < v < 1, and write 
woj 5 (3) 
2 o VIFE' 


where y is the constant obtained by setting 6 = 7/2 and 


v = 1. Then 
2 1 


where K(k) is a complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND, and Ramanujan showed 


E A si 2né@) 
24 ly=8 EAR 5 
a = 2 ncosh(nr) (5) 


1 1 —17,.2) _ = (—1)" cos[(2n + 1)9] 
eee a 2, (2n + 1) cosh[5(2n + 1)11] (6) 


In (5 = 3 = In[tan(4r + 40)] 


1—v 
= (—1)" sin[(2n + 1)6] 
HI na] O 


(Berndt 1994). 
see also LEMNISCATE FUNCTION 
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Hyperbolic Map 

A linear MAP R” is hyperbolic if none of its EIGENVAL- 
UES have modulus 1. This means that R” can be written 
as a direct sum of two A-invariant SUBSPACES E* and 
E” (where s stands for stable and u for unstable). This 
means that there exist constants C >0and0<Ac<l1 
such that 


||A*v|| < CA*||vl| if v e E? 


[|A~"v|] < CA" ||v|| if ve E” 


for =U; Lts 
see also PESIN THEORY 
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Hyperbolic Metric 

The METRIC for the POINCARÉ HYPERBOLIC DISK, a 
model for HYPERBOLIC GEOMETRY. The hyperbolic 
metric is invariant under conformal maps of the disk 
onto itself. 


see also HYPERBOLIC GEOMETRY, POINCARÉ HYPER- 
BOLIC DISK 
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Hyperbolic Octahedron 


A hyperbolic version of the Euclidean OCTAHEDRON, 
which is a special case of the ASTROIDAL ELLIPSOID 
with a = b = c = 1. It is given by the parametric 
equations 


a = (cos u cos v)? 
y = (sin u cos v)? 


z=sin* v 


for u € [-7/2, 7/2] and v € [—r, 7]. 
see also ASTROIDAL ELLIPSOID, HYPERBOLIC CUBE, 


HYPERBOLIC DODECAHEDRON, HYPERBOLIC TETRA- 
HEDRON 
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Hyperbolic Paraboloid 


i a (1) 


866 Hyperbolic Partial Differential Equation 


(left figure). This form has parametric equations 


z(u,v) = alu +v) (2) 
y(u,v) = +bu (3) 
z(u,v) = u? + 2uv (4) 


(Gray 1993, p. 336). An alternative form is 
z= Y (5) 


(right figure; Fischer 1986), which has parametric equa- 
tions 


z(u,v) = u (6) 
y(u,v) =v (7) 
z(u,v) = uv. (8) 


see also ELLIPTIC PARABOLOID, PARABOLOID, RULED 
SURFACE 
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Hyperbolic Partial Differential Equation 
A PARTIAL DIFFERENTIAL EQUATION of second-order, 
i.e., one of the form 


Auss + 2BUgy + Cuyy + Duz + Euy + F=0, (1) 


is called hyperbolic if the MATRIX 


A B 
z=) 4 (2) 


satisfies det(Z) < 0. The WAVE EQUATION is an exam- 
ple of a hyperbolic partial differential equation. Initial- 
boundary conditions are used to give 


u(z,y,t) = g(x, y,t) forxE€00,t>0 (3) 


u(z,y,0) =vo(z,y) inQ (4) 
us(2,y,0) = vi(x,y) in Q, (5) 
where 
Uszy = f (Uz, Us, £, Y) (6) 
holds in Q. | 


see also ELLIPTIC PARTIAL DIFFERENTIAL EQUATION, 
PARABOLIC PARTIAL DIFFERENTIAL EQUATION, PAR- 
TIAL DIFFERENTIAL EQUATION 


Hyperbolic Secant 


Hyperbolic Plane 

In the hyperbolic plane H?, a pair of LINES can be PAR- 
ALLEL (diverging from one another in one direction and 
intersecting at an IDEAL POINT at infinity in the other), 
can intersect, or can be HYPERPARALLEL (diverge from 
each other in both directions). 


see also EUCLIDEAN PLANE, RIGID MOTION 


Hyperbolic Point 

A point p on a REGULAR SURFACE M € R? is said to 
be hyperbolic if the GAUSSIAN CURVATURE K(p) < 0 
or equivalently, the PRINCIPAL CURVATURES 4, and k2, 
have opposite signs. 


see also ANTICLASTIC, ELLIPTIC POINT, GAUSSIAN 
CURVATURE, HYPERBOLIC FIXED POINT (DIFFEREN- 
TIAL EQUATIONS), HYPERBOLIC FIXED POINT (MAP), 
PARABOLIC POINT, PLANAR POINT, SYNCLASTIC 
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Hyperbolic Polyhedron 
A POLYHEDRON in a HYPERBOLIC GEOMETRY. 


see HYPERBOLIC CUBE, HYPERBOLIC DODECAHEDRON, 
HYPERBOLIC OCTAHEDRON, HYPERBOLIC TETRAHE- 
DRON 


Hyperbolic Rotation 

Also known as the LORENTZ TRANSFORMATION or PRO- 
CRUSTIAN STRETCH. Leaves each branch of the HYPER- 
BOLA z’y' = zy invariant and transforms CIRCLES into 
ELLIPSES with the same AREA. 

rt =p 2 


I 


= py. 


Hyperbolic Rotation (Crossed) 
Exchanges branches of the HYPERBOLA 2'y' = £y. 


Hyperbolic Secant 


Hyperbolic Sine 


Im(Sech z] |Sech z| 


Re[Sech z] 


The hyperbolic secant is defined as 


i... 2 


cosh x et et! 


sech z = 


It has a MAXIMUM at z = O and inflection points at 
z = +sech~1(1/V2) = 0.881374. 


see also BENSON’S FORMULA, CATENARY, CATENOID, 
EULER NUMBER, HYPERBOLIC COSINE, OBLATE 
SPHEROIDAL COORDINATES, PSEUDOSPHERE, SECANT, 
SURFACE OF REVOLUTION, TRACTRIX, TRACTROID 
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Hyperbolic Sine 


Re[Sinh 2] ¡sinh z|] 
t 


E -2 
Re[zP 2 


The hyperbolic sine is defined as 
sinh z = $ (e? — e”). 


see also BETA FUNCTION (EXPONENTIAL), BIPO- 
LAR COORDINATES, BIPOLAR CYLINDRICAL COOR- 
DINATES, BISPHERICAL COORDINATES, CATENARY, 
CATENOID, CONICAL FUNCTION, CUBIC EQUATION, DE 
MOIVRE'S IDENTITY, DIXON-FERRAR FORMULA, EL- 
LIPTIC CYLINDRICAL COORDINATES, ELSASSER FUNC- 
TION, FIBONACCI HYPERBOLIC COSINE, FIBONACCI 
HYPERBOLIC SINE, GUDERMANNIAN FUNCTION, HE- 
LICOID, HELMHOLTZ DIFFERENTIAL EQUATION— 
ELLIPTIC CYLINDRICAL COORDINATES, HYPERBOLIC 
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COSECANT, LAPLACE’S EQUATION—BISPHERICAL Co- 
ORDINATES, LAPLACE’S EQUATION—TOROIDAL Co- 
ORDINATES, LEBESGUE CONSTANTS (FOURIER SE- 
RIES), LORENTZ GROUP, MERCATOR PROJECTION, 
MILLER CYLINDRICAL PROJECTION, MODIFIED .BEs- 
SEL FUNCTION OF THE SECOND KIND, MODIFIED 
SPHERICAL BESSEL FUNCTION, MODIFIED STRUVE 
FUNCTION, NICHOLSON’S FORMULA, OBLATE SPHER- 
OIDAL COORDINATES, PARABOLA INVOLUTE, PARTI- 
TION FUNCTION P, POINSOT’S SPIRALS, PROLATE 
SPHEROIDAL COORDINATES, RAMANUJAN’S TAU FUNC- 
TION, SCHLAFLI’S FORMULA, SHI, SINE, SINE-GORDON 
EQUATION, SURFACE OF REVOLUTION, TOROIDAL Co- 
ORDINATES, TOROIDAL FUNCTION, TRACTRIX, WAT- 
SON’S FORMULA 
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Hyperbolic Space 
see HYPERBOLIC GEOMETRY 


Hyperbolic Spiral 


An ARCHIMEDEAN SPIRAL with POLAR equation 


r= 


e 
a 


- The hyperbolic spiral originated with Pierre Varignon 


in 1704 and was studied by Johann Bernoulli between 
1710 and 1713, as well as by Cotes in 1722 (MacTutor 
Archive). 


see also ARCHIMEDEAN SPIRAL, SPIRAL 
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868 Hyperbolic Spiral Inverse Curve 


Hyperbolic Spiral Inverse Curve 
Taking the pole as the INVERSION CENTER, the HYPER- 
BOLIC SPIRAL inverts to ÁRCHIMEDES” SPIRAL 


r= aĝ. 


Hyperbolic Spiral Roulette 
The ROULETTE of the pole of a HYPERBOLIC SPIRAL 
rolling on a straight line is a TRACTRIX. 


Hyperbolic Substitution 
A substitution which can be used to transform integrals 
involving square roots into a more tractable form. 


Substitution 
Vz? +a? | x =asinhu 
a? — a? | x =acoshu 


see also TRIGONOMETRIC SUBSTITUTION 


Hyperbolic Tangent 


Re[Tanh z] 


the hyperbolic tangent is defined as 


sinh x e* —e ” | 
cosh z el ez e?r +1 


where sinh z is the HYPERBOLIC SINE and cosh x is the 
HYPERBOLIC COSINE. The hyperbolic tangent can be 
written using a CONTINUED FRACTION as 


tanh g = 


see also BERNOULLI NUMBER, CATENARY, CORRELA- 
TION COEFFICIENT—GAUSSIAN BIVARIATE DISTRIBU- 
TION, FIBONACCI HYPERBOLIC TANGENT, FISHER'S 2'- 
TRANSFORMATION, HYPERBOLIC COTANGENT, LOR- 
ENTZ GROUP, MERCATOR PROJECTION, OBLATE 


Hyperboloid 


SPHEROIDAL COORDINATES, PSEUDOSPHERE, SURFACE 
OF REVOLUTION, TANGENT, TRACTRIX, TRACTROID 
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Hyperbolic Tetrahedron 


A hyperbolic version of the Euclidean TETRAHEDRON. 


see also HYPERBOLIC CUBE, HYPERBOLIC DODECAHE- 
DRON, HYPERBOLIC OCTAHEDRON 
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Hyperbolic Umbilic Catastrophe 
A CATASTROPHE which can occur for three control fac- 
tors and two behavior axes. 


see also ELLIPTIC UMBILIC CATASTROPHE 


Hyperboloid 
A QUADRATIC SURFACE which may be one- or two- 
sheeted. 


The one-sheeted circular hyperboloid is a doubly RULED 
SURFACE. When oriented along the z-AxIS, the one- 
sheeted circular hyperboloid has CARTESIAN COORDI- 
NATES equation 


“s+ 5-551, (1) 


Hyperboloid 


and parametric equation 


z=avV1+u* cosy (2) 
y =ayl+usinu (3) 


2 = cu (4) 


for v € [0,27) (left figure). Other parameterizations 


include 


x(u,v) = a(cos u F vsin u) (5) 
y(u,v) = a(sin u + v cos u) (6) 
z(u, v) = ECU; (7) 


(middle figure), or 


z(u,v) = acoshvcosu (8) 
y(u, v) = acoshvsinu (9) 
z(u,v) = csinhu (10) 


(right figure). An obvious generalization gives the one- 
sheeted ELLIPTIC HYPERBOLOID. 


A two-sheeted circular hyperboloid oriented along the 
z-AXIS has CARTESIAN COORDINATES equation 


E A 8 (11) 


The parametric equations are 


x =asinh ucos v (12) 
y = asinh usin v (13) 
z = +ccosh u (14) 


for v € [0,27). Note that the plus and minus signs in 
z correspond to the upper and lower sheets. The two- 
sheeted circular hyperboloid oriented along the -AXIS 
has Cartesian equation 


a] (15) 
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and parametric equations 


r = +a cosh u cosh v | (16) 
y = asinh u cosh v (17) 
z=csinhv (18) 


(Gray 1993, p. 313). Again, an obvious generalization 
gives the two-sheeted ELLIPTIC HYPERBOLOID. 


The SUPPORT FUNCTION of the hyperboloid of one sheet 


E Y En 
ate aT! 49) 
is ij 
2 2 2 = 

[Tí Y z 
= (5 + pa + =) ; (20) 

and the GAUSSIAN CURVATURE is 

ht 

K = A" (21) 


The SUPPORT FUNCTION of the hyperboloid of two 
sheets | 


q? y? 2? 
a oe ae 2) 
is de 
2 2 2 = 
T Y z 
and the GAUSSIAN CURVATURE is 
h4 
I Taba aa) 


(Gray 1993, pp. 296-297). 

see also CATENOID, ELLIPSOID, ELLIPTIC HYPER- 
BOLOID, HYPERBOLOID EMBEDDING, PARABOLOID, 
RULED SURFACE 
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Hyperboloid Embedding 
A 4-HYPERBOLOID has NEGATIVE CURVATURE, with 


R =r +y tz? -a (1) 
dz dy dz 
22 — + 2y— + 2z— — 24 =Q. 2 
a a Ye “dw Š (2) 
Since 
r=7x+yy + zz, (3) 
dw — eae t Ydy +zdz _ r- dr (4) 


870 Hypercomplex Number 
To stay on the surface of the HYPERBOLOID, 


ds? = da? + dy? + dz” — dw’ 


r? dy? 
= dz’ + dy’ + dz? = 72 _ R2 
2 
= dr? + r°dQ? + a (5) 
1- E | 


Hypercomplex Number 

A number having properties departing from those of 
the REAL and COMPLEX NUMBERS. The most com- 
mon examples are BIQUATERNIONS, EXTERIOR ALGE- 
BRAS, GROUP algebras, MATRICES, OCTONIONS, and 
QUATERNIONS. 
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Hypercube 


—Q OY 


The generalization of a 3-CUBE to n-D, also called a 

MEASURE POLYTOPE. It is a regular POLYTOPE with 

mutually PERPENDICULAR sides, and is therefore an OR- 

THOTOPE. It is denoted yn and has SCHLAFLI SYMBOL 

{4, 3,3). The number of k-cubes contained in an n- 
- 


n—2 


cube can be found from the COEFFICIENTS of (2k +1)”. 


The 1-hypercube is a LINE SEGMENT, the 2-hypercube 
is the SQUARE, and the 3-hypercube is the CUBE. The 
hypercube in R*, called a TESSERACT, has the SCHLAFLI 
SYMBOL {4,3,3} and VERTICES (+1, +1, +1, +1). The 
above figures show two visualizations of the TESSERACT. 
The figure on the left is a projection of the TESSERACT 
in 3-space (Gardner 1977), and the figure on the right is 
the GRAPH of the TESSERACT symmetrically projected 
into the PLANE (Coxeter 1973). A TESSERACT has 16 
VERTICES, 32 EDGES, four SQUARES, and eight CUBES. 


see also CROSS POLYTOPE, CUBE, HYPERSPHERE, 
ORTHOTOPE, PARALLELEPIPED, POLYTOPE, SIMPLEX, 
TESSERACT 
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Hyperdeterminant 

A technically defined extension of the ordinary DE- 
TERMINANT to “higher dimensional” HYPERMATRICES. 
Cayley (1845) originally coined the term, but subse- 
quently used it to refer to an ALGEBRAIC INVARIANT of 
a multilinear form. The hyperdeterminant of the 2x 2x2 
HYPERMATRIX A = ai;x (for i,j,k = 0, 1) is given by 


2 2 2 2 2 2 2 2 
det (4) = (2000 4111 F Go01 Q110 + @o10 @101 + Ao @100 ) 
m 2(ao00@00101100111 + Go00@o10@1014111 + G00082011 41004111 
+ @901@09104101@110 + @o001@0114110@100 + 20104011 21014100) 


+ 4(@o00@011 41018110 + 4001 201081008111)» 


The above hyperdeterminant vanishes IFF the following 
system of equations in six unknowns has a nontrivial 
solution, 


aoooToyo + AoioXoy1 + A10021Y0 + @110T1y1 = Q 
Go001ToYo + A011%0Y1 + A101 21 Yo + @11171y1 = Ô 
A000ToZo + A001 021 + G100%120 + @101%121 = 0 
ao10LoZo + Go11 £021 + 21104120 + 41112121 = Q 
aoooYozZo + Go01Yo2Z1 + Ao104¥120 + @011y121 = Q 


azo0YoZo + @101Yo21 + 41104120 + A1114121 = Q 


see also DETERMINANT, HYPERMATRIX 
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Hyperellipse 


n/m 


x 
=c=0, 


yim tel? 
a 


with n/m > 2. Ifn/m < 2, the curve is a HYPOELLIPSE. 
see also ELLIPSE, HYPOELLIPSE, SUPERELLIPSE 
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Hyperelliptic Function 
see ABELIAN FUNCTION 


Hyperelliptic Integral 


Hyperelliptic Integral 
see ABELIAN INTEGRAL 


Hyperfactorial 
The function defined by 


H(n) = K(n+1) =1'273°---n", 


where K is the K-FUNCTION and the first few val- 
ues for n = 1, 2, ... are 1, 4, 108, 27648, 86400000, 
4031078400000, 3319766398771200000, (Sloane’s 
A002109), and these numbers are called hyperfactorials 
by Sloane and Plouffe (1995). 


see also G-FUNCTION, GLAISHER-KINKELIN CON- 


STANT, K-FUNCTION 
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Hypergeometric Differential Equation 


o(e-1)S¥ + (1 +a+A)e-7 


dy 


da + ay =0. 


It has REGULAR SINGULAR POINTS at 0, 1, and oo. 
Every ORDINARY DIFFERENTIAL EQUATION of second- 
order with at most three REGULAR SINGULAR POINTS 
can be transformed into the hypergeometric differential 
equation. 


see also CONFLUENT HYPERGEOMETRIC DIFFERENTIAL 
EQUATION, CONFLUENT HYPERGEOMETRIC FUNCTION, 
HYPERGEOMETRIC FUNCTION 
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Hypergeometric Distribution 

Let there be n ways for a successful and m ways for an 
unsuccessful trial out of a total of n + m possibilities. 
Take N samples and let z; equal 1 if selection 2 is suc- 
cessful and 0 if it is not. Let z be the total number of 
successful selections, 


T 


Y (1) 


The probability of ¿ successful selections is then 


Prais 
[# ways for i successes][# ways for N — i unsuccesses] 
[total number of ways to select] 


= (7) yeu = TG ANN 
EC) (n+m)! 
N NUN—n—m)! 


nimNúN —m-—n)! 


= in i)m +i — NUN — Din + m)!’ 2) 
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The ith selection has an equal likelihood of being in any 
trial, so the fraction of acceptable selections p is 


n 


Ag n+m (3) 
n 
P(zi = 1) = ~~ =p (4) 
The expectation value of z is 
N 
uc) (Ea) = Dto 
¿=1 i=l 
N 
n nN 

DA rere NR (5) 


var(zi) = p(l — p) = (1 = ) 


= (EA) =, nm AD) 


n+m n+m n+m)? 
SO E 
S var(z:) = Pe La (8) 
(n +m)? 
i=l 
For i < j, the COVARIANCE is 
cov(z;, xj) = (2,07) — (1) (23). (9) 


The probability that both i and j are successful for i # j 
is 


P(x; = 1,2; = 1) = P(x; = 1)P(a; = Mx; = 1) 
n n—1 


n+mn+m—1 
2  n”an-1) 
—(n+mln+m-1) (10) 


But since x; and xj are random BERNOULLI variables 
(each 0 or 1), their product is also a BERNOULLI variable. 
In order for 2,23, to be 1, both x; and x; must be 1, 


(2,25) = Plzx;t; = 1) = Ple; = l, z; = 1) 
n n— i1 
n+mn+m-1 
n(n — 1) 


~ (n+m)(n+m— 1) (11) 
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Combining (11) with 
n n n? 


E A APT (D 
n+mn+m  (n+m)?” 112) 


(zi) (£3) = 


gives 


(n+ m)(n*? —n)-n*(n+m-1) 
(n+m)2(n-+m — 1) 
n+ mn? —n -m-n —n?m4+ nr? 

= mn 
~ (n+m)2(n+m—1) 


cov(x;, ej) = 


(13) 


There are a total of N? terms in a double summation 
over N. However, i = j for N of these, so there are a 
total of N? — N = N(N — 1) terms in the COVARIANCE 
summation 


> J N(N — 1)mn | 
202. cov(zi,2;) = (n+m(n+m-1)' (14) 
jFt 


Combining equations (6), (8), (11), and (14) gives the 
- VARIANCE 


ee Nmn N(N — 1)mn 
V A A NN ee 
(n+m)} (n+m)?(n+m-—1) 
_ Nmn ( E N-1 ) 
-o (m+n)? n+m-—1 
_ Nmn Sa 
—(n+m)? n+m-—l1 
_ Nmn(n+m- N) (15) 
—(n+m?(n+m- 1)” 
so the final result is 
(2) = Np (16) 
and, since 
l— p= 17 
ej n+m ) 
and pa 
i e 1 
we have 
2 E z _ A) 
o” = var(x) = Np(1 — p) (1 Sl 
mnN(m+n- N) (19) 


~ (m+n)?(m+n—1)' 


The SKEWNESS is 


_q—-p a) 
N= mp N-m\ N-2 
_ (m—n)(mt+n—2N) m>+n-—1 
7 m+n-2 mnN(m+n- NY 


(20) 


Hypergeometric Function 


and the KURTOSIS 


F(m,n, N) 
a= mnN(-3+m+n)(-2+m+n)(-m—-—n+QN)’ 
(21) 
where 


F(m,n,N) = m? — m? + 3m?n — 6m?n + mén + 3mn? 
— 12m*n* + 8m? n? + n? — 6mn* + 8m*n* 
+ mn’ — n” — 6m? N +6mN + 18m*nN 
— 6m>nN + 18mn?N — 24m*n*N — 6n? N 
—~6mn°N + 6n*N + 6m? N? — bm? N? 
~ 24mn N? + 12m?nN? + 6n? N? 
+ 12mn?N? — 6n? N’. (22) 


The GENERATING FUNCTION is 


ME 
p(t) CE") 


N 


oFi(-N, -n;m — N +1;e*), (23) 


where 2Fi(a,b;c;z) is the HYPERGEOMETRIC FUNC- 
TION. 


If the hypergeometric distribution is written 
np nq 
then 


O sju? = A2Fi¡(—s,—npinq—s+1;u). (25) 
z==0 
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Hypergeometric Function 

A GENERALIZED HYPERGEOMETRIC FUNCTION 
pFgla1,.-.,Opib1,... bq; £) is a function which can be 
defined in the form of a HYPERGEOMETRIC SERIES, i.e., 
a series for which the ratio of successive terms can be 
written 


ary1 _ P(k) _ 


(k +aı)(k +a2)--: (k +ap)  ; 
e nes 
1 


Ak Q(k) 


(The factor of k + 1 in the DENOMINATOR is present 
for historical reasons of notation.) The function 
2F,(a, b;c; £) corresponding to p = 2, q = 1 is the first 
hypergeometric function to be studied (and, in general, 
arises the most frequently in physical problems), and so 
is frequently known as “the” hypergeometric equation. 


Hypergeometric Function 


To confuse matters even more, the term “hypergeomet- 
ric function” is less commonly used to mean CLOSED 
FORM. 


The hypergeometric functions are solutions to the Hy- 
PERGEOMETRIC DIFFERENTIAL EQUATION, which has a 
REGULAR SINGULAR POINT at the ORIGIN. To derive 
the hypergeometric function based on the HYPERGEO- 
METRIC DIFFERENTIAL EQUATION, plug 


y=) Anz" (2) 
n=0 
=) Age (3) 
n=0 
= Ņ n(n -1)An2"” (4) 
n=0 
into 
z(1—z)y’ +[c-(a+b+ 1)aly' —aby=0 (5) 
to obtain 
Sy n(n — 1)An2""* — be n(n — 1)Anz” 
n=0 n=0 
+c ` nAnz” > +(a+b+1) y nA,z" 
n=0 n=0 
—ab Y Anz” =0 (6) 
n=0 
` n(n — 1)Anz""? — ` n(n — 1)Anz" 
n=2 n=0 
+cY nAnz""*—(a+b+1) Y) nAnz" 
n=l n=1 
-ab Y Aga 0 AT 
n=0 
S (n + 1)nAny12" — y n(n — 1)A,2" 
n=0 n=0 
+c N (n + 1)An+ız” — (a+b +1) ` nAnz" 
n=0 n=0 
-ab Y Anz” =0 (8) 
n=0 


Y [n(n + 1)An+1 — n(n — 1)An + e(n + 1)An-1 
n=0 


—(a +b+1)nA, — abAn]z" =0 (9) 
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Y {n+ 1)(n + c)Angs 


n=0 


—[n(n—1+a+b+1)+ab]A,)2" =0 (10) 


S fín + 1)(n+c)An+1 


n=0 
—[n? + (a +b)n + ab]A,)z” =0, (11) 


SO 
(n + a)(n +b) 
Anyi = ——— 12 
T (n+ 1)(n + c) 02 
and 
SA — 22 ee ae 
y 0 heg + a alele + 1) Zei (13) 
This is the regular solution and is denoted 
ala + 1)b(b +1) 2 
F. =i —— F 
2Fı (a,b; c; z) = 1 + — a z+ alelet 1) z“ + 
D n)a Ch z” i —, (14) 


where (a), are POCHHAMMER SYMBOLS. The hyperge- 
ometric series is convergent for REAL —1 < z < 1, and 
for z = +1 if c > a+b. The complete solution to the 
HYPERGEOMETRIC DIFFERENTIAL EQUATION is 


y = AF; (a, b; c; z)+ Bz’ °2Fi(at1—c, b+1—c;2—c; z). 
(15) 


Derivatives are given by 


F " . 
d2Fi (a,b; ¢5 2) _ Z Fila + 1,b+ 1;¢ + 1; z) (16) 


dz 
d°2F,(a,b;c;z) ala +1)b(b+ 1) 
dz? T c(c+1) 


x 2Fi¡(a+2,b4+2;c+2;2) (17) 


(Magnus and Oberhettinger 1949, p. 8). 
giving the hypergeometric function is 


To t- ae Uat A a —b-1 
NONE] [ aE k 


(18) 


An integral 


oFı(a,b;c; z) = 


as shown by Euler in 1748. 


A hypergeometric function can be written using EU- 
LER’S HYPERGEOMETRIC TRANSFORMATIONS 


t>t (19) 
to 1-t (20) 
to (1-2-t2" (21) 
(ie (22) 


1 — tz 
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in any one of four equivalent forms 


2Fi¡(a,b;c;2) = (1 — 2)“ 2Fi(a,c— b; c; z/(z — 1)) 


(23) 

= (1 -— z)? 2Fı(c — a,b; c; z/(z — 1)) 
| (24) 

= (1 - 27 2 Fr(c—a,c— b; c; z). 
(25) 


It can also be written as a linear combination 


2Fi(a,b;c; z) 
_ T(c)T(c— a — b) 
= T(c-a)jJT(c-— b) 
T(cT(a +b- ce) PENS 
mara 0 
x2Fi(e—a,c—b;1+e-—a—b;1—2z). (26) 


2Fi(a,bja+b+1-—c;1- 2) 


Kummer found all six solutions (not necessarily regular 
at the origin) to the HYPERGEOMETRIC DIFFERENTIAL 
EQUATION, 


) = 2F1(a, b; c; z) 

uo(x) =2Fi(a,bja+b41-—c;1-—2) 

ug(z) = 2 *2Fi¡(a,a+1-—c¡a+1-—b;1/z) 

ua(x) = z~°oFi(b+1-—c,b;b64+1-—a;1/z) 

us(z) = 227 *2Fi¡(b4+1-c,a+1-c;2-—c;x2) 

ug(x) = (1 — 2) * oF (c-ajc—-bic+1—a-—b;1-—2). 


ue 


Applying EULER’S HYPERGEOMETRIC TRANSFORMA- 
TIONS to the Kummer solutions then gives all 24 possi- 
ble forms which are solutions to the HYPERGEOMETRIC 
DIFFERENTIAL EQUATION 


u (x) = F, (a, b; c; z) 
uP (x) = (1 — z) °F, (a,c — b; c; z/(z — 1)) 
ul) (a) = (1 — z)®° F, (c — a, b; c; z/(z — 1)) 
uf (æ) = (1 — z)? F; (c — a, c — b; c; z) 
u (x) =:Fi(a, bza +b+1-c; 1- 2) 
uP (x) =z °F, (aa +1-—c;a+b+1-c;l-—1/z) 
u (2) = 2° Fi(b+1-—c,b;ja+b+1-c;1-— 1/z) 
uP (a) = 2 oe Fi(b+1—c,at+l—catb+1—c1—z) 
ul) (x) =z °F (aa +1-—c;a +1 -—b;1/z) 
uP (z) = 2 *(1— 1/1z)° F, (a,c — bja + 1 — b; 1/(1 — z)) 
us) (2) = 2 *(1—1/z)°*"" 
x2F¡(1—b,a+1-cia+1-b;1/(1 — z)) 
us (a) =z *(1~—1/z)°° Fi (1—b,c—bat+1—6;1/z) 
ul) (e) = zF (b+ 1-—c,b;b +1- a;1/z) 
u (z) =z (1 — 1/2) > 
x 2F,¡(b, — c, 1 — a;b + 1 — a; 1/(1 — z)) 
u® (x) = z°(1 — 1/2) ° F,(c — a,b;b + 1 — a; 1/(1 — z)) 
u (a) =z "(1-1/2) 7t ,Fi(c— a, 1 — a;b + 1- a;1/z} 
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us” (x) =z, Fi(b+1—c,a+1-— c2 -c z) 

u (a) = 47 (1 — z} T’ Fi (b+ 1 —c,1-—a;2 —¢;z/(z — 1)) 

uP (x) = zt (1 — z), Fi (1 — b,a +1- c; 2 -— c; z/(z— 1)) 

ue (a) = 2 (12)? F, (1 — b, 1 — a; 2 — c; z) 

u (x) = (1-27 PF (c — a,c — b;c +1 —a-—b;1-— z) 

ul) (x) = aa ye ÓN 
x2Fi(c—-ajl-ajc+1-a-—bj1-1/z) 

(2) b—e ec-a—b 

u (2) = 2° “(1 =z) 
x F (1 —b,c-—bse+1—a—6;1-—1/z) 

ud) (x) = A (| _ zz.” 


x2F,(1-b,1-—ajc+1-a-—b;1- 2). 


Goursat (1881) gives many hypergeometric transforma- 
tion FORMULAS, including several cubic transformation 
FORMULAS. 


Many functions of mathematical physics can be ex- 
pressed as special cases of the hypergeometric functions. 
For example, 


¿Fi (1,1 + 1,1; (1 — 2)/2) = Pi(z), (27) 
where P;(z) is a LEGENDRE POLYNOMIAL. 
(1 +z)" = 2Fi(—n, b; b; —2) (28) 


In(1 + z) = z2Fi(1, 1; 2; —z) (29) 


Complete ELLIPTIC INTEGRALS and the RIEMANN P- 
SERIES can also be expressed in terms of 2Fı(a, b; c; z). 
Special values include 


2Fi(a,bja—b+1;-1) 


pa r(1+a +b) 

i Vray la — b)T (3 + ła) 30 
2F1 (1, —a; a; —1) = S Fa (31) 
2Fı (a,b; c; 3) = 2° 2Fı (a, c — b; c; —1) (32) 
oF, (a,b; $(a+b+1); 5) = Na EG Tart) (33) 


P[5 (1 +a)]P(3(1 + b)] 
oa TEGE DO) 
ABB NPG a) = T[i (a + oT} +c-a)] el 


r(e) (c— a — b) 


2F, (a, b;c; 1) = Te a e0) (35) 
KUMMER'S FIRST FORMULA gives 
2Fi(5 +m — k,—n;2m + 1; 1) 
_ TQm+1)T(m+ s+k+n) (36) 


o (m+ h +k) Qm414+n)’ 


where m A —1/2, —1, -3/2, .... Many additional 
identities are given by Abramowitz and Stegun (1972, 
p. 557). 


1568 M.J. Rycroft et al. | Journal of Atmospheric and Solar-Terrestrial Physics 62 (2000) 1563-1576 


conductor. Radiation produced by the current pulse 
due to a cloud-to-ground lightning discharge (1.e. due 
to the rapid destruction of the dipole moment formed 
by the negative charge in the bottom of a thunder- 
cloud and its positively charged image in the Earth) 
ranges from Schumann resonance frequencies up to 
~100 MHz. 

However, if there are no radiation effects to be consid- 
ered, the current flowing is the sum of the conduction current 
and the displacement current. This is termed the Maxwell 
current. In the atmosphere, there can be other significant 
contributions to the current density, due to convection, tur- 
bulence, precipitation (or settling ) or point discharges. Men- 
tioned earlier, and sometimes called St. Elmo’s fire, this last 
contributor to the current through the global atmospheric 
circuit may actually carry half the current (see Bering et al., 
1998). By its very nature, it is variable, and not a great deal 
is known about it. It is a topic for further research. 

A fundamental property of the global atmospheric elec- 
trical circuit is the electrical relaxation time at various alti- 
tudes, which is defined as the time the electric current takes 
to adjust to 1/e of its final value after an electric field is sud- 
denly applied, assuming that the conductivity remains con- 
stant. At high altitudes, near 70 km, the relaxation time is 
about 10~* s, increasing with decreasing altitude to about 4 
s near 18 km and to about 5—40 min near the Earth’s sur- 
face. The electrical relaxation time of the land surface of the 
Earth is about 107? s. The maximum value of about 40 min 
in the atmosphere near the Earth’s surface is the characteris- 
tic time that the global circuit would take to discharge if all 
thunderstorm activity suddenly ceased. Measurements have 
never shown a complete absence of a fair-weather electric 
field for any length of time, thereby suggesting a continuous 
operation of thunderstorms and other generators in main- 
taining the currents flowing in the global circuit. For time 
variations longer than about 40 min a quasi-static approxi- 
mation can be applied when modelling the electrical prop- 
erties of the global circuit. 


3. Solar and cosmic influences on atmospheric electricity 
3.1. Solar cycle effects 


Variable plasma phenomena from the Sun, such as gigan- 
tic coronal mass ejections, can create geomagnetic storms, 
periods of enhanced geomagnetic activity. Such phenom- 
ena exert a profound — often disruptive, and occasionally 
devastating — influence on humankind’s technological sys- 
tems, such as satellites, telecommunications systems, power 
lines and pipelines; they may even affect human health. 

It is well known that the Sun is not a constant star but 
one whose radiative output (especially in the ultraviolet and 
X-ray spectral regions) varies over a solar cycle, of ~11 
years period. (Taking account of the Sun’s magnetic polar- 
ity, it is actually a ~22 year cycle.) The temperature, and 


hence the density, of the upper atmosphere (thermosphere) 
vary markedly over a solar cycle. For example, at ~400 km 
altitude where the International Space Station will operate, 
the density — and hence the drag force — is almost a hun- 
dred times greater at solar maximum than at solar minimum. 

The solar magnetic field and its extension through the 
interplanetary medium (carried by the plasma of the solar 
wind) to the Earth’s orbit and beyond, into the heliosphere, 
is markedly more variable at solar maximum than at solar 
minimum. Thus, the flux of galactic cosmic rays (scattered 
by the irregularities of the interplanetary magnetic field) en- 
tering the top of the atmosphere is some tens of percent larger 
at solar minimum that at solar maximum, whereas the flux 
of energetic (>0.1 GeV) charged particles (protons) from 
the Sun at solar minimum is typically many times less that 
its value at solar maximum. Both types of energetic charged 
particles and also energetic charged particles precipitating 
from the inner and outer magnetospheric radiation belts (see 
Fig. 1, from Davies, 1990) during geomagnetically active 
periods interact with the Earth’s middle and lower atmo- 
sphere by depositing their energy in the atmosphere, by cre- 
ating ionisation directly or via bremmstrahlung radiation, by 
altering its chemistry (particularly ozone, nitric oxide and 
sulphate aerosols, see Jackman et al., 1995), or by affecting 
the nucleation of water droplets to form clouds (see Tinsley, 
1996, 2000). There is some recent evidence that energetic 
solar protons appear to produce small holes in the Arctic 
ozone layer. They may trigger the formation of cirrus clouds 
which decrease the flux of solar radiation to the Earth’s 
surface and hence affect the evolution of weather systems 
(see Pudovkin and Babushkina, 1992), and also affect the 
Earth’s radiation budget by contributing to the greenhouse 
effect (also see Svensmark and Friis-Christensen, 1997), 

Ground-based radars and other instruments in Scandi- 
navia and around the world observe the effects of the ever 
changing, million Ampere current systems in the auroral 
ionosphere at heights near 110 km. These cause changing 
geomagnetic fields which induce large and varying currents 
to flow in long conductors, such as electrical power lines 
or oil pipe lines, sometimes with catastrophic effects. These 
include exploding transformers and power cuts (outages) of 
several hours duration, or corrosion. 

Thus atmospheric electricity plays various roles in the 
highly coupled system representing the Earth’s atmosphere 
and the near-Earth space environment. There are temporal 
variations, on time scales varying from microseconds (in 
lightning discharges), to milliseconds (e.g. sprites), minutes 
to an hour (e.g. thunderstorm regeneration), hours to a day 
(e.g. diurnal variations ), months (solar rotation and seasonal 
effects), and to a decade (solar cycle effects), as well as 
spatial variations. 


3.2. Latitudinal effects 


Solar influences on the geoelectric field differ be- 
tween mid-latitudes and the polar regions (Tinsley, 1996). 


Hypergeometric Function 


Hypergeometric functions can be generalized to GENER- 
ALIZED HYPERGEOMETRIC FUNCTIONS 


Daz) (37) 


Palla Gas Digs ss 


A function of the form ¡Fi (a; b; z) is called a CONFLU- 
ENT HYPERGEOMETRIC FUNCTION, and a function of 
the form oFi(; b; z) is called a CONFLUENT HYPERGEO- 
METRIC LIMIT FUNCTION. 


see also APPELL HYPERGEOMETRIC FUNCTION, 
BARNES’ LEMMA, BRADLEY’S THEOREM, CAYLEY’S 
HYPERGEOMETRIC FUNCTION THEOREM, CLAUSEN 
FORMULA, CLOSED FORM, CONFLUENT HYPERGEO- 
METRIC FUNCTION, CONFLUENT HYPERGEOMETRIC 
LIMIT FUNCTION, CONTIGUOUS FUNCTION, DARLING’S 
PRODUCTS, GENERALIZED HYPERGEOMETRIC FUNC- 
TION, GOSPER’S ALGORITHM, HYPERGEOMETRIC IDEN- 
TITY, HYPERGEOMETRIC SERIES, JACOBI POLYNOM- 
IAL, KUMMER’S FORMULAS, KUMMER’S QUADRATIC 
TRANSFORMATION, KUMMER’S RELATION, ORR’S THE- 
OREM, RAMANUJAN’S HYPERGEOMETRIC IDENTITY, 
SAALSCHUTZIAN, SISTER CELINE’S METHOD, ZEILBER- 
GER’S ALGORITHM 
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Hypergeometric Identity 

A relation expressing a sum potentially involving BINO- 
MIAL COEFFICIENTS, FACTORIALS, RATIONAL FUNC- 
TIONS, and power functions in terms of a simple re- 
sult. Thanks to results by Fasenmyer, Gosper, Zeil- 
berger, Wilf, and PetkovSek, the problem of determin- 


“ing whether a given hypergeometric sum is expressible 


in simple closed form and, if so, finding the form, is now 
(subject to a mild restriction) completely solved. The al- 
gorithm which does so has been implemented in several 
computer algebra packages and is called ZEILBERGER’S 
ALGORITHM. 

see also GENERALIZED HYPERGEOMETRIC FUNCTION, 
GosPER’s ALGORITHM, HYPERGEOMETRIC SERIES, 
SISTER CELINE’S METHOD, WILF-ZEILBERGER PAIR, 
ZEILBERGER’S ALGORITHM 
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Hypergeometric Polynomial 
see JACOBI POLYNOMIAL 


Hypergeometric Series 

A hypergeometric series Y, az is a series for which 
ao = 1 and the ratio of consecutive terms is a RATIONAL 
FUNCTION of the summation index k, i.e., one for which 


ansi _ PO) 
Ak Q(k)’ 


with P(k) and Q(k) POLYNOMIALS. The functions gen- 
erated by hypergeometric series are called HYPERGEO- 
METRIC FUNCTIONS or, more generally, GENERALIZED 
HYPERGEOMETRIC FUNCTIONS. If the polynomials are 
completely factored, the ratio of successive terms can be 
written 


Qk+1 _ P(k) = (k + ai)(k + az) -(k+ ap) as 
a Q(k) (EtblMk+b) (k F balk F 


where the factor of k+ 1 in the DENOMINATOR is present 
for historical reasons of notation, and the resulting GEN- 
ERALIZED HYPERGEOMETRIC FUNCTION is written 


a1 a2 NR âp. = k 
Ah ba +e: pia = as. 


k=0 
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If p = 2 and g = 1, the function becomes a traditional 
HYPERGEOMETRIC FUNCTION 2F (a, b; c; 2). 


Many sums can be written as GENERALIZED HYPER- 
GEOMETRIC FUNCTIONS by inspections of the ratios of 
consecutive terms in the generating hypergeometric se- 
ries. 

see also GENERALIZED HYPERGEOMETRIC FUNCTION, 


GEOMETRIC SERIES, HYPERGEOMETRIC FUNCTION, 
HYPERGEOMETRIC IDENTITY 
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Hypergroup 

A MEASURE ALGEBRA which has many properties as- 
sociated with the convolution MEASURE ALGEBRA of a 
GROUP, but no algebraic structure is assumed for the 
underlying SPACE. 
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Hypermatrix 
A generalization of the MATRIX to an ni X Na X--- array 
of numbers. 


see also HYPERDETERMINANT 
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Hyperparallel | 
Two lines in HYPERBOLIC GEOMETRY which diverge 
from each other in both directions. 


see also ANTIPARALLEL, IDEAL POINT, PARALLEL 


Hyperperfect Number 
A number n is called k-hyperperfect if 


n=1+k) di, 


where the summation is over the PROPER DIVISORS with 
1<d; < n, giving 


ko(n) = (k4+1)n+k+1, 


where a(n) is the DIVISOR FUNCTION. The first few 
hyperperfect numbers are 21, 301, 325, 697, 1333, ... 
(Sloane’s A007592). 2-hyperperfect numbers include 21, 
2133, 19521, 176661, ... (Sloane’s A007593), and the 
first 3-hyperperfect number is 325. | 


Hypersphere 
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Hyperplane 
Let ai, a2, ..., An be SCALARS not all equal to 0. Then 
the SET S consisting of all VECTORS 


Da 
in R” such that 
0121 + azz +... + anť£n = 0 


is a SUBSPACE of R” called a hyperplane. More gen- 
erally, a hyperplane is any co-dimension 1 vector SUB- 
SPACE of a VECTOR SPACE. Equivalently, a hyperplane 
V in a VECTOR SPACE W is any SUBSPACE such that 
W/V is 1-dimensional. Equivalently, a hyperplane is the 
KERNEL of any NONZERO linear MAP from the VECTOR 
SPACE to the underlying FIELD. 


Hyperreal Number 

Hyperreal numbers are an extension of the REAL NUM- 
BERS to include certain classes of infinite and infinites- 
imal numbers. A hyperreal number is said to be finite 
IFF |x|] < n for some INTEGER n. z is said to be in- 
finitesimal IFF |z| < 1/n for all INTEGERS n. 


see also AX-KOCHEN ISOMORPHISM THEOREM, NON- 
STANDARD ANALYSIS 
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Hyperspace 
A SPACE having DIMENSION n > 3. 


Hypersphere 

The n-hypersphere (often simply called the n-sphere) 
is a generalization of the CIRCLE (n = 2) and SPHERE 
(n = 3) to dimensions n > 4. It is therefore defined as 
the set of n-tuples of points (11, £2, ..., Zn) such that 


Bo as bit he, SR’, (1) 


Hypersphere 
where R is the RADIUS of the hypersphere. The Con- 


TENT (i.e., n-D VOLUME) of an n-hypersphere of RADIUS 
R is given by 


R n 
Vn = / oe E 
o n 


where Sn is the hyper-SURFACE AREA of an n-sphere of 
unit radius. But, for a unit hypersphere, it must be true 
that 


ed 2 
sa | er" dr 
0 
= f -f eta Feten ) de, den 
— 00 — 00 


(rra) o 


But the GAMMA FUNCTION can be defined by 


T(m) = 2 f i ie dr, (4) 
SO 
¿STGm) = [PG = (1*2) (5) 
Onl? 
Sn = ron (6) 


This gives the RECURRENCE RELATION 


| LM 
Sn+2 = a (7) 


Using T(n + 1) = nI (n) then gives 


nf/2pn n/2 pn 
T” R mei’ R 
Sern. 8) 


n — (imT(ín) T+ in) 


y, = Sak? _ 


(Conway and Sloane 1993). 


Dimension 


Dimension 
Strangely enough, the hyper-SURFACE AREA and CON- 
TENT reach MAXIMA and then decrease towards 0 as n 
increases. The point of MAXIMAL hyper-SURFACE AREA 
satisfies 


dS, — 7"/?[Inx — po($n)] 


dn T(¿n) 4 (9) 
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where Yo(x) = V(x) is the DIGAMMA FUNCTION. The 
point of MAXIMAL CONTENT satisfies 


dVn "nr — poll + ¿N)] 
E (10) 
dn 21 (1 ES zn) 

Neither can be solved analytically for n, but the numer- 
ical solutions are n = 7.25695... for hyper-SURFACE 
AREA and n = 5.25695... for CONTENT. As a result, 
the 7-D and 5-D hyperspheres have MAXIMAL hyper- 
SURFACE AREA and CONTENT, respectively (Le Lion- 
nais 1983). 
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In 4-D, the generalization of SPHERICAL COORDINATES 
is defined by 


zı = Rsiny sin f cos 8 (11) 
xo = Rsin y sin p sin 9 (12) 
23 = Rsiny cos ġ (13) 
za = Rcos y. (14) 


The equation for a 4-sphere is 
2 +297 +03" +24" = R’, (15) 
and the LINE ELEMENT is 
ds? = R’ [dy + sin? y(do? + sin? ¢d6’)]. (16) 


By defining r = Rsiny, the LINE ELEMENT can be 
rewritten 


dr? 
(1- F) 


The hyper-SURFACE AREA is therefore given by 


ds? = + r°(dø? + sin? ¢d67). (17) 


T T 2r 
s.= | ray | Rsiny dø | R sin y sin ¢ dé 
0 0 0 


= 27 R°. (18) 
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see also CIRCLE, HYPERCUBE, HYPERSPHERE PACKING, 
MAZUR'S THEOREM, SPHERE, TESSERACT 
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Hypersphere Packing 

Draw unit n-spheres in an n-D space centered at all +1 
coordinates. Then place an additional HYPERSPHERE at 
the origin tangent to the other HYPERSPHERES. Then 
the central HYPERSPHERE is contained with the Hy- 
PERSPHERE with VERTICES at the center of the other 
spheres for n between 2 and 8. However, for n = 9, the 
central HYPERSPHERE just touches the bounding Hy- 
PERSPHERE, and for n > 9, the HYPERSPHERE is par- 
tially outside the hypercube. This can be seen by finding 
the distance from the origin to the center of one of the 
HYPERSPHERES 


(E1 +... + (£1)? = Vn. 
Ne pe 


n 


The radius of the central sphere is therefore ,/n—1. The 
distance from the origin to the center of the bounding 
hypercube is always 2 (two radii), so the center HYPER- 
SPHERE is tangent when yn — 1 = 2, or n = 9, and 
outside for n > 9. 


The analog of face-centered cubic packing is the densest _ 


lattice in 4- and 5-D. In 8-D, the densest lattice packing 
is made up of two copies of face-centered cubic. In 6- and 
7-D, the densest lattice packings are cross-sections of the 
8-D case. In 24-D, the densest packing appears to be 
the LEECH LATTICE. For high dimensions (~ 1000-D), 
the densest known packings are nonlattice. The densest 
lattice packings in n-D have been rigorously proved to 
have PACKING DENSITY 1, 7/(2V3), 7/(3V2), 77/16, 
n*/(15V/2), n? /(48V3), 72/105, and 7*/384 (Finch). 


The largest number of unit CIRCLES which can touch 
another is six. For SPHERES, the maximum number is 
12. Newton considered this question long before a proof 
was published in 1874. The maximum number of hyper- 
spheres that can touch another in n-D is the so-called 
KISSING NUMBER. 


see also KISSING NUMBER, LEECH LATTICE, SPHERE 
PACKING 
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Hypocycloid 


Hypervolume 
see CONTENT 


Hypocycloid 


PPO 
SD GDS SF 


The curve produced by a small CIRCLE of RADIUS b 
rolling around the inside of a large CIRCLE of RADIUS 
a > b. A hypocycloid is a HYPOTROCHOID with h = 
b. To derive the equations of the hypocycloid, call the 
ANGLE by which a point on the small CIRCLE rotates 
about its center Y, and the ANGLE from the center of 
the large CIRCLE to that of the small CIRCLE ¢. Then 


(a m b)ó = bð, (1) 


sO 


d. (2) 


Call p = a — 2b. If x(0) = p, then the first point is 
at minimum radius, and the Cartesian parametric equa- 
tions of the hypocycloid are 


xz = (a — b)cos¢ — bcos Y 


= (a — b) cos p — bcos (25) (3) 
y = (a — b) sin ġ + bsin Y 
= (a-b)sinġ +bsin (424). (4) 


If z(0) = a instead so the first point is at maximum ra- 
dius (on the CIRCLE), then the equations of the hypocy- 
cloid are 


z = (a — b) cos + bcos (2-9) (5) 


y= (a —b)sing — bsin (8) . (6) 


An n-cusped non-self-intersecting hypocycloid has 
a/b =n. A 2-cusped hypocycloid is a LINE SEGMENT, 
as can be seen by setting a = b in equations (3) and (4) 
and noting that the equations simplify to 


x = asin ġ (7) 
y =0. (8) 


Hypocycloid 


A 3-cusped hypocycloid is called a DELTOID or TRICUS- 
POID, and a 4-cusped hypocycloid is called an ASTROID. 
If a/b is rational, the curve closes on itself and has b 
cusps. If a/b is IRRATIONAL, the curve never closes and 
fills the entire interior of the CIRCLE. 


n-hypocycloids can also be constructed by beginning 
with the DIAMETER of a CIRCLE, offsetting one end by 
a series of steps while at the same time offsetting the 
other end by steps n times as large in the opposite di- 
rection and extending beyond the edge of the CIRCLE. 
After traveling around the CIRCLE once, an n-cusped 
hypocycloid is produced, as illustrated above (Madachy 
1979). 


Let r be the radial distance from a fixed point. For RA- 
DIUS OF TORSION p and ARC LENGTH s, a hypocycloid 
can given by the equation 


s +p=16r (9) 


(Kreyszig 1991, pp. 63-64). A hypocycloid also satisfies 


2 2 2 
. 2 P a — r 
sin = aa n2 ; (10) 
where E 
r 
ae ae tan Y (11) 


and w is the ANGLE between the RADIUS VECTOR and 
the TANGENT to the curve. 


The ARC LENGTH of the hypocycloid can be computed 
as follows 


phan cpp E (225) 

= (a—6) [sing + sin (59) (12) 
i ia) cose b ees (s) 

= (a—b) [cos $ — cos (“= "| (13) 
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4 sin? (9) + cos?  — 2cos $ cos € 7 24) 
sot (2544) 
= (a-b)? {242 [sin ósin (—“¢) 


= 4(a — bz 1 — cos ($9) | = 4(a — b) sin? (=) ; 


SO 


ds = y 1? + y? dé = 2(a — b) sin Es dọ (15) 


for @ < (b/2a)r. Integrating, 


f ds = 2(a — b) -2 cos 5] 


A ae ae 


= he si (359) | (16) 


s(p) 


The length of a single cusp is then 
s (272) = 8b(a — b) sin? (=) = 8b(a — b) (17) 
a a 2 a 


If n = a/b is rational, then the curve closes on itself 


without intersecting after n cusps. For n = a/b and 
with x(0) = a, the equations of the hypocycloid become 


c= Liin — 1l) cos ġ — cos[(n — 1)ġj]a, (18) 
g Tin —1)sing +sin((n— la, (19) 
and 
 8b(bn—b) _ 8a(n-— 1) 
Ín = ae = 8b(n = 1) = (20) 
Compute 
cy — yr = (a — b)cosp + bcos (= — -9)| (b— a) 


x [sing + sin E 


a 


5 (a— b) sin @ — bsin ( 5 -9)] (a — b) 


x ES — COS 6 _ 29) 
= 2(a* — 3ab + 2b°) sin? (5$) (21) 
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The AREA of one cusp is then 
2rb/a 
A=3 J (zy — yx’) dọ 
0 


t 
= (a? — 3ab + 2b”) E 


= (a? — 3ab + 2b°) ka 


_ b(a? — 3ab + 2?) 


s (22) 


If n = a/b is rational, then after n cusps, 


a 2 a a? 
b(a? — 3ab + 2b*) n (a = eer 225 
RT > = rh 
a a 


a = Ta = ge TO , (23) 


An = 


The equation of the hypocycloid can be put in a form 
which is useful in the solution of CALCULUS OF VARI- 
ATIONS problems with radial symmetry. Consider the 
case z(0) = p, then 


z (a — b)” cos” ¢ — 2(a — b)b cos $ cos E b -9) 
+ cae (28) 


+(a — b) sin? $ + 2(a — b)bsin ¿sin (* ; 29) 


CO) 


= { (a — b}? +b* — 2(a — b)b 
x [cos cos (+) — sin ¿sin € 7 -9)] \ 
= (a — b)? +b? — 2(a — b)bcos (54) i (24) 


But p = a — 2b, so b = (a — p)/2, which gives 


(a — 6)? +b” = [a — h(a— p)? +[5(a— p)]? 
[5(a +p)? + [$(a — p)? 

= (a? + 2ap + pP? +a” — 2ap + p°) 

= ¿(a +p”) (25) 
2(a — b)b = 2[a — ¿(a — p)]z(a — p) 


= ¿(a+ p)(a — p) = (a° — p”). (26) 

Now let 
2Nt = 5% (27) 
SO | 
p = Ln (28) 
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TS (29) 


then 


a 
r° = La” +p)- L(a?” =p?) cos ($4) 
L(a? + p°) — La? — p°) cos(204). (30) 
The POLAR ANGLE is 


= : ‘ a—b 
aweta PEU cn g 
x {(a—b)cos¢— bcos (2 tg) 


But 


Ha=p) (32) 
a—b= (a +p) (33) 


a (34) 
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(a+ p)sing + ¿(a — p)sin (+29) 
— p) cos (= ¿A 


tan f = E 
¿la + p)cos¢ — ¿(a 


(a + p)sin (22200) + (a — p)sin (22 
(a + p) cos (=at) — (a — p) cos (= = 
a [sin (2208) + sin (24e nt) | 
+p [sin (*=20t) — sin (#2208) | 
a [cos (2201) — cos (+20: 
+p [cos ($201) + cos (etene) | 


2a sin((t) cos (20) ~ 2p cos(Nzt) sin (29t) 


2a sin(Nt) sin (204) + 2p cos(Nt) cos (Nt) 
atan(Qt) — ptan (Ent) 


7 atan(Qt) tan (202) +p l (a) 


Computing 


[a tan(Qt) — ptan (2t) + tan (20+) | 
x E tan(Qt) tan (208) + p| 

[a tan(Qt) tan (Ent) + p] 

— [a tan(Qt) — ptan (208) | tan (Ent) 


tan (s + 201) = 
a 


a tan(Mt) E + tan” (20+)] 
p E + tan? (20+)] 


e tan(0t), (36) 
p 
then gives 


0 = tan”! $ tan(t) — Fat. (37) 


Hypocycloid—3-Cusped 


Finally, plugging back in gives 


0 = tan? san ( : o) -2 cd o, 
p a—p aa—p 
z -1 |4 a P 


This form is useful in the solution of the SPHERE WITH 
TUNNEL problem, which is the generalization of the 
BRACHISTOCHRONE PROBLEM, to find the shape of a 
tunnel drilled through a SPHERE (with gravity varying 
according to Gauss’s law for gravitation) such that the 
travel time between two points on the surface of the 
SPHERE under the force of gravity is minimized. 


see also CYCLOID, EPICYCLOID 
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Hypocycloid—3-Cusped 
see DELTOID | 


Hypocycloid—4-Cusped 
see ASTROID 


Hypocycloid Evolute 


For 2(0) = a, 
me — (a — b) cos¢ — bcos (4) 
y= e a- b) sing + bsin (29)] i 
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If a/b = n, then 


r= ` : [(n — 1) cos p — cos[(n — 1)d]a 


PER [(n — 1) sin ¢@ + sin[(n — 1)o]a. 


This is just the original HYPOCYCLOID scaled by the 
factor (n — 2)/n and rotated by 1/(2n) of a turn. 


Hypocycloid Involute 


The HYPOCYCLOID 


a 


o (a— b) cos ġ — bcos (o) 
a 


or (a — b) sin ġ + bsin (9) 


y = 


has INVOLUTE 


a — 2b 


a- b) cos ġ + bcos (s . -9)] | 


2 (a - b) sin $ — bsin (o)l , 


y == 
which is another HYPOCYCLOID. 


Hypocycloid Pedal Curve 


The PEDAL CURVE for a PEDAL POINT at the center is 
a ROSE. 
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Hypoellipse 


n/m 


£ 
=c=0, 


a 


ym +e 


with n/m < 2. If n/m > 2, the curve is a HYPEREL- 
LIPSE. ; 


see also ELLIPSE, HYPERELLIPSE, SUPERELLIPSE 
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Hypotenuse 
The longest LEG of a RIGHT TRIANGLE (which is the 
side opposite the RIGHT ANGLE). 


Hypothesis 

A proposition that is consistent with known data, but 
has been neither verified nor shown to be false. It is 
synonymous with CONJECTURE. 


see also BOURGET’S HYPOTHESIS, CHINESE HYPOTH- 
ESIS, CONTINUUM HYPOTHESIS, HYPOTHESIS TEST- 
ING, NESTED HYPOTHESIS, NULL HYPOTHESIS, POSTU- 
LATE, RAMANUJAN’S HYPOTHESIS, RIEMANN HYPOTH- 
ESIS, SCHINZEL’S HYPOTHESIS, SOUSLIN’S HYPOTHESIS 


Hypothesis Testing 
The use of statistics to determine the probability that a 
given hypothesis is true. 


see also BONFERRONI CORRECTION, ESTIMATE, FISHER 
SIGN TEST, PAIRED t-TEST, STATISTICAL TEST, TYPE 
I ERROR, TYPE II ERROR, WILCOXON SIGNED RANK 
TEST 
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Hypotrochoid 


Hyzer’s Illusion 


The ROULETTE traced by a point P attached to a CIR- 
CLE of radius 6 rolling around the inside of a fixed CIR- 
CLE of radius a. The parametric equations for a hy- 
potrochoid are 


z=ncost + h cos (+2) (1) 
fT 
y = nsint — hsin (72), (2) 


where n = a — 6 and h is the distance from P to the 
center of the rolling CIRCLE. Special cases include the 
HYPOCYCLOID with h = b, the ELLIPSE with a = 2b, 
and the ROSE with 


~ m (3) 
a o 


see also EPITROCHOID, HYPOCYCLOID, SPIROGRAPH 
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Hypotrochoid Evolute 


The EVOLUTE of the HYPOTROCHOID is illustrated 
above. 


Hyzer’s Illusion 
see FREEMISH CRATE 


I 


2 

The IMAGINARY NUMBER i is defined as i = y—1. How- 
ever, for some reason engineers and physicists prefer the 
symbol j to i. Numbers of the form z = x + iy where 
x and y are REAL NUMBERS are called COMPLEX NUM- 
BERS, and when z is used to denote a COMPLEX NUM- 
BER, it is sometimes (in older texts) called an “AFFIX.” 


The SQUARE ROOT of 1 is 


¿+1 
TE (1) 
[+0] = i(i + 2i +1) =i. (2) 


This can be immediately derived from the EULER FOR- 
MULA with z = 7/2, 


i = eit! (3) 
a eee 7 1 5 A Dd 
i= Ve =e = cos( 37) + isin( 3r) = J 
(4) 
The PRINCIPAL VALUE of 3° is 
: ; 2 
i = (e Py = eè 7/7? = e77? = 0.207879.... (5) 


see also COMPLEX NUMBER, IMAGINARY IDENTITY, 
IMAGINARY NUMBER, REAL NUMBER, SURREAL NUM- 
BER 
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I 
see LZ 


I-Signature 
see SIGNATURE (RECURRENCE RELATION) 


lamond 
see POLYIAMOND 
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Ice Fractal 


ASATATA: 
AAAA 
LH} {H T - 
teeta oe oe 


A FRACTAL (square, triangle, etc.) based on a simple 
generating motif. The above plots show the ice triangle, 
antitriangle, square, and antisquare. The base curves 
and motifs for the fractals illustrated above are shown 


see also FRACTAL 
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** Weisstein, E. W. “Fractals.” http://www.astro.virginia. 
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Icosagon 
A 20-sided POLYGON. The SWASTIKA is an irregular 
icosagon. 


see also SWASTIKA 


Icosahedral Equation 
Hunt (1996) gives the “dehomogenized” icosahedral 
equation as 


— 228(2% — 25) + 4942)" 
+1728u2 (21° + 112? — 1)? =0. 


[(-% +1) 


884 Icosahedral Graph 


Other forms include 


I(u,v,Z) = wv? (u! + Iluv’ — yy 


fu + 430 — 10005(u7? v7? + uv?) 


+522(u75v° — u’v5)|°Z = 0 
and 


I(z,1,Z) = 2°(-14 1127 +2) 
—[1 + zë? — 10005(z2*° + 27°) + 522(-2° +2”) Z =0. 


References 
Hunt, B. The Geometry of Some Special Arithmetic Quo- 
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Icosahedral Graph 


A POLYHEDRAL GRAPH. 


see also CUBICAL GRAPH, DODECAHEDRAL GRAPH, 
OCTAHEDRAL GRAPH, TETRAHEDRAL GRAPH 


Icosahedral Group 

The GROUP In of symmetries of the ICOSAHEDRON and 
DODECAHEDRON. The icosahedral group consists of the 
symmetry operations E, 12Cs, 12C, 20C3, 15Ca, 1, 
12510, 12839, 2056, and 150 (Cotton 1990). 


see also DODECAHEDRON, ICOSAHEDRON, OCTAHEDRAL 
GROUP, TETRAHEDRAL GROUP 
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Icosahedron 


A PLATONIC SOLID (Ps) with 12 VERTICES, 30 EDGES, 
and 20 equivalent EQUILATERAL TRIANGLE faces 20{3}. 
It is described by the SCHLAFLI SYMBOL {3,5}. It is 
also UNIFORM POLYHEDRON Uz2 and has WYTHOFF 
SYMBOL 5|23. The icosahedron has the ICOSAHEDRAL 
GROUP J; of symmetries. 


Icosahedron 


A plane PERPENDICULAR to a Cs axis of an icosahedron 
cuts the solid in a regular DECAGONAL CROSS-SECTION 
(Holden 1991, pp. 24-25). 


A construction for an icosahedron with side length a = 


50 — 1045/5 places the end vertices at (0, 0, +1) and 
the central vertices around two staggered CIRCLES of 


RADII 2/5 and heights +4 v5, giving coordinates 
+ (2 v5 cos( žir), 2 V5 sin(2im), § v5) (1) 


for i = 0, 1, ..., 4, where all the plus signs or minus 
signs are taken together. Explicitly, these coordinates 
are 


xo = +(2V5, 0, tv5) (2) 
x# = +(4(5 - V5), 5 50 + 10v5,4v5) (3) 
xf = +(—Ł (v5 +5), v 50 — 10v5,ł4v5) (4) 
xi = +(-4 (v5 - 5), — 4 v 50 — 10V5, 45) (5) 
xt = 4+(4(5 -— v5), -4 v 50 + 10v5, 145). (6) 
By a suitable rotation, the VERTICES of an icosahe- 
dron of side length 2 can also be placed at (0,+¢, +1), 
(+1,0, +6), and (+¢,+1,0), where ¢ is the GOLDEN 


RATIO. These points divide the EDGES of an OCTAHE- 
DRON into segments with lengths in the ratio @: 1. 


The DUAL POLYHEDRON of the icosahedron is the Do- 
DECAHEDRON. There are 59 distinct icosahedra when 
each TRIANGLE is colored differently (Coxeter 1969). 


To derive the VOLUME of an icosahedron having edge 
length a, consider the orientation so that two VERTICES 
are oriented on top and bottom. The vertical distance 
between the top and bottom PENTAGONAL DIPYRAMIDS 


is then given by 
SAO Sa, (7) 


f=iv3a (8) 


where 


M.J. Rycroft et al. | Journal of Atmospheric and Solar-Terrestrial Physics 62 (2000) 1563-1576 1569 


Increased solar activity reduces galactic cosmic ray fluxes 
in mid-latitudes, thus reducing the atmospheric conductivity 
in this region, while at the same time solar protons may be 
“funnelled” by the Earth’s magnetic field to polar regions 
resulting in an increased atmospheric conductivity there. A 
dawn-to-dusk potential difference is also applied across the 
polar regions as a result of the interaction of the solar wind 
and the Earth’s magnetic field (see, for example, Tinsley 
and Heelis, 1993). The cross-polar potential results from 
the same interactions that generate auroral activity and typ- 
ical lies in the range 30—60 kV (Fig. 2). It may, at times 
of increased solar activity, exceed 100 kV. The cross-polar 
potential may not be the dominant solar influence on the 
global geoelectric circuit, but it is of significant magnitude 
in the polar regions. The diurnal pattern generated as a sta- 
tion rotates beneath the cross-polar cap potential difference 
also aids its detection. 

The global electric circuit is closed by currents flowing in 
the ionosphere. At high latitudes, within the polar cap, these 
currents are strongly influenced by parameters of the solar 
wind, particularly the direction of the interplanetary mag- 
netic field. In the auroral zone, the ionosphere is markedly 
disturbed when the magnetosphere is buffeted by a cloud of 
solar wind of enhanced density which is associated with a 
huge coronal mass ejection event from the Sun. As a result, 
the potential difference across the polar cap ionosphere can 
vary markedly. 

The measurement techniques applied in magnetospheric 
and ionospheric research enable the detection of strong, 
intrinsic effects of the solar wind/ionosphere on the elec- 
trical potential distribution and conductivity of the at- 
mosphere, as presented by Michnowski (1998). These 
manifestations of the solar wind interaction with the mag- 
netosphere and ionosphere are especially evident at high 
latitudes. 


4. Aerosols and the global circuit 
4.1. Planetary boundary layer (PBL) aerosols 


The planetary boundary layer (PBL) is the lowest few 
kilometers of the atmosphere, where interactions with the 
surface, man, and the biosphere are the most pronounced. 
Near land surfaces the ionization is, beside galactic cosmic 
rays, produced by the decay of natural and artificial radioac- 
tivity. Electrical processes in the PBL are complex, highly 
variable, and span a tremendous range of space and time 
scales. The electrical variables respond to many of the lower 
atmospheric processes but usually have little influence on 
the phenomena to which they respond. Within the PBL, lo- 
cal turbulent fluctuations of space-charge density impose a 
time-varying electric field that is comparable in magnitude 
with, or even greater than, the electric field maintained by 
global thunderstorm activity. Since the PBL is the region of 
the atmosphere with the greatest resistance, it is this layer 


(as well as the thunderstorm generators) that control the 
currents in the global circuit. Boundary layer processes can 
have a substantial impact on the fields and currents appear- 
ing throughout the entire atmospheric column from the Earth 
to the ionosphere. Modelling of the atmospheric electricity 
in the PBL is difficult due to the complicated conditions in 
the PBL (see Hoppel et al., 1986). 

Aerosol particles can change the Earth’s radiation bud- 
get both directly through scattering and through absorption 
and indirectly through modification of cloud microphysical 
properties. It is clear that there is a great uncertainty in as- 
sessing the direct and indirect effect of aerosols on climate 
change. We must understand and be able to quantify the 
most important sources and characteristics of aerosols in or- 
der to assess their effects on climate change. The relatively 
short residence time of aerosols in the troposphere, of or- 
der of a few days, results in significant spatial and temporal 
variations in aerosol particle concentration, size and compo- 
sition. The high variability of the atmospheric aerosol leads 
to one of the largest uncertainties of anthropogenic climate 
forcing. This variability is compounded by a lack of much 
information on the properties of the atmospheric aerosols 
prior to the late 1970’s when commercial aerosol instrumen- 
tation became more widely available. Thus, it is difficult to 
assess the influence of anthropogenic aerosols on radiative 
forcing up to that time. However, a number of researchers 
have shown that atmospheric electricity parameters can act 
as a good indicator or surrogate. 

Many factors affect the electrical conditions in the PBL. 
An important area of research is the study of atmospheric 
ions. According to their physical nature, atmospheric ions 
with mobilities above 0.5 cm? V~' s7! are charged molec- 
ular clusters or cluster ions. Tammet et al. (1992), Horrak 
et al. (1998) and others have shown the importance of these 
charged particles in atmospheric electricity, particularly in 
relation to atmospheric conductivity and to space charge for- 
mation. Retalis and Retalis (1998) treated the effects of air 
pollution on the large ion concentration, which indicated the 
importance of polluted areas (like cities, etc.) on the electri- 
cal environment. The impact of Chernobyl in April 1986 on 
all atmospheric electrical parameters in some parts of Swe- 
den has been significant directly after the accident and sev- 
eral months later (Israelsson and Knudsen, 1986). Martell 
(1985) and Israelsson et al. (1987) have shown the impor- 
tance of the ionisation from natural and artificial radioactiv- 
ity in the charging mechanism of clouds. 

Even natural processes over the sea are of importance. 
Blanchard (1963) indicated that currents as large as hun- 
dreds of Amperes flow from the ocean surface into the at- 
mosphere as a result of electrified droplets that are ejected 
from the bursting of small bubbles. 

Modelling of convection currents has shown that they 
only become important in unstable mixed layers, where the 
turbulent transport time across the entire PBL can be com- 
parable with the electrical relaxation time. Willett (1978) 
showed that, on average, the convection currents act as a 


Icosahedron 


“is the height of an ISOSCELES TRIANGLE, and the 
SAGITTA x = R' —r' of the pentagon is 


z = lav 25- 1045 a, (9) 


giving | 
x = 4V5- 2v5. (10) 


Plugging (8) and (10) into (7) gives 


ere: eee | 15 — (5 — 2v5) 
2=Q4 $_ L(5-2v5)=a — o 
Z T -i ee 


= $ A (11) 


which is identical to the radius of a PENTAGON of side 
a. The CIRCUMRADIUS is then 


R=h+ 32, (12) 


where 


h = 4V50-10V5a (13) 


is the height of a PENTAGONAL DIPYRAMID. Therefore, 


= (h + 4z) 
= (5 V 50 — 1045 + $ v 50 + 1045)" 
= E - + Ya) a” =F(5+v5)a. (14) 


Taking the square root gives the CIRCUMRADIUS 


= 1/1(5+ V5)a= 1V 10 + 2V5 a = 0.95105a. 


(15) 
The INRADIUS is 
r= L(3V3 + V15)a = 0.75576a. (16) 
The square of the INTERRADIUS is 
p =(32) + 
= [(4)(<45) (50 + 1045) + 34, (25 + 1045 )]a? 
= a(3+ + V5)a? > (17) 


50 


p =4/4(3 + v5)a = 1(1+ v5 )a = 0.80901a. (18) 


The AREA of one face is the AREA of an EQUILATERAL 


TRIANGLE 
A = la" v3. (19) 
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The volume can be computed by taking 20 pyramids of 
height r 


V = 20[(4 A)r] = 201143 a? 2 (343 + V15 )a 
= Ž (3 + v5)a*. (20) 


Apollonius showed that 


Vicssakedion S Airosahedron 


; (21) 


Vacdecihedron Adodecahédron 


where V is the volume and A the surface area. 


see also AUGMENTED 'TRIDIMINISHED ICOSAHEDRON, 

DECAGON, DODECAHEDRON, GREAT ICOSAHEDRON, 

ICOSAHEDRON 

STELLATIONS, METABIDIMINISHED ICOSAHEDRON, TRI- 

DIMINISHED ICOSAHEDRON, TRIGONOMETRY VALUES— 

m/5 
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Icosahedron Stellations 
Applying the STELLATION process to the ICOSAHEDRON 
gives 


20 + 30 + 60 + 20 + 60 + 120 + 12 + 30 + 60 + 60 


cells of ten different shapes and sizes in addition to the 
ICOSAHEDRON itself. After application of five restric- 
tions due to J. C. P. Miller to define which forms should 
be considered distinct, 59 stellations are found to be 
possible. Miller’s restrictions are 


1. The faces must lie in the twenty bounding planes of 
the icosahedron. 


2. The parts of the faces in the twenty planes must be 
congruent, but those parts lying in one place may be 
disconnected. 


3. The parts lying in one plane must have threefold 
rotational symmetry with or without reflections. 


4. All parts must be accessible, i.e., lie on the outside 
of the solid. 


5. Compounds are excluded that can be divided into 
two sets, each of which has the full symmetry of the 
whole. 


Of these, 32 have full icosahedral symmetry and 27 are 
ENANTIOMERIC forms. Four are POLYHEDRON COM- 
POUNDS, one is a KEPLER-POINSOT SOLID, and one is 
the DUAL POLYHEDRON of an ARCHIMEDEAN SOLID. 
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The only STELLATIONS of PLATONIC SOLIDS which are 
UNIFORM POLYHEDRA are the three DODECAHEDRON 
STELLATIONS the GREAT ICOSAHEDRON (stellation # 
11). 


icosahedron 
triakisicosahedron 
octahedron 5-compound 
echidnahedron 

great icosahedron 
tetrahedron 10-compound 
deltahedron-60 
tetrahedron 5-compound 


Icosahedron Stellations 


Icosahedron Stellations 


99 


see also ARCHIMEDEAN SOLID STELLATION, DODECA- 
HEDRON STELLATIONS, STELLATION 
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Icosian Game 

The problem of finding a HAMILTONIAN CIRCUIT along 
the edges of an ICOSAHEDRON, i.e., a path such that 
every vertex is visited a single time, no edge is visited 
twice, and the ending point is the same as the starting 
point. 


see also HAMILTONIAN CIRCUIT, ICOSAHEDRON 
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Icosidodecadodecahedron 


The UNIFORM POLYHEDRON U44 whose DUAL POLY- 
HEDRON is the MEDIAL ICOSACRONIC HEXECONTAHE- 
DRON. It has WYTHOFF SYMBOL 25|3. Its faces are 
20{6} +12{3}+12{5}. Its CIRCUMRADIUS for unit edge 


length is 
R= iv7. 
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Icosidodecahedron 


An ARCHIMEDEAN SOLID whose DUAL POLYHEDRON is 
the RHOMBIC TRIACONTAHEDRON. It is one of the two 
convex QUASIREGULAR POLYHEDRA and has SCHLAFLI 
SYMBOL {2}. It is also UNIFORM POLYHEDRON Uza 
and has WYTHOFF SYMBOL 2|35. Its faces are 20{3}+ 
12{5}. The VERTICES of an icosidodecahedron of 
EDGE length 267* are (+2,0,0), (0,+2,0), (0,0, +2), 
(+1,29 *,+1), (+1,+0, +0 ?), (+0 *,+1,+6). The 
30 VERTICES of an OCTAHEDRON 5-COMPOUND form an 
icosidodecahedron (Ball and Coxeter 1987). FACETED 
versions include the SMALL ICOSIHEMIDODECAHEDRON 
and SMALL DODECAHEMIDODECAHEDRON. 


The faces of the icosidodecahedron consist of 20 trian- 
gles and 12 pentagons. Furthermore, its 60 edges are bi- 
sected perpendicularly by those of the reciprocal RHOM- 
BIC TRIACONTAHEDRON (Ball and Coxeter 1987). 


The INRADIUS, MIDRADIUS, and CIRCUMRADIUS for 
unit edge length are 


r= 1(5+3V75) =~ 1.46353 


1 
8 
p=ivV5+2vV5 = 1.53884 
1 
2 


R=1(14+ V5) = 4 = 1.61803. 


see also ARCHIMEDEAN SOLID, GREAT ICOSIDODECA- 
HEDRON, QUASIREGULAR POLYHEDRON, SMALL ICOSI- 
HEMIDODECAHEDRON, SMALL DODECAHEMIDODECA- 
HEDRON 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, p. 137, 
1987. 

Wenninger, M. J. Polyhedron Models. Cambridge, England: 
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Icosidodecahedron Stellation 
The first stellation is a DODECAHEDRON-ICOSAHEDRON 
COMPOUND. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 73-96, 1989. 


Icosidodecatruncated Icosidodecahedron 
see ICOSITRUNCATED DODECADODECAHEDRON 


Ideal 


Icositruncated Dodecadodecahedron 


The UNIFORM POLYHEDRON Uas also called the 
ICOSIDODECATRUNCATED ICOSIDODECAHEDRON whose 
DUAL POLYHEDRON is the TRIDYAKIS ICOSAHEDRON. 
It has WYTHOFF SYMBOL 35 5|. Its faces are 20{6} + 
12(10)4+12( 2). Its CIRCUMRADIUS for unit edge length 
1S 


R= 2. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
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Ida Surface 
A 3-D shadow of a 4-D KLEIN BOTTLE. 


see also KLEIN BOTTLE 
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Ideal 

A subset J of elements in a RING R which forms an 
additive GROUP and has the property that, whenever z 
belongs to R and y belongs to J, then zy and yz belong 
to I. For example, the set of EVEN INTEGERS is an ideal 
in the RING of INTEGERS. Given an ideal J, it is possible 
to define a FACTOR RING R/I. 


An ideal may be viewed as a lattice and specified as the 
finite list of algebraic integers that form a basis for the 
lattice. Any two bases for the same lattice are equiva- 
lent. Ideals have multiplication, and this is basically the 
Kronecker product of the two bases. 


For any ideal J, there is an ideal J; such that 
IT; = 12, 


where z is a PRINCIPAL IDEAL, (i.e., an ideal of rank 
1). Moreover there is a finite list of ideals J; such that 
this equation may be satisfied for every I. The size of 
this list is known as the CLASS NUMBER. In effect, the 
above relation imposes an EQUIVALENCE RELATION on 
ideals, and the number of ideals modulo this relation 
is the class number. When the CLASS NUMBER is 1, 
the corresponding number RING has unique factoriza- 
tion and, in a sense, the class number is a measure of 
the failure of unique factorization in the original number 
ring. 


Ideal Number 


Dedekind (1871) showed that every NONZERO ideal in 
the domain of INTEGERS of a FIELD is a unique product 
of PRIME IDEALS. 


see also CLASS NUMBER, DIVISOR THEORY, IDEAL 
NUMBER, MAXIMAL IDEAL, PRIME IDEAL, PRINCIPAL 
IDEAL 


References 
Malgrange, B. Ideals of Differentiable Functions. London: 
Oxford University Press, 1966. 


Ideal Number 

A type of number involving the ROOTS OF UNITY which 
was developed by Kummer while trying to solve FER- 
MAT’S LAST THEOREM. Although factorization over the 
INTEGERS is unique (the FUNDAMENTAL THEOREM OF 
ALGEBRA), factorization is not unique over the COM- 
PLEX NUMBERS. Over the ideal numbers, however, fac- 
torization in terms of the COMPLEX NUMBERS becomes 
unique. Ideal numbers were so powerful that they were 
generalized by Dedekind into the more abstract IDEALS 
in general RINGS which are a key part of modern ab- 
stract ALGEBRA. 


see also DIVISOR THEORY, FERMAT’S LAST THEOREM, 
IDEAL 


Ideal (Partial Order) 

An ideal J of a PARTIAL ORDER P is a subset of the 
elements of P which satisfy the property that if y € I 
and g < y, then z € I. For k disjoint chains in which the 
ith chain contains n; elements, there are (1 + n1)(1 + 
n2)::*(1+ ng) ideals. The number of ideals of a n- 
element FENCE POSET is the FIBONACCI NUMBER Fn. 


References 

Ruskey, F. “Information on Ideals of Partially Ordered 
Sets.” http:// sue . csc . uvic . ca / ~ cos / inf / pose / 
Ideals .html. 

Steiner, G. “An Algorithm to Generate the Ideals of a Partial 
Order.” Operat. Res. Let. 5, 317-320, 1986. 


Ideal Point 

A type of POINT AT INFINITY in which parallel lines 
in the HYPERBOLIC PLANE intersect at infinity in one 
direction, while diverging from one another in the other. 


see also HYPERPARALLEL 


Idele 

The multiplicative subgroup of all elements in the prod- 
uct of the multiplicative groups k whose absolute value 
is 1 at all but finitely many v, where k is a number FIELD 
and v a PLACE. 


see also ADELE 


References 
Knapp, A. W. “Group Representations and Harmonic Anal- 
ysis, Part 11.” Not. Amer. Math. Soc. 43, 537-549, 1996. 


Idemfactor 
see DYADIC 
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Idempotent g i 
An OPERATOR Á such that 4? = A or an element of an 
ALGEBRA 2 such that 2? = z. 


see also AUTOMORPHIC NUMBER, BOOLEAN ALGEBRA, 
GROUP, SEMIGROUP 


Identity 
An identity is a mathematical relationship equating one 
quantity to another (which may initially appear to be 
different). 


see also ABEL’S IDENTITY, ANDREWS-SCHUR IDEN- 


TITY, BAC-CAB IDENTITY, BEAUZAMY AND DÉ- 


GOT’S IDENTITY, BELTRAMI IDENTITY, BIANCHI IDEN- 
TITIES, BOCHNER IDENTITY, BRAHMAGUPTA IDEN- 
TITY, CASSINI’S IDENTITY, CAUCHY-LAGRANGE IDEN- 
TITY, CHRISTOFFEL-DARBOUX IDENTITY, CHU-VAN- 
DERMONDE IDENTITY, DE MOIVRE’S IDENTITY, DOU- 
GALL-RAMANUJAN IDENTITY, EULER FOUR-SQUARE 
IDENTITY, EULER IDENTITY, EULER POLYNOMIAL 
IDENTITY, FERRARI'S IDENTITY, FIBONACCI IDENTITY, 
FROBENIUS TRIANGLE IDENTITIES, GREEN’S IDENTI- 
TIES, HYPERGEOMETRIC IDENTITY, IMAGINARY ÍDEN- 
TITY, JACKSON’S IDENTITY, JACOBI IDENTITIES, JA- 
COBI’S DETERMINANT IDENTITY, LAGRANGE’S IDEN- 
TITY, LE CAM'S IDENTITY, LEIBNIZ IDENTITY, LIOU- 
VILLE POLYNOMIAL IDENTITY, MATRIX POLYNOMIAL 
IDENTITY, MORGADO IDENTITY, NEWTON’S IDENTI- 
TIES, QUINTUPLE PRODUCT IDENTITY, RAMANUJAN 
6-10-8 IDENTITY, RAMANUJAN Cos/CosH IDENTITY, 
RAMANUJAN’S IDENTITY, RAMANUJAN’S SUM IDEN- 
TITY, REZNIK’S IDENTITY, ROGERS-RAMANUJAN IDEN- 
TITIES, SCHAAR’S IDENTITY, STREHL IDENTITY, SYL- 
VESTER’S DETERMINANT IDENTITY, TRINOMIAL IDEN- 
TITY, VISIBLE POINT VECTOR IDENTITY, WATSON 
QUINTUPLE PRODUCT IDENTITY, WORPITZKY’S IDEN- 
TITY 


Identity Element 

The identity element I (also denoted E, e, or 1) of 
a GROUP or related mathematical structure S is the 
unique elements such that [A = AJ = I for every ele- 
ment A € S. The symbol “E” derives from the German 
word for unity, “Einheit.” 


see also BINARY OPERATOR, GROUP, INVOLUTION 
(GROUP), MONOID 
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|Ident z| 


Im[Iident z] 
A mid 


Re[Ident z] 


The function f(x) = x which assigns every REAL NUM- 
BER x to the same REAL NUMBER zx. It is identical to 
the IDENTITY MAP. 


Identity Map 
The MAP which assigns every REAL NUMBER to the 
same REAL NUMBER idp. It is identical to the IDEN- 
TITY FUNCTION. 


Identity Matrix 
The identity matrix is defined as the MATRIX 1 (or I) 
such that 


for all VECTORS X. The identity matrix is 


Tig = 013 


for i,j = 1,2, ..., n, where ĝi; is the KRONECKER 
DELTA. Written explicitly, 
10.. 0 
0 1 0 
læa E 
0 0 1 


Identity Operator 
The OPERATOR I which takes a REAL NUMBER to the 
same REAL NUMBER Ir =r. 


see also IDENTITY FUNCTION, IDENTITY MAP 


Idoneal Number 

A POSITIVE value of D for which the fact that a number 
is a MONOMORPH (i.e., the number is expressible in only 
one way as x° + Dy” or x?— Dy” where x” is RELATIVELY 
PRIME to Dy’) guarantees it to be a PRIME, POWER 
of a PRIME, or twice one of these. The numbers are 
also called EULER’S IDONEAL NUMBERS, or SUITABLE 
NUMBERS. 


The 65 idoneal numbers found by Gauss and Euler and 
conjectured to be the only such numbers (Shanks 1969) 
are 1, 2, 3, 4, 5, 6, 7, 8, 9, 10, 12, 13, 15, 16, 18, 21, 
22, 24, 25, 28, 30, 33, 37, 40, 42, 45, 48, 57, 58, 60, 70, 
72, 78, 85, 88, 93, 102, 105, 112, 120, 130, 133, 165, 168, 
177, 190, 210, 232, 240, 253, 273, 280, 312, 330, 345, 
357, 385, 408, 462, 520, 760, 840, 1320, 1365, and 1848 
(Sloane’s A000926). 
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Illusion 


Iff 

If and only if (i.e., NECESSARY and SUFFICIENT). The 
terms “JUST IF” or “EXACTLY WHEN” are sometimes 
used instead. A iff B is written symbolically as A + B. 
A iff B is also equivalent to A > B, together with B > 
A, where the symbol = denotes “IMPLIES.” 


J. H. Conway believes that the word originated with 
P. Halmos and was transmitted through Kelley (1975). 
Halmos has stated, “To the best of my knowledge, I 
DID invent the silly thing, but I wouldn’t swear to it in 
a court of law. So there—give me credit for it anyway” 
(Asimov 1997). 


see also EQUIVALENT, EXACTLY ONE, IMPLIES, NECES- 
SARY, SUFFICIENT 
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Ill-Conditioned 
A system is ill-conditioned if the CONDITION NUMBER 
is too large (and singular if it is INFINITE). 


see also CONDITION NUMBER 


Illumination Problem 
In the early 1950s, Ernst Straus asked 


1. Is every POLYGONAL region illuminable from every 
point in the region? 

2. Is every POLYGONAL region illuminable from at least 
one point in the region? 

Here, illuminable means that there is a path from every 

point to every other by repeated refiections. Tokarsky 

(1995) showed that unilluminable rooms exist in the 

plane and 3-D, but question (2) remains open. The 


smallest known counterexample to (1) in the PLANE has 
26 sides. 


see also ART GALLERY THEOREM 
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Illusion 

An object or drawing which appears to have properties 
which are physically impossible, deceptive, or counter- 
intuitive. 

see also BENHAM’S WHEEL, FREEMISH CRATE, GOB- 
LET ILLUSION, HERMANN GRID ILLUSION, HERMANN- 
HERING ILLUSION, HYZER’S ILLUSION, IMPOSSIBLE 
FIGURE, IRRADIATION ILLUSION, KANIZSA TRIAN- 
GLE, MULLER-LYER ILLUSION, NECKER CUBE, ORBI- 
SON’S ILLUSION, PARALLELOGRAM ILLUSION, PENROSE 


Image 


STAIRWAY, POGGENDORFF ILLUSION, PONZO’S ILLU- 
SION, RABBIT-DUCK ILLUSION, TRIBAR, VERTICAL- 
HORIZONTAL ILLUSION, YOUNG GIRL-OLD WOMAN IL- 
LUSION, ZOLLNER’S ILLUSION 
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Image 
see RANGE (IMAGE) 


Imaginary Identity 


see 1 


Imaginary Number 

A COMPLEX NUMBER which has zero REAL PART, so 
that it can be written as a REAL NUMBER multiplied by 
the “imaginary unit” 7 (equal to y—1). 

see also COMPLEX NUMBER, GALOIS IMAGINARY, 
GAUSSIAN INTEGER, i, REAL NUMBER 
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Imaginary Part 

The imaginary part S of a COMPLEX NUMBER z = 2+1y 
is the REAL NUMBER multiplying i, so S[x + iy] = y. In 
terms of z itself, 


where z* is the COMPLEX CONJUGATE of z. 


see also ABSOLUTE SQUARE, COMPLEX CONJUGATE, 
REAL PART 
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Imaginary Point 
A pair of values x and y one or both of which is COM- 
PLEX. 
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Imaginary Quadratic Field 
A QUADRATIC FIELD Q(VD) with D < 0. 


see also QUADRATIC FIELD 


Immanant 

For an nxn matrix, let S denote any permutation e1, ez, 
..., €n Of the set of numbers 1, 2, ..., n, and let y‘)(S) 
be the character of the symmetric group corresponding 
to the partition (A). Then the immanant |amn|“ is 


defined as 
o = ` xa (S)Ps 


where the summation is over the n! permutations of the 
SYMMETRIC GROUP and 


Ps = Ale] Alez '** Unen" 


see also DETERMINANT, PERMANENT 
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Immersed Minimal Surface 


see ENNEPER’S SURFACES 


Immersion 

A special nonsingular MAP from one MANIFOLD to an- 
other such that at every point in the domain of the map, 
the DERIVATIVE is an injective linear map. This is equiv- 
alent to saying that every point in the DOMAIN has a 
NEIGHBORHOOD such that, up to DIFFEOMORPHISMS of 
the TANGENT SPACE, the map looks like the inclusion 
map from a lower-dimensional EUCLIDEAN SPACE to a 
higher-dimensional EUCLIDEAN SPACE. 


see also BOY SURFACE, EVERSION, SMALE-HIRSCH 
THEOREM 
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Impartial Game 

A GAME in which the possible moves are the same for 
each player in any position. All positions in all impartial 
GAMES form an additive ABELIAN GROUP. For impar- 
tial games in which the last player wins (normal form 
games), the nim-value of the sum of two GAMES is the 
nim-sum of their nim-values. If the last player loses, the 
GAME is said to be in misere form and the analysis is 
much more difficult. 


see also FAIR GAME, GAME, PARTISAN GAME 


Implicit Function 

A function which is not defined explicitly, but rather is 
defined in terms of an algebraic relationship (which can 
not, in general, be “solved” for the function in question). 
For example, the ECCENTRIC ANOMALY E of a body 
orbiting on an ELLIPSE with ECCENTRICITY e is defined 
implicitly in terms of the mean anomaly M by KEPLER’S 
EQUATION 

M=£&-—esink. 


Implicit Function Theorem 
Given 
Fy(z,y,2,u,v,w) =0 


F(z, y, z, u,v, w) = 0 
Fz (z, y, 2, u, v, w) e 0, 
if the JACOBIAN 


OF, Fo, F3) 
JF(u,v,w) = — 2 £0 
eee) Olu, v, w) a 
then u, v, and w can be solved for in terms of z, y, and 
z and PARTIAL DERIVATIVES of u, v, w with respect to 
z, y, and z can be found by differentiating implicitly. 


More generally, let A be an OPEN SET in R”** and let 
f: A — R” be a C” FUNCTION. Write f in the form 
f(x,y), where x and y are elements of R* and R”. Sup- 
pose that (a, b) is a point in A such that f(a, 6) = 0 and 
the DETERMINANT of the n x n MATRIX whose elements 
are the DERIVATIVES of the n component FUNCTIONS of 
f with respect to the n variables, written as y, evalu- 
ated at (a,b), is not equal to zero. The latter may be 
rewritten as 


rank(Df(a,b)) =n. 


Then there exists a NEIGHBORHOOD B of a in R* and 
a unique C” FUNCTION g: B > R” such that g(a) = b 
and f(z, g(x)) = 0 for all x € B. 


see also CHANGE OF VARIABLES THEOREM, JACOBIAN 
References 


Munkres, J. R. Analysis on Manifolds. 
Addison-Wesley, 1991. 


Reading, MA: 


Improper Integral 


Implies 

The symbol => means “implies” in the mathematical 
sense. Let A be true. If this implies that B is also true, 
then the statement is written symbolically as A > B, 
or sometimes A C B. If A = Band B > A (ie, A > 
BAB > A), then A and B are said to be EQUIVALENT, 


a relationship which is written symbolically as A + B 
or A= B. 


see also EQUIVALENT 


Impossible Figure 
A class of ILLUSION in which an object which is physi- 
cally unrealizable is apparently depicted. 


see also FREEMISH CRATE, HOME PLATE, ILLUSION, 
NECKER CUBE, PENROSE STAIRWAY, TRIBAR 
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Impredicative 
Definitions about a SET which depend on the entire SET. 


Improper Integral 

An INTEGRAL which has either or both limits INFINITE 
or which has an INTEGRAND which approaches INFINITY 
at one or more points in the range of integration. 


see also DEFINITE INTEGRAL, INDEFINITE INTEGRAL, 
INTEGRAL, PROPER INTEGRAL 


Improper Node 
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Improper Node 
A FIXED POINT for which the STABILITY MATRIX has 
equal nonzero EIGENVECTORS. 


see also STABLE IMPROPER NODE, UNSTABLE IM- 
PROPER NODE 


Improper Rotation 

The SYMMETRY OPERATION corresponding to a a Ro- 
TATION followed by an INVERSION OPERATION, also 
called a ROTOINVERSION. This operation is denoted ñ 
for an improper rotation by 360°/n, so the CRYSTAL- 
LOGRAPHY RESTRICTION gives only 1, 2, 3, 4, 6 for 
crystals. The MIRROR PLANE symmetry operation is 
(x,y,z) > (x,y, —z), etc., which is equivalent to 2. 


Impulse Pair 


x 
-1/2 1/2 


The even impulse pair is the FOURIER TRANSFORM of 
cos(Tk), 


I(x) = $6(@ + $) + 36(@— 3). (1) 
It satisfies 
I(x)» f(x) = sf(e@+ 5) + 3ft- 3), (2) 


where * denotes CONVOLUTION, and 


f I(x) de = 1. (3) 


oO 


1/2 
-1/2 


The odd impulse pair is the FOURIER TRANSFORM of 
isin(7s), 


Iz) = 50(1 +3) — $6(a — 3). (4) 
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Impulse Symbol 
Bracewell’s term for the DELTA FUNCTION. 


see also IMPULSE PAIR 
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In-and-Out Curve 
etc. 


A curve created by starting with a circle, dividing it into 
six arcs, and flipping three alternating arcs. The process 
is then repeated an infinite number of times. 


Inaccessible Cardinal 

An inaccessible cardinal is a CARDINAL NUMBER which 
cannot be expressed in terms of a smaller number of 
smaller cardinals. 


Inaccessible Cardinals Axiom 
see also LEBESGUE MEASURABILITY PROBLEM 


Inadmissible 
A word or string which is not ADMISSIBLE. 


Incenter 

The center J of a TRIANGLE’S INCIRCLE. It can be found 
as the intersection of ANGLE BISECTORS, and it is the 
interior point for which distances to the sidelines are 
equal. Its TRILINEAR COORDINATES are 1:1:1. The 
distance between the incenter and CIRCUMCENTER is | 


a/ R(R — 2r). 


The incenter lies on the EULER LINE only for an Isos- 
CELES TRIANGLE. It does, however, lie on the SODDY 
LINE. For an EQUILATERAL TRIANGLE, the CIRCUM- 
CENTER O, CENTROID G, NINE-POINT CENTER F, OR- 
THOCENTER H, and DE LONGCHAMPS POINT Z all co- 
incide with I. 


The incenter and EXCENTERS of a TRIANGLE are an 
ORTHOCENTRIC SYSTEM. The POWER of the incenter 
with respect to the CIRCUMCIRCLE is 


ER 414203 
qe a, + a2 + a3 
(Johnson 1929, p. 190). If the incenters of the TRIAN- 
GLES AA H2Hs, AA2H3A1, and A A3 Hı Hə are X1, X2, 
and X3, then X2X3 is equal and parallel to lols, where 
H; are the FEET of the ALTITUDES and J; are the in- 
centers of the TRIANGLES. Furthermore, X1, X2, X3, 
are the reflections of J with respect to the sides of the 
TRIANGLE Ali II; (Johnson 1929, p. 193). 


394 Incenter-Excenter Circle 


If four points are on a CIRCLE (i.e., they are CON- 
CYCLIC), the incenters of the four TRIANGLES form a 
RECTANGLE whose sides are parallel to the lines con- 
necting the middle points of opposite arcs. Furthermore, 
the connectors pass through the center of the RECTAN- 
GLE (Fuhrmann 1890, p. 50; Johnson 1929, pp. 254- 
255). More generally, the 16 incenters and excenters of 
the TRIANGLES whose VERTICES are four points on a 
CIRCLE, are the intersections of two sets of four PARAL- 
LEL lines which are mutually PERPENDICULAR (Johnson 
1929, p. 255). 


see also CENTROID (ORTHOCENTRIC SYSTEM), CIR- 
CUMCENTER, EXCENTER, GERGONNE POINT, INCIR- 
CLE, INRADIUS, ORTHOCENTER 
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Incenter-Excenter Circle 


Given a triangle A.A; 4243, the points A, J, and Jı lie 
on a line, where J is the INCENTER and J; is the EX- 
CENTER corresponding to Aj. Furthermore, the CIRCLE 
with JJ; as the DIAMETER has P as its center, where P 
is the intersection of A, Jı with the CIRCUMCIRCLE of 
4A, A2Asz3, and passes through 42 and A3. This CIRCLE 
has RADIUS 


r= 541 sec(2a1) = 2Rsin(5a1). 


It arises because JJ; J2J3 forms an ORTHOCENTRIC SYS- 
TEM. 


see also CIRCUMCIRCLE, EXCENTER, EXCENTER- 
EXCENTER CIRCLE, INCENTER, ORTHOCENTRIC SYS- 
TEM 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geomeiry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, p. 185, 1929. 


Incident 


Incidence Axioms 

The eight of HILBERT’s AXIOMS which concern 
collinearity and intersection; they include the first four 
of EUCLID’S POSTULATES. 


see also ABSOLUTE GEOMETRY, CONGRUENCE AX- 
IOMS, CONTINUITY AXIOMS, EUCLID’S POSTULATES, 
HILBERT’S AXIOMS, ORDERING AXIOMS, PARALLEL 
POSTULATE 


References 

Hilbert, D. The Foundations of Geometry, 2nd ed. Chicago, 
IL: Open Court, 1980. 

Iyanaga, S. and Kawada, Y. (Eds.). “Hilbert’s System of Ax- 
ioms.” §163B in Encyclopedic Dictionary of Mathematics. 
Cambridge, MA: MIT Press, pp. 544-545, 1980. 


Incidence Matrix 
For a k-D POLYTOPE IIx, the incidence matrix is defined 
by 


- J1 if TI, _, belongs to II? 
Nij O if TI, _, does not belong to IF. 


The ith row shows which IIs surround II; _,, and the 
¿th column shows which II,_1s bound IP. Incidence 
matrices are also used to specify PROJECTIVE PLANES. 
The incidence matrices for a TETRAHEDRON ABC D are 
n |1 A B C 
1 E b d 1 


n | AD BD CD BC AC AB 


A 1 0 0 0 1 1 
B 0 1 0 1 0 1 
C 0 0 l 1 1 0 
D 1 1 1 0 0 0 


ACD 1 
ABD 1 
ABC 1 


see also ADJACENCY MATRIX, k-CHAIN, k-CIRCUIT 


Incident 
Two objects which touch each other are said to be inci- 
dent. 


see also INCIDENCE MATRIX 
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local generator capable of reducing the total downward cur- 
rent density by as much as 44%. 

In order to study the horizontal structure of vertical current 
densities in the PBL, experiments to examine the covariation 
of atmospheric vertical electric currents at different stations 
using long-wire antennas are discussed by Israelsson et al. 
(1994). 


4.2. Volcanoes and aerosols above the PBL 


The main source of ionisation in the mid-troposphere and 
stratosphere (above the PBL) is cosmic radiation. The ion- 
isation rate depends on magnetic latitude and on solar ac- 
tivity. The composition of the ions that establish the bulk 
electrical properties is relatively unknown. The ion concen- 
tration is also affected by aerosols whose distributions are 
quite variable in both space and time. 

The global electric circuit varies over the solar cycle asso- 
ciated with cosmic ray flux changes. Whilst the contributions 
of thunderstorms may not only be to maintain an upward DC 
current, an improved understanding is required of the return 
current (~2 pA/m?) flowing through the “fair-weather” at- 
mosphere as part of the global electric circuit, particularly 
for geographically restricted variations of atmospheric con- 
ductivity. Another type of perturbation to the atmosphere 
results from volcanoes. Their sulphate aerosols and dust par- 
ticles could nucleate high-altitude clouds, and the sulphates 
change the atmospheric conductivity and hence the proper- 
ties of the global electrical circuit. 

The character of upper tropospheric aerosols can be tem- 
porarily disturbed not only by volcanic eruptions but also by 
forest fires, biomass burning, and large dust storms. In addi- 
tion annual variations of their concentrations have also been 
observed (Hofmann et al., 1975). Another important tem- 
poral variation of tropospheric aerosols is associated with 
the so-called Arctic haze events. New evidence suggests 
that these events are characterized by high particle loading 
throughout a large portion of the troposphere. The impact 
of this extensive aerosol loading on atmospheric electrical 
parameters is yet to be determined. 

Hogan and Mohnen (1979) reported the results of a global 
survey of aerosols in the troposphere and lower stratosphere. 
They found that the concentrations were more or less 
symmetrically distributed about the Earth. More measure- 
ments of this type could provide the basis for extrapolating 
local or isolated observations to characteristic worldwide 
values. Man-made global ionisation effects reported by 
Boeck (1983), who studied the effect of krypton 85 released 
into the atmosphere on the global conductivity, have to be 
included in the global electric circuit. 

The morphology of stratospheric aerosols is dominated 
by a persistent structure frequently referred to as the 20-km 
sulphate layer, or Junge layer. It is now known that the char- 
acter of this layer is highly affected by large volcanic erup- 
tions (Gringel et al., 1986). These volcanic eruptions can re- 
sult in a rather dramatic increase of the aerosol content up to 


the stratosphere. The extent to which these aerosols directly 
affect the atmospheric conductivity, small-ion concentration, 
and mobility should be investigated to a greater extent. On 
the other hand, the sulphuric acid content of the lower atmo- 
sphere is also drastically enhanced following volcanic erup- 
tions and might influence the ion composition considerably. 
Air-Earth current density measurements seem to be consis- 
tent with the classical picture of the global circuit, with some 
exceptions. The question of whether there are other global 
generators in the lower atmosphere, in addition to thunder- 
storms, could probably be unravelled by ground-based and 
balloon-borne current measurements at different locations. 


5. Thunderstorms and the global circuit 
5.1. Spatial and temporal distribution of thunderstorms 


In recent decades we have greatly advanced our knowl- 
edge regarding the spatial and temporal distribution of 
thunderstorms and lightning. In the 1960s the first satellite 
observations of lightning were obtained (Vorpahl et al., 
1970). However, in the last five years tremendous advances 
have occurred with the launch of three separate lightning 
detectors in space (OTD, LIS and FORTE) (Christian and 
Latham, 1998; Jacobson et al., 1999). We now know that 
the vast majority of lightning activity is located over the 
continental regions of the globe, with little lightning ever 
being found over the oceans. The reason for this is still 
debated; however, it is related to the differences in the 
microphysics of oceanic and continental deep convection 
(Price and Rind, 1992). Observations have shown signif- 
icant differences in the updraft intensities in storms, with 
the oceanic storms rarely having updraft intensities greater 
than 10 m/s. The intensity of the updrafts is very important 
for the electrification processes, due to the vertical transport 
of supercooled droplets and graupel particles (Williams et 
al., 1992). 

As a result of the global distribution of lightning, there are 
three main centres of lightning activity over the three tropical 
continental landmasses (South America, Africa, and South 
East Asia/Maritime Continent). In addition to the tropical 
lightning, extratropical lightning activity plays a major role 
in the summer season in the northern hemisphere, result- 
ing in the global lightning activity having a maximum in 
June—August. Since the daily lightning activity in the trop- 
ics maximizes late in the local afternoon (16-18 local time), 
the combination of spatial and temporal activity produces 
the well-defined diurnal cycle in measurements of the global 
electric circuit (the ‘Carnegie curve’ ). 

Whipple (1929) showed the agreement between the diur- 
nal cycle of the global circuit and the diurnal cycle of global 
thunderstorm activity. Markson (1986) showed that individ- 
ual measurements of the ionospheric potential agree well 
with the ‘Carnegie curve’, confirming that lightning plays 
a major role in the global electric circuit. Clayton and Polk 


Incircle 


Incircle 
B 


ANG 
VEEN 


The INSCRIBED CIRCLE of a TRIANGLE AABC. The 
center I is called the INCENTER and the RADIUS r the 
INRADIUS. The points of intersection of the incircle with 
T are the VERTICES of the PEDAL TRIANGLE of T with 
the INCENTER as the PEDAL POINT (c.f. TANGENTIAL 
TRIANGLE). This TRIANGLE is called the CONTACT 
TRIANGLE. 


The AREA K of the TRIANGLE AABC is given by 


K = AAIC + ACIB + AAIB 


= tbr + tar + scr = ¿(a +b + c)r = sr, 


where s is the SEMIPERIMETER. 


Using the incircle of a TRIANGLE as the INVERSION CEN- 
TER, the sides of the TRIANGLE and its CIRCUMCIRCLE 
are carried into four equal CIRCLES (Honsberger 1976, 
p. 21). Pedoe (1995, p. xiv) gives a GEOMETRIC CON- 
STRUCTION for the incircle. 


see also CIRCUMCIRCLE, CONGRUENT INCIRCLES 
POINT, CONTACT TRIANGLE, INRADIUS, TRIANGLE 
TRANSFORMATION PRINCIPLE 
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Inclusion-Exclusion Principle 
If Ai, ..., Ax are finite sets, then 


k k 


U4 => 06, 


t=1 i=l 
where &; is the sum of the CARDINALITIES of the inter- 


sections of the sets taken i at a time. 


Inclusion Map 
Given a SUBSET B ofa SET A, the INJECTION f: B > A 


defined by f(b) = b for all b € B is called the inclusion - 


map. 


see also LONG EXACT SEQUENCE OF A PAIR AXIOM 
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Incommensurate 

Two lengths are called incommensurate or incommensu- 
rable if their ratio cannot be expressed as a ratio of whole 
numbers. IRRATIONAL NUMBERS and TRANSCENDEN- 
TAL NUMBERS are incommensurate with the integers. 


see also IRRATIONAL NUMBER, PYTHAGORAS’S CON- 
STANT, TRANSCENDENTAL NUMBER 


Incomplete Gamma Function 
see GAMMA FUNCTION 


Incompleteness 
A formal theory is said to be incomplete if it contains 
fewer theorems than would be possible while still retain- 
ing CONSISTENCY. 


see also CONSISTENCY, GODEL’S INCOMPLETENESS 
THEOREM 
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Increasing Function 

A function f(z) increases on an INTERVAL I if f(b) > 
f(a) for all b > a, where a,b € I. Conversely, a function 
f(x) decreases on an INTERVAL I if f(b) < f(a) for all 
b>a with a,b € I. 


If the DERIVATIVE f'(x) of a CONTINUOUS FUNCTION 
f(x) satisfies f'(x) > 0 on an OPEN INTERVAL (a,b), 
then f(x) is increasing on (a,b). However, a function 
may increase on an interval without having a derivative 
defined at all points. For example, the function ql/3 
is increasing everywhere, including the origin x = 0, 
despite the fact that the DERIVATIVE is not defined at 
that point. 


see also DECREASING FUNCTION, DERIVATIVE, NONDE- 
CREASING FUNCTION, NONINCREASING FUNCTION 


Increasing Sequence 

For a SEQUENCE {an}, if dng41—@n > 0 for n > x, then a 
is increasing for n > x. Conversely, if any1 — An < 0 for 
n > g, then a is DECREASING for n > x. If an41/an > 1 
for all n > z, then a is increasing for n > x. Conversely, 
if any1/an < 1 for all n > x, then a is decreasing for 
n> 2. 


Indefinite Integral 


An INTEGRAL 
J f(x) dx 


without upper and lower limits, also called an AN- 
TIDERIVATIVE. The first FUNDAMENTAL THEOREM OF 
CALCULUS allows DEFINITE INTEGRALS to be computed 
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in terms of indefinite integrals. If F is the indefinite in- 
tegral for f(x), then 


J f(x) de = F(b) — F(a). 


see also ANTIDERIVATIVE, CALCULUS, DEFINITE INTE- 
GRAL, FUNDAMENTAL THEOREMS OF CALCULUS, INTE- 
GRAL 


Indefinite Quadratic Form 

A QUADRATIC FORM Q(x) is indefinite if it is less than 
O for some values and greater than 0 for others. The 
QUADRATIC FORM, written in the form (x, Ax), is in- 
definite if EIGENVALUES of the MATRIX A are of both 
signs. 

see also POSITIVE DEFINITE QUADRATIC FORM, POSI- 
TIVE SEMIDEFINITE QUADRATIC FORM 
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Indegree 
The number of inward directed EDGES from a given 
VERTEX in a DIRECTED GRAPH. 


see also LOCAL DEGREE, OUTDEGREE 


Independence Axiom 
A rational choice between two alternatives should de- 
pend only on how they differ. 


Independence Complement Theorem 

If sets E and F are INDEPENDENT, then so are E and 
F*, where F” is the complement of F (i.e., the set of all 
possible outcomes not contained in F). Let U denote 
“or” and N denote “and.” Then 


P(E) = P(EFU EF’) (1) 
= P(EF)+ P(EF’)-— P(EFNEF'), (2) 


where AB is an abbreviation for AN B. But E and F 
are independent, so 


P(EF) = P(E)P(F). (3) 


Also, since F and F’ are complements, they contain no 
common elements, which means that 


P(EF NO EF')=0 (4) 
for any E. Plugging (4) and (3) into (2) then gives 
P(E) = P(E)P(F) + P(EF’). (5) 
Rearranging, 
P(EF’) = P(E)[1— P(F)] = P(E)P(F"), (6) 


Q.E.D. 
see also INDEPENDENT STATISTICS 


Index 


Independence Number 
The number 


a(G) = max(|U| : U C V independent) 


for a GRAPH G. The independence number of the DE 
BRUIJN GRAPH of order n is given by 1, 2, 3, 7, 13, 28, 
... (Sloane’s A006946). 


References 
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Independent Equations 
see LINEARLY INDEPENDENT 


Independent Sequence 
see STRONGLY INDEPENDENT, WEAKLY INDEPENDENT 


Independent Statistics 
Two variates A and B are statistically independent IFF 
the CONDITIONAL PROBABILITY P(A|B) of A given B 


satisfies . 
P(A|B) = P(A), (1) 


in which case the probability of A and B is just 
P(AB) = P(AN B) = P(A)P(B). (2) 


Similarly, n events Ai, A2,..., An are independent IFF 


P (AÀ 4) = | [ P(4,). (3) 


Statistically independent variables are always UNCOR- 
RELATED, but the converse is not necessarily true. 


see also BAYES’ FORMULA, CONDITIONAL PROBABIL- 
ITY, INDEPENDENCE COMPLEMENT THEOREM, UNCOR- 
RELATED 


Independent Vertices 
A set of VERTICES A of a GRAPH with EDGES V is 
independent if it contains no EDGES. 


see also INDEPENDENCE NUMBER 


Indeterminate Problems 


see DIOPHANTINE EQUATION—LINEAR 


Index 

A statistic which assigns a single number to several in- 
dividual statistics in order to quantify trends. The best- 
known index in the United States is the consumer price 
index, which gives a sort of “average” value for infla- 
tion based on the price changes for a group of selected 
products. 


Index Set 


Let pn be the price per unit in period n, qn be the quan- 
tity produced in period n, and Un = pngn be the value of 
the n units. Let q, be the estimated relative importance 
of a product. There are several types of indices defined, 
among them those listed in the following table. 


Index Abbr. Formula 

Bowley index Pg (PL + Pp) 
Fisher index Pr VPLPp 
Geometric mean index Pa TI (22)%] 1/ De vo 
Harmonic mean index Py ER 


Laspeyres's index 


y Pn(q0+4qn) 


Marshall-Edgeworth index PME EDT 
vottun 


Mitchell index Pm 


Paasche's index Pp 


XO Voin Pn 


Walsh index Pw 5 => 
y q404n PO 


see also BOWLEY INDEX, FISHER INDEX, GEOMETRIC 
MEAN INDEX, HARMONIC MEAN INDEX, LASPEYRES’ 
INDEX, MARSHALL-EDGEWORTH INDEX, MITCHELL IN- 
DEX, PAASCHE’S INDEX, RESIDUE INDEX, WALSH IN- 
DEX 
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Index Set | 

A STOCHASTIC PROCESS is a family of RANDOM VARI- 
ABLES (x(t,e),t € Jj from some PROBABILITY SPACE 
(S,S, P) into a STATE SPACE (S”,S'), where J is the 
index set of the process. 
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Index Theory 
A branch of TOPOLOGY dealing with topological invari- 
ants of MANIFOLDS. 
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Indicatrix 
A spherical image of a curve. The most common indi- 
catrix is DUPIN’sS INDICATRIX. 


see also DUPIN’S INDICATRIX 


Indicial Equation 

The RECURRENCE RELATION obtained during applica- 
tion of the FROBENIUS METHOD of solving a second- 
order ordinary differential equation. The indicial equa- 
tion (also called the CHARACTERISTIC EQUATION) is 
obtained by noting that, by definition, the lowest or- 
der term z” (that corresponding to n = 0) must have a 
COEFFICIENT of zero. For an example of the construc- 
tion of an indicial equation, see BESSEL DIFFERENTIAL 
EQUATION. 


1. If the two ROOTS are equal, only one solution can be 
obtained. | 

2. If the two Roots differ by a noninteger, two solu- 
tions can be obtained. 


3. If the two Roots differ by an INTEGER, the larger 
will yield a solution. The smaller may or may not. 
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Indifference Principle 
see INSUFFICIENT REASON PRINCIPLE 


Induced Map 

If f : (X,A) > (Y, B) is homotopic to g : (X,A) > 
(Y, B), then f. : Ha(X,A) > H,(Y,B) and g. 
H,(X, A) > H,(Y, B} are said to be the induced maps. 


see also EILENBERG-STEENROD AXIOMS 


Induced Norm 
see NATURAL NORM 


Induction 

The use of the INDUCTION PRINCIPLE in a PROOF. In- 
duction used in mathematics is often called MATHEMAT- 
ICAL INDUCTION. 


References 
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Induction Axiom 

The fifth of PEANO’S AXIOMS, which states: Ifa SET S 
of numbers contains zero and also the successor of every 
number in S, then every number is in S. 


see also PEANO’S AXIOMS 
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Induction Principle 

The truth of an INFINITE sequence of propositions P; for 
i = 1, ..., oo is established if (1) P, is true, and (2) Pg 
IMPLIES Px41 for all k. 
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Inequality 

A mathematical statement that one quantity is greater 
than or less than another. “a is less than b” is denoted 
a < b, and “a is greater than b” is denoted a > b. “a 
is less than or equal to b” is denoted a < b, and “a 
is greater than or equal to b” is denoted a > b. The 
symbols a < b and a > b are used to denote “a is much 
less than b” and “a is much greater than b,” respectively. 


Solutions to the inequality |x — a] < b consist of the set 
{xz : —b < x —a < b}, or equivalently {x :a—b< z< 
a+b}. Solutions to the inequality |z — a| > b consist of 
the set {z : r—a >b} U{z:zxz—a < —b}. Ifa and b 
are both POSITIVE or both NEGATIVE and a < b, then 
1/a > 1/b. 

see also ABC CONJECTURE, ARITHMETIC-LOGARITH- 
MIC-GEOMETRIC MEAN INEQUALITY, BERNOULLI IN- 
EQUALITY, BERNSTEIN’S INEQUALITY, BERRY-OSSEEN 
INEQUALITY, BIENAYME-CHEBYSHEV INEQUAL- 
ITY, BISHOP’S INEQUALITY, BOGOMOLOV-MIYAOKA- 
YAU INEQUALITY, BOMBIERI’S INEQUALITY, BONFER- 
RONI’S INEQUALITY, BOOLE’S INEQUALITY, CARLE- 
MAN’S INEQUALITY, CAUCHY INEQUALITY, CHEBY- 
SHEV INEQUALITY, CHI INEQUALITY, COPSON’S IN- 
EQUALITY, ERDOS-MORDELL THEOREM, EXPONEN- 
TIAL INEQUALITY, FISHER’S BLOCK DESIGN INEQUAL- 
ITY, FISHER’S ESTIMATOR INEQUALITY, GARDING’S IN- 
EQUALITY, GAUSS’S INEQUALITY, GRAM’S INEQUAL- 
ITY, HADAMARD’S INEQUALITY, HARDY’S INEQUAL- 
ITY, HARNACK’S INEQUALITY, HOLDER INTEGRAL IN- 
EQUALITY, HOLDER’S SUM INEQUALITY, ISOPERIMET- 
RIC INEQUALITY, JARNICK’S INEQUALITY, JENSEN’S IN- 
EQUALITY, JORDAN’S INEQUALITY, KANTROVICH IN- 
EQUALITY, MARKOV'S INEQUALITY, MINKOWSKI IN- 
TEGRAL INEQUALITY, MINKOWSKI SUM INEQUALITY, 
MORSE INEQUALITIES, NAPIER’S INEQUALITY, No- 
SARZEWSKA’S INEQUALITY, OSTROWSKI’S INEQUAL- 
ITY, PTOLEMY INEQUALITY, ROBBIN’S INEQUALITY, 
SCHRODER-BERNSTEIN THEOREM, SCHUR’S INEQUAL- 
ITIES, SCHWARZ’S INEQUALITY, SQUARE ROOT IN- 
EQUALITY, STEFFENSEN’S INEQUALITY, STOLARSKY’S 
INEQUALITY, STRONG SUBADDITIVITY INEQUALITY, 
TRIANGLE INEQUALITY, TURAN’S INEQUALITIES, WEI- 
ERSTRAB PRODUCT INEQUALITY, WIRTINGER'S IN- 
EQUALITY, YOUNG INEQUALITY 


Infimum Limit 
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Inexact Differential 
An infinitesimal which is not the differential of an actual 
function and which cannot be expressed as 


Oz Oz 
a A ee Gi sd 


the way an EXACT DIFFERENTIAL can. Inexact differ- 
entials are denoted with a bar through the d. The most 
common example of an inexact differential is the change 
in heat dQ encountered in thermodynamics. 


see also EXACT DIFFERENTIAL, PFAFFIAN FORM 
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Inf 
see INFIMUM, INFIMUM LIMIT 


Infimum 
The greatest lower bound of a set. It is denoted 


inf. 
S 
see also INFIMUM LIMIT, SUPREMUM 


Infimum Limit 
The limit infimum of a set is the greatest lower bound 
of the CLOSURE of a set. It is denoted 


lim inf. 
Ss 


see also INFIMUM, SUPREMUM 


Infinary Divisor 


Infinary Divisor 
p” is an infinary divisor of p” (with y > 0) if p*|y-1p”. 
This generalizes the concept of the k-ARY DIVISOR. 


see also INFINARY PERFECT NUMBER, k-ARY DIVISOR 
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Infinary Multiperfect Number 

Let Goo(n) be the SUM of the INFINARY DIVISORS of 
a number n. An infinary k-multiperfect number is a 
number n such that o..(n) = kn. Cohen (1990) found 
13 infinary 3-multiperfects, seven 4-multiperfects, and 
two 5-multiperfects. 


see also INFINARY PERFECT NUMBER 
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Infinary Perfect Number 

Let do (n) be the Sum of the INFINARY DIVISORS of 
a number n. An infinary perfect number is a number 
n such that co(n) = 2n. Cohen (1990) found 14 such 
numbers. The first few are 6, 60, 90, 36720, ... (Sloane’s 
A007257). 


see also INFINARY MULTIPERFECT NUMBER 
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Infinite 

Greater than any assignable quantity of the sort in ques- 
tion. In mathematics, the concept of the infinite is made 
more precise through the notion of an INFINITE SET. 


see also COUNTABLE SET, COUNTABLY INFINITE SET, 
FINITE, INFINITE SET, INFINITESIMAL, INFINITY 


Infinite Product 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


A PRODUCT involving an INFINITE number of terms. 
Such products can converge. In fact, for POSITIVE an, 
the PRODUCT [I]F”_, an converges to a NONZERO num- 
ber IFF +s Ina, converges. 
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Infinite products can be used to define the COSINE 


cos IT = Il 1— a (1) 
Mi = m2(2n — 1)? |’ 
GAMMA FUNCTION 
a5 —1 
Pz) = | ze” JÍ € + =) Fe ' (2) 
ral 


SINE, and SINC FUNCTION. They also appear in the 
POLYGON CIRCUMSCRIBING CONSTANT 


ala 


A I] an ) (3) 


An interesting infinite product formula due to Euler 
which relates 7 and the nth PRIME pp is 


pt ee (4) 
00 sin(5 Pn) 
ii rae f T mp | 
- (5) 
7 oo (—1)(pn~1)/2 
[len E + Pn l 


(Blatner 1997). 
The product 


i (1+ =) (6) 


n=l 


has closed form expressions for small POSITIVE integral 
p22, 


= 1 sinh rr 
1+ ~] = T 
Ms a (7) 
n=1 
1 1 
a cosh(i7vV3) (8) 


cosh(zV/2 ) — cos(a v2) 


27? 


3 
OS Os a, 
at 
3, pa 
Mam” Mamme” mae” ee” 
| 


= IP [exp(2mi)|T[exp(272)]| 7. (10) 


The d-ANALOG expression 


[00!la = il € = = | (11) 


n=3 
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also has closed form expressions, 


o 8 \ _ sinh(rV3) 

11 ( 7 =) 4273 | (13) 
I @- a (14) 
TI (1 2 =) = |T[exp(ż ri) T [2 exp(Zri)]| 7? . (15) 
n=3 


see also COSINE, DIRICHLET ETA FUNCTION, EU- 
LER IDENTITY, GAMMA FUNCTION, ITERATED Ex- 
PONENTIAL CONSTANTS, POLYGON CIRCUMSCRIBING 
CONSTANT, POLYGON INSCRIBING CONSTANT, Q- 
FUNCTION, SINE 
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Infinite Series 
A SERIES with an INFINITE number of terms. 


see also SERIES 


Infinite Set 

A SET of S elements is said to be infinite if the ele- 
ments of a PROPER SUBSET S’ can be put into ONE- 
TO-ONE correspondence with the elements of S. An 
infinite set whose elements can be put into a ONE-TO- 
ONE correspondence with the set of INTEGERS is said 
to be COUNTABLY INFINITE; otherwise, 1t is called Un- 
COUNTABLY INFINITE. 


see also ALEPH-0, ALEPH-1, CARDINAL NUMBER, 
COUNTABLY INFINITE SET, CONTINUUM, FINITE, IN- 
FINITE, INFINITY, ORDINAL NUMBER, TRANSFINITE 
NUMBER, UNCOUNTABLY INFINITE SET 
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Infinitesimal 

A quantity which yields 0 after the application of some 
LIMITING process. The understanding of infinitesimals 
was a major roadblock to the acceptance of CALCULUS 
and its placement on a firm mathematical foundation. 


see also INFINITE, INFINITY, NONSTANDARD ANALYSIS 


Infinitesimal Analysis 
An archaic term for CALCULUS. 


Infinitesimal Matrix Change 
Let B, A, and e be square matrices with e small, and 


define 
B= A(l+e), (1) 


where | is the IDENTITY MATRIX. Then the inverse of 
B is approximately 


Brels A (2) 
This can be seen by multiplying 


BBT! = (A + Ae)(A~* — eA~*) 
= AAT! — AeA + AeA" — Ae’ AT! 
= |- AAT! x 1. (3) 


Note that if we instead let B' = A + e, and look for an 
inverse of the form B’~* = A”? + C, we obtain 


B’B’"* = (A + e)(AT! + C) = AAT! +AC+eA* + eC 


=1+AC+e(C+A™}) =l. (4) 
In order to eliminate the e term, we require C =-—A”?, 
However, then AC = —l, so BB* = 0 so there can be 


no inverse of this form. 


The exact inverse of B can be found as follows. 
B=A(l+e)=A(1+A7!e), (5) 
sO 
B~} = [A(I + Ate) t. (6) 


Using a general MATRIX INVERSE identity then gives 


Bt = (1+ Ale) tA}. (7) 


Infinitesimal Rotation 
An infinitesimal transformation of a VECTOR r is given 
by 

p= (l + e)r, (1) 


where the MATRIX e is infinitesimal and | is the IDEN- 
TITY MATRIX. (Note that the infinitesimal transforma- 
tion may not correspond to an inversion, since inversion 


Infinitesimal Rotation 


is a discontinuous process.) The COMMUTATIVITY of in- 
finitesimal transformations e, and €2 is established by 
the equivalence of 


(Ite:)(I+e2) = I? +e11+ les +e1€82 21+e1 +e2 (2) 


(I +e2)(1+e1) = I? -+ ezl + le, +6261 e |+e5 +ê. (3) 


Now let 
A=l+e. (4) 
The inverse A”? is then | — e, since 
AA? =(l+e)([t—e) =P -e =1 (5) 


Since we are defining our infinitesimal transformation to 
be a rotation, ORTHOGONALITY of ROTATION MATRI- 
CES requires that 


AT = AS’ (6) 

but 
ATi=l-e (7) 
(I+eo"=PF4+e?=Il+e*, (8) 
so e = —e! and the infinitesimal rotation is ANTISYM- 
METRIC. It must therefore have a MATRIX of the form 

0 ds  —dí> 

e = | -dhs 0 dQ, |. (9) 


d -dN 0 


The differential change in a vector r upon application of 
the ROTATION MATRIX is then 


dr =r —r = (l+ e)r -r= er. (10) 


Writing in MATRIX form, 


x 0 dQ3 —dQe2 
dr = y —dQs 0 dQ; 
z dQ, —dQ, 0 
y dila — £ AQ» 
= | zdQ, — z dìs (11) 
x dí lo = y dQ; 


= (ydQ3 — zdQ2)x% + (zdQi — z dOz)y 
+ (x dQ2 — ydQi)z 


=r x dQ. (12) 
Therefore, 
=) dQ 
= =r X — =F XUW, 13 
6 rotation, body dt ) 
where ae de 
= — = ni. 14 
d dt ua 


The total rotation observed in the stationary frame will 
be a sum of the rotational velocity and the velocity in the 
rotating frame. However, note that an observer in the 
stationary frame will see a velocity opposite in direction 
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to that of the observer in the frame of the rotating body, 


so 
dr 


dr 
E... = es E (15) 


This can be written as an operator equation, known as 
the ROTATION OPERATOR, defined as 


d d 
EM = C ias (10) 


see also ACCELERATION, BULER ANGLES, ROTATION, 
ROTATION MATRIX, ROTATION OPERATOR 


Infinitive Sequence 

A sequence {£n} is called an infinitive sequence if, for 
every i, £n = i for infinitely many n. Write a(i, j) for 
the jth index n for which æn = i. Then asi and 7 range 
through N, the array A = a(i, j), called the associative 
array of x, ranges through all of N. 


see also FRACTAL SEQUENCE 
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Infinitude of Primes 
see EUCLID’S THEOREMS 


Infinity 

An unbounded number greater than every REAL NUM- 
BER, most often denoted as oo. The symbol oo had been 
used as an alternative to M (1,000) in ROMAN NUMER- 
ALS until 1655, when John Wallis suggested it be used 
instead for infinity. 


Infinity is a very tricky concept to work with, as ev- 
idenced by some of the counterintuitive results which 
follow from Georg Cantor’s treatment of INFINITE SETS. 
Informally, 1/00 = 0, a statement which can be made 
rigorous using the LIMIT concept, 


lim — =0 
roo T 
Similarly, 
; 1 
lim — = oo, 
e+0t+ T 


where the notation 0* indicates that the LIMIT is taken 
from the POSITIVE side of the REAL LINE. 


see also ALEPH, ALEPH-0, ALEPH-1, CARDINAL NUM- 
BER, CONTINUUM, CONTINUUM HYPOTHESIS, HILBERT 
HOTEL, INFINITE, INFINITE SET, INFINITESIMAL, LINE 
AT INFINITY, L’HOSPITAL’S RULE, POINT AT INFINITY, 
TRANSFINITE NUMBER, UNCOUNTABLY INFINITE SET, 
ZERO 
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Inflection Point 

A point on a curve at which the SIGN of the CURVATURE 
(i.e., the concavity) changes. The FIRST DERIVATIVE 
TEST can sometimes distinguish inflection points from 
EXTREMA for DIFFERENTIABLE functions f(z). 


see also CURVATURE, DIFFERENTIABLE, EXTREMUM, 
FIRST DERIVATIVE TEST, STATIONARY POINT 


Information Dimension 
Define the “information function” to be 


=-— Y Ps(e) In[P:(e)], (1) 


where P;(e) is the NATURAL MEASURE, or probability 
that element 1 is populated, normalized such that 


N 
Y Ple) =1 (2) 
i=1 

The information dimension is then defined by 


dint = — lim 


«ot ln(e) 
N 

= lim 
«ot In(e) 


i=l 


If every element is equally likely to be visited, then P; (e) 
is independent of 2, and 


N 


Y > P(e) = NP,{e) = 1, (4) 


ps x (5) 


Injection 
and 
= 1 1 
7 yin (y) 
dint = lim = 
e 0+ In € 
-1 
DE A E 6) 


e>0t+ Ine e>0+ ln(e) 


= where deap is the CAPACITY DIMENSION. 


see also CORRELATION EXPONENT 
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Information Entropy 


see ENTROPY 


Information Theory 

The branch of mathematics dealing with the efficient 
and accurate storage, transmission, and representation 
of information. 


see also CODING THEORY, ENTROPY 
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Initial Value Problem 

An initial value problem is a problem that has its condi- 
tions specified at some time t = to. Usually, the problem 
is an ORDINARY DIFFERENTIAL EQUATION or a PAR- 
TIAL DIFFERENTIAL EQUATION. For example, 


uu Doe oc : 
S- Wu=f in 
u = Uo t = to 
u = ui on 0%), 


where 02 denotes the boundary of Q, is an initial value 
problem. 


see also BOUNDARY CONDITIONS, BOUNDARY VALUE 
PROBLEM, PARTIAL DIFFERENTIAL EQUATION 
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Injection 
see ONE-TO-ONE 


Injective 


Injective 
A MAP is injective when it is ONE-TO-ONE, i.e., f is 
injective when x Æ y IMPLIES f(x) 4 f(y). 


see also ONE-TO-ONE, SURJECTIVE 


Injective Patch 

An injective patch is a PATCH such that x(u1, v1) = 
x(u2, V2) implies that ui = u2 and vı = v2. An example 
of a PATCH which is injective but not REGULAR is the 
function defined by (už, v, uv) for u,v € (-1,1). How- 
ever, if x: U — R” is an injective regular patch, then x 
maps U diffeomorphically onto x(U). 


see also PATCH, REGULAR PATCH 
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Inner Automorphism Group 

A particular type of AUTOMORPHISM GROUP which ex- 
ists only for GROUPS. For a GROUP G, the inner auto- 
morphism group is defined by 


Inn(G) = {0a : a E G} C Aut(G) 
where o, is an AUTOMORPHISM of G defined by 
—1 
Gat) Sera. 
see also AUTOMORPHISM, AUTOMORPHISM GROUP 


Inner Product 
see DOT PRODUCT 


Inner Product Space 

An inner product space is a VECTOR SPACE which has 
an INNER PRODUCT. If the INNER PRODUCT defines a 
NORM, then the inner product space is called a HILBERT 
SPACE. 


see also HILBERT SPACE, INNER PRODUCT, NORM 


Inradius | 
The radius of a TRIANGLE'S INCIRCLE or of a POLYHE- 
DRON’s INSPHERE, denoted r. For a TRIANGLE, 


ee (b+c—a)(cta—b)(a+b—c) A a) 
-2 a+b+c o 8 
= 4Rsin(4a1) sin( a2) sin(Zas), (2) 


where A is the AREA of the TRIANGLE, a, b, and c are 
the side lengths, s is the SEMIPERIMETER, and R is the 
CIRCUMRADIUS (Johnson 1929, p. 189). 


Equation (1) can be derived easily using TRILINEAR CoO- 
ORDINATES. Since the INCENTER is equally spaced from 
all three sides, its trilinear coordinates are 1:1:1, and its 
exact trilinear coordinates are r : r:r. The ratio k of 
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the exact trilinears to the homogeneous coordinates is 
given by 


Penne dl 
But since k = r in this case, 
r=k= = (4) 
Q. E. D. 
Other equations involving the inradius include 
Rr = E (5) 
A? =rrirers (6) 
cos A + cos B +cosC =1+ 5 (7) 
r = 2R cos A cos B cos C (8) 
a? +b +e =4rR+48R’, (9) 


where r; are the EXRADII (Johnson 1929, pp. 189-191). 


As shown in RIGHT TRIANGLE, the inradius of a RIGHT 
TRIANGLE of integral side lengths z, y, and z is also 
integral, and is given by 
pact (10) 
TF a 
where z is the HYPOTENUSE. Let d be the distance be- 
tween inradius r and CIRCUMRADIUS R, d = rR. Then 
R? — d =2Rr (11) 
1 1 1 
—— + — = — 12 
R-d'Rtd +r (12) 
(Mackay 1886-87). These and many other identities are 
given in Johnson (1929, pp. 186-190). 


Expressing the MIDRADIUS p and CIRCUMRADIUS R in 
terms of the midradius gives 


a/p? + ¿as 
R? = 1? 
r= A (14) 


for an ARCHIMEDEAN SOLID. 


see also CARNOT’S THEOREM, CIRCUMRADIUS, MIDRA- 
DIUS 
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Inscribed 
A geometric figure which touches only the sides (or in- 
terior) of another figure. 


see also CIRCUMSCRIBED, INCENTER, INCIRCLE, INRA- 


o 
ES 


The ANGLE with VERTEX on a CIRCLE’s CIRCUMFER- 
ENCE formed by two points on a CIRCLE’s CIRCUMFER- 
ENCE. For ANGLES with the same endpoints, 


Inscribed Angle 


0. = 20;, 


where 0. is the CENTRAL ANGLE. 
see also CENTRAL ANGLE 
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Inside-Outside Theorem 
Let P(z) and Q(z) be POLYNOMIALS with COMPLEX 
arguments and deg(Q) > deg(P + 2). Then 


P(z) dz = 271 Sere a Res f(z) inside y 
, Q(2) — 27% > outside y Res f(z) outside y, 


where Res are the RESIDUES. 


Insphere 
A SPHERE INSCRIBED in a given solid. 


see also CIRCUMSPHERE, MIDSPHERE 


Instrument Function 

The finite FOURIER COSINE TRANSFORM of an APO- 
DIZATION FUNCTION, also known as an APPARATUS 
FUNCTION. The instrument function [(k) correspond- 
ing to a given APODIZATION FUNCTION A(z) is then 
given by 


rk) = | cos(2rkaz) A(x) dz. 


a 


see also APODIZATION FUNCTION, FOURIER COSINE 
TRANSFORM 


Insufficient Reason Principle 

A principle also called the INDIFFERENCE PRINCIPLE 
which was first enunciated by Johann Bernoulli. The 
insufficient reason principle states that, if we are igno- 
rant of the ways an event can occur and therefore have 
no reason to believe that one way will occur preferen- 
tially to another, it will occur equally likely in any way. 


Integer-Matrix Form 


Int 
see INTEGER PART 


Integer 

One of the numbers ..., —2, —1, 0, 1, 2,.... The SET 
of INTEGERS forms a RING which is denoted Z. A given 
INTEGER n may be NEGATIVE (n € Z ), NONNEGATIVE 
(n € Z*), ZERO (n = 0), or POSITIVE (n € Z* = N). 
The RING Z has CARDINALITY of Ny. The GENERATING 
FUNCTION for the POSITIVE INTEGERS is 


{2S aaa =24+207+32°44e74+.... 
There are several symbols used to perform operations 
having to do with conversion between REAL NUMBERS 
and integers. The symbol |x| (“FLOOR z”) means “the 
largest integer not greater than z,” i.e., int(x) in com- 
puter parlance. The symbol [xz] means “the nearest in- 
teger to 1” (NINT), i.e., nint(x) in computer parlance. 
The symbol |x] (“CEILING z”) means “the smallest in- 
teger not smaller x,” or -int(-x), where int(x) is the 
INTEGER PART of z. 


see also ALGEBRAIC INTEGER, ALMOST INTEGER, 
COMPLEX NUMBER, COUNTING NUMBER, CYCLO- 
TOMIC INTEGER, EISENSTEIN INTEGER, GAUSSIAN IN- 
TEGER, N, NATURAL NUMBER, NEGATIVE, POSITIVE, 
RADICAL INTEGER, REAL NUMBER, WHOLE NUMBER, 
Z, Z7, Z*, Z*, ZERO 


Integer Division 

DIVISION in which the fractional part (remainder) is dis- 
carded is called integer division and is sometimes de- 
noted |. Integer division can be defined as a\b = |a/b], 
where “/” denotes normal division and |x| is the FLOOR 
FUNCTION. For example, 


10/3 =3+1/3 
10\3 = 3. 


Integer Factorization 
see PRIME FACTORIZATION 


Integer-Matrix Form 

Let Q(z) = Q(x) = Q(z1,t2,...,Ttn) be an integer- 
valued n-ary QUADRATIC FORM, i.e., a POLYNOMIAL 
with integer COEFFICIENTS which satisfies Q(z) > 0 for 
REAL z 4 0. Then Q(x) can be represented by 


Q(x) = x" Ax, 

where 
a 18Q(2) 
B 2 OLL; 


M.J. Rycroft et al. | Journal of Atmospheric and Solar-Terrestrial Physics 62 (2000) 1563-1576 1571 


(1977) also showed good agreement between the AC com- 
ponent of the global circuit (Schumann resonances, see be- 
low) and global lightning activity. All these studies showed 
that the global electric circuit has a maximum at approxi- 
mately 1800 UT, and a minimum at 0300 UT (Price, 1993). 

As mentioned above, global lightning activity has a sea- 
sonal cycle with a maximum in the northern hemisphere 
summer. This annual cycle is also observed in the various 
measures of the global electric circuit. Hence, monitoring 
the global electric circuit, either via the DC components 
(ionospheric potential, fair-weather current) or via the AC 
component (Schumann resonances) provides a good proxy 
for global lightning activity. 


5.2. Sprites 


In the last decade, a completely new discovery has been 
made in the field of atmospheric electricity. Optical flashes 
have been observed high above thunderstorms, reaching al- 
titudes of up to 100 km. These luminous transient events 
lasting from 1 to 100 ms have been named elves, sprites 
and blue jets. In the last few years the research in this area 
has increased dramatically (see Sentman and Wescott, 1996; 
Rodger, 1999, and a Special Issue of JASTP (May/June 
1998)). It is now believed that all three phenomena are 
independent of each other, although sometimes they may 
occur simultaneously. Most of the advances in this field have 
occurred as the result of dedicated field experiments in the 
United States. During the summer months, mesoscale con- 
vective systems develop over the United States, which pro- 
vide a natural laboratory for studying sprites. Observations 
have been taken on the ground (Lyons, 1996), from aircraft 
(Sentman and Wescott, 1993), and from high-altitude bal- 
loons (Bering et al., 1999). It appears that elves occur with 
all lightning discharges. The electromagnetic pulse (emp) 
produced by the lightning propagates up into the stratosphere 
and mesosphere, producing large electric fields that result 
in a ring of light at the base of the ionosphere (Cho and 
Rycroft, 1998), similar to the airglow phenomenon. This 
ring expands outwards as the emp propagates away from 
the lightning source in the storm below. The elves last only 
a few milliseconds, and they can only be seen with very 
sensitive low-light-level cameras. The propagation of elves 
outward has been observed using high-speed photometers 
(Inan et al., 1997). 

Sprites are the more spectacular events, and are caused 
by only a small fraction of the lightning discharges within 
the storm below. We now know that sprites occur simulta- 
neously with positive cloud-to-ground lightning (Boccippio 
et al., 1995), although recently there has been some evi- 
dence of negative cloud-to-ground flashes producing sprites 
(Barrington-Leigh et al., 1999). Sprites are red in colour 
as a result of the excitation of the NS” line. The lifetime of 
sprites is much longer than that of elves, up to 50 millisec- 
onds, and they occupy volumes greater than 1000 km*. The 
removal of charge from the cloud by the positive discharge 


is thought to result in the stressing of the upper atmosphere. 
The screening layer around the anvil of the cloud immedi- 
ately after the ground discharge acts as the charged plate of a 
horizontal capacitor, producing large fields above the storm 
in the mesosphere. The enhanced field accelerates electrons 
in the low-density mesosphere, colliding with N2 molecules, 
resulting in the emission of red light. The relaxation time of 
the screening layer is some tens of milliseconds, the time 
scale of the sprites. 

Do sprites influence the global electric circuit? This is 
still an unanswered question. Although sprites occur in the 
upward branch of the global circuit above thunderstorms, 
hence influencing the conductivity of the upper atmosphere 
(the resistor R; in Fig. 5), they occur much less frequently 
than regular lightning. Observations indicate approximately 
1 sprite for every 200 lightning discharges. Therefore, due 
to their low occurrence rate they may not pay a major role in 
the global electric circuit. This is a topic of future research. 


5.3. Schumann resonances 


A paper in this issue (Barr et al., 2000, this issue) 
describes in detail the history and development of Schu- 
mann resonances (SR). The SR are produced by electro- 
magnetic radiation from lightning being trapped in the 
Earth-ionosphere waveguide. At extremely low frequencies 
(ELF), very little attenuation occurs, allowing these radio 
waves to propagate a few times around the globe before 
dissipating. Constructive interference produces standing 
resonant waves at 8, 14,20, 26,...Hz, where the 8 Hz mode 
represents a wave with wavelength equal to the circum- 
ference of the Earth (40,000 km); see also Rycroft (1965) 
and Fuellekrug and Fraser-Smith (1996). Hence, similar to 
the DC fair-weather global circuit measurements, the SR 
can also be monitored from a single position on the Earth’s 
surface. 

Research on SR is twofold. The background SR signal 
intensities are well correlated with global lightning activity 
(Heckman et al., 1998); hence, the SR are used for study- 
ing the global variability of lightning activity ( Satori, 1996; 
Nickolaenko et al., 1998). On the other hand, the transient 
SR signals have been shown to be well correlated with 
sprite activity (Boccippio et al., 1995; Cummer et al., 1998). 
Therefore, we are also able to use the SR measurements to 
study sprites on a global scale (see Fig. 6). 

Unlike the DC circuit that is influenced by changes in the 
conductivity of the atmosphere, the SR are dependent only 
on global lightning activity. Hence, the AC component of 
the global circuit is better correlated with global lightning 
activity than is the DC component. 


6. Climate change and the global electric circuit 


In recent years a new and important application of the 
global electric circuit has become evident. The global 
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is a POSITIVE symmetric matrix (Duke 1997). If A has 
_ POSITIVE entries, then Q(x) is called an integer matrix 
form. Conway et al. (1997) have proven that, if a Pos- 
ITIVE integer matrix quadratic form represents each of 
1, 2, 3, 5, 6, 7, 10, 14, and 15, then it represents all 
POSITIVE INTEGERS. 


see also FIFTEEN THEOREM 
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Integer Module 
see ABELIAN GROUP 


Integer Part 

The function int(x) gives the INTEGER PART of rz. 
In many computer languages, the function is denoted 
int(x), but in mathematics, it is usually called the 
FLOOR FUNCTION and denoted |x|. 


see also CEILING FUNCTION, FLOOR FUNCTION, NINT 


Integer Relation 
A set of REAL NUMBERS 21, ..., Tn is said to possess 
an integer relation if there exist integers a; such that 


Q1%1 + Qo%a +... + Antn = 0, 


with not all a; = 0. An interesting example of such 
a relation is the 17-VECTOR (1, æ, x”, ..., 2°°) with 
z = 31/4 — 21/4 which has an integer relation (1, 0, 0, 


0, —3860, 0, 0, 0, —666, 0, 0, 0, —20, 0, 0, 0, 1), i.e., 
1 — 3860z* — 666z? — 202'7 + 2** = 0. 


This is a special case of finding the polynomial of degree 
n = rs satisfied by z = 31/" — 21/*, 


Algorithms for finding integer relations include the 
FERGUSON-FORCADE ALGORITHM, HJLS ALGORITHM, 
LLL ALGORITHM, PSLQ ALGORITHM, PSOS ALGo- 
RITHM, and the algorithm of Lagarias and Odlyzko 
(1985). Perhaps the simplest (and unfortunately most 
inefficient) such algorithm is the GREEDY ALGORITHM. 
Plouffe’s “Inverse Symbolic Calculator” site includes a 
huge 54 million database of REAL NUMBERS which are 
algebraically related to fundamental mathematical con- 
stants. 


see also CONSTANT PROBLEM, FERGUSON-FORCADE 
ALGORITHM, GREEDY ALGORITHM, HERMITE-LINDE- 
MANN THEOREM, HJLS ALGORITHM, LATTICE REDUC- 
TION, LLL ALGORITHM, PSLQ ALGORITHM, PSOS 
ALGORITHM, REAL NUMBER, LINDEMANN-WEIER- 
STRAB THEOREM 
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Integer Sequence 

A SEQUENCE whose terms are INTEGERS. The most 
complete printed references for such sequences are 
Sloane (1973) and its update, Sloane and Plouffe (1995). 
Sloane also maintains the sequences from both works to- 
gether with many additional sequences in an on-line list- 
ing. In this listing, sequences are identified by a unique 
6-DIGIT A-number. Sequences appearing in Sloane and 
Plouffe (1995) are ordered lexicographically and identi- 
fied with a 4-DIGIT M-number, and those appearing in 
Sloane (1973) are identified with a 4-DicIT N-number. 


Sloane’s huge (and enjoyable) database is accessible by 
either e-mail or web browser. To look up sequences by 
e-mail, send a message to either sequences@research. 
att.com or superseeker@research. att.com containing 
lines of the form lookup 5 14 42 132 .... To use the 
browser version, point to http://www.research.att. 
com/~njas/sequences/eisonline.html. 


see also ARONSON’S SEQUENCE, COMBINATORICS, CON- 
SECUTIVE NUMBER SEQUENCES, CONWAY SEQUENCE, 
EBAN NUMBER, HOFSTADTER-CONWAY $10,000 SE- 
QUENCE, HOFSTADTER’S Q-SEQUENCE, LEVINE-O’SUL- 
LIVAN SEQUENCE, LOOK AND SAY SEQUENCE, MAL- 
LOW’S SEQUENCE, MIAN-CHOWLA SEQUENCE, MORSE- 
THUE SEQUENCE, NEWMAN-CONWAY SEQUENCE, 
NUMBER, PADOVAN SEQUENCE, PERRIN SEQUENCE, 
RATS SEQUENCE, SEQUENCE, SMARANDACHE SE- 
QUENCES 
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Integrable 
A function for which the INTEGRAL can be computed is 
said to be integrable. 


see also DIFFERENTIABLE, INTEGRAL, INTEGRATION 


Integral 

An integral is a mathematical object which can be in- 
terpreted as an ÁREA or a generalization of AREA. Inte- 
grals, together with DERIVATIVES, are the fundamental 
objects of CALCULUS. Other words for integral include 
ANTIDERIVATIVE and PRIMITIVE. The RIEMANN IN- 
TEGRAL is the simplest integral definition and the only 
one usually encountered in elementary CALCULUS. The 
RIEMANN INTEGRAL of the function f(x) over x from a 
to b is written 


b 
f jais. (1) 


Every definition of an integral is based on a particu- 
lar MEASURE. For instance, the RIEMANN INTEGRAL is 
based on JORDAN MEASURE, and the LEBESGUE INTE- 
GRAL is based on LEBESGUE MEASURE. The process of 
computing an integral is called INTEGRATION (a more 
archaic term for INTEGRATION is QUADRATURE), and 
the approximate computation of an integral is termed 
NUMERICAL INTEGRATION. 


There are two classes of (Riemann) integrals: DEFINITE 


INTEGRALS 
[1 sa (2) 


which have upper and lower limits, and INDEFINITE IN- 
TEGRALS, which are written without limits. The first 
FUNDAMENTAL THEOREM OF CALCULUS allows DEFI- 
NITE INTEGRALS to be computed in terms of INDEFINITE 


Integral 


INTEGRALS, since if F is the INDEFINITE INTEGRAL for 
f(x), then 


f f(x) de = F(b) — F(a). (3) 


Wolfram Research (http: //www.integrals.com) main- 
tains a web site which will integrate many common (and 
not so common) functions. However, it cannot solve 
some simple integrals such as 


[gov] da 
[gue a 
© La(zlnz)| dz 


=~ AER de, (5) 


zlnz 


vsin z) dr (4) 


where Lz is the DILOGARITHM. Furthermore, it gives 
an incorrect answer of Ad LEVE . 473) to 


7/2 
1(V3) = as = 1h. (6) 
0 


tan x)Vv3 
This integral and, in fact, the generalized integral for 
arbitrary a 
x /2 
dx 
I(a) = —_ KA 7 
o= ee (7) 


have a “trick” solution which takes advantage of the 
trigonometric identity 


tan(¿r — 2) = cot z. (8) 


Letting z = (tanzx)”, 
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Here is a list of common INDEFINITE INTEGRALS: 


gttl 
r = 1 
E dx El +C (10) 
dz 
— =Injx|+ C (11) 
as ee (12) 
re Ina 
[ sinado ==cos=+0 (13) 
[cose de = sine +C (14) 
f nzas = miseca] +0 (15) 
[ esozas = In| csc x —cotz|+C (16) 
= In [tan( 4 x)| +C (17) 
1 1 — cos zx 
=5( 255) PE (18) 
f secede = 1015000 + tana| +0 
J cote de =In|sina| +0 (20) 
[sect ede =tane +0 (21) 
|o? eae = —cotz+C (22) 
[sce tan x dr = secr + C (23) 


fos -l gdz = gcos >g- y/1—r? +O (24) 
~ n`! gde = xsin z+ yY1-2a2+C (25) 


tan’ gdz = gz tan” *g—iIn(1+2°)+C 
(26) 
eae 1 T 
J- SI = sin (=) +C (27) 
[> = cos? (=) +C (28) 
de = as: T 
[at ae — tan z) +C (29) 
E (=) +C (30) 
a +r? j a 
| arm" E a Pa 
dz 1 —ı {T 
[ar 
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f s*(ao dz = > — 


IEZ = k` ln(dnu — kenu) +C (34) 


L 
da sin(20x) + C (33) 


—- E 
ES udu = == SO 40 (35) 
[enudu= k`! sin7'(ksnu)+C (36) 
[enudu = sin™*(snu) + C, (37) 


where sin z is the SINE; cos z is the COSINE; tan x is the 
TANGENT; csc x is the COSECANT; sec x is the SECANT; 
cotz is the COTANGENT; cos! gz is the INVERSE CoO- 
SINE; sin”! g is the INVERSE SINE; tan”? is the INVERSE 
TANGENT; snu, cnu, and dnu are JACOBI ELLIPTIC 
FUNCTIONS; E(u) is a complete ELLIPTIC INTEGRAL OF 
THE SECOND KIND; and gd(x) is the GUDERMANNIAN 
FUNCTION. 


To derive (15), let u = cos x, so du = —sinzdz and 
/ J sin £ du 
tanz = TE 
a u 
= — ln |u| + C = — ln | cosg| + C 


=In|cos2|* +C =In|secz|+C. (38) 


To derive (18), let u = cscx — cotz, so du = 
(— csc z cot z + csc? x) de and 


cse z — cot gr 
csc gz dx = cse r — dr 
csc gz — cot gr 
csc? r +cotzcscz 
== >= dx 


cscx+cotz 


= E = In ju] + C 
u 

= ln | csc z — cot z| + C. (39) 
To derive (19), let 

u = secz + tang, (40) 
so 

du = (sec z tan x + sec” x) de (41) 

and 


secz + tanz 
sec x dz = sec z ——— du 
sec x + tang 
p sec? x + secr+tanz de 
sec z + tang 


u 


= ln | secz + tan z| + C. (42) 
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To derive (20), let u = sin z, so du = cos x dx and 


d 
J coredo= | $2 ae = = 
sin t u 


= ln |u| + C = ln |singz| +C. (43) 


Differentiating integrals leads to some useful and pow- 
erful identities, for instance 


ye 
E) sledde= Fe), (44) 


which is the first FUNDAMENTAL THEOREM OF CALCU- 
LUS 


d b 
$ | Fade = -fa) (45) 
d ] ° a 
a f(a, t) dt = j af (2, t) dt (46) 
a He t) dt = at) + l 2 Fe t) dt. (47) 
dz J, i i , OL l 
If f(x,t) is singular or INFINITE, then 


gf fede 
1 of 


2 / e-o re-a 7] a a 


t-a 
The LEIBNIZ IDENTITY is 


d v(x) 


SN f(x, t) dt = v'(2)f(2, v(u)) — u' f(x, u(z)) 


u(x) Ə 


(z) 


Other integral identities include 


a f fi) dtede= | (00104 (50) 
a dt, E ata f dtz [ f (tr) dt, 
0 0 0 0 


= J (2-0 (dt (51) 


a ð 
Fay IIe) = Sande + 25 da =J+rV-J (52) 


=- | rv-Jdr. (53) 
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Integrals of the form 


F f(x) dz (54) 


with one INFINITE LIMIT and the other NONZERO may 
be expressed as finite integrals over transformed func- 
tions. If f(x) decreases at least as fast as 1/2”, then 
let 


1 
t= 2 (55) 
dx 
dt = a (56) 
dt 
dx = -x° dt = => (57) 
and 
b 1/b 1/a 
f fx) dx = f a (5) a= | - (5) t 
a l/a t t 1/b t t 
(58) 
If f(x) diverges as (x — a)” for y € [0, 1], let 
r=t/ 0Y ta (59) 
de= A AA g= E ¿N/A a 
Lary La 
- 1 vaa 
a it dt (60) 
t=(r-a) 7, (61) 


and 
b 
1 
J A EEE 


(ba) !=1 
= | OD fO- 4 aj dt. (62) 
0 


If f(x) diverges as (x + 6)” for y € [0, 1], let 


g =b — t0 (63) 
= 1 7/19) 
dx = = it dt (64) 
t=(b-2y7?, (65) 
and 
eissa 
baen 
x 13 


(b—a)! 77 
a / ln FB = p/G-) dt. (66) 
0 


If the integral diverges exponentially, then let 


t=e * (67) 
dt = —e ? dz (68) 
z=-—lnt, (69) 
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and 


—«a 


/ f(z) dx = / f(-ine) =. (70) 


Integrals with rational exponents can often be solved 
by making the substitution u = x*/”, where n is the 
LEAST COMMON MULTIPLE of the DENOMINATOR of the 
exponents. 


Integration rules include 


f(z) dx =0 (71) 


J f(z) dx = — : f(x) dz. (72) 


For c € (a,b), 


f fe)de= | fa)de+ | f(x) dz. (73) 


If g' is continuous on [a,b] and f is continuous and has 
an antiderivative on an INTERVAL containing the values 
of g(x) for a < x < b, then 


b g(b) 
J ETE / flu)du. (74) 
a g(a) 


Liouville showed that the integrals 


e dx JE dx [= dz ae (75) 
x x lng 


cannot be expressed as terms of a finite number of ele- 
mentary functions. Other irreducibles include 


pa dz j= dx |a. (76) 


Chebyshev proved that if U, V, and W are RATIONAL 
NUMBERS, then 


fria +Bx")" dz (77) 


is integrable in terms of elementary functions IFF (U + 
1)/V, W, or W + (U + 1)/V is an INTEGER (Ritt 1948, 
Shanks 1993). 


There are a wide range of methods available for NUMERI- 
CAL INTEGRATION. A good source for such techniques is 
Press et al. (1992). The most straightforward numerical 
integration technique uses the NEWTON-COTES FORMU- 
LAS (also called QUADRATURE FORMULAS), which ap- 
proximate a function tabulated at a sequence of regu- 
larly spaced INTERVALS by various degree POLYNOMI- 
ALS. If the endpoints are tabulated, then the 2- and 3- 
point formulas are called the TRAPEZOIDAL RULE and 
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SIMPSON’S RULE, respectively. The 5-point formula is 
called BODE's RULE. A generalization of the TRAPE- 
ZOIDAL RULE is ROMBERG INTEGRATION, which can 
yield accurate results for many fewer function evalua- 
tions. 


If the analytic form of a function is known (instead 
of its values merely being tabulated at a fixed number 
of points), the best numerical method of integration is 
called GAUSSIAN QUADRATURE. By picking the optimal 
ABSCISSAS at which to compute the function, Gaussian 
quadrature produces the most accurate approximations 
possible. However, given the speed of modern comput- 
ers, the additional complication of the GAUSSIAN QUAD- 
RATURE formalism often makes it less desirable than 
the brute-force method of simply repeatedly calculat- 
ing twice as many points on a regular grid until conver- 
gence is obtained. An excellent reference for GAUSSIAN 


QUADRATURE is Hildebrand (1956). 


see also A-INTEGRABLE, ABELIAN INTEGRAL, CAL- 
CULUS, CHEBYSHEV-GAUSS QUADRATURE, CHEBY- 
SHEV QUADRATURE, DARBOUX INTEGRAL, DEFINITE 
INTEGRAL, DENJOY INTEGRAL, DERIVATIVE, DOU- 
BLE EXPONENTIAL INTEGRATION, EULER INTEGRAL, 
FUNDAMENTAL THEOREM OF GAUSSIAN QUADRA- 
TURE, GAUSS-JACOBI MECHANICAL QUADRATURE, 
GAUSSIAN QUADRATURE, HAAR INTEGRAL, HERMITE- 
GAUSS QUADRATURE, HERMITE QUADRATURE, HK 
INTEGRAL, INDEFINITE INTEGRAL, INTEGRATION, 
JACOBI-GAUSS QUADRATURE, JACOBI QUADRATURE, 
LAGUERRE-GAUSS QUADRATURE, LAGUERRE QUAD- 
RATURE, LEBESGUE INTEGRAL, LEBESGUE-STIELTJES 
INTEGRAL, LEGENDRE-GAUSS QUADRATURE, LEGEN- 
DRE QUADRATURE, LOBATTO QUADRATURE, ME- 
CHANICAL QUADRATURE, MEHLER QUADRATURE, 
NEWTON-COTES FORMULAS, NUMERICAL INTEGRA- 
TION, PERON INTEGRAL, QUADRATURE, RADAU QUAD- 
RATURE, RECURSIVE MONOTONE STABLE QUADRA- 
TURE, RIEMANN-STIELTJES INTEGRAL, ROMBERG IN- 
TEGRATION, RIEMANN INTEGRAL, STIELTJES INTE- 
GRAL 
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Integral Brick 
see EULER BRICK 


Integral Calculus 
That portion of “the” CALCULUS dealing with INTE- 
GRALS. 


see also CALCULUS, DIFFERENTIAL CALCULUS, INTE- 
GRAL 


Integral Cuboid 
see EULER BRICK 


Integral Current 
A RECTIFIABLE CURRENT whose boundary is also a 
RECTIFIABLE CURRENT. 


Integral Curvature 
Given a GEODESIC TRIANGLE (a dle formed by the 
arcs of three GEODESICS on a smooth surface), 


K dao = A+ B4C-r. 
ABC 


Given the EULER CHARACTERISTIC x, 


f K da = 27X, 


so the integral curvature of a closed surface is not altered 
by a topological transformation. 


see also GAUSS-BONNET FORMULA, GEODESIC TRIAN- 
GLE 


Integral Domain 

A RING that is COMMUTATIVE under multiplication, has 
a unit element, and has no divisors of 0. The INTEGERS 
form an integral domain. 


see also FIELD, RING 


Integral Drawing 

A GRAPH drawn such that the EDGES have only IN- 
TEGER lengths. It is conjectured that every PLANAR 
GRAPH has an integral drawing. 


References 
Harborth, H. and Möller, M. “Minimum Integral Drawings 
of the Platonic Graphs.” Math. Mag. 67, 355-358, 1994. 


Integral Equation 


Integral Equation 

If the limits are fixed, an integral equation is called a 
Fredholm integral equation. If one limit is variable, it 
is called a Volterra integral equation. If the unknown 
function is only under the integral sign, the equation is 
said to be of the “first kind.” If the function is both 
inside and outside, the equation is called of the “second 
kind.” A Fredholm equation of the first kind is of the 


form 
= J K(x, t)6(t) dt. (1) 


A Fredholm equation of the second kind is of the form 


PONT ee J K(e, ttd. (2) 


A Volterra equation of the first kind is of the form 


kas l " K(a,t)6(t) dt. (3) 


A Volterra equation of the second kind is of the form 


Des J K(a,t)$(t) dt, (4) 


where the functions K(x,t) are known as KERNELS. In- 
tegral equations may be solved directly if they are SEP- 
ARABLE. Otherwise, a NEUMANN SERIES must be used. 


A KERNEL is separable if 


=) M;(@)N;®. (5) 


This condition is satisfied by all POLYNOMIALS and 
many TRANSCENDENTAL FUNCTIONS. A FREDHOLM 
INTEGRAL EQUATION OF THE SECOND KIND with sep- 
arable KERNEL may be solved as follows: 


K(z, t) 


b 
ina J K(x,t)o(t) dt 


n b 
2) +A Y" Mi(x) J N;(t)@(t) dt 


2) +A c;M;(2), (6) 
where 
b 
Cj = j N;(t)@(t) dt. (7) 


Now multiply both sides of (7) by N;(x2) and integrate 
over dz. 


J plx) N:(x) de 


= Usa rinda Do f M;(x)Ni(x) de. (8) 


Integral of Motion 


By (7), the first term is just cj. Now define 


b= | Ni(x)f(x) de (9) 
aij = ' Ni(«)M5() dz, (10) 

so (8) becomes 
ci EEA (11) 


Writing this in matrix form, 


C=B+AAC, (12) 
> (I- AA)C =B (13) 
C = (l — AA) *B. (14) 


see also FREDHOLM INTEGRAL EQUATION OF THE 
FIRST KIND, FREDHOLM INTEGRAL EQUATION OF THE 
SECOND KIND, VOLTERRA INTEGRAL EQUATION OF 
THE FIRST KIND, VOLTERRA INTEGRAL EQUATION OF 
THE SECOND KIND 
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Integral of Motion 

A function of the coordinates which is constant along a 
trajectory in PHASE SPACE. The number of DEGREES 
OF FREEDOM of a DYNAMICAL SYSTEM such as the 
DUFFING DIFFERENTIAL EQUATION can be decreased 
by one if an integral of motion can be found. In general, 
it is very difficult to discover integrals of motion. 


Integrand 911 


Integral Sign 

The symbol f used to denote an INTEGRAL f f(x) dz. 
The symbol was chosen to be a stylized script “S” to 
stand for “summation.” 


see also INTEGRAL 


Integral Test 

Let Y ux be a series with POSITIVE terms and let f(z) 
be the function that results when k is replaced by x in 
the FORMULA for ux. If f is decreasing and continuous 
for x > 1 and | 


lim f(x) =0, 
TT OO 
then 


¡a e] 
du 
k=1 


f f(x) dx 


both converge or diverge, where 1 < t < co. The test is 
also called the CAUCHY INTEGRAL TEST or MACLAURIN 
INTEGRAL TEST. 


and 


see also CONVERGENCE TESTS 
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Integral Transform | 
A general integral transform is defined by 


e f f(t)K (a, t) dt, 


where K (a, t) is called the KERNEL of the transform. 


see also FOURIER TRANSFORM, FOURIER-STIELTJES 
TRANSFORM, H-TRANSFORM, HADAMARD TRANS- 
FORM, HANKEL TRANSFORM, HARTLEY TRANSFORM, 
HOUGH TRANSFORM, OPERATIONAL MATHEMATICS, 
RADON TRANSFORM, WAVELET TRANSFORM, Z- 
TRANSFORM 
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Integrand 
The quantity being INTEGRATED, also called the KER- 
NEL. For example, in f f(x) dz, f(x) is the integrand. 


see also INTEGRAL, INTEGRATION 


912 Integrating Factor 


Integrating Factor 
A FUNCTION by which an ORDINARY DIFFERENTIAL 
EQUATION is multiplied in order to make it integrable. 


see also ORDINARY DIFFERENTIAL EQUATION 
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Integration 
The process of computing or obtaining an INTEGRAL. A 
more archaic term for integration is QUADRATURE. 


see also CONTOUR INTEGRATION, INTEGRAL, INTEGRA- 
TION BY PARTS, MEASURE THEORY, NUMERICAL INTE- 
GRATION 


Integration Lattice | 
A discrete subset of Rê which is closed under addition 
and subtraction and which contains Z° as a SUBSET. 


see also LATTICE 
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Integration by Parts 
A first-order (single) integration by parts uses 


d(uv) = udv + v du (1) 


Jao=w= uws foan 0) 
[vdv=w- fva (3) 


b f(b) 
f udv = [uv]? — J v du. (4) 
a f(a) 


Now apply this procedure n times to f f'™ (x) g(a) dz. 


SO 


and 


u=g(2) dv= f™(x)dz (5) 


du = g'(x) dx v = fO} (2). (6) 

Therefore, 

[ tate) de = g) | OPa) (e) de. 
(7 


Ma” 


But 
/ gD (0)g' (a) de 


= 9 (0) (a) - J fO- (z)g"(z)dz (8) 


Integration by Parts 
/ ¡Dag (£) de 
= g" (æ) fa) — J [0239 (2) de, (9) 
J E oja(a) de = g(x) f"? (2) — 9 (2) f"? (2) 
Ot a f F@)a(e) de. (10) 


Now consider this in the slightly different form 
f f(z)g(x) dz. Integrate by parts a first time 


u = f(x) dv = g(x) dx (11) 


du = f'(z) dz v= Jue dz, (12) 


SO 


J terate) ae = | ayas 


E / | / g(x) de f'(x) de. (13) 


Now integrate by parts a second time, 


u=F(@) [gray a) 


du=f"(x)dx v= ESOS (15) 


SO 


rosca 1 f a(e)ae~ f'a) [faenas 
S sarao] f"(c)de. (16) 

lada 

Jrs | aaa f'(a) f | aora 
+12) f/f oea 
-f | JIJ a(e)(ae)* f"(@)de. (17) 


Intension 


Therefore, after n applications, 


Josi = se) | sa 1 | f say 
+11) [ff ganas -... 


HU J f gar 
f- 


HD” / / se Joay” f(a) de. (18) 
A 
n+1 


If f+) (2) =0 (e.g., for an nth degree POLYNOMIAL), 
the last term is 0, so the sum terminates after n terms 


and 
/ isa J daid 


1 |f sa? +1 [ff oa -.. 


HOD) |o fode. (19) 
— ae 
n+i 
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Intension 
A definition of a SET by mentioning a defining property. 


see also EXTENSION 
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Interchange Graph 
see LINE GRAPH 


Interest 

Interest is a fee (or payment) made for the borrowing 
(or lending) of money. The two most common types 
of interest are SIMPLE INTEREST, for which interest is 
paid only on the initial PRINCIPAL, and COMPOUND IN- 
TEREST, for which interest earned can be re-invested to 
generate further interest. 


see also COMPOUND INTEREST, CONVERSION PERIOD, 
RULE OF 72, SIMPLE INTEREST 


References 
Kellison, S. G. Theory of Interest, 2nd ed. Burr Ridge, IL: 
Richard D. Irwin, 1991. 
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Interior 

That portion of a region lying “inside” a specified 
boundary. For example, the interior of the SPHERE is a 
BALL. 


see also EXTERIOR 


Interior Angle Bisector 
see ANGLE BISECTOR 


Intermediate Value Theorem 

If f is continuous on a CLOSED INTERVAL [a,b] and c is 
any number between f(a) and f(b) inclusive, there is at 
least one number z in the CLOSED INTERVAL such that 
f(z) =c. 


see also WEIERSTRAB INTERMEDIATE VALUE THEOREM 


Internal Bisectors Problem 
see STEINER-LEHMUS THEOREM 


Internal Knot 
One of the knots tp41, ..., tm—p-1 Of a B-SPLINE with 
control points Po, ..., Pan and KNOT VECTOR 


T = {to,ti,...,tm}; 


where 
p=m-=nmnm-1. 


see also B-SPLINE, KNOT VECTOR 


Interpolation 

The computation of points or values between ones that 
are known or tabulated using the surrounding points or 
values. 


see also AITKEN INTERPOLATION, BESSEL’S INTER- 
POLATION FORMULA, EVERETT INTERPOLATION, EX- 
TRAPOLATION, FINITE DIFFERENCE, GaAUSS’S IN- 
TERPOLATION FORMULA, HERMITE INTERPOLATION, 
LAGRANGE INTERPOLATING POLYNOMIAL, NEWTON- 
COTES FORMULAS, NEWTON’S DIVIDED DIFFERENCE 
INTERPOLATION FORMULA, OSCULATING INTERPOLA- 
TION, THIELE’S INTERPOLATION FORMULA 
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Interquartile Range 

Divide a set of data into two groups (high and low) of 
equal size at the MEDIAN if there is an EVEN number of 
data points, or two groups consisting of points on either 
side of the MEDIAN itself plus the MEDIAN if there is 
an ODD number of data points. Find the MEDIANS of 
the low and high groups, denoting these first and third 
quartiles by Qı and Q3. The interquartile range is then 
defined by 

IQR = Q3 == Qi. 


see also H-SPREAD, HINGE, MEDIAN (STATISTICS) 


Interradius 
see MIDRADIUS 


Intersection 

The intersection of two sets A and B is the set of ele- 
ments common to A and B. This is written AM B, and 
is pronounced “A intersection B” or “A cap B.” The in- 
tersection of sets A; through A, is written ls A;. The 
intersection of lines AB and CD is written ABNCD. 


see also AND, UNION 


Interspersion l 
An ARRAY A = aij, 1,7 > 1 of POSITIVE INTEGERS is 
called an interspersion if 


1. The rows of A comprise a PARTITION of the POSsI- 
TIVE INTEGERS, 


2. Every row of A is an increasing sequence, 


3. Every column of A is a (possibly FINITE) increasing 
sequence, 


4. If (u;) and (v;) are distinct rows of A and if p and 
q are any indices for which up < vg < Up+1, then 
Up+1 < Ug+1 < Up+2.- 

If an array A = ai; is an interspersion, then it is a DIS- 

PERSION. If an array A = a(i,7) is an interspersion, 

then the sequence {gn} given by {£n =i: n = (2,3)) 

for some 7 is a FRACTAL SEQUENCE. Examples of in- 

terspersion are the STOLARSKY ARRAY and WYTHOFF 

ARRAY. 


see also DISPERSION (SEQUENCE), 
QUENCE, STOLARSKY ARRAY 


FRACTAL SE- 
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Intersphere 
see MIDSPHERE 


Intrinsic Curvature 


Interval 

A collection of points on a LINE SEGMENT. If the end- 
points a and b are FINITE and are included, the interval 
is called CLOSED and is denoted [a, bj. If one of the end- 
points is +00, then the interval still contains all of its 
LIMIT POINTS, so [a, co) and (—oo, b] are also closed in- 
tervals. If the endpoints are not included, the interval 
is called OPEN and denoted (a,b). If one endpoint is 
included but not the other, the interval is denoted fa, b) 
or (a, b] and is called a HALF-CLOSED (or HALF-OPEN) 
interval. 


see also CLOSED INTERVAL, HALF-CLOSED INTERVAL, 
LIMIT POINT, OPEN INTERVAL, PENCIL 


Interval Graph | 

A GRAPH G = (V, E) is an interval graph if it captures 
the INTERSECTION RELATION for some set of INTERVALS 
on the REAL LINE. Formally, P is an interval graph 
provided that one can assign to each v € V an interval 
I, such that I, J, is nonempty precisely when uv € E. 


see also COMPARABILITY GRAPH 
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Interval Order 

A PosET P = (X,<) is an interval order if it is ISO- 
MORPHIC to some set of INTERVALS on the REAL LINE 
ordered by left-to-right precedence. Formally, P is an in- 
terval order provided that one can assign to each z € X 
an INTERVAL [21,2] such that zr < yz in the REAL 
NUMBERS IFF z < y in P. 


see also PARTIALLY ORDERED SET 
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Intrinsic Curvature 

A CURVATURE such as GAUSSIAN CURVATURE which 
is detectable to the “inhabitants” of a surface and not 
just outside observers. An EXTRINSIC CURVATURE, on 
the other hand, is not detectable to someone who can’t 
study the 3-dimensional space surrounding the surface 
on which he resides. 


see also CURVATURE, EXTRINSIC CURVATURE, GAUS- 
SIAN CURVATURE 
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Fig. 6. The ELF radio signals observed in Israel associated with a sprite generated in the United States. 


circuit is becoming an important tool in studying the Earth’s 
climate, and climate change. Price and Rind (1990) first 
proposed the possibility that changes in the Earth’s climate 
could result in more lightning activity around the planet. 
Since then global lightning activity and the global electric 
circuit have been shown to be closely related to various 
important climate parameters. 

Williams (1992) showed the close relationship between 
tropical surface temperatures and the monthly variability of 
the SR measured in Rhode Island, USA. A similar study was 
conducted by Fuellekrug and Fraser-Smith (1997), showing 


a connection between ELF observations in Antarctica and 
Greenland and global surface temperatures. Price (1993) 
showed a good agreement between the diurnal surface tem- 
perature changes and the diurnal variability of the global 
electric circuit (‘Carnegie curve’). This study also showed 
a strong link between the frequency/intensity of global deep 
convection and global surface temperatures. Markson and 
Price (1999) used direct measurements of the ionospheric 
potential to further demonstrate the positive correlations be- 
tween global and tropical surface temperatures and the iono- 
spheric potential. Recently, Reeve and Toumi (1999) used 


Intrinsic Equation 


Intrinsic Equation 

An equation which specifies a CURVE in terms of intrin- 
sic properties such as ARC LENGTH, RADIUS OF CUR- 
VATURE, and TANGENTIAL ANGLE instead of with ref- 
erence to artificial coordinate axes. Intrinsic equations 
are also called NATURAL EQUATIONS. 


see also CESARO EQUATION, NATURAL EQUATION, 
WHEWELL EQUATION 
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Intrinsically Linked 


A GRAPH is intrinsically linked if any embedding of it 
in 3-D contains a nontrivial LINK. A GRAPH is intrinsi- 
cally linked IFF it contains one of the seven PETERSEN 
GRAPHS (Robertson et al. 1993). 


The COMPLETE GRAPH Kg (left) is intrinsically linked 
because it contains at least two linked TRIANGLES. The 
COMPLETE k-PARTITE GRAPH K3 3 1 (right) is also in- 
trinsically linked. 


see also COMPLETE GRAPH, COMPLETE k-PARTITE 
GRAPH, PETERSEN GRAPHS 
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Invariant 

A quantity which remains unchanged under certain 
classes of transformations. Invariants are extremely use- 
ful for classifying mathematical objects because they 
usually reflect intrinsic properties of the object of study. 
see ADIABATIC INVARIANT, ALEXANDER INVARIANT, 


ALGEBRAIC INVARIANT, ARF INVARIANT, INTEGRAL OF 
MOTION 
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Invariant Density 
see NATURAL INVARIANT 


Inverse Cosecant 915 


Invariant (Elliptic Function) 
The invariants of a WEIERSTRA& ELLIPTIC FUNCTION 
are defined by 


g2 = 600 mn 4 
a = 1405) Naa 


Here, 
mn = 2mu, — nwr, 


where w and wa are the periods of the ELLIPTIC FUNC- 
TION. 


Invariant Manifold 

When stable and unstable invariant MANIFOLDS inter- 
sect, they do so in a HYPERBOLIC FIXED POINT (SAD- 
DLE POINT). The invariant MANIFOLDS are then called 
SEPARATRICES. A HYPERBOLIC FIXED POINT is char- 
acterized by two ingoing stable MANIFOLDS and two 
outgoing unstable MANIFOLDS. In integrable systems, 
incoming W° and outgoing W” MANIFOLDS all join up 
smoothly. | 


A stable invariant MANIFOLD W° of a FIXED POINT Y?” 
is the set of all points Yo such that the trajectory passing 
through Yo tends to Y* as 7 > oo. 


An unstable invariant MANIFOLD W” of a FIXED POINT 
Y* is the set of all points Yo such that the trajectory 
passing through Yo tends to Y* as 7 + —oo. 


see also HOMOCLINIC POINT 


Invariant Point 
see FIXED POINT (TRANSFORMATION) 


Invariant Subgroup 
see NORMAL SUBGROUP 


Inverse Cosecant 


The function csc”* g, also denoted arccsc(x), where csc x 


is the COSECANT and the SUPERSCRIPT —1 denotes an 


916 Inverse Cosine 


INVERSE FUNCTION, not the multiplicative inverse. The 
inverse cosecant satisfies 


ese eee aa (1) 
z? — 1 


for POSITIVE or NEGATIVE g, and 
—-1 -1 
csc 2=am+csc (r) (2) 


for x > 0. The inverse cosecant is given in terms of other 
inverse trigonometric functions by 


2 — 

csc’ = cos”? (==) (3) 
T 
cot (y/ z2 — 1) (4) 
= iq — sec g = — {n — sec (—z) (5) 
-1 3 
= ae 6 
sin E (6) 
for x > 0. 


see also COSECANT INVERSE SINE, SINE 
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Inverse Cosine 


-1 -0.5 0.5 1 


|ArcCos z| 


The function cos™} z, also denoted arccos(x), where 


cosg is the COSINE and the superscript —1 denotes 
an INVERSE FUNCTION, not the multiplicative inverse. 
The MACLAURIN SERIES for the inverse cosine range 
-l<az<lis 


E ree Re ene a EEE a 
cos © = ¿7-00 e at — 163% ~---+ 1) 
The inverse cosine satisfies 
1 = 
cos g =r — cos (—2) (2) 


Inverse Cotangent 


for POSITIVE and NEGATIVE z, and 


cos”? = 2 — cos "(yl — a?) (3) 


for x > 0. The inverse cosine is given in terms of other 
inverse trigonometric functions by | 


cos x= cot (5) (4) 


=lr+sin *(-2)=ir—sin s (5) 


= ir = tan * (a) (6) 


cos ' a = csc” (74) (7) 
= sec” (=) (8) 


for x > 0. 
see also COSINE, INVERSE SECANT 
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Inverse Cotangent 


Re[ArcCot z] JArcCot z| 


The function cot”*x, also denoted arccot(x), where 
cot x is the COTANGENT and the superscript —1 denotes 
an INVERSE FUNCTION and not the multiplicative in- 
verse. The MACLAURIN SERIES is given by 


= A One E E ee O! 
CO BD AD ew ee ee xe +..., (1) 


Inverse Cotangent 


and POWER SERIES by 


Euler derived the INFINITE series 


cot”! gr = + a 2 
= jæ? +1 3(22 +1) 
2-4 
—_.—_ +... 3 
en (3) 
(Wetherfield 1996). 
The inverse cotangent satisfies 
-1 ~1 
cot z= r -— cot  (-2z) (4) 
for POSITIVE and NEGATIVE az, and 
cot = ir — cot? (=) (5) 
2 x 


for x > 0. The inverse cotangent is given in terms of 
other inverse trigonometric functions by 


cota = cos} -oo 6 
( T (6) 


= İq -sin ! | ——— (7) 
: vz? +1 
= lr +tan “(—2) = Ly —tan 2 (8) 


for POSITIVE or NEGATIVE zg, and 


cot” * a = esc” (ya? +1) (9) 


dra 
= sec” (=) (10) 
£ 
1 
=sin"* | ——— 11 
ai (11) 
1 
-wn G) 
an : (12) 
for x > 0. 
A number 
te = cot z, (13) 


where x is an INTEGER or RATIONAL NUMBER, is some- 
times called a GREGORY NUMBER. Lehmer (1938a) 
showed that cot” *(a/b) can be expressed as a finite sum 
of inverse cotangents of INTEGER arguments 


cot * ($) = Saya cot * ni, (14) 


where 


wlf 
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with |x| the FLOOR FUNCTION, and 
041 =antit b; (16) 
bisa = Gi — nibi, (17) 
with ay = a and bo = b, and where the recurrence is 


continued until 6,,, = 0. If an INVERSE TANGENT sum 
is written as 


tan`! n = ` frtan ny + ftan”?, (18) 
k=1 


then equation (14) becomes 


cot” n = D fx cot "nz +ecot”? 1, (19) 
k=1 


where 


c=2-f-2) fo. (20) 
k=1 


Inverse cotangent sums can be used to generate 
MACHIN-LIKE FORMULAS. 


An interesting inverse cotangent identity attributed to 
Charles Dodgson (Lewis Carroll) by Lehmer (1938b; 
Bromwich 1965, Castellanos 1988ab) is 


cot”*(p+r)+tan *(p+4q)=tan *p, (21) 


where 
1 + p* = qr. (22) 


Other inverse cotangent identities include 
2cot *(2x) — cot”? z = cot *(4a* + 3x) (23) 
272* + 18% — 1 
8x i 
(24) 
as well as many others (Bennett 1926, Lehmer 1938b). 


see also COTANGENT, INVERSE TANGENT, MACHIN?S 
FORMULA, MACHIN-LIKE FORMULAS, TANGENT 


3cot *(3x2) — cot”* a = cot * ( 


References 


Abramowitz, M. and Stegun, C. A. (Eds.). “Inverse Circu- 


lar Functions.” §4.4 in Handbook of Mathematical Func- 
tions with Formulas, Graphs, and Mathematical Tables, 
9th printing. New York: Dover, pp. 79-83, 1972. 

Bennett, A. A. “The Four Term Diophantine Arccotangent 
Relation.” Ann. Math. 27, 21-24, 1926. 

Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, pp. 142-143, 1987. 

Bromwich, T. J. I. and MacRobert, T. M. An Introduction to 
the Theory of Infinite Series, 3rd ed. New York: Chelsea, 
1991. 

Castellanos, D. “The Ubiquitous Pi. Part I.” Math. Mag. 
61, 67-98, 1988a. 

Castellanos, D. “The Ubiquitous Pi. Part II.” Math. Mag. 
61, 148-163, 1988b. 

Lehmer, D. H. “A Cotangent Analogue of Continued Frac- 
tions.” Duke Math. J. 4, 323-340, 1938a. 

Lehmer, D. H. “On Arccotangent Relations for m.’ 
Math. Monthly 45, 657-664, 1938b. 


> Amer. 


ye Weisstein, E. W. “Arccotangent Series.” http:// www . 
£ P 


astro. virginia. edu / ~ eww6n / math / notebooks / Cot 
Series.m. 

Wetherfield, M. “The Enhancement of Machin's Formula by 
Todd’s Process.” Math. Gaz., 333-344, July 1996. 


918 Inverse Curve 


Inverse Curve 
Given a CIRCLE C with CENTER O and RADIUS k, then 
two points P and Q are inverse with respect to C if OP. 
OQ = k?. If P describes a curve Ci, then Q describes 
a curve Cs called the inverse of Ci with respect to the 
circle C (with INVERSION CENTER O). If the POLAR 
equation of C is r(@), then the inverse curve has polar 
equation 

k2 
= 56)" 


If O = (zo, yo) and P = (f(t), g(t)), then the inverse has 
equations 


T 


k” (f — xo]) 
zr = zo + 5175355 
(f — 20)? + (9 — yo)? 
= k? (g — yo) 
y = Yo + E a TETONA 
(f — zo)? + (9 — Yo) 
Inversion 
Curve Center Inverse Curve 
Archimedean spiral origin Archimedean spiral 
cardioid cusp parabola 
circle any pt. another circle 
cissoid of Diocles cusp parabola 
cochleoid origin quadratrix of Hippias 
epispiral origin Rose 
Fermat's spiral origin lituus 
hyperbola center lemniscate 
hyperbola vertex right strophoid 
hyperbola with vertex Maclaurin trisectrix 
a = v3 
lemniscate center hyperbola 
lituus origin Fermat spiral 
logarithmic spiral origin logarithmic spiral 
Maclaurin trisectrix focus Tschirnhausen’s cubic 
parabola focus cardioid 
parabola vertex cissoid of Diocles 
quadratrix of Hippias cochleoid 
right strophoid origin the same right strophoid 
sinusoidal spiral origin sinusoidal spiral inverse 


curve 


Tschirnhausen cubic sinusoidal spiral 


see also INVERSION, INVERSION CENTER, INVERSION 
CIRCLE 
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Inverse Filter 
A linear DECONVOLUTION ALGORITHM. 


Inverse Hyperbolic Cosine 


Inverse Function 
Given a FUNCTION f(x), its inverse f7} (x) is defined by 
f(f7'(a)) = x. Therefore, f(x) and f~*(«) are reflec- 


tions about the line y = z. 


Inverse Hyperbolic Cosecant 


2 4 6 8 10 


JArcCsch z| 


Re[ArcCsch z} 


The INVERSE FUNCTION of the HYPERBOLIC COSE- 
CANT, denoted csch”*? z. 


see also HYPERBOLIC COSECANT 


Inverse Hyperbolic Cosine 


2 4 6 8 10 


|ArcCosh z| 


The INVERSE FUNCTION of the HYPERBOLIC COSINE, 
denoted cosh”! z. 


see also HYPERBOLIC COSINE 


Inverse Hyperbolic Cotangent 


Inverse Hyperbolic Cotangent 


Re[ArcCoth z] 


The INVERSE FUNCTION of the HYPERBOLIC COTAN- 
GENT, denoted coth”* g. 


see also HYPERBOLIC COTANGENT 


Inverse Hyperbolic Functions 

The INVERSE of the HYPERBOLIC FUNCTIONS, denoted 
cosh7! a, coth~!2, csch"* g, sech7!2, sinh™! a, and 
tanh”? z. 


see also HYPERBOLIC FUNCTIONS 
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Inverse Hyperbolic Secant 


The INVERSE FUNCTION of the HYPERBOLIC SECANT, 
denoted sech”! z. 


see also HYPERBOLIC SECANT 
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Inverse Hyperbolic Sine 


Re[Arcsinh z] [ArcSinh z| 


The INVERSE FUNCTION of the HYPERBOLIC SINE, de- 
noted sinh™* z. 


see also HYPERBOLIC SINE 


Inverse Hyperbolic Tangent 


Re[ArcTanh 2] |ArcTanh z| 


The INVERSE FUNCTION of the HYPERBOLIC TANGENT, 
denoted tanh”? z. 


see also HYPERBOLIC TANGENT 


Inverse Matrix 
see also MATRIX INVERSE 


Inverse Points 

Points which are transformed into each other through 
INVERSION about a given INVERSION CIRCLE. The point 
P’ which is the inverse point of a given point P with re- 
spect to an INVERSION CIRCLE ČC may be constructed 
geometrically using a COMPASS only (Courant and Rob- 
bins 1996). 


see also GEOMETRIC CONSTRUCTION, INVERSION, Po- 
LAR, POLE (GEOMETRY) 


920 Inverse Quadratic Interpolation 
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Inverse Quadratic Interpolation 
The use of three prior points in a ROOT-finding ÁLGO- 
RITHM to estimate the zero crossing. 


Inverse Scattering Method 

A method which can be used to solve the initial value 
problem for certain classes of nonlinear PARTIAL DIF- 
FERENTIAL EQUATIONS. The method reduces the ini- 
tial value problem to a linear INTEGRAL EQUATION in 
which time appears only implicitly. However, the solu- 
tions u(x,t) and various of their derivatives must ap- 
proach zero as x — too (Infeld and Rowlands 1990). 


see also ABLOWITZ-RAMANI-SEGUR CONJECTURE, 
BACKLUND TRANSFORMATION 
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Inverse Secant 


~10 -5 5 10 


Re(ArcSec z] JArcSec z| 


E 
5 


in) 


-2 
Re [z? 2 


The function sec”? z, where sec x is the SECANT and the 


superscript —1 denotes the INVERSE FUNCTION, not the 
multiplicative inverse. The inverse secant satisfies 


for POSITIVE or NEGATIVE a, and 


sec g —=a+sec *(—z) (2) 


Inverse Sine 


for x > 0. The inverse secant is given in terms of other 
inverse trigonometric functions by 


sec. xz = cos" (=) (3) 
T 
x 1 
=cot | — 4 
(35) a) 
= İq — csc g = — ir csc™1(—z) (5) 


aac] gz? — 1 
= sn (==) (6) 
= tan`! (y z? — 1) (7) 


for x > 0. 
see also INVERSE COSECANT, SECANT 
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Inverse Semigroup 

The abstract counterpart of a PSEUDOGROUP formed by 
certain subsets of a GROUPOID which admit a MULTI- 
PLICATION. 
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Inverse Sine 


JArcSin z| 


Re[ArcSin 2] 


The function sin”? g, where sing is the SINE and the 
superscript —1 denotes the INVERSE FUNCTION, not the 
multiplicative inverse. The inverse sine satisfies 

sin” g = — sin” (— r) (1) 


for POSITIVE and NEGATIVE z, and 


sin”? = iq — sin (y1 — 2?) (2) 


Inverse Tangent 


for x > 0. The inverse sine is given in terms of other 
inverse trigonometric functions by 


sin”? x =cos"*(—x)-— in = Im—=cos x (3) 


= $m — cot” (5) (4) 


= tan (7) (5) 


for POSITIVE or NEGATIVE zx, and 


for x > 0. 
see also INVERSE COSINE, SINE 
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Inverse Tangent 


Re[ArcTan z] |ArcTan z| 


The inverse tangent is also called the arctangent and is 
denoted either tan”? x or arctan x. It has the MAC- 
LAURIN SERIES 


Inverse Tangent 921 


A more rapidly converging form due to Euler is given by 


2° (n!) g2nti 


=> Gail 2n +1)! (+ 


(Castellanos 1988). The inverse tangent satisfies 


Ei (2) 


tan "x= -—tan ‘(—z) (3) 
for POSITIVE and NEGATIVE z, and 
—1 1 —1 1 
tan *=>37T-— tan (=) (4) 


for x > 0. The inverse tangent is given in terms of other 
inverse trigonometric functions by 


tan iz lr —cos * e a 5 
(a a 


cot” *(—x) — in = ir — cot” (6) 


= sin” (75) (7) 


for POSITIVE or NEGATIVE z, and 


1 1 
tan x = cos ( EE :) (8) 
a fly 
col ( =) (9) 
= csc! (E) (10) 


for x > 0. 


In terms of the HYPERGEOMETRIC FUNCTION, 


4; 3; =g’) (12) 


q? 
ne na Dia :) (13) 


(Castellanos 1988). Castellanos (1986, 1988) also gives 
some curious formulas in terms of the FIBONACCI NUM- 
BERS, 


tan”? t = z2Fı(1 


tan”? g = a Savi: (14) 


57 (2n + 1) 


(—1)" Fanti” 


narra 9) 


(—1)"5" 7? Fo? 


rr 9) 
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where 


t = ——— (17) 


5 
ved (1+ yit e) (18) 


and v is the largest POSITIVE ROOT of 


Bzy — 100v? — 450rv" + 875v + 625z = 0. (19) 


The inverse tangent satisfies the addition FORMULA 


tan`! g -+ tan`! y = tan”? ( mei (20) 
1— xy 


as well as the more complicated FORMULAS 


tan”? ( : ) = tan”? (=) + tan`! (+33) 
a—b a a? — ab+1 
2 
1 1 1 
aj F -1fit)\ | -1f i 
en (=) ias (5) co Gass) 
tan — | = tan — | + tan -~ |, 
€ p+q p? +pq+1 
(23) 


the latter of which was known to Euler. 'The inverse 
tangent FORMULAS are connected with many interesting 


1) 
22) 


approximations to PI 


tan” (1 +2z)= 40+ Le — lg’ + lg’ + Er’ 
+r? + br +.... (24) 
Euler gave 
tan”! z = 2 (5y+ + E - ae k (25) 
where a 
y= ra (26) 


The inverse tangent has CONTINUED FRACTION repre- 
sentations 


£ 
E (27) 
1+ l 
Ax? 
3+ 5 
Oz 
5 + 5 
74 162 
9+.. 
T 
a = (28) 
1+ > 
Bare = 
7 25a" 
5 — 3z" + 5 
T— 5r +... 


Inverse Tangent 


To find tan”? # numerically, the following ARITHMETIC- 
GEOMETRIC MEAN-like ALGORITHM can be used. Let 


ag = (1+ g?) 1? (29) 

ba = 1. (30) 
Then compute 

aí+1 = ¿(a + bi) (31) 


bi4a = y Qi41Di, (32) 


- and the inverse tangent is given by 


T 
tan *x= lim ————— 33 
e En is 


(Acton 1990). 


An inverse tangent tan”? n with integral n is called re- 
ducible if it is expressible as a finite sum of the form 


tan`! n= > fetan” ne, (34) 
k=1 


where fk are POSITIVE or NEGATIVE INTEGERS and n; 
are ¡INTEGERS < n. tan™!m is reducible IFF all the 
PRIME factors of 1+ m? occur among the PRIME factors 
of 1 +n? for n = 1, ..., m—1. A second NECESSARY 
and SUFFICIENT condition is that the largest PRIME fac- 
tor of 1 + m? is less than 2m. Equivalent to the second 
condition is the statement that every GREGORY NUM- 
BER tz = cot’ can be uniquely expressed as a sum 
in terms of tms for which m is a STØRMER NUMBER 
(Conway and Guy 1996). To find this decomposition, 
write 

arg(1 + in) = arg | [(1 + nri)”, (35) 

k=1 


so the ratio 
— [pes (1 T ngi)” 


l + in (36) 


r 


is a RATIONAL NUMBER. Equation (36) can also be 


written 
(1+n)=|[1+n%. (37) 


k=1 


Writing (34) in the form 
tan *n= y frtan"*ns+Hftan 1 (38) 
k=1 


allows a direct conversion to a corresponding INVERSE 
COTANGENT FORMULA 


cotin = y fr cot ng +ecot "1, (39) 


k=1 


where 


c=2-f-2) fr. (40) 
k=1 


Inverse Trigonometric Functions 

Todd (1949) gives a table of decompositions of tan”? n 
for n < 342. Conway and Guy (1996) give a similar 
table in terms of STORMER NUMBERS. 


Arndt and Gosper give the remarkable inverse tangent 
identity 


2n+1 
sin y tan`! ak 
k=1 
e 2n-+1 2n+1 a T(j—k) 
= (—1) k=1 HM- [a tan ( 2n+1 )! (41) 
2n +1 T (as? +1) 


see also INVERSE COTANGENT, TANGENT 
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Inverse Trigonometric Functions 


INVERSE FUNCTIONS of the TRIGONOMETRIC FUNC- 


TIONS written cos”! x, cott z, esc” z, sec”? g, sin”! g, 


and tan”! z. 


see also INVERSE COSECANT, INVERSE COSINE, IN- 
VERSE COTANGENT, INVERSE SECANT, INVERSE SINE, 
INVERSE TANGENT 
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Inversely Similar 


inversely similar 


Inversion 923 


Two figures are said to be SIMILAR when all correspond- 
ing ANGLES are equal, and are inversely similar when all 
corresponding ANGLES are equal and described in the 
opposite rotational sense. 


see also DIRECTLY SIMILAR, SIMILAR 


Inversion 


Inversion is the process of transforming points to their 
INVERSE POINTS. This sort of inversion was first sys- 
tematically investigated by Jakob Steiner. Two points 
are said to be inverses with respect to an INVERSION 
CIRCLE with INVERSION CENTER O = (zo, yo) and IN- 
VERSION RADIUS k if PT and PS are line segments sym- 
metric about OP and tangent to the CIRCLE, and Q is 
the intersection of OP and ST. The curve to which a 
given curve is transformed under inversion is called its 
INVERSE CURVE. 


Note that a point on the CIRCUMFERENCE of the IN- 
VERSION CIRCLE is its own inverse point. The inverse 
points obey 


OP k 
E TOR I 
or 
k’ = OP x OQ, (2) 


where k? is called the POWER. The equation for the in- 
verse of the point (z, y) relative to the INVERSION CIR- 
CLE with INVERSION CENTER (zo, yo) and inversion ra- 
dius k is therefore 


; k? (x — zo) 
= 20 + A 3 
© NO (e — 20)? + (y — yo)? i 

k*(y — yo) 

i 
= $e. 4 
Y = 90 Ce — ao)? + (y YY 4) 
In vector form, 

a ee (5) 

A E 


Any ANGLE inverts to an opposite ÁNGLE. 


Inversion 


Treating LINES as CIRCLES of INFINITE RADIUS, all CIR- 
CLES invert to CIRCLES. Furthermore, any two nonin- 
tersecting circles can be inverted into concentric circles 
by taking the INVERSION CENTER at one of the two lim- 
iting points (Coxeter 1969), and ORTHOGONAL CIRCLES 
invert to ORTHOGONAL CIRCLES (Coxeter 1969). 


The inverse of a CIRCLE of RADIUS a with CENTER (z, y) 
with respect to an inversion circle with INVERSION CEN- 
TER (0,0) and INVERSION RADIUS k is another CIRCLE 
with CENTER (2',y') = (sz,sy) and RADIUS r’ = |sla, 
where 12 

3 = ——— (6) 


The above plot shows a checkerboard centered at (0, 0) 
and its inverse about a small circle also centered at (0, 
0) (Dixon 1991). 


see also ARBELOS, HEXLET, INVERSE CURVE, INVER- 
SION CIRCLE, INVERSION OPERATION, INVERSION RA- 
DIUS, INVERSIVE DISTANCE, INVERSIVE GEOMETRY, 
MIDCIRCLE, PAPPUS CHAIN, PEAUCELLIER INVERSOR, 
POLAR, POLE (GEOMETRY), POWER (CIRCLE), RADI- 
CAL LINE, STEINER CHAIN, STEINER’S PORISM 
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Inversion Center 
The point that INVERSION OF A CURVE is performed 
with respect to. 


see also INVERSE POINTS, INVERSION CIRCLE, INVER- 
SION RADIUS, INVERSIVE DISTANCE, POLAR, POLE 
(GEOMETRY), POWER (CIRCLE) 


Inversion Circle 

The CIRCLE with respect to which a INVERSE CURVE 
is computed or relative to which INVERSE POINTS are 
computed. 


see also INVERSE POINTS, INVERSION CENTER, INVER- 
SION RADIUS, INVERSIVE DISTANCE, MIDCIRCLE, PO- 
LAR, POLE (GEOMETRY), POWER (CIRCLE) 


Inversion Operation 
The SYMMETRY OPERATION (2,y,z) > (-2,—y, -2). 
When used in conjunction with a ROTATION, it becomes 
an IMPROPER ROTATION. 


Inversion Radius 
The RADIUS used in performing an INVERSION with re- 
spect to an INVERSION CIRCLE. 


see also INVERSE POINTS, INVERSION CENTER, IN- 
VERSION CIRCLE, INVERSIVE DISTANCE, POLAR, POLE 
(GEOMETRY), POWER (CIRCLE) 


Inversive Distance 

The inversive distance is the NATURAL LOGARITHM of 
the ratio of two concentric circles into which the given 
circles can be inverted. Let c be the distance between 
the centers of two nonintersecting CIRCLES of RADII a 
and b < a. Then the inversive distance is 


ar +b? — e? 


$ = cosh! 
COS Dab 


(Coxeter and Greitzer 1967). 


The inversive distance between the SODDY CIRCLES is 
given by 
ô = 2cosh ? 2, 


M.J. Rycroft et al. | Journal of Atmospheric and Solar-Terrestrial Physics 62 (2000) 1563-1576 1573 


new satellite lightning observations to show the agreement 
between globally observed lightning activity and global 
temperatures. Finally, a recent study by Price (2000) has 
extended the above connections to additional climatic pa- 
rameters such as upper tropospheric water vapour; the vari- 
ability of upper tropospheric water vapour 1s closely linked 
to the variability of global lightning activity, measured via 
the SR. 

Therefore, by monitoring the global electric circuit, we 
may be able to study, in a cheap and consistent way, the vari- 
ability of global lightning activity, which 1s closely related to 
surface temperatures, tropical deep convection, rainfall, up- 
per tropospheric water vapour, and other important parame- 
ters that affect the global climate system. The advantage of 
these measurements 1s that they can be made continuously, 
for many years, unlike satellite sensors that generally have 
a relatively short lifetime of only a few years, or even less. 


7. Potential applications and recommended atmospheric 
electricity research 


An increased interest in understanding the Earth’s elec- 
trical environment has resulted from recent advances in 
different disciplines, along with the recognition that many 
of man’s modern technological systems can be adversely 
affected by this environment. The cornerstone of our under- 
standing of the Earth’s electrical environment and the global 
electrical circuit is an integration of measurements, theory, 
and modelling. There should be a concerted effort of co- 
ordinated measurement compaigns, supported by critical 
laboratory experiments, theory, and numerical modelling of 
processes, to improve our understanding of the Earth’s 
electrical environment. 

It is also an opportunity to further investigate relation- 
ships/correlations between atmospheric aerosols and elec- 
trical parameters, with the advent of more widely available 
aerosol measurement capabilities. A proper understand- 
ing of the impact of aerosols on climate rests both on 
quality-assessed measurements, and on a predictive mod- 
elling capability which enhances our ability to understand 
complex and nonlinear interactions between aerosols and 
atmospheric electric parameters. An interesting and novel 
approach in linking atmospheric electricity parameters and 
lightning activity to the global electric circuit and to global 
warming provides the basis for other crucial modelling 
initiatives. 

The global circuit of atmospheric electricity is influenced 
by meteorological processes. These influences are incorpo- 
rated in the current that flows in the global circuit. As the 
electric conductivity of the troposphere and the stratosphere 
is so much lower than that of the ground and that of the iono- 
sphere, the potential difference between these two highly 
conducting layers indicates the strength of the global circuit 
current and its variations with time. In measuring the elec- 
tric field or the air-Earth current density at any one station, 


we may obtain information about those meteorological pro- 
cesses that, world-wide, influence the global circuit current. 
At the same time, the data obtained by measuring the electric 
field and/or the air-Earth current density are also influenced 
by local events at and above the measuring stations. These 
events may be generators for local electric circuits or may 
cause variations of resistances in the circuit. Therefore, we 
must basically consider that in the data thus obtained we are 
witnessing influences both from processes that occur over 
the entire globe at the same time, as well as from purely 
local events. If the scientists in atmospheric electricity had 
the chance to separate these contributions, we might have a 
tool of significance for global change problems. 

The ionospheric potential, electric field and air-Earth 
current density measurements in the PBL with periods 
shorter than a few hours are usually attributed entirely to 
local sources, primarily turbulence and pollution. Recent 
advances that have been made in independent research areas 
examine the interrelations between them, and project how 
new knowledge could be applied for the benefit of mankind. 
They also indicate needs for new research and for the types 
of coordinated efforts that will provide significant new ad- 
vances in basic understanding and in applications over the 
next few decades. They emphasize a need to consider the 
interactions between various atmospheric, ionospheric, and 
telluric current systems to achieve an overall understanding 
of global electrical phenomena. 

Evaluating the present situation from this vantage point, 
we can perceive three main approaches from atmospheric 
electricity to the global change monitoring effort: 


1. Measure local parameters at many places and at- 
tempt meaningful integrations for the results over 
areas of global importance, optimally for the whole 
globe. 

2. Measure local parameters and follow local processes at 
locations where they may be representative for larger 
areas; the expectation is that this will be the case for the 
oceans far from their shores. 

3. Find global contributions to local measurements, and de- 
rive global information from a rather small number of 
local stations. 


The global detection of lightning is necessary to deter- 
mine the global flashing rate and how this rate relates to 
other parameters in the global circuit. NASA has developed 
new optimal sensors that could be used to detect and locate 
lightning in the daytime or at night, and with continuous 
coverage by using satellites in geosynchronous orbits. These 
sensors are capable of measuring the spatial and temporal 
distribution of lightning over extended periods with good 
spatial resolution; they offer significant new opportunities 
for research and for many applications. 

There are ample reasons for interest in global-scale at- 
mospheric electrical phenomena. For example, valuable in- 
formation about the distribution and temporal variability of 


Inversive Geometry 


and the CIRCUMCIRCLE and INCIRCLE of a TRIANGLE 
with CIRCUMRADIUS R and INRADIUS r are at inversive 


distance i 
§ =2sinh”? & (5) 
(Coxeter and Greitzer 1967, pp. 130-131). 
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Inversive Geometry 

The GEOMETRY resulting from the application of the 
INVERSION operation. lt can be especially powerful for 
solving apparently difficult problems such as STEINER’S 
PORISM and APOLLONIUS’ PROBLEM. 


see also HEXLET, INVERSE CURVE, INVERSION, PEAU- 
CELLIER INVERSOR, POLAR, POLE (GEOMETRY), 
POWER (CIRCLE), RADICAL LINE 
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Inverted Funnel 
see also FUNNEL, SINCLAIR'S SOAP FILM PROBLEM 


Inverted Snub Dodecadodecahedron 


The UNIFORM POLYHEDRON Ugo whose DUAL POLYHE- 
DRON is the MEDIAL INVERTED PENTAGONAL HEXE- 
CONTAHEDRON. It has WYTHOFF SYMBOL |225. Its 
faces are 12{2} + 60{3} + 12{5}. It has CIRCUMRADIUS 
for unit edge length of 


R = 0.8516302. 
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Invertible Knot 

A knot which can be deformed into itself but with the 
orientation reversed. The simplest noninvertible knot is 
08017. No general technique is known for determining 
if a KNOT is invertible. Burde and Zieschang (1985) 
give a tabulation from which it is possible to extract the 
invertible knots up to 10 crossings. 


see also AMPHICHIRAL KNOT 
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Involuntary 
A LINEAR TRANSFORMATION of period two. Since a 
LINEAR TRANSFORMATION has the form, 


avA+ 8 


X = 
yA+ 6’ 


(1) 
applying the transformation a second time gives 


yr ON TB _ (at + By)A + Bla + ô) 


© yA 46) (a4 6)yA4+ BY 4+ 0? (2) 


For an involuntary, A” = A, so 
y(a+ 6)? + (8% —a7)A-(a+5)8=0. (3) 


Since each COEFFICIENT must vanish separately, 


ay +76 = 0 (4) 
6° —~a’? =0 (5) 
af + Bd = 0. (6) 


The first equation gives 6 = +a. Taking 6 = a would 
require y = G = 0, giving A = A', the identity transfor- 


mation. Taking 6 = —a gives ó = —a, so 
e GA +B (7) 
yA — a’ 


the general form of an INVOLUTION. 


see also CROSS-RATIO, INVOLUTION (LINE) 
References 
Woods, F. S. Higher Geometry: An Introduction to Advanced 


Methods in Analytic Geometry. New York: Dover, pp. 14- 
15, 1961. 


Involute 


circle involute 


Attach a string to a point on a curve. Extend the string 
so that it is tangent to the curve at the point of at- 
tachment. Then wind the string up, keeping it always 
taut. The Locus of points traced out by the end of 
the string is the involute of the original curve, and the 
original curve is called the EVOLUTE of its involute. Al- 
though a curve has a unique EVOLUTE, it has infinitely 
many involutes corresponding to different choices of ini- 
tial point. An involute can also be thought of as any 
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curve ORTHOGONAL to all the TANGENTS to a given 
curve, 


The equation of the involute is 


r¡=r-sfT, (1) 
where T is the TANGENT VECTOR 
dr 
nm dt 
T= dr (2) 


and s is the ARC LENGTH 
7? +g? dt. 


ds Vds? 
s= [a= [Faz | Ji dt = 
(3) 


This can be written for a parametrically represented 
function (f(t), g(t)) as 


sf’ 
alt= = Jf pg? (4) 
V g 
ł 
5g 
y(t) =g- fete? (5) 
fi | 
Curve Involute 
astroid astroid 1/2 as large 
cardioid cardioid 3 times as large 
catenary tractrix 
circle catacaustic limaçon 


for a point source 
circle circle involute (a spiral) 


cycloid equal cycloid 
deltoid deltoid 1/3 as large 
ellipse ellipse involute 
epicycloid reduced epicycloid 
hypocycloid similar hypocycloid 


equal logarithmic spiral 
parabola 

Cayley’s sextic 

nephroid 2 times as large 


logarithmic spiral 
Neile’s parabola 
nephroid 
nephroid 


see also EVOLUTE, HUMBERT’S THEOREM 
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Irradiation Illusion 


Involution (Group) 

An element of order 2 in a GROUP (i.e., an element A 
of a GROUP such that A? = J, where J is the IDENTITY 
ELEMENT). 


see also GROUP, IDENTITY ELEMENT 


Involution (Line) 

Pairs of points of a line, the product of whose distances 
from a FIXED POINT is a given constant. This is more 
concisely defined as a PROJECTIVITY of period two. 


see also INVOLUNTARY 


Involution (Operator) 
An OPERATOR of period 2, i.e., an OPERATOR * which 
satisfies ({a)")" = a. 


Involution (Set) 

An involution of a SET S is a PERMUTATION of $ which 
does not contain any cycles of length > 2. The PER- 
MUTATION MATRICES of an involution are SYMMETRIC. 
The number of involutions I(n) of a SET containing the 
first n integers is given by the RECURRENCE RELATION 


I(n) = I(n-— 1) + (n —1)I(n — 2). 


For n = 1, 2, ..., the first few values of I(n) are 1, 2, 
4, 10, 26, 76, ... (Sloane’s A000085). The number of 
involutions on n symbols cannot be expressed as a fixed 
number of hypergeometric terms (PetkovSek et al. 1996, 
p. 160). 

see also PERMUTATION 
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Involution (Transformation) 
A TRANSFORMATION of period 2. 


Irradiation Illusion 


The ILLUSION shown above which was discovered by 
Helmholtz in the 19th century. Despite the fact that 
the two above figures are identical in size, the white 
hole looks bigger than the black one in this ILLUSION. 
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Irrational Number 


Irrational Number 

A number which cannot be expressed as a FRACTION p/q 
for any INTEGERS p and q. Every TRANSCENDENTAL 
NUMBER is irrational. Numbers of the form n?/” are 
irrational unless n is the mth POWER of an INTEGER. 


Numbers of the form log, m, where log is the LOGA- 
RITHM, are irrational if m and n are INTEGERS, one of 
which has a PRIME factor which the other lacks. e” is 
irrational for rational r Æ 0. The irrationality of e was 
proven by Lambert in 1761; for the general case, see 
Hardy and Wright (1979, p. 46). r” is irrational for 
POSITIVE integral n. The irrationality of 7 was proven 
by Lambert in 1760; for the general case, see Hardy and 
Wright (1979, p. 47). APERY’S CONSTANT ¢(3) (where 
¢(z) is the RIEMANN ZETA FUNCTION) was proved irra- 
tional by Apéry (Apéry 1979, van der Poorten 1979). 


From GELFOND’S THEOREM, a number of the form a? 


is TRANSCENDENTAL (and therefore irrational) if a is 
ALGEBRAIC Æ 0, 1 and b is irrational and ALGEBRAIC. 
This establishes the irrationality of e” (since (—1)~* = 
(e7) = e"), 2V? and er. Nesterenko (1996) proved 
that m + e” is irrational. In fact, he proved that 7, e” 
and F (1/4) are algebraically independent, but it was not 
previously known that m + e” was irrational. 


Given a POLYNOMIAL equation 


a ee ee (1) 


T” + Cm-12" 
where c; are INTEGERS, the roots x; are either integral 
or irrational. If cos(20) is irrational, then so are cos®, 
sin ĝ, and tan ð. 


Irrationality has not yet been established for 2°, 7°, q 


or y (where y is the EULER-MASCHERONI CONSTANT). 


QUADRATIC SURDS are irrational numbers which have 
periodic CONTINUED FRACTIONS. 


HURWITZ’S IRRATIONAL NUMBER ‘THEOREM gives 
bounds of the form 


<= (2) 


for the best rational approximation possible for an ar- 
bitrary irrational number a, where the Ln are called 
LAGRANGE NUMBERS and get steadily larger for each 
“bad” set of irrational numbers which is excluded. 


pan o 


where d¿(n) is the DIVISOR FUNCTION, is irrational for 
k = 1 and 2. The series 


= 1 > d(n 
2172 w, (4) 


The SERIES 
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where d(n) is the number of divisors of n, is also irra- 
tional, as are 


1 = (17 
Di for re: (5) 


TL 


for g an INTEGER other than p, +1, and r a RATIONAL 
NUMBER other than 0 or —q” (Guy 1994). 


see also ALGEBRAIC INTEGER, ALGEBRAIC NUMBER, 
ALMOST INTEGER, DIRICHLET FUNCTION, FERGUSON- 
FORCADE ALGORITHM, GELFOND’S THEOREM, HUR- 
WITZ’S IRRATIONAL NUMBER THEOREM, NEAR NOBLE 
NUMBER, NOBLE NUMBER, PYTHAGORAS’S THEOREM, 
QUADRATIC IRRATIONAL NUMBER, RATIONAL NUM- 
BER, SEGRE’S THEOREM, ‘TRANSCENDENTAL NUMBER 
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Irrationality Measure 
see LIOUVILLE-ROTH CONSTANT 


Irrationality Sequence 

A sequence of POSITIVE INTEGERS {an} such that 
X` 1/(anbn) is IRRATIONAL for all integer sequences 
{bn}. Erdős showed that {2?"} is an irrationality se- 
quence. 
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Irreducible Matrix 
A SQUARE MATRIX which is not REDUCIBLE is said to 
be irreducible. 


928 Irreducible Polynomial 


Irreducible Polynomial 

A POLYNOMIAL or polynomial equation is said to be 
irreducible if it cannot be factored into polynomials of 
lower degree over the same FIELD. 


The number of binary irreducible polynomials of degree 
n is equal to the number of n-bead fixed NECKLACES 
of two colors: 1, 2, 3, 4, 6, 8, 14, 20, 36, ... (Sloane's 
A000031), the first few of which are given in the follow- 
ing table. 


n Polynomials 

1 z 

2 22-71 

3 22+2+1,2+1 

4 2,84e24+1, r’ +274+1,241 


see also FIELD, GALOIS FIELD, NECKLACE, POLYNOM- 
IAL, PRIMITIVE IRREDUCIBLE POLYNOMIAL 
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Irreducible Representation 

An irreducible representation of a GROUP is a represen- 
tation for which there exists no UNITARY TRANSFORMA- 
TION which will transform the representation MATRIX 
into block diagonal form. The irreducible representa- 
tion has a number of remarkable properties. 


see also GROUP, ITO’S THEOREM, UNITARY TRANSFOR- 
MATION 


Irreducible Semiperfect Number 
see PRIMITIVE PSEUDOPERFECT NUMBER 


Irreducible Tensor 
Given a general second RANK TENSOR A;; and a MET- 
RIC ij, define 


0 = Aig? = A; (1) 
w = e" Ajk (2) 
Tij = (Ai; + Aji) — 4955 Ar, (3) 


where 6;; is the KRONECKER DELTA and e** is the 
LEVI-CIVITA SYMBOL. Then 


Tij + 409%; + T 

= [4 (Aij + Aji) — 395 Ak] + 5 Argus + beige le OM Ary] 
L(Ajj + Aja) + (5754 — 887) Ary 
5 (Ai + Aji) + 3 (Aig — Asi) = Ass, (4) 


where 9, w*, and o;; are TENSORS of RANK 0, 1, and 2. 
see also TENSOR 


Irregular Pair 


Irredundant Ramsey Number 

Let Gi, Go, ..., Ge be a t-EDGE coloring of the COM- 
PLETE GRAPH Kn, where for each 1 = 1, 2, ...,t, Gi is 
the spanning SUBGRAPH of Kn consisting of all EDGES 
colored with the ith color. The irredundant Ramsey 
number s(q1,--.,q+) is the smallest INTEGER n such 
that for any t-EDGE coloring of Kn, the COMPLEMENT 
GRAPH G; has an irredundant set of size q; for at least 
one i= 1, ..., t. Irredundant Ramsey numbers were 
introduced by Brewster et al. (1989) and satisfy 


s(q1, a! qe) < R(q1, pS qu). 
For a summary, see Mynhardt (1992). 


s [Bounds [Reference SSS 


6 | Brewster et al. 1989 
Brewster et al. 1989 
Brewster et al. 1989 
Brewster et al. 1990 

Chen and Rousseau 1995, 

Cockayne et al. 1991 

Cockayne et al. 1992 
Cockayne and Mynhardt 1994 
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Irreflexive 

A RELATION R on a SET § is irreflexive provided that 
no element is related to itself; in other words, rRz for 
no xin S. 


see also RELATION 


Irregular Pair | 

If p divides the NUMERATOR of the BERNOULLI NUMBER 
Box for 0 < 2k < p—1, then (p, 2k) is called an irregular 
pair. For p < 30000, the irregular pairs of various forms 
are p = 16843 for (p,p — 3), p = 37 for (p,p — 5), none 
for (p,p — 7), and p = 67,877 for (p,p — 9). 


see also BERNOULLI NUMBER, IRREGULAR PRIME 
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Irregular Prime 


Irregular Prime 

PRIMES for which Kummer’s theorem on the unsolvabil- 
ity of FERMAT’S LAST THEOREM does not apply. An 
irregular prime p divides the NUMERATOR of one of the 
BERNOULLI NUMBERS Bio, Biz, ..., B2p-2, as shown 
by Kummer in 1850. The FERMAT EQUATION has no 
solutions for REGULAR PRIMES. 


Fraction 


0 20 40 60 80 100 120 
Number of Irregular Primes 


An INFINITE number of irregular PRIMES exist, as 
proven in 1915 by Jensen. The first few irregular primes 
are 37, 59, 67, 101, 103, 131, 149, 157, ... (Sloane’s 
A000928). Of the 283,145 PRIMES less than 4 x 10°, 
111,597 (or 39.41%) are regular. The conjectured FRAC- 
TION is 1—e */? = 39.35% (Ribenboim 1996, p. 415). 


see also BERNOULLI NUMBER, FERMAT’S LAST THEO- 
REM, IRREGULAR PAIR, REGULAR PRIME 
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Irregular Singularity 
Consider a second-order ORDINARY DIFFERENTIAL 
EQUATION 


y” + P(x)y + Q(o)y = 0. 


If P(x) and Q(x) remain FINITE at xz = Zo, then 
zo is called an ORDINARY POINT. If either P(x) or 
Q(x) diverges as x — Zo, then Zo is called a singular 
point. If P(x) diverges more quickly than 1/(x — zo), 
so (x — x9)P(x) approaches INFINITY as x —> Zo, Or 
Q(z) diverges more quickly than 1/(z — 20)*Q so that 
(x — zo) Q(x) goes to INFINITY as x —> Zo, then zo is 
called an IRREGULAR SINGULARITY (or ESSENTIAL SIN- 
GULARITY). 


ISBN 929 


see also ORDINARY POINT, REGULAR SINGULAR POINT, 
SINGULAR POINT (DIFFERENTIAL EQUATION) 
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Irrotational Field 
A VECTOR FIELD v for which the CURL vanishes, 


Vxv=0. 


see also BELTRAMI FIELD, CONSERVATIVE FIELD, 
SOLENOIDAL FIELD, VECTOR FIELD 


Isarithm 
see EQUIPOTENTIAL CURVE 


ISBN 
Publisher Digits 
Addison-Wesley 0201 
Amer. Math. Soc. 0821 
Cambridge University Press 0521 
CRC Press 0849 
Dover 0486 
McGraw-Hill 0070 
Oxford University Press 0198 
Springer-Verlag 0387 
Wiley 0471 


The International Standard Book Number (ISBN) is a 
10-digit CODE which is used to identify a book uniquely. 
The first four digits specify the publisher, the next five 
digits the book, and the last digit dio is a check digit 
which may be in the range 0-9 or X (where X equals 
10). The check digit is computed from the equation 


10d1 + 9d) + 8d3 + ... + 2d9 + dip = 0 (mod 11). 


For example, the number for this book is 0-8493-9640-9, 
and 


10-07+9-84+8:4+7:9+6-:-3+5-:9 
+4-643-44+2-041-9 = 275 = 25-11 = 0 (mod 11), 


as required. 
see also CODE 
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930 Island 


Island 


o 2 : é 
If an integrable QUASIPERIODIC system is slightly per- 
turbed so that it becomes nonintegrable, only a finite 
number of n-CYCLES remain as a result of MODE LOCK- 
ING. One will be elliptical and one will be hyperbolic. 


Surrounding the ELLIPTIC FIXED POINT is a region of 
stable ORBITS which circle it, as illustrated above in the 
STANDARD MAP with K = 1.5. As the map is iteratively 
applied, the island is mapped to a similar structure sur- 
rounding the next point of the elliptic cycle. The map 
thus has a chain of islands, with the FIXED POINT alter- 
nating between ELLIPTIC (at the center of the islands) 
and HYPERBOLIC (between islands). Because the un- 
perturbed system goes through an INFINITY of rational 
values, the perturbed system must have an INFINITE 
number of island chains. 


see also MODE LOCKING, ORBIT (MAP), QUASIPERI- 
ODIC FUNCTION 


Isobaric Polynomial 
A POLYNOMIAL in which the sum of SUBSCRIPTS is the 
same in each term. 


see also HOMOGENEOUS POLYNOMIAL 


Isochronous Curve 


see SEMICUBICAL PARABOLA, TAUTOCHRONE PROB- 
LEM 


Isoclinal 
see ISOCLINE 


Isocline 
A graphical method of solving an ORDINARY DIFFER- 
ENTIAL EQUATION of the form 


dy 
de ae f(z, y) 
by plotting a series of curves f(x,y) = [const], then 


drawing a curve PERPENDICULAR to each curve such 
that it satisfies the initial condition. This curve is the 
solution to the ORDINARY DIFFERENTIAL EQUATION. 


Isodynamic Points 
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Isoclinic Groups 

Two GROUPS G and H are said to be isoclinic if there 
are isomorphisms G/Z(G) > H/Z(H) and G' > H', 
where Z(G) is the CENTER of the group, which identify 
the two commutator maps. 
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Isodynamic Points 


The first and second isodynamic points of a TRIANGLE 
AABC can be constructed by drawing the triangle's 
ANGLE BISECTORS and EXTERIOR ANGLE BISECTORS. 
Each pair of bisectors intersects a side of the triangle 
(or its extension) in two points Dj, and D;2, for i = 1, 
Los The three CIRCLES having D11D12, D21D22, and 
D31D32 as DIAMETERS are the APOLLONIUS CIRCLES 
Ci, Co, and C3. The points S and S’ in which the three 
APOLLONIUS CIRCLES intersect are the first and second 
isodynamic points, respectively. 


S and S' have TRIANGLE CENTER FUNCTIONS 
a = sin(A + 37), 


respectively. The ANTIPEDAL TRIANGLES of both 
points are EQUILATERAL and have AREAS 


A' = 2A[cot w cot(in)], 


where w is the BROCARD ANGLE. 


The isodynamic points are ISOGONAL CONJUGATES of 
the ISOGONIC CENTERS. They lie on the BROCARD 
Axis. The distances from either isodynamic point to 
the VERTICES are inversely proportional to the sides. 
The PEDAL TRIANGLE of either isodynamic point is an 
EQUILATERAL TRIANGLE. An INVERSION with either 


Isoenergetic Nondegeneracy 


isodynamic point as the INVERSION CENTER transforms 
the triangle into an EQUILATERAL TRIANGLE. 


The CIRCLE which passes through both the isodynamic 
points and the CENTROID of a TRIANGLE is known as 
the PARRY CIRCLE. 


see also APOLLONIUS CIRCLES, BROCARD AXIS, CEN- 
TROID (TRIANGLE), ISOGONIC CENTERS, PARRY CIR- 
CLE 
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Isoenergetic Nondegeneracy 
The condition for isoenergetic nondegeneracy for a Ham- 
iltonian 


H = Ho (I) + eH, (1, 0) 


3? Ho 9Ho 

91,01) al; 

9H, Æ 0, 
ol; 


which guarantees the EXISTENCE on every energy level 
surface of a set of invariant tori whose complement has 
a small MEASURE. 
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Isogonal Conjugate 


The isogonal conjugate X`! of a point X in the plane of 
the TRIANGLE AABC is constructed by reflecting the 
lines AX, BX, and CX about the ANGLE BISECTORS 
at A, B, and C. The three reflected lines CONCUR at 
the isogonal conjugate. The TRILINEAR COORDINATES 
of the isogonal conjugate of the point with coordinates 


a:8:+ 


are 
1. g1,,-1 
O © AN h 


Isogonal conjugation maps the interior of a TRIANGLE 
onto itself. This mapping transforms lines onto CONIC 
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SECTIONS that CIRCUMSCRIBE the TRIANGLE. The type 
of CONIC SECTION is determined by whether the line d 
meets the CIRCUMCIRCLE CU”, 


1. If d does not intersect C”, the isogonal transform is 
an ELLIPSE; 


2. If d is tangent to C’, the transform is a PARABOLA; 


3. If d cuts C’, the transform is a HYPERBOLA, which 
is a RECTANGULAR HYPERBOLA if the line passes 
through the CIRCUMCENTER 


(Casey 1893, Vandeghen 1965). 


The isogonal conjugate of a point on the CIRCUMCIRCLE 
is a POINT AT INFINITY (and conversely). The sides of 
the PEDAL TRIANGLE of a point are PERPENDICULAR to 
the connectors of the corresponding VERTICES with the 
isogonal conjugate. The isogonal conjugate of a set of 
points is the Locus of their isogonal conjugate points. 


The product of ISOTOMIC and isogonal conjugation is a 
COLLINEATION which transforms the sides of a TRIAN- 
GLE to themselves (Vandeghen 1965). 


see also ANTIPEDAL TRIANGLE, COLLINEATION, IsO- 
GONAL LINE, ISOTOMIC CONJUGATE POINT, LINE AT 
INFINITY, SYMMEDIAN LINE 
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Isogonal Line 
C 


angle bisector 


A B 

The line L’ through a TRIANGLE VERTEX obtained by 
reflecting an initial line L (also through a VERTEX) 
about the ANGLE BISECTOR. If three lines from the 
VERTICES of a TRIANGLE AABC are CONCURRENT at 
X = L,L2L3, then their isogonal lines are also CON- 
CURRENT, and the point of concurrence X’ = Li L5L3 
is called the ISOGONAL CONJUGATE point. 


see also ISOGONAL CONJUGATE 
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Isogonic Centers 

The first isogonic center Fı of a TRIANGLE is the FER- 
MAT POINT. The second isogonic center Fh is con- 
structed analogously with the first isogonic center ex- 
cept that for F2, the EQUILATERAL TRIANGLES are con- 
structed on the same side of the opposite VERTEX. The 
second isogonic center has TRIANGLE CENTER FUNC- 
TION 

a = esc(A — Er). 


Its ANTIPEDAL TRIANGLE is EQUILATERAL and has 


AREA 
2A = [-1 + cotwcot(3m)), 


where w is the BROCARD ANGLE. 


The first and second isogonic centers are ISOGONAL 
CONJUGATES of the ISODYNAMIC POINTS. 


see also BROCARD ANGLE, EQUILATERAL TRIANGLE, 
FERMAT POINT, ISODYNAMIC POINTS, ISOGONAL CON- 
JUGATE 
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Isograph 

The substitution of ret? for z in a POLYNOMIAL p(z). 
p(z} is then plotted as a function of @ for a given r in 
the COMPLEX PLANE. By varying r so that the curve 
passes through the ORIGIN, it is possible to determine a 
value for one ROOT of the POLYNOMIAL. 


Isohedral Tiling 

Let S(T) be the group of symmetries which map a 
MONOHEDRAL TILING T onto itself. The TRANSITIV- 
ITY CLASS of a given tile T is then the collection of all 
tiles to which T can be mapped by one of the symmetries 
of S(T). If T has k TRANSITIVITY CLASSES, then T is 
said to be k-isohedral. Berglund (1993) gives examples 
of k-isohedral tilings for k = 1, 2, and 4. 


see also ANISOHEDRAL TILING 
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Isohedron 
A convex POLYHEDRON with symmetries acting transi- 
tively on its faces. Every isohedron has an EVEN number 


of faces (Griinbaum 1960). 
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Isometry 


Isolated Point 

A point on a curve, also known as an ACNODE or HER- 
MIT POINT, which has no other points in its NEIGHBOR- 
HOOD. 


Isolated Singularity 

An isolated singularity is a SINGULARITY for which there 
exists a (small) REAL NUMBER e such that there are no 
other SINGULARITIES within a NEIGHBORHOOD of radius 
e centered about the SINGULARITY. 


The types of isolated singularities possible for CUBIC 
SURFACES have been classified (Schläfli 1864, Cayley 
1869, Bruce and Wall 1979) and are summarized in the 
following table from Fischer (1986). 


Double Pt. Symbol Normal Form Coxeter 
Name Diagram 
coni Ca a? + y? + 22 Ar 
biplanar B3 r? +y 2 A) 
biplanar Ba a+ y + 24 Az 
biplanar Bs rty Hz As 
biplanar Be a? + y? + 2° As 
uniplanar Us r? + z(y? +27) Da 
uniplanar Uz r? + z(y? + 2) Ds 
uniplanar Us a? +y? + z* Es 
elliptic cone pt. — ry? — 42° Es 
guay + gan" 


see also CUBIC SURFACE, RATIONAL DOUBLE POINT, 
SINGULARITY 
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Isolating Integral 
An integral of motion which restricts the PHASE SPACE 
available to a DYNAMICAL SYSTEM. 


Isometry 
A BIJECTIVE MAP between two METRIC SPACES that 
preserves distances, 1.e., 


d( f(x), f(y)) = d(x,y), 


where f is the MAP and d(a,b) is the DISTANCE func- 
tion. 


An isometry of the PLANE is a linear transformation 
which preserves length. Isometries include ROTATION, 
TRANSLATION, REFLECTION, GLIDES, and the IDEN- 
TITY MAP. If an isometry has more than one FIXED 


Isometric Latitude 


POINT, it must be either the identity transformation or 
a reflection. Every isometry of period two (two appli- 
cations of the transformation preserving lengths in the 
original configuration) is either a reflection or a half turn 
rotation. Every isometry in the plane is the product of 
at most three reflections (at most two if there is a FIXED 
POINT). Every finite group of isometries has at least one 
FIXED POINT. 


see also DISTANCE, EUCLIDEAN MOTION, HJELMSLEV’S 
THEOREM, LENGTH (CURVE), REFLECTION, ROTA- 
TION, TRANSLATION 
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Isometric Latitude 

An AUXILIARY LATITUDE which is directly proportional 
to the spacing of parallels of LATITUDE from the equator 
on an ellipsoidal MERCATOR PROJECTION. It is defined 
by 

7 e/2 
1—esing 
= In |tan(4m + 20) | ————— 1 

where the symbol r is sometimes used instead of y. The 
isometric latitude is related to the CONFORMAL LATI- 


TUDE by 
Y = Intan($m + $x). (2) 


The inverse is found by iterating 


: e/2 
ES Lee 
$ = 2tan~* | expl) (tes | 25m; (3) 


with the first trial as 


bo =2tan *(e”) — dn. (4) 


see also LATITUDE 
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Isomorphic Graphs 

Two GRAPHS which contain the same number of VER- 
TICES connected in the same way are said to be isomor- 
phic. Formally, two graphs G and H with VERTICES 
Va = {1, 2, ..., n} are said to be isomorphic if there is 
a PERMUTATION p of V, such that {u,v} is in the set 
of EDGES E(G) IFF {p(u), p(v)} is in the set of EDGES 
E(HA). 
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Isomorphic Groups 

Two GROUPS are isomorphic if the correspondence be- 
tween them is ONE-TO-ONE and the “multiplication” 
table is preserved. For example, the POINT GROUPS C2 
and Dı are isomorphic GROUPS, written C2 ~ Dı or 
Cz = Dı (Shanks 1993). Note that the symbol .= is 
also used to denote geometric CONGRUENCE. 
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Isomorphic Posets 

Two POSETS are said to be isomorphic if their “struc- 
tures” are entirely analogous. Formally, POSETS P = 
(X,<) and Q = (X’,<’) are isomorphic if there is a 
BIJECTION f from X to X’ such that z < a’ precisely 
when f(x) <' f(z’). 


Isomorphism 

Isomorphism is a very general concept which appears in 
several areas of mathematics. Formally, an isomorphism 
is BIJECTIVE MORPHISM. Informally, an isomorphism 
is a map which preserves sets and relations among ele- 
ments. 


A space isomorphism is a VECTOR SPACE in which ad- 
dition and scalar multiplication are preserved. An iso- 
morphism of a TOPOLOGICAL SPACE is called a HOME- 
OMORPHISM. 


Two groups G; and Gz with binary operators + and x 
are isomorphic if there exists a map f : G1 > G2 which 
satisfies 


f(z +y) = f(x) x fly). 


An isomorphism preserves the identities and inverses of 
a Group. A GROUP which is isomorphic to itself is 
called an AUTOMORPHISM. 


see also AUTOMORPHISM, AX-KOCHEN ISOMORPHISM 
THEOREM, HOMEOMORPHISM, MORPHISM 


Isoperimetric Inequality 
Let a PLANE figure have AREA A and PERIMETER p. 
Let the CIRCLE of PERIMETER p have RADIUS r. Then 


ATA 


where the quantity on the left is known as the ISOPERI- 
METRIC QUOTIENT. 
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Isoperimetric Point 


ae a a ar 


The point S’ which makes the PERIMETERS of the TRI- 
ANGLES ABS'C, ACS'A, and AAS'B equal. The 
isoperimetric point exists IFF the largest ANGLE of the 
triangle satisfies 


max(A, B,C) < 2sin~*(2) ~ 1.85459 rad = 106.26°, 
or equivalently 
a+b+c>4R+r, 


where a, b, and c are the side lengths of AABC, r is the 
INRADIUS, and R is the CIRCUMRADIUS. The isoperi- 
metric point is also the center of the outer SODDY CIR- 
CLE of AABC and has TRIANGLE CENTER FUNCTION 


24 


ee ers 


= sec(}.A) cos(4 B) cos($C) — 1. 


see also EQUAL DETOUR POINT, PERIMETER, SODDY 
CIRCLES 
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Isoperimetric Problem 

Find a closed plane curve of a given length which en- 
closes the greatest ÁREA. The solution is a CIRCLE. If 
the class of curves to be considered is limited to smooth 
curves, the isoperimetric problem can be stated symbol- 
ically as follows: find an arc with parametric equations 
x = x(t), y = y(t) for t € [t1,t2] such that x(t,) = x(t2), 
y(ti) = y(t2) (where no further intersections occur) con- 


strained by 
t2 
l= J xr? + y? dt 
t1 


t2 
A= E (zy — xy) dt 
t 


such that 


Isosceles Tetrahedron 


is a MAXIMUM. 
see also DIDO’S PROBLEM, ISOVOLUME PROBLEM 
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Isoperimetric Quotient 
A quantity defined in the ISOPERIMETRIC INEQUALITY 


4nA 
p? 


Q 


see also ISOPERIMETRIC INEQUALITY 


Isoperimetric Theorem 
Of all convex n-gons of a given PERIMETER, the one 
which maximizes ÁREA is the regular n-gon. 


see also ISOPERIMETRIC INEQUALITY, ISOPERIMETRIC 
PROBLEM 


Isopleth 
see EQUIPOTENTIAL CURVE 


Isoptic Curve 

For a given curve C, consider the locus of the point P 
from where the TANGENTS from P to C meet at a fixed 
given ANGLE. This is called an isoptic curve of the given 
curve. 


Curve Isoptic 

cycloid curtate or prolate cycloid 
epicycloid epitrochoid 

hypocycloid hypotrochoid 

parabola hyperbola 


sinusoidal spiral sinusoidal spiral 
see also ORTHOPTIC CURVE 
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Isosceles Tetrahedron 

A nonregular TETRAHEDRON in which each pair of op- 
posite EDGES are equal such that all triangular faces are 
congruent. A TETRAHEDRON is isosceles IFF the sum of 
the face angles at each VERTEX is 180°, and IFF its IN- 
SPHERE and CIRCUMSPHERE are concentric. 


The only way for all the faces of a TETRAHEDRON to 
have the same PERIMETER or to have the same AREA is 
for them to be fully congruent, in which case the tetra- 
hedron is isosceles. 
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horizontal potential differences in the ionosphere could be 
provided by monitoring the ionospheric potential simulta- 
neously in different locations. Furthermore, the widely ac- 
cepted relationship between global thunderstorm activity 
and ionospheric potential has yet to be verified on anything 
but the crudest statistical basis. From the present perspec- 
tive, finally, a detailed knowledge of the forcing from the 
global circuit would be useful in evaluating the electrical 
response of the PBL. 

Seen from our present state of knowledge and our present 
priorities, the following atmospheric electricity elements 
should be investigated. Are they changing over time? If so, 
how and why? 


e Thunderstorm nature, frequency, and geographic distri- 
bution; assess secular changes in the number of thunder- 
storms and/or of lightning. 

e lonosphere-Earth potential difference; assess its changes 
by direct or indirect measurements of air-Earth current 
density at the ground or in the air. 

e Atmospheric electrical conductivity and its changes at 
a selection of typical stations, with various local atmo- 
spheric and geographic conditions and of types of anthro- 
pogenic influences. 


In a recently published book, the Board of Atmospheric 
Sciences and Climate of the US National Research Coun- 
cil (1998) has presented a few Recommended Atmospheric 
Electricity Research Topics. These are to 


e Investigate the possibility that the global electrical circuit 
and global and regional lightning frequency might be an 
indicator of climate change. 

e Determine mechanisms responsible for charge generation 
and separation in clouds to understand cloud formation 
mechanisms and elucidate the fundamental physics of 
lightning. 

e Determine the nature and sources of middle-atmospheric 
discharges to (1) increase knowledge of these recently 
discovered phenomena and their possible association with 
severe weather, and (2) explore their effects on radio prop- 
agation and atmospheric chemistry. 

e Quantify the production of oxides of nitrogen (NO, ) by 
lightning to better understand upper-troposphere ozone 
production or loss. 


The European Science Foundation has recently estab- 
lished a Network on “Space weather and the Earth’s weather 
electrodynamic and charged particle effects on the strato- 
sphere and troposphere”. The overall aim of that interdis- 
ciplinary study, now named Space Processes and Electrical 
Changes Influencing Atmospheric Layers (SPECIAL), is to 


e review and investigate such subjects, 

e generate and test some hypotheses on the effects of ener- 
getic charged particles on the atmosphere, and 

e consider their effects on weather and climate (also see 
Feynman and Ruzmaikin, 1999). 


Thus, it is evident that the “old” subject of atmospheric 
electricity is very much “alive and kicking” today. Indeed, 
in the next decade or so, it may experience a renaissance. 


8. Conclusions and discussions 


The study of atmospheric electricity and the global elec- 
tric circuit has advanced dramatically in the past 50 years. 
Our knowledge of the global electric circuit modulated by 
solar effects has improved, although there are generally more 
questions than answers in this field of atmospheric elec- 
tricity. Regarding aerosols and atmospheric ions, advances 
have been made in studying air pollution using atmospheric 
electricity, and we have a better understanding of how the 
conductivity of the atmosphere is influenced by aerosols, 
and how this impacts our measurements of the fair-weather 
global circuit. 

Perhaps the largest advances have been made in the areas 
of lightning and thunderstorm research, as related to the 
global circuit. We now have satellites looking down on the 
Earth continuously, supplying information on the temporal 
and spatial variability of lightning and thunderstorms. New 
discoveries have been made in the field of sprites, elves and 
blue jets, which may have a direct impact on the global 
circuit and how we model the global circuit. 

Finally, the global atmospheric electric circuit is now 
starting to be recognised by some climate researchers as a 
useful tool to study and monitor the Earth’s changing cli- 
mate. The global electric circuit is the only climate-related 
parameter that can be measured at a single location on the 
Earth’s surface, and yet supply global information. This 
unique quality should encourage additional research in this 
field. 

Although there have been dramatic advances in the field 
of sprites, lightning, and even the Schumann resonances over 
the last decade, there is a need for an increased understand- 
ing of the solar-terrestrial connection. How do changes in 
solar particles and cosmic radiation, and also the solar wind, 
influence the Earth’s climate? How strong is this connec- 
tion? Is it mainly a high-latitude connection, or can tropical 
thunderstorms be affected by changes in the solar wind flux? 
What about variations over the solar cycle? These and many 
more questions need to be addressed in future research. 

Our need to assess environmental impacts on human 
kind’s technological systems requires a better understand- 
ing of electrical processes in the Earth’s atmosphere than 
we now possess. Further research is needed to understand 
better the natural electrical environment and its variability 
and to predict its future evolution. 
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Isosceles Triangle 


see also CIRCUMSPHERE, INSPHERE, ISOSCELES TRIAN- 
GLE, TETRAHEDRON 
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Isosceles Triangle 


a 
A TRIANGLE with two equal sides (and two equal AN- 
GLES). The name derives from the Greek ¿so (same) and 
skelos (LEG). The height of the above isosceles triangle 
can be found from the PYTHAGOREAN THEOREM as 


a 


There is a surprisingly simple relationship between the 
AREA and VERTEX ANGLE @. As shown in the above 
diagram, simple TRIGONOMETRY gives 


h = Reos(30) (3) 
a = Rsin(50), (4) 


so the AREA is 


A = }(2a)h = ah = R? cos(10) sin(10) = 1R? sin : , 
5 


No set of n > 6 points in the PLANE can determine only 
ISOSCELES TRIANGLES. 


see also ACUTE TRIANGLE, EQUILATERAL TRIANGLE, 
INTERNAL BISECTORS PROBLEM, ISOSCELES TETRAHE- 
DRON, ISOSCELIZER, OBTUSE TRIANGLE, POINT PICK- 
ING, PONS ASINORUM, RIGHT TRIANGLE, SCALENE 
TRIANGLE, STEINER-LEHMUS THEOREM 
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Isoscelizer 


E 


An isoscelizer of an ÁNGLE A in a TRIANGLE AABC 
is a LINE SEGMENT larIac where Tan lies on AB and 
Iac on AC such that AAlI,plac is an ISOSCELES TRI- 
ANGLE. 


see also CONGRUENT ISOSCELIZERS POINT, ISOSCELES 
TRIANGLE, YFF CENTER OF CONGRUENCE 
Isospectral Manifolds 


E 


"KY 
L£ GEN 


DRUMS that sound the same, i.e., have the same eigen- 
frequency spectrum. Two drums with differing AREA, 
PERIMETER, or GENUS can always be distinguished. 
However, Kac (1966) asked if it was possible to construct 
differently shaped drums which have the same eigenfre- 
quency spectrum. This question was answered in the 
affirmative by Gordon et al. (1992). Two such isospec- 
tral manifolds are shown in the right figure above (Cipra 
1992). 


References 

Chapman, $. J. “Drums That Sound the Same.” Amer. 
Math. Monthly 102, 124-138, 1995. 

Cipra, B. “You Can’t Hear the Shape of a Drum.” Science 
255, 1642-1643, 1992. 

Gordon, C.; Webb, D.; and Wolpert, S. “Isospectral Plane 
Domains and Surfaces via Riemannian Orbifolds.” Invent. 
Math. 110, 1-22, 1992. 

Gordon, C.; Webb, D.; and Wolpert, S. “You Cannot Hear 
the Shape of a Drum.” Bull. Amer. Math. Soc. 27, 134— 
138, 1992. 

Kac, M. “Can One Hear the Shape of a Drum?” Amer. Math. 
Monthly 73, 1-23, 1966. 


936 Isothermal Parameterization 


Isothermal Parameterization 
A parameterization is isothermal if, for ¢ = u + iv and 


the identity 


ANO + $27(C) + 37(¢) = 0 


holds. 
see also MINIMAL SURFACE, TEMPERATURE 


Isotomic Conjugate Point 

The point of concurrence Q of the ISOTOMIC LINES rel- 
ative to a point P. The isotomic conjugate a’ : 8' : y 
of a point with TRILINEAR COORDINATES a: 3:7 is 


(ata)? (By? : (77). (1) 


The isotomic conjugate of a LINE d having trilinear 
equation 
la + m8 + my (2) 


is a CONIC SECTION circumscribed on the TRIANGLE 
AABC (Casey 1893, Vandeghen 1965). The isotomic 
conjugate of the LINE AT INFINITY having trilinear equa- 
tion 

aa+bB+cy=0 (3) 


is STEINER’S ELLIPSE 


roe tay! fai 

ele E (4) 
a b c 

(Vandeghen 1965). The type of CONIC SECTION to 

which d is transformed is determined by whether the 

line d meets STEINER’S ELLIPSE E. 


1. If d does not intersect E, the isotomic transform is 
an ELLIPSE. 


2. If d is tangent to E, the transform is a PARABOLA. 


3. If d cuts E, the transform is a HYPERBOLA, which 
is a RECTANGULAR HYPERBOLA if the line passes 
through the isotomic conjugate of the ORTHOCEN- 
TER 


(Casey 1893, Vandeghen 1965). 


There are four points which are isotomically self- 
conjugate: the CENTROID M and each of the points 
of intersection of lines through the VERTICES PARAL- 
LEL to the opposite sides. The isotomic conjugate of the 
EULER LINE is called JERABEK’S HYPERBOLA (Casey 
1893, Vandeghen 1965). 


Vandeghen (1965) calls the transformation taking points 
to their isotomic conjugate points the CEVIAN TRANS- 
FORM. The product of isotomic and ISOGONAL is a 
COLLINEATION which transforms the sides of a TRIAN- 
GLE to themselves (Vandeghen 1965). 


Isotopy 


see also CEVIAN TRANSFORM, GERGONNE POINT, Iso- 
GONAL CONJUGATE, JERABEK’S HYPERBOLA, NAGEL 
POINT, STEINER’S ELLIPSE 
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Isotomic Lines 


Given a point P in the interior of a TRIANGLE 
AA,A2A3, draw the CEVIANS through P from each 
VERTEX which meet the opposite sides at P,, Pe, and 
P3. Now, mark off point Qı along side A243 such that 
A3P; = AoQ1, etc., i.e., so that Q; and FP; are equidis- 
tance from the MIDPOINT of A;A,. The lines 41Q1, 
A2Q2, and AzQ3 then coincide in a point Q known as 
the ISOTOMIC CONJUGATE POINT. 


see also CEVIAN, ISOTOMIC CONJUGATE POINT, MID- 
POINT 


Isotone Map 
A MAP which is monotone increasing and therefore 
order-preserving. 


Isotope 
To rearrange without cutting or pasting. 


Isotopy 

A HOMOTOPY from one embedding of a MANIFOLD M 
in N to another such that at every time, it is an embed- 
ding. The notion of isotopy is category independent, so 
notions of topological, piecewise-linear, smooth, isotopy 
(and so on) exist. When no explicit mention is made, 
“isotopy” usually means “smooth isotopy.” 


see also AMBIENT ISOTOPY, REGULAR ISOTOPY 


Isotropic “Tensor 


Isotropic Tensor 
A TENSOR which has the same components in all rotated 
coordinate systems. 


rank | isotropic tensors 


all 
none 
Kronecker delta 


1 
3 


Isovolume Problem | 

Find the surface enclosing the maximum volume per 
unit surface AREA I = V/S. The solution is a SPHERE, 
which has 


I. here = |» 
k Ary? 


see also DIDO’S PROBLEM, ISOPERIMETRIC PROBLEM 
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Isthmus 
see BRIDGE (GRAPH) 


Iterated Exponential Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Euler (Le Lionnais 1983) and Eisenstein (1844) showed 


that the function h(x) = 2% , where r?” is an ab- 
breviation for r?°, converges only for e”* < x < e°, 
that is, 0.0659...< x < 1.44466.... The value it con- 


verges to is the inverse of 2*/% which has a closed form 
expression in terms of LAMBERT’S W-FUNCTION, 


p(z) = HE (1) 


—1n z 


(Corless et al.). Knoebel (1981) gives 


3* (In z)? x 4% (In z)” 


h(z)=1+Ine+ 31 fi 


Ho. (2) 


(Vardi 1991). A CONTINUED FRACTION due to Khovan- 
skii (1963) is 


2(2 — 1) 
== 
(4x? — 1) (2 — 1) 
(92 — 1)(a — 1) 
Tal +1)-... 


(3) 


z’ +1- 
3x(« +1) — 
5r(x + 1) — 
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The function g(x) = xl*/ a converges only for 


ee < g < eĉ, that is, 0.692... < x < 15.154.... The © 
value it converges to is the inverse of g”. 


Some interesting related integrals are 


Se ale 
| a* de = y. 2 — = 0.7834305107... (4) 
0 n=l 


1 CO 
a 1 
/ T de = ) ne = 1.2912859971 E (5) 
0 


n=1 
(Spiegel 1968, Abramowitz and Stegun 1972). 
see also LAMBERT’S W-FUNCTION 
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Iterated Function System 

A finite set of contraction maps w; for i = 1, 2, ..., 
N, each with a contractivity factor s < 1, which map a 
compact METRIC SPACE onto itself. It is the basis for 
FRACTAL image compression techniques. 


see also BARNSLEY’S FERN, SELF-SIMILARITY 
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Iterated Radical 
see NESTED RADICAL 


Iteration Sequence 

A SEQUENCE {a;} of POSITIVE INTEGERS is called an 
iteration sequence if there EXISTS a strictly increasing 
sequence {s,} of POSITIVE INTEGERS such that a, = 
sı > 2 and aj = 8q,_, for j = 2, 3,.... A NECESSARY 
and SUFFICIENT condition for {a;} to be an iteration 
sequence is 

a; > 245-1 — aj-2 


for all 7 > 3. 
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Itô’s Lemma 


t t 
vi-Vo= | fe(SuyT ~ w) ds. f fr(Su,T — u) du 
0 0 
t 
+io? f Su’ fer(Su,T — u) du, 
0 


where Vz = f(S¿,7) forO <r =T-—t< T, and f € 
C?*((0,00) x [0,7]). 
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Ito’s Theorem 

The dimension d of any IRREDUCIBLE REPRESENTATION 
of a GROUP G must be a DIVISOR of the index of each 
maximal normal Abelian SUBGROUP of G. 


see also ABELIAN GROUP, IRREDUCIBLE REPRESENTA- 
TION, SUBGROUP 
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Iwasawa’s Theorem 


Iverson Bracket 
Let S be a mathematical statement, then the Iverson 
bracket is defined by 


_ fO if S is true 
iS { 1 if S is false. 


This notation conflicts with the brackets sometimes used 
to denote the FLOOR FUNCTION. For this reason, and 
because of the elegant symmetry of the FLOOR FUNC- 
TION and CEILING FUNCTION symbols |x| and [a], the 
use of [z] to denote the FLOOR FUNCTION should be 
deprecated. 


see also CEILING FUNCTION, FLOOR FUNCTION 
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Iwasawa’s Theorem 
Every finite-dimensional LIE ALGEBRA of characteristic 
p Æ Q has a faithful finite-dimensional representation. 
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J 


j 
The symbol used by engineers and some physicists to 
denote i, the IMAGINARY NUMBER y—1. 


j-Conductor 
see FREY CURVE 


j-Function 


The j-function is defined as 


j(q) = 17283 (4/9), (1) 


where 
Ca ADO 
D = OO? 


is KLEIN’S ABSOLUTE INVARIANT, A(q) the ELLIPTIC 
LAMBDA FUNCTION 


(2) 


a) = Rta) = [FAB (3) 


and Y; a THETA FUNCTION. This function can also be 
specified in terms of the WEBER FUNCTIONS f, fi, f2, 
yo, and y3 as 


a a 167 

J (2) z f(z) (4) 
[f (z2) + 16]? 
© fA”) 3 
_ [f2 (2) +16] 
© fa4(z) i 
= y2 (z) (7) 
= y3 (2) + 1728 (8) 


(Weber 1902, p. 179; Atkin and Morain 1993). 


The 7-function is MEROMORPHIC function on the upper 
half of the COMPLEX PLANE which is invariant with 
respect to the SPECIAL LINEAR GROUP S£(2, Z). It has 
a FOURIER SERIES 


jld = Yang”, (9) 
for the NOME 
E (10) 
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with Sft] > 0. The coefficients in the expansion of the 
j-function satisfy: 


1. an = 0 for n < —i and a_, = 1, 


2. all ans are INTEGERS with fairly limited growth with 
respect to n, and 


3. j(q) is an ALGEBRAIC NUMBER, sometimes a Ra- 
TIONAL NUMBER, and sometimes even an INTEGER 
at certain very special values of q (or t). 


The latter result is the end result of the massive and 
beautiful theory of COMPLEX multiplication and the 
first step of Kronecker’s so-called “JUGENDTRAUM.” 


Then all of the COEFFICIENTS in LAURENT SERIES 


1 
Ha) = al 744 + 196884q + 21494760q° 


+864299970q* +20245856256q* +333202640600q°+... 
(11) 


(Sloane’s A000521) are POSITIVE INTEGERS (Rankin 
1977). Let d be a POSITIVE SQUAREFREE INTEGER, 
and define 


t= Jivd for d = 1 or 2 (mod 4) 
=) a > = (12) 
1(1+ivd) for d=3 (mod 4). 
Then the NOME is | 
_ intr _ | ¿2milivd) 
PoR n ¿2ri(1+ivVd)/2 
= l e "V4 ftord=10r2 (mod 4) (13) 
er ford =3 (mod 4). 


It then turns out that j(q) is an ALGEBRAIC INTEGER 
of degree h(—d), where h(—d) is the CLASS NUMBER of 
the DISCRIMINANT —d of the QUADRATIC FIELD Q(,/n ) 
(Silverman 1986). The first term in the LAURENT SE- 
RIES is then q? = e? Vr or A and all the 
later terms are POWERS of q”*, which are small num- 
bers. The larger n, the faster the series converges. If 
h(—d) = 1, then j(q) is a ALGEBRAIC INTEGER of de- 
gree 1, i.e., just a plain INTEGER. Furthermore, the 
INTEGER is a perfect CUBE. 


The numbers whose LAURENT SERIES give INTEGERS 
are those with CLASS NUMBER 1. But these are precisely 
the HEEGNER NUMBERS —1, —2, -3, —7, —11, —19, 
—43, —67, —163. The greater (in ABSOLUTE VALUE) 
the HEEGNER NUMBER d, the closer to an INTEGER is 
the expression e” V7”, since the initial term in j (q) is 
the largest and subsequent terms are the smallest. The 
best approximations with h(—d) = 1 are therefore 


eV ~ 960° + 744 — 2.2 x 1074 (14) 
e7V87 y 5280° + 744 — 1.3 x 107? (15) 


e7V183 ~ 640320° + 744 — 7.5 x 10%. (16) 
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The exact values of j(q) corresponding to the HEEGNER 
NUMBERS are 


jl=e””) = 12 (17) 
je) = 20° (18) 
je aes a (19) 
A Ses (20) 
j(-e""%™* ) = -32° (21) 
ile rv) = -96° (22) 
j(=e 7%) = —960* (23) 
jl=e" Y) = —5280° (24) 
j(—e7 711% y = 6403207. (25) 


(The number 5280 is particularly interesting since it is 
also the number of feet in a mile.) The ALMOST IN- 
TEGER generated by the last of these, eve? (corre- 
sponding to the field Q(./—163) and the IMAGINARY 
quadratic field of maximal discriminant), is known as 
the RAMANUJAN CONSTANT. 


enV 22 enV 37 and e™Y°® are also ALMOST INTEGERS. 
These correspond to binary quadratic forms with dis- 
criminants —88, —148, and —232, all of which have 
CLASS NUMBER two and were noted by Ramanujan 
(Berndt 1994). 


It turns out that the 7-function also is important in the 
CLASSIFICATION THEOREM for finite simple groups, and 
that the factors of the orders of the SPORADIC GROUPS, 
including the celebrated MONSTER GROUP, are also re- 
lated. 


see also ALMOST INTEGER, KLEIN’S ABSOLUTE INVARI- 
ANT, WEBER FUNCTIONS 
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Jackson's Identity 


Weber, H. Lehrbuch der Algebra, Vols. I-II. New York: 
Chelsea, 1979. 

http://www.astro. 

virginia.edu/-eww6n/math/notebooks/jFunction.m. 


j-Invariant 
An invariant of an ELLIPTIC CURVE closely related to 
the DISCRIMINANT and defined by 


23a: 
4a? + 2706? 
The determination of 7 as an ALGEBRAIC INTEGER in 
the QUADRATIC FIELD Q(j) is discussed by Greenhill 
(1891), Weber (1902), Berwick (1928), Watson (1938), 
Gross and Zaiger (1985), and Dorman (1988). The norm 
of j in Q(j) is the CUBE of an INTEGER in Z. 
see also DISCRIMINANT (ELLIPTIC CURVE), ELLIPTIC 
CURVE, FREY CURVE 


JE) = 
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Jackson's Difference Fan 

If, after constructing a DIFFERENCE TABLE, no clear 
pattern emerges, turn the paper through an ANGLE of 
60° and compute a new table. If necessary, repeat the 
process. Each ROTATION reduces POWERS by 1, so the 
sequence {k”} multiplied by any POLYNOMIAL in n is 
reduced to Os by a k-fold difference fan. 
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Jackson’s Identity 
A q-SERIES identity involving 


(aq); (agde)¿ (adec); (aged), 
(aqc)7 (aqd)7 (age)7 (agcde)z” 


where 
(a); = (1- aj(1 — aq): (1 — aq” *). 


see also q-SERIES 
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Jackson’s Theorem 


Jackson’s Theorem 

Jackson’s theorem is a statement about the error E,,(f) 
of the best uniform approximation to a REAL FUNCTION 
f(x) on [—1, 1] by REAL POLYNOMIALS of degree at most 
n. Let f(x) be of bounded variation in [—1,1] and let 
M' and V’ denote the least upper bound of |f(x)| and 
the total variation of f(x) in [—1, 1], respectively. Given 
the function 


F(x) = F(-1 x) dz, 1 
(z) = F(-1) + f f(a) (1) 
then the coefficients 

an = 5(2n + | F(x)Pp (x) de (2) 


of its LEGENDRE SERIES, where P(x) is a LEGENDRE 
POLYNOMIAL, satisfy the inequalities 


" LM + V')n?? for n > 1 
an| < = 
Z(M" +V')n-9/? forn>2. 
Moreover, the LEGENDRE SERIES of F(x) converges uni- 
formly and absolutely to F(x) in [-1, 1]. 


Bernstein strengthened Jackson’s theorem to 


ån 2 
2n E < — — = 0.6366. 4 
Enta S n(2n +1) > T (4) 


A specific application of Jackson’s theorem shows that 
if 
a(x) = fal, (5) 


then 
En(a) < o. (6) 


see also LEGENDRE SERIES, PICONE’S THEOREM 
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Jaco-Shalen-Johannson Torus 

Decomposition 

Irreducible orientable COMPACT 3-MANIFOLDS have a 
canonical (up to ISOTOPY) minimal collection of dis- 
jointly EMBEDDED incompressible TORI such that each 
component of the 3-MANIFOLD removed by the TORI is 
either “atoroidal” or “Seifert-fibered.” 
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Jacobi Algorithm 

A method which can be used to solve a TRIDIAGONAL 
MATRIX equation with largest absolute values in each 
row and column dominated by the diagonal element. 
Each diagonal element is solved for, and an approximate 
value plugged in. The process is then iterated until it 
converges. This algorithm is a stripped-down version of 
the JACOBI METHOD of matrix diagonalization. 


see also JACOBI METHOD, TRIDIAGONAL MATRIX 
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Jacobi-Anger Expansion 


co 


¿E cos 8 = ` i Jale’, 


n= — 00 


where Jn(z) is a BESSEL FUNCTION OF THE FIRST 
KIND. The identity can also be written 


e7? = Jo(z)+2 > i" Jn.(z) cos(né). 


n=1 


This expansion represents an expansion of plane waves 
into a series of cylindrical waves. 


see also BESSEL FUNCTION OF THE FIRST KIND 
Jacobi’s Curvature Theorem 

The principal normal indicatrix of a closed space curve 
with nonvanishing curvature bisects the AREA of the 


unit sphere if it is embedded. 


Jacobi’s Determinant Identity 


Let 
PJ o w 


Ww xX 
: J (2) 


where B and W are k x k MATRICES. Then 


A 


(det Z)(det A) = det B. (3) 


The proof follows from equating determinants on the 
two sides of the block matrices 


tapai u 


where | is the IDENTITY MATRIX and O is the zero ma- 
trix. 
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Jacobi Differential Equation 


(1-0 y"+[6-a-(04+P+2)0]y in(n+a+P41)y=0 
(1) 
or 
d 


L(a) + 2) y] 


+n(n+a+8+1)(1-0)*(1+2) y =0. (2) 


The solutions are JACOBI POLYNOMIALS. They can be 
transformed to 


du [lil 118 
dx? 4-2)? 4(142)? 
sl 1 1 
¿m4 a+ BH ) + $(a+1)(6 +1) 0, (3) 
1— x? 
where 
u=u(z) = (1-2) 92 + CDA a), (4) 
and 
deu 3 — a? m 3 — B? 
dé 4sin?(50) 4 cos?(4@) 
2 
+ (n+ Stee) Juno (5) 


where 


u = u(0) = sint? (26) cos?*/? (46) PIP (cos 8). 


(6) 


Jacobi Differential Equation (Calculus of 
Variations) 


d f H 
n > qe uu + fyryn J= (fyyn + fyyn )=0, 


O(a, 7, n’) = (fyyn’ an 2 fy F Fagg): 


This equations arises in the CALCULUS OF VARIATIONS. 


References 
Bliss, G. A. Calculus of Variations. 
Court, pp. 162-163, 1925. 
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Jacobi Elliptic Functions 

The Jacobi elliptic functions are standard forms of EL- 
LIPTIC FUNCTIONS. The three basic functions are de- 
noted cn(u, k), dn(u, k), and sn(u, k), where k is known 
as the MODULUS. In terms of THETA FUNCTIONS, 


smu) ada a) 
a Be balud") 2) 

cn(u, k) = De Da (uds?) (2) 

dn(u, k) = a a - (3) 


(Whittaker and Watson 1990, p. 492), where 9, = 09,(0) 
(Whittaker and Watson 1990, p. 464). Ratios of Jacobi 
elliptic functions are denoted by combining the first let- 
ter of the NUMERATOR elliptic function with the first of 
the DENOMINATOR elliptic function. The multiplicative 
inverses of the elliptic functions are denoted by reversing 
the order of the two letters. These combinations give a 
total of 12 functions: cd, cn, cs, dc, dn, ds, nc, nd, ns, 
sc, sd, and sn. The AMPLITUDE q is defined in terms of 
snu by 

y = sing = sn(u, k). (4) 


The k argument is often suppressed for brevity so, for 
example, sn(u, k) can be written sn u. 


The Jacobi elliptic functions are periodic in K(k) and 
K"(k) as 
sn(u + 2mK + 2niK', k) = (-1)" sn(u,k) (5) 


cn(u +2mK + 2niK',k) = (-1)"*” en(u,k) (6) 
dn(u + 2mK + 2niK",k) = (-1)"dn(u,k), (7) 


where K(k) is the complete ELLIPTIC INTEGRAL OF THE 
First KIND, K'(k) = K(k’), and k' = v1 — k? (Whit- 
taker and Watson 1990, p. 503). 


The cnz, dng, and sng functions may also be defined 
as solutions to the differential equations 


dy 


ao —(1+ k*)y + 2k*y (8) 
dy 2 2 3 
TY = (124 )y 24 y (9) 
d? 
aoe = (Ry 2y. (10) 


The standard Jacobi elliptic functions satisfy the iden- 
tities 


sn u +cn’ u= 1 ( 
k*sn*u+dn*u=1 ( 

k? cn? u + k’? = dn? u (13) 
( 


2 


2 12 2 
cnu + k^ sn“ u = dn' u. 


Jacobi Elliptic Functions 


Special values are 


cn(0) = 1 (15) 
dn(0) = 1 (16) 
cn(K)=0 (17) 
dn(K) =k = y 1-— k2, (18) 
sn(K) = 1, (19) 


where K = K(k) is a complete ELLIPTIC INTEGRAL OF 
THE FIRST KIND and k’ is the complementary MODULUS 
(Whittaker and Watson 1990, pp. 498-499). 


In terms of integrals, 
u = / eg) "edi (20) 
0 


oo 
= Pet VG arya (21) 


ns tt 


1 
= (1 -2) 124) dt (22) 


cn u 


S (2-D (e +k) dt (23) 
1 


1 $ 
= (1 ER ep RÓS Os = pat dt (24) 


dn u 


nd u 
= J (1) k?) dt (25) 
1 
U 3 
= | (1HP) (+k da (26) 
0 


= (A) AG ERS dt (27) 


sdu 
= | (1 — kPP) (14k) dt (28) 


oO 


(2 = ah ón i eye dt (29) 


0 
d 


cdu 
J Gr 1-4) a (30) 
e 
(t* — 1) 
de u 


IMPAR (31) 


(Whittaker and Watson 1990, p. 494). 


Jacobi elliptic functions addition formulas include 


snucnyvudny+snvcnudnu 


— 32 

sees) 1 — k? sn? u sn? y E 
cnucnv — sn usnv dn u dn v 

= aaaea 33 

Ca 1 — k? sn? usn? v (33) 

osaa E a (34) 


1 — k? sn? usn? v 
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Extended to integral periods, 


cnu 
sn(u + K) = du (35) 
k'snu 
cn(u + K) = — aa (36) 
k' 
dn(u + K) = Li (37) 
sn(u + 2K) = -snu (38) 
cn(u +2K)= -cnu (39) 
dn(u + 2K) = dnu (40) 
For COMPLEX arguments, 
y — Sn(u,k)dn(o,k') 
sn(u + 10) = 1— dn? (u, k) sn? (v, k') 
Pa kA A i E OA 
1 — dn? (u, k} sn? (v, k’) 
yy — mu, k)en(o, k) 
cn(u + iv) id ļ— dn? (u, k) sn? (v, k') 
SR A A OR i 
1 — dn? (u, k) sn? (v, k’) 
, dn(u, k) en(v, k’) dn(v, k’) 
d = ARO ee ee 
n(u + iv) 1 — dn (u, k) sn?(v, k') 
_ ik’ sm(u, k) en(u,k)sn(v,k') (4) 


1 — dn? (u, k) sn? (v, k’) 


DERIVATIVES of the Jacobi elliptic functions include 


— = cnudnu (44) 

ae = snudnu (45) 
ddnu 2 

=k 46 

Ta sn u cn u (46) 


Double-period formulas involving the Jacobi elliptic 
functions include 


2snucnudnu 


NS da (47) 
1 — 2 sn? u + k? snt u 

cn(2u) = B e (48) 
_ 9b? en? 2.4 

dn(2u) = 1 — 2k“ snf u + k^ sn u (49) 


1 — k? snf u 


Half-period formulas involving the Jacobi elliptic func- 
tions include 


| 1 
sn(3K) = ES (50) 
ig k' 


dn(3K) = Vk’. (52) 
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Squared formulas include 


2 1 — cn(2u) 


sn u = 1+dn(2u) (53) 
2 dn(2u)+cn(2u) 

om T+ dn(2u) (54) 
2 dn(2u)-+cn(2u) 

dn’ u = Arata (55) 


see also AMPLITUDE, ELLIPTIC FUNCTION, JACOBI'S 
IMAGINARY TRANSFORMATION, THETA FUNCTION, 
WEIERSTRASS ELLIPTIC FUNCTION 
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Jacobi Function of the First Kind 
see JACOBI POLYNOMIAL 


Jacobi Function of the Second Kind 


(2,6) (x) = O E _ i is 


«fia 


In the exceptional case n = 0, a+ 6+ 1 = 0, a noncon- 
stant solution is given by 


(a +1) 


== ALE AAA 


QU (2) =In(2+1) +17 “(2 +1)7? 
f eae: 2 i In(1 + t) dt. 


* sin(ra)(z — 1)7 
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Jacobi-Gauss Quadrature 

Also called JACOBI QUADRATURE or MEHLER QUAD- 
RATURE. A GAUSSIAN QUADRATURE over the interval 
[—1, 1] with WEIGHTING FUNCTION W (gz) = (1—2)*(1+ 
x)?. The ABSCISSAS for quadrature order n are given by 
the roots of the JACOBI POLYNOMIALS PP (g). The 
weights are 


= Án+17Yn 
AA (2,8) 
AnP” (ti)Pryj (21) 
An Yn-1 
A ——————— (1) 


Nees Gotan O 
Ana PIMP) (a) PO (as) 


where A, is the COEFFICIENT of x” in PEP (2), For 
JACOBI POLYNOMIALS, 


T(2n+a+8+1) 


Aya EA, 
2 T(n+a+B8+1)” 


(2) 


where T'(2) is a GAMMA FUNCTION. Additionally, 


1 A 1 
a 227 (n!)? 2n+a+8+1 
¿Hin+ a+ ln +p4+1) 


Nro 
SO 
_ m+a+ßb+2r(n+a+1I(n+8+1) 
““ ntat+64+1 Mn+a+8+1) 
g2nta+P+l,, 
“Vie)Vanle;) (4) 
_Tin+a+DI(n+6+1) 227tetetty) 
o Tin4+a+f+1)  (1- z:?)[Va(z:)]? 
(5) 
where pen 
— pl(a,B) mb. 
Vn = PRO) (0) ye (6) 
The error term is 
E- Mn+a+1ln+P8+ 1 (n+a+8+1) 
” Qn+a+6+1)PQn+a+64+1)/? 
g2n+otP+ iy] (2n) 
x tiny +? (£) (7) 


(Hildebrand 1959). 


References 


Hildebrand, F. B. Introduction to Numerical Analysis. New 
York: McGraw-Hill, pp. 331-334, 1956. 


M.J. Rycroft et al. | Journal of Atmospheric and Solar-Terrestrial Physics 62 (2000) 1563-1576 1575 


Barrington-Leigh, C.P., Inan, U.S., Stanley, M., Cummer, S.A., 
1999. Sprites triggered by negative lightning discharges. 
Geophysical Research Letters 26, 3605-3608. 

Bering III, E.A., 1995. The global circuit: global thermometer, 
weather by-product or climate modulator?. Reviews of 
Geophysics 33 (Supplement to Vol. 33, Part 2), 845-862. 

Bering, E.A., Few, A.A., Benkrook, J.R., 1998. The global electric 
circuit. Physics Today 51, 24-29. 

Bering, E.A., Benbrook, J.R., Garrett, J.A., Paredes, A., Wescott, 
E.M., Sentman, D.D., Stenbaek-Nielsen, H.C., Lyons, W.A., 
1999. The 1999 Sprites Balloon Campaign, EOS Transactions 
of American Geophysical Union Fall Meeting, p. F216. 

Blakeslee, R.J., Christian, H.J., Vonnegut, B., 1989. Electrical 
measurements over thunderstorms. Journal of Geophysical 
Research 94, 13,135-13,140. 

Blanchard, D.C., 1963. Electrification of the atmosphere by 
particles from bubbles in the sea. Progress in Oceanography 1, 
71-202. 

Boccippio, D.J., Williams, E.R., Heckman, S.J., Lyons, W.A., 
Baker, I.T., Boldi, R., 1995. Sprites, ELF transients and positive 
ground strokes. Science 269, 1088-1091. 

Boeck, W.L., 1983. Krypton-85 in the atmosphere. In: Ruhnke, 
L., Latham, J. (Eds.), Proceedings in Atmospheric Electricity. 
Deepak, Hampton, pp. 73-75. 

Cho, M., Rycroft, M.J., 1998. Computer simulation of the electric 
field structure and optical emission from cloud-top to the 
ionosphere. Journal of Atmospheric and Solar Terrestrial Physics 
60, 871-888. 

Christian, H.J., Latham, J., 1998. Satellite measurements of global 
lightning. Quarterly Journal of the Royal Meteorological Society 
124, 1771-1774. 

Clayton, M., Polk, C., 1977. Diurnal variation and absolute intensity 
of world-wide lightning activity, September 1970 to May 1971. 
In: Dolezalek, H., Reiter, R. (Eds.), Electrical Processes in 
Atmospheres. Steinkopff, Darmstadt, pp. 440-449. 

Cummer, S.A., Inan, U.S., Bell, T.F., Barrington-Leigh, C.P., 
1998. ELF radiation produced by electrical currents in sprites. 
Geophysical Research Letters 25, 1281-1285, 

Davies, K., 1990. Ionospheric Radio. Peter Peregrinus, London. 

Farman, J.C., Gardiner, B.G., Shanklin, J.D., 1985. Large losses of 
total ozone in Antarctica reveal seasonal CIO,/NO, interaction. 
Nature 315, 207-210. 

Feynman, J., Ruzmaikin, A., 1999. Modulation of cosmic ray 
precipitation related to climate. Geophysical Research Letters 
26, 2057-2060. 

Fuellekrug, M., Fraser-Smith, A.C., 1996. Further evidence for 
a global correlation of the Earth-ionosphere cavity resonances. 
Geophysical Research Letters 23, 2773-2776. 

Fuellekrug, M., Fraser-Smith, A.C., 1997. Global lightning and 
climate variability inferred from ELF magnetic field variations. 
Geophysical Research Letters 24, 2411-2414. 

Gringel, W., Rosen, J.M., Hofmann, D.J., 1986. Electrical structure 
from 0 to 30 km. In: The Earth’s Electrical Environment, Studies 
in Geophysics. National Academy Press, USA, pp. 166-182. 

Hays, P.B., Roble, R.G., 1979. A quasi-static model of global 
atmospheric electricity 1. The lower atmosphere. Journal of 
Geophysical Research 84, 3291-3305. 

Hale, L.C., 1994. The coupling of ELF/ULF energy from lightning 
and MeV particles to the middle atmosphere, ionosphere and 
global circuit. Journal of Geophysical Research 99, 21,089— 
21,096. 


Heckman, S.J., Williams, E.R., Boldi, B., 1998. Total global 
lightning inferred from Schumann resonance measurements. 
Journal of Geophysical Research 103, 31,775-31,779. 

Herman, J.R., Goldberg, R.A., 1978. Sun, weather and climate, 
NASA Special Publication, SP-426, pp. 360. 

Hill, R.D., 1971. Spherical capacitor hypothesis of the Earth’s 
electric field. Pure and Applied Geophysics 84, 67-75. 

Hofmann, D.J., Rosen, J.M., Pepin, T.J., Pinnick, R.G., 1975. 
Stratospheric aerosol measurements 1: time variations of 
northern mid-latitudes. Journal of Atmospheric Science 23, 
1446-1456. 

Hogan, A.W., Mohnen, V.A., 1979. On the global distributions of 
aerosols. Science 205, 1373-1375. 

Hoppel, W., Anderson, R.V., Willett, J.C., 1986. Atmospheric 
electricity in the planetary boundary layer. In: The Earth’s 
Electrical Environment, Studies in Geophysics. National 
Academy Press, USA, 149-165. 

Horrak, U., Salm, J., Tammet, H., 1998. Burst of intermediate 
ions in atmospheric air. Journal of Geophysical Research 103, 
13,909-13,915. 

Inan, U.S., Barrington-Leigh, C., Hansen, S., Glukhov, V.S., Bell, 
T.F., Rairden, R., 1997. Rapid lateral expansion of optical 
luminosity in lightning-induced ionospheric flashes referred to 
as ‘elves’. Geophysical Research Letters 24, 583-586. 

Israelsson, S., Knudsen, E., 1986. Effects of radioactive fallout 
from a nuclear power plant accident on electrical parameters. 
Journal of Geophysical Research 91, 11,909-11,910. 

Israelsson, S., Schutte, T., Pisler, E., Lundquist, S., 1987. Increased 
occurrence of lightning flashes in Sweden during 1986. Journal 
of Geophysical Research 92, 10,996-10,998. 

Israelsson, S., Knudsen, E., Tammet, H., 1994. An experiment 
to examine the covariation of atmospheric electrical vertical 
currents at two separate stations. J. Atmospheric Electricity 14, 
63-73. 

Jackman, C.H., Cerniglia, M.C., Nielsen, J.E., Allen, D.J., 
Zawodny, J.M., McPeters, R.D., Douglass, A.R., Rosefield, J.E., 
Rood, B., 1995. Two-dimensional and three-dimensional model 
simulations, measurements and interpretation of the influence of 
the October 1989 solar proton events on the middle atmosphere. 
Journal of Geophysical Research 100, 11,641-11,660. 

Jacobson, A.R., Knox, S.O., Franz, R., Enemark, D.C., 1999. 
FORTE observations of lightning radio-frequency signatures: 
capabilities and basic results. Radio Science 34 (2), 337-354. 

Kasemir, H.W., 1963. On the theory of the atmospheric electric 
current flow, IV, Technical Report No. 2394, U.S. Army 
Electronics Research and Development Laboratories, Fort 
Monmouth, NJ, October. 

Kasemir, H.W., 1977. Theoretical problems of the global 
atmospheric electric circuit. In: Dolezalek, H., Reiter, R. (Eds. ), 
Electrical Processes in Atmospheres. Steinkopff, Darmstadt, 
pp. 423-438. 

Kasemir, H.W., 1979. The atmospheric electric global circuit. 
In: Proceedings of Workshop on the Need for Lightning 
Observations from Space, NASA CP-2095, pp. 136-147. 

Lyons, W., 1996. Sprite observations above the U.S. high plains 
in relation to their parent thunderstorm systems. Journal of 
Geophysical Research 101, 29,641-29,652. 

Markson, R., 1978. Solar modulation of atmospheric electrification 
and possible implications for the Sun-weather relationship. 
Nature 273, 103-109. 

Markson, R., 1983. Solar modulation of fair-weather and 
thunderstorm electrification and a proposed program to test an 


Jacobi Identities 


Jacobi Identities 
“The” Jacobi identity is a relationship 


[4,[B, C]] +[B,[C, 4]] +[C,[4,B]]=0, (1), 


between three elements A, B, and C, where [A, B] is the 
COMMUTATOR. The elements of a LIE GROUP satisfy 
this identity. 

Relationships between the Q-FUNCTIONS Q; are also 
known as Jacobi identities: 


Did, (8) 


equivalent to the JACOBI TRIPLE PRODUCT (Borwein 
and Borwein 1987, p. 65) and 


Q2? =169Q1* + Qs", (3) 


where 


q= e tk RO (4) 


K = K(k) is the complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND, and K'(k) = K(k’) = K(V1—k?). Using 
WEBER FUNCTIONS 


fi= Qs (5) 
fo = 2129 Q | (6) 
f =g "0, (7) 
(5) and (6) become 
fifaf = V2 (8) 
fo = fab + fa (9) 


(Borwein and Borwein 1987, p. 69). 


see also COMMUTATOR, JACOBI TRIPLE PRODUCT, Q- 
FUNCTION, WEBER FUNCTIONS 
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Jacobi’s Imaginary Transformation 
For JACOBI ELLIPTIC FUNCTIONS snu, cnu, and dnu, 


_ .sn(u, k’) 
sn(iu, k) = “enfu, k’) 
| 
cn(iu, k) = cn(u, k’) 

_ dn(u, k’) 
dn(iu, k) = cn(u, k') 


(Abramowitz and Stegun 1972, Whittaker and Watson 
1990). 


see also JACOBI ELLIPTIC FUNCTIONS 
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Jacobi Matrix 
see JACOBI ROTATION MATRIX, JACOBIAN 


Jacobi Method 

A method of diagonalizing MATRICES using JACOBI 
ROTATION MATRICES. It consists of a sequence of 
ORTHOGONAL SIMILARITY TRANSFORMATIONS, each of 
which eliminates one off-diagonal element. 

see also JACOBI ALGORITHM, JACOBI ROTATION Ma- 
TRIX 
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Jacobi Polynomial 

Also known as the HYPERGEOMETRIC POLYNOMIALS, 
they occur in the study of ROTATION GROUPS and in 
the solution to the equations of motion of the symmetric 
top. They are solutions to the JACOBI DIFFERENTIAL 
EQUATION. Plugging 


(e 


y= )_as-1) (1) 


v=0 


into the differential equation gives the RECURRENCE 
RELATION 


[y—v(v+a+B+1)]a, —2(v+1)(v+a0+1)a,41 =0 (2) 
for v = 0,1, ..., where 
y=n(n+a+8+1). (3) 


Solving the RECURRENCE RELATION gives 


27! 


PP (a) = Ea) (140) 
d” a+r B+n 
x F(a) ey") (a) 
for a, 3 > —1. They form a complete orthogonal sys- 


tem in the interval [—1, 1] with respect to the weighting 
function 


wn(2) = (1-2)*(14+0Y, (5) 
and are normalized according to 
o A 6) 


where (;) is a BINOMIAL COEFFICIENT. Jacobi polyno- 


mials can also be written 

TO2n+a+8+1) 

ntin+a+pr+1) 
xGala+8+1,6+1,H0+1), (7) 


prob) = 
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where F(z) is the GAMMA FUNCTION and 


nn +P) pe-a9-V) (9g 1), (8) 


Gn(p,q, 2) = T(2n +p) n 


Jacobi polynomials are ORTHOGONAL satisfying 


1 
/ Po) pl) (1 _ x) (1 + x)? de 
1 

gatp+l 


B T(n+a+1I(n+8+1) 
— 2n+a+ß+1 


nTín+a+8+1) Ômn- (9) 


The COEFFICIENT of the term 2” in PA (x) is given 
by 
T(2n+a+8-+1) 


A, = — = 
2°nIT(in+a+6+1) 


(10) 
They satisfy the RECURRENCE RELATION 


2(n+1)(n+a +8 + 1)(2n +a + BP (x) 
= |(2n+a +8 +1)(a? — 8°) + (2n +a + p)ar] PLP (x) 
-2(n +a)(n + 8)(2n +a + 8 + 2)P{=P (0), (11) 


where (m), is the RISING FACTORIAL 


(m+n-—1)! 


(m)n = m(m+1)---(m+n-1) = (m—1) 


_ (12) 


The DERIVATIVE is given by 


d Be a+, 
[PO (a)) = hinta BH PEI (a). (13) 


The ORTHOGONAL POLYNOMIALS with WEIGHTING 
FUNCTION (b — x)%(x — a)? on the CLOSED INTERVAL 
[a,b] can be expressed in the form 


[const.] PLP) (LE — 1) (14) 


(Szegó 1975, p. 58). 


Special cases with a = @ are 


plow (x) = roy +0 + 1T(v + 1) P&D (27? = 1) 


Tv tat 1l(2v + 1) 
T(2v+a+1)T(v +1) p(~1/2,a) 


ANA O ee ee — 2 
= Tr(v+ta+ 12v +1) * eee) 
| (15) 
a T(2v + a +2) (v +1) «1/2 2 
2441 (2) T(v+a-+1I(2v +2) TK Gi ) 
pi(Qv+at2)0vt 1) 1/20) 2 
ny ae Feo E )(1 — 2x7), 
Tete Dro) reas 


(16) 
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Further identities are 


2 
CAI 
En (2) 2n+ a+ 8B+2 
(n+ a+ 1) Pio) —(n+ DEA (y) 
 —_ zAA=2 (17) 
l-g 
PL%8+2) (a) = 2 ea 
7 Qnt+a+B+2 
(n+ B+ DPP (2) + (n+ PZR (2) (18) 
l+z 
5 2w +a+8+1r(v +1 (v+a+8+1) 
= 2a+8+1 = Tivytat Di(v+8+1) 
x PS) (2) QS) y) 
_1(y-D (y+1) go 
Td yz 2n+a+B+2 
T(n + 2T(n+a+8+2) 
T(n+a+1I(n+8+1) 
PEA PARA y) 
TY 
(Szegó 1975, p. 79). 
The KERNEL POLYNOMIAL is 
DARE 
KLP) A = 
(2,9) 2n+a+8+2 
Dín + DT(n + a +8 +2) 
x oo um——m— rr 
T(n+a+DI(n+8+1) 
ye th (x) (y) (x) n+l (y) (20) 


z—=Y 
(Szegó 1975, p. 71). 


The DISCRIMINANT is 


pee) = y n(n-1) I] yearn tay 4+ a) T {v rs) a 


p=l 
x(nt+v+a+ p)” (21) 
(Szegó 1975, p. 143). 


For a = 6 = 0, PS (x) reduces to a LEGENDRE POLY- 
NOMIAL. The GEGENBAUER POLYNOMIAL 


T 
G moa e e p — (22) 


r(2n+p) ” 


and CHEBYSHEV POLYNOMIAL OF THE FIRST KIND can 
also be viewed as special cases of the Jacobi POLYNO- 
MIALS. In terms of the HYPERGEOMETRIC FUNCTION, 


x2Fi(—n,n+ a+ Pj0+1;5(1—x)) (23) 


PLP) (q) = ee (= F 


x2F1 (=n, —n—B;at+1 “| . (24) 


Jacobi Polynomial 


Let Ny be the number of zeros in z € (—1,1), Ne the 
number of zeros in x € (—oo,—1), and N3 the number 
of zeros in x € (1,00). Define Klein’s symbol 


0 ifu <0 
E(u) = ¢ lu] if u positive and nonintegral (25) 
=l | Cr) eas ee das 


where |z| is the FLOOR FUNCTION, and 


X(a, b) = EG (2n +a + 6 + 1|- la] — |8] + 1)] (26) 
Y (a, 6) = El5(-|2n + a +8 +1] + la] — |8| + 1)] 
(27) 
Z(a, B) = El5(-|2n + a+ 8 + 1| — Ja] + [8] + 1). 
(28) 


If the cases a = —1, —2,..., —n, B = —1, —2,..., Nn, 
andn+a+ 8 = —1, —2, ..., —n are excluded, then the 


on 
number of zeros of PAP? in the respective intervals are 


2 AHD] for (PES) ($8) >0 
21 1X]+1 for (-1)"("t*) (4°) <0 
(29) 
(Y + 1)| for (Pe es > 0 
for (27+2+8) (10 < 0 


Ni (a, b) = l 


N2(a, B) z $ E 


[LAA] for Cm) (ee) > 0 
N3(a, 8) = l 9 4 4, for GE) ae <0 


(Szegó 1975, pp. 144-146). 


The first few POLYNOMIALS are 


PAP) =1 

PP (2) = 4[2(a + 1) + (a + B+ 2)(z — 1)] 

PLP) (a) = ¿lA(a + 1)2+4(a+ 6+ 3)(a + 2)(x — 1) 
+(a+ 6+ 2)2(£ — 1), 


where (m), is a RISING FACTORIAL. See Abramowitz 
and Stegun (1972, pp. 782-793) and Szegó (1975, Ch. 4) 


for additional identities. 


see also CHEBYSHEV POLYNOMIAL OF THE FIRST KIND, 
GEGENBAUER POLYNOMIAL, JACOBI FUNCTION OF THE 
SECOND KIND, RISING FACTORIAL, ZERNIKE POLY- 
NOMIAL 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). “Orthogonal 
Polynomials.” Ch. 22 in Handbook of Mathematical Func- 
tions with Formulas, Graphs, and Mathematical Tables, 
9th printing. New York: Dover, pp. 771-802, 1972. 

Iyanaga, S. and Kawada, Y. (Eds.). “Jacobi Polynomials.” 
Appendix A, Table 20.V in Encyclopedic Dictionary of 
Mathematics. Cambridge, MA: MIT Press, p. 1480, 1980. 

Szegó, G. “Jacobi Polynomials.” Ch. 4 in Orthogonal Poly- 
nomials, 4th ed. Providence, RI: Amer. Math. Soc., 1975. 


Jacobi Symbol 947 


Jacobi Quadrature 
see JACOBI-GAUSS QUADRATURE 


Jacobi Rotation Matrix 

A MATRIX used in the JACOBI TRANSFORMATION 
method of diagonalizing MATRICES. It contains cos @ 
in p rows and columns and sin ¢ġ in q rows and columns, 


1 0 
cos œ 0 sin $ 
Eon 0 1 0 
sin d 0 cos $ 
0 1 


see also JACOBI TRANSFORMATION 
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Jacobi Symbol 

The product of LEGENDRE SYMBOLS (n/p;) for each of 
the PRIME factors p; such that m = II, ps, denoted 
(n/m). When m is a PRIME, the Jacobi symbol reduces 
to the LEGENDRE SYMBOL. The Jacobi symbol satisfies 
the same rules as the LEGENDRE SYMBOL 


(n/m)(n/m') = (n/(mm) - (1) 
(n/m)(n'/m) = ((nn')/m) (2) 


(n?/m) = (n/m?) = 1 if (m,n) =1 (3) 
(n/m) = (n'/m) if n=n (mod m) (4) 
AI a os 
(5) 
A TL ema ad (mod 8 
(6) 
for m or n=1 (mod 4) 

for m,n = 3 (mod 4). (7) 


—(m/n) 


Written another way, for m and n RELATIVELY PRIME 
ODD INTEGERS with n > 3, 


(n/m) = ae 


(m/n) = YODA (m/m). (8) 


The Jacobi symbol is not defined if m < 0 or mis EVEN. 


Bach and Shallit (1996) show how to compute the Jacobi 
symbol in terms of the SIMPLE CONTINUED FRACTION 
of a RATIONAL NUMBER a/b. 


see also KRONECKER SYMBOL 
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Jacobi Tensor 


where R is the RIEMANN TENSOR. 
see also RIEMANN TENSOR 


Jacobi’s Theorem 

Let M, be an r-rowed MINOR of the nth order DETER- 
MINANT |A| associated with an n x n MATRIX A = ai; 
- in which the rows 11, 12, ..., ir are represented with 
columns ki, k2,..., kr. Define the complementary mi- 
nor to M, as the (n — k)-rowed MINOR obtained from 
|A| by deleting all the rows and columns associated with 
M, and the signed complementary minor M (") to M, to 
be 


M = (yee are ees 


x [complementary minor toM,]. 


Let the MATRIX of cofactors be given by 


Ai Ai2 a Ain 
Azı A22 KNOR Azn 
Ani An2 vd Ånn 


with M, and M; the corresponding r-rowed minors of 
¡A] and A, then it is true that 


M} = |A\" 3M”, 
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Jacobi Theta Function 
see THETA FUNCTION 


Jacobi Transformation 
see JACOBI METHOD 


Jacobi Triple Product 


Jacobi Triple Product 
The Jacobi triple product is the beautiful identity 


© 2n—1 
[[a =a apr z) € ee 2 ) 
n=1 


= Ss git (1) 


m—=—oo 


In terms of the Q-FUNCTIONS, (1) is written 


Q192Q3 = 1, (2) 


which is one of the two JACOBI IDENTITIES. For the 
special case of z = 1, (1) becomes 


OO 


pla) = G1) = [[0 +a - a?) 
= Y 2=142 Y e, (3) 


where y(x) is the one-variable RAMANUJAN THETA 
FUNCTION. 


To prove the identity, define the function 
Ea pai q 2n—1 
F(z)=][Q+2""2z (1+ a ) 
n=l 
£ T 
= (1+ z2z°) (1 + 5) (1+ 2°27) ( + 5) 


5 


atA (145) (4) 


Then 
Plez) = (1 +072") (14 5) (1 +0°2) (14 5) 
(142727) (+) (5) 
Taking (5) = (4), 


FO (+3) (5722) 


o az +l 1 1 


a E 6 
gz? l+gz? gz?’ (6) 

which yields the fundamental relation 
zz Flez) = F(z). (7) 


Now define 


G(z) = F(z) [[a gr) (8) 


Jacobi Triple Product 


G(zz) = xz) | | ( (1-— 2°"). (9) 


n=l 


Using (7), (9) becomes 


’ 
z? 


G(a2z) = Fe) Ie ee = a (10) 


so 


G(z) = 22G(zz). (11) 


Expand G in a LAURENT SERIES. Since G is an EVEN 
FUNCTION, the LAURENT SERIES contains only even 


terms. 
oO 


G(z) = y da (12) 


TR=— OO 


Equation (11) then requires that 


[e e] oo 
2m 2 2m 
dma "=z Am (xz) 
m=—oo m=-—oo 
oo ; 
2 1,2 2 
= ) as ere (13) 
MA — OO 


This can be re-indexed with m’ = m — 1 on the left side 


of (13) 


y ais y Gane ee (14) 


which provides a RECURRENCE RELATION 


am = Um”, (15) 
SO 
a] = aor (16) 
2 
ag = ar” = aog? t? = aoz? = aor’ (17) 
2 
a3 = a2£” = aor’ !* = aoz? = aoz? . (18) 


The exponent grows greater by (2m-—1) for each increase 
in m of 1. It is given by 


TTL 


Sem — 1) = 22D mm. (19) 
n=1 
Therefore, 
2 
Uam = aoz” ; (20) 
This means that 
= 2 
G(z) = ao y age. (21) 


mo—~ 00 
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The COEFFICIENT ao must be determined by going back 
to (4) and (8) and letting z = 1. Then 


F(1)=[JQ+2""@4+27"") 
=]Ja+e") (22) 


“are 2 Ic- 


(1+ a), (23) 


Hsi 


n=1 
since multiplication is ASSOCIATIVE. It is clear from this 


expression that the ay term must be 1, because all other 
terms will contain higher POWERS of x. Therefore, 


ao = 1, (24) 


so we have the Jacobi triple product, 


Gl) = [ [0-4 H a) (1 + =>) 


(25) 


i 
M 
8 

3, 
N 
3 


see also EULER IDENTITY, JACOBI IDENTITIES, Q- 
FUNCTION, QUINTUPLE PRODUCT IDENTITY, RA- 
MANUJAN PSI SUM, RAMANUJAN THETA FUNCTIONS, 
SCHROTER’S FORMULA, THETA FUNCTION 
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Jacobi Zeta Function 
Denoted zn(u, k) or Z(u). 


E(m)F(ó|m) 


Z(ólm) = Elom) - HRS, 


950 Jacobian 


where ¢ is the AMPLITUDE, m is the PARAMETER, and 
F and K are ELLIPTIC INTEGRALS OF THE FIRST KIND, 
and E is an ELLIPTIC INTEGRAL OF THE SECOND KIND. 
See Gradshteyn and Ryzhik (1980, p. xxxi) for expres- 
sions in terms of THETA FUNCTIONS. 


see also ZETA FUNCTION 
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Jacobian 
Given a set y = f(x) of n equations in n variables z1, 
., Zn, Written explicitly as 


fi 

fr 

Fn 
or more explicitly as 


Ui =F C13 i545 Da) 
(2) 
Yn = fn(L1,..-, Tn), 


the Jacobian matrix, sometimes simply called “the Ja- 
cobian” (Simon and Blume 1994) is defined by 


09 ... y 
0x1 ln 
J(£1, £2, £3) = - EN : . (3) 
Syn... Dyn 
Oxi Ory 


The DETERMINANT of J is the JACOBIAN DETERMI- 
NANT (confusingly, often called “the Jacobian” as well) 
and is denoted 


ACY Yn) 
lucre (4) 
Taking the differential 
dy = yx dx (5) 


shows that J is the DETERMINANT of the MATRIX yx, 
and therefore gives the ratios of n-D volumes (CON- 
TENTS) in y and zx, 


dyn dy = [md de, den. (6) 


Otis BH 


Jacobian Group 


The concept of the Jacobian can also be applied to n 
functions in more than n variables. For example, con- 
sidering f(u,v,w) and g(u, v, w), the Jacobians 


ALI) _ |fe fo 
O(u,v) |Ju Yu (7) 
O(f,g) _| fu fu 
O(u,w)  |9u Qu (8) 


can be defined (Kaplan 1984, p. 99). 


For the case of n = 3 variables, the Jacobian takes the 
special form 


Oy Oy 


va) = [51 de 0x3 (9) 


J f (x1, 22, 


where a-b is the DOT PRODUCT and b x c is the CROSS 
PRODUCT, which can be expanded to give 


0y1 z 1 An 
0x1 x x3 
O(y1, Y2, Y3) 0y2 Oy2 Oya (10) 
GIER Lo 23) Ori Oz Org |` 
e Oy yz yz 
GESI On 0x3 


see also CHANGE OF VARIABLES THEOREM, CURVILIN- 


EAR COORDINATES, IMPLICIT FUNCTION THEOREM 
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Jacobian Conjecture 

If det[F'(x)] = 1 for a POLYNOMIAL mapping F (where 
det is the DETERMINANT), then F is BIJECTIVE with 
POLYNOMIAL inverse. 


Jacobian Curve 

The Jacobian of a linear net of curves of order n is a 
curve of order 3(n — 1). It passes through all points 
common to all curves of the net. It is the LOCUS of 
points where the curves of the net touch one another 
and of singular points of the curve. 


see also CAYLEYIAN CURVE, HESSIAN COVARIANT, 
STEINERIAN CURVE 
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Jacobian Determinant 
see JACOBIAN 


Jacobian Group 

The Jacobian group of a 1-D linear series is given by in- 
tersections of the base curve with the JACOBIAN CURVE 
of itself and two curves cutting the series. 
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Jacobsthal-Lucas Number 


Jacobsthal-Lucas Number 
see JACOBSTHAL NUMBER 


Jacobsthal-Lucas Polynomial 
see JACOBSTHAL POLYNOMIAL 


Jacobsthal Number 
The Jacobsthal numbers are the numbers obtained by 
the Uns in the LUCAS SEQUENCE with P = 1 and 
Q = —2, corresponding to a = 2 and b = —1. They 
and the Jacobsthal-Lucas numbers (the Vns) satisfy the 
RECURRENCE RELATION 


TIENE iea: (1) 


The Jacobsthal numbers satisfy Jo = 0 and Jı = 1 and 
are 0, 1, 1, 3, 5, 11, 21, 43, 85, 171, 341, ... (Sloane's 
A001045). The Jacobsthal-Lucas numbers satisfy jo = 2 
and Jı = 1 and are 2, 1, 5, 7, 17, 31, 65, 127, 257, 511, 
1025, ... (Sloane’s A014551). The properties of these 
numbers are summarized in Horadam (1996). They are 
given by the closed form expressions 


As 
n= Y ( je (2) 
r=0 


r 
[7/2] z a 
Te or, 
m= aT) 2 


where |x| is the FLOOR FUNCTION and (7) is a BINO- 
MIAL COEFFICIENT. The Binet forms are 


Jn = z(a" — b”) = 3(2" — (-1)"] (4) 
maa +0 SH? (a1). 


AT, 
a 
A 


The GENERATING FUNCTIONS are 


> Jia? = (1 — g — 227)" (6) 
ye SSG ener) (7) 


The Simson FORMULAS are 
Intitn—1 = J = (sp arm (8) 
jn+ijn-1 -jn = UD) 712} = —9(Jny1Jn-1— Jn’). 


Summation FORMULAS include 


Y Ji = HJn+2 — 3) (10) 
Sa: = 5(Jnt2 — 5). (11) 
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Interrelationships are 


Tada = Jan (12) 

In = Inti + 2-1 (13) 

9Jn = jnti + 2Ín-1 (14) 

jnti t Jn = 3(Jn41 + Jn) = 3-2" (15) 

Jn+1 = In = 3(Jn+1 2 Jn) ae Ed ER gn + a—r+? 
(16) 


dn+1 — 24n = 3(2Jn — Jny1) = 3(-1)"*" (17) 
2jn+1 + jn—1 = 3(2Jn+1 + Jn—1)+6(-1)"** (18) 
In+r + NE = 5 | eee ++ Vin) + 4(-1)""" (19) 

= 2°-7(2°7 +1) 42(-1)""-" (20) 


Fiji AA MS So Oe" =) 121) 


jn = 3Jn + U-1)" (22) 

3Jn + jn = Ot (23) 

Jn + Jn = 2In41 (24) 
jntajn—2 — jn” = —9(Jn42Ja-2 — Jn)? = 9(—1)"2" 7 
(25) 

Imin + Injm = 2D min (26) 
Jmjn + 9 Im In = 2jm+n (27) 

Ín +9Jn" = 2jan (28) 

Imgn — Injm = (-1)"2° Jm-n (29) 
jmja — 9JmJn = (12% ja (30) 
jn? — 9Jn” = (IIA (31) 


(Horadam 1996). 
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Jacobsthal Polynomial 

The Jacobsthal polynomials are the POLYNOMIALS ob- 
tained by setting p(z) = 1 and q(x) = 22 in the Lucas 
POLYNOMIAL SEQUENCE. The first few Jacobsthal poly- 
nomials are 


Ji(2) =1 
J2(xz) = 1 
J3(z) =1+ 22 
Ja(xz) =1+ 4 


Js(x) = 4a? + 6a +1, 
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and the first few Jacobsthal-Lucas polynomials are 


ji(z) =1 
jalx) = 64241 


ja(z) = 8r? +82 +1 
js(x) = 202” + 102 + 1. 


Jacobsthal and Jacobsthal-Lucas polynomials satisfy 
Ind = Ja 


jn{1) = Jn 


where J, is a JACOBSTHAL NUMBER and Jn is a 
JACOBSTHAL-LUCAS NUMBER. 


Janko Groups | 
The SPORADIC GROUPS Ji, J2, J3 and Ja. The Janko 
group J2 is also known as the HALL-JANKO GROUP. 


see also SPORADIC GROUP 
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Japanese Triangulation Theorem 

Let a convex CYCLIC POLYGON be TRIANGULATED in 
any manner, and draw the INCIRCLE to each TRIANGLE 
so constructed. Then the sum of the INRADII is a con- 
stant independent of the TRIANGULATION chosen. This 
theorem can be proved using CARNOT’S THEOREM. It is 
also true that if the sum of INRADII does not depend on 
the TRIANGULATION of a POLYGON, then the POLYGON 
is CYCLIC. 


see also CARNOT’S THEOREM, CYCLIC POLYGON, IN- 
CIRCLE, INRADIUS, ‘TRIANGULATION 
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Jarnick’s Inequality 
Given a CONVEX plane region with AREA A and PERI- 
METER p, then 

|N E Al < P, 


where N is the number of enclosed LATTICE POINTS. 
see also LATTICE POINT, NOSARZEWSKA’S INEQUALITY 


Jeep Problem 


Jeep Problem 

Maximize the distance a jeep can penetrate into the 
desert using a given quantity of fuel. The jeep is allowed 
to go forward, unload some fuel, and then return to its 
base using the fuel remaining in its tank. At its base, 
it may refuel and set out again. When it reaches fuel it 
has previously stored, it may then use it to partially fill 
its tank. This problem is also called the EXPLORATION 
PROBLEM (Ball and Coxeter 1987). 


Given n + f (with 0 < f < 1) drums of fuel at the 
edge of the desert and a jeep capable of holding one 
drum (and storing fuel in containers along the way), 
the maximum one-way distance which can be traveled 
(assuming the jeep travels one unit of distance per drum 
of fuel expended) is 


f A 1 
d= 
m Oei 


__f 1 1 
E it sly t+ 2102 + Vol; +n)l, 


where y is the EULER-MASCHERONI CONSTANT and 
Wn(z) the POLYGAMMA FUNCTION. 


For example, the farthest a jeep with n = 1 drum can 
travel is obviously 1 unit. However, with n = 2 drums of 
gas, the maximum distance is achieved by filling up the 
jeep's tank with the first drum, traveling 1/3 of a unit, 
storing 1/3 of a drum of fuel there, and then returning 
to base with the remaining 1/3 of a tank. At the base, 
the tank is filled with the second drum. The jeep then 
travels 1/3 of a unit (expending 1/3 of a drum of fuel), 
refills the tank using the 1/3 of a drum of fuel stored 
there, and continues an additional 1 unit of distance on 
a full tank, giving a total distance of 4/3. The solutions 


for n = 1, 2, ... drums are 1, 4/3, 23/15, 176/105, 

563/315, ..., which can also be written as a(n)/b(n), 

where 

a(n) = (5 +5+ ee ) LeM(1, 3,5 2n — 1) 
AL 3 7 2n—1 id: 


b(n) = LCM(1,3,5,...,2n—1) 


(Sloane's A025550 and A025547). 
see also HARMONIC NUMBER 
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Jenkins-Traub Method 
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Jenkins-Traub Method 

A complicated POLYNOMIAL ROOT-finding algorithm 
which is used in the IMSL® (IMSL, Houston, TX) li- 
brary and which Press et al. (1992) describe as “prac- 
tically a standard in black-box POLYNOMIAL ROOT- 


finders.” 
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Jensen’s Formula 


27 
/ In |z + e| dO = 27 Int |z], 
o 
where 
ln = max(0, In z) 
and Inz is the NATURAL LOGARITHM. 


Jensen’s Inequality 
For a REAL CONTINUOUS CONCAVE FUNCTION 


>> f(a) < f (==) 


n n 


if f is concave down, 


Ets (Ee 


n 


if f is concave up, and 


n 


IFF 21 = £2 =... = Ln. A special case is 


Ps Titel Por 
YT + En S AU, 


n 


with equality IFF 21 = £2 =... = Zn. 
see also CONCAVE FUNCTION, MAHLER'S MEASURE 
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Jensen Polynomial 
Let f(x) be a real ENTIRE FUNCTION of the form 


f(z) a X YTT 
k=0 


where the ys are POSITIVE and satisfy TURAN’S IN- 
EQUALITIES 
2 
Yk — Yk-1Yk+1 20 


for k = 1, 2, .... The Jensen polynomial g(t) associated 
with f(x) is then given by 


an(t) = > (5 Jue 


where (7) is a BINOMIAL COEFFICIENT. 
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Jerabek’s Hyperbola 

The ISOGONAL CONJUGATE of the EULER LINE. It 
passes through the the vertices of a TRIANGLE, the 
ORTHOCENTER, CIRCUMCENTER, the LEMOINE POINT, 
and the ISOGONAL CONJUGATE points of the NINE- 
POINT CENTER and DE LONGCHAMPS POINT. 


see also CIRCUMCENTER, DE LONGCHAMPS POINT, EU- 
LER LINE, ISOGONAL CONJUGATE, LEMOINE POINT, 
NINE-POINT CENTER, ORTHOCENTER 
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Jerk 
The jerk j is defined as the time DERIVATIVE of the 
VECTOR ACCELERATION a, 


see also ACCELERATION, VELOCITY 


954 Jinc Function 


Jinc Function 


The jinc function is defined as 


jinc(x) = AAS) 


where Ji(x) is a BESSEL FUNCTION OF THE FIRST 
KIND, and satisfies limz-_,o9 jinc(x) = 1/2. The DERIVA- 
TIVE of the jinc function is given by 

jinc'(x) = oe) 

£ 

The function is sometimes normalized by multiplying by 
a factor of 2 so that jinc(0) = 1 (Siegman 1986, p. 729). 
see also BESSEL FUNCTION OF THE FIRST KIND, SING 
FUNCTION 
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Jitter 

A SAMPLING phenomenon produced when a waveform 
is not sampled uniformly at an interval t each time, but 
rather at a series of slightly shifted intervals t+ At; such 
that the average (At;) = 0. 


see also GHOST, SAMPLING 


Joachimsthal’s Equation 
Using CLEBSCH-ARONHOLD NOTATION, 


-1 Š a 
fat + ef sar tas, + in(n— DE az 702 +... 
+ntiE3 ‘ayan + faz =Q. 
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Johnson Circle 
The CIRCUMCIRCLE in JOHNSON’S THEOREM. 


see also JOHNSON’S THEOREM 


Johnson’s Equation 
The PARTIAL DIFFERENTIAL EQUATION 


= (u + Uus + tu +t) + 3a = 0 
Ax No” ? 2 TEE 2% e A 


which arises in the study of water waves. 
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Johnson Solid 

The Johnson solids are the CONVEX POLYHEDRA hav- 
ing regular faces (with the exception of the completely 
regular PLATONIC SOLIDS, the “SEMIREGULAR” AR- 
CHIMEDEAN SOLIDS, and the two infinite families of 
PRISMS and ANTIPRISMS). There are 28 simple (i.e., 
cannot be dissected into two other regular-faced poly- 
hedra by a plane) regular-faced polyhedra in addition 
to the PRISMS and ANTIPRISMS (Zalgaller 1969), and 
Johnson (1966) proposed and Zalgaller (1969) proved 
that there exist exactly 92 Johnson solids in all. 


A database of solids and VERTEX NETS of these solids is 
maintained on the Bell Laboratories Netlib server, but 
a few errors exist in several entries. A concatenated and 
corrected version of the files is given by Weisstein, to- 
gether with Mathematica? (Wolfram Research, Cham- 
paign, IL) code to display the solids and nets. The fol- 
lowing table summarizes the names of the Johnson solids 
and gives their images and nets. 


> 
KP 
3 
OF 


1. Square pyramid 


2. Pentagonal pyramid 


3. Triangular cupola 


4. Square cupola 


5. Pentagonal cupola 


OB 
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6. Pentagonal rotunda 14, Elongated triangular dipyramid 
7. mlongated triangular pyramid 15. Elongated square dipyramid 


ES 


8. Elongated square pyramid 


9. Elongated pentagonal pyramid 
a 


18. Elongated triangular cupola 


19. Elongated square cupola 


12. Triangular dipyramid 


13. Pentagonal dipyramid 


956 Johnson Solid 


21. Elongated pentagonal rotunda 


cm 


22. Gyroelongated triangular cupola 


Bes 


23. Gyroelongated square cupola 


q 


24. Gyroelongated pentagonal cupola 


Eo 


25. Gyroelongated pentagonal rotunda 


26. Gyrobifastigium 


eS 


27. Triangular orthobicupola 


Johnson Solid 


28. Square orthobicupola 


a 


29. Square gyrobicupola 


aN 


30. Pentagonal orthobicupola 


31. Pentagonal gyrobicupola 


32. Pentagonal orthocupolarontunda 


33. Pentagonal gyrocupolarotunda 


ES 


35. Elongated triangular orthobicupola 
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36. Elongated triangular gyrobicupola 43. Ponparen pentagonal gyrobirotunda 
37. Elongated square gyrobicupola 44. OUPORIONE ATCC triangular bicupola 


45. Gyroelongated square bicupola 


38. Elongated pentagonal orthobicupola 


46. o pentagonal bicupola 


47. “ro pected pentagonal cupolarotunda 


39. Elongated pentagonal gyrobicupola 


40. Elongated pentagonal orthocupolarotunda 


AS] 
El 


41. Elongated pentagonal gyrocupolarotunda 


49. Augmented triangular prism 


> 


42. Elongated pentagonal orthobirotunda 


Da 


958 Johnson Solid Johnson Solid 


50. Biaugmented triangular prism 57. Triaugmented hexagonal prism 


51. Triaugmented triangular prism 


58. Augmented dodecahedron 


53. Biaugmented pentagonal prism 


gmented dodecahedron 
54. Augmented hexagonal prism ao 


55. Parabiaugmented hexagonal prism 


A 


56. Metabiaugmented hexagonal prism 


6.6 64. Augmented tridiminished icosahedron 


Johnson Solid 


65. Augmented truncated tetrahedron 


SRP 


66. Augmented truncated cube 


fp 


67. Biaugmented truncated cube 


po 


68. Augmented truncated dodecahedron 


71. 


| 


Johnson Solid 


72. Gyrate rhombicosidodecahedron 


o 


74. Metabigyrate rhombicosidodecahedron 
> 


: SN 


75. Trigyrate rhombicosidodecahedron 


79. Bigyrate diminished rhombicosidodecahedron 


959 


960 Johnson Solid Johnson Solid 


80. Parabidiminished rhombicosidodecahedron 88. Sphenomegacorona 
4 EROS 


81. Metabidiminished rhombicosidodecahedron 


j 


82. Gyrate bidiminished rhombicosidodecahedron 


90. Disphenocingulum 


E 


91. Bilunabirotunda 


83. Tridiminished rhombicosidodecahedron 
> Tr 


pra 


92. Triangular hebesphenorotunda 


85. Snub square antiprism 


The number of constituent n-gons ({n}) for each John- 
son solid are given in the following table. 


86. Sphenocorona 


87. Augmented sphenocorona 
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Jn 43) {4} {5} {6} {8} {10} Jn {3} {4} {5} 16} {8} {10} 
1 4 1 47 35 5 7 

2 5 1 48 40 12 

3 4 3 1 49 6 2 

4 4 5 1 50 10 1 

5 5 5 1 1 51 14 

6 10 6 1 52 4 4 2 

7 4 3 53 8 3 2 

8 4 5 54 4 5 2 

9 5 5 1 55 8 4 2 

10 12 1 56 8 4 2 

11 15 1 57 12 3 2 

12 6 58 5 11 

13 10 59 10 10 

14 6 8 60 10 10 

15 8 4 61 15 9 

16 10 5 62 10 2 

17 16 63 5 3 

18 4 9 1 64 7 3 

19 4 13 1 65 8 3 3 

20 5 15 1 1 66 12 5 5 

21 10 10 6 1 67 16 10 4 

22 16 3 1 68 25 5 1 11 
23 20 5 1 69 30 10 2 10 
24 25 p: l 1 70 30 10 2 10 
25 30 6 1 71 35 15 3 9 
26 4 4 72 20 30 12 

27 8 6 73 20 30 12 

28 8 10 74 20 30 12 

29 8 10 75 20 30 12 

30 10 10 2 76 15 25 11 1 
31 10 10 2 77 15 25 11 1 
32 15 5 7 78 15 25 11 1 
33 15 5 7 79 15 25 11 1 
34 20 12 80 10 20 10 2 
35 8 12 81 10 20 10 2 
36 8 12 82 10 20 10 2 
37 8 18 83 5 15 9 3 
38 10 20 2 84 12 

39 10 20 2 85 24 2 

40 15 15 7 86 12 2 

41 15 15 7 87 16 1 

42 20 10 12 88 16 2 

43 20 10 12 89 18 3 

44 20 6 90 20 4 

45 24 10 91 8 2 4 

46 30 10 2 92 13 3 3 1 


see also ANTIPRISM, ARCHIMEDEAN SOLID, CONVEX 
POLYHEDRON, KEPLER-POINSOT SOLID, POLYHEDRON, 
PLATONIC SOLID, PRISM, UNIFORM POLYHEDRON 
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Johnson’s Theorem 


Let three equal CIRCLES with centers C1, C2, and C3 
intersect in a single point O and intersect pairwise in 
the points P, Q, and R. Then the CIRCUMCIRCLE J of 
APQR (the so-called JOHNSON CIRCLE) is congruent to 
the original three. 


see also CIRCUMCIRCLE, JOHNSON CIRCLE 
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Join (Graph) 

Let x and y be distinct nodes of G which are not joined 
by an EDGE. Then the graph G/zy which is formed by 
adding the EDGE (z,y) to G is called a join of G. 


Join (Spaces) 
Let X and Y be TOPOLOGICAL SPACES. Then their join 
is the factor space 


Kays {XYI 


Joint Theorem 
where ~ is the EQUIVALENCE RELATION 


t = ť = 0 and z = z’ 
(£, y, t) e (x,y, t) > or 
t=t' =1 and y =y. 


see also CONE (SPACE), SUSPENSION 
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Joint Distribution Function 
A joint distribution function is a DISTRIBUTION FUNC- 
TION in two variables defined by 


D(z,y) = P(X < 2, Y < y) (1) 
D,(x) = D(z, 00) (2) 


so that the joint probability function 


Pl(z, y) € C)] = y 


(mae oP) dedy (A) 


pecayes)= | | Ple,y)dzdy (5) 
BJA 


P(x,y) = P{x € (—00, al, y € (=00, y); 


of a P(x, y) dz dy (6) 


P(a<zx<a+da,b< y <b+ ab) 


b+db a+da 
= / J Plz, y) de dy = P(a,b)dadb. (7) 
b a 


A multiple distribution function is of the form 


D(a1,...,an) = P(£1 < a1,..., Tn San). (8) 


see also DISTRIBUTION FUNCTION 


Joint Probability Density Function 
see JOINT DISTRIBUTION FUNCTION 


Joint Theorem 
see GAUSSIAN JOINT VARIABLE THEOREM 


Jonah Formula 


Jonah Formula 
A formula for the generalized CATALAN NUMBER pdgi. 
The general formula is 


k . 
n—q\ | {n-p 
(tag) 


¿=1 


where (7) is a BINOMIAL COEFFICIENT, although 
Jonah’s original formula corresponded top = 2, q = 0 


(Hilton and Pederson 1991). 
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Jones Polynomial 

The second KNOT POLYNOMIAL discovered. Unlike the 
first-discovered ALEXANDER POLYNOMIAL, the Jones 
polynomial can sometimes distinguish handedness (as 
can its more powerful generalization, the HOMFLY 
POLYNOMIAL). Jones polynomials are LAURENT POLY- 
NOMIALS in ¢ assigned to an R? KNOT. The Jones poly- 
nomials are denoted Vz (t) for LINKS, Vx (t) for KNOTS, 
and normalized so that 


Vaksa) = (1) 


For example, the Jones polynomial of the TREFOIL 
KNOT is given by 


Verefoi1 (€) =t+ t° = t (2) 


If a LINK has an ODD number of components, then Vz 
is a LAURENT POLYNOMIAL over the INTEGERS; if the 
number of components is EVEN, Vz(t) is tl/? times a 
LAURENT POLYNOMIAL. The Jones polynomial of a 
KNOT SUM Lı#Lə satisfies 


Vi, HL = (Vii) (Viz). (3) 


XX 
L, Lo L 


The SKEIN RELATIONSHIP for under- and overcrossings 
is : 
t VE, —tV. = (er — Uv. (4) 
Combined with the link sum relationship, this allows 


Jones polynomials to be built up from simple knots and 
links to more complicated ones. 


Some interesting identities from Jones (1985) follow. For 
any LINK L, 
Vi(—1) = Ax(-)), (5) 
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where Ay is the ALEXANDER POLYNOMIAL, and 
Vi(1) = (-2)?, (6) 


where p is the number of components of L. For any 


KNOT K, 


Vx (e?"*/*) = 1 (7) 
and 3 
z VK (1) =0. (8) 


Let K* denote the MIRROR IMAGE of a KNOT K. Then 
Vg- (t) = V(t”). (9) 


For example, the right-hand and left-hand TREFOIL 
KNOTS have polynomials 


Verefoi1(t) =t+ E = t* (10) 
Virefoil* (t) = te zE pa Sl Ea (11) 


Jones defined a simplified trace invariant for knots by 


_ _1-Vk(t) | 
Wx(t) = aeai (12) 


The ARF INVARIANT of Wx is given by 
Arf(K) = Wx (i) (13) 


(Jones 1985), where ¿is y—1. A table of the W poly- 
nomials is given by Jones (1985) for knots of up to eight 
crossings, and by Jones (1987) for knots of up to 10 
crossings. (Note that in these papers, an additional 
polynomial which Jones calls V is also tabulated, but 
it is not the conventionally defined Jones polynomial.) 


Jones polynomials were subsequently generalized to the 
two-variable HOMFLY POLYNOMIALS, the relationship 
being 

V(t)=P(a=t,2=tP-¿*) (14) 


V(t) = P(€=it,m = i(t t). (15) 


They are related to the KAUFFMAN POLYNOMIAL F by 
VOSS er), (16) 


Jones (1987) gives a table of BRAID WORDS and W poly- 
nomials for knots up to 10 crossings. Jones polynomi- 
als for KNOTS up to nine crossings are given in Adams 
(1994) and for oriented links up to nine crossings by 
Doll and Hoste (1991). All PRIME KNOTS with 10 or 
fewer crossings have distinct Jones polynomials. It is 
not known if there is a nontrivial knot with Jones poly- 
nomial 1. The Jones polynomial of an (m,n)-TORUS 
KNOT is 


is Mii 2 BL = gmt — ¿”+1 + O 


1-2 oe 
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Let k be one component of an oriented LINK L. Now 
form a new oriented LINK L* by reversing the orienta- 
tion of k. Then 


Ve =t**V (L), 


where V is the Jones polynomial and A is the LINKING 
NUMBER of k and L — k. No such result is known for 
HOMELY POLYNOMIALS (Lickorish and Millett 1988). 


Birman and Lin (1993) showed that substituting the 
POWER SERIES for e” as the variable in the Jones poly- 
nomial yields a POWER SERIES whose COEFFICIENTS 
are VASSILIEV POLYNOMIALS. 


Let L be an oriented connected LINK projection of n 


crossings, then 
n > span V(L), (18) 


with equality if L is ALTERNATING and has no REMOV- 
ABLE CROSSING (Lickorish and Millett 1988). 


There exist distinct KNOTS with the same Jones poly- 
nomial. Examples include (05901, 10132), (08008, 10129), 
(08016, 10156), (10025, 10056), (10022, 10035), (10041, 
10094), (10043, 10091), (10059, 10106), (10060, 10083), 
(10071, 10104), (10073, 10086), (10081, 10109), and (10137, 
10155) (Jones 1987). Incidentally, the first four of these 
also have the same HOMFLY POLYNOMIAL. 


Witten (1989) gave a heuristic definition in terms of 
a topological quantum field theory, and Sawin (1996) 
showed that the “quantum group” U,(sl2) gives rise to 
the Jones polynomial. | 


see also ALEXANDER POLYNOMIAL, HOMFLY PoLyY- 
NOMIAL, KAUFFMAN POLYNOMIAL F, KNOT, LINK, 
VASSILIEV POLYNOMIAL 
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Jordan-Holder Theorem 


% Weisstein, E. W. “Knots and Links.” http://www.astro. 
virginia.edu/~eww6n/math/notebooks/Knots.m. 

Witten, E. “Quantum Field Theory and the Jones Polynom- 
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Jonquiére’s Function 
see POLYGAMMA FUNCTION 


Jordan Algebra 

A nonassociative algebra with the product of elements 
A and B defined by the ANTICOMMUTATOR {A,B} = 
AB+ BA. 


see also ANTICOMMUTATOR 


Jordan Curve 

A Jordan curve is a plane curve which is topologically 
equivalent to (a HOMEOMORPHIC image of) the UNIT 
CIRCLE. 


It is not known if every Jordan curve contains all four 
VERTICES of some SQUARE, but it has been proven 
true for “sufficiently smooth” curves and closed convex 
curves (Schnirelmann). For every TRIANGLE T and Jor- 
dan curve J, J has an INSCRIBED TRIANGLE similar to 
T 


see also JORDAN CURVE THEOREM, UNIT CIRCLE 


Jordan Curve Theorem 

If J is a simple closed curve in R°, then R? — J has 
two components (an “inside” and “outside” ), with J the 
BOUNDARY of each. 


see also JORDAN CURVE, SCHÖNFLIES THEOREM 


References 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, p. 9, 1976. 


Jordan Decomposition Theorem 

Let V # (0) be a finite dimensional VECTOR SPACE over 
the COMPLEX NUMBERS, and let A be a linear operator 
on V. Then V can be expressed as a DIRECT SUM of 
cyclic subspaces. 


References 
Gohberg, I. and Goldberg, S. “A Simple Proof of the Jor- 


dan Decomposition Theorem for Matrices.” Amer. Math. 
Monthly 103, 157-159, 1996. 


Jordan-Holder Theorem 

The composition quotient groups belonging to two COM- 
POSITION SERIES of a FINITE GROUP G are, apart from 
their sequence, ISOMORPHIC in pairs. In other words, if 


ICH,c...C H2C HCG 
is one COMPOSITION SERIES and 


Ic Kic...cKk2Ch CG 


05/11/2020 


Atmospheric Electricity - reading list 


J.A. Chalmers Atmospheric Electricity, 2"4 edition, Pergamon Press (1967) 

H. Israél (1970) Atmospheric Electricity vol1 (Fundamentals, Conductivity, lons) 

(Problems of Cosmic Physics vol 29), Israel Program for Scientific Translations, 

Jerusalem. 

H. Israél (1973) Atmospheric Electricity vol2 (Fields, charges, currents) (Problems 

of Cosmic Physics vol 29), Israel Program for Scientific Translations, Jerusalem. 
The G lo ba | Atmospheric Elect ric Ci rcu it D.R. McGorman and W.D. Rust, The Electrical Nature of Storms, Oxford University 
Press, Oxford, 1998. 
Krider, E.P., et al The Earth’s Electrical Environment, Studies in Geophysics, 
National Academy Press, Washington, 1986 
http://www.nap.edu/openbook.php?record id=898&page=R1 
Vladimir A. Rakov and Martin A. Uman Lightning: Physics and Effects Cambridge 
University Press (2007) 


Giles Harrison 


Other useful resources include sections 3.31 and 10.5 of R.G. Harrison’s Meteorological 
Measurements and Instrumentation, The Feynman Lectures in Physics (Volume III) and the 
PPLATO teaching resources at 

http://www.cse.salford.ac.uk/profiles/gsmcdonald PPLATOResources/PPLATO.htm 


Outline Atmospheric electricity 


Atmospheric electricity is concerned with: 
. Vertical current flow and the global circuit 
eelectrical properties of the lower and upper atmosphere 
_ Findings supporting the global circuit ecurrents flowing in the fair weather atmosphere 
eionisation of atmospheric air by natural radioactivity and 
cosmic rays 
echarging of particles and droplets, snow and hail 
. Variability in the global circuit echarges separated by thunderstorms and disturbed weather 
ecurrents flowing from thunderstorms 
. Applications and planetary global circuits “Electric fields in thunderstorms, the upper atmosphere and 
the fair weather atmosphere 
einitiation of lightning 


. Measurements of global circuit parameters 


Jordan’s Inequality 


is another, then t = s, and corresponding to any compo- 
sition quotient group K,;/Kj+41, there is a composition 
quotient group H;/Hj41 such that 


K; Hi 


K; Hisar 


This theorem was proven in 1869-1889. 


see also COMPOSITION SERIES, FINITE GROUP, Iso- 
MORPHIC GROUPS 


References 


Lomont, J. S. Applications of Finite Groups. New York: 
Dover, p. 26, 1993. 


Jordan’s Inequality 
L5 
1.25 
1 
0.75 
0.5 


0.25 


For 0 < x < 7/2, 


2 E 
—g < sing < r. 
= 


References 
Yuefeng, F. “Jordan’s Inequality.” Math. Mag. 69, 126, 
1996. 


Jordan’s Lemma 
Jordan’s lemma shows the value of the INTEGRAL 


I= i sae dz (1) 


along the REAL AXIS is 0 for “nice” functions which 
satisfy limr-00 |f(Re**)] = 0. This is established using 
a CONTOUR INTEGRAL fp which satisfies 


lim |Ip| < Ž lim e=0. (2) 
R-—+00 a R-oo 


To derive the lemma, write 


x = Re” = R(cos 6 + ¿sin 0) (3) 
dx =iRe” de (4) 


and define the CONTOUR INTEGRAL 


Ir =| IS Re d8 (5) 
0 
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Then 
|Ir] E r | |f (Re*’)| lene ors [EA ll Jet? | do 
0 
=R | ARE) eta? dé 
0 


m/2 l , 
= 2R / lf (Re je °F"? go, (6) 
0] 


Now, if limp-,00 |f(Re’’)| = 0, choose an e such that 
|f(Re'*)| < e, so 


a /2 
|Ir| < 2Re | e ag: (7) 
0 
But, for 6 € [0, 7/2], 
arr: (8) 
TT == , 
so 


7/2 
la] < ane | E 220007 da 
0 


1 pen —aR 
= RGR 


T 


am ae ga). (9) 


As long as limr-—oo | f(z)| = 0, Jordan’s lemma 
l H 
lim |IrR| <— lim e=0 (10) 
R- oo a R>% 


then follows. 


see also CONTOUR INTEGRATION 


References 
Arfken, G. Mathematical Methods for Physicists, 3rd ed. Or- 
lando, FL: Academic Press, pp. 406-408, 1985. 


Jordan Measure 

Let the set M correspond to a bounded, NONNEGATIVE 
function f on an interval 0 < f(x) < cfor x € [a,b]. The 
Jordan measure, when it exists, is the common value of 
the outer and inner Jordan measures of M. 


The outer Jordan measure is the greatest lower bound of 
the areas of the covering of M, consisting of finite unions 
of RECTANGLES. The inner Jordan measure of M is the 
difference between the AREA c(a—b) of the RECTANGLE 
S with base [a,b] and height c, and the outer measure 
of the complement of M in S. 


References 
Shenitzer, A. and Steprans, J. “The Evolution of Integra- 
tion.” Amer. Math. Monthly 101, 66—72, 1994. 


Jordan Polygon 
see SIMPLE POLYGON 
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Josephus Problem 

Given a group of n men arranged in a CIRCLE under the 
edict that every mth man will be executed going around 
the CIRCLE until only one remains, find the position 
L(n, m) in which you should stand in order to be the last 
survivor (Ball and Coxeter 1987). The original problem 
consisted of a CIRCLE of 41 men with every third man 
killed (n = 41, m = 3). In order for the lives of the last 
two men to be spared, they must be placed at positions 
31 (last) and 16 (second-to-last). 


The following array gives the original position of the last 
survivor out of a group of n = 1, 2, ..., if every mth 
man is killed: 


1 

2 1 

3 3 2 

4 1 1 2 

5 3 4 1 2 

6 51 5 1 4 

7 %T 4 2 6 3 =5 

8 1 7 63 1 4 4 

9 3 1 1 8 7 2 3 8 
10 5 4 5 3 3 9 1 7 8 


(Sloane’s A032434). The survivor for m = 2 can be 
given analytically by 


L(n,2) = 1 + 2n — 2% lee], 


where |n] is the FLOOR FUNCTION and La is the LoG- 
ARITHM to base 2. The first few solutions are therefore 
1, 1, 3, 1, 3, 5, 7, 1, 3, 5, 7, 9, 11, 13, 15, 1, ... (Sloane’s 
A006257). 


Mott-Smith (1954) discusses a card game called “Out 


and Under” in which cards at the top of a deck are 


alternately discarded and placed at the bottom. This is 
a Josephus problem with parameter m = 2, and Mott- 
Smith hints at the above closed-form solution. 


The original position of the second-to-last survivor is 
given in the following table for n = 2, 3, ...: 


1 1 

2 1 1 

3 1 1 2 

4 3 2 1 2 

5 1 1 5 1 4 

6 3 1 2 13 4 

7 1463134 
8 3 1 1 2 7 1 3 7 
9 5 45 3 3 8 1 6 4 


(Sloane’s A032435). 


Another version of the problem considers a CIRCLE of 
two groups (say, “A” and “B”) of 15 men each, with ev- 
ery ninth man cast overboard. To save all the members 
of the “A” group, the men must be placed at positions 


Jugendtraum 


1, 2, 3, 4, 10, 11, 13, 14, 15, 17, 20, 21, 25, 28, 29, giving 
the ordering 


AAAABBBBBAABAAABABBAABBBABBAAB 


which can be remembered with the aid of the 
MNEMONIC “From numbers” aid and art, never will fame 
depart.” Consider the vowels only, assign a = 1, e = 2, 
i = 3, o = 4, u = 5, and alternately add a number of 
letters corresponding to a vowel value, so 4A (0), 5B (u), 


2A (e), etc. (Ball and Coxeter 1987). 


If every tenth man is instead thrown overboard, the men 
from the “A” group must be placed in positions 1, 2, 4, 
5, 6, 12, 13, 16, 17, 18, 19, 21, 25, 28, 29, giving the 
sequence 


AABAAABBBBBAABBAAAABABBBABBAAB 


which can be constructed using the MNEMONIC “Rex 
paphi cum gente bona dat signa serena” (Ball and Cox- 
eter 1987). 


see also KIRKMAN’S SCHOOLGIRL PROBLEM, NECK- 
LACE | 
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Bachet, C. G. Problem 23 in Problémes plaisans et 
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Jug 
see THREE JUG PROBLEM 


Jugendtraum 

Kronecker proved that all the Galois extensions of the 
RATIONALS Q with ABELIAN Galois groups are SUB- 
FIELDS of cyclotomic fields Q (pm ), where Hn is the group 
of nth ROOTS OF UNITY. He then sought to find a sim- 
ilar function whose division values would generate the 
Abelian extensions of an arbitrary NUMBER FIELD. He 
discovered that the j7-FUNCTION works for IMAGINARY 
quadratic number fields K, but the completion of this 
problem, known as Kronecker’s Jugendtraum (“dream 
of youth”), for other fields remains one of the great un- 
solved problems in NUMBER THEORY. 


see also j-FUNCTION 


References 


Shimura, G. Introduction to the Arithmetic Theory of Auto- 
morphic Functions. Princeton, NJ: Princeton University 
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Juggling 


Juggling 

The throwing and catching of multiple objects such that 
at least one is always in the air. Some aspects of jug- 
gling turn out to be quite mathematical. The best ex- 
amples are the two-handed asynchronous juggling se- 
quences known as “SITESWAPS.” 


see also SITESWAP 
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Buhler, J.; Eisenbud, D.; Graham, R.; and Wright, C. “Jug- 
gling Drops and Descents.” Amer. Math. Monthly 101, 
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Julia Fractal 
see JULIA SET 


Julia Set 
Let R(z) be a rational function 
_ Plz) 
R(z) = 1 
@= 4h a) 


where z € C*, C* is the RIEMANN SPHERE CU{oo}, and 
P and Q are POLYNOMIALS without common divisors. 
The “filled-in” Julia set Jr is the set of points z which 
do not approach infinity after R(z) is repeatedly applied. 
The true Julia set is the boundary of the filled-in set 
(the set of “exceptional points”). There are two types 
of Julia sets: connected sets and CANTOR SETS. 


For a Julia set Je with e < 1, the CAPACITY DIMENSION 
is 

lel? 
Aln2 
For small c, Je is also a JORDAN CURVE, although its 


points are not COMPUTABLE. 


capacity = 15 + O(|c}*). (2) 


Quadratic Julia sets are generated by the quadratic 
mapping 


for fixed c. The special case c = —0.123 + 0.7451 is 
called DOUADY’S RABBIT FRACTAL, c = —0.75 is called 
the SAN MARCO FRACTAL, and c = —0.391 — 0.5872 
is the SIEGEL DISK FRACTAL. For every c, this trans- 
formation generates a FRACTAL. It is a CONFORMAL 
TRANSFORMATION, so angles are preserved. Let J be 
the JULIA SET, then z’ +> zx leaves J invariant. If a 
point P is on J, then all its iterations are on J. The 
transformation has a two-valued inverse. If 6 = 0 and y 
is started at 0, then the map is equivalent to the LOGIS- 
TIC MAP. The set of all points for which J is connected 
is known as the MANDELBROT SET. 


see also DENDRITE FRACTAL, DOUADY’S RABBIT 
FRACTAL, FATOU SET, MANDELBROT SET, NEWTON’S 


Jumping Champion 967 


METHOD, SAN MARCO FRACTAL, SIEGEL DISK FRAC- 
TAL 
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advanced/robertd/julias.html. 

Dickau, R. M. “Another Method for Calculating Julia Sets.” 
http: // forum . swarthmore . edu / advanced / robertd / 
inversejulia.html. 

Douady, A. “Julia Sets and the Mandelbrot Set.” In The 
Beauty of Fractals: Images of Complex Dynamical Sys- 
tems (Ed. H.-O. Peitgen and D. H. Richter). Berlin: 
Springer-Verlag, p. 161, 1986. 

Lauwerier, H. Fractals: Endlessly Repeated Geometric Fig- 
ures. Princeton, NJ: Princeton University Press, pp. 124- 
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Jump 
A point of DISCONTINUITY. 


see also DISCONTINUITY, JUMP ANGLE, JUMPING 
CHAMPION 


Jump Angle 

A GEODESIC TRIANGLE with oriented boundary yields 
a curve which is piecewise DIFFERENTIABLE. Further- 
more, the TANGENT VECTOR varies continuously at all 
but the three corner points, where it changes suddenly. 
The angular difference of the tangent vectors at these 
corner points are called the jump angles. 


see also ANGULAR DEFECT, GAUSS-BONNET FORMULA 


Jumping Champion 

An integer n is called a JUMPING CHAMPION if n is 
the most frequently occurring difference between con- 
secutive primes n < N for some N (Odlyzko et al. ). 
This term was coined by J. H. Conway in 1993. There 
are occasionally several jumping champions in a range. 
Odlyzko et al. give a table of jumping champions for 
n < 1000, consisting mainly of 2, 4, and 6. 6 is the 
jumping champion up to about n = 1.74 x 10%, at 
which point 30 dominates. At n œ 10%, 210 becomes 
champion, and subsequent PRIMORIALS are conjectured 
to take over at larger and larger n. Erdós and Straus 
(1980) proved that the jumping champions tend to in- 
finity under the assumption of a quantitative form of the 
k-tuples conjecture. 


see also PRIME DIFFERENCE FUNCTION, PRIME GAPS, 
PRIME NUMBER, PRIMORIAL 
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Jung’s Theorem 
Every finite set of points with SPAN d has an enclosing 
CIRCLE with RADIUS no greater than v3 d/3. 


References 

Le Lionnais, F. Les nombres remarquables. Paris: Hermann, 
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Just 1f 
see IFF 


Just One 
see EXACTLY ONE 


Just One 


k-ary Divisor 


k-ary Divisor 

Let a DIVISOR d of n be called a 1-ary divisor if d L n/d. 
Then d is called a k-ary divisor of n, written d|yn, if the 
GREATEST COMMON (k — 1)-ary divisor of d and (n/d) 
is 1. 

In this notation, d|n is written dlon, and d||n is written 
dlin. p” is an INFINARY DIVISOR of p” (with y > 0) if 
p”ly-1p”. 

see also DIVISOR, GREATEST COMMON DIVISOR, INFI- 
NARY DIVISOR 


References 
Guy, R. K. Unsolved Problems in Number Theory, 2nd ed. 
New York: Springer-Verlag, p. 54, 1994. 


k-Chain 
Any sum of a selection of IIs, where II, denotes a k-D 
POLYTOPE. 


see also k-CIRCUIT 


k-Circuit 
A k-CHAIN whose bounding (k — 1)-CHAIN vanishes. 


k-Coloring 

A k-coloring of a GRAPH G is an assignment of one of 
k possible colors to each vertex of G such that no two 
adjacent vertices receive the same color. 


see also COLORING, EDGE-COLORING 
References 


Saaty, T. L. and Kainen, P. C. The Four-Color Problem: 
Assaults and Conquest. New York: Dover, p. 13, 1986. 


k-Form 
see DIFFERENTIAL k-FORM 


K-Function 
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An extension of the K-function 


K(n +1) = 0°1'273°.--n” (1) 
defined b 
K) = EE 2) 
22 GE ` 


Here, G(z) is the G-FUNCTION defined by 


G(n+1)= 


(n!)” = (7 ifn = 0 
~ K(n+1) 


011121---(n—1)! ifn >. 
(3) 


The K-function is given by the integral 


K(z)= (2) EUA exp (5) +f int) de (4) 


and the closed-form expression 


K(z) = explC (-1,2) — C(-1)), (5) 


where ¢(z) is the RIEMANN ZETA FUNCTION, ¢'(z) its 
DERIVATIVE, ¢(a,z) is the HURWITZ ZETA FUNCTION, 


and 
(a2) = [EA | (6) 


K(z) also has a STIRLING-like series 


K(z 4 1) = (218 212027) 


B B 
Dig Fis E > PRI 
x exp (32 tia 2.3.4223 4-5-6214 ) (7) 
where 
m = [KG (8) 
= ¿Un 2)/3—12¢'(-1) (9) 
= YB EDI (10) 


and y is the EULER-MASCHERONI CONSTANT (Gosper). 


The first few values of K(n) for n = 2, 3, ... are 1, 
4, 108, 27648, 86400000, 4031078400000, ... (Sloane's 
A002109). These numbers are called HYPERFACTORI- 
ALS by Sloane and Plouffe (1995). 


see also G-FUNCTION, GLAISHER-KINKELIN CON- 
STANT, HYPERFACTORIAL, STIRLING’S SERIES 
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Sloane, N. J. A. Sequence A002109/M3706 in “An On-Line 
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970 K-Graph 


K-Graph 

The GRAPH obtained by dividing a set of VERTICES (1, 
.., ny into k — 1 pairwise disjoint subsets with VER- 

TICES of degree ni, ..., Nk—-1, Satisfying 


n = ni F... F Nnk-1; 


and with two VERTICES joined IFF they lie in distinct 
VERTEX sets. Such GRAPHS are denoted Kn,,...,.n,- 

see also BIPARTITE GRAPH, COMPLETE GRAPH, COM- 
PLETE k-PARTITE GRAPH, k-PARTITE GRAPH 


k-Matrix 
A k-matrix is a kind of CUBE ROOT of the IDENTITY 
MATRIX defined by 


It satisfies 
k? = l, 


where | is the IDENTITY MATRIX. 
see also CUBE ROOT, QUATERNION 


k-Partite Graph 

A k-partite graph is a GRAPH whose VERTICES can be 
partitioned into. k disjoint sets so that no two vertices 
within the same set are adjacent. 


see also COMPLETE k-PARTITE GRAPH, K-GRAPH 
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Saaty, T. L. and Kainen, P. C. The Four-Color Problem: 
Assaults and Conquest. New York: Dover, p. 12, 1986. 


k-Statistic 

An UNBIASED ESTIMATOR of the CUMULANTS «~; of 
a DISTRIBUTION. The expectation values of the k- 
statistics are therefore given by the corresponding CU- 
MULANTS 


(ki) = 11 (1) 
(ko) = Ko (2) 
(k3) = K3 (3) 
(ka) = Ka (4) 


(Kenney and Keeping 1951, p. 189). For a sample of 
size, N, the first few k-statistics are given by 


ki = mı (5) 

k2 = ma (6) 
N? 

k3 = NND (7) 


NYU(N + 1)ma — 3(N — 1)m2°] 


nee (N—1)(N—2)(N—3) ” 


k-Statistic 


where my is the sample MEAN, ma is the sample VARI- 
ANCE, and m; is the sample ith MOMENT about the 
MEAN (Kenney and Keeping 1951, pp. 109-110, 163- 
165, and 189; Kenney and Keeping 1962). These statis- 
tics are obtained from inverting the relationships 


as (9) 
(ma) = a (10) 
2 AN = DIN S43 ia SNe SON 3) ys 

(mg?) = (N= WU = Doa + (N? = 200439407 
(ms) = HINA), di 

(ma) = (N= DIN? —3N + 8)p + 3(2N — 3)47 
4) = e | 
(13) 


The first moment (sample MEAN) is 
1 N 
mı = (x) = W ts (14) 
and the expectation value is 


(mx) = € Ea) = p. (15) 


The second MOMENT (sample STANDARD DEVIATION) 
is 


| {| 
aji z| = 
ps A 

= = 

Y Y 
a E ATTO 
No z|- 
. ii > 

30 

de to 
i 

8 

& 


i=1 i=l t,j—1 
14) 
Naels E 
a 2 
A, 
i=l 1,91 
Aj 


and the expectation value is 


N-1/1 © ae a 
va) (Ds) (Y zars) 


i,j =1 

1%] 
_N-1, N(W-1) 
= N Ha N2 


pS, (17) 
since there are N(N — 1) terms 2,2, using 


Sa a Sa) (18) 


k-Statistic 


and where ¡us is the MOMENT about 0. Using the iden- 
tity 

pa = ua + (19) 
to convert to the MOMENT 2 about the MEAN and 
simplifying then gives 


N-1 
N” 


(m2) = (20) 


The factor (N — 1)/N is known as BESSEL'S CORREC- 
TION. 


The third MOMENT is 


m3 = ((a — )”) = (ae — 3pa* + 3p°2 — >) 
= (2%) — 3u (a?) + 3p? (2)  yé 


+ = = zi). (21) 


Now use the identities 


03 zir) $3 23) = Y as + Y 22) (22) 
D z) - y i +3 y Li aj +6 y %i2;2,, (23) 


where it is understood that sums over products of vari- 
ables exclude equal indices. Plugging in 


1 3 2 3 
m= (5-32 tye) 0 
3 2 
+(- wz 3° 23) » zi 2j+6- 73 LiljLk- (24) 


The expectation value is then given by 


1 3 
(ma) = (55 - 32 + wa) Vis 


+ (5 + 573) NN- Dunt 5 NN NY 


N2 N3 = 6 


(25) 


where jig is the MOMENT about 0. Plugging in the iden- 
tities 


pa = ua + (26) 
us = ya + Buap +p (27) 
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and simplifying then gives 


(m) = ISA, (28) 


(Kenney and Keeping 1951, p. 189). 


The fourth MOMENT is 


m4 = ((x — y)*) = (a — 4x* y + 6x* y” — Ax? + po) 
= (x*) — Ap a) + 6" (x*) — 3p" 


Now use the identities 
2 2) 2 aj?) = Y mí + y Li Ti (30) 
D zi) © 23?) = ` zt +2 ` xia; 


+12 y T¿Lk + 24 y T¿TGTgTi. (32) 
£i 


Plugging in, 


3 
— 24. a SS LiL; LEE. (33) 
The expectation value is then given by 


4 6 


1 
(ma) = (sp paty pa) No 


x + $ a - =z) N(N — 1) psp 
(EE) ro 

4 (+ E =) ¿N(N —1)(N — 2) pop" 
<a 1 N(N —1)(N -2)(N—3)u4, (34) 


where u; are MOMENTS about 0. Using the identities 


pa = ua + (35) 
ps = p3 + Buap + p? (36) 
u4 = pa + 4ps + Guapo + e (37) 
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and simplifying gives 


Ce (N — 1)[(N? — 3N + 3)ua + 3(2N — 3) p27] 
AA a 


(38) 
(Kenney and Keeping 1951, p. 189). 


The square of the second moment is 


(a) = Y) 242) 227 (40) 


+2) 22, + 2) 220% (41) 
4 


(> xi = Y 2 +6) 223 


2 
+4) 22; + 12) 2,0% + 24) 2iajor. (42) 


Plugging in, 


24 
+ Ni Y aiojara, (43) 


The expectation value is then given by 


2 1 2 1 i 
(m2") = (5 -F + ni) Npa 
2 4 6 X 
(+ a t i) IN (N — 1)uo 
4 4 ; 
af (-5 + >=) N(N — D)uzp 


+ ( a =a) BN(N —1)(N — 2)pop? 


O N8 Nė 
+ AN(N-1)(N-2)(N-3)u (44) 
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where u; are MOMENTS about 0. Using the identities 


uz = pa +p? (45) 
us = 3 + Buap + pe (46) 
pa = pa + dugu + Gua” + pe (47) 


and simplifying gives 


(ma?) = (N= DUN = Da + (N? — 2N + 3) 


N? 
(48) 
(Kenney and Keeping 1951, p. 189). 
The VARIANCE of kz is given by 
A e (49) 
PENCEN CN SE 
so an unbiased estimator of var(k2) is given by 
2k2N + (N — 1)k 
eye EE (50) 


N(N +1) 


(Kenney and Keeping 1951, p. 189). The VARIANCE of 
ks can be expressed in terms of CUMULANTS by 


K6 9k2K4 9x3? 6K2° 
k3) = — l. 
var(ks) = 7 + Hoa + W_-1? NN- DN) 
(51) 
An UNBIASED ESTIMATOR for var(kg3) is 
i 6k: N(N — 1 
var(k3) = == —— l ) (52) 


= (N — 2)(N4+1)(N +3) 


(Kenney and Keeping 1951, p. 190). 


Now consider a finite population. Let a sample of N 
be taken from a population of M. Then UNBIASED Es- 
TIMATORS Ma for the population MEAN yp, Ma for the 
population VARIANCE 2, G for the population SKEW- 
NESS yı, and G2 for the population KURTOSIS yz are 


M-N 
= 4 
oe NM 1 a) 
M—2N M-—1 
EMN NUM” (55) 


(M —1)(M? -6MN + M + 6N*)y 
N(M — 2)(M — 3)(M — N) 
6M(MN +M — N? — 1) 


= N(M — 2)(M — 3)(M — N) 0% 


(Church 1926, p. 357; Carver 1930; Irwin and Kendall 
1944; Kenney and Keeping 1951, p. 143), where yı is 
the sample SKEWNESS and ya is the sample KURTOSIS. 


see also GAUSSIAN DISTRIBUTION, KURTOSIS, MEAN, 
MOMENT, SKEWNESS, VARIANCE 


k-Subset 
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k-Subset 
A k-subset is a SUBSET containing exactly k elements. 


see also SUBSET 


k-Theory 

A branch of mathematics which brings together ideas 
from algebraic geometry, LINEAR ALGEBRA, and NUM- 
BER THEORY. In general, there are two main types of 
k-theory: topological and algebraic. 


Topological k-theory is the “true” k-theory in the sense 
that it came first. Topological k-theory has to do with 
VECTOR BUNDLES over TOPOLOGICAL SPACES. Ele- 
ments of a k-theory are STABLE EQUIVALENCE classes 
of VECTOR BUNDLES over a TOPOLOGICAL SPACE. You 
can put a RING structure on the collection of STABLY 
EQUIVALENT bundles by defining ADDITION through the 
WHITNEY SUM, and MULTIPLICATION through the TEN- 
SOR PRODUCT of VECTOR BUNDLES. This defines “the 
reduced real topological k-theory of a space.” 


“The reduced k-theory of a space” refers to the same 
construction, but instead of REAL VECTOR BUNDLES, 
COMPLEX VECTOR BUNDLES are used. Topological k- 
theory is significant because it forms a generalized Co- 
HOMOLOGY theory, and it leads to a solution to the vec- 
tor fields on spheres problem, as well as to an under- 
standing of the J-homeomorphism of HOMOTOPY THE- 
ORY. 


Algebraic k-theory is somewhat more involved. Swan 
(1962) noticed that there is a correspondence between 
the CATEGORY of suitably nice TOPOLOGICAL SPACES 
(something like regular HAUSDORFF SPACES) and C*- 
ALGEBRAS. The idea is to associate to every SPACE the 
C*-ALGEBRA of CONTINUOUS MAPS from that SPACE 
to the REALS. 


A VECTOR BUNDLE over a SPACE has sections, and 
these sections can be multiplied by CONTINUOUS FUNC- 
TIONS to the REALS. Under Swan’s correspondence, 
VECTOR BUNDLES correspond to modules over the C*- 
ALGEBRA of CONTINUOUS FUNCTIONS, the MODULES 
being the modules of sections of the VECTOR BUNDLE. 
This study of MODULES over C*- ALGEBRA is the start- 
ing point of algebraic k-theory. 
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The QUILLEN-LICHTENBAUM CONJECTURE connects al- 
gebraic k-theory to Etale cohomology. 


see also C*-ALGEBRA 
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k-Tuple Conjecture 

The first of the HARDY-LITTLEWOOD CONJECTURES. 
The k-tuple conjecture states that the asymptotic num- 
ber of PRIME CONSTELLATIONS can be computed ex- 
plicitly. In particular, unless there is a trivial divisi- 
bility condition that stops p, p+ ai, ..., p + ax from 
consisting of PRIMES infinitely often, then such PRIME 
CONSTELLATIONS will occur with an asymptotic den- 
sity which is computable in terms of ai, ..., ax. Let 
0< m < m2 <... < Mx, then the k-tuple conjecture 
predicts that the number of PRIMES p < zx such that 
p+2m1,p+2ma, ..., p+ 2mx are all PRIME is 


T 
dt 

P(e; mma,- mu) ~ Ona, ma,..-, mu) | EFI p? 
(1) 

where 

¡e w(qi¡m1,m23,...,My) 
k 
C(m1,ma,...,m) = 2 il — a (2) 
q q 


the product is over ODD PRIMES q, and 
w(q;m1,m2,...,Mk) (3) 


denotes the number of distinct residues of 0, ma, ..., 
mx (mod q) (Halberstam and Richert 1974, Odlyzko). 
If k = 1, then this becomes 


om) = 21] Gap = (4) 


This conjecture is generally believed to be true, but has 
not been proven (Odlyzko et al. ). The following spe- 
cial case of the conjecture is sometimes known as the 
PRIME PATTERNS CONJECTURE. Let S be a FINITE 
set of INTEGERS. Then it is conjectured that there ex- 
ist infinitely many k for which {k +s: s € S} are all 
PRIME IFF S does not include all the RESIDUES of any 
PRIME. The TWIN PRIME CONJECTURE is a special 
case of the prime patterns conjecture with S = {0,2}. 
This conjecture also implies that there are arbitrarily 
long ARITHMETIC PROGRESSIONS of PRIMES. 


see also ARITHMETIC PROGRESSION, DIRICHLET’S 
THEOREM, HARDY-LITTLEWOOD CONJECTURES, k- 
TUPLE CONJECTURE, PRIME ARITHMETIC PROGRES- 
SION, PRIME CONSTELLATION, PRIME QUADRUPLET, 
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PRIME PATTERNS CONJECTURE, TWIN PRIME CON- 
JECTURE, TWIN PRIMES 
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Kabon Triangles 

The largest number N(n) of nonoverlapping TRIANGLES 
which can be produced by n straight LINE SEGMENTS. 
The first few terms are 1, 2, 5,7, 11, 15, 21,... (Sloane’s 
A006066). 
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Kac Formula 
The expected number of REAL zeros E, of a RANDOM 
POLYNOMIAL of degree n is 


E = o1 E JA 
Mo (t2 = 1)? (t2n+2 = 1)? 
2 _ (n+ 1)? 
_ (1 = t2)2 (1 = t2n+2)2 
Ås n > 00, 
2 2 -2 
En = —Inn+C1+ — +0(nm 5), (3) 
TT Tn 
where 


+[( gz?  (1—e-27)? A, ) ax] 


= 0.6257358072.... (4) 


The initial term was derived by Kac (1943). 
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Kakeya Needle Problem 


Kac Matrix 
The (n+1) x (n+1) TRIDIAGONAL MATRIX (also called 
the CLEMENT MATRIX) defined by 


0 n 0 0 0 
10 n-1 0 - 0 
0 2 0 n=2 --- 0 
AS ; 
0 0 0 n-1 0 1 
0 0 0 0 n 0 
The EIGENVALUES are 2k — nfork=0,1l,...,n. 


Kahler Manifold 

A manifold for which the EXTERIOR DERIVATIVE of the 
FUNDAMENTAL FORM Q associated with the given Her- 
mitian metric vanishes, so dQ = 0. 
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Kakeya Needle Problem 

What is the plane figure of least AREA in which a line 
segment of width 1 can be freely rotated (where transla- 
tion of the segment is also allowed)? Besicovitch (1928) 
proved that there is no MINIMUM AREA. This can be 
seen by rotating a line segment inside a DELTOID, star- 
shaped 5-oid, star-shaped 7-oid, etc. When the figure 
is restricted to be convex, Cunningham and Schoenberg 
(1965) found there is still no minimum AREA. How- 
ever, the smallest simple conver domain in which one 
can put a segment of length 1 which will coincide with 
itself when rotated by 180° is 


4 (5 — 2V2)m = 0.284258... 


(Le Lionnais 1983). 


see also CURVE OF CONSTANT WIDTH, LEBESGUE MIN- 
IMAL PROBLEM, REULEAUX POLYGON, REULEAUX TRI- 
ANGLE 
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O. Historical background and some key individuals 


Benjamin Franklin (1706-1790) — Statesman, a Founding Father of the US, and 
scientist 


Giambatista Beccaria (1716-1781) — Professor of Experimental Physics, University 
of Turin 


Lord Kelvin (1824-1907) - Experimental and mathematical physicist, University of 
Glasgow 


Victor Hess (1883-1964) — Austrian physicist, discoverer of cosmic rays (Nobel Prize 
1936) 


CTR Wilson (1869-1959) — Scottish physicist, inventor of the cloud chamber (Nobel 
Prize 1927) 


Sir Edward Appelton (1892-1965) — English physicist and discoverer of the 
ionosphere (Nobel Prize, 1946) 


Scientific motivation: the origin of the “fair weather” field 


Key finding: measurements by Lemonnier, Canton and others in 1750s 
detected positive electrification in fair (or “serene”) weather conditions 


Earth's surface > Why, in fair weather (no thunderstorms 
present), using a flame probe sensor, does 
the voltmeter record a positive voltage? 


1750s - Benjamin Franklin 


_ Sit Insulating 
String 
\\_ Conducting Kite 
tring 


M.A. Uman, All about lightning, Dover, 1986 


but.. debatable whether he actually 
conducted this experiment... 2 


Lord Kelvin’s standardised measurements 


“The height of the match was 3 feet above the ground, and the 
observer at the electrometer lay on the ground to render the 
electrical influence of his own body on the match insensible. The 
result showed a difference of potentials between the earth 
(negative) and the air (positive) at the match equal to that of 115 
elements of Daniel s battery.” 


29" meeting, British Association for the Advancement of 
Science, Aberdeen, September 1859 


1 Daniel Cell (Zn/Cu) generates 1.08V 
> 115 Daniel cells = 124.2V 


(vertical) Potential Gradient 


Aberdeen (8am, 14t September, 1859) 


= 124.2V / 0.91m = 137 Vm“ 
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Kakutani’s Fixed Point Theorem 


Pal, J. “Ein Minimumproblem fiir Ovale.” Math. Ann. 88, 
311-319, 1921. 

Plouffe, S. “Kakeya Constant.” 
piDATA/kakeya.txt. 

Wagon, S. Mathematica in Action. New York: W. H. Free- 
man, pp. 50-52, 1991. 


http://lacim.uqam.ca/ 


Kakutani’s Fixed Point Theorem 

Every correspondence that maps a compact convex sub- 
set of a locally convex space into itself with a closed 
graph and convex nonempty images has a fixed point. 


see also FIXED POINT THEOREM 


Kakutani’s Problem 
see COLLATZ PROBLEM 


Kalman Filter 

An ALGORITHM in CONTROL THEORY introduced by 

R. Kalman in 1960 and refined by Kalman and R. Bucy. 

It is an ALGORITHM which makes optimal use of im- 

precise data on a linear (or nearly linear) system with 

Gaussian errors to continuously update the best esti- 

mate of the system’s current state. 

see also WIENER FILTER 
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KAM Theorem 
see KOLMOGOROV-ARNOLD-MOSER THEOREM 


Kampyle of Eudoxus 


A curve studied by Eudoxus in relation to the classical 
problem of CUBE DUPLICATION. It is given by the polar 
equation 
2 
rcos’ O =a, 


and the parametric equations 


g = asect 


y = atantsect 
with t € [—1/2, 7/2]. 
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Kanizsa Triangle 


An optical ILLUSION, illustrated above, in which the 


eye perceives a white upright EQUILATERAL TRIANGLE 
where none is actually drawn. 


see also ILLUSION 
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Kantrovich Inequality 


Suppose #1 < T2 < ... < Zn are given POSITIVE num- 
bers. Let Ai, ..., An > 0 and NA = 1. Then 


> xy25) Dn SAGA, 


where 


Ay Lig, + Ln) 


G = yla 


are the ARITHMETIC and GEOMETRIC MEAN, respec- 
tively, of the first and last numbers. 


References 
Ptak, V. “The Kantrovich Inequality.” Amer. Math. Monthly 
102, 820-821, 1995. 


Kaplan- Yorke Conjecture 

There are several versions of the Kaplan-Yorke con- 
jecture, with many of the higher dimensional ones re- 
maining unsettled. The original Kaplan-Yorke conjec- 
ture (Kaplan and Yorke 1979) proposed that, for a 
two-dimensional mapping, the CAPACITY DIMENSION D 
equals the KAPLAN-YORKE DIMENSION Dxy, 


D=Dw=da= 1H, 
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where a, and g2 are the LYAPUNOV CHARACTERISTIC 
EXPONENTS. This was subsequently proven to be true in 
1982. A later conjecture held that the KAPLAN- YORKE 
DIMENSION is generically equal to a probabilistic dimen- 
sion which appears to be identical to the INFORMATION 
DIMENSION (Frederickson et al. 1983). This conjecture 
is partially verified by Ledrappier (1981). For invertible 
2-D maps, v = ø = D, where v is the CORRELATION 
EXPONENT, g is the INFORMATION DIMENSION, and D 
is the CAPACITY DIMENSION (Young 1984). 
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see also CAPACITY DIMENSION, KAPLAN-YORKE DI- 
MENSION, LYAPUNOV CHARACTERISTIC EXPONENT, 
LYAPUNOV DIMENSION 
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Kaplan-Yorke Dimension 


Cit... +j 

loj41| 
where 01 < On are LYAPUNOV CHARACTERISTIC EXPO- 
NENTS and j is the largest INTEGER for which 


Dxy =j + 


Ait... taj > 0. 


Ifv = ø = D, where v is the CORRELATION EX- 
PONENT, g the INFORMATION DIMENSION, and D the 
HAUSDORFF DIMENSION, then 


D < Dry 


(Grassberger and Procaccia 1983). 
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Kaplan-Yorke Map 


Tn+1 = BAS ee 


Yn+1 = AYn + cos(4rip), 


where Zn, Yn are computed mod 1. (Kaplan and Yorke 
1979). The Kaplan-Yorke map with a = 0.2 has Cor- 
RELATION EXPONENT 1.42 + 0.02 (Grassberger Procac- 
cia 1983) and CAPACITY DIMENSION 1.43 (Russell et al. 
1980). 
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Kaprekar Routine 


Kappa Curve 


A curve also known as GUTSCHOVEN’S CURVE which 
was first studied by G. van Gutschoven around 1662 
(MacTutor Archive). It was also studied by Newton 
and, some years later, by Johann Bernoulli. It is given 
by the Cartesian equation 


(a? +y jy =a%x", (1) 
by the polar equation 
r=acoté, (2) 
and the parametric equations 
x = acostcott (3) 
y = acost. (4) 
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Kaprekar Number 

Consider an n-digit number k. Square it and add the 
right n digits to the left n or n—1 digits. If the resultant 
sum is k, then k is called a Kaprekar number. The first 
few are 1, 9, 45, 55, 99, 297, 703, ... (Sloane’s A006886). 


8+1=9 
2977 = 88,209 88 + 209 = 297. 
see also DIGITAL ROOT, DIGITADITION, HAPPY NUM- 


BER, KAPREKAR ROUTINE, NARCISSISTIC NUMBER, 
RECURRING DIGITAL INVARIANT 
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Kaprekar Routine 

A routine discovered in 1949 by D. R. Kaprekar for 4- 
digit numbers, but which can be generalized to k-digit 
numbers. To apply the Kaprekar routine to a number 
n, arrange the digits in descending (n') and ascending 
(n”) order. Now compute K(n) = n' — n” and iterate. 
The algorithm reaches 0 (a degenerate case), a constant, 


Kaps-Rentrop Methods 


or a cycle, depending on the number of digits in k and 
the value of n. 


For a 3-digit number n in base 10, the Kaprekar routine 
reaches the number 495 in at most six iterations. In 
base r, there is a unique number ((r—2)/2,r—1,r/2)r to 
which n converges in at most (r+2)/2 iterations IFF r is 
EVEN. For any 4-digit number n in base-10, the routine 
terminates on the number 6174 after seven or fewer steps 
(where it enters the 1-cycle K (6174) = 6174). 


2. 0, 0, 9, 21, {(45), (49)}, ..., 
3. 0, 0, (32, 52), 184, (320, 580, 484), ..., 


4. 0, 30, {201, (126, 138)}, (570, 765), {(2550), (3369), 
(3873)}, ..., 


5. 8, (48, 72), 392, (1992, 2616, 2856, 2232), (7488, 
10712, 9992, 13736, 11432), ..., 


6. 0, 105, (430, 890, 920, 675, 860, 705), (5600, (4305, 
5180)}, {(27195), (33860), (42925), (16840, 42745, 
35510)}, ..., 


7. 0, (144, 192), (1068, 1752, 1836), (9936, 15072, 
13680, 13008, 10608), (55500, 89112, 91800, 72012, 
91212, 77388), ..., 


8. 21, 252, {(1589, 3178, 2723), (1022, 3122, 3290, 
2044, 2212)}, {(17892, 20475), (21483, 25578, 26586, 
21987)}, ..., 


9. (16, 48), (320, 400), {(2256, 5312, 3856), (3712, 
5168, 5456)}, {41520, (34960, 40080, 55360, 49520, 
42240)}, ..., 


10. 0, 495, 6174, {(53955, 59994), (61974, 82962, 75933, 
63954), (62964, 71973, 83952, 74943)), ..., 


see also 196-ALGORITHM, KAPREKAR NUMBER, RATS 
SEQUENCE 


References 

Eldridge, K. E. and Sagong, S. “The Determination of 
Kaprekar Convergence and Loop Convergence of All 3- 
Digit Numbers.” Amer. Math. Monthly 95, 105-112, 1988. 

Kaprekar, D. R. “An Interesting Property of the Number 
6174.” Scripta Math. 15, 244-245, 1955. 

Trigg, C. W. “All Three-Digit Integers Lead to...” The 
Math. Teacher, 67, 41-45, 1974. 

Young, A. L. “A Variation on the 2-digit Kaprekar Routine.” 
Fibonacci Quart. 31, 138-145, 1993. 


Kaps-Rentrop Methods 

A generalization of the RUNGE-KUTTA METHOD for so- 
lution of ORDINARY DIFFERENTIAL EQUATIONS, also 
called ROSENBROCK METHODS. 


see also RUNGE-KUTTA METHOD 
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Kapteyn Series 


A series of the form 
y OnJvin|(y + n)z), 
n=0 


where J,(z) is a BESSEL FUNCTION OF THE FIRST 
KIND. Examples include Kapteyn's original series 


and 


2 Oo 
Z 
aa = 2 mana) 


see also BESSEL FUNCTION OF THE FIRST KIND, NEU- 
MANN SERIES (BESSEL FUNCTION) 
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Karatsuba Multiplication 

It is possible to perform MULTIPLICATION of LARGE 
NUMBERS in (many) fewer operations than the usual 
brute-force technique of “long multiplication.” As dis- 
covered by Karatsuba and Ofman (1962), MULTIPLICA- 
TION of two n-DIGIT numbers can be done with a BIT 
COMPLEXITY of less than n? using identities of the form 


(a+ b-10%) (c+ d-10") 
= ac + [(a + b)(c + d) — ac — bd]10” + bd- 10°". (1) 


Proceeding recursively then gives BIT COMPLEXITY 
O(n'®°), where lg3 = 1.58... < 2 (Borwein et al. 
1989). The best known bound is O(nlgnlglgn) steps 
for n >> 1 (Schónhage and Strassen 1971, Knuth 1981). 
However, this ALGORITHM is difficult to implement, but 
a procedure based on the FAST FOURIER TRANSFORM is 
straightforward to implement and gives BIT COMPLEX- 
ITY O((ign)***n) (Brigham 1974, Borodin and Munro 
1975, Knuth 1981, Borwein et al. 1989). 


As aconcrete example, consider MULTIPLICATION of two 


numbers each just two “digits” long in base w, 


Ni = ao + aw (2) 
Nz = bo + biw, (3) 


then their PRODUCT is 


P= Ni No 
= aobo + (a0b1 + arboJw + a1b1w” 
= po + piw + paw’. (4) 
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Instead of evaluating products of individual digits, now 
write 


go = aobo (5) 
qı = (ao + a1) (bo + bı) (6) 
q2 = ab}. (7) 


The key term is q1, which can be expanded, regrouped, 
and written in terms of the p; as 


qı = pı + pot p2. (8) 


However, since po = qo, and p2 = q2, it immediately 
follows that 


po = qo (9) 
Pi =q1 — Qp- 92 (10) 
p2 = Q2, (11) 


so the three “digits” of p have been evaluated using three 
multiplications rather than four. The technique can be 
generalized to multidigit numbers, with the trade-off be- 
ing that more additions and subtractions are required. 


Now consider four-“digit” numbers 
Ni = ao + aw + azw” + asw”, (12) 


which can be written as a two-“digit” number repre- 
sented in the base w?, 


Ny = (ao + aiw) + (a2 + azw) * w”. (13) 
The “digits” in the new base are now 


Qo = Ap + aw (14) 


a, = 42 + a3w, (15) 


and the Karatsuba algorithm can be applied to Ni and 
Nə in this form. Therefore, the Karatsuba algorithm 
is not restricted to multiplying two-digit numbers, but 
more generally expresses the multiplication of two num- 
bers in terms of multiplications of numbers of half the 
size. The asymptotic speed the algorithm obtains by re- 
cursive application to the smaller required subproducts 
is O(n?) (Knuth 1981). 


When this technique is recursively applied to multidigit 
numbers, a point is reached in the recursion when the 
overhead of additions and subtractions makes it more 
efficient to use the usual O(n?) MULTIPLICATION algo- 
rithm to evaluate the partial products. The most effi- 
cient overall method therefore relies on a combination 
of Karatsuba and conventional multiplication. 


see also COMPLEX MULTIPLICATION, MULTIPLICATION, 
STRASSEN FORMULAS 


Katona's Problem 
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Katona’s Problem 

Find the minimum number f(n) of subsets in a SEPA- 
RATING FAMILY for a SET of n elements, where a SEPA- 
RATING FAMILY is a SET of SUBSETS in which each pair 
of adjacent elements is found separated, each in one of 
two disjoint subsets. For example, the 26 letters of the 
alphabet can be separated by a family of nine: 


(abcdefghi) (jklmnopqr) (stuvwzxyz) 
(abcjkistu) (defmnovwzx) (ghipqryz) . 
(adgjmpsvy) (behknqtwz)  (cfiloruzx) 


The problem was posed by Katona (1973) and solved by 
C. Mao-Cheng in 1982, 


f(n) = sat {2p + 3 logs 8] :p= 0,1,2}, 


where [æ] is the CEILING FUNCTION. f(n) is nonde- 
creasing, and the values for n = 1, 2, ... are 0, 2, 3, 
4, 5, 5, 6, 6, 6, 7, ... (Sloane’s A07600). The values at 
which f(n) increases are 1, 2, 3, 4, 5, 7, 10, 13, 19, 28, 
37, ... (Sloane’s A007601), so f(26) = 9, as illustrated 
in the preceding example. 


see also SEPARATING FAMILY 
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Kauffman Polynomial F 
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Kauffman Polynomial F 
A semi-oriented 2-variable KNOT POLYNOMIAL defined 
by 

Fr (a, z) = a~” ™ (|L), (1) 


where L is an oriented LINK DIAGRAM, w(L£L) is the 
WRITHE of L, | L| is the unoriented diagram correspond- 
ing to L, and (L} is the BRACKET POLYNOMIAL. It 
was developed by Kauffman by extending the BLM/Ho 
POLYNOMIAL Q to two variables, and satisfies 


F (1,1) = Q(z). (2) 


The Kauffman POLYNOMIAL is a generalization of the 
JONES POLYNOMIAL V(t) since it satisfies 


V(t) = Fett, (3) 


but its relationship to the HOMFLY POLYNOMIAL is 
not well understood. In general, it has more terms than 
the HOMFLY POLYNOMIAL, and is therefore more pow- 
erful for discriminating KNOTS. It is a semi-oriented 
POLYNOMIAL because changing the orientation only 
changes F by a POWER of a. In particular, suppose 
L* is obtained from L by reversing the orientation of 
component k, then 


Fr =a" Fy, (4) 


where A is the LINKING NUMBER of k with L — k (Lick- 
orish and Millett 1988). F' is unchanged by MUTATION. 


Fi, +, = F(La)F (La) (5) 


Frits = [(a~* + aja” = Fr, Fro. (6) 


M. B. Thistlethwaite has tabulated the Kauffman 2- 
variable POLYNOMIAL for KNOTS up to 13 crossings. 
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Kauffman Polynomial X 
A 1-variable KNOT POLYNOMIAL denoted X or £. 


LA) = (ANY (L), (1) 


where (L) is the BRACKET POLYNOMIAL and w(Z) is 
the WRITHE of L. This POLYNOMIAL is invariant under 
AMBIENT ISOTOPY, and relates MIRROR IMAGES by 


Lr» =L1(A™*). (2) 


It is identical to the JONES POLYNOMIAL with the 
change of variable 


L(t /*) = Vit). (3) 


The X POLYNOMIAL of the MIRROR IMAGE K* is the 
same as for K but with A replaced by A”?. 
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Kei 7 
The IMAGINARY PART of 


e YT? K, (xet) = ker, (x) + i keis (£). 


see also BEI, BER, KER, KELVIN FUNCTIONS 
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Keith Number 
A Keith number is an n-digit INTEGER N such that if 
a Fibonacci-like sequence (in which each term in the 
sequence is the sum of the n previous terms) is formed 
with the first n terms taken as the decimal digits of 
the number N, then N itself occurs as a term in the 
sequence. For example, 197 is a Keith number since 
it generates the sequence 1, 9, 7, 17, 33, 57, 107, 197, 
. (Keith). Keith numbers are also called REPFIGIT 
NUMBERS. 


There is no known general technique for finding Keith 
numbers except by exhaustive search. Keith numbers 
are much rarer than the PRIMES, with only 52 Keith 
numbers with < 15 digits: 14, 19, 28, 47, 61, 75, 197, 
742, 1104, 1537, 2208, 2580, 3684, 4788, 7385, 7647, 
7909, ... (Sloane’s A007629). In addition, three 15-digit 
Keith numbers are known (Keith 1994). It is not known 
if there are an INFINITE number of Keith numbers. 
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Keller’s Conjecture 

Keller conjectured that tiling an n-D space with n-D 
HYPERCUBES of equal size yields an arrangement in 
which at least two hypercubes have an entire (n — 1)-D 
“side” in common. The CONJECTURE has been proven 
true for n = 1 to 6, but disproven for n > 10. 
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Kelvin’s Conjecture 

What space-filling arrangement of similar polyhedral 
cells of equal volume has minimal surface AREA? 
Kelvin proposed the 14-sided TRUNCATED OCTAHE- 
DRON. Wearie and Phelan (1994) discovered another 
14-sided POLYHEDRON that has 3% less SURFACE AREA. 
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Kelvin Functions 
Kelvin defined the Kelvin functions BEI and BER ac- 


cording to 
J, (xet) = ber, (x) + i beis (x), (1) 


where J (s) is a BESSEL FUNCTION OF THE FIRST 
KIND, and the functions KEI and KER by 


e? K, (ee?) = ker, (x) + ikeir (2), (2) 


where K, (x) is a MODIFIED BESSEL FUNCTION OF THE 
SECOND KIND. For the special case v = 0, 


Jo(iviz)= Ja(4v2(i — 1)2) = ber(x) + ibei(x). (3) 
see also BEI, BER, KEI, KER 
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Kelvin Transformation 
The transformation 


i igo 202 ace a° xi a?r., 
v(@1,...,2n) = e u pela, AA 3 
where 


lfu(x1,..., tn) is a HARMONIC FUNCTION on a DOMAIN 
D of R” (with n > 3), then v(z1,... £h) is HARMONIC 
on D’. 
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Kempe Linkage 
A double rhomboid LINKAGE which gives rectilinear mo- 
tion from circular without an inversion. 
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Kepler Conjecture 

In 1611, Kepler proposed that close packing (cubic or 
hexagonal) is the densest possible SPHERE PACKING 
(has the greatest 7), and this assertion is known as the 
Kepler conjecture. Finding the densest (not necessarily 
periodic) packing of spheres is known as the KEPLER 
PROBLEM. 


A putative proof of the Kepler conjecture was put for- 
ward by W.-Y. Hsiang (Hsiang 1992, Cipra 1993), but 
was subsequently determined to be flawed (Conway et 
al. 1994, Hales 1994). According to J. H. Conway, no- 
body who has read Hsiang’s proof has any doubts about 
its validity: it is nonsense. — 


see also DODECAHEDRAL CONJECTURE, KEPLER PROB- 
LEM 
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Kepler’s Equation 


Kepler’s Equation 

Let M be the mean anomaly and E the ECCENTRIC 
ANOMALY of a body orbiting on an ELLIPSE with Ec- 
CENTRICITY e, then 


M = E -esin E. (1) 


For M not a multiple of 7, Kepler’s equation has a 
unique solution, but is a TRANSCENDENTAL EQUATION 
and so cannot be inverted and solved directly for E given 
an arbitrary M. However, many algorithms have been 
derived for solving the equation as a result of its impor- 
tance in celestial mechanics. 


Writing a E as a POWER SERIES in e gives 
B=M+ S ane”, (2) 
n=l 


where the coefficients are given by the LAGRANGE IN- 
VERSION THEOREM as 


1 [n/2] AS 
an = dnin! 2 =D" @ (n = 2k)"7? sin[(n = 2k)M] 


(3) 
(Wintner 1941, Moulton 1970, Henrici 1974, Finch). 
Surprisingly, this series diverges for 


e > 0.6627434193..., (4) 


a value known as the LAPLACE LIMIT. In fact, E con- 
verges as a GEOMETRIC SERIES with ratio 


e if 2 
a 1+e2) (5) 


(Finch). 


There is also a series solution in BESSEL FUNCTIONS OF 
THE FIRST KIND, 


E=M+Y = Jn (ne) GO: (6) 


n=l 


This series converges for all e < 1 like a GEOMETRIC 
SERIES with ratio 


r= err NR (7) 


The equation can also be solved by letting y be the 
ANGLE between the planet’s motion and the direction 
PERPENDICULAR to the RADIUS VECTOR. Then 


tan Y = ==. (8) 
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Alternatively, we can define e in terms of an intermedi- 


ate variable ¢ 
e = sind, (9) 


then 


sin[5(v — E)] = A sin(36) sin v (10) 
sin[h(v + E)] = JE cos($¢) sin v. (11) 


Iterative methods such as the simple 
E:i+1 = M + esin E; (12) 
with Eo = 0 work well, as does NEWTON’S METHOD, 


M + esin E; — E; 
l—ecos E; ` 


Ej = Ei + (13) 


In solving Kepler’s equation, Stieltjes required the solu- 
tion to 


e (x-1)=e *(x+1), (14) 


which is 1.1996678640257734... (Goursat 1959, Le Li- 
onnais 1983). 


see also ECCENTRIC ANOMALY 
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Kepler’s Folium 


> D 


The curve with implicit equation 


[e — b)? + y lle(e — b) + y] — 4a(z — b)y’. 


References 
Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, pp. 71-72, 1993. 


Kepler-Poinsot Solid 


ONCAVE 
POLYHEDRA with intersecting facial planes. They are 
composed of regular CONCAVE POLYGONS and were un- 
known to the ancients. Kepler discovered two of them 
about 1619. These two were subsequently rediscovered 
by Poinsot, who also discovered the other two, in 1809. 
As shown by Cauchy, they are stellated forms of the 
DODECAHEDRON and ICOSAHEDRON. 


The Kepler-Poinsot solids, illustrated above, are 
known as the GREAT DODECAHEDRON, GREAT ICOs- 
AHEDRON, GREAT STELLATED DODECAHEDRON, and 
SMALL STELLATED DODECAHEDRON. Cauchy (1813) 
proved that these four exhaust all possibilities for regu- 
lar star polyhedra (Ball and Coxeter 1987). 


A table listing these solids, their DUALS, and COM- 
POUNDS is given below. 


Polyhedron Dual 


small stellated dodec. 
great stellated dodec. 
great icosahedron 
great dodecahedron 


great dodecahedron 
great Icosahedron 
great stellated dodec. 
small stellated dodec. 


Polyhedron Compound 


great dodecahedron- 
small stellated dodec. 
great icosahedron- 
great stellated dodec. 
great icosahedron- 
great stellated dodec. 
great dodecahedron- 
small stellated dodec. 


great dodecahedron 
great icosahedron 
great stellated dodec. 
small stellated dodec. 


The polyhedra {2,5} and {5, 3} fail to satisfy the POLY- 
HEDRAL FORMULA 


V-E+F=2, 


Ker 


where V is the number of faces, E the number of edges, 
and F the number of faces, despite the fact that formula 
holds for all ordinary polyhedra (Ball and Coxeter 1987). 
This unexpected result led none less than Schläfli (1860) 
to conclude that they could not exist. 


In 4-D, there are 10 Kepler-Poinsot solids, and in n- 
D with n > 5, there are none. In 4-D, nine of the 
solids have the same VERTICES as {3,3,5}, and the 
tenth has the same as {5,3,3}. Their SCHLAFLI SYM- 
BOLS are {2,5, 3}, {3,5, 2}, {5, 2,5}, {2, 3, 5}, (5,3, 2}, 
5,5, 5}, (5, 8,3}, (3, 2,5}, (3,3,3), and (3,3, $). 


Coxeter et al. (1954) have investigated star “Archimed- 


ean” polyhedra. 


see also ARCHIMEDEAN SOLID, DELTAHEDRON, JOHN- 
SON SOLID, PLATONIC SOLID, POLYHEDRON COM- 
POUND, UNIFORM POLYHEDRON 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, pp. 144- 
146, 1987. 

Cauchy, A. L. “Recherches sur les polyèdres.” J. de l 'École 
Polytechnique 9, 68-86, 1813. 

Coxeter, H. S. M.; Longuet-Higgins, M. S.; and Miller, 
J. C. P. “Uniform Polyhedra.” Phil. Trans. Roy. Soc. Lon- 
don Ser. A 246, 401—450, 1954. 

Pappas, T. “The Kepler-Poinsot Solids.” The Joy of Mathe- 
matics. San Carlos, CA: Wide World Publ. /Tetra, p. 113, 
1989. 

Quaisser, E. “Regular Star-Polyhedra.” Ch. 5 in Mathemat- 
ical Models from the Collections of Universities and Mu- 
seums (Ed. G. Fischer). Braunschweig, Germany: Vieweg, 
pp. 56-62, 1986. 

Schläfli. Quart. J. Math. 3, 66—67, 1860. 


Kepler Problem 
Finding the densest not necessarily periodic SPHERE 
PACKING. 


see also KEPLER CONJECTURE, SPHERE PACKING 


Kepler Solid 
see KEPLER-POINSOT SOLID 


Ker 
The REAL PART of 


e (ae 1%) = ker, (£) + i keis (£), 


where K, (x) is a MODIFIED BESSEL FUNCTION OF THE 
SECOND KIND. 


see also BEI, BER, KEI, KELVIN FUNCTIONS 


References 


Abramowitz, M. and Stegun, C. A. (Eds.). “Kelvin Func- 
tions.” §9.9 in Handbook of Mathematical Functions with 
Formulas, Graphs, and Mathematical Tables, 9th printing. 
New York: Dover, pp. 379-381, 1972. 


Keratoid Cusp 


Keratoid Cusp 


The PLANE CURVE given by the Cartesian equation 


a, 


References 
Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., p. 72, 1989. 


Kernel (Integral) 
The function K(a,t) in an INTEGRAL or INTEGRAL 


TRANSFORM 
b 
a) = | f(t) K(a,t) dt 


see also BERGMAN KERNEL, POISSON KERNEL 


Kernel (Linear Algebra) 
see NULLSPACE 


Kernel Polynomial 
The function 


K,(to, 12) = Kn(x, 20) = K,(x, Zo) 


which is useful in the study of many POLYNOMIALS. 


References 
Szegó, G. Orthogonal Polynomials, 4th ed. Providence, RI: 
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Kervaire’s Characterization Theorem 

Let G be a GROUP, then there exists a piecewise linear 

Knot K”~? in S” for n > 5 with G = m(S”" — K) IFF 

G satisfies 

1. G is finitely presentable, 

2. The Abelianization of G is infinite cyclic, 

3. The normal closure of some single element is all of 
G, 

4. H2(G) = 0; the second homology of the group is 
trivial. 


References 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, pp. 350-351, 1976. 
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Ket 

A CONTRAVARIANT VECTOR, denoted |y}. The ket is 
DUAL to the COVARIANT BRA 1-VECTOR (4|. Taken 
together, the BRA and ket form an ANGLE BRACKET 
(bra+ket = bracket) (|). The ket is commonly en- 
countered in quantum mechanics. 


see also ANGLE BRACKET, BRA, BRACKET PRODUCT, 
CONTRAVARIANT VECTOR, COVARIANT VECTOR, DIF- 
FERENTIAL k-FORM, ONE-FORM 


Khinchin Constant 
see KHINTCHINE’S CONSTANT 


Khintchine’s Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


UN Fa 


PAR ATAN 
RI, A 


J] = go + —————_ (1) 
dis 
q2 + 


= [go, 91) - . 


qa +... 


be the SIMPLE CONTINUED FRACTION of a REAL NUM- 
BER 2, Where the numbers q; are called PARTIAL QUO- 
TIENTS. Khintchine (1934) considered the limit of the 
GEOMETRIC MEAN 


Gníz) = (q192°+- Gn)!” (2) 


as n — oo. Amazingly enough, this limit is a constant 
independent of x—except if x belongs to a set of MEA- 
SURE 0-given by 


K = 2.685452001... (3) 


(Sloane’s A002210), as proved in Kac (1959). The values 
G,(xz) are plotted above for n = 1 to 500 and zx = a, 
1/7, sin1, the EULER-MASCHERONI CONSTANT y, and 
the COPELAND-ERDOS CONSTANT. REAL NUMBERS x 
for which limno Gn(x) 4 K include z = e, V2, V3, 
and the GOLDEN RATIO q, all of which have periodic 
PARTIAL QUOTIENTS, plotted below. 
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0 100 200 300 400 500 


The CONTINUED FRACTION for K is [2, 1, 2, 5, 1, 1, 2, 
1, 1, ...] (Sloane’s A002211). It is not known if K is 
IRRATIONAL, let alone TRANSCENDENTAL. Bailey et al. 
(1995) have computed K to 7350 DIGITS. 


Explicit expressions for K include 


co In n/ ln 2 
it 
= smie 4 
ds eee (2) 
ln2ln K = ir + 2 (In 2)? -j DUE (5) 
0 

ink = 297 etic (am) 1 (6) 

In = m i 

where ((z) is the RIEMANN ZETA FUNCTION and 
a 

hm = Y 7 (7) 


(Shanks and Wrench 1959). Gosper gave 


1 SNA 
nr UA, og 


where ('(z) is the DERIVATIVE of the RIEMANN ZETA 
FUNCTION. An extremely rapidly converging sum also 
due to Gosper is 


1 co 
hX= 5 E —In(k + 1)[In(k + 3) 


—2In(k + 2) + In(k + 1)] 


(—1)*(2 — 2***) | In(k +1) 
AMO | RD e+ 2k +2) 


k+2 o ts 
+ In(k +1) > IN > 
s=1 


(9) 


where ((s, a) is the HURWITZ ZETA FUNCTION. 


Khintchine's Constant 


Khintchine's constant is also given by the integral 


1 E — z?) 


inzin(3x)= | da (ra, | ae (10) 


If P,/Qn is the nth CONVERGENT of the CONTINUED 
FRACTION of z, then 


1/n 
lim (Qn)/” = lim (=) = e"?/02m3) y 3,27582 


n—00 n—o00 T 

(11) 
for almost all REAL x (Lévy 1936, Finch). This num- 
ber is sometimes called the LÉVY CONSTANT, and the 


argument of the exponential is sometimes called the 
KHINTCHINE-LÉVY CONSTANT. 


Define the following quantity in terms of the kth partial 
quotient qx, 


$ 1/s 
1 
M = |= = , 
(s,n, 2) . y qk (12) 
k=1 
Then 
lim M(1,n,2) = co (13) 


n— CO 


for almost all real x (Khintchine, Knuth 1981, Finch), 
and 
M(1,n,x) ~ O(Inn). (14) 


Furthermore, for s < 1, the limiting value 


lim M{s,n,x2) = K(s) (15) 


n-—>00 


exists and is a constant K(s) with probability 1 (Rockett 
and Sziisz 1992, Khintchine 1997). 


see also CONTINUED FRACTION, CONVERGENT, 
KHINTCHINE-LEVY CONSTANT, LEVY CONSTANT, PAR- 
TIAL QUOTIENT, SIMPLE CONTINUED FRACTION 
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Kelvin's “water dropper” potential equaliser 


Charge “equaliser” Watrspray Elctregraph. 


Kelvin's interest in the variability 


“There can be no doubt but the electric indications, when pas Water Tank 
sufficiently studied, will be found important additions to our 
means for prognosticating the weather ...[I] hope to soon see the 

atmospheric electrometer generally adopted as a useful and 

convenient weather-glass ” (Lord Kelvin, 18" May 1860) voltmeter 


Thomson, W. Reprint of papers on Electrostatics and Magnetism Macmillan, London, 1872 


height z 


a NN EE 


The variability which he observed probably challenged Kelvin’s world 
view, which may be the reason he sought to devise methods to 
investigate it — he was also central in developing telegraphy 
technology, which might have been affected by atmospheric E ee E eee ie 


disturbances between the air and the nozzle through De ee 


y -= - Mirror, 
the water droplets ----Electrilred Needle. 


. : : Sai j Za . uadran fts. 
See: K.L. Aplin and R.G. Harrison, Lord Kelvin's atmospheric electricity showed thaPG was variable an hi a 
measurements History of Geo- and Space Sciences 4, 83-95, 2013 doi:10.5194/hgss- 


4-83-2013 K.L. Aplin and R.G. Harrison, Lord Kelvin's atmospheric electricity measurements, 
= = = History of Geo- and Space Sciences 4, 83-95, 2013 


= Earth's surface 


eprovided continuous measurements 


used with photographic recording ter dropper 


Slate Slab. 


Kelvin water dropper at Kakioka Observatory Paradigm shift around 1900 


_.» The Kelvin device was widely used, including for balloon studies and on : j : ; T 
thaton ofthe Eiffel lower e Kelvin and others’ understanding of atmospheric electricity 


| a . . was based on an electrostatic view, perhaps informed by 
“A water dropper sensor is still in use at Kakioka geophysical observatory , , , y , » 
| in Japan the Victorian view of an “inherited” earth system 


i But...work on ionisation and current flow by 
Mi | le” P C.T.R.Wilson (and, independently, by Elster and Geitel in 
| oy ee Germany) led to the electrostatic viewpoint becoming 
untenable 


Evidence indicating continuing atmospheric current flow 
brought with it the concept of a varying, dynamic, 
terrestrial atmospheric electricity system 


K.L. Aplin and R.G. Harrison, Lord Kelvin's atmospheric electricity measurements History of Geo- and Space 


Electrometer Sciences 4, 83-95, 2013 doi:10.5194/hgss-4-83-2013 
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Khintchine-Lévy Constant 


Rockett, A. M. and Szúsz, P. Continued Fractions. Singa- 
pore: World Scientific, 1992. 

Shanks, D. and Wrench, J. W. “Khintchine's Constant.” 
Amer. Math. Monthly 66, 148-152, 1959. 

Sloane, N. J. A. Sequences A002210/M1564 and A002211/ 
M0118 in “An On-Line Version of the Encyclopedia of In- 
teger Sequences.” 

Vardi, I. “Khinchin’s Constant.” 
Recreations in Mathematica. 
Wesley, pp. 163-171, 1991. 

Wrench, J. W. “Further Evaluation of Khintchine’s Con- 
stant.” Math. Comput. 14, 370-371, 1960. 


88.4 in Computational 
Reading, MA: Addison- 


Khintchine-Lévy Constant 
A constant related to KHINTCHINE'S CONSTANT defined 
by 


qq? 


L= mio 1.1865691104.... 


-see also KHINTCHINE’S CONSTANT, LEVY CONSTANT 
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Khovanski's Theorem 

If fi,..., fm : R” — R are exponential polynomials, 
then {x € R” : filo) = -> fa(x) = 0} has finitely many 
connected components. l 


References 
Marker, D. “Model Theory and Exponentiation.” Not. 
Amer. Math. Soc. 43, 753-759, 1996. 


Kiepert’s Conics 
see KIEPERT’S HYPERBOLA, KIEPERT’S PARABOLA 


Kiepert’s Hyperbola 

A curve which is related to the solution of LEMOINE’S 
PROBLEM and its generalization to ISOSCELES TRIAN- 
GLES constructed on the sides of a given TRIANGLE. The 
VERTICES of the constructed TRIANGLES are 


A' = ~—sing: sin(C + ¢): sin(B + ¢) (1) 
B' = sin(C +4): —sin@: sin(A + q) (2) 
C’ =sin(B +4) :sin(A +4) : —sind, (3) 


where ¢ is the base ANGLE of the ISOSCELES TRIANGLE. 
Kiepert showed that the lines connecting the VERTICES 
of the given TRIANGLE and the corresponding peaks of 
the ISOSCELES 'TRIANGLES CONCUR. The TRILINEAR 
COORDINATES of the point of concurrence are 


sin(B + p)sin(C + ¢): sin(C + ¢)sin(A+ ¢): 
sin(A + H)sin(B +4). (4) 


The locus of this point as the base ANGLE varies is given 
by the curve 


sin(B — C) 4 sin(C — A) = sin(A — B) 
a B el 
dde), caleta), abla? —6*) _ (5) 


o P a 
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Writing the TRILINEAR COORDINATES as 
Qi = diSi, (6) 


where d; is the distance to the side opposite a; of length 
si and using the POINT-LINE DISTANCE FORMULA with 
(Zo, Yo) written as (2, y), 


g, — yet — Yi) (E — Lig) 
¿ 3; 
(£i+2 — Ti+1)(Y — Yi+1)| 


where ya = yı and ys = ya gives the FORMULA 


3 
2 2 
> $i418142(Sj41 = Si+2) 


¿=1 
Si 


x A E i a EE A 
(Yi+2 — Yi+1) (0 — Li+1) — (Ti+2 — 41) (y — Yi+1) 
=0 (8) 


3 
Y” (síy1 — Si42) 
ar (Yi+2 — Yiti)(@ — Ti+1) — (ita — Bi41)(y — Yi+1) 
=0. (9) 
Bringing this equation over a common DENOMINATOR 


then gives a quadratic in x and y, which is a CONIC 
SECTION (in fact, a HYPERBOLA). The curve can also 


be written as csc(A + t) : csc(B + t) : csc(C + t), as t 
varies over [—7/4, 7/4]. 
A 
Ea 
B C 


Kiepert’s hyperbola passes through the triangle's CEN- 
TROID M (6 = 0), ORTHOCENTER H (q = 7/2), VER- 
TICES A (@= —a ifa<7/2and ¢6=7-a if a > 7/2), 
B (ġ = —8}), C (9 = —y), FERMAT POINT F; (¢ = 7/3), 
second ISOGONIC CENTER F; (Y = —7/3), ISOGONAL 
CONJUGATE of the BROCARD MIDPOINT (¢ = w), and 
BROCARD’S THIRD POINT Z; (@ = w), where w is the 
BROCARD ANGLE (Eddy and Fritsch 1994, p. 193). 


The ASYMPTOTES of Kiepert’s hyperbola are the SIM- 
SON LINES of the intersections of the BROCARD AXIS 
with the CIRCUMCIRCLE. Kiepert’s hyperbola is a 
RECTANGULAR HYPERBOLA. In fact, all nondegenerate 
conics through the VERTICES and ORTHOCENTER of a 
TRIANGLE are RECTANGULAR HYPERBOLAS the centers 


986 Kiepert's Parabola 


of which lie halfway between the ISOGONIC CENTERS 
and on the NINE-POINT CIRCLE. The LOCUS of centers 
of these HYPERBOLAS is the NINE-POINT CIRCLE. 


The ISOGONAL CONJUGATE curve of Kiepert's hyper- 
bola is the BROCARD AXIS. The center of the INCIRCLE 
of the TRIANGLE constructed from the MIDPOINTS of 
the sides of a given TRIANGLE lies on Kiepert’s hyper- 
bola of the original TRIANGLE. 


see also BROCARD ANGLE, BROCARD AXIS, BROCARD 
POINTS, CENTROID (TRIANGLE), CIRCUMCIRCLE, IsO- 
GONAL CONJUGATE, ISOGONIC CENTERS, ISOSCELES 
TRIANGLE, LEMOINE’S PROBLEM, NINE-POINT CIR- 
CLE, ORTHOCENTER, SIMSON LINE 
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Kiepert’s Parabola 

Let three similar ISOSCELES TRIANGLES AA'BC, 
AAB'C, and AABC' be constructed on the sides of a 
TRIANGLE AABC. Then the ENVELOPE of the axis 
of the TRIANGLES AABC and AA'B'C’ is Kiepert's 
parabola, given by 


sin A(sin? B — sin? C) E sin B(sin? C — sin? A) 


u v 
: 24 an2 
¿ sin C(sin A — sin“ B) di 
w 
a(b? — c°) R b(c? — a?) A c(a? — b?) =0 (2) 
u v w | 


where [u, v, w] are the TRILINEAR COORDINATES for a 
line tangent to the parabola. It is tangent to the sides 
of the TRIANGLE, the line at infinity, and the LEMOINE 
LINE. The Focus has TRIANGLE CENTER FUNCTION 


a = csc( B — C). (3) 


The EULER LINE of a triangle is the DIRECTRIX of 
Kiepert’s parabola. In fact, the DIRECTRICES of all 
parabolas inscribed in a TRIANGLE pass through the 
ORTHOCENTER. The BRIANCHON POINT for Kiepert’s 
parabola is the STEINER POINT. 


see also BRIANCHON POINT, ENVELOPE, EULER 
LINE, ISOSCELES TRIANGLE, LEMOINE LINE, STEINER 
POINTS 


Killing Vectors 


Kieroid 

Let the center B of a CIRCLE of RADIUS a move along 
a line BA. Let O be a fixed point located a distance c 
away from AB. Draw a SECANT LINE through O and 
D, the MIDPOINT of the chord cut from the line DE 
(which is parallel to AB) and a distance b away. Then 
the Locus of the points of intersection of OD and the 
CIRCLE Pı and Ps is called a kieroid. 


Special Case Curve 

b=0 conchoid of Nicomedes 

b=a cissoid plus asymptote 

b=a=-—c  strophoid plus asymptote 
References 
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Killing?s Equation 
The equation defining KILLING VECTORS. 


Lx 9ab = Xa¡o + Xbja = 2X(a;) = 0, 


where £ is the LIE DERIVATIVE. 
see also KILLING VECTORS 


Killing Vectors 

If any set of points is displaced by X*dx, where all dis- 
tance relationships are unchanged (i.e., there is an ISOM- 
ETRY), then the VECTOR field is called a Killing vector. 


Ox'* da” 
Jab = Dae po Tela), (1) 
so let | 
ao = r° + ex? 
ð ia e 
aa = Ob + ea "E (2) 


gav(a) = (ôa + €x° a) (55 + ext b) geala” + €X?) 
= (65 + EL a) (Gs + ez” y) [gealz) + EX gcalo) e +...| 
= gas(t) + elgaaX “o + guaX a + X gabe] + Ole?) 
= £x9ab, (3) 


where £ is the LIE DERIVATIVE. An ordinary deriva- 
tive can be replaced with a covariant derivative in a LIE 
DERIVATIVE, so we can take as the definition 


Jab; = 0 (4) 


garg” = ĝa, (5) 


which gives KILLING’S EQUATION 


LX Gab = X arb + Xb:a = 2X (a;b) =); (6) 


Kimberling Sequence 


A Killing vector X” satisfies 


g Kuat — Ra X’ =0 (7) 
A abe = Ricas (8) 
Xen 4+ REX =0, (9) 


where Ra» is the Ricc!t TENSOR and Rabca is the RIE- 
MANN TENSOR. 


A 2-sphere with METRIC 
ds? = d8? + sin? 0 dp” (10) 


has three Killing vectors, given by the angular momen- 
tum operators 


~ ð bo. 

La = — cos Pap + AF (11) 

L, = sin pz + cot Ó cos pu (12) 
US Sage es ae 

~ ð 


The Killing vectors in Euclidean 3-space are 


oh = (14) 
r? = n (15) 
q = £ (16) 
oS ve — iF (17) 
are oe (18) 
zê =r -ug (19) 


In MINKOWSKI SPACE, there are 10 Killing vectors 


Xf =a; fori=1,2,3,4 (20) 
Xp =0 (21) 
Xi=e""gem fork=1,2,3 (22) 
XE as" fore LS (23) 


The first group is TRANSLATION, the second ROTATION, 
and the final corresponds to a “boost.” 


Kimberling Sequence 

A sequence generated by beginning with the POSITIVE 

integers, then iteratively applying the following algo- 

rithm: 

1. In iteration 2, discard the zth element, 

2. Alternately write the ¿+ k and z—kth elements until 
k =i, 


3. Write the remaining elements in order. 
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The first few iterations are therefore 


E 2 


9 10 11 

9 10 11 12 

9 10 11 12 13. 
10 11 12 13 14 
11 12 13 14 15 


es | 
o [Ja 0 
Eo as 


Oo © ON O 


5 
6 
T 
8 
> 


The diagonal elements form the sequence 1, 3, 5, 4, 10, 


7, 15, ... (Sloane's A007063). 


2 
4 2 
6 2 
8 7 
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Kimberling Shuffle 
see also KIMBERLING SEQUENCE 


Kings Problem 


zo| [xs] |*o| [xa] | 


The problem of determining how many nonattacking 


kings can be placed on an n xn CHESSBOARD. For 
n = 8, the solution is 16, as illustrated above (Madachy 
1979). In general, the solutions are 


1,2 
_ Jan n even 
A l 4(n+1)? nodd (1) 
(Madachy 1979), giving the sequence of doubled squares 
1, 1, 4, 4, 9, 9, 16, 16, ... (Sloane's A008794). This 
sequence has GENERATING FUNCTION 


1 2 
e E = 1 +g + 4r? +42 490% +90 +.... 


(2) 


988 King Walk 


The minimum number of kings needed to attack or oc- 
cupy all squares on an 8 x 8 CHESSBOARD is nine, illus- 
trated above (Madachy 1979). 


see also BISHOPS PROBLEM, CHESS, HARD HEXAGON 
ENTROPY CONSTANT, KNIGHTS PROBLEM, QUEENS 
PROBLEM, ROOKS PROBLEM 
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King Walk 
see DELANNOY NUMBER 


Kinney’s Set 
A set of plane MEASURE 0 that contains a CIRCLE of 
every RADIUS. 
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Kinoshita-Terasaka Knot 
The KNOT with BRAID WORD 


3. 2 —1 —2 —1 —1 = 
01 J3 0203 01 0201 g3 02 
Its JONES POLYNOMIAL is 
O OF SOP ae aor Aor eo 4), 


the same as for CONWAY’S KNOT. It has the same AL- 
EXANDER POLYNOMIAL as the UNKNOT. 
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Kinoshita-Terasaka Mutants 
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Kirby Calculus 
The manipulation of DEHN SURGERY descriptions by a 
certain set of operations. 
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Kirkman Triple System 


Kirby’s List 
A list of problems in low-dimensional TOPOLOGY main- 
tained by R. C. Kirby. The list currently runs about 380 


pages. 
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Kirkman’s Schoolgirl] Problem 

In a boarding school there are fifteen schoolgirls who al- 
ways take their daily walks in rows of threes. How can 
it be arranged so that each schoolgirl walks in the same 
row with every other schoolgirl exactly once a week? 
Solution of this problem is equivalent to constructing a 
KIRKMAN TRIPLE SYSTEM of order n = 2. The follow- 
ing table gives one of the 7 distinct (up to permutations 
of letters) solutions to the problem. 


Sun Mon Tue Wed Thu Fri Sat 


ABC ADE AFG AHI AJK ALM ANO 
DHL BIK BHJ BEG CDF BEF BDG 
EJN CMO CLN BMN CLO CIJ CHK 
FIO FHN DIM DJO EHM DKN PEIL 
GKM GJL EKO FKL GIN GHO FJM 


(The table of Dörrie 1965 contains a misprint in which 
the a1 = B and az = C entries for Wednesday and 
Thursday are written simply as a.) 


see also JOSEPHUS PROBLEM, KIRKMAN TRIPLE Sys- 
TEM, STEINER TRIPLE SYSTEM 


References 

Abel, R. J. R. and Furino, S. C. “Kirkman Triple Systems.” 
81.6.3 in The CRC Handbook of Combinatorial Designs 
(Ed. C. J. Colbourn and J. H. Dinitz). Boca Raton, FL: 
CRC Press, pp. 88-89, 1996. 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, pp. 287- 
289, 1987. 

Dorrie, H. 85 in 100 Great Problems of Elementary Mathe- 
matics: Their History and Solutions. New York: Dover, 
pp. 14-18, 1965. 

Frost, A. “General Solution and Extension of the Problem 
of the 15 Schoolgiris.” Quart. J. Pure Applied Math. 11, 
1871. 

Kirkman, T. P. “On a Problem in COmbinatorics.” Cam- 
bridge and Dublin Math. J. 2, 191-204, 1847. 

Kirkman, T. P. Lady’s and Gentleman’s Diary. 1850. 

Kraitchik, M. §9.3.1 in Mathematical Recreations. New York: 
W. W. Norton, pp. 226-227, 1942. 

Peirce, B. “Cyclic Solutions of the School-Girl Puzzle.” As- 
tron. J. 6, 169-174, 1859-1861. 

Ryser, H. J. Combinatorial Mathematics. 
Math. Assoc. Ámer., pp. 101-102, 1963. 


Buffalo, NY: 


Kirkman Triple System 

A Kirkman triple system of order v = 6n +3 is a 
STEINER TRIPLE SYSTEM with parallelism (Ball and 
Coxeter 1987), i.e., one with the following additional 
stipulation: the set of b = (2n + 1)(3n + 1) triples is 
partitioned into 3n + 1 components such that each com- 
ponent is a (2n + 1)-subset of triples and each of the v 
elements appears exactly once in each component. The 


Kiss Surface 


STEINER TRIPLE SYSTEMS of order 3 and 9 are Kirkman 
triple systems with n = 0 and 1. Solution to KIRKMAN’S 
SCHOOLGIRL PROBLEM requires construction of a Kirk- 
man triple system of order n = 2. 


Ray-Chaudhuri and Wilson (1971) showed that there ex- 
ists at least one Kirkman triple system for every NON- 
NEGATIVE order n. Earlier editions of Ball and Cox- 
eter (1987) gave constructions of Kirkman triple systems 
with 9 < v < 99. For n= 1, there is a single unique (up 
to an isomorphism) solution, while there are 7 different 
systems for n = 2 (Mulder 1917, Cole 1922, Ball and 
Coxeter 1987). 


see also STEINER TRIPLE SYSTEM 
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Kiss Surface 


The QUINTIC SURFACE given by the equation 


be? la (y +27) =0. 
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Kissing Circles Problem 
see DESCARTES CIRCLE THEOREM, SODDY CIRCLES 


Kissing Number 989 


Kissing Number 

The number of equivalent HYPERSPHERES in n-D which 
can touch an equivalent HYPERSPHERE without any in- 
tersections, also sometimes called the NEWTON NUM- 
BER, CONTACT NUMBER, COORDINATION NUMBER, or 
LIGANCY. Newton correctly believed that the kissing 
number in 3-D was 12, but the first proofs were not pro- 
duced until the 19th century (Conway and Sloane 1993, 
p. 21) by Bender (1874), Hoppe (1874), and Giinther 
(1875). More concise proofs were published by Schútte 
and van der Waerden (1953) and Leech (1956). Exact 
values for lattice packings are known for n = 1 to 9 and 
n = 24 (Conway and Sloane 1992, Sloane and Nebe). 
Odlyzko and Sloane (1979) found the exact value for 
24-D, 


The following table gives the largest known kissing num- 
bers in DIMENSION D for lattice (L) and nonlattice (NL) 
packings (if a nonlattice packing with higher number ex- 
ists). In nonlattice packings, the kissing number may 
vary from sphere to sphere, so the largest value is given 
below (Conway and Sloane 1993, p. 15). An more exten- 
sive and up-to-date tabulation is maintained by Sloane 
and Nebe. 


1 
2 

3 

4 

5 

6 2 

7 126 19 > 10,668 
8 240 20 > 17,400 
9 272 > 306 |21 > 27,720 
10 > 336 > 500 |22 > 49,896 
11 > 438 > 93, 150 


12 > 756 196,560 


The lattices having maximal packing numbers in 12- and 
24-D have special names: the COXETER-TODD LATTICE 
and LEECH LATTICE, respectively. The general form of 
the lower bound of n-D lattice densities given by 


where ¢(n) is the RIEMANN ZETA FUNCTION, is known 
as the MINKOWSKI-HLAWKA THEOREM. 


see also COXETER-TODD LATTICE, HERMITE CON- 
STANTS, HYPERSPHERE PACKING, LEECH LATTICE, 
MINKOWSKI-HLAWKA THEOREM 
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Kite | 
see DIAMOND, LOZENGE, PARALLELOGRAM, PENROSE 
TILES, QUADRILATERAL, RHOMBUS 


Klarner-Rado Sequence 

The thinnest sequence which contains 1, and whenever 
it contains x, also contains 2x7, 3x + 2, and 6z +3: 1, 2, 
4, 5, 8, 9, 10, 14, 15, 16, 17, ... (Sloane's A005658). 
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Klarner’s Theorem 
An a x b RECTANGLE can be packed with 1 x n strips 
IFF nla or nd. 


see also BOX-PACKING THEOREM, CONWAY PUZ- 


ZLE, DE BRUIJN’S THEOREM, SLOTHOUBER-GRAATSMA 
PUZZLE 
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Klein’s Absolute Invariant 


4 -A@) +A @P _ 
27 A AP 


[E4(q)]° 


J(q) = [E4(q)]? — [E6(q)?] 


Klein-Beltrami Model 


(Cohn 1994), where q = e*"* is the NOME, A(q) is the 
ELLIPTIC LAMBDA FUNCTION 


Ma) = k? (a) = Ea | 


0:(q) is a THETA FUNCTION, and the E;(q) are 
RAMANUJAN-EISENSTEIN SERIES. J(t) is GAMMA- 
MODULAR. 


see also ELLIPTIC LAMBDA FUNCTION, j-FUNCTION, 
PI, RAMANUJAN-EISENSTEIN SERIES, THETA FUNC- 
TION 
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Klein-Beltrami Model 

The Klein-Beltrami model of HYPERBOLIC GEOMETRY 
consists of an OPEN DISK in the Euclidean plane whose 
open chords correspond to hyperbolic lines. Two lines | 
and m are then considered parallel if their chords fail to 
intersect and are PERPENDICULAR under the following 
conditions, 


1. If at least one of l and m is a diameter of the DISK, 
they are hyperbolically perpendicular IFF they are 
perpendicular in the Euclidean sense. 


2. If neither is a diameter, I is perpendicular to m IFF 
the Euclidean line extending l passes through the 
pole of m (defined as the point of intersection of the 
tangents to the disk at the “endpoints” of m). 


There is an isomorphism between the POINCARE Hy- 
PERBOLIC DISK model and the Klein-Beltrami model. 
Consider a Klein disk in Euclidean 3-space with a 
SPHERE of the same radius seated atop it, tangent at the 
ORIGIN. If we now project chords on the disk orthog- 
onally upward onto the SPHERE's lower HEMISPHERE, 
they become arcs of CIRCLES orthogonal to the equator. 
If we then stereographically project the SPHERE’s lower 
HEMISPHERE back onto the plane of the Klein disk from 
the north pole, the equator will map onto a disk some- 
what larger than the Klein disk, and the chords of the 
original Klein disk will now be arcs of CIRCLES orthog- 
onal to this larger disk. That is, they will be Poincaré 
lines. Now we can say that two Klein lines or angles are 
congruent iff their corresponding Poincaré lines and an- 
gles under this isomorphism are congruent in the sense 
of the Poincaré model. 

see also HYPERBOLIC GEOMETRY, POINCARE HYPER- 
BOLIC DISK 
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Klein Bottle 


A closed NONORIENTABLE SURFACE of GENUS one hav- 
ing no inside or outside. It can be physically realized 
only in 4-D (since it must pass through itself without 
the presence of a HOLE). Its ToPOLOGY is equivalent 
to a pair of CROSS-CAPS with coinciding boundaries. It 
can be cut in half along its length to make two MOBIUS 
STRIPS. 


The above picture is an IMMERSION of the Klein bottle in 
R* (3-space). There is also another possible IMMERSION 
called the “figure-8” IMMERSION (Geometry Center). 


The equation for the usual IMMERSION is given by the 
implicit equation 


(x? +y + 2? + Qy —1)[(@? + y? +2 — 2y— 1)? — 827] 
+l6rz(2 + y* +27-2y-1)=0 (1) 


(Stewart 1991). Nordstrand gives the parametric form 


x = cosu[cos(1u)(v2 + cos v) + sin(3u) sin v cos v] 
(2) 

y = sin ulcos(Lu)(v2 + cos v) + sin(5u) sin v cos v] 
(3) 


z= sin(żu)(v2 + cosv) + cos(5u) sinucosv. (4) 


The “figure-8” form of the Klein bottle is obtained by 
rotating a figure eight about an axis while placing a twist 
in it, and is given by parametric equations 


1 


z(u,v) = [a + cos(5u) sin(v) — sin(5u) sin(2v)] cos(u) 


(5) 
y(u, v) = [a + cos(5u) sin(v) — sin(5u) sin(2v)] sin(u) 

(6) 
z(u, v) = sin(5u) sin(v) + cos(5u) sin(2v) (7) 


for u € [0, 27), v € [0, 27), and a > 2 (Gray 1993). 
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The image of the CROSS-CAP map of a TORUS centered 
at the ORIGIN is a Klein bottle (Gray 1993, p. 249). 


Any set of regions on the Klein bottle can be colored 
using ss colors only (Franklin 1934, Saaty 1986). 


see also CROSS-CAP, ETRUSCAN VENUS SURFACE, IDA 
SURFACE, MAP COLORING MOBIUS STRIP 
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Klein’s Equation 
If a REAL curve has no singularities except nodes and 
Cusps, BITANGENTS, and INFLECTION POINTS, then 


n+2r2+¿¿=m+28, +K, 


where n is the order, 7” is the number of conjugate tan- 
gents, ¿' is the number of REAL inflections, m is the 
class, 6’ is the number of REAL conjugate points, and 
« is the number of REAL Cusps. This is also called 
KLEIN’S THEOREM. 


see also PLUCKER’S EQUATION 
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Klein Four-Group 

see VIERGRUPPE 

Klein-Gordon Equation 
18y y 


2 
oo 9 Fe 
see also SINE-GORDON EQUATION, WAVE EQUATION 


Klein Quartic 
The 3-holed TORUS. 
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Klein’s Theorem 
see KLEIN’S EQUATION 


Kleinian Group 

A finitely generated discontinuous group of linear frac- 
tional transformation acting on a domain in the COM- 
PLEX PLANE. 
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Kloosterman’s Sum 


S(u,v,n) = X exp peeve j (1) 


where h runs through a complete set of residues RELA- 
TIVELY PRIME to n, and h is defined by 


hh=1 (mod n). (2) 
If (n,n') = 1 (if n and n' are RELATIVELY PRIME), then 
S(u,v,n)S(u,v',n') = S(u,un* +v'n*,nn'). (3) 


Kloosterman's sum essentially solves the problem intro- 
duced by Ramanujan of representing sufficiently large 
numbers by QUADRATIC FORMS azı? + bx2* + cz3° + 
dz4*. Weil improved on Kloosterman’s estimate for Ra- 
manujan’s problem with the best possible estimate 


|S(u,u,n)| < 24n (4) 


(Duke 1997). 
see also GAUSSIAN SUM 
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Knights Problem 


Knapsack Problem 

Given a SUM and a set of WEIGHTS, find the WEIGHTS 
which were used to generate the SuM. The values of 
the weights are then encrypted in the sum. The system 
relies on the existence of a class of knapsack problems 
which can be solved trivially (those in which the weights 
are separated such that they can be “peeled off” one at 
a time using a GREEDY-like algorithm), and transfor- 
mations which convert the trivial problem to a difficult 
one and vice versa. Modular multiplication is used as 
the TRAPDOOR FUNCTION. The simple knapsack sys- 
tem was broken by Shamir in 1982, the Graham-Shamir 
system by Adleman, and the iterated knapsack by Ernie 
Brickell in 1984. 
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Kneser-Sommerfeld Formula 

Let J, be a BESSEL FUNCTION OF THE FIRST KIND, N, 
a NEUMANN FUNCTION, and jv nthe zeros of z"J, (2) in 
order of ascending REAL PART. Thenfor0<xw<X<l 
and R|z] > 0, 


TJ, (uz) 
O Wol2)N(X2) —N(2)J,(X2) 
— Ju (junt)Iv(junX) 
=2 2 — jun a) un) 
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Knights Problem 


MSIE 


The problem of determining how many nonattacking 
knights K(n) can be placed on an n x n CHESSBOARD. 
For n = 8, the solution is 32 (illustrated above). 
general, the solutions are 


a n > 2 even 
Kin) = { E +1) n> 1 odd, 


Knights of the Round Table 


giving the sequence 1, 4, 5, 8, 13, 18, 25, ... (Sloane's 
A030978, Dudeney 1970, p. 96; Madachy 1979). 


The minimal number of knights needed to occupy or 
attack every square on an n xn CHESSBOARD is given 
by 1, 4, 4, 4, 5, 8, 10, ... (Sloane's A006075). The 
number of such solutions are given by 1, 1, 2, 3, 8, 22, 
3, ... (Sloane's A006076). 


see also BISHOPS PROBLEM, CHESS, KINGS PROBLEM, 
KNIGHT’S TOUR, QUEENS PROBLEM, ROOKS PROBLEM 
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Knights of the Round Table 
see NECKLACE 


Knight’s Tour 


Knight’s Tour 993 


RAAR 
Dahle tp | Ye 
CANIS 
MIREA 
la GN 


SALAR 


ng 
iaat peu ae > 
0118/28 [06 
¿Y Olas laos LA] 
| PERSA] 


A knight's tour of a CHESSBOARD (or any other grid) 
is a sequence of moves by a knight CHESS piece (which 
may only make moves which simultaneously shift one 
square along one axis and two along the other) such 
that each square of the board is visited exactly once 
(i.e., a HAMILTONIAN CIRCUIT). If the final position is 
a knight's move away from the first position, the tour is 
called re-entrant. The first figure above shows a knight's 
tour on a 6 x 6 CHESSBOARD. The second set of figures 
shows six knight’s tours on an 8 x 8 CHESSBOARD, all 
but the first of which are re-entrant. The final tour has 
the additional property that it is a SEMIMAGIC SQUARE 
with row and column sums of 260 and main diagonal 
sums of 348 and 168. 


Lóbbing and Wegener (1996) computed the number 
of cycles covering the directed knight's graph for an 
8 x 8 CHESSBOARD. They obtained a*, where a = 
2, 849, 759,680, i.e., 8,121,130,233,753,702,400. They 
also computed the number of undirected tours, obtain- 
ing an incorrect answer 33,439,123,484,294 (which is not 
divisible by 4 as it must be), and so are currently redoing 
the calculation. 


The following results are given by Kraitchik (1942). The 
number of possible tours on a 4k x 4k board for k = 3, 
4,... are 8, 0, 82, 744, 6378, 31088, 189688, 1213112, 
... (Kraitchik 1942, p. 263). There are 14 tours on the 
3 x 7 rectangle, two of which are symmetrical. There are 
376 tours on the 3 x 8 rectangle, none of which is closed. 
There are 16 symmetric tours on the 3 x 9 rectangle and 
8 closed tours on the 3 x 10 rectangle. There are 58 
symmetric tours on the 3 x 11 rectangle and 28 closed 
tours on the 3 x 12 rectangle. There are five doubly 
symmetric tours on the 6 x 6 square. There are 1728 
tours on the 5 x 5 square, 8 of which are symmetric. 
The longest “uncrossed” knight’s tours on an nxn board 
for n = 3, 4,... are 2, 5, 10, 17, 24, 35, ... (Sloane’s 
A003192). 

see also CHESS, KINGS PROBLEM, KNIGHTS PROBLEM, 
MAGIC TOUR, QUEENS PROBLEM, TOUR 
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cad. dei Lincei 25, 87-162, 1872. 

Wegener, I. and Lobbing, M. “The Number of Knight's 
Tours Equals 33,439,123,484,294—-Counting with Binary 
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Knodel Numbers | 

For every k > 1, let Cy be the set of COMPOSITE num- 
bers n > k such that if 1 < a < n, GCD(a,n) = 1 
(where GCD is the GREATEST COMMON DIVISOR), then 
a” = 1 (mod n). Cy is the set of CARMICHAEL NUM- 
BERS. Makowski (1962/1963) proved that there are in- 
finitely many members of Cp for k > 2. 


see also CARMICHAEL NUMBER, D-NUMBER, GREAT- 
EST COMMON DIVISOR 
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Knot 

A knot is defined as a closed, non-self-intersecting curve 
embedded in 3-D. A knot is a single component LINK. 
Klein proved that knots cannot exist in an EVEN- 
numbered dimensional space > 4. It has since been 
shown that a knot cannot exist in any dimension > 4. 
Two distinct knots cannot have the same KNOT COM- 
PLEMENT (Gordon and Luecke 1989), but two LINKS 
can! (Adams 1994, p. 261). The KNOT SUM of any 
number of knots cannot be the UNKNOT unless each 
knot in the sum is the UNKNOT. 


Knots can be cataloged based on the minimum num- 
ber of crossings present. Knots are usually further bro- 
ken down into PRIME KNOTS. Knot theory was given 
its first impetus when Lord Kelvin proposed a theory 
that atoms were vortex loops, with different chemical 


Knot 


elements consisting of different knotted configurations 
(Thompson 1867). P. G. Tait then cataloged possible 
knots by trial and error. 


Thistlethwaite has used DOWKER NOTATION to enumer- 
ate the number of PRIME KNOTS of up to 13 crossings, 
and ALTERNATING KNOTS up to 14 crossings. In this 
compilation, MIRROR IMAGES are counted as a single 
knot type. The number of distinct PRIME KNOTS N(n) 
for knots from n = 3 to 13 crossings are 1, 1, 2, 3, 7, 21, 
49, 165, 552, 2176, 9988 (Sloane's A002863). Combining 
PRIME KNOTS gives one additional type of knot each for 
knots six and seven crossings. 


Let C(n) be the number of distinct PRIME KNOTS of 

n crossings, counting CHIRAL versions of the same knot 

separately. Then 
1(Q"-? — 1) < N(n) Se" 

(Ernst and Summers 1987). Welsh has shown that the 

number of knots is bounded by an exponential in n. 


A pictorial enumeration of PRIME KNOTS of up to 10 
crossings appears in Rolfsen (1976, Appendix C). Note, 
however, that in this table, the PERKO PAIR 10161 and 
10162 are actually identical, and the uppermost crossing 
in 10144 should be changed (Jones 1987). The kth knot 
having n crossings in this (arbitrary) ordering of knots 
is given the symbol nz. Another possible representation 
for knots uses the BRAID GROUP. A knot with n+ 1 
crossings is a member of the BRAID GROUP n. There 
is no general method known for deciding whether two 
given knots are equivalent or interlocked. There is no 
general ALGORITHM to determine if a tangled curve is a 
knot. Haken (1961) has given an ALGORITHM, but it is 
too complex to apply to even simple cases. 


If a knot is AMPHICHIRAL, the “amphichirality” is A = 
1, otherwise A = 0 (Jones 1987). ARF INVARIANTS 
are designated a. BRAID WORDS are denoted b (Jones 
1987). CONWaY’sS KNOT NOTATION C for knots up to 10 
crossings is given by Rolfsen (1976). Hyperbolic volumes 
are given (Adams, Hildebrand, and Weeks 1991; Adams 
1994). The BRAID INDEX 1 is given by Jones (1987). AL- 
EXANDER POLYNOMIALS A are given in Rolfsen (1976), 
but with the POLYNOMIALS for 10083 and 10086 reversed 
(Jones 1987). The ALEXANDER POLYNOMIALS are nor- 
malized according to Conway, and given in abbreviated 
form [a1,4@2,... for ar +a2(z7'+a2)+.... 


The JONES POLYNOMIALS W for knots of up to 10 
crossings are given by Jones (1987), and the JONES 
POLYNOMIALS V can be either computed from these, or 
taken from Adams (1994) for knots of up to 9 crossings 
{although most POLYNOMIALS are associated with the 
wrong knot in the first printing). The JONES POLYNO- 
MIALS are listed in the abbreviated form {n} av ar ... for 
t~"(ao + ait+...), and correspond either to the knot 
depicted by Rolfsen or its MIRROR IMAGE, whichever 
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(c1900), which implied atmospheric 
charge was continuously replenished 
through current flow 


measured: Potential Gradient (PG) 


“I remember the satisfaction | had when my work and vertical current density (J,) 
led to the fulfilment of my dream of isolating a 
portion of the earth’s surface and measuring the C.T.R. Wilson, 1906. On the measurement of the earth-air 
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Wilson C.T.R., 1960. Reminiscences of my early years. Notes & Res 76, (1-4), 49-64 
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Modern version: A.J. Bennett and R.G. Harrison, A simple atmospheric electrical instrument for educational 
use Advances in Geosciences 13, 11-15 (2007) 


Considering global current balance — Wilson’s notebooks Electrical conductivity of air, o 
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Air is not a perfect insulator — it is weakly conducting due to presence of ions 


Electrical conductivity describes ability of air to conduct electric current 


Coulomb discovered this property in 1785— he noticed that charge on an object 


det Sone ee oe “Three lightning discharges decayed slowly with time 


ae fom eh > upwards per square km per 
te year of 20 coulombs would be Subsequent work by Elster and Geitel 
sufficient. 1900, and Gerdien 1905 developed 
instrumentation for balloons to further 

It is not impossible that even characterise atmospheric ions and measure 
in Cambridge there may be conductivity 
that number of lightning 

strokes per square km per Conductivity inferred from rate of decay of 
year.” charge on electrode 
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Balloon-borne conductivity 


=> Measurement principles still used today E 
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Knot 


has the lower POWER of t7?. The HOMFLY PoLv- 
NOMIAL P(£, m) and KAUFFMAN POLYNOMIAL F(a, 2) 
are given in Lickorish and Millett (1988) for knots of up 
to 7 crossings. 


M. B. Thistlethwaite has tabulated the HOMFLY 
POLYNOMIAL and KAUFFMAN POLYNOMIAL F for 
KNOTS of up to 13 crossings. 
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see also ALEXANDER POLYNOMIAL, ALEXANDER’S 
HORNED SPHERE, AMBIENT ISOTOPY, AMPHICHIRAL, 
ANTOINE’S NECKLACE, BEND (KNOT), BENNEQUIN’S 
CONJECTURE, BORROMEAN RINGS, BRAID GROUP, 
10121 10122 10123 10124 10125 BRUNNIAN LINK, BURAU REPRESENTATION, CHEFALO 
KNOT, CLOVE HITCH, COLORABLE, CONWAY?S KNOT, 
CROOKEDNESS, DEHN’S LEMMA, DOWKER NOTATION, 
FIGURE-OF-EIGHT KNOT, GRANNY KNOT, HITCH, IN- 
VERTIBLE KNOT, JONES POLYNOMIAL, KINOSHITA- 
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TERASAKA KNOT, KNOT POLYNOMIAL, KNOT SUM, 
10126 10127 10128 10129 10130 LINKING NUMBER, LOOP (KNOT), MARKOV’S THE- 
TURE, NASTY KNOT, PRETZEL KNOT, PRIME KNOT, 

REIDEMEISTER MOVES, RIBBON KNOT, RUNNING 

KNOT, SCHONFLIES THEOREM, SHORTENING, SIGNA- 

10131 10132 10133 10134 10135 SLIP KNOT, SMITH CONJECTURE, SOLOMON'S SEAL 
KNOT, SPAN (LINK), SPLITTING, SQUARE KNOT, 

STEVEDORE'S KNOT, STICK NUMBER, STOPPER KNOT, 

TORSION NUMBER, TREFOIL KNOT, UNKNOT, UN- 
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Knot Diagram 


$ Weisstein, E. W. “Knots.” http://www.astro.virginia. 
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Knot Complement. 
Two distinct knots cannot have the same KNOT COM- 
PLEMENT (Gordon and Luecke 1989). 


References 

Cipra, B. “To Have and Have Knot: When are Two Knots 
Alike?” Science 241, 1291-1292, 1988. 

Gordon, C. and Luecke, J. “Knots are Determined by their 
Complements.” J. Amer. Math. Soc. 2, 371-415, 1989. 


Knot Curve 


(x? — 1) = y (3 + 2y). 
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Knot Determinant 
The determinant of a knot is |A(—1)|, where A(z) is the 
ALEXANDER POLYNOMIAL. 


Knot Diagram 

A picture of a projection of a KNOT onto a PLANE. Usu- 
ally, only double points are allowed (no more than two 
points are allowed to be superposed), and the double or 
crossing points must be “genuine crossings” which trans- 
verse in the plane. This means that double points must 
look like the below diagram on the left, and not the one 
on the right. 


Z 
a JN 
Also, it is usually demanded that a knot diagram con- 
tain the information if the crossings are overcrossings or 
undercrossings so that the original knot can be recon- 
structed. Here is a knot diagram of the TREFOIL KNOT, 


KNOT POLYNOMIALS can be computed from knot dia- 
grams. Such POLYNOMIALS often (but not always) al- 
low the knots corresponding to given diagrams to be 
uniquely identified. 


Knot Exterior 


Knot Exterior 

The COMPLEMENT of an open solid TORUS knotted at 
the KNOT. The removed open solid TORUS is called a 
tubular NEIGHBORHOOD. 


Knot Linking 

In general, it is possible to link two n-D HYPERSPHERES 
in (n + 2)-D space in an infinite number of inequivalent 
ways. In dimensions greater than n + 2 in the piece- 
wise linear category, it is true that these spheres are 
themselves unknotted. However, they may still form 
nontrivial links. In this way, they are something like 
higher dimensional analogs of two 1-spheres in 3-D. The 
following table gives the number of nontrivial ways that 
two n-D HYPERSPHERES can be linked in k-D. 


D of spheres Distinct Linkings 


10438319 
3 


Two 10-D HYPERSPHERES link up in 12, 13, 14, 15, and 
16-D, then unlink in 17-D, link up again in 18, 19, 20, 
and 21-D. The proof of these results consists of an “easy 
part” (Zeeman 1962) and a “hard part” (Ravenel 1986). 
The hard part is related to the calculation of the (stable 
and unstable) HOMOTOPY GROUPS of SPHERES. 
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Knot Polynomial 

A knot invariant in the form of a POLYNOMIAL such 
as the ALEXANDER POLYNOMIAL, BLM/Ho PoLY- 
NOMIAL, BRACKET POLYNOMIAL, CONWAY POLYNOM- 
IAL, JONES POLYNOMIAL, KAUFFMAN POLYNOMIAL F', 
KAUFFMAN POLYNOMIAL X, and VASSILIEV POLYNOM- 
IAL. 
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Knot Problem 

The problem of deciding if two KNOTS in 3-space are 
equivalent such that one can be continuously deformed 
into another. 


Knot Shadow 
A LINK DIAGRAM which does not specify whether cross- 
ings are under- or overcrossings. 


Koch Antisnowflake 999 


Knot Sum 

Two oriented knots (or links) can be summed by placing 
them side by side and joining them by straight bars so 
that orientation is preserved in the sum. This operation 
is denoted #, so the knot sum of knots Kı and K2 is 
written 


KK) = Koff fi. 


see also CONNECTED SUM 


Knot Theory 
The mathematical study of KNOTS. Knot theory con- 
siders questions such as the following: 

1. Given a tangled loop of string, is it really knotted or 
can it, with enough ingenuity and/or luck, be untan- 
gled without having to cut it? 

2. More generally, given two tangled loops of string, 
when are they deformable into each other? 

3. Is there an effective algorithm (or any algorithm to 
speak of) to make these determinations? 

Although there has been almost explosive growth in the 
number of important results proved since the discov- 
ery of the JONES POLYNOMIAL, there are still many 

“knotty” problems and conjectures whose answers re- 

main unknown. 


see also KNOT, LINK 


Knot Vector 
see B-SPLINE 


Koch Antisnowflake 
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A FRACTAL derived from the KOCH SNOWFLAKE. The 
base curve and motif for the fractal are illustrated below. 


ÍNA 


The AREA after the nth iteration is 


where A is the area of the original EQUILATERAL TRIAN- 
GLE, so from the derivation for the KOCH SNOWFLAKE, 


A= lim An =(1- 2)A= 2A. 


TL CO 


see also EXTERIOR SNOWFLAKE, FLOWSNAKE FRAC- 
TAL, KOCH SNOWFLAKE, PENTAFLAKE, SIERPINSKI 
CURVE 
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Koch Island 
see KOCH SNOWFLAKE 


Koch Snowflake 
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A FRACTAL, also known as the KOCH ISLAND, which was 
first described by Helge von Koch in 1904. It is built by 
starting with an EQUILATERAL TRIANGLE, removing the 
inner third of each side, building another EQUILATERAL 
TRIANGLE at the location where the side was removed, 
and then repeating the process indefinitely. The Koch 
snowflake can be simply encoded as a LINDENMAYER 
SYSTEM with initial string "F--F--F", STRING REWRIT- 
ING rule "F" -> "F+F--F+F", and angle 60°. The zeroth 
through third iterations of the construction are shown 
above. The fractal can also be constructed using a base 
curve and motif, illustrated below. 


INT 


Let N,, be the number of sides, L, be the length of a 
single side, n be the length of the PERIMETER, and A, 
the snowflake’s AREA after the nth iteration. Further, 
denote the AREA of the initial n = 0 TRIANGLE A, and 
the length of an initial n = 0 side 1. Then 


N, = 3-4” (1) 
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= 1.261859507.... (5) 
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Koch Snowflake 


Now compute the AREA explicitly, 


Ay = A (6) 
A= Ao+ 5 ($) amafi (5) (7) 
mata ORION) 


Some beautiful TILINGS, a few examples of which are 
illustrated above, can be made with iterations toward 
Koch snowflakes. 


In addition, two sizes of Koch snowflakes in AREA ratio 
1:3 TILE the PLANE, as shown above (Gosper). 


Kochansky's Approximation 
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Another beautiful modification of the Koch snowflake 
involves inscribing the constituent triangles with filled-in 
triangles, possibly rotated at some angle. Some sample 
results are illustrated above for 3 and 4 iterations. 


see also CESARO FRACTAL, EXTERIOR SNOWFLAKE, 
GOSPER ISLAND, KOCH ANTISNOWFLAKE, PEANO- 
GOSPER CURVE, PENTAFLAKE, SIERPINSKI SIEVE 
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Kochansky’s Approximation 
The approximation for PI, 


tX ae pe 


3.141533.... 
3 


Koebe’s Constant 
A CONSTANT equal to one QUARTER, 1/4. 


see also QUARTER 
References 


Le Lionnais, F. Les nombres remarquables. Paris: Hermann, 
p. 24, 1983. 


Kolmogorov-Arnold-Moser Theorem 
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Koebe Function 


The function 


Fiz) = a? =P 


It has a MINIMUM at z = —1, where 
j _ Lee. 
f (z) E (z = 1)3 pS 0, 


and an INFLECTION POINT at z = —2, where 


_ 2(24 z2) 


f A S 
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Kollros’ Theorem 

For every ring containing p SPHERES, there exists a ring 
of q SPHERES, each touching each of the p SPHERES, 
where 


p q 3 
The HEXLET is a special case with p = 3. 
see also HEXLET, SPHERE 


References | 
Honsberger, R. Mathematical Gems IT. Washington, DC: 
Math. Assoc. Amer., p. 50, 1976. 


Kolmogorov-Arnold-Moser Theorem 

A theorem outlined in 1954 by Kolmogorov which was 
subsequently proved in the 1960s by Arnold and Moser 
(Tabor 1989, p. 105). It gives conditions under which 
CHAOS is restricted in extent. Moser’s 1962 proof was 
valid for TWIST MAPS 


O = 0 + 20 f (I) + 90,1) (1) 
FSE: (2) 


In 1963, Arnold produced a proof for Hamiltonian sys- 
tems 

H = HD + «Hi (1). (3) 
The original theorem required perturbations e ~ 10745, 
although this has since been significantly increased. 
Arnold’s proof required C', and Moser’s original proof 
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required C33, Subsequently, Moser’s version has been 
reduced to Cf, then C***, although counterexamples 
are known for C?. Conditions for applicability of the 
KAM theorem are: 


1. small perturbations, 
2. smooth perturbations, and 
3. sufficiently irrational WINDING NUMBER. 


Moser considered an integrable Hamiltonian function Ho 
with a TORUS Tọ and set of frequencies w having an in- 
commensurate frequency vector w* (i.e., w-k Æ 0 for all 
INTEGERS ki). Let Ho be perturbed by some periodic 
function Hı. The KAM theorem states that, if Hı is 
small enough, then for almost every w* there exists an 
invariant TORUS T(w*) of the perturbed system such 
that T(w*) is “close to” To(w*). Moreover, the TORI 
T(w*) form a set of POSITIVE measures whose comple- 
ment has a measure which tends to zero as |H¡| > 0. 
A useful paraphrase of the KAM theorem is, “For suf- 
ficiently small perturbation, almost all TORI (excluding 
those with rational frequency vectors) are preserved.” 
The theorem thus explicitly excludes TORI with ratio- 
nally related frequencies, that is, n — 1 conditions of the 


form 
w-k=0. (4) 
These TORI are destroyed by the perturbation. For a 
system with two DEGREES OF FREEDOM, the condition 
of closed orbits is 
495] P 
o= ===, 5 
UN (5) 
For a QUASIPERIODIC ORBIT, g is IRRATIONAL. KAM 
shows that the preserved TORI satisfy the irrationality 
condition | 


K(e) a 
ae (6) 


for all r and s, although not much is known about K(e). 


The KAM theorem broke the deadlock of the small di- 
visor problem in classical perturbation theory, and pro- 
vides the starting point for an understanding of the ap- 
pearance of CHAOS. For a HAMILTONIAN SYSTEM, the 
ISOENERGETIC NONDEGENERACY condition 


8° Ho 
81,01, = (7) 


twa S 


E r 


guarantees preservation of most invariant TORI under 
small perturbations e < 1. The Arnold version states 
that 


m —n—i 


X [ma] (8) 


n 
S miur > K(e) 
k=1 k=1 

for all m, € Z. This condition is less restrictive than 
Moser”s, so fewer points are excluded. 

see also CHAOS, HAMILTONIAN SYSTEM, QUASIPERI- 
ODIC FUNCTION, TORUS 
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Kolmogorov-Arnold-Moser Theorem 


Kolmogorov-Sinai Entropy 


Kolmogorov Complexity 

The complexity of a pattern parameterized as the short- 
est ALGORITHM required to reproduce it. Also known 
as ALGORITHMIC COMPLEXITY. 


References 
Goetz, P. “Phil’s Good Enough Complexity Dictionary.” 
http://www.cs.buffalo.edu/-goetz/dict .html. 


Kolmogorov Constant 
The exponent 5/3 in the spectrum of homogeneous tur- 
bulence, k~5/?. 
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Kolmogorov Entropy 

Also known as METRIC ENTROPY. Divide PHASE SPACE 
into D-dimensional HYPERCUBES of CONTENT e”. Let 
Pio... in be the probability that a trajectory is in HY- 
PERCUBE to at t = 0, 23 att = T, iz at t = 27, etc. 
Then define 


E ee y P.,.....in m0 Poin E 
tots te 


where Kyy1 — Ky is the information needed to predict 
which HYPERCUBE the trajectory will be in at (n+ 1)T 
given trajectories up to nT. The Kolmogorov entropy is 
then defined by 


N-1 
1 

=h m =s n+1 — Kn). 2 

AS 


The Kolmogorov entropy is related to LYAPUNOV CHAR- 
ACTERISTIC EXPONENTS by 


hee J ` 0; dy. (3) 


a;¡>0 


see also HYPERCUBE, LYAPUNOV CHARACTERISTIC EX- 
PONENT 


References 

Ott, E. Chaos in Dynamical Systems. New York: Cambridge 
University Press, p. 138, 1993. 
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Kolmogorov-Sinai Entropy 
see KOLMOGOROV ENTROPY, METRIC ENTROPY 


Kolmogorov-Smirnov Test 


Kolmogorov-Smirnov Test 

A goodness-of-fit test for any DISTRIBUTION. The test 
relies on the fact that the value of the sample cumulative 
density function is asymptotically normally distributed. 


To apply the Kolmogorov-Smirnov test, calculate the 
cumulative frequency (normalized by the sample size) 
of the observations as a function of class. Then cal- 
culate the cumulative frequency for a true distribu- 
tion (most commonly, the NORMAL DISTRIBUTION). 
Find the greatest discrepancy between the observed and 
expected cumulative frequencies, which is called the 
“D-STATISTIC.” Compare this against the critical D- 
STATISTIC for that sample size. If the calculated D- 
STATISTIC is greater than the critical one, then reject 
the NULL HYPOTHESIS that the distribution is of the 
expected form. The test is an R-ESTIMATE. 


see also ANDERSON-DARLING STATISTIC, D-STATISTIC, 
KUIPER STATISTIC, NORMAL DISTRIBUTION, R- 
ESTIMATE 
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Konig-Egevary Theorem 

A theorem on BIPARTITE GRAPHS. 

see also BIPARTITE GRAPH, FROBENIUS-KONIG THEO- 
REM 


Konig’s Theorem 

If an ANALYTIC FUNCTION has a single simple POLE at 
the RADIUS OF CONVERGENCE of its POWER SERIES, 
then the ratio of the coefficients of its POWER SERIES 
converges to that POLE. 


see also POLE 
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Königsberg Bridge Problem 


I 


6 


The Königsberg bridges cannot all be traversed in a sin- 
gle trip without doubling back. This problem was solved 
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by Euler, and represented the beginning of GRAPH THE- 
ORY. 


see also EULERIAN CIRCUIT, GRAPH THEORY 


References 

Bogomolny, A. “Graphs.” http://www.cut-the-knot.com/ 
do_you_know/graphs .html. 

Chartrand, G. “The Königsberg Bridge Problem: An Intro- 
duction to Eulerian Graphs.” §3.1 in Introductory Graph 
Theory. New York: Dover, pp. 51-66, 1985. 

Kraitchik, M. §8.4.1 in Mathematical Recreations. New York: 
W. W. Norton, pp. 209-211, 1942. 

Newman, J. “Leonhard Euler and the Königsberg Bridges.” 
Sci. Amer. 189, 66-70, 1953. 

Pappas, T. “Kónigsberg Bridge Problem & Topology.” The 
Joy of Mathematics. San Carlos, CA: Wide World Publ./ 
Tetra, pp. 124-125, 1989. 


Korselt’s Criterion 

n DIVIDES a” — a for all INTEGERS a IFF n is SQUARE- 
FREE and (p — 1)|n/p — 1 for all PRIME DIVISORS p of 
n. CARMICHAEL NUMBERS satisfy this CRITERION. © 
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Borwein, D.; Borwein, J. M.; Borwein, P. B.; and Girgen- 
sohn, R. “Giuga’s Conjecture on Primality.” Amer. Math. 
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Kovalevskaya Exponent 
see LEADING ORDER ANALYSIS 


Kozyrev-Grinberg Theory 
A theory of HAMILTONIAN CIRCUITS. 


see also GRINBERG FORMULA, HAMILTONIAN CIRCUIT 


Kramers Rate 
The characteristic escape rate from a stable state of a 
potential in the absence of signal. 


see also STOCHASTIC RESONANCE 
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Krawtchouk Polynomial 
Let a(x) be a STEP FUNCTION with the JUMP 


i(¢) = e Jura (1 


at x = 0, 1,..., N, where p > 0,q > 0, and p+q=1. 
Then 


| -1/2 
En (a) = [60] (pg) "2 


x Y (D*> oR (5) ova (2) 
v=Q 
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forn=0,1,..., N. It has WEIGHT FUNCTION 


N!p?gN=* 


“E MOFIN Fl 0) 


(3) 


where T(x) is the GAMMA FUNCTION, RECURRENCE 
RELATION 


(n + DP), (x) + pa(N — n+ 1D)”, (x) 
= [|æ -n-(N-2)]kP (2), (4) 


and squared norm 


N! 


nN n PD (5) 


It has the limit 


n/2 
lim (sea) nk? (Np + y/2N pgs) = Hn(s), (6) 


n-—00 


where H,,(1) is a HERMITE POLYNOMIAL, and is related 
to the HYPERGEOMETRIC FUNCTION by 


LP (x, N) = kP (2, N) 
nf N\ n 
= (-1) 0) 2F,(—n, —2; —N; 1/p) 


(-1)"p” T(N =e+1) 
n! T(N-2-n+1) 
X2eFi(—n,-2;N—-—x2-—n+1;-q/p). (7) 


see also ORTHOGONAL POLYNOMIALS 
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Kreisel Conjecture 

A CONJECTURE in DECIDABILITY theory which postu- 
lates that, if there is a uniform bound to the lengths of 
shortest proofs of instances of S(n), then the universal 
generalization is necessarily provable in PEANO ARITH- 
METIC. The CONJECTURE was proven true by M. Baaz 
in 1988 (Baaz and Pudlák 1993). 


see also DECIDABLE 
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Kronecker Delta 


Kronecker Decomposition Theorem 

Every FINITE ABELIAN GROUP can be written as 
a DIRECT PRODUCT of CYCLIC GROUPS of PRIME 
POWER ORDERS. In fact, the number of nonisomorphic 
ABELIAN FINITE GROUPS a(n) of any given ORDER n 
is given by writing n as 


pan Qi 
n = Pi , 
i 


where the p; are distinct PRIME FACTORS, then 
a(n) = | [ Pla), 


where P is the PARTITION FUNCTION. This gives 1, 1, 
1, 2, 1, 1, 1, 3, 2,... (Sloane’s A000688). 

see also ABELIAN GROUP, FINITE GROUP, ORDER 
(GROUP), PARTITION FUNCTION P 
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Kronecker Delta 
The simplest interpretation of the Kronecker delta is as 
the discrete version of the DELTA FUNCTION defined by 


s [0 fori43 
ei foty: 


(1) 


It has the COMPLEX GENERATING FUNCTION 


1 
Ómn = — 


m-= n-—1l 
= d 
2714 . * (2) 


where m and n are INTEGERS. In 3-space, the Kronecker 
delta satisfies the identities 


04 = 3 (3) 

0:5 Eijk = 0 (4) 
Cipg€jpq = 204; (5) 
EijkEpgk = Jipdjq — ÓigÓjp, (6) 


where EINSTEIN SUMMATION is implicitly assumed, 
i,7 = 1,2,3, and e is the PERMUTATION SYMBOL. 


Technically, the Kronecker delta is a TENSOR defined by 
the relationship 


k Ox, Oz: Ox; Orn ÔT; (7) 
l Oa, Ox, Oxy ðL, Ör 


Since, by definition, the coordinates x; and xj; are inde- 
pendent for i Æ j, 


(8) 


lonisation measurements 


Early 1900s, observations showed that charge decay occurred inside 
electroscopes (charge measuring devices working by mechanical deflection) 
that were well insulated from outside (Wilson, Elster and Geitel) 


What was the source of ionisation? 


lonisation due to natural radioactivity was one source — originated at ground 
level, therefore ionisation should decrease with height 


Balloon measurements during (1911-1913) by 
Victor Hess showed that ionisation decreased with 
height for first few hundred meters, then increased 


Measurements during a solar eclipse showed that 
the sun was not the origin of the radiation 


=> Discovery of galactic cosmic rays — the lower 
atmosphere’s principal ionising agents 


Columnar resistance, R, 


*Columnar resistance is the found from the reciprocal of conductivity o(Z) 


*Expressed as an integrated resistance, of a unit area column of air: 


lonosphere 


eZ = altitude 
ezi = height of upper 
conducting layer 


*R.~ 50 to 300 PQ m? oa: 0 
R.(Pam’) 


Earth’s surface 


«most of R, contribution is from lowest few km of atmosphere 


Vertical profile of air conductivity 


Electrical conductivity of air results from the small ions it contains, generated by 
natural ion production from radioactivity and cosmic rays 


o =total conductivity 
n = ion number concentration 
u = ion mobility 


e = electronic charge 


Typically y ~10-14 Q -1 m-1 in surface l l 


| | | T | 
atmospheric air, or using SI ~ 10 fS m~! O 2000 5000 
-1 
Only small ions (d ~1nm) contribute to o o(fSm ) 


lon production rate varies with height (decreasing 


terrestrial ionisation but increasing cosmic ionisation) 
~ > Conductivity profile 


lon mobility also varies with temperature and 
pressure 


lonospheric potential - V, 
eThe potential increases with height, to a maximum value essentially constant from 


the stratosphere to the ionosphere — known as the ionospheric potential V, 


eV, is found from integrating the vertical profile of PG, measured by radiosonde 
balloons or aircraft, carrying a field mill or radioactive collectors. It is essentially a 
global equipotential 


(a) (b) 


| Typically V= 
| +250kV 


most variation 
in potential is 
within the 
lowest 10km 


T T 
100 0 50 100 150 20 
PG (Vm”*) V, (kV) 


If the PG at height z is written as F(z) V = f F (z)æ 
0 
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Kronecker's Polynomial Theorem 


so 


nio Ox; Oz; k 
1 Oxp Ox) > 9) 


and ô; is really a mixed second RANK TENSOR. It sat- 
isfies 


Dab?" = eapi!" = 6265 — 6055 (10) 
Oabjk = JajJbk — Jak Gbj (11) 
Caie = bat = 26°. (12) 


see also DELTA FUNCTION, PERMUTATION SYMBOL 


Kronecker’s Polynomial Theorem 
An algebraically soluble equation of ODD PRIME degree 
which is irreducible in the natural FIELD possesses either 


1. Only a single REAL ROOT, or 
2. All REAL ROOTS. 


see also ABEL’S IRREDUCIBILITY THEOREM, ABEL’S 
LEMMA, SCHOENEMANN’S THEOREM 
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Kronecker Product 
see DIRECT PRODUCT (MATRIX) 


Kronecker Symbol 

An extension of the JACOBI SYMBOL (n/m) to all IN- 
TEGERS. It can be computed using the normal rules for 
the JACOBI SYMBOL 


(3a) = (a) (ca) = (E) Ga) 
a (0) @) 


plus additional rules for m = —1, 
_f-1 forn <0 
(n/- =) for n > 0, 


and m = 2. The definition for (n/2) is variously written 
as 


0 for n even 


(n/2)=<4 1 forn odd, n= +1 (mod 8) 
—1 for n odd, n = +3 (mod 8) 
or 
0 for 4|n 
(n/2) = 1 for n =1 (mod 8) 
—1 for n =5 (mod 8) 


undefined otherwise 
(Cohn 1980). Cohn’s form “undefines” (n/2) for SINGLY 
EVEN NUMBERS n = 4 (mod 2) and n = —1,3 (mod 8), 
probably because no other values are needed in applica- 
tions of the symbol involving the DISCRIMINANTS d of 
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QUADRATIC FIELDS, where m > 0 and d always satisfies 
d=0,1 (mod 4). 


The KRONECKER SYMBOL is a REAL CHARACTER mod- 
ulo n, and is, in fact, essentially the only type of REAL 
primitive character (Ayoub 1963). 


see also CHARACTER (NUMBER THEORY), CLASS NUM- 
BER, DIRICHLET L-SERIES, JACOBI SYMBOL, LEGEN- 
DRE SYMBOL 
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Krull Dimension 

If R is a RING (commutative with 1), the height of a 
PRIME IDEAL p is defined as the SUPREMUM of all n so 
that there is a chain po C ***Pn-1 C Dn = p where all pi 
are distinct PRIME IDEALS. Then, the Krull dimension 
of R is defined as the SUPREMUM of all the heights of 
all its PRIME IDEALS. 


see also PRIME IDEAL 
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Kruskal’s Algorithm 
An ALGORITHM for finding a GRAPH’s spanning TREE 
of minimum length. 


see also KRUSKAL’S TREE THEOREM 
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Kruskal’s Tree Theorem 

A theorem which plays a fundamental role in computer 
science because it is one of the main tools for show- 
ing that certain orderings on TREES are well-founded. 
These orderings play a crucial role in proving the ter- 
mination of rewriting rules and the correctness of the 
Knuth-Bendix equational completion procedures. 


see also KRUSKAL’S ALGORITHM, NATURAL INDEPEN- 
DENCE PHENOMENON, TREE 
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KS Entropy 
see METRIC ENTROPY 


1006 Kuen Surface 


Kuen Surface 


A special case of ENNEPER'S SURFACES which can be 
given parametrically by 


_ 2(cosu+usin u) sin v 


= 1 
1 + u? sin? y (1) 
= 271+ u2 cos(u — tan”? u) sin u (2) 


1 + u? sin? v 
_ 2(sinu — ucos u) sin v 
7 1+ u? sin? v 
_ 2714 u? sin(u — tan”? u) sinu 
y 1 + u? sin? v 
2 COS Y 
A= In[tan(>v)] + ama 
for v € [0,7), u € [0,27) (Reckziegel et al. 1986). The 
Kuen surface has constant NEGATIVE GAUSSIAN CUR- 
VATURE of K = —1. The PRINCIPAL CURVATURES are 
given by 


ucos($v)[—-2 — u? + u’ cos(2v)]* sin($v) 


= 6 
ls 2[2 — u? + u? cos(2v)|(1 + u? sin? v)4 (6) 
[-2 — u? + u? cos(2v)]*/2 — u? + u? cos(2v)] esc(v) 
DAA A ae i 


64u(1 + u? sin? y)! 
(7) 


see also ENNEPER’S SURFACES, REMBS’ SURFACES, 
SIEVERT’S SURFACE 
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Kummer’s Conjecture 


Kuhn-Tucker Theorem 

A theorem in nonlinear programming which states that 
if a regularity condition holds and f and the functions 
h; are convex, then a solution z? which satisfies the con- 
ditions h; for a VECTOR of multipliers A is a GLOBAL 
MINIMUM. The Kuhn-Tucker theorem is a generaliza- 
tion of LAGRANGE MULTIPLIERS. FARKAS’S LEMMA is 
key in proving this theorem. 


see also FARKAS’S LEMMA, LAGRANGE MULTIPLIER 


Kuiper Statistic 
A statistic defined to improve the KOLMOGOROV- 
SMIRNOV TEST in the TAILS. 


see also ANDERSON-DARLING STATISTIC 
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Kulikowski’s Theorem 

For every POSITIVE INTEGER n, there exists a SPHERE 
which has exactly n LATTICE POINTS on its surface. 
The SPHERE is given by the equation 


(z — a)’ + (y - b)? +(z- v2)? =c* +2, 


where a and 6 are the coordinates of the center of the 
so-called SCHINZEL CIRCLE 


eee 


(x as 2)? + y? = > 57h 


ES for n = 2k even 
for n = 2k + 1 odd 


and c is its RADIUS. 


see also CIRCLE LATTICE POINTS, LATTICE POINT, 
SCHINZEL’S 'THEOREM 
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Kummer’s Conjecture 
A conjecture concerning PRIMES. 


Kummer’s Differential Equation 


Kummer’s Differential Equation 


see CONFLUENT HYPERGEOMETRIC DIFFERENTIAL 
EQUATION 


Kummer’s Formulas 
Kummer’s first formula is 


oF (4 +m — k, —-n; 2m + 1; 1) 
O T(2m+1I(m+}+k+n) 4) 
Tim t+ $+ kT (Qm4142)’ 


where 2.F (a, b; c; z) is the HYPERGEOMETRIC FUNCTION 
with m Æ —1/2, —1, -3/2,..., and T(z) is the GAMMA 
FUNCTION. The identity can be written in the more 
symmetrical form as 


P(gb+1)f(o-a+1) 


TO GDC) RE a 
PG Dre rb +1)r(4b—a +1) 


(2) 


where a — b +c = land b is a positive integer. If bisa 
negative integer, the identity takes the form 


r(b)r(b-—-a+1) 


aF; (a,b; c; —1) = 2 cos( 37b) T(b-a+1) 


(3) 


(Petkovšek et al. 1996). 


Kummer’s second formula is 


¡E (5 +m;2m + 1;z) = Mo,m(z) 


pep 


-n m+1/2 Lol ¡q __ A A eee 
2 Nara | 
p= 
(4 


where 1 F; (a; b; z) is the CONFLUENT HYPERGEOMETRIC 
FUNCTION and m 4 —1/2, —1, —3/2,.... 
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Kummer’s Function 
see CONFLUENT HYPERGEOMETRIC FUNCTION 


Kummer Group 

A GROUP of LINEAR FRACTIONAL TRANSFORMATIONS 
which transform the arguments of Kummer solutions to 
the HYPERGEOMETRIC DIFFERENTIAL EQUATION into 
each other. Define 


Arees 
Biz) = 1z 


then the elements of the group are (1, A, B, AB, BA, 
ABA = BAB}. 
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Kummer’s Quadratic Transformation 
A transformation of a HYPERGEOMETRIC FUNCTION, 


Az 
F` :2 r 
a. 1 (a, ibe ta) 
= (1+2)2Fi(a,at t- B64 332°). 


Kummer’s Relation 
An identity which relates HYPERGEOMETRIC FUNC- 
TIONS, 


2F\ (2a, 2b;a+b6+ 5; a) = F; (a,b;a +b + + Lx (1 4) 


Kummer’s Series 
see HYPERGEOMETRIC FUNCTION 


Kummer’s Series Transformation 

Oo OO + 
Let Do a ax = a and Dees Ck = c be convergent series 
such that 


lim — =A #0 
k->00 Ck 
Then a 
_ _ ok 
a=r+ >> (1 AE) os 
k=0 
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Kummer Surface 


The Kummer surfaces are a family of QUARTIC SUR- 
FACES given by the algebraic equation 


(x? +y? +27 — yw?) — Apgrs = 0, (1) 
where ; 
jp — 1 
A= ———, 2 
yy, (2) 
p, q, r, and s are the TETRAHEDRAL COORDINATES 
p=w-2z-vV2x (3) 
qg=w-2zt+ V2Qx (4) 
r=w+2+vV2y (5) 


s=w+z-vV2y, (6) 


1008 Kummer Surface 


and w is a parameter which, in the above plots, is set to 
w = 1. The above plots correspond to u? = 1/3 


(32* + 3y? + 32% +1)? =0, 
(double sphere), 2/3, 1 
rt — 2r y + y* +40 z+ Ay z tAr z + 4y’2” =0 (7) 
(ROMAN SURFACE), V2, V3 
[(z — 1)? — 227] [y? — (z + 1)7] =0 (8) 


(four planes), 2, and 5. The case 0 < u? < 1/3 corre- 
sponds to four real points. 


The following table gives the number of ORDINARY 
DOUBLE POINTS for various ranges of u°, corresponding 
to the preceding illustrations. 


Range Real Nodes Complex Nodes 
2 1 i 
0<’ <i 4 12 
2 

p= 3 | 
¿<p <1 4 12 
peal 

<p <3 16 0 
po = 

po > 3 16 | 0 


The Kummer surfaces can be represented parametrically 
by hyperelliptic THETA FUNCTIONS. Most of the Kum- 
mer surfaces admit 16 ORDINARY DOUBLE POINTS, the 
maximum possible for a QUARTIC SURFACE. A special 
case of a Kummer surface is the TETRAHEDROID. 


Nordstrand gives the implicit equations as 
a io A 2741 =0 (9) 
or 


ot yt +28 + ala? ty? +27) lara) 
+cxyz-—1=0. (10) 


see also QUARTIC SURFACE, ROMAN SURFACE, TETRA- 
HEDROID 
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Kuratowski’s Closure-Component Problem 


Hudson, R. Kummer’s Quartic Surface. Cambridge, Eng- 
land: Cambridge University Press, 1990. 

Kummer, E. “Uber die Flächen vierten Grades mit sechszehn 
singulären Punkten.” Ges. Werke 2, 418—432. 

Kummer, E. “Uber Strahlensysteme, deren Brennflächen 
Flächen vierten Grades mit sechszehn singulären Punkten 
sind.” Ges. Werke 2, 418-432. 

Nordstrand, T. “Kummer’s Surface.” http://www.uib.no/ 
people/nfytn/kummtxt.htm. 


Kummer’s Test 
Given a SERIES of POSITIVE terms u; and a sequence of 
finite POSITIVE constants a;, let 


; Un 
p= lim | a, — an+1 |. 
n—>00 Un+1 


1. If p > 0, the series converges. 
2. If p < 0, the series diverges. 


3. If p = 0, the series may converge or diverge. 


The test is a general case of BERTRAND’S TEST, the 


Root TEST, GAuss’s TEST, and RAABE’S TEST. With 


dn = n and 441 = n+ 1, the test becomes RAABE’S 
TEST. | | 


see also CONVERGENCE TESTS, RAABE’S TEST 
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Kummer’s Theorem 


Dz+n+ DI(¿n +1) 


A A A e nau N 
A ) Dx + In + D)I(n +1) 


T(1+0a-BT1+ ża) 
T(1+a)(1+ ża- 8) 


where 2F1 is a HYPERGEOMETRIC FUNCTION and [(z) 
is the GAMMA FUNCTION. 


2Fı (a, B;1+a-6;-1) = 


Kuratowski’s Closure-Component Problem 
Let X be an arbitrary TOPOLOGICAL SPACE. Denote 
the CLOSURE of a SUBSET A of X by A” and the com- 
plement of A by A’. Then at most 14 different SETS can 
be derived from A by repeated application of closure and 
complementation (Berman and Jordan 1975, Fife 1991). 
The problem was first proved by Kuratowski (1922) and 
popularized by Kelley (1955). 


see also KURATOWSKI REDUCTION THEOREM 
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Kuratowski Reduction Theorem 

Every nonplanar graph is a SUPERGRAPH of an expan- 
sion of the UTILITY GRAPH UG = K3j3 or the COM- 
PLETE GRAPH Ks. This theorem was also proven ear- 
lier by Pontryagin (1927-1928), and later by Frink and 
Smith (1930). Kennedy et al. (1985) give a detailed his- 
tory of the theorem, and there exists a generalization 
known as the ROBERTSON-SEYMOUR THEOREM. 


see also COMPLETE GRAPH, PLANAR’ GRAPH, 
ROBERTSON-SEYMOUR THEOREM, UTILITY GRAPH 
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Kuratowski’s Theorem 
see KURATOWSKI REDUCTION THEOREM 


ye 
Ne 


An attractive tiling of the SQUARE composed of two 
types of triangular tiles. 


References 

Alexanderson, G. L. and Seydel, K. “Kiirschak’s Tile.” Math. 
Gaz. 62, 192-196, 1978. 

Honsberger, R. Mathematical Gems III. Washington, DC: 
Math. Assoc. Amer., pp. 30-32, 1985. 

Schoenberg, I. Mathematical Time Exposures. Washington, 
DC: Math. Assoc. Amer., p. 7, 1982. 


 Weisstein, E. W. “Kurschak’s Tile.” http://www.astro. 


virginia. edu/~eww6n/math/notebooks/KurschaksTile.m. 


Kurtosis 

The degree of peakedness of a distribution, also called 
the EXCESS or EXCESS COEFFICIENT. Kurtosis is de- 
noted ya (or bz) or G2 and computed by taking the fourth 
MOMENT of a distribution. A distribution with a high 
peak (y2 > 0) is called LEPTOKURTIC, a flat-topped 
curve (y2 < 0) is called PLATYKURTIC, and the normal 
distribution (y2 = 0) is called MESOKURTIC. Let u; de- 
note the ith MOMENT (2*). The FISHER KURTOSIS is 
defined by 


_ fa _ Ha (1) 


f2 = a4 = = (2) 
An ESTIMATOR for the y2 FISHER KURTOSIS is given by 


k4 


= 5) 
k2 


92 (3) 
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where the ks are k-STATISTICS. The STANDARD DEVI- 
ATION of the estimator is 


see also FISHER KURTOSIS, MEAN, PEARSON KURTOSIS, 
SKEWNESS, STANDARD DEVIATION 
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24 
Og, F N` | (4) | 


Kurtosis 


L,-Norm 
L¡-Norm 
A VECTOR NORM defined for a VECTOR 
L1 
T2 
x = ; 
Tn 


with COMPLEX entries by 


Tr 
Illa => ler]. 
ral 


see also L2-NORM, Lo.-NORM, VECTOR NORM 
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L2,-Norm 
A VECTOR NORM defined for a VECTOR 
L1 
T2 
x = š 
Tn 


with COMPLEX entries by 


ixl] = 


The Lə-norm is also called the EUCLIDEAN NORM. The 
L-norm is defined for a function ¢(x) by 


ló(e)I| =0(2) - ó(2) = ([ó(e)]?) = | (ó(2) de 


see also Li¡-NORM, L2-SPACE, Lo-NORM, PARALLELO- 
GRAM LAW, VECTOR NORM 
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L2-Space 
A HILBERT SPACE in which a BRACKET PRODUCT is 
defined by 


(oid) = f weds a) 
and which satisfies the following conditions 


(ly) = (le) e 


(2) 
(làrgi + Aaa) = Ar (Ply1) + An (l2) (3) 
(Aii + Aada|h) = A” (hr lh) + A2™ (dal) (4) 
(pl) ER >0 (5) 

| (wala) |? < (1191) (Wely) - (6) 


The last of these is SCHWARZ’S INEQUALITY. 


see also BRACKET PRODUCT, HILBERT SPACE, Lz- 
NoRM, RIESZ-FISCHER THEOREM, SCHWARZ'S IN- 
EQUALITY 


L¿-Norm 
A VECTOR NORM defined for a VECTOR 


Ti 


with COMPLEX entries by 


Ilx|loo = max [25]. 
t 


see also L1-NORM, L2-NORM, VECTOR NORM 
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L,'-Balance Theorem 
If every component L of X/O,({X) satisfies the 
“Schreler property,” then 


Lp (Y) < Lp (X) 


for every p-local SUBGROUP Y of X, where Ly is the 
p-LAYER. 


see also p-LAYER, SUBGROUP 


L-Estimate 

A ROBUST ESTIMATION based on linear combinations 
of ORDER STATISTICS. Examples include the MEDIAN 
and TUKEY’S TRIMEAN. 


see also M-ESTIMATE, R-ESTIMATE 
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L-Function 


see ARTIN L-FUNCTION, DIRICHLET L-SERIES, EULER 
L-FUNCTION, HECKE L-FUNCTION 


L-Polyomino 


a, BL EL 


The order n > 2 L-polyomino consists of a vertical line 
of n SQUARES with a single additional SQUARE attached 
at the bottom. 


see also L-POLYOMINO, SKEW POLYOMINO, SQUARE, 
SQUARE POLYOMINO, STRAIGHT POLYOMINO 


L-Series 
see DIRICHLET L-SERIES 


L-System 
see LINDENMAYER SYSTEM 


L’Hospital’s Cubic 
see TSCHIRNHAUSEN CUBIC 


L’Hospital’s Rule 

Let lim stand for the LIMIT limz-,<, lim,_,,-, lim,_,.+, 
limz-+00, Or limz,-.0., and suppose that lim f(x) and 
lim g(x) are both ZERO or are both too. If 


t 
lim f (2) 
g'(x) 
has a finite value or if the LIMIT is +00, then 


an tO) n FO) 


—— = lim l 
g(x) g'(x) 
L’Hospital’s rule occasionally fails to yield useful results, 
as in the case of the function limy+o. u(u?*+1)7*/?. Re- 
peatedly applying the rule in this case gives expressions 
which oscillate and never converge, 
lim 2 = lim : 
U—+ OO (u? + 1)1/2 E u—>00 u(u? + 1)-1/2 
2 1/2 2 21/2 
1 
St ee o 


UU > OO u UF OO 1 


u 
T uso (u? + 1)U2 


(The actual LIMIT is 1.) 
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L’Huilier’s Theorem 

Let a SPHERICAL TRIANGLE have sides of length a, b, 
and c, and SEMIPERIMETER s. Then the SPHERICAL 
EXCESS A is given by 


tan(3A) 
= 4/tan(5s) tan[5(s — a)] tan[5(s — b)] tan[5(s — c)). 


see also GIRARD'S SPHERICAL EXCESS FORMULA, 
SPHERICAL EXCESS,SPHERICAL TRIANGLE 


References 
Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, p. 148, 1987. 


Labelled Graph 

A labelled graph G = (V, E) is a finite series of VER- 
TICES V with a set of EDGES E of 2-SUBSETS of V. 
Given a VERTEX set V, = {1, 2, ..., n}, the number 
of labelled graphs is given by 2""-1)/?_ Two graphs G 
and H with VERTICES V, = {1, 2, ..., n} are said to 
be ISOMORPHIC if there is a PERMUTATION p of V, such 
that {u,v} is in the set of EDGES E(G) IFF {p(w), p(v)} 
is in the set of EDGES E(H). 


see also CONNECTED GRAPH, GRACEFUL GRAPH, 
GRAPH (GRAPH THEORY), HARMONIOUS GRAPH, 
MAGIC GRAPH, TAYLOR’S CONDITION, WEIGHTED 
TREE 
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Lacunarity 

Quantifies deviation from translational invariance by de- 
scribing the distribution of gaps within a set at multiple 
scales. The more lacunar a set, the more heterogeneous 
the spatial arrangement of gaps. 


Ladder 


see ASTROID, CROSSED LADDERS PROBLEM, LADDER 
GRAPH 


Ladder Graph 


A GRAPH consisting of two rows of paired nodes each 
connected by an EDGE. Its complement is the COCK- 
TAIL PARTY GRAPH. 


see also COCKTAIL PARTY GRAPH 
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Lagrange Bracket 
Let F and G be infinitely differentiable functions of zx, 
u, and p. Then the Lagrange bracket is defined by 


lor (ac dG 
oj = [e ($2 +02) 


v=1 


ðG / OF OF 
"dp, Nox, +r) iy 


The Lagrange bracket satisfies 


[F, G] = —[G, F] (2) 


(F,G), HI + [[G, H], F] + [[H, F}, G 
= ĈE iG, H] + Zin, F) + SRG). (3) 


If F and G are functions of z and p only, then the La- 
grange bracket [F, G] collapses the POISSON BRACKET 
(F,G). 

see also LIE BRACKET, POISSON BRACKET 
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Lagrange-Btirmann Theorem 
see LAGRANGE INVERSION THEOREM 


Lagrangian Coefficient 
COEFFICIENTS which appear in LAGRANGE INTERPO- 
LATING POLYNOMIALS where the points are equally 
spaced along the ABSCISSA. 


Lagrange’s Continued Fraction Theorem 

The REAL ROOTS of quadratic expressions with integral 
COEFFICIENTS have periodic CONTINUED FRACTIONS, 
as first proved by Lagrange. 


Lagrangian Derivative 
see CONVECTIVE DERIVATIVE 


Lagrange’s Equation 
The PARTIAL DIFFERENTIAL EQUATION 


(1+ fy’) fee + 2fefyfey + (1+ fe’) fyy = 9, 


whose solutions are called MINIMAL SURFACES. 
see also MINIMAL SURFACE 
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Lagrange Expansion 
Let y = f(x) and yo = f(xo) where f'(20) Æ 0, then 


=. (y—yo)* | d- f s-ro | 
2=x0 +) Er E EmA 


k=1 T=1p 


see also MACLAURIN SERIES, TAYLOR SERIES 
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Lagrange’s Four-Square Theorem 

A theorem also known as BACHET’S CONJECTURE which 
was stated but not proven by Diophantus. It states that 
every POSITIVE INTEGER can be written as the SUM 
of at most four SQUARES. Although the theorem was 
proved by Fermat using infinite descent, the proof was 
suppressed. Euler was unable to prove the theorem. The 
first published proof was given by Lagrange in 1770 and 
made use of the EULER FOUR-SQUARE IDENTITY. 


see also EULER FOUR-SQUARE IDENTITY, FERMAT’S 
POLYGONAL NUMBER THEOREM, FIFTEEN THEOREM, 
VINOGRADOV’S THEOREM, WARING’S PROBLEM 


Lagrange’s Group Theorem 

Also known as LAGRANGE’S LEMMA. If A is an ELE- 
MENT of a FINITE GROUP of order n, then A” = 1. This 
implies that eln where e is the smallest exponent such 
that Af = 1. Stated another way, the ORDER of a SUB- 
GROUP divides the ORDER of the GROUP. The converse 
of Lagrange’s theorem is not, in general, true (Gallian 
1993, 1994). 
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Lagrange’s Identity 
The vector identity 


(A x B)-(Cx D) = (A-C)(B-D) —(A-D)(B-C). (1) 
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This identity can be generalized to n-D, 


(ar x«--xan-1): (bi X X br-1) 


an-1:bi ::: Aan-1*b,-1 


where |A| is the DETERMINANT of A, or 


(Eo) (Em) (Es) 


- Y (axb;—ajbx). (3) 


1<k<j<n 


see also VECTOR TRIPLE PRODUCT, VECTOR QUAD- 
RUPLE PRODUCT | 
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Lagrange”s Interpolating Fundamental Poly- 

nomial 

Let [(x) be an nth degree POLYNOMIAL with zeros at 
Ti, ..., Em. Then the fundamental POLYNOMIALS are 


They have the property 
Lu (2) = dy, (2) 


where 0, , is the KRONECKER DELTA. Now let fi, ..., 
fn be values. Then the expansion 


Ln(z) = Y fulr(z) (3) 


gives the unique LAGRANGE INTERPOLATING POLY- 
NOMIAL assuming the values f, at x,. Let da(x) be 
an arbitrary distribution on the interval [a,b], {pn(x)} 
the associated ORTHOGONAL POLYNOMIALS, and lı (x), 

..,¢n(z) the fundamental POLYNOMIALS corresponding 
to the set of zeros of pn(x). Then 


b 
f tutora) dae) = Abus (4) 
a 
for v, u =1,2,...,n, where A, are CHRISTOFFEL NUM- 
BERS. 
References 


Szegó, G. Orthogonal Polynomials, 4th ed. Providence, RI: 
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Lagrange’s Interpolating Fundamental 


Lagrange Interpolating Polynomial 


Lagrange Interpolating Polynomial 


The Lagrange interpolating polynomial is the POLY- 
NOMIAL of degree n — 1 which passes through the n 


points y = f(z1), y = f(zxz2), e Yn = f (tn). It 


is given by 
Pa= Ple), (1) 
j=l 
where z 
T — Tk 
P(e) = x 2 
j (2) M a (2) 
k#j 


Written explicitly, 


(x — 22) (2 — z3): (£ — Tn) ‘i 
(x1 — 22) (u1 — 3)--- (11 — Tn) 
(x — 21)(x — 23): (£ — tn) 
(12 — 21)(22 — t3)::: (12 — En) 
(x — 21) (2 — 22): (£ ~ tn-1) 
ca Cra ps rape © 


Plx)= 


+ 


For n = 3 points, 


(x — 22) (1 — 23) (x — 21)(2 — 13) 


A aa a e 
(x — zı (z — 22) 
j (a3 — 21)(3 — 22)" 4) 
P'(x) = 22 — La — £3 22 — T1 — £3 


(e1 —@2)(e; — 23)” | (@2 — r1 )(@2 — 23)” 
2T — T1 — 22 
(x3 — zı )(£3 — ey" (5) 


Note that the function P(x) passes through the points 
(£i, Yi), as can be seen for the case n = 3, 


(ai — 22) (21 — 23) (xı — 21) (01 — 23) 


EUS (x1 — z2)(x1 — x3) (ea =20le — T3) 
(e Aa = 
(13 — 11)(23 — za) A =y (6) 
Pd A. y AE 


(21 = x2) (x1 = x3) (x2 = 21) (x2 = £3) : 


Local to global - Wilson’s “global circuit” conceptual model 


Wilson's “global atmospheric electric 
circuit”, describes electrical characteristics + + + 
ofthe atmosphere: ionosphere 


Source: Thunderstorms and rain clouds 
transfer positive charge to the ionosphere in 


disturbed weather regions disturbed 
weather 


cosmic rays 


Sink: /n fair weather regions the air-earth + + 
current density J. returns a small i “OF _ jonisation 
“conduction current” to Earth. y + - 


eAtmosphere bounded by upper and lower | 


“conducting” layers pr pitation 
paint currents radon gas 
Global thunderstorms and rain clouds charge lightning 


upper layer to ~ + 300kV (V) 


eVertical current density J, (~ 2pAm~) of cluster 


s E E surface 
ions flows in fair weather regions 


eUnit area “Columnar resistance” R, ~ 150PQm? 


Ocean measurements: the Galilee and Carnegie 


The Galilee and Carnegie were the Carnegie Institution of Washington's geophysical survey 
ships. The Galilee was ultimately unsuitable as some magnetic parts could not be replaced; 
the Carnegie was a replacement constructed specially, built from wood, copper and bronze, 
with an observing deck 


Galilee — brigantine built in 1891, as Carnegie under full sail in 1909 at 
a fast packet between San Francisco launch. From 1909 to 1929 she covered 


and Tahiti. Chartered by CIW in 1905. 500,000km, and made the fastest 
circumnavigation of Antarctica. 


05/11/2020 


2. Findings supporting the global 
circuit concept 


Difficulties with early instrumentation 


Atmospheric electricity development 
work was delayed, until the final cruise of 
the Galilee. 


«These first measurement attempts proved 
very difficult. In particular, the 
atmospheric electric field (Potential 
Gradient, PG) measurements... 


“seemed quite impracticable...the rolling 
of the ship, the flapping of the sails, and 
the varying position of the yards and boom 
under various sailing conditions all 
contributed to make the problem of 
reducing observations of potential- 
gradient to a uniform basis too 
complicated...” [CIW175v3, p364 | 


R.G. Harrison, The Carnegie Curve Surv Geophys 34, 2, 209-232, 


DOI: 10.1007/s10712-012-9210-2 (2013) 


*Of several atmospheric electricity 
instruments considered for the Galilee (e.g. 
the Ebert ion counter) only air conductivity 
measurements, using a Gerdien aspirated 
device, showed practical promise. 


*Airion measurements were made on cruise | 
of the Carnegie (1909-1910), alongside 
observations of “specific conductivity” and 
“radioactive content”. 


lon content of the atmosphere, 1911 (CIW) 


Lagrange Inversion Theorem 


O = ya (7) 
(13 — z2)(£3 — 23) 
(21 — 22) (11 — 23) 

a ya 8 


(13 — £1)(z3 — 23) 
(£2 — 21)(12 — 23) 


P(zs) = 


Generalizing to arbitrary n, 


= S| Pe(z;) 


=> Oye yy (9) 
k=1 


The Lagrange interpolating polynomials can also be 
written using 


n(x) = | [(e - 24), (10) 
w(a3) = | [ (e; — 22), (11) 
i dr 7 
r) =|F|__ =e- a2 
a 
y le) 
Pe) y E ren (13) 


Lagrange interpolating polynomials give no error esti- 
mate. A more conceptually straightforward method for 
calculating them is NEVILLE’S ALGORITHM. 


see also AITKEN INTERPOLATION, LEBESGUE CON- 
STANTS (LAGRANGE INTERPOLATION), NEVILLE’S AL- 
GORITHM, NEWTON’S DIVIDED DIFFERENCE INTERPO- 
LATION FORMULA 
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Lagrange Inversion Theorem 
Let z be defined as a function of w in terms of a param- 
eter a by 

z=w+adg(z). 
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Then any function of z can be expressed as a POWER 


SERIES in q; which converges for sufficiently small a and 
has the form 


F(z) = F(w) + 3 6(w)F On +5, 116(w)*F (w)} 


an n+l pl 
aC, w) F (w)} +... 


A aE 
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Lagrange’s Lemma 
see LAGRANGE’S FOUR-SQUARE THEOREM 


Lagrange Multiplier 

Used to find the EXTREMUM of f(21,22,...,2%n) sub- 
ject to the constraint g(xv1,%2,...,%n) = C, where 
f and g are functions with continuous first PARTIAL 
DERIVATIVES on the OPEN SET containing the curve 
g(11,12,...,Tn) = 0, and Vg Æ 0 at any point on the 
curve (where V is the GRADIENT). For an EXTREMUM 
to exist, 


But we also have 


Og Og Og 
d = Po ee, T ee . b b Ma A Th = + 2 
I= Sz dx1 + De dta +...+ Az, din =0. (2) 


Now multiply (2) by the as yet undetermined parameter 
A and add to (1), 


Of Of ) 
E +A) diy i (a T2 +A L dzz 
Of = 
tet (ge ase) d oye Ae 


Note that the differentials are all independent, so we can 
set any combination equal to 0, and the remainder must 
still give zero. This requires that 


ce ee em (4) 


Ox st 
for all k = 1, ..., n. The constant A is called the 
Lagrange multiplier. For multiple constraints, gi = 0, 
g2 = 0, TEE 


Vf=1A1Vgi + A2Vg2+--... (5) 


see also KUHN-TUCKER THEOREM 
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Arfken, G. “Lagrange Multipliers.” 817.6 in Mathematical 
Methods for Physicists, 3rd ed. Orlando, FL: Academic 
Press, pp. 945-950, 1985. 
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Lagrange Number (Diophantine Equation) 
Given a FERMAT DIFFERENCE EQUATION (a quadratic 
DIOPHANTINE EQUATION) 


x? -ry = 4 


with r a QUADRATIC SURD, assign to each solution zly 
the Lagrange number 


z = 5(2 + yr). 


The product and quotient of two Lagrange numbers are 
also Lagrange numbers. Furthermore, every Lagrange 
number is a POWER of the smallest Lagrange number 
with an integral exponent. 


see also PELL EQUATION 


References : 

Dörrie, H. 100 Great Problems of Elementary Mathematics: 
Their History and Solutions. New York: Dover, pp. 94-95, 
1965. 


Lagrange Number (Rational 
Approximation) 

HURWITZ’S IRRATIONAL NUMBER THEOREM gives the 
best rational approximation possible for an arbitrary ir- 
rational number a as 


E 
q 


The £,, are called Lagrange numbers and get steadily 
larger for each “bad” set of irrational numbers which is 
excluded. 

n Exclude Lp 


2 ¢ V8 


Lagrange numbers are of the form 


9 — 


’ 
m? 


where m is a MARKOV NUMBER. The Lagrange numbers 
form a SPECTRUM called the LAGRANGE SPECTRUM. 


see also HURWITZ’S IRRATIONAL NUMBER THEO- 
REM, LIOUVILLE’S RATIONAL APPROXIMATION THE- 
OREM, LIOUVILLE-ROTH CONSTANT, MARKOV NUM- 
BER, ROTH’S THEOREM, SPECTRUM SEQUENCE, THUE- 
SIEGEL-ROTH THEOREM 


References 
Conway, J. H. and Guy, R. K. The Book of Numbers. New 
York: Springer-Verlag, pp. 187—189, 1996. 


Lagrange Polynomial 
see LAGRANGE INTERPOLATING POLYNOMIAL 


Lagrange Number (Diophantine Equation) 


Laguerre Differential Equation 


Lagrange Remainder 
Given a TAYLOR SERIES, the error after n terms is 
bounded by 


= n 


Tl 


TO 
a (x — a) 

for some € € (a, x£). 

see also CAUCHY REMAINDER FORM, TAYLOR SERIES 


Lagrange Resolvent 
A quantity involving primitive cube roots of unity which 
can be used to solve the CUBIC EQUATION. 


References 

Faucette, W. M. “A Geometric Interpretation of the Solution 
of the General Quartic Polynomial.” Amer. Math. Monthly 
103, 51-57, 1996. 


Lagrange Spectrum 

A SPECTRUM formed by the LAGRANGE NUMBERS. The 
only ones less than three are the LAGRANGE NUMBERS, 
but the last gaps end at FREIMAN’S CONSTANT. REAL 
NUMBERS larger than FREIMAN’S CONSTANT are in the 
MARKOV SPECTRUM. 


see also FREIMAN'S CONSTANT, LAGRANGE NUMBER 
(RATIONAL APPROXIMATION), MARKOV SPECTRUM, 
SPECTRUM SEQUENCE 


References 
Conway, J. H. and Guy, R. K. The Book of Numbers. New 
York: Springer-Verlag, pp. 187-189, 1996. 


Laguerre Differential Equation 


2y"+(1-e)y + ày = 0. (1) 


The Laguerre differential equation is a special case of the 
more general “associated Laguerre differential equation” 


ry” +(vt+1—2)y' +Ay=0 (2) 


with y = 0. Note that if A = 0, then the solution to the 
associated Laguerre differential equation is of the form 


y (x) + P(x)y'(z) = 0, (3) 


and the solution can be found using an INTEGRATING 
FACTOR 


veers (Poa) an (J == u) 


= exp[(v + 1) lng — z] = z” t*e™*, (4) 


SO 
dx e? 


The associated Laguerre differential equation has a 
REGULAR SINGULAR POINT at 0 and an IRREGULAR 


Laguerre Differential Equation 


SINGULARITY at oo. It can be solved using a series ex- 
pansion, 


z ` n(n — ljan"? + (v +1) ` Nana” * 
n=2 n=1 
-r Y nans” mee AY ana” =0 (6) 
n=l n=0 
Si n(n Dad (p21) Y nance” 
n=? n=i 


— S + AY ana" =0 (7) 
n=1 n=0 


Oo 00 
yn + 1)nanyiz" + (v +1) N n + 1)any1x" 


n=1 n=O 


— a + r =0 (8) 
n=1 n=0 


(n + l)ai + Aao] 


+ S {ln +1)n + (v+1)(n + 1)an+1 — nan + Aan ju" 


=0 (9) 


(n A l)a + Aao] 


+) [(n+1)(n+v+1)an+ı +(A-n)an]z” =0. (10) 


n=1 


This requires 


a] = — 


11 
pai” (11) 
n— A 


(nt l)(ntv+1)" (12) 


Qn+1 = 


for n > 1. Therefore, 
n= À 


M E ae as A 1 
paz (ntl(ntv+1)— = 
for n = 1, 2,..., so 

E po A 2 AMA), 

ES v+1 2(v + 1){v + 2) 


A=) =) 
“2.3 D+ 20438) | oan 


If A is a POSITIVE INTEGER, then the series terminates 
and the solution is a POLYNOMIAL, known as an asso- 


ciated LAGUERRE POLYNOMIAL (or, if v = 0, simply a 
LAGUERRE POLYNOMIAL). 


see also LAGUERRE POLYNOMIAL 
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Laguerre-Gauss Quadrature 

Also called GAUSS-LAGUERRE QUADRATURE or LA- 
GUERRE QUADRATURE. A GAUSSIAN QUADRATURE 
over the interval [0,00) with WEIGHTING FUNCTION 
W(x) = e`”. The ABSCISSAS for quadrature order n 
are given by the ROOTS of the LAGUERRE POLYNOMI- 
ALS L,(xz). The weights are 


it I ee _. 
‘ Anin(ti)En+1[ci)  An-1 ne a 

1 
where A, is the COEFFICIENT of z” in L,(x%). For LA- 
GUERRE POLYNOMIALS, 


An = (1) "nl, (2) 
where n! is a FACTORIAL, so 
Suit = (n+ 1). (3) 
Additionally, 
Yn = i (4) 
SO 
ma nil A AA (5) 
“— En+iles)Lt(e;) In—1(ai) Li. (ai) 


(Note that the normalization used here is different than 
that in Hildebrand 1956.) Using the recurrence relation 


eL, (1) =nL, (2) — nEn-1(2) 
= (2-n-1)Ln(2) + (n+1)Ln+1(0) (6) 
which implies 


aL”, (zi) =—nLn-1(25) = (n+ 1)Ln4i(as) (7) 


glves 
1 Ti 
AAA © 
The error term is 
1\2 
B= WT pone, (9) 


© (2n)! 


Beyer (1987) gives a table of ABSCISSAS and weights up 
ton = 6. 


Li Wi 
2 0.585786 0.853553 
3.41421 0.146447 
3 0.415775 0.711093 
2.29428 0.278518 
6.28995 0.0103893 
4 0.322548 0.603154 
1.74576 0.357419 
4.53662 0.0388879 
9.39507 0.000539295 
5 0.26356 0.521756 
1.4134 0.398667 
3.59643 0.0759424 
7.08581 0.00361176 
12.6408 0.00002337 


1018 Laguerre's Method 
The ABSCISSAS and weights can be computed analyti- 
cally for small n. 


Th Vy Wy 


2 2-42 7(2+ v2) 
2442 (2-2) 


For the associated Laguerre polynomial L2(x) with 
WEIGHTING FUNCTION w(x) = 2%e7*, 


AE (10) 


and 
yn = nt | fte de =nT(n+68+1). (11) 
0 


The weights are 
ntin+8+1) niin+8+1x; 
wi = T a Eae 7 a = a a ac, O’ (12) 
[En (x:)] [La (04)] 


where I (z) is the GAMMA FUNCTION, and the error term 
is 

mE(n + 8+1) pan) 
En = ————— ; 1 
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Chandrasekhar, S. Radiative Transfer. New York: Dover, 
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Laguerre’s Method 
A Root-finding algorithm which converges to a COM- 
PLEX ROOT from any starting position. 


P,(2) = (æ —-21)(e—22)---(@-an) (1) 


In |P,(x)| = In |a—21|4+In|z-—22|+...+In|x—2,| (2) 


Po (x) = (x — 22): (£ — £n) + (£ — £1) (£ — an) +... 


1 1 

= Pale) (= +...+ ———] (3) 

din|P,(a)| 1 1 1 

dx 8-21 T-T? da 
Pa (2) _ 
_d*In|P,(z)| 
dx? 
e a N a 
(2 — x1)? (1 — 22)? (x — Ln)? 


A A 
: Exai Pala) Ny á 


g(e,2) = = C5) 


Laguerre Polynomial 


Now let a = z — zı and b = z — 21. Then 


l 
Ma a (6) 
ae mL 
H==3+ pa (7) 
SO 
n 


qa = 


mR G+ e (nH — G?) | 


Setting n = 2 gives HALLEY’S IRRATIONAL FORMULA. 


see also HALLEY’S IRRATIONAL FORMULA, HALLEY’S 
METHOD, NEWTON’S METHOD, ROOT 
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Laguerre Polynomial 


Solutions to the LAGUERRE DIFFERENTIAL EQUATION 


with y = 0 are called Laguerre polynomials. The 
Laguerre polynomials L,,(x) are illustrated above for 
x € [0,1] and n = 1, 2,..., 5. 


The Rodrigues formula for the Laguerre polynomials is 


T (1) 


and the GENERATING FUNCTION for Laguerre polyno- 
mials is 


= 1 — 1 
=> + (—-2+1)2 


+G? — 2g + 1)z? + (ta? + 3g? — 3z + 1)z? +... 
(2) 


A CONTOUR INTEGRAL is given by 


1 ¿02/(1-2) 


Ge SAA 
Sica aa 


(3) 


Laguerre Polynomial 


The Laguerre polynomials satisfy the RECURRENCE RE- 
LATIONS 


(n+1)En+1(2) = (2n + 1 — 2)Ln(2) — nEn-1(0) (4) 


(Petkovšek et al. 1996) and 
tL, (2) =n£n(2) — nEn-1(1). (5) 


The first few Laguerre polynomials are 


L1(1) =-—<+1 
Lo(a) = Lu? — 4r + 2) 
L(x) = L(—a? + 92° — 18x + 6). 


Solutions to the associated LAGUERRE DIFFERENTIAL 
EQUATION with y # 0 are called associated Laguerre 
polynomials L(x). In terms of the normal Laguerre 
polynomials, 


= Lp (o). (6) 


The Rodrigues formula for the associated Laguerre poly- 
nomials is 


L,(x) 


—k 
L(a) = LH (etant) 


n! dx” 
= (-1) 35 [Ente(2)] (7) 
_Dy_pym__(n +5)! a 
o Zn (n — mk +m)in!" (8) 


and the GENERATING FUNCTION is 
exp (- $2) 
(1 = Zt 


1+(k+1-2)2+ 120? -2(k+2)a+(k+1)(k+2)]27 


g(z,z)= 


(9) 


The associated Laguerre polynomials are orthogonal 
over [0,00) with respect to the WEIGHTING FUNCTION 


are”, 


es | 
/ ea LE (x) LE, (a) dz = (pe) Ëk): > 
0 


Ómn > (10) 


n! 


where dmn is the KRONECKER DELTA. They also satisfy 
nes k)! 
/ “RH Ia de = Lo +k+1). (11) 
A ! 


RECURRENCE RELATIONS include 


3 L (2) = L 
+ =0 


(E) (12) 


Laguerre Polynomial 1019 
and 
DOG) SiG) Le) (13) 


The DERIVATIVE is given by 


d ia 
— LP (x) = 


= -LP (x) 


= p [nL (x) — (n + a) LY, (2). (14) 


In terms of the CONFLUENT HYPERGEOMETRIC FUNC- 
TION, 


ae 


(K+ Mn my (bk 132). (15) 


An interesting identity is 


oO 


LO (x) 


nN) ay” =e (aw) 9? 
y. Tint+at+l) ay) Ja(2vew), (16) 


where T'(z) is the GAMMA FUNCTION and Ja(2) is the 
BESSEL FUNCTION OF THE FIRST KIND (Szego 1975, 
p. 102). An integral representation is 


eg P LO (x) = af e te to/? Ja (2 tz) dt (17) 
ds 


for n = 0, 1,...and a > —1. The DISCRIMINANT is 


ple = I] ye are Dy + am! (18) 


væl 


(Szegő 1975, p. 143). The KERNEL POLYNOMIAL is 


7 n+l fn+a 7 
KX” (e, y) = El n ) 
A (19) 


where (7) is a BINOMIAL COEFFICIENT (Szegő 1975, 
p. 101). 


The first few associated Laguerre polynomials are 


Ló(e)=1 

Lie) =-<+k+1 

Ló (e) = Ll? — 2(k + 2)x + (k + 1)(k +2) 
L3(a) = L-a? + 3(k +3)2% — 3(k + 2)(k + 3)2 


+ (k + 1)(% + 2)(k + 3)]. 


see also SONINE POLYNOMIAL 
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Laguerre Quadrature 

A GAUSSIAN QUADRATURE-like FORMULA for numerical 
estimation of integrals. It fits exactly all POLYNOMIALS 
of degree 2m — 1. 


References 
Chandrasekhar, S. Radiative Transfer. New York: Dover, 
p. 61, 1960. 


Laguerre’s Repeated Fraction 
The CONTINUED FRACTION 


(c+1)"-(@-1)" _ n n?-1n? —2? 
(n+1)"+(@-1)" g+ 32+ 524... 
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Laisant’s Recurrence Formula 
The RECURRENCE RELATION 


(n — 1)An+1 = (n? = 1)An + (n + 1)An-1 + 4(-1)" 


with A(1) = A(2) = 1 which solves the MARRIED COU- 
PLES PROBLEM. 


see also MARRIED COUPLES PROBLEM 


Lakshmi Star 
see STAR OF LAKSHMI 


Laman’s Theorem 


Lal’s Constant 
Let P(N) denote the number of PRIMES of the form 
n?+1 forl<n<N, then 


P(N) ~ 0.68641 1i(N), (1) 


where li(N) is the LOGARITHMIC INTEGRAL (Shanks 
1960, pp. 321-332). Let Q(N) denote the number of 
PRIMES of the form nî + 1 for 1 < n < N, then 


Q(N) ~ $81 li(N) = 0.66974 1i(N) (2) 


(Shanks 1961, 1962). Let R(N) denote the number of 
pairs of PRIMES (n—1)*+1 and (n+1)?+1 forn < N-1, 
then 

R(N) ~ 0.48762 lio(N), (3) 


where 


ma f 
li (N) = / (In n)? (4) 


(Shanks 1960, pp. 201-203). Finally, let S(N) denote 
the number of pairs of PRIMES (n—1)*+1 and (n+1)*+1 
for n < N — 1, then 


S(N) ~ Aliz(N) (5) 


(Lal 1967), where A is called Lal's constant. Shanks 
(1967) showed that A = 0.79220. 
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Math. 


Lam’s Problem 

Given an 111 x 111 MATRIX, fill 11 spaces in each row 
in such a way that all columns also have 11 spaces filled. 
Furthermore, each pair of rows must have exactly one 
filled space in the same column. This problem is equiva- 
lent to finding a PROJECTIVE PLANE of order 10. Using 
a computer program, Lam showed that no such arrange- 
ment exists. 


see also PROJECTIVE PLANE 


Laman”s Theorem 

Let a GRAPH G have exactly 2n — 3 EDGES, where n is 
the number of VERTICES in G. Then G is “generically” 
RIGID in R? IFF e' < 2n' — 3 for every SUBGRAPH of G 
having n’ VERTICES and r’ EDGES. 


see also RIGID 
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Lambda Calculus 


Lambda Calculus 

Developed by Alonzo Church and Stephen Kleene to 
address the COMPUTABLE NUMBER problem. In the 
lambda calculus, À is defined as the ABSTRACTION OP- 
ERATOR. Three theorems of lambda calculus are A- 
conversion, a-conversion, and 7-conversion. 


see also ABSTRACTION OPERATOR, COMPUTABLE 
NUMBER 
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ers, Minds, and the Laws of Physics. Oxford, England: 
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Lambda Function 


The lambda function defined by Jahnke and Emden 
(1945) is 


A(z) =T(v +1) ee (1) 
A(z) = Ja(z) = 2jinc(z), (2) 


2 


where Jı (z) is a BESSEL FUNCTION OF THE FIRST KIND 
and jinc(z) is the JINC FUNCTION. 


A two-variable lambda function defined by Gradshteyn 
and Ryzhik (1979) is 


_ fP T(ut+1) du 
new) = f Sue (3) 


where I'(z) is the GAMMA FUNCTION. 


see also AIRY FUNCTIONS, DIRICHLET LAMBDA FUNC- 
TION, ELLIPTIC LAMBDA FUNCTION, JINC FUNCTION, 
LAMBDA HYPERGEOMETRIC FUNCTION, MANGOLDT 
FUNCTION, MU FUNCTION, NU FUNCTION 
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Lambda Group 
The set of linear fractional transformations w which sat- 
isfy 
at +b 

tH) = 
where a and d are ODD and b and c are EVEN. Also 
called the THETA SUBGROUP. It is a SUBGROUP of the 
GAMMA GROUP. 


see also GAMMA GROUP 


Lambda Hypergeometric Function 


1+ 9*” 8 
) = 169 ies :) (1) 


where q is the NOME. The lambda hypergeometric func- 
tions satisfy the recurrence relationships 


Alt + 2) =A(8) (2) 
t 
ME e 


x= k'cosósiníA — Ao) (1) 
y = k'[cos ġı sin ġ — sin ġı cos¢cos(A — Ao)], (2) 
where 
A A E 
1 + sin 1 sin ġ + cos ġı cos ġ cos( À — Ag) 
The inverse FORMULAS are 
ġ = sin} (cos csin ġı + mA) (4) 


TSINC 


kedan lin es 
is (mene ena) » (5) 


where 
p= yz? + y (6) 
c = 2sin™ (4p). (7) 
References 
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Lambert Conformal Conic Projection 


x = psin[n(A — Ao)] (1) 
y = po — peosin(A — Ao)l, (2) 
where 
p = F cot”(4m +50) (3) 
po = F cot” (Em + £40) (4) 
E A (5) 
= In(cos $1 sec ha) (6) 


The inverse FORMULAS are 


1/n 
F 
f=2tan”” (=) — in (7) 
p 
0 
À = Ao + =o (8) 
where 
p = sgn(n) y z? + (po — y)? (9) 
0 = tan`? ( ca ; (10) 
po — y 
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Lambert? Method 
A ROOT-finding method also called BAILEY’S’ METHOD 
and HUTTON'S METHOD. If g(x) = z? — r, then 


(d — 1)x4 +(d+1)r 


References 
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Lambert’s Transcendental Equation 


Lambert Series 
A series of the form 


TL 


F(x) = > (1) 


for |z| < 1. Then 


where 


by = X das (3) 


D a) 
et Ë 
` - 2 = a (6) 
2 ne - Yorin" (7 
E a _ Sora" 8) 


where p(n) is the MOBIUS FUNCTION, ¢(n) is the To- 
TIENT FUNCTION, d(n) = co(n) is the number of di- 
visors of n, a(n) is the DIVISOR FUNCTION, and r(n) 
is the number of representations of n in the form n = 
A? + B? where A and B are rational integers (Hardy 
and Wright 1979). 
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Lambert’s Transcendental Equation 
An equation proposed by Lambert (1758) and studied 
by Euler in 1779 (Euler 1921). 


z% — el = (a — Bjur t’. 
When a > 5, the equation becomes 


Ina = vz", 


Lambert 's W -Function 


which has the solution 


= exp -ZC 
2 = exp PG, 


where W is LAMBERT’S W-FUNCTION. 
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Lambert’s W-Function 


The inverse of the function 
f(W)=We", (1) 


also called the OMEGA FUNCTION. The function is 
implemented as the Mathematica® (Wolfram Research, 
Champaign, IL) function ProductLog[z]. W/(1) is 
called the OMEGA CONSTANT and can be considered 
a sort of “GOLDEN RATIO” of exponentials since 


exp[-W(1)] = W(1), (2) 


giving 


1 
In a = W (1). (3) 


(1) a 2,33 8,4 
n=1 
425 — S49 4 E (4) 


The LAGRANGE INVERSION THEOREM gives the equiv- 
alent series expansion 


oo 


Wo(=) = » ENT (5) 


Lambert's W -Function 1023 
where n! is a FACTORIAL. However, this series oscillates 
between ever larger POSITIVE and NEGATIVE values for 
REAL z 2 0.4, and so cannot be used for practical nu- 
merical computation. An asymptotic FORMULA which 
yields reasonably accurate results for z 2 3 is 


W(z) = Lnz —InLnz 


4 E y Ckm(In Ln z)™** (Ln 2) 47971 


k=0 m=0 


L La(—2 4+ L 
hh q et) 


Ly 2L1? 
al L2(6 — 9L + 2Lo0* 
6L1? 
A La(-12 + 36L2 — 22L2* + 312°) 
1211? 
y La(60 — 300L2 + 350L2? — 125L2* + 12L2*) 
60L,° 
Lay? 
22 6 
+0 (E) | | (6) 
where 
Li =Lnz (7) 
L, = lIn Lnz (8) 


(Corless et al.), correcting a typographical error in de 
Bruijn (1961). Another expansion due to Gosper is the 
DOUBLE SUM 


= k Sı (n, k) 
Wiíiz)=a 
(2) ys LO k +1)! 
In (2) |” 
1- — ee , (9) 


where Sı is a nonnegative STIRLING NUMBER OF THE 
FIRST KIND and a is a first approximation which can be 
used to select between branches. Lambert’s W-function 
is two-valued for —1/e < x < 0. For W(x) > —1, the 
function is denoted Wo(x) or simply W (z), and this is 
called the principal branch. For W(x) < —1, the func- 
tion is denoted W_1(x). The DERIVATIVE of W is 
1 W(x) 


“tame Wwe we 


for x 4 0. For the principal branch when z > 0, 
In W (z) = Inz — W(2). (11) 


see also ITERATED EXPONENTIAL CONSTANTS, OMEGA 
CONSTANT 
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1024 Lamé Curve 
Lamé Curve 
A curve with Cartesian equation 


first discussed in 1818 by Lamé. If n is a rational, then 
the curve is algebraic. However, for irrational n, the 
curve is transcendental. For EVEN INTEGERS n, the 
curve becomes closer to a rectangle as n increases. For 
ODD INTEGER values of n, the curve looks like the EVEN 
case in the POSITIVE quadrant but goes to infinity in 
both the second and fourth quadrants (MacTutor Ar- 
chive). The EVOLUTE of an ELLIPSE, 


(ay de (by) = (a? = by 
n Curve 
: astroid 
5 superellipse 
3 witch of Agnesi 


see also ASTROID, SUPERELLIPSE, WITCH OF AGNESI 
References 
MacTutor History of Mathematics Archive. “Lamé Curves.” 
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Lamé’s Differential Equation 


T: e + ala” 
—[m(m + 1)a* — (b +c*)pz=0. (1) 


(0% — bo) a 


(Byerly 1959, p. 255). The solution is denoted Ef, (x) 
and is known as a LAMÉ FUNCTION or an ELLIPSOIDAL 
HARMONIC. Whittaker and Watson (1990, pp. 554-555) 
give the alternative forms 


dt, dA 

Nee As =| =[n(n+1)A\+C]A (2) 

PA {2 , 2 , 3] dA _ [n(n+1A+O]A 
dà? la? +A Bb +r Cc} dri ~ 4A) 

(3) 

dA 
qa = [n(nt1)p(u)+C- 5n(n+1)(a"+0*+c*)]A (4) 
2 
< = [n(n + 1)k? sn? a + AJA, (5) 


where p is a WEIERSTRAB ELLIPTIC FUNCTION and 


A(6) = | [0 - 84) (6) 
Ay = Y (a? + A)(b? + Míc? +A) (7) 
Ae C — {n(n +1)(a? +b? + c) + esn(n+1) 


(8) 


Lamé’s Theorem 
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Lamé’s Differential Equation (Types) 
Whittaker and Watson (1990, pp. 539-540) write Lamé’s 
differential equation for ELLIPSOIDAL HARMONICS of the 
four types as 


4A(@)— FT; gro | [2m(2m + 1)@ + C]A(0) 
(1) 
4A(0) $ E q 20 al [(2m + 1)(2m + 2)9 + C]A(0) 
(2) 
4A(0) 35 [Pl El | = [(2m + 2)(2m + 3)0 + CJA(A) 
(3) 
1A(0) £ | F( ros ol- [(2m + 3)(2m + 4)0 + CJA(0), 
(4) 
where 
A(@) = y (a? + 0)(b? + 0)(c? +0) (5) 
A(9) = | [ (0 - 6). (6) 
References 
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Lamé Function 
see ELLIPSOIDAL HARMONIC 


Lamé’s Theorem 

If a is the smallest INTEGER for which there is a smaller 
INTEGER b such that a and b generate a EUCLIDEAN AL- 
GORITHM remainder sequence with n steps, then a is the 
FIBONACCI NUMBER Fn+2. Furthermore, the number 
of steps in the EUCLIDEAN ALGORITHM never exceeds 5 
times the number of digits in the smaller number. 


see also EUCLIDEAN ALGORITHM 
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Potential Gradient sensors 


Principle: radioactive Carnegie cruise 2 (1910-1913) 
“collector” methods to Kidson and Johnston used two radium collectors 
acquire local potential suspended on a bamboo pole, extending aft from the 


voltmeter 


stern rail; Hewlett tried ionium (732Th) collectors 


Carnegie cruise 3 (June 8* 1914 to Oct 21* 1914) 

PG used ionium collectors suspended on a bamboo 
pole, extending aft from the stern taffrail; 
standardization achieved by simultaneous ship and 
shore observation on two occasions, at Reykjavik and 
Gardiners Bay: average PG for whole cruise 93 Vm‘? 


Carnegie cruise 4 (1915-1916) 

special “atmospheric-electric” house built aboard to 
reduce set up time, and keep instruments in stable 
conditions, but the ionium coated collector plate on 
bamboo pole took too long (~2min) to come within 1V 
of the final steady potential 


Mechanical Potential Gradient sensor 


A new faster electric field measurement method 
was developed, which also compensated for tilt 
of ship 


-a “parasol” collector was constructed from gauze 
on a pivot arm, to allow it to be adjusted for ship 
angle. 


-Rotated from an earthed (pointing downwards) 
position, to horizontal to horizon, and change in 
electroscope reading recorded. (Hourly data) 


-sustained good quality insulation was not 
needed; used sulphur insulators. The handle’s 
hard rubber insulation was more critical, and had 
to be kept clean. Daily leakage tests 


-battery offset for electroscope could also be 
applied 


05/11/2020 


R.G. Harrison, The Carnegie Curve Surv Geophys 34, 2, 209-232, DOI: 
10.1007/s10712-012-9210-2 (2013) 


Diurnal cycle results from Cruises 4, 5 and 6 
Motivation for Cruise 7 


By 1921, using harmonic analysis on the | execanarion 
previous decade’s data, the principal contributor SRE OCEN 
to the PG’s diurnal variation was a 24 hour 

component, and it was reported by its 
discoverer, the Carnegie Institution’s 


S.J. Mauchly, that 


Further frequent and widely distributed varying atmospheric 
electricity measurements were still sought 


“to settle the question whether such variations progress 
on the basis of universal time” (Ault, 1927). 


Fic. 24.—Mean Value of the Potential Gradient for the Different 
Oceans from Observations on the Carnegie, 1915-1921. 


“the 24 hour Fourier wave was at the great 
majority of land stations in practical phase 
agreement on universal time with the prime 
daily wave over the oceans without regard to 
location. [CIW175v5,p387] 


A key improvement on the earlier cruises proposed was to 
employ continuous recording techniques, using a projection 
electrometer with photographic chart recording. 


This indicated that the origin of the potential 
gradient was not local 


SS 
a! J ~ | | 
| Š 
TIP 
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Mauchly SJ, Note on the diurnal variation of the atmospheric electric EXPLANATION 
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potential gradient Phys Rev n.s. 18, 161-162 (1921); Mauchly SJ, On the O26 crate Soran Ponle ir 7 OC- ATLANTIC OCEAN Hi doi 


diurnal variation of the potential gradient of atmospheric electricity Terr Fic. 25.—Comparison of Diurnal Variation of Potential Gradient for 
Mag 28, 61-81 (1923) ame Time of Year in Different Oceans and in Different Latitudes. 


Lamina 


Lamina 


A 2-D planar closed surface L which has a mass M 
and a surface density o(s, y) (in units of mass per areas 
squared) such that 


m= | oy) dz dy. 
L 


The CENTER OF MASS of a lamina is called its CEN- 
TROID. 


see also CENTROID (GEOMETRIC), CROSS-SECTION, 
SOLID 


Laminated Lattice 

A LATTICE which is built up of layers of n-D lattices in 
(n + 1)-D space. The VECTORS specifying how layers 
are stacked are called GLUE VECTORS. 

see also GLUE VECTOR, LATTICE 

References 

Conway, J. H. and Sloane, N. J. A. “Laminated Lattices.” 
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Lancret Equation 


dsn’ = dar + dsp’, 


where N is the NORMAL VECTOR, T is the TANGENT, 
and B is the BINORMAL VECTOR. 


Lancret’s Theorem 

A NECESSARY and SUFFICIENT condition for a curve to 
be a HELIX is that the ratio of CURVATURE to TORSION 
be constant. 


Lanczos Approximation 
see GAMMA FUNCTION 


Lanczos o Factor 
Writing a FOURIER SERIES as 


f(@) = Hao + y sinc (5) lan cos(n6) + bn sin(ng)], 
n=l 


where m is the last term and the sinc g terms are the 
Lanczos o factor, removes the GIBBS PHENOMENON 
(Acton 1990). 


see also FOURIER SERIES, GIBBS PHENOMENON, SINC 
FUNCTION 
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Landau Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let F be the set of COMPLEX analytic functions f de- 
fined on an open region containing the closure of the 
unit disk D = {z : |z| < 1} satisfying f(0) = 0 and 
df /dz(0) = 1. For each f in F, let I(f) be the SUPRE- 
MUM of all numbers r such that f(D) contains a disk of 
radius r. ‘Then 


L= inf{I(f) : f € F}. 


This constant is called the Landau constant, or the 
BLOCH-LANDAU CONSTANT. Robinson (1938, unpub- 
lished) and Rademacher (1943) derived the bounds 


= 0.5432588..., 


where T(z) is the GAMMA FUNCTION, and conjectured 
that the second inequality is actually an equality, 


2) 
6” — 0.5432588.... 


see also BLOCH CONSTANT 
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Landau-Kolmogorov Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let ||f|| be the SUPREMUM of |f(x)|, a real-valued func- 
tion f defined on (0,00). If f is twice differentiable and 
both f and f” are bounded, Landau (1913) showed that 


HAS QUAI APP”, (1) 
where the constant 2 is the best possible. Schoenberg 


(1973) extended the result to the nth derivative of f 
defined on (0,00) if both f and f™ are bounded, 


FP US Clr, NAAA e (2) 


An explicit FORMULA for C(n, k) is not known, but par- 
ticular cases are 


1/3 
C(3,1) = ES (3) 
C(3,2) = 24° (4) 
C(4,1) = 4.288... (5) 
C(4,2) = 5.750... (6) 


C (4,3) = 3.708... (7) 
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Let ||f]] be the SUPREMUM of |f (x)|, a real-valued func- 
tion f defined on (—00,00). If f is twice differentiable 
and both f and f” are bounded, Hadamard (1914) 
showed that 

MAS VIP UP PY, (8) 


where the constant v2 is the best possible. Kolmogorov 
(1962) determined the best constants C(n, k) for 


le US Cm AAA A a (9) 


in terms of the FAVARD CONSTANTS 


a 
Al (10) 
I= 
by 
C(n,k) = an-ran 4”, (11) 


Special cases derived by Shilov (1937) are 


1/3 

C(3,1) = (=) (12) 

C(3,2) = 311? (13) 
1/4 

C(4,1) = (=) (14) 

C(4,2) = > (15) 
1/4 

c(4,3) = (=) (16) 

1953125 y 1/5 

eo = (572501) Si 
1/5 

o(5,2) = (=). (18) 


For a real-valued function f defined on (—oo, oo), define 


fll = ] (Ha)] de. (19) 


oO 


If f is n differentiable and both f and f™ are bounded, 
Hardy et al. (1934) showed that 


res (20) 


where the constant 1 is the best possible for all n and 
O<k<n. 


For a real-valued function f defined on (0, 00), define 


fll = : TORE (21) 


Landau-Kolmogorov Constants 


If f is twice differentiable and both f and f” are 
bounded, Hardy et al. (1934) showed that 


IPES S AE A (22) 


where the constant v? is the best possible. This inequal- 
ity was extended by Ljubic (1964) and Kupcov (1975) 
to 

MEPIS CA DARA (28) 


where C(n, k) are given in terms of zeros of POLYNOMI- 
ALS. Special cases are 


caon=ce nes penen e” 
= 1.84420... (24) 
1/4 —3/4 
C(4,1) = C(4,3) = —— 
= 2.27432... (25) 
C(4,2) = E = 2.97963... (26) 
1/4 
C(4,3) = (=) (27) 
C(5,1) = C(5,4) = 2.70247... (28) 
C(5,2) = C(5,3) = 4.37800..., (29) 
where a is the least POSITIVE ROOT of 
z? — 6a* — 827 +1=0 (30) 
and b is the least POSITIVE ROOT of 
zt — 22? —4r+1=0 (31) 


(Franco et al. 1985, Neta 1980). The constants C(n, 1) 
are given by — 


Cy = {SNe tery 39 


where c is the least POSITIVE ROOT of 


dz d Or 
ae A a (33) 
yr? + Nyy 2n 


An explicit FORMULA of this type is not known for k > 
1... 


The cases p = 1, 2, oo are the only ones for which the 
best constants have exact expressions (Kwong and Zettl 
1992, Franco et al. 1983). 
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Landau-Ramanujan Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let S(x) denote the number of POSITIVE INTEGERS not 
exceeding x which can be expressed as a sum of two 
squares, then 


ia oa eae (1) 
t+ 00 T 


as proved by Landau (1908) and stated by Ramanujan. 
The value of K (also sometimes called A) is 


1 
1 I] =p? = 0.764223653... (2) 


(Hardy 1940, Berndt 1994). Ramanujan found the ap- 
proximate value K = 0.764. Flajolet and Vardi (1996) 
give a beautiful FORMULA with fast convergence 


ir Aer 
waar EU (i-z) | AG) 
where 1 
B(s) = Fiels, 4) = els, $) (4) 


is the DIRICHLET BETA FUNCTION, and C{z,a) is the 
HURWITZ ZETA FUNCTION. Landau proved the even 
stronger fact 


_ (Ina)3/? Kaz 
lim EE ES — | aG, (5) 


lng 
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where 
1 Te” ld 1 
strem es 
C ; (2 ln (ZE) | zg |in II =a 
p prime 
p=4k+3 eat 
= 0.581948659.... (6) 
Here, 
L = 5.2441151086... (7) 


is the ARC LENGTH of a LEMNISCATE with a = 1 (the 
LEMNISCATE CONSTANT to within a factor of 2 or 4), 
and y is the EULER-MASCHERONI CONSTANT. 
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Landau Symbol 

Let f(z) be a function # O in an interval containing 
z = 0. Let g(z) be another function also defined in this 
interval such that g(z)/f(z) > 0 as z > 0. Then g(2) 
is said to be O(f(2)). 


Landen’s Formula 


Os(z, tvs(z, t) 93(0,t)04(0, t) Di 02(z, t)31(z, t) 
O4(2z,2t) — va(0,2) = = 91 (2z,2t) ” 


where Y; are THETA FUNCTIONS. This transformation 
was used by Gauss to show that ELLIPTIC INTEGRALS 
could be computed using the ARITHMETIC-GEOMETRIC 
MEAN. 
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Landen’s Transformation 
If x sin a = sin(28 — a), then 


ataf -=t -2 [ — 
m 


see also ELLIPTIC INTEGRAL OF THE FIRST KIND, 
GAUSS’S TRANSFORMATION 


- fy sin? o 
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Lane-Emden Differential Equation 


A second-order ORDINARY DIFFERENTIAL EQUATION 
arising in the study of stellar interiors. It is given by 


l d > dé n 

TIG 2) +6 0 (1) 
1 dð .2d°0 n_ dO 208 qn 
a (ug +6 BE) +e" = = dea teat? 0. (2) 


It has the BOUNDARY CONDITIONS 


6(0) =1 (3) 


do 
H 50 (4) 


Solutions @(€) for n = 0, 1, 2, 3, and 4 are shown above. 
The cases n = 0, 1, and 5 can be solved analytically 
(Chandrasekhar 1967, p. 91); the others must be ob- 
tained numerically. 


For n = 0 (y = 00), the LANE-EMDEN DIFFERENTIAL 


EQUATION is 

l d o dé 

£4 (eG) +1=0 (5) 
(Chandrasekhar 1967, pp. 91-92). Directly solving gives 


Z (e$) =-@ (6) 


Lane-Emden Differential Equation 


> do i 
“aS (8) 
dé EL= LES 
JE ; (9) 
143 
6(€) = [= [ae (10) 


OCE) = bo — ik — ER. (11) 
The BOUNDARY CONDITION 6(0) = 1 then gives ĝo = 1 
and cı = 0, so 


Ai(f)=1- ¿E, (12) 


and ĝı (£) is PARABOLIC. 


For n = 1 (y = 2), the differential equation becomes 
1 d f 2d 
E +0=0 13 
£” de (e: de T) (13) 
d e 
aoe + 0€ = 0, 14 


which is the SPHERICAL BESSEL DIFFERENTIAL EQUA- 
TION 


d f> =) 2 
= (> — ) + [kr n(n +1IR=0 (15) 
with k = 1 and n = 0, so the autoni is 
(£) = Ajo(€) + Bno(£), (16) 
Applying the BOUNDARY CONDITION 0(0) = 1 gives 
62(€) = jlo = EE, (17) 


where jo(x) is a SPHERICAL BESSEL FUNCTION OF THE 
FIRST KIND (Chandrasekhar 1967, pp. 92). 


For n = 5, make Emden’s transformation 


6= Ax” z (18) 
2 
oS aaa (19) 
which reduces the Lane-Emden equation to 
Aes 
dt? 
(Chandrasekhar 1967, p. 90). After further manipula- 
tion (not reproduced here), the equation becomes 


+ (2w — N= +w(w—1)z+A7*z”=0 (20) 


d?z 
aa = L2(1—2*) (21) 
and then, finally, 
AI (22) 
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Langford’s Problem 


Langford’s Problem 

Arrange copies of the n digits 1, ..., n such that there 
is one digit between the 1s, two digits between the 2s, 
etc. For example, the n = 3 solution is 312132 and 
the n = 4 solution is 41312432. Solutions exist only if 
n = 0,3 (mod 4). The number of solutions for n = 3, 
4,5,... are 1, 1, 0, 0, 26, 150, 0, 0, 17792, 108144, ... 
(Sloane’s A014552). 
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Langlands Program 

A grand unified theory of mathematics which includes 
the search for a generalization of ARTIN RECIPROCITY 
(known as LANGLANDS RECIPROCITY) to non-Abelian 
Galois extensions of NUMBER FIELDS. Langlands pro- 
posed in 1970 that the mathematics of algebra and anal- 
ysis are intimately related. He was a co-recipient of the 
1996 Wolf Prize for this formulation. 


see also ARTIN RECIPROCITY, LANGLANDS RECI- 
PROCITY 
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Langlands Reciprocity 

The conjecture that the ARTIN L-FUNCTION of any n-D 
GALOIS GROUP representation is an L-FUNCTION ob- 
tained from the GENERAL LINEAR GROUP GI1(A). 
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Langton’s Ant 
A CELLULAR AUTOMATON. The COHEN-KUNG THEO- 
REM guarantees that the ant’s trajectory is unbounded. 


see also CELLULAR AUTOMATON, COHEN-KUNG THE- 
OREM 
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Laplace-Beltrami Operator 
A self-adjoint elliptic differential operator defined some- 
what technically as 


A = dé + éd, 


Laplace Distribution 1029 


where d is the EXTERIOR DERIVATIVE and d and ô are 
adjoint to each other with respect to the INNER PROD- 
UCT. 
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Laplace Distribution 


Pix} 
Dix} 


Also called the DOUBLE EXPONENTIAL DISTRIBUTION. 
It is the distribution of differences between two inde- 
pendent variates with identical EXPONENTIAL DISTRI- 
BUTIONS (Abramowitz and Stegun 1972, p. 930). 


Pays ae (1) 
D(z) = H1 + sgn(z — Mae RH (a) 


The MOMENTS about the MEAN Hn are related to the 
MOMENTS about 0 by 


ln = Y e Su E (3) 


j=0 


where (7) is a BINOMIAL COEFFICIENT, so 


n [9/2] . 
n-ji n J m= 
Il) (gear nak 
j=0 k=0 
nib” for n even 
= { 0 for n odd, (4) 


where |x| is the FLOOR FUNCTION and T'(2k + 1) is the 
GAMMA FUNCTION. 


The MOMENTS can also be computed using the CHAR- 
ACTERISTIC FUNCTION, 


g(t) = J e" P(x) dx = = ett e le—Hl/? de, 
(5) 


Using the FOURIER TRANSFORM OF THE EXPONENTIAL 
FUNCTION 


~Iwho|a 1 k 
id etree a (6) 


gives 
gibt 2 put 
1) SS 
2b 


t2 + (5) DETZA 0 
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The MOMENTS are therefore 


a gel ae 
n=) =P E 
t=0 

The MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 
p= y (9) 

o? =2b* (10) 

Yı = 0 (11) 

Y = (12) 
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Laplace’s Equation 
The scalar form of Laplace’s equation is the PARTIAL 
DIFFERENTIAL EQUATION 


V% =0. (1) 


It is a special case of the HELMHOLTZ DIFFERENTIAL 
EQUATION 
Vp +k’ yp =0 (2) 


with k = 0, or POISSON’S EQUATION 
Vip = —4rp (3) 
with p = 0. The vector Laplace’s equation is given by 


V’F=0. (4) 


A FUNCTION Y which satisfies Laplace's equation is said 
to be HARMONIC. A solution to Laplace's equation has 
the property that the average value over a spherical sur- 
face is equal to the value at the center of the SPHERE 
(Gauss’s HARMONIC FUNCTION THEOREM). Solutions 
have no local maxima or minima. Because Laplace’s 
equation is linear, the superposition of any two solutions 
is also a solution. 


A solution to Laplace’s equation is uniquely determined 
if (1) the value of the function is specified on all bound- 
aries (DIRICHLET BOUNDARY CONDITIONS) or (2) the 
normal derivative of the function is specified on all 
boundaries (NEUMANN BOUNDARY CONDITIONS). 


Laplace’s equation can be solved by SEPARATION OF 
VARIABLES in all 11 coordinate systems that the 
HELMHOLTZ DIFFERENTIAL EQUATION can. In addi- 
tion, separation can be achieved by introducing a mul- 
tiplicative factor in two additional coordinate systems. 
The separated form is 


= Xi (u1)X2(u2)X3(us) 
R(u, U2; us) 


Y (5) 


Laplace’s Equation—Bipolar Coordinates 


and setting 


hih2h3 


h2 = gi(Ui41, 0542) fi(ui)R’, (6) 


where h; are SCALE FACTORS, gives the Laplace's equa- 


tion 
1 1 d ( f So) 
hy? X; fi du; Ñ du; 


=e eT. OR 
Ali (Ge) | o 


3 


t=1 


a= 1 


If the right side is equal to —k1*/F(ux, uz, uz), where ky 
is a constant and F is any function, and if 


hihahs = Sfi fa f3 R?F, (8) 


where S is the STACKEL DETERMINANT, then the equa- 
tion can be solved using the methods of the HELMHOLTZ 
DIFFERENTIAL EQUATION. The two systems where this 
is the case are BISPHERICAL and TOROIDAL, bringing 
the total number of separable systems for Laplace's 
equation to 13 (Morse and Feshbach 1953, pp. 665-666). 


In 2-D BIPOLAR COORDINATES, Laplace's equation 
is separable, although the HELMHOLTZ DIFFERENTIAL 
EQUATION is not. 


see also BOUNDARY CONDITIONS, HARMONIC EQUA- 
TION, HELMHOLTZ DIFFERENTIAL EQUATION, PARTIAL 
DIFFERENTIAL EQUATION, POISSON’S EQUATION, SEP- 
ARATION OF VARIABLES, STACKEL DETERMINANT 
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Laplace’s Equation—Bipolar Coordinates 
In 2-D BIPOLAR COORDINATES, LAPLACE’S EQUATION 
is 


(1) 


a? Ou? Oy? 


(cosh v — cos u)? (55 a | —o 


which simplifies to 


gr? OF? 


Jui t mw TO (2) 


so LAPLACE’S EQUATION is separable, although the 
HELMHOLTZ DIFFERENTIAL EQUATION is not. 


Laplace’s Equation—Bispherical Coordinates 


Laplace’s Equation—Bispherical 
Coordinates 


— cos u cot? u + 3coshv cot? u 
cosh v — cosu 


a O O era Oe. 

cosh v — cos u Og? — 
. ð 2 2 3? m 
+(cosu — cosh v) sinh v— + (cosh* v — cos u) == : 


ðv Ov? - 


+(cosh v — cos u)(cosh v cot u — sin u — cos u cot u) 


2 


+(cosh? v — COS uo = Q. (G) 


ðu? 
Let 
F(u, v, ġ) = Vcoshu — cosuU(u)V(v)®(¢), (2) 


then LAPLACE’S EQUATION is partially separable, al- 
though the HELMHOLTZ DIFFERENTIAL EQUATION is 
not. 
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Laplace’s Equation—Toroidal Coordinates 
Vf = A 1 of) 
a? Ou \coshv — cos u Ou 
(coshv — cosu)? 9 sinh v Of 
a? sinh v dv ( 9) 
(cosh v — cosu)? 6? f 
a? sinh v ag? 
—3 cos coth? v + cosh v coth? v 


cosh v — cosu 


cosh y — cos u OV 


(1) 


3 cos? u coth v csch v — cos? ucsch? v | 8? 
cosh v — cos u 


ag? 


+(cos u — cosh v) sin we + (cosh v — cos u)? — 


Ou? 
+(cosh v — cos u)(cosh v coth v — sinh v — cos u coth y) = 
v 


8? 
2 2 
+(cosh* v — cos u) 507 (2) 


Let 


F(E n, $) = y cosh n — cos £ X(£)H (n)W (4), (3) 


then 
sin 


X (6) = 5%” (ng) (4) 


Tab) = 5” (mg), (5) 


du 
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and the equation in y becomes 


LAPLACE’S EQUATION is partially separable, although 
the HELMHOLTZ DIFFERENTIAL EQUATION is not. 
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Laplace’s Integral 


Dp 
Pa(e) == | ——— A 
T Jo (x + Vx? — 1cosu) 
1 T 
F (x + yz? — 1cosu)” du. 
0 


Laplace Limit 

The value e = 0.6627434193... (Sloane's A033259) for 
which Laplace’s formula for solving KEPLER’S EQUA- 
TION begins diverging. The constant is defined as the 
value e at which the function 


Oe xexp(V/1+ 27) 
1+vV1+ 2? 
equals f(A) = 1. The CONTINUED FRACTION of e is 
given by [0, 1, 1, 1, 27, 1, 1, 1, 8, 2, 154, ...] (Sloane’s 


A033260). The positions of the first occurrences of n in 
the CONTINUED FRACTION of e are 2, 10, 35, 13, 15, 
32, 101, 9, ... (Sloane’s A033261). The incrementally 
largest terms in the CONTINUED FRACTION are 1, 27, 
154, 1601, 2135, ... (Sloane's A033262), which occur at 
positions 2, 5, 11, 19, 1801, ... (Sloane’s A033263). 


see also ECCENTRIC ANOMALY, KEPLER’S EQUATION 
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Laplace-Mehler Integral 


271 
Pa (cos 6) = F (cos @ + isin 8 cos ġ)” dọ 


v ra cos[(n+ He, 
ee 


-2f sin[(n+>3)9] JA, 
i ee 
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Laplace Series 
A function f(6, $) expressed as a double sum of SPHER- 


ICAL HARMONICS is called a Laplace series. Taking f as 
a COMPLEX FUNCTION, 


fore) l 
D y aim Y;" (6, $). (1) 


i=0 m=-1 


Now multiply both sides by ye j 
dô and do. 


20 T 
/ J F(0, 9) Y" sin0 dd dọ 


-E Yaw f f (8, 9)Y” (6, $) sin 0 dO de. 


=0 m= =l 
(2) 


sin ĝ and integrate over 


Now use the ORTHOGONALITY of the SPHERICAL HAR- 
MONICS 


27 pr 
J, / Y” (0, pY sin 0 dô do = mm’ dw’, (3) 
0 0 


so (2) becomes 


27 T 
/ [ sever sin 8 d0 de 
0 0 
00 l 
EE TO? 


where dmn is the KRONECKER DELTA. 


For a REAL series, consider 


f(9, 2) 
=> > [CT cos(m¢) + Si" sin(md)] PI” (cos). (5) 


i=0 m=-—1 


Laplace Transform 


Proceed as before, using the orthogonality relationships 


27 7 
/ / Pi" (cos 8) cos(mó) P? (cos @) 
o Jo 


271 (1 + m)! 


x cos(m’¢) sin(@) dð do = - RDA momen OH 
(6) 
27 T i 
/ / P” (cos 0) sin(mp)P;” (cos 0) 
o Jo 
x sin(m’¢) sin 6 dé dé = en ewe) Omm Ou! 


(21+1)(l- m)! 
(7) 


So Ci” and S;” are given by 


(21+ 1)(l- m)! 


a 27 (l+ m)! 
«| [ f(0,d)P;" cos @ cos(m@) sin6 dO dd (8) 
gm — CI+ Dll- m)! 


2r(l + m)! 


x / [ f(6,¢)P;" cos @sin(m@) sin@ dð dd. (9) 
o Jo 


Laplace-Stieltjes Transform 

An integral transform which is often written as an ordi- 
nary LAPLACE TRANSFORM involving the DELTA FUNC- 
TION. 


see also LAPLACE TRANSFORM 
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Laplace Transform 

The Laplace transform is an INTEGRAL TRANSFORM 
perhaps second only to the FOURIER TRANSFORM in its 
utility in solving physical problems. Due to its useful 
properties, the Laplace transform is particularly useful 
in solving linear ORDINARY DIFFERENTIAL EQUATIONS 
such as those arising in the analysis of electronic circuits. 


The (one-sided) Laplace transform £ (not to be confused 
with the LIE DERIVATIVE) is defined by 


L(s) = LFE) = J TA, (1) 


Laplace Transform 


where f(t) is defined for t > 0. A two-sided Laplace 
transform is sometimes also defined by 


£(s) = L(£(t)) = f OT (2) 


The Laplace transform existence theorem states that, if 
f(t) is piecewise CONTINUOUS on every finite interval in 
[0, co) satisfying 

IFO < Me” (3) 


for all t € {0,00), then L(f(t)) exists for all s > a. The 
Laplace transform is also UNIQUE, in the sense that, 
given two functions F(t) and F2(t) with the same trans- 
form so that 


L[Fi(t)] = L[Fa(t)] = f(s), (4) 
then LERCH’S THEOREM guarantees that the integral 
J N(t)dt=0 (5) 
0 
vanishes for all a > 0 for a NULL FUNCTION defined by 
N(t) = F(t) — F(t). (6) 
The Laplace transform is LINEAR since 


Claf(t) + bg(t)] = / "Taf (t) + bo(t)]e~** at 


= af fe * dt + IN g(t)e* dt 
= aL[f(t)] + b£lg(t)). (7) 


The inverse Laplace transform is given by the 
BROMWICH INTEGRAL (see also DUHAMEL'S CONVOLU- 
TION PRINCIPLE). A table of several important Laplace 
transforms follows. 


cos(wt) 


sin(wt) 


cosh(wt) 


sinh(wt) 
e% sin(bt) 
e% cos(bt) 
d(t —c) 
H.(t) 
Jo(t) 
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In the above table, Jo(t) is the zeroth order BESSEL 
FUNCTION OF THE First KIND, ó(t) is the DELTA 
FUNCTION, and H,(t) is the HEAVISIDE STEP FUNC- 
TION. The Laplace transform has many important prop- 
erties. 


The Laplace transform of a CONVOLUTION is given by 


L(F(t) * g(t)) = L(FH(t)L(ylt)) (8) 
LU F(s)G(s)) = £7"(F(s)) x L”*(G(s). — (9) 


Now consider DIFFERENTIATION. Let f(t) be continu- 
ously differentiable n — 1 times in [0,00). If |f(t)] < 
Me, then 


Lif (£)] = s"£(F(t)) — s” F (0) 
ag Oee (10) 


This can be proved by INTEGRATION BY PARTS, 


L[F (8) = im | e ** f'(t) dt 


a—>0 


a—0 


= lim[e~**f(t)]2 + s / e=" f(t) de] 


= limle** f(a) - f0) +s | sas 


= sL[f(t)] — f (0). (11) 
Continuing for higher order derivatives then gives 
LIF" E] = LIE- sf(0) - F0) a2) 


This property can be used to transform differential equa- 
tions into algebraic equations, a procedure known as the 
HEAVISIDE CALCULUS, which can then be inverse trans- 
formed to obtain the solution. For example, applying 
the Laplace transform to the equation 


F (t) + af (t) + a0f(t) =0 (13) 
gives 


{s°L[f(t)] — sf(0) — f'(0)} + arísL[f(6)] — F(0)} 
+a0L[f(t)] =0 (14) 
Lif (t)|(s° +418 +40) —sf(0)— f'(0)—a1f(0) = 0, (15) 


which can be rearranged to 


s2? + as + ao l 


If this equation can be inverse Laplace transformed, then 
the original differential equation is solved. 
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Consider EXPONENTIATION. If L(f(t)) = F(s) for s > 
a, then £L(e* f(t)) = F(s- a) for s > a+a. 


F(s — a) = [ f(t) je = a)t aie: [ (f(t) ele —at dt 


= L(e™ f(t). (17) 


Consider INTEGRATION. If f(t) is piecewise continuous 
and |f(t)| < Me*, then 


£ | / f(t) a = LeO). (18) 


The inverse transform is known as the BROMWICH INTE- 
GRAL, or sometimes the FOURIER-MELLIN INTEGRAL. 


see also BROMWICH INTEGRAL, FOURIER-MELLIN IN- 
TEGRAL, FOURIER TRANSFORM, INTEGRAL TRANS- 
FORM, LAPLACE-STIELTJES TRANSFORM, OPERA- 
TIONAL MATHEMATICS 
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Laplacian 
The Laplacian operator for a SCALAR function @ is de- 
fined by 


ie _ 1 pie 
A nar ae Our hi Our 


O f(hih3s ð ) 0 (=> 0 )] 
cd ls 
in VECTOR notation, where the h; are the SCALE FAC- 


TORS of the coordinate system. In TENSOR notation, 
the Laplacian is written 


ag rò Od 


ga On*Oa" Ox 


= a bas (V59 Ger) a 


Vió= (g5 pia); = 


Laplacian 


where g.x is a COVARIANT DERIVATIVE and 


Ə a ə 
x — 1 uv An (Ogru , Oguu _ Oguv 
a Ce Axe mae) (3) 


The finite difference form is 
1 
Vip(e,y,2) = yzl +h,y, 2) + p(2 — h,y, 2) 


+Hp(z,y + h,2) + plc, y —h,2) +yz, y, 2 +h) 
+4(z, y, 2 h) = 6p(z, y, 2). (4) 


For a pure radial function g(r), 


Og(r). , 10g(r)¿ 1 Og(r) a 
=y | Or a 00 aa Od 4 
= = 
7 E l (5) 
Using the VECTOR DERIVATIVE identity 
V- (JA) = f(V- A) + (Vf) (A), (6) 
SO 
2 = 6 = dg -F (5) . f 
Vóg(r) = V -[Vg(r)] = Ir Y r+V aac 
_2dg  d’g 
pdr) dr?” (7) 


Therefore, for a radial POWER law, 


2 = | anes 
Vir" = nr”? + m(n—1)r"7? = 2n+n(n—-1)]r”? 
r 


= n(n + 1)r”7?. (8) 
A VECTOR Laplacian can also be defined for a VECTOR 


A by 


VWA=V(V-A)—Vx(V x A) (9) 


in vector notation. In tensor notation, A is written A,, 
and the identity becomes 


Ve An E Apr” e (9 Ausa) sn 
= 9 Fy Ayia + Gg Ante: (10) 
Similarly, a TENSOR Laplacian can be given by 


V Aug = Aug”. (11) 


An identity satisfied by the Laplacian is 


Ala" — [G<AJA*P 


2 = 
V |xA| E |xA|3 3 


(12) 


where |Al2 is the HILBERT-SCHMIDT NORM, x is a row 
VECTOR, and AT is the MATRIX TRANSPOSE of A. 


Cruise 7: oceanography and meteorology 


Ault taking off "Nansen bottle", used to 
sample deep-sea water, 1928. 


Sighting on pilot balloon with sextant and theodolite, 1929 


Pilot balloon weighing, 
prior to ascent, 1928 


Ault releasing pilot 
balloon, to measure 
upper air currents, 1928. 


Ault in diving helmet, going down to disentangle 


bottom sample wire from hull, 1929 


Carnegie Institution of Washington 


THE CARNEGIE. 
TRAGIC FIRE. 


(FROM OUR CORRESPONDENT.) 


APIA, Dec. 3, 
Two days before the research yacht Carnegie 
blue up in Apia Harbour (Western Samoa), 
lon November 29, with the loss of two lives, 


scientific party during the previous 
months were sent by mail to the United 


s ohia from a barge alongside. With- 
warning the benzine tank aft blew up, 


rope, and the Carnegie drifted was, the crew 
in the meantime having been forced to 
scramble over the bow into small boats and 
canoes. 

Several power boats came np to the burning 
ship, and. A with great auon n managed to 
manocuv“e her on to a sandbank. The Car- 
noe was describ ed as a a non-magnetic sra 


te instruments with which 


e + e sea. 
Everything sara ot y com- 
bustible. Gradually the flames a ig Phone 
after eating away the aftermast, and 


caused the yards on the foremast to tumble ! 


down ons by on e. 


Cruise 7 - tragedy 


November 29th, 1929, Apia Harbour 
(Carnegie Institution) 


“The story of individual 
endeavour and enterprise, of 
invention and accomplishment, 
cannot be told.” Captain J.P. Ault 


(August 26t", 1929) carnegie 
Institution of Washington Publication 568, 
page iii 


The Sydney Morning Herald - Dec 13*h, 1929 


FLAMES 300 FEET HIGH. 


On the tide, the Carnegie, still ag 
ppm: drifted off, and soon was in the mid- 
dle of the harbour. in mmi- 
hent danger of catching fire w yay. 
An hour and a half after he explosion oc- 
ed eo the Carn ded on the inner 


plosion, and sell Foe Ba 
tz 
pie . ‘cteware, found ‘him’ later hanging 1 


~| a semi-conscious state to the ship's side, With 


great bravery they dived overboard, and as- 
sisted him to the barge, which had broken 
part. The captain died soon after reach- 
hospital. A few days later his body was 
away States warship 

n 


g ae 
an elghteen- Ee cabin boy, is 


D O been in n the 
Gni occurred His remains were. dis- 
covered by a gy party in the wreck this 
morning. Mr. K. Sturk (chief engineer), J. 
Lindstrom (seaman), and Stenstram (me- 
chanic) were seriously burned, and twa others 
of the crew slightly burned. All were ad- 
mitted to hospital. Sturk and Stenstram 
were caught in the engine-room when the fuel 
tank took fire, and had remarkable escapes 
from death, 

None of the scientific staff was injured. 
The leader was an Englishman, Mr. Parkin- 


Otherwise 
must have been heavier, 


Continuous PG recording on Cruise 7 


Initially a sensor with continuous 
recorder was planned for the 
masthead, but became 
impractical from flexing of the 
hemp rigging. 


Site adjacent to the parasol 

collector on the stern rail used Bent collector rod used 

instead. initially, projecting out 
one Ea water lan Vertical collector 
(7" July 1928 to Nov5 installed Nov 5th 


1929) 1929. 


Collectors in amber, 
75cm above 
weatherproof wooden 
box housing fibre 
electrometer, 
microscope, light 
source, and motorised 
photographic recorder 


Cruise 7 observations 


Number of days from outset marked: red points are those days 12 18 24 
which were subsequently identified as electrically undisturbed 
hour UT 


*From Aug 7th 1928 to Nov 18th 1929 the Carnegie was on open sea for 317 days, 
yielding 181 days of continuous PG data 

5 reduction factor experiments (Kitts Point, (Maryland), Engey Island, (Reykavik), 
Bridgetown, (Barbados) Easter Island and Apia, Samoa) 


R.G. Harrison, The Carnegie Curve Surv Geophys 34, 2, 209-232, DOI: 10.1007/s10712-012-9210-2 (2013) 
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Laplacian Determinant Expansion by Minors 


To compute the LAPLACIAN of the inverse distance func- 
tion 1/r, where r = |r—r”|, and integrate the LAPLACIAN 


over a volume, 
J V? (a) Pr. (13) 
p r-ri 


This is equal to 


m 
4 
bo 
3 |= 
eal 
[ae] 
"j 
| 
m 
< 
AAT, 
<] 
3 | 
ene” 
a, 
a] 
” 
tt 
ae 
maa 
<1 
3 | =. 
See” 
E 
+) 


(14) 


[| 
Š 
>] 


where the integration is over a small SPHERE of RADIUS 
R. Now, for r > 0 and R > 0, the integral becomes 0. 
Similarly, for r = R and R > 0, the integral becomes 
—Arz. Therefore, 


y? (a) = —4rô? (r = r’), (15) 


where ô is the DELTA FUNCTION. 
see also ANTILAPLACIAN 


Laplacian Determinant Expansion by Minors 
see DETERMINANT EXPANSION BY MINORS 


Large Number 

There are a wide variety of large numbers which crop 
up in mathematics. Some are contrived, but some actu- 
ally arise in proofs. Often, it is possible to prove exis- 
tence theorems by deriving some potentially huge upper 
limit which is frequently greatly reduced in subsequent 
versions (e.g., GRAHAM’S NUMBER, KOLMOGOROV- 
ARNOLD-MOSER THEOREM, MERTENS CONJECTURE, 
SKEWES NUMBER, WANG’S CONJECTURE). 


Large decimal numbers beginning with 10° are named 
according to two mutually conflicting nomenclatures: 
the American system (in which the prefix stands for n 
in 10°°") and the British system (in which the pre- 
fix stands for n in 10°"). The following table gives the 
names assigned to various POWERS of 10 (Woolf 1982). 


Large Number 1035 
American British Power of 10 
million million 10° 
billion milliard 10° 
trillion billion 10°? 
quadrillion 107° 
quintillion trillion 107° 
sextillion 107? 
septillion quadrillion 10% 
octillion 10?” 
nonillion quintillion 109 
decillion 109 
undecillion sexillion 109 
duodecillion 10% 
tredecillion septillion 10% 
quattuordecillion 10% 
quindecillion octillion 10% 
sexdecillion 10°! 
septendecillion nonillion 1054 
octodecillion 1057 
novemdecillion decillion 10% 
vigintillion 10% 
undecillion 10% 
duodecillion 10”? 
tredecillion 10% 
quattuordecillion 10° 
quindecillion 10% 
sexdecillion 10% 
septendecillion 1019 
octodecillion 10+9 
novemdecillion 10114 
vigintillion 10779 
centillion 1098 
centillion 10400 


see also 10, ACKERMANN NUMBER, ARROW NOTATION, 
BILLION, CIRCLE NOTATION, EDDINGTON NUMBER, G- 
FUNCTION, GOBEL’S SEQUENCE, GOOGOL, GOOGOL- 
PLEX, GRAHAM’S NUMBER, HUNDRED, HYPERFACTO- 
RIAL, JUMPING CHAMPION, LAW OF TRULY LARGE 
NUMBERS, MEGA, MEGISTRON, MILLION, MONSTER 
GROUP, MOSER, n-PLEX, POWER TOWER, SKEWES 
NUMBER, SMALL NUMBER, STEINHAUS-MOSER NOTA- 
TION, STRONG LAW OF LARGE NUMBERS, SUPERFAC- 
TORIAL, THOUSAND, WEAK LAW OF LARGE NUMBERS, 
ZILLION 
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Large Prime 
see GIGANTIC PRIME, LARGE NUMBER, TITANIC PRIME 


Laspeyres” Index 
The statistical INDEX 


P= ` Pn qo 


~ Y pogo” 


where pn is the price per unit in period n and q, is the 
quantity produced in period n. 


see also INDEX 
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Latin Cross 


An irregular DODECAHEDRON CROSS in the shape of a 
dagger }. The six faces of a CUBE can be cut along seven 
EDGES and unfolded into a Latin cross (i.e., the Latin 
cross is the NET of the CUBE). Similarly, eight hyper- 
surfaces of a HYPERCUBE can be cut along 17 SQUARES 
and unfolded to form a 3-D Latin cross. 


Another cross also called the Latin cross is illustrated 
above. It is a GREEK CROSS with flared ends, and is 
also known as the crux immissa or cross patée. 


see also CROSS, DISSECTION, DODECAHEDRON, GREEK 
CROSS 


Latin Rectangle W 

A k x n Latin rectangle is a k x n MATRIX with ele- 
ments ai; € (1, 2, ..., n} such that entries in each row 
and column are distinct. If k = n, the special case of 
a LATIN SQUARE results. A normalized Latin rectangle 
has first row {1,2,...,n} and first column {1,2,...,k}. 
Let L(k,n) be the number of normalized k x n Latin 
rectangles, then the total number of k x n Latin rectan- 


gles is 
ni(n — 1)!L(k,n) 
(n — k)! 


(McKay and Rogoyski 1995), where n! is a FACTORIAL. 
Kerewala (1941) found a RECURRENCE RELATION for 


N(k,n) = 


Latin Rectangle 


L(3,n), and Athreya, Pranesachar, and Singhi (1980) 
found a summation FORMULA for L(4,n). 


The asymptotic value of L(o(n*/”),n) was found by 
Godsil and McKay (1990). The numbers of k x n Latin 
rectangles are given in the following table from McKay 
and Rogoyski (1995). The entries L(1,n) and L(n,n) 
are omitted, since 


L(1,n)=1 
L(n,n) = L(n-— 1,n), 


but L(1,1) and £(2,1) are included for clarity. The 
values of L(k,n) are given as a “wrap-around” series by 
Sloane’s A001009. 


k L(k,n) 


1 
1 
2 
2 
3 
2 
3 
4 
2 
3 
4 
5 
2 
3 36792 
4 1293216 
7 11270400 
6 16942080 
2 2119 
3 1673792 
4 420906504 
5 27206658048 
6 335390189568 
7 535281401856 
2 16687 
3 103443808 
4 207624560256 
5 112681643983776 
6 12962605404381184 
T 224382967916691456 
8 3775975 70964258816 
2 148329 
3 8154999232 
4 147174521059584 
9 746988383076286464 
6 870735405591003709440 
7 177144296983054185922560 
8 4292039421591854273003520 
9 7580721482160132811489280 


= = Aa hu Aaa pl pas 
20000000000 HOH HHH 00 00 00 00 0 00 N 21220000 09nn0o0a>haQoNej3 
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Latin Square 

An n x n Latin square is a LATIN RECTANGLE with 
k = n. Specifically, a Latin square consists of n sets 
of the numbers 1 to n arranged in such a way that no 


orthogonal (row or column) contains the same two num- - 


bers. The numbers of Latin squares of order n = 1, 2, 
. are 1, 2, 12, 576, ... (Sloane’s A002860). A pair 

of Latin squares is said to be orthogonal if the n? pairs 

formed by juxtaposing the two arrays. are all distinct. 


Two of the Latin squares of order 3 are 


3 2 1 23 1 
2 1 3 1 2 31, 
1 3 2 3 1 2 


which are orthogonal. Two of the 576 Latin squares of 
order 4 are 


Hm 0 hy e 
Wm e N 
N 40 
eS o a e 
ba 0 a 
me w e bo 
E bo me OO 
Wr N e 


A normalized, or reduced, Latin square is a Latin square 
with the first row and column given by (1,2,...,n). 
General FORMULAS for the number of normalized Latin 
squares L(n,n) are given by Nechvatal (1981), Gessel 
(1987), and Shao and Wei (1992). The total number of 
Latin squares of order n can then be computed from 


N(n,n) = nl(n — 1)!L(n,n) = nl(n — 1)!L(n-— 1,n). 


The numbers of normalized Latin square of order n = 1, 
2, ..., are 1, 1, 1, 4, 56, 9408, ... (Sloane's A000315). 
McKay and Rogoyski (1995) give the number of normal- 


ized LATIN RECTANGLES L(k,n) for n= 1, ..., 10, as 
well as estimates for L(n,n) with n = 11, 12,..., 15. 
n L(n,n) 


11 5.36 x 10% 
12 1.62 x 10*4 
13 2.51 x 10°° 
14 2.33 x 107° 
15 1.5 x 108° 


Latitude 1037 


see also EULER SQUARE, KIRKMAN TRIPLE SYSTEM, 
PARTIAL LATIN SQUARE, QUASIGROUP 
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Latin-Graeco Square 
see EULER SQUARE 


Latitude 

The latitude of a point on a SPHERE is the elevation 
of the point from the PLANE of the equator. The lat- 
itude 6 is related to the COLATITUDE (the polar angle 
in SPHERICAL COORDINATES) by 6 = $ — 90°. More 
generally, the latitude of a point on an ELLIPSOID is the 
ANGLE between a LINE PERPENDICULAR to the surface 
of the ELLIPSOID at the given point and the PLANE of 
the equator (Snyder 1987). 


The equator therefore has latitude 0°, and the north and 
south poles have latitude +90°, respectively. Latitude is 
also called GEOGRAPHIC LATITUDE or GEODETIC LAT- 
ITUDE in order to distinguish it from several subtly dif- 
ferent varieties of AUXILIARY LATITUDES. 


The shortest distance between any two points on a 
SPHERE is the so-called GREAT CIRCLE distance, which 
can be directly computed from the latitudes and LON- 
GITUDES of the two points. 

see also AUXILIARY LATITUDE, COLATITUDE, CONFOR- 


MAL LATITUDE, GREAT CIRCLE, ISOMETRIC LATITUDE, 
LATITUDE, LONGITUDE, SPHERICAL COORDINATES 
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Lattice 

A lattice is a system K such that VÁ € K, A C A, 
and if AC B and B C A, then A = B, where = here 
means “is included in.” Lattices offer a natural way 
to formalize and study the ordering of objects using a 
general concept known as the POSET (partially ordered 
set). The study of lattices is called LATTICE THEORY. 
Note that this type of lattice is an abstraction of the 
regular array of points known as LATTICE POINTS. 


The following inequalities hold for any lattice: 
(LAY)V (Az) <zrA(yvz) 
V(yAz)<(e vy A (zvV z) 

< (1Vy)A(yV 2) A 


(x A z)) 


(Gratzer 1971, p. 35). The first three are the distributive 
inequalities, and the last is the modular identity. 


(ZA 2) (z V 2) 


(TAY)V(YyAz) V 
(LAY) V (Az) <rnAlyv 


see also DISTRIBUTIVE LATTICE, INTEGRATION LAT- 
TICE, LATTICE THEORY, MODULAR LATTICE, TORIC 
VARIETY 
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Lattice Algebraic System 
A generalization of the concept of set unions and inter- 
sections. 


Lattice Animal 

A distinct (including reflections and rotations) arrange- 
ment of adjacent squares on a grid, also called fixed 
POLYOMINOES. 


see also PERCOLATION THEORY, POLYOMINO 


Lattice Distribution 

A DISCRETE DISTRIBUTION of a random variable such 
that every possible value can be represented in the form 
a + bn, where a,b Æ 0 and n is an INTEGER. 
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Lattice Graph 


n 
The lattice graph with n nodes on a side is denoted L(n). 
see also TRIANGULAR GRAPH 


Lattice Point 


Lattice Groups 

In the plane, there are 17 lattice groups, eight of which 
are pure translation. In RŽ, there are 32 POINT GROUPS 
and 230 SPACE GROUPS. In Rt, there are 4783 space 
lattice groups. 


see also POINT GROUPS, SPACE GROUPS, WALLPAPER 
GROUPS 


Lattice Path 

A path composed of connected horizontal and vertical 
line segments, each passing between adjacent LATTICE 
Points. A lattice path is therefore a SEQUENCE of 
points Po, Pi, ..., Pa with n > 0 such that each P; 
is a LATTICE POINT and P;+ı is obtained by offsetting 
one unit east (or west) or one unit north (or south). 


The number of paths of length a + b from the ORI- 
GIN (0,0) to a point (a,b) which are restricted to east 
and north steps is given by the BINOMIAL COEFFICIENT 
ca) 

see also BALLOT PROBLEM, GOLYGON, KINGS PROB- 
LEM, LATTICE POINT, p-GOOD PATH, RANDOM WALK 
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Lattice Point 


A POINT at the intersection of two or more grid lines ina 
ruled array. (The array of grid lines could be oriented to 
form unit cells in the shape of a square, rectangle, hex- 


agon, etc.) However, unless otherwise specified, lattice 


points are generally taken to refer to points in a square 
array, i.e., points with coordinates (m,n,...), where m, 
n,... are INTEGERS. 


An n-D Z[w]-lattice Ln lattice can be formally defined 
as a free Z[w|- MODULE in complex n-D space C”. 


The FRACTION of lattice points VISIBLE from the ORI- 
GIN, as derived in Castellanos (1988, pp. 155-156), is 
E T O Ole) ) B 6 


N'(r) _ 25r? + O(rlnr) E lnr 
Tro ) qe 


N(r) 4r+0(r) 


Therefore, this is also the probability that two randomly 
picked integers will be RELATIVELY PRIME to one an- 
other. 


For 2 < n < 32, it is possible to select 2n lattice points 
with x,y € [1,n] such that no three are in a straight 


Lattice Reduction 


LINE. The number of distinct solutions (not counting 
reflections and rotations) for n = 1, 2, ..., are 1, 1, 4, 
5, 11, 22, 57, 51, 156 ... (Sloane's A000769). For large 
n, it is conjectured that it is only possible to select at 
most (c + e)n lattice points with no three COLLINEAR, 


where 
c = (2n?/3)'/? = 1.85 


(Guy and Kelly 1968; Guy 1994, p. 242). The num- 
ber of the n” lattice points x,y € [1,n] which can be 
picked with no four CONCYCLIC is O(n?” — e) (Guy 
1994, p. 241). 


A special set of POLYGONS defined on the regular lat- 
tice are the GOLYGONS. A NECESSARY and SUFFICIENT 
condition that a linear transformation transforms a lat- 
tice to itself is that it be UNIMODULAR. M. Ajtai has 
shown that there is no efficient ALGORITHM for find- 
ing any fraction of a set of spanning vectors in a lattice 
having the shortest lengths unless there is an efficient al- 
gorithm for all of them (of which none is known). This 
result has potential applications to cryptography and 
authentication (Cipra 1996). 


see also BARNES- WALL LATTICE, BLICHFELDT’S THEO- 
REM, BROWKIN’S THEOREM, CIRCLE LATTICE POINTS, 
COXETER-TODD LATTICE, EHRHART POLYNOMIAL, 
GAUSS’S CIRCLE PROBLEM, GOLYGON, INTEGRA- 
TION LATTICE, JARNICK’S INEQUALITY, LATTICE 
PATH, LATTICE SUM, LEECH LATTICE, MINKOWSKI 
CONVEX BODY THEOREM, MODULAR LATTICE, N- 
CLUSTER, NOSARZEWSKA’S INEQUALITY, PICK’S THE- 
OREM, POSET, RANDOM WALK, SCHINZEL’S THEOREM, 
SCHRODER NUMBER, VISIBLE POINT, VORONOI POLY- 
GON 
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Lattice Reduction 

The process finding a reduced set of basis vectors 
for a given LATTICE having certain special proper- 
ties. Lattice reduction is implemented in Mathematica® 
(Wolfram Research, Champaign, IL) using the function 
LatticeReduce. Lattice reduction algorithms are used 
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in a number of modern number theoretical applications, 
including in the discovery of a SPIGOT ALGORITHM for 
PI. 


see also INTEGER RELATION, PSLQ ALGORITHM 


Lattice Sum 
Cubic lattice sums include the following: 


bo(2s) = = ia i+ (1) 
7 a (—1)iti+e 
b3 (2s) = Pe GET: E ni k2)s (2) 


l O E ETES, 3 
tte 8 


Kk1,-+¿kn=-00 


bn. (25) 


where the prime indicates that summation over (0, 0, 0) 
is excluded. As shown in Borwein and Borwein (1987, 
pp. 288-301), these have closed forms for even n 


b2(2s) = —48(s)n(s) (4) 
ba(2s) = —8n(s)n(s — 1) (5) 
bg(2s) = —16¢(s)n(s — 3), for Ris] > 1 (6) 


where B(2) is the DIRICHLET BETA FUNCTION, 7(z) is 
the DIRICHLET ETA FUNCTION, and ¢(z) is the RIE- 
MANN ZETA FUNCTION. The lattice sums evaluated 
at s = 1 are called the MADELUNG CONSTANTS. Bor- 
wein and Borwein (1986) prove that bg (2) converges (the 
closed form for bg(2s) above does not apply for s = 1), 
but its value has not been computed. 


For hexagonal sums, Borwein and Borwein (1987, 


p. 292) give 


oO 


he(2s) = 5 y 


| DO sin[(m + 1)9] — sin(n@) sin[(m — 1)6] 
[(n + $m)? + 3(¿m)?]' 
(7) 


sin[(n + 


where 0 = 27/3. This MADELUNG CONSTANT is expres- 
sible in closed form for s = 1 as 


ho(2) = rIn3V3. (8) 


see also BENSON’S FORMULA, MADELUNG CONSTANTS 
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Lattice Theory 

Lattice theory is the study of sets of objects known as 

LATTICES. It is an outgrowth of the study of BOOLEAN 

ALGEBRAS, and provides a framework for unifying the 

study of classes or ordered sets in mathematics. Its 

study was given a great boost by a series of papers and 

subsequent textbook written by Birkhoff (1967). 

see also LATTICE 
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Latus Rectum 
Twice the SEMILATUS RECTUM. 


see also PARABOLA 


Laurent Polynomial 

A Laurent polynomial with COEFFICIENTS in the FIELD 
F is an algebraic object that is typically expressed in the 
form 


PU A Giga at? daa 
a_t} + ao +ait +... 


sF ant 
+anti+..., 


where the a; are elements of F, and only finitely many 
of the a; are NONZERO. A Laurent polynomial is an al- 
gebraic object in the sense that it is treated as a POLY- 
NOMIAL except that the indeterminant “t” can also have 
NEGATIVE POWERS. 


Expressed more precisely, the collection of Laurent poly- 
nomials with COEFFICIENTS in a FIELD F form a RING, 
denoted Fl[t,t7*], with RING operations given by com- 
ponentwise addition and multiplication according to the 


relation 
at” pe” = abt™™™ 


for all n and m in the INTEGERS. Formally, this is equiv- 
alent to saying that F{¢,t~*] is the GROUP RING of the 
INTEGERS and the FIELD F. This corresponds to FE] 
(the POLYNOMIAL ring in one variable for F) being the 
GROUP RING or MONOID ring for the MONOID of natu- 
ral numbers and the FIELD F. 


see also POLYNOMIAL 
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Laurent Series 


Laurent Series 


Cı 

Let there be two circular contours Cz and C1, with the 
radius of Cı larger than that of C2. Let zo be interior to 
Cı and C2, and z be between C and C2. Now create a 
cut line Ce between C1 and C2, and integrate around the 
path C = C1 +Ce — C2 — Ce, so that the plus and minus 
contributions of Ce cancel one another, as illustrated 
above. From the CAUCHY INTEGRAL FORMULA, 


1 z’ ; 
MR DE a 
C 
= ‘es Hz) dz + as Fle) d j 
2111 C, z= Z 2711 O. z! — 2 
El Tey gs 
272 Co yey) 271 C. go 2 
TEA f(z) P ee Fe) ay (1) 
272 C1 z — z 271 Ca 2=2 


Now, since contributions from the cut line in opposite 
directions cancel out, 


= ay, f(z’) y 
f(z) a 2711 Ci (2 = Zo) = (z = aye 
_ Y f(z’) 
2nt Jo, (2 — zo) — (2 - Aye 
— 1 f(z’) ! 
mt Jo, (2 — zo) (1- Z) K 
ae — e) y : 
271 c, (z — zo) (EZ - 1) : 
= iL. ies eet de 
2ni (z! — zo) (1 — (e — 20) (1- 222) 
AJ oN AE 
NE A z (2) 


For the first integral, |z’ — zo| > |z — zo|. For the second, 
jz’ — zo] < |z — zo|. Now use the TAYLOR EXPANSION 
(valid for |t| < 1) 


=> $ (3) 


Laurent Series 


to obtain 


where the second term has been re-indexed. Re-indexing 
again, 


fle) = 77 020)" a 
n=0 C1 j 
—1 ; 
oi — (== 20) E A z. (5) 


Now, use the CAUCHY INTEGRAL THEOREM, which re- 
quires that any CONTOUR INTEGRAL of a function which 
encloses no POLES has value 0. But 1/(z’ — z0)”*? is 
never singular inside Cz for n > 0, and 1/(z' — z0)”*? is 
never singular inside C4 for n < —1. Similarly, there are 
no POLES in the closed cut Ce — Ce. We can therefore 
replace Cı and C% in the above integrals by C without 
altering their values, so 


= , f(z’) i 
1) = 36-20 | ¿mk 
+ an Le = o f E a 
= 1 = = n f(z’) ! 
= Oni a Zo) | (2 zy)? dz 
= Y anlz— zo)" (6) 


The only requirement on C is that it encloses z, so we are 
free to choose any contour y that does so. The RESIDUES 
ân are therefore defined by 
1 i 
f(z ) f (7) 


= — A 
Un oni E (2! _ zo) T zZ 
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see also MACLAURIN SERIES, RESIDUE (COMPLEX 
ANALYSIS), TAYLOR SERIES 
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Law 

A law is a mathematical statement which always holds 
true. Whereas “laws” in physics are generally exper- 
imental observations backed up by theoretical under- 
pinning, laws in mathematics are generally THEOREMS 
which can formally be proven true under the stated con- 
ditions. However, the term is also sometimes used in the 
sense of an empirical observation, e.g., BENFORD’S LAW. 


see also ABSORPTION LAW, BENFORD’S Law, CoN- 
TRADICTION LAW, DE MORGAN’S DUALITY LAW, DE 
MORGAN’S LAWS, ELLIPTIC CURVE GROUP LAW, EX- 
CLUDED MIDDLE LAw, EXPONENT LAWS, GIRKO’S CIR- 
CULAR LAW, LAW OF COSINES, LAW OF SINES, LAW OF 
TANGENTS, LAW OF TRULY LARGE NUMBERS, MOR- 
RIE’S LAW, PARALLELOGRAM LAW, PLATEAU’S LAWS, 
QUADRATIC RECIPROCITY LAW, STRONG LAW OF 
LARGE NUMBERS, STRONG LAW OF SMALL NUMBERS, 
SYLVESTER’S INERTIA LAW, TRICHOTOMY LAW, VEC- 
TOR TRANSFORMATION LAW, WEAK LAW OF LARGE 
NUMBERS, ZIPF’S LAW 


Law of Anomalous Numbers 
see BENFORD’S LAW 


Law of Cancellation 
see CANCELLATION LAW 


Law of Cosines 


Let a, b, and c be the lengths of the legs of a TRIANGLE 
opposite ANGLES A, B, and C. Then the law of cosines 


states 
c =a’ +b? — 2abcosC. (1) 


This law can be derived in a number of ways. The def- 

inition of the DOT PRODUCT incorporates the law of 

cosines, so that the length of the VECTOR from X to Y 
is given by 

Ix — Y[? = (X- Y) (X — Y) (2) 

=X-X-2X-Y+Y-Y (3) 

= |X|? +Y]? — 2/X]|Y|cos0, (4) 
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where 0 is the ANGLE between X and Y. 


B 
b-a cos C acos C 


e—a ——____> 
The formula can also be derived using a little geometry 
and simple algebra. From the above diagram, 


e = (asin CY + (b — a cos Cy 
a? sin? c + b? — 2ab cos C +a’ cos? C 


= a? + b’ — 2ab cos C. (5) 


The law of cosines for the sides of a SPHERICAL TRIAN- 
GLE states that 


cosa = cos b cos c + sin b sin c cos A (6) 
cosb = cos ccosa + sin csin a cos B (7) 
cosc = cosa cosb + sin a sin b cos C (8) 
(Beyer 1987). The law of cosines for the angles of a 


SPHERICAL TRIANGLE states that 


cos Á = — cos B cos Č + sin B sin Č cos a (9) 
cos B = — cos C cos A + sin C sin Acosb (10) 
cos C = — cos Acos B + sin Asin Bcose (11) 


(Beyer 1987). 
see also LAW OF SINES, LAW OF TANGENTS 
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Law of Large Numbers 


see LAW OF TRULY LARGE NUMBERS, STRONG LAW OF 
LARGE NUMBERS, WEAK LAW OF LARGE NUMBERS 


Law of Sines 


Law of Tangents 


Let a, b, and c be the lengths of the LEGS of a TRIANGLE 
opposite ANGLES A, B, and C. Then the law of sines 
states that 


a b PES as 

snA sinB sn ~ 

where R is the radius of the CIRCUMCIRCLE. Other 
related results include the identities 


2R, (1) 


a(sin B — sin C) + b(sin C — sin A) + c(sin A — sin B) = 0 
(2) 
a = bcos C + c cos B, (3) 

the LAW OF COSINES 


3 2 2 
ec’ + 6* -—a 

hes 2 4 

cos be (4) 


and the LAW OF TANGENTS 


a+b tan[3(A+B)| 


a=b tan[3(A— B)] (5) 


The law of sines for oblique SPHERICAL TRIANGLES 
states that 


sina sinb _ sinc (6) 
sinA sinB  sinC’ 
see also LAW OF COSINES, LAW OF TANGENTS 
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Law of Small Numbers 
see STRONG LAW OF SMALL NUMBERS 


Law of Tangents 

Let a TRIANGLE have sides of lengths a, b, and c and let 
the ANGLES opposite these sides by A, B, and C. The 
law of tangents states 


An analogous result for oblique SPHERICAL TRIANGLES 


states that 

(a—b)] _ tan[4(A - B) 
1 
2 


tan[i(a+b)]  tan[i(4A+B)] 


tan| 


tw [m | bole 


see also LAW OF COSINES, LAW OF SINES 
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Law of Truly Large Numbers 

With a large enough sample, any outrageous thing is 
likely to happen (Diaconis and Mosteller 1989). Little- 
wood (1953) considered an event which occurs one in 
a million times to be “surprising.” Taking this defini- 
tion, close to 100,000 surprising events are “expected” 
each year in the United States alone and, in the world 
at large, “we can be absolutely sure that we will see 
incredibly remarkable events” (Diaconis and Mosteller 
1989). 


see also COINCIDENCE, STRONG LAW OF LARGE NUM- 
BERS, STRONG LAW OF SMALL NUMBERS, WEAK LAW 
OF LARGE NUMBERS 
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Lax-Milgram Theorem 

Let ¢ be a bounded COERCIVE bilinear FUNCTIONAL 
on a HILBERT SPACE H. Then for every bounded linear 
FUNCTIONAL f on H, there exists a unique z+ € H such 
that 


f(z) = plx, zs) 
for alze H. 
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Lax Pair 

A pair of linear OPERATORS L and A associated with 
a given PARTIAL DIFFERENTIAL EQUATION which can 
be used to solve the equation. However, it turns out 
to be very difficult to find the L and A corresponding 
to a given equation, so it is actually simpler to postu- 
late a given L and A and determine to which PARTIAL 
DIFFERENTIAL EQUATION they correspond (Infeld and 
Rowlands 1990). 


see also PARTIAL DIFFERENTIAL EQUATION 
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Layer 
see p-LAYER 
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Le Cam’s Identity 
Let S, be the sum of n random variates X; with a BER- 
NOULLI DISTRIBUTION with P(X; = 1) = p;. Then 


where 


see also BERNOULLI DISTRIBUTION 
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Leading Digit Phenomenon 
see BENFORD’S LAW 


Leading Order Analysis 

A procedure for determining the behavior of an nth or- 
der ORDINARY DIFFERENTIAL EQUATION at a REMOV- 
ABLE SINGULARITY without actually solving the equa- 
tion. Consider 


d”y dr=ty dy 
A DN E a 1 
? da" } ( ) 


den—1 7 


where F is ANALYTIC in z and rational in its other ar- 
guments. Proceed by making the substitution 


y(z) = a(z — 20)” (2) 
with a < 1. For example, in the equation 


dy 2 
—= = Á 3 
qa = Oy + Ay, (3) 


making the substitution gives 
ao(a—1M2=20)? = 60 (2-20) "+ Aalaz—z0)*. (4) 


The most singular terms (those with the most NEGATIVE 
exponents) are called the “dominant balance terms,” 
and must balance exponents and COEFFICIENTS at the 
SINGULARITY. Here, the first two terms are dominant, 
so 


a — 2 = 2a > a = —2?2 (5) 
6a = 60 >a = 1, (6) 
and the solution behaves as y(z) = (z — 20)”?. The 


behavior in the NEIGHBORHOOD of the SINGULARITY is 
given by expansion in a LAURENT SERIES, in this case, 


y(z) = Y as(z- zo)’. (7) 


j=0 
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Plugging this series in yields 


j=0 
=6) J ajar(220)** AD asle-20) 2. (8) 
j=0 k=0 7=0 


This gives RECURRENCE RELATIONS, in this case with 
ag arbitrary, so the (z— zo)? term is called the resonance 
or KOVALEVSKAYA EXPONENT. At the resonances, the 
COEFFICIENT will always be arbitrary. If no resonance 
term is present, the POLE present is not ordinary, and 
the solution must be investigated using a PSI FUNCTION, 


see also PSI FUNCTION 
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Leaf (Foliation) 

Let M” be an n-MANIFOLD and let F = {Fa} denote 
a PARTITION of M into DISJOINT path-connected SUB- 
SETS. Then if F is a FOLIATION of M, each Fa is called 
a leaf and is not necessarily closed or compact. 


see also FOLIATION 
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Leaf (Tree) 
An unconnected end of a TREE. 


see also BRANCH, CHILD, FORK, ROOT (TREE), TREE 


Leakage 
see ALIASING 


Least Bound 
see SUPREMUM 


Least Common Multiple 

The least common multiple of two numbers nı and na 
is denoted LCM(ni, 2) or [n1, n2] and can be obtained 
by finding the PRIME factorization of each 


My = py s+ pa" (1) 


ne = p1 Pr”, (2) 


where the p;s are all PRIME FACTORS of n and nz, and 
if p; does not occur in one factorization, then the corre- 
sponding exponent is 0. The least common multiple is 
then 


LCM(ni, n2) == [ni n2] = Liar eee (3) 
i=l 


Least Common Multiple 


Let m be a common multiple of a and b so that 
m = ha = kb. | (4) 


Write a = ai(a,b) and b = bi(a,b), where a; and bı 
are RELATIVELY PRIME by definition of the GREATEST 
COMMON DIVISOR (a1,b1) = 1. Then hai = kbı, and 
from the DIVISION LEMMA (given that haz is DIVISIBLE 
by b and (b1,a1) = 0), we have h is DIVISIBLE by bı, so 


h = nb, (5) 
m = ha = nbia = ny (6) 
The smallest m is given by n = 1, 
COM Ge (7) 
"2 GCD(a, b)’ 
so 
GCD(a,b) LCM(a, b) = ab (8) 
(a, b)[a, b] = ab. (9) 
The LCM is IDEMPOTENT 
la, a] = a, (10) 
COMMUTATIVE 
la, b] = [b,a], (11) 
ASSOCIATIVE 
[a, b, c! = (a, b], c] = la, lb, ell; (12) 
DISTRIBUTIVE 
[ma, mb, mc] = mía, b, c), (13) 
and satisfies the ABSORPTION LAW 
(a, [a, b]) = a. (14) 


It is also true that 


[ma, mb] = cello m au 


(ma,mb) (a,b) 


= ma, bl. (15) 


see also GREATEST COMMON DIVISOR, MANGOLDT 
FUNCTION, RELATIVELY PRIME 
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GEC explanation of the Carnegie curve 


ecorrected to GMT (UTC), the PG diurnal variation timing was independent of the Radiowave confirmation of conducting layers 


ship's location, implying a global origin elf upper and lower spherical layers exist, they would provide a resonant cavity for 


eThunderstorm data (“thunderdays”) compiled from global meteorological stations to electromagnetic waves, such as those excited by lightning discharges 


investigate this eSchumann (1952) predicted that, for two concentric conducting spheres, the 


Carnegie Annual thunderdays Schumann resonance frequency would be 


— Asia & Australia 
- - Africa & Europe 
= - America 


= C PA A 
= Comedie (%) DIR- n(n + 1) 
TU 


E 


f, is predicted to be in where c is the speed of light, R; 
the ELF at about 8Hz — the radius of the earth and n 
this was found by Balser the mode number 

and Wagner (1962) at 
7.8Hz 


100 120 


80 


land thunder area, ( 10° km?) 
20 40 60 


hour UT hour UT 
hour UT 


, : Small signal: 
eWhipple and Scrase (1936) found the phase of the Carnegie curve agreed 


closely with that of the global hourly thunderstorm area E “300uV m+ 


See also: R.G. Harrison, Behind the curve: a comparison of historical sources for the Carnegie curve of the global B ~pT 
atmospheric electric circuit, Hist. Geo Space Sci 11, 207-213, 2020 https://hgss.copernicus.org/articles/11/207/2020/ 


Corroboration of upper equipotential GEC resolves long standing question - origin of “fair weather field” 
If there is an equipotential upper layer, the potential should be similar at different 


locations Current flows vertically in the fair weather 


. . ; ; atmosphere due to the global circuit... 
Simultaneous soundings from Weissenau (Germany) and the research ship Meteor 


in the Atlantic showed this fair weather 
+250kV 
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— —Meteor conduction current 
— Weissenau density J, related 
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lonospheric Potential V, ( 


precipitation by Ohms Law: J =o 
March 1969 | April 1969 point curre E 


z 
+ day of mo fanning D staan surface field 
= 
Earth's surface CO 
eMuelheisen R.P. 1971. New determination of the air-earth current over the ocean and measurements of ionospheric potentials. 
PAGEOPH 84, 112-115 R.G. Harrison, K.A. Nicoll, M.H.P. Ambaum, On the microphysical effects of 


observed cloud edge charging Quart Jour Roy Meteorol Soc 141, 2690-2699, 
¢Budyko, M.I., 1970. Results of observations of atmospheric electricity (The World Network, Additional Issue 1965-1969). USSR 35 dojr10.1002/qj.2554 (2015) 
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Least Deficient Number 


Least Deficient Number 
A number for which 


a(n) = 2n — 1. 


All POWERS of 2 are least deficient numbers. 
see also DEFICIENT NUMBER, QUASIPERFECT NUMBER 


Least Period 

The smallest n for which a point zo is a PERIODIC POINT 
of a function f so that f”(x0) = to. For example, for 
the FUNCTION f(x) = —zx, all points x have period 2 
(including z = 0). However, x = 0 has a least period 
of 1. The analogous concept exists for a PERIODIC SE- 
QUENCE, but not for a PERIODIC FUNCTION. The least 
period is also called the EXACT PERIOD. 


Least Prime Factor 


20 40 60 80 100 

For an INTEGER n > 2, let lpf(x) denote the LEAST 
PRIME FACTOR of n, i.e., the number pı in the factor- 
ization 

n= py epp" 
with p; < p; for i < j. For n = 2, 3, ..., the first 
few are 28,24 O 23 fy 25 o, 25. HA 2r LO ly y ee 
(Sloane’s A020639). The above plot of the least prime 
factor function can be seen to resemble a jagged terrain 
of mountains, which leads to the appellation of “TWIN 


PEAKS” to a PAIR of INTEGERS (2, y) such that 
l. zr<y, 

2. Ipf(x) = lpf (y), 

3. For all z, x < z < y IMPLIES Ipf(z) < Ipf(z). 


The least multiple prime factors for SQUAREFUL integers 
are 2, 2, 3, 2, 2, 3, 2, 2, 5, 3, 2, 2, 2, ... (Sloane's 
A046027). 


see also ALLADI-GRINSTEAD CONSTANT, DISTINCT 
PRIME FACTORS, ERDOS-SELFRIDGE FUNCTION, FAC- 
TOR, GREATEST PRIME FACTOR, LEAST COMMON 
MULTIPLE, MANGOLDT FUNCTION, PRIME FACTORS, 
TWIN PEAKS 
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Least Squares Fitting 


A mathematical procedure for finding the best fitting 
curve to a given set of points by minimizing the sum of 
the squares of the offsets (“the residuals”) of the points 
from the curve. The sum of the squares of the offsets 
is used instead of the offset absolute values because this 
allows the residuals to be treated as a continuous dif- 
ferentiable quantity. However, because squares of the 
offsets are used, outlying points can have a dispropor- 
tionate effect on the fit, a property which may or may 
not be desirable depending on the problem at hand. 


perpendicular offsets 


vertical offsets 
In practice, the vertical offsets from a line are almost 
always minimized instead of the perpendicular offsets. 
This allows uncertainties of the data points along the zx- 
and y-axes to be incorporated simply, and also provides 
a much simpler analytic form for the fitting parameters 
than would be obtained using a fit based on perpendic- 
ular distances. In addition, the fitting technique can be 
easily generalized from a best-fit line to a best-fit poly- 
nomial when sums of vertical distances are used (which 
is not the case using perpendicular distances). For a 
reasonable number of noisy data points, the difference 
between vertical and perpendicular fits is quite small. 


The linear least squares fitting technique is the simplest 
and most commonly applied form of LINEAR REGRES- 
SION and provides a solution to the problem of finding 
the best fitting straight line through a set of points. In 
fact, if the functional relationship between the two quan- 
tities being graphed is known to within additive or mul- 
tiplicative constants, it is common practice to transform 
the data in such a way that the resulting line is a straight 
line, say by plotting T vs. Vf instead of t vs. £. For this 
reason, standard forms for EXPONENTIAL, LOGARITH- 
MIC, and POWER laws are often explicitly computed. 
The formulas for linear least squares fitting were inde- 
pendently derived by Gauss and Legendre. 


For NONLINEAR LEAST SQUARES FITTING to a number 
of unknown parameters, linear least squares fitting may 
be applied iteratively to a linearized form of the func- 
tion until convergence is achieved. Depending on the 
type of fit and initial parameters chosen, the nonlinear 
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_ fit may have good or poor convergence properties. If un- 
certainties (in the most general case, error ellipses) are 
given for the points, points can be weighted differently 
in order to give the high-quality points more weight. 


The residuals of the best-fit line for a set of n points 
using unsquared perpendicular distances d; of points 
(£i, yi) are given by 


Ry = we. (1) 
t= 1 


Since the perpendicular distance from a line y = a + bx 
to point 2 is given by 


|y: — (a + bzi)| 
d;i = ———=—, 2 
v1 +b? 2) 


the function to be minimized is 
i — (a + ba; 
Be y ly; — Iv: — (a + bz:)| 


l V1 +b? si 


Unfortunately, because the absolute value function does 
not have continuous derivatives, minimizing R1 is not 
amenable to analytic solution. However, if the square of 
the perpendicular distances 


2 e [yi — (a + bz:)]? 
R = Pee nr O 


tol 


(4) 


is minimized instead, the problem can be solved in closed 
form. R? is a minimum when (suppressing the indices) 


2 a + Y ly - (a+b2)(-1)=0 (5) 
and 
ORL 2 ly (at ba)|(-2) 
> enc) o 


The former gives 


eee (7) 


and the latter 


(14+0*) Y y- 


But 


(a+bz)]° 


(a+bx)! Ja +) ly- 


[y — (a+ ba))]? = y — 2(a + bz)y + (a + bz)? 
= y? — 2ay — 2bxy + a° + 2abz + b?x?, (9) 


Least Squares Fitting 


so (8) becomes 


(1 +0? ¡(Na Ye Ya a) 
+b (Ny —2aS y-2) 2y+a Y 1 
+2ab Y 72 +0 $2”) =0 (10) 


(140) (a) + b?) Y 2? + [(1 + 67) - 267] Say 


+5 Y y? + {-a(1 +8") + 2ab"] Y 2-—2ab Y y 


+ba? Y 1=0 (11) 


Y r+ (1-0) X 2y+0) y +a(0* -1) Soa 


-2ab Y y+ban=0. (12) 
Plugging (7) into (12) then gives 
y 7 +(1-0)) 2y+bd y 
+o —1) (4-5) =) Yo 
(Dr) Er 1) 
=0 


(13) 


After a fair bit of algebra, the result is 


a EA, 
ehy- ay o 
(14) 
So define 
1 EX- ¿(29 - [0 --: (23 
2 A ee Ty 
= 1 y — ng’) — (O) 2 — nz") (15) 
2 ný z$ y— ry 


and the QUADRATIC FORMULA gives 


b= -B + y B? +1, (16) 
with a found using (7). Note the rather unwieldy form of 
the best-fit parameters in the formulation. In addition, 
minimizing R? for a second- or higher-order POLYNOM- 
IAL leads to polynomial equations having higher order, 
so this formulation cannot be extended. 


Vertical least squares fitting proceeds by finding the sum 
of the squares of the vertical deviations R? of a set of n 
data points | 


R* = > Ty = 


f(@i,@1,@2,...,@n)]° (17) 


Least Squares Fitting 


from a function f. Note that this procedure does not 
minimize the actual deviations from the line (which 
would be measured perpendicular to the given function). 
In addition, although the unsquared sum of distances 
might seem a more appropriate quantity to minimize, 
use of the absolute value results in discontinuous deriva- 
tives which cannot be treated analytically. The square 
deviations from each point are therefore summed, and 
the resulting residual is then minimized to find the best 
fit line. This procedure results in outlying points being 
given disproportionately large weighting. 


The condition for R? to be a minimum is that 


a, 25 (18) 
fori = 1,..., n. For a linear fit, 
f(a, b) = a + bz, | (19) 
so n 
R? (a,b) = Y [ys — (a + bz:)]? (20) 
i=1 


T) V= _9 2 — (a+ bzi} = 0 (21) 


These lead to the equations 


na+b z=) y (23) 
aX 24) a =) ay, (24) 


where the subscripts have been dropped for conciseness. 
In MATRIX form, | 


AIDA 


dls ETE e 


The 2 x 2 MATRIX INVERSE is 


He ee ene ee, 


(27) 


sO 
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SO 


a= PRP i O (28) 
ny r= (0 z) 
pe IA, (30) 
n*o r? — (Zz) 
= J y-n 


DEA ee 


(Kenney and Keeping 1962). These can be rewritten in 
a simpler form by defining the sums of squares 


soa Ye —- 2) = (> r’ — na?) (32) 
SSyy = Yu - y) = 03 y — ng) (33) 
Sey = Ye - 8)(y— 9) = (Ney nap). (34) 


which are also written as 


0% = SSez (35) 
o; ʻ (36) 
cov(z, Y) = SSzy. (37) 


Here, cov(x, y) is the COVARIANCE and o? and a? are 


variances. Note that the quantities Y xy and > z” can 
also be interpreted as the DOT PRODUCTS 


Soa? =x-x (38) 


Sy =x-y. (39) 


In terms of the sums of squares, the REGRESSION Co- 
EFFICIENT b is given by 


, 
Tn" SSzzx 


p — “ov[c,y) _ SSey (40) 


and a is given in terms of b using (24) as 
a = Y — bz. (41) 


The overall quality of the fit is then parameterized in 
terms of a quantity known as the CORRELATION COEF- 
FICIENT, defined by 


2 
2 55 
E O) (42) 
SS225Syy 


which gives the proportion of ssy, which is accounted 
for by the regression. 
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The STANDARD ERRORS for a and b are 


(43) 


SE(b) = ==. (44) 


Let 4; be the vertical coordinate of the best-fit line with 
x-coordinate x;, SO 


Yi =a+ bti, (45) 


then the error between the actual vertical point y; and 
the fitted point is given by 


€i = Yi — Yi. (46) 


Now define s? as an estimator for the variance in ez, 


ae 2 
2 e; 
— f 4T 


Then s can be given by 


(Acton 1966, pp. 32-35; Gonick and Smith 1993, 
pp. 202-204). 


Generalizing from a straight line (i.e., first degree poly- 
nomial) to a kth degree POLYNOMIAL 


y=agtaet...ta,2", (49) 


the residual is given by 


Te 
RS Sly —(ao + 010; Fatani N. (50) 


¿=1 


The PARTIAL DERIVATIVES (again dropping super- 
scripts) are 


ae ==2 Y ly = (ag + ait pt ay2")] = 0 (51) 
AR) — -2 Y [y- (ao +a12+...+apr")le = 0 (52) 
AE] = —2 X ` [y—(ao+a z+.. .+apz")]z = 0. (53) 


These lead to the equations 


aonta s+... +a > a => y (54) 
ao rad 2? +...+a% > ar =D (55) 
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ao y 2 +a, y is E A E qe = y xy (56) 


or, in MATRIX form 


Q 
o 


n DE: Er >y 
Ne a y a X Ty 


8 .. 


k Y aky 


(57) 


Nat y „k+ Y 2h 


This is a VANDERMONDE MATRIX. We can also obtain 
the MATRIX for a least squares fit by writing 


1 zi 21 ao Yi 
l za £2 Qi Y2 
= | |. (58) 
1 k 
Tn ene Tn Ak Un 


Premultiplying both sides by the ‘TRANSPOSE of the first 
MATRIX then gives 


1 1 1 1 2 rı” ao 
Ti T» Ta 1 zo to" 41 
gı” £2 ">. En” E- Eo Ln” Qk 

1 1 1 Yi 

ti «£3 cs En Y2 

= ; (59) 
k k k 
T1 T2 n.a Tn Un 


SO 


q” a 
> preti a 


Y 
> ry 


n Soa 
JE E 


"a ò 


Naty 


(60) 


Y gr Y anti y en An 


As before, given m points (x;, y;) and fitting with POLY- 


NOMIAL COEFFICIENTS ao, ..., Qn gives 
Yi loma mm + ay” ao 
Ya l za mel «++ da” ao 
= , (61) 
2 Te 
Ym 1 Em Tm Se Tm Un 


In MATRIX notation, the equation for a polynomial fit 
is given by 
y = Xa. (62) 


This can be solved by premultiplying by the MATRIX 
TRANSPOSE X*, 


X*y =X*Xa. (63) 


Least Squares Fitting—Exponential 


This MATRIX EQUATION can be solved numerically, or 
can be inverted directly if it is well formed, to yield the 
solution vector 


a = (X"X)'X*y. (64) 


Setting m = 1 in the above equations reproduces the 
linear solution. 


see also CORRELATION COEFFICIENT, INTERPOLATION, 
LEAST SQUARES FITTING—EXPONENTIAL, LEAST 
SQUARES FITTING—LOGARITHMIC, LEAST SQUARES 
FITTING—POWER LAW, MOORE-PENROSE GENERAL- 
IZED MATRIX INVERSE, NONLINEAR LEAST SQUARES 
FITTING, REGRESSION COEFFICIENT, SPLINE 
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To fit a functional form 
y = Ae”*, (1) 
take the LOGARITHM of both sides 


lny =ln A+ Bling. (2) 


Least Squares Fitting—Logarithmic 
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The best-fit values are then 
a Y InyY r’ -Y rY alny (3) 
nð x? — (So 2)” 
= n> elny—S zò lny 
n Y q? — (a 


where B = band A = exp(a). 


(4) 


This fit gives greater weights to small y values so, in 
order to weight the points equally, it is often. better to 
minimize the function 


y y (ln y — a — bay”. (5) 


Applying LEAST SQUARES FITTING gives 


a y+b) ay= 5 ylny (6) 
að ay+bS 2y= > aylny (7) 


Es Elle e 
Sory Y ay] |b > xyln y 
Solving for a and b, 
2 (1) 2 (vtny) - 2 (22 (ey in) (q, 
Ny Eley) - (Z ey) 
TEED DD u — ley) ny) ag) 
Sy (ey - (Day) 
In the plot above, the short-dashed curve is the fit com- 


puted from (3) and (4) and the long-dashed curve is the 
fit computed from (9) and (10). 

see also LEAST SQUARES FITTING, LEAST SQUARES 
FITTING—LOGARITHMIC, LEAST SQUARES FITTING— 
POWER LAW 


Least Squares Fitting—Logarithmic 


30 i t 


10 
Given a function of the form 


20 30 40 50 


y=a+blnz, | (1) 
the COEFFICIENTS can be found from LEAST SQUARES 
FITTING as 

_ n Y (ylnzx)- > y)» (nz) (2) 
n> [(Inz)?] — [Son a)” 
poe 2 teta) (3) 


see also LEAST SQUARES FITTING, LEAST SQUARES 
FITTING—EXPONENTIAL, LEAST SQUARES FITTING— 
POWER LAW 


1050 Least Squares Fitting—Power Law 


Least Squares Fitting—Power Law 
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Given a function of the form 
y = Az”, (1) 


LEAST SQUARES FITTING gives the COEFFICIENTS as 


iz n> (InzIny) — > (Inx)> (ny) (2) 
nS [(n x)?] — OS Ina)” 
_ Day) ~ baa) a 


where B = b and A = exp(a). 


see also LEAST SQUARES FITTING, LEAST SQUARES 
FITTING—EXPONENTIAL, LEAST SQUARES FITTING— 
LOGARITHMIC 


Least Upper Bound 
see SUPREMUM 


Lebesgue Constants (Fourier Series) 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Assume a function f is integrable over the interval 
[—r, 1] and Sn(f, x) is the nth partial sum of the FOUR- 
IER SERIES of f, so that 


Qk 


= J FE) cos(kt) dt (1) 


- / f(t) sin(kt) de (2) 


k=1 


Sn(f,1) = 300 + {Sol cos(kzx) + bk da) . (3) 


If 
fe) <1 (4) 


for all x, then 


(2n + 1)0]| 


T . 1 
Sal fhr) = 2 Pr OUNi (5) 
T Jo sin(50) 


Lebesgue Constants (Fourier Series) 


and Ln is the smallest possible constant for which this 
holds for all continuous f. The first few values of Ln are 


Esa (6) 
Lı => + 23 - = 1435991124... (7) 
La =1.642188435.... (8) 
L3 = 1.778322862. (9) 


Some FORMULAS for La include 


2Y ptn E) 
T co (2n+1)k 
da 2, A 


(Zygmund 1959) and integral FORMULAS include 


in =4 f 
0 


so 


(10) 


tanh[(2n+1)z] dz 


tanh z mr? + 4r? 
4 sinh[(2n + 1)2] 
== STA infcoth[2(2 
3 [ aha [coth[5(2n + 1)2]) de 
(11) 
(Hardy 1942). For large n, 
4 4 
og Mn < Ln <3+ -z Inn. (12) 


This result can be generalized for an r-differentiable 
function satisfying 


df 


< 1 1 
dx" (13) 


for all z. In this case, 


4 1 
Sa < Lar = Zz a 


qe mt 


ias 


where 
L eas = ee De sintkz) | dx forr > 1 odd 
a ad De soske) | dx forr > 1 even 


(15) 
(Kolmogorov 1935, Zygmund 1959). 
Watson (1930) showed that 
4 
lim [Ln 2 In(2n + 1)| = (16) 


Lebesgue Constants (Lagrange Interpolation) 


where 
Ink 4 T'(2 
c= ES 5 SA (3) (17) 
T ae Ak — 1 T DM 
8 |< A(2i+2)-1 4 
_ 8 NARTA TE si 1 
a E (18) 
— 0.9894312738..., (19) 


where [(z) is the GAMMA FUNCTION, A(z) is the 
DIRICHLET LAMBDA FUNCTION, and y is the EULER- 
MASCHERONI CONSTANT. 
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Lebesgue Constants (Lagrange 
Interpolation) 

N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Define the nth Lebesgue constant for the LAGRANGE 
INTERPOLATING POLYNOMIAL by 


It is true that j 
An > -zmn-1. (2) 


The efficiency of a Lagrange interpolation is related to 
the rate at which A, increases. Erdós (1961) proved 
that there exists a POSITIVE constant such that 


T 


for all n. Erdós (1961) further showed that 
2 


so (3) cannot be improved upon. 
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Lebesgue Covering Dimension 

An important DIMENSION and one of the first dimen- 
sions investigated. It is defined in terms of covering sets, 
and is therefore also called the COVERING DIMENSION. 
Another name for the Lebesgue covering dimension is 
the TOPOLOGICAL DIMENSION. 


A SPACE has Lebesgue covering dimension m if for every 
open COVER of that space, there is an open COVER that 
refines it such that the refinement has order at most 
m+1. Consider how many elements of the cover contain 
a given point in a base space. If this has a maximum 
over all the points in the base space, then this maximum 
is called the order of the cover. If a SPACE does not have 
Lebesgue covering dimension m for any m, it is said to 
be infinite dimensional. 


Results of this definition are: 
1. Two homeomorphic spaces have the same dimension, 
2. R” has dimension n, 


3. A TOPOLOGICAL SPACE can be embedded as a closed 
subspace of a EUCLIDEAN SPACE IFF it is locally 
compact, Hausdorff, second countable, and is finite 
dimensional (in the sense of the LEBESGUE DIMEN- 
SION), and 


4. Every compact metrizable m-dimensional TOPO- 
LOGICAL SPACE can be embedded in Rt. 


see also LEBESGUE MINIMAL PROBLEM 
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Lebesgue Dimension 
see LEBESGUE COVERING DIMENSION 


Lebesgue Integrable 

A real-valued function f defined on the reals R is called 
Lebesgue integrable if there exists a SEQUENCE of STEP 
FUNCTIONS {fn} such that the following two conditions 
are satisfied: 


1. Yra J le < 00, 
2. f(e) = Y, for every z € R such that 


Aa f [fa] < 00. 


Here, the above integral denotes the ordinary RIEMANN 
INTEGRAL. Note that this definition avoids explicit use 
of the LEBESGUE MEASURE. 


see also INTEGRAL, LEBESGUE INTEGRAL, RIEMANN IN- 
TEGRAL, STEP FUNCTION 
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Lebesgue Integral 

The LEBESGUE INTEGRAL is defined in terms of upper 
and lower bounds using the LEBESGUE MEASURE of a 
SET. It uses a LEBESGUE SUM Sn = np (E;) where m 
is the value of the function in subinterval ¿, and u(E;) 
is the LEBESGUE MEASURE of the SET E; of points for 
which values are approximately 7;. This type of integral 
covers a wider class of functions than does the RIEMANN 
INTEGRAL. 


see also A-INTEGRABLE, COMPLETE FUNCTIONS, INTE- 
GRAL 


References 

Kestelman, H. “Lebesgue Integral of a Non-Negative Func- 
tion” and “Lebesgue Integrals of Functions Which Are 
Sometimes Negative.” Chs. 5-6 in Modern Theories of 
Integration, 2nd rev. ed. New York: Dover, pp. 113-160, 
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Lebesgue Measurability Problem 

A problem related to the CONTINUUM HYPOTHESIS 
which was solved by Solovay (1970) using the INACCES- 
SIBLE CARDINALS AXIOM. It has been proven by Shelah 
and Woodin (1990) that use of this AXIOM is essential 
to the proof. 


see also CONTINUUM HYPOTHESIS, INACCESSIBLE CAR- 
DINALS AXIOM, LEBESGUE MEASURE 
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Lebesgue Measure 

An extension of the classical notions of length and 
AREA to more complicated sets. Given an open set 
S = Y ,(ax,bx) containing DISJOINT intervals, 


ur(S)= Y (61 — an). 


k 


Given a CLOSED SET S’ = [a,b] — Y”, (ax, bx), 


pL(S') = (b-a) — Y (bx — ax). 


k 


A LINE SEGMENT. has Lebesgue measure 1; the CAN- 
TOR SET has Lebesgue measure 0. The MINKOWSKI 
MEASURE of a bounded, CLOSED SET is the same as its 
Lebesgue measure (Ko 1995). 


see also CANTOR SET, MEASURE, RIESZ-FISCHER THE- 
OREM 
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Lebesgue Sum 


Lebesgue Minimal Problem 

Find the plane LAMINA of least AREA A which is capable 
of covering any plane figure of unit GENERAL DIAME- 
TER. A UNIT CIRCLE is too small, but a HEXAGON 
circumscribed on the UNIT CIRCLE is too large. More 
specifically, the AREA is bounded by 


0.8257... = tn + 1V3 < A < 2(3- V3) = 0.8454... 


(Pal 1920). 


see also AREA, BORSUK’S CONJECTURE, DIAMETER 
(GENERAL), KAKEYA NEEDLE PROBLEM 
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Lebesgue-Radon Integral 
see LEBESGUE-STIELTJES INTEGRAL 


Lebesgue Singular Integrals 


Un(f) = J TA de, 


where {Kn(x)} is a SEQUENCE of CONTINUOUS FUNC- 
TIONS. | | 


Lebesgue-Stieltjes Integral 

Let a(x) be a monotone increasing function and define 
an INTERVAL I = (21,22). Then define the NONNEGA- 
TIVE function 


U(I) = a(z + 0) — a(x1 +0). 


The LEBESGUE INTEGRAL with respect to a MEASURE 
constructed using U(I) is called the Lebesgue-Stieltjes 
integral, or sometimes the LEBESGUE-RADON INTE- 
GRAL. 
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Lebesgue Sum 


Sn = mip(Es), 


where u(E;) is the MEASURE of the SET E, of points on 
the x-axis for which f(x) = m. 


Leech Lattice 


Leech Lattice 

A 24-D Euclidean lattice. An AUTOMORPHISM of the 
Leech lattice modulo a center of two leads to the CON- 
WAY GROUP Co. Stabilization of the 1- and 2-D sub- 
lattices leads to the CONWAY GROUPS Coz and Cos, 
the HIGMAN-SIMS GROUP HS and the MCLAUGHLIN 
GROUP McL. 


The Leech lattice appears to be the densest HYPER- 
SPHERE PACKING in 24-D, and results in each HYPER- 
SPHERE touching 195,560 others. 


see also BARNES-WALL LATTICE, CONWAY GROUPS, 
COXETER-TODD LATTICE, HIGMAN-SIMS GROUP, HY- 
PERSPHERE, HYPERSPHERE PACKING, KISSING NUM- 
BER, MCLAUGHLIN GROUP 
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Lefshetz Fixed Point Formula 
see LEFSHETZ TRACE FORMULA 


Lefshetz’s Theorem 

Each DOUBLE POINT assigned to an irreducible curve 
whose GENUS is NONNEGATIVE imposes exactly one con- 
dition. 
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Lefshetz Trace Formula 
A formula which counts the number of FIXED POINTS 
for a topological transformation. 


Leg 
The leg of a TRIANGLE is one of its sides. 


see also HYPOTENUSE, TRIANGLE 


Legendre Addition Theorem 
see SPHERICAL HARMONIC ADDITION THEOREM 


Legendre’s Chi-Function 
The function defined by 


2k+1 


Xv(z) = 2 (Qk+1)" 


Legendre Differential Equation 1053 
for integral y = 2, 3, .... It is related to the POLYLOG- 
ARITHM by 

xv(z) = 3[Li,(2) — Li, (—z)] 


Liv — 27” iv). 


see also POLYLOGARITHM 
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Legendre’s Constant 
The number 1.08366 in Legendre’s guess at the PRIME 
NUMBER THEOREM 


T(n) 


ee 
Inn — 1.08366" 


This expression is correct to leading term only. 
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Legendre Differential Equation 
The second-order ORDINARY DIFFERENTIAL EQUATION 


d d 
2 y y = 
(l-« 55 ra +1(U+ 1)y = 0, (1) 
which can be rewritten 
d ee a = 
FF ka T P + I(l + 1)y = 0. (2) 


The above form is a special case of the associated Leg- 
endre differential equation with m = 0. The Legendre 
differential equation has REGULAR SINGULAR POINTS 
at —1, 1, and oo. It can be solved using a series expan- 
sion, 


oo 


y = y Ant" (3) 
n=0 

y = y napa"? (4) 
n=0 

y = So n(n = ljan”. (5) 
n=0 


Plugging in, 


(1 — a) Ss n(n — Da, a"? — 2r >: na, ar”? 
n=0 


n=0 


UA or. =0 (6) 


n=0 
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` n(n — 1ana” * — dE n(n — 1)anz 
n=2 n=0 


n=0 
oo oO 
Nn + 2)(n + 1)any21” — de n(n — 1)a, u” 
n=0 n=0 


a +(+ 1) ar (9) 
n=0 n=0 


Tt + 2)an+2 


S {(n + 1)( 


n=O 


+(—n(n — 1) -2n4+1(14+ Da, =0, (10) 


so each term must vanish and 


(n+ 1)(n + 2anze —n(n+1) + 1(1+ 1)Jan =0 (11) 
_ n(n+1)-—1(1+1) 
A NA A 
ln, 
E (n+1)(n+2) % (12) 
Therefore, 
— Ul+1) 
da = — 1-2 ao (13) 
_ (1 2)(1+3) 
id o 
-2U + 10 + 3)] 
nl ¡VE j i 
(I-—4)(1+5) | 
ag = 5-6 04 
= (-1)8 ((1— 4) — 2d + YU+ 3+ ¿1 
1-2-3-4-5-6 i 
(15) 
so the EVEN solution is 
yıls) = 1+ Say 
(I~ 2n + 2) +++ (E DU + DU + 38) 4 20 1) an 
(2n)! 


(16) 


Legendre Differential Equation 


Similarly, the ODD solution is 


nía) = SOIE 


a- 3) — DINO +2) +4)--> 


(A 
A (2n +1)! 


(E+ 2n) q amor 
(17) 


Ifl is an EVEN INTEGER, the series yi reduces to a POLY- 
NOMIAL of degree l with only EVEN POWERS of z and 
the series y2 diverges. Ifl is an ODD INTEGER, the series 
yz reduces to a POLYNOMIAL of degree l with only ODD 
POWERS of x and the series yı diverges. The general 
solution for an INTEGER l is given by the LEGENDRE 
POLYNOMIALS 


7 yi(z) for l even 
Pa (x) = Cn de for l odd, (18) 
where cn is chosen so that P,(1) = 1. If the variable x 
is replaced by cos @, then the Legendre differential equa- 
tion becomes 


dy cos @ dy 
dð? * sinó dx 


+ 1(1 + 1)y =0, (19) 


as is derived for the associated Legendre differential 
equation with m = 0. 


The associated Legendre differential equation is 


d 


The solutions to this equation are called the associated 
Legendre polynomials. Writing x = cos 0, first establish 
the identities 


dy dy 1 dy 

— = = -—— = 22 

dx d(cos@) sin 9 d9 (22) 
yy cos 0 dy (23) 


“ar ein ae. 


in 
dx? sin 0 dé \ sin 0 d0 
1 


cosh \ dy 1 dy 
= Z 24 
(ay) at aae C9 


and 
1 — 2? = 1 — cos? O = sin? 6. (25) 
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PG - avery variable ., 


. ä quantity 1500 
3. Measurements of global circuit e 


With thunderclouds present, the 
PG obviously becomes highly 


pa ra meters variable. 


But convective showers and 
: : . . i rainfall also lead to considerable 
. Potential Gradient (field mill, long wire antenna) variability 


. Air-earth current (Wilson apparatus, Lerwick plate, and E E E ENT Time (UT) from 1 April 2006 


GDACCS) cloud - no ice and minimal soo q Various Nomprecip Cu (muliple) AAA \ Snow shower sapos 17:41-17:38) 
convection - the PG can be | ai adie | 

quite variable — is it due to 

space weather, or earth 

: EREE weather? --> reliable series of 

. Fair weather classification ta sd. 


. Air conductivity 


Time (UT) 1 March 2006 


The field mill 


*Robust and durable instrument for measuring atmospheric electric field 


Commercial field mills 


*Horizontal plate electrode in which a charge is induced by the atmospheric electric field 
Electric field mills now widely 
commercially available 


oa Not so for other atmospheric 
=> Electrode is alternately covered and exposed by a mechanical shutter, which is O 
, . electricity instruments 
driven by a motor — synchronous detection used to detect changes. 


*This is compared with the charge induced under zero electric field conditions (when 
electrode covered). 


Boltek EFM100 
Operates Campbell CS110 


Rotor continuously at 
the Observatory 

Stator electrodes — see the real 
time graphs 


Motor 


e 
Electrostatic 


q. 
< G < 
Es e SS 
Light chopper 
— > 


Induction Ground for rotor 


Chilworth JCI131 
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Legendre Duplication Formula 


Therefore, 
ae ay dy _ .2, 1 ES E 1 d'y 
ld sin@ \ sin? 0 / dð — sin? 9 de? 
dy  cosó dy 
E e = 2 
dð? sinó d9 28) 


Plugging (22) into (26) and the result back into (21) 
gives 


d’y _ cos dy 
dg? sin@ d8 
cos 6 dy m 
2 = (il —— = 2 
i e [ue E 0-18) 


d*y  cosó dy A 

a A ee (l — —— =); 

dg? sin @ dz i Ç e sin? 0 y=0 (28) 
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p. 332, 1972. 


Legendre Duplication Formula 

GAMMA FUNCTIONS of argument 2z can be expressed 
in terms of GAMMA FUNCTIONS of smaller arguments. 
From the definition of the BETA FUNCTION, 


Now, let m =n = z, then 


P(z)P(z) 


P(22) = f ue (1— u) du (2) 


and u = (1 + 2)/2, so du = dz/2 and 
T(z) (2) PEA E i 
—_— 1— 5d 
T(2z) ; 2 2 (aa) 
EDU de 
7 SE 2 
1 ; 2\z—1 


= 2)-? fa — g’) T da. (3) 


Now, use the BETA FUNCTION identity 


1 
B(m,n) = 2 | M1 z?) t de | (4) 


to write the above as 


rr _ 
T(2z) 


1-22 (JT) 


DERBEZ 2 
A T(z + 5) 


(5) 
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Solving for I (22), 


MT + $)2777+ _ Di2)P(e+ 5 )2°7—* 
T'(3) p yr 
= (20 22*"BLr(0TG + 4), (6) 
since (5) = yr. 


see also GAMMA FUNCTION, GAUSS MULTIPLICATION 
FORMULA 


I(22)= 
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Legendre’s Factorization Method 

A PRIME FACTORIZATION ALGORITHM in which a se- 
quence of TRIAL DIVISORS is chosen using a QUADRA- 
TIC SIEVE. By using QUADRATIC RESIDUES of N, the 
QUADRATIC RESIDUES of the factors can also be found. 


see also PRIME FACTORIZATION ALGORITHMS, QUAD- 
RATIC RESIDUE, QUADRATIC SIEVE FACTORIZATION 
METHOD, TRIAL DIVISOR 


Legendre’s Formula 

Counts the number of POSITIVE INTEGERS less than or 
equal to a number æ which are not divisible by any of 
the first a PRIMES, 


ó(z, a) = [e] -Š HA 22 A 
> | =| mee E 


where |x| is the FLOOR FUNCTION. Taking a = z gives 


p¡<yz 


l- E ll 


Di<Pj<PRSVE 


OZ 


pi C pj EvE 


(2) 


where n(n) is the PRIME COUNTING FUNCTION. Leg- 
endre’s formula holds since one more than the number 
of PRIMES in a range equals the number of INTEGERS 
minus the number of composites in the interval. 


Legendre’s formula satisfies the RECURRENCE RELA- 
TION 


a 


(aya) = 6(e,a-1)-6(2,a-1). (3) 
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Let mix = pip2***Pk, then 


Pmr, k) = [mi] — ye E + > E E 


where $(n) is the TOTIENT FUNCTION, and 
p(smi +t, k) = sp(mx) + p(t, k), (5) 


where 0 < t < mg. If t > mz/2, then 


ple, k) = p(my) a p(mi a 1, k). (6) 


Note that ¢(n,n) is not practical for computing r(n) 
for large arguments. A more efficient modification is 
MEISSEL’S FORMULA. | 


see also LEHMER’S FORMULA, MAPES’ METHOD, MEIS- 
SEL’S FORMULA, PRIME COUNTING FUNCTION 


Legendre Function of the First Kind 
see LEGENDRE POLYNOMIAL 


Legendre Function of the Second Kind 


A solution to the LEGENDRE DIFFERENTIAL EQUATION 
which is singular at the origin. The Legendre functions 
of the second kind satisfy the same RECURRENCE RE- 
LATION as the LEGENDRE FUNCTIONS OF THE FIRST 
KIND. The first few are 


al Crd 
=) 


T 
= Fin( -1 
a= 5 mio 
3z? —1 l+ 3x 
=| eg eae 
Q2 4 al) 2 
52° — 3x l+z 5r? 2 
a ay a, es ee 
Qs A n (=) 2 +3 


Legendre Function of the First Kind 


Legendre-Gauss Quadrature 


The associated Legendre functions of the second kind 
have DERIVATIVE about 0 of 


æo] E O C oe) 
i ==0 Par 34+3) 


(Abramowitz and Stegun 1972, p. 334). The logarithmic 
derivative is 


E ge) 
dz ma 


= 2exp([3risgn(S[2))) LO Aa)! 


(Binney and Tremaine 1987, p. 654). 
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Legendre-Gauss Quadrature 

Also called “the” GAUSSIAN QUADRATURE or LEGEN- 
DRE QUADRATURE. A GAUSSIAN QUADRATURE over 
the interval [—1, 1] with WEIGHTING FUNCTION W(z) = 
1. The ABSCISSAS for quadrature order n are given by 
the roots of the LEGENDRE POLYNOMIALS P,,(x), which 
occur symmetrically about 0. The weights are 


rai ÁAn+1Yn = An Yn—1 
AnPn(2i)Pn4i(@i)  An-1 Pn-1[2i)Prízi)” 
(1) 
where A, is the COEFFICIENT of 2” in P, (2). For LEG- 
ENDRE POLYNOMIALS, 


_ (2n)! 
An a 27 (n!)2’ (2) 
SO 
An+1 [2(n + 1)]! 2” (n!) 
An 2+ 1[(n + 1)!]2 (2n)! 
_ (Q2n+1)(Qn+2) 2n+1 (3) 
E 2(n + 1)? o n+l’ 
Additionally, 
Yn = (4) 


= 2n +1? 


Legendre-Jacobi Elliptic Integral 


SO 
ee 2 _ 2 
"(n+ 1)Pr4i(ai)Ph(ai) nPaile)Priz:) 
(5) 
Using the RECURRENCE RELATION 
(1 — 2°) P,(x) = nePalx) + nPa-1(2) (6) 


= (n+ 1)zP, (z) —(n+1)Prii(z) (7) 
gives 


o 2 _ 2(1 — 2:7) 
“AE Rina tr © 


The error term 1s 


_ PAD an) 
— (2n+ Deny! (8). (9) 


Beyer (1987) gives a table of ABSCISSAS and weights up 
to n = 16, and Chandrasekhar (1960) up to n = 8 for n 
EVEN. 


n Ti Wi 
2 0.57735 1.000000 
3 0 0.888889 


+0.774597 0.555556 
4 +0.339981 0.652145 
+0.861136 0.347855 


5 0 0.568889 
+0.538469 0.478629 
+0.90618 0.236927 


The ABSCISSAS and weights can be computed analyti- 
cally for small n. 


no Ti wi 


sia olw A 
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Legendre-Jacobi Elliptic Integral 

Any of the three standard forms in which an ELLIPTIC 
INTEGRAL can be expressed. 

see also ELLIPTIC INTEGRAL OF THE FIRST KIND, EL- 
LIPTIC INTEGRAL OF THE SECOND KIND, ELLIPTIC IN- 
TEGRAL OF THE THIRD KIND 
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Legendre Polynomial 


The LEGENDRE FUNCTIONS OF THE FIRST KIND are 
solutions to the LEGENDRE DIFFERENTIAL EQUATION. 
If is an INTEGER, they are POLYNOMIALS. They are a 
special case of the ULTRASPHERICAL FUNCTIONS with 
a = 1/2. The Legendre polynomials P,(z) are illus- 
trated above for x € [0,1] and n = 1, 2,..., 5. 


The Rodrigues FORMULA provides the GENERATING 
FUNCTION 


1 dl,» i 
Pilz) = pg» (1) 
which yields upon expansion 
[n/2] k 
1 (—1)* (21 - 2k)! 1-2k 
P = — SS : 2 
(2) = 3 2, RU AU — 2k)! (2) 


where |r] is the FLOOR FUNCTION. The GENERATING 
FUNCTION is 


g(t, £) = (1 — 2st +)? =X Palet”. (3) 


Take 0g/0t, 
=a = ort +t?) (2% + 2t) = Na. (4) 
n=0 
Multiply (4) by 2t, 


-t(1 — 20t +40) (22 + 2t) = y 2nPa(a)t” (5) 


and add (3) and (5), 
(1 — 2at + t?) (Ort — 24%) + (1 — 20t +t’) 
=> (2n+1)Palojt” (6) 


n=0 


(1 — 2gt +) (1-8) =) (2n+1)Pa(ajt”. (7) 


n=0 
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This expansion is useful in some physical problems, in- 
cluding expanding the Heyney-Greenstein phase func- 
tion and computing the charge distribution on a 
SPHERE. They satisfy the RECURRENCE RELATION 


(L+ DP (z) — (21+ 1)2P)(z) +1Rj-1(z) =0. (8) 


The Legendre polynomials are orthogonal over (—1, 1) 
with WEIGHTING FUNCTION 1 and satisfy 


f EEA E irn (9) 


where mn is the KRONECKER DELTA. 
A COMPLEX GENERATING FUNCTION is 
1 a ai 
P,(2) = F fa — 2zg +22) z dz, (10) 
and the Schläfli integral is 
(-1) 1 (L=) 
P, — AA E A 
a | eae 


Additional integrals (Byerly 1959, p. 172) include 


/ Pla) de 


| 0 m even + 0 
= m-—1)/2 J 
EN di mF 


moda (12) 


J l Pr (2) Pp (2) de = 


0 : 
m,n both even or odd m Æ n 
(E min! i i 
amtntl(m—n)(mt+nt1)(5m)!{[5 -1 
m even, n odd 


1 
2n+1? 

m=n. 

(13) 
An additional identity is 
A l-r? Pa (2) i 
iale = ee S| A A 
AO a) 0 


v= 


(Szegó 1975, p. 348). 


The first few Legendre polynomials are 


Polx) =1 

Pila) =x 

P(x) = (32° — 1) 

P3(x) = £ (52° — 3x) 

P,(x) = (352% — 304? + 3) 

P(e) = (632° — 70x" + 15x) 

Pe(x) = 4 (231z? — 31527 + 10527 — 5). 


Legendre Polynomial 


The first few POWERS in terms of Legendre polynomials 
are 


r= Pı 

e = 3 (Po AN 2P2) 

r? = = (3P, + 2P3) 

zt = L(7Po + 20P2 + 8P4) 
5 1 


3 (27P, + 28P3 + 8 Ps ) 
zê = = (33Po + 110P2 + 72Pa4 + 16P5). 


231 


8 
| 
D 


For Legendre polynomials and POWERS up to exponent 
12, see Abramowitz and Stegun (1972, p. 798). 


The Legendre POLYNOMIALS can also be generated using 
GRAM-SCHMIDT ORTHONORMALIZATION in the OPEN 
INTERVAL (—1, 1) with the WEIGHTING FUNCTION 1. 


Po(r) = 1 (15) 
7 fl zdz 
Pi (1) = > [ide 
at a. a A 
ea ee E 
* 2 der ! z? de 
sace a [Ls 
fl, 2? dz f dx 
HA] A a, 
=| i ae, 277507 
fi ala? ve ; 
P(x) = |z- — ig 
(x) | Pad ( ) 
E f| (@ - 1} de A 
fi, 2? de 
=o[xt-4-G= 1+ bs) 


=g -z (4 +ł- 4) =z’ — 32. (18) 
8 


Normalizing so that P,(1) = 1 gives the expected Leg- 
endre polynomials. 


The “shifted” Legendre polynomials are a set of func- 
tions analogous to the Legendre polynomials, but de- 
fined on the interval (0, 1). They obey the ORTHOGO- 
NALITY relationship 


[ Pm (2)Pn(x) dx = ———Ómn. (19) 


The first few are 


Polx) = 1 

P(x) = 22 — 1 

P(x) = 6x” — 6x +1 

P3(x) = 20g? — 302? + 122 — 1. 


Legendre Polynomial 


The associated Legendre polynomials P;"(x) are so- 
lutions to the associated LEGENDRE DIFFERENTIAL 
EQUATION, where l is a POSITIVE INTEGER and m = 0, 
..., L They can be given in terms of the unassociated 
polynomials by 


P(x) = (-1)™(1 - 27)? 4 pla) 


dr™ 
= ED a ay L ay, (20) 


where P;(x) are the unassociated LEGENDRE POLYNO- 
MIALS. 
p. 668) omit the CONDON-SHORTLEY PHASE (—1)”, 
while others include it (e.g., Abramowitz and Stegun 
1972, Press et al. 1992, and the LegendreP[1,m,z] 
command of Mathematica®). Abramowitz and Stegun 
(1972, p. 332) use the notation 


Ptm (2) = (-1)7 Pan (22) (21) 


to distinguish these two cases. 


Associated polynomials are sometimes called FERRERS’ 
FUNCTIONS (Sansone 1991, p. 246). If m = 0, they re- 
duce to the unassociated POLYNOMIALS. The associated 
Legendre functions are part of the SPHERICAL HARMON- 
Ics, which are the solution of LAPLACE’S EQUATION 
in SPHERICAL COORDINATES. They are ORTHOGONAL 
over [—1, 1] with the WEIGHTING FUNCTION 1 


1 
a Pi" (2) Pi (x) dz = E i Tio (22) 


ORTHOGONAL over [-1,1] with respect to m with the 
WEIGHTING FUNCTION (1 — x?)7’ 


forro E Ena (3) 


They obey the RECURRENCE RELATIONS 


(1 — m) PJ" (2) = x(21— 1)P (æ) - (L+m-—1)P (0) 


(24) 


Pro. Pr 
a NA 


H 
= i(l—m + 1)(l +m + PT? — Pr) (25) 


(21+ 1)uP” = (L+ m) P +(l-m+1)P% (26) 


(2+1) y1 -= p? PP = PRI PRD. (27) 


An identity relating associated POLYNOMIALS with 
NEGATIVE m to the corresponding functions with Pos- 
ITIVE m is 


Pom = (oR. (28) 


Note that some authors (e.g., Arfken 1985, | 
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Additional identities are 
Pi(x) = (-1)' (A - DIA — eya (29) 
Pi+ı(2) = 2(21 + 1)P?(2). (30) 


Written in terms of z and using the convention without 
a leading factor of (—1)™ (Arfken 1985, p. 669), the first 
few associated Legendre polynomials are 


Po(a) =1 
Pi(a)=x 
Pi (a) = —(1~ 0°)“ 


P}(x) = 1 (32° — 1) 

Pi (2) = —3a(1— z’) 

Po (z) = 3(1 — a”) 

P3(x) = 42(52? — 3) 

Ps (x) = $(1— 5a”)(1— 27)” 
P3(x) = 15a(1 — x) 

Pie) = -15(1 — a?) 

Pg (a) = £(35a* — 302? + 3) 
Py (x) = 22(3 — 74M (1-a?yP 
Py (£) = (T2? — 1)(1— a”) 
P3}(x) = —1052(1 — 2”)?” 
P}(x) = 105(1 — 27)? 

Ps (a) = 42(63x* — 70x” + 15). 


Written in terms z = cos 0, the first few become 


Ps (cos 0) = 1 
P¡*(cos 0) = 5 sin0 
Pi (cos 0) = cos@ = y 
P} (cos 6) = sin 6 
P; *(cos 6) = 5 sin” 6 
P,* (cos 6) = + sin 8 cos 6 
Po (cos 0) = + (3 cos’ 9 — 1) 
Pz (cos 8) = 3sin 0 cos @ 
= 3 sin” 6 
P; (cos 0) = 3sin? 6 
= 3(1—cos’ 6) 
P3(cos 0) = 4 cos 6(5 cos” 6 — 3) 
= ¿cos 0(2-— 5 sin’ 9) 
P (cos 0) = 5(5 cos” 0 — 1) sin@ 
= $(sind +5 sin? 9). 
The derivative about the origin is 
ES _ 2h" sinfga(y + wT (Gu + gH +1) 
==0 


d mPAT(su— 3H + 3) 
(31) 
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(Abramowitz and Stegun 1972, p. 334), and the loga- 
rithmic derivative is 


dln Py’ (z) 
can 
BADIRA- M 
FO +4 DGA- a- 

(32) 


= 2tan[3T(A + u)] 


(Binney and Tremaine 1987, p. 654). 


see also CONDON-SHORTLEY PHASE, CONICAL FUNC- 
TION, GEGENBAUER POLYNOMIAL, KINGS PROBLEM, 
LAPLACE’S INTEGRAL, LAPLACE-MEHLER INTEGRAL, 
SUPER CATALAN NUMBER, TOROIDAL FUNCTION, 
TURAN’S INEQUALITIES 
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Legendre Polynomial of the Second Kind 
see LEGENDRE FUNCTION OF THE SECOND KIND 


Legendre’s Quadratic Reciprocity Law 
see QUADRATIC RECIPROCITY LAW 


Legendre Polynomial of the Second Kind 


Legendre Sum 


Legendre Quadrature 
see LEGENDRE-GAUSS QUADRATURE 


Legendre Relation 

Let E(k) and K(k) be complete ELLIPTIC INTEGRALS 
OF THE FIRST and SECOND KINDS, with E'(k) and 
K'(k) the complementary integrals. Then 


E(k)K'(k) + E'(k)K(k) — K(k)K'(k) = En. 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 591, 1972. 


Legendre Series 

Because the LEGENDRE FUNCTIONS OF THE FIRST 
KIND form a COMPLETE ORTHOGONAL BASIS, any 
FUNCTION may be expanded in terms of them 


OO 


f(z) = Y anPa(c), (1) 


n=0 


Now, multiply both sides by P,,(z) and integrate 


J Palata) dx = Na] Pala)Pm(2)dx. (2) 


But 


where mn is the KRONECKER DELTA, so 


1 oo 
2 2 
/ Pr(x)f(x) dz = Y an 2m L 10”” = mi” 
S n=0 


(4) 


and 


Tos mtl / P(x) f(z) de. (5) 


1 


see also FOURIER SERIES, JACKSON’S THEOREM, LEG- 
ENDRE POLYNOMIAL, MACLAURIN SERIES, PICONE’S 
THEOREM, TAYLOR SERIES 


Legendre Sum 
see LEGENDRE’S FORMULA 


Legendre Symbol 


Legendre Symbol 


€ 
n 


= (min) 


See” 


0 if min 
=< 1 if n is a quadratic residue modulo m 
—1 ifn is a quadratic nonresidue modulo m. 


If m is an ODD PRIME, then the JACOBI SYMBOL re- 
duces to the Legendre symbol. The Legendre symbol 


obeys (ablp) = (alp)(b|p). 
3\ J1 ifp=+1 (mod 12) 
(=) J o if p = +5 (mod 12). 


see also JACOBI SYMBOL, KRONECKER SYMBOL, QUAD- 
RATIC RECIPROCITY THEOREM 
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Legendre Transformation 
Given a function of two variables 


of of 


df = a dz a ee ees (1) 


change the differentials from dx and dy to du and dy 
with the transformation 


g=f-us (2) 


dg = df — u dz — z du = u dæ + v dy — u dz — z du 


= v dy — z du. (3) 
Then 
Og 
_ 09 
v= > (5) 


Lehmer”s Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Lehmer (1938) showed that every POSITIVE IRRATIONAL 
NUMBER z has a unique infinite continued cotangent 
representation of the form 


xz = cot Sen cot * | , 


k=0 
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where the bis are NONNEGATIVE and 


br > (0-1) +dr-1 +1. 


The case for which the convergence is slowest occurs 
when the inequality is replaced by equality, giving co = 0 
and | 


Ck = (0x1) +Ck-1+1 


for k > 1. The first few values are cp are 0, 1, 3, 13, 183, 
33673, ... (Sloane’s A024556), resulting in the constant 


€ =cot(cot”*0—cot *1+ cot *3—cot”* 13 
+ cot 183 — cot~* 33673 + cot * 1133904603 
— cot ' 1285739649838492213 +... + (—1)*cn +...) 
= cot(4m + cot "3 — cot™* 13 
+ cot +183 — cot~* 33673 + cot * 1133904603 
— cot”! 1285739649838492213 +... + (—1)*c, +...) 
= 0.59263271... 


(Sloane’s A030125). € is not an ALGEBRAIC NUMBER of 
degree less than 4, but Lehmer’s approach cannot show 
whether or not € is TRANSCENDENTAL. 


see also ALGEBRAIC NUMBER, TRANSCENDENTAL NUM- 
BER 
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Lehmer’s Formula 
A FORMULA related to MEISSEL’S FORMULA. 


ra=- Eli Y | -.. 


i=l 1<i<j<a 
+ 5(b+ a -— 2)(b- a +1) — Ss “(=| 
a<i<b Pi 
El 
- Dr) 0»). 
i=a+1 j=i PiPj 


where 
| a = n(2"/*) 
b = n(x?) 
bi =(y/z/p;) 
c= r(a3), 


and a(n) is the PRIME COUNTING FUNCTION. 
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Lehmer Method 
see LEHMER-SCHUR METHOD 


Lehmer Number 
A number generated by a generalization of a LUCAS SE- 
QUENCE. Let q and § be COMPLEX NUMBERS with 


a+ B= VR (1) 


af =Q, (2) 


where Q and R are RELATIVELY PRIME NONZERO INTE- 
GERS and a/@ is a ROOT OF UNITY. Then the Lehmer 
numbers are 


_ a” _ pr 
Un (VR, Q) = == p (3) 
and the companion numbers 
Va(VR,Q) = E for n odd (4) 
a” + 8” for n even. 
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Lehmer’s Phenomenon 


0.00005 
0.00004 
0.00003 
0.00002 


0.00001 


0.06 0.07 0.08 0.09 0,1 0.11 


-1 -0.5 0.5 at 


The appearance of nontrivial zeros (i.e., those along the 
CRITICAL STRIP with R[z] = 1/2) of the RIEMANN ZETA 
FUNCTION ¢(z) very close together. An example is the 
pair of zeros ($ + (7005 + t)i) given by tı = 0.0606918 
and t2 © 0.100055, illustrated above in the plot of |¢($+ 
(7005 + ¢)i)|?. 

see also CRITICAL STRIP, RIEMANN ZETA FUNCTION 
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Leibniz Harmonic Triangle 


Lehmer”s Problem 

Do there exist any COMPOSITE NUMBERS n such that 
ó(n)|(n — 1)? No such numbers are known. In 1932, 
Lehmer showed that such an n must be ODD and 
SQUAREFREE, and that the number of distinct PRIME 
factors d(7) > 7. This was subsequently extended to 
d(n) > 11. The best current results are n > 10% 
and d(n) > 14 (Cohen and Hagis 1980), if 30fn, then 
d(n) > 26 (Wall 1980), and if 3|n then d(n) > 213 and 
5.5 x 10% (Lieuwens 1970). 
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Lehmer-Schur Method 
An ALGORITHM which isolates ROOTS in the COMPLEX 
PLANE by generalizing 1-D bracketing. 
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Lehmer’s Theorem 
see FERMAT’S LITTLE THEOREM CONVERSE 


Lehmus’ Theorem 
see STEINER-LEHMUS THEOREM 


Leibniz Criterion 
Also known as the ALTERNATING SERIES TEST. Given 
a SERIES 


La, 
n=l 


with a, > 0, if an is monotonic decreasing as n > 00 
and 


TL OO 


then the series CONVERGES. 


Leibniz Harmonic Triangle 


[a 


1 1 
2 2 
ce ae 
3 6 
i AS 
4 12 12 4 
1 1 1 1 1 


5 20 30 20 5 
In the Leibniz harmonic triangle, each FRACTION is the 
sum of numbers below it, with the initial and final en- 


try on each row one over the corresponding entry in 


Leibniz Identity 


PASCAL'S TRIANGLE. The DENOMINATORS in the sec- 
ond diagonals are 6, 12, 20, 30, 42, 56, ... (Sloane's 
A007622). 


see also CATALAN'S TRIANGLE, CLARK’S TRIANGLE, 
EULER’S TRIANGLE, NUMBER TRIANGLE, PASCAL’S 
TRIANGLE, SEIDEL-ENTRINGER-ARNOLD TRIANGLE 
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Leibniz Identity 


d” du n\ dlu du 
——(uv) = —v+ — 


dx” dx” 1/ dx"? de 
n\ d” "udv 
oats d” dz”. (1 
j daa ee (1) 
Therefore, 
dz 1 
Sh (2) 
dy oe 
2 2 a8 
da __4y (=) (3) 
dy? dx? \ dz 
d'z 3 PyY _ dy dy a (4) 
dy? dx? dx? dz | \dz 
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Leibniz Integral Rule 


a b(z) 
57 / f(x,z)dz 
a(z) 


A oF ðb da 
=f ARI A 
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Leibniz Series 
The SERIES for the INVERSE TANGENT, 


-1 3 5 
tan C=L—- ¿7 + 32 e 
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Lemarié’s Wavelet 
A wavelet used in multiresolution representation to an- 
alyze the information content of images. The WAVELET 
is defined by 
Hlo) = fo ay 1315 4200+ 126u? — a a 
315 — 420v + 126v? — 4v? l 


where 


(Mallat 1989). 
see also WAVELET 
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Lemma 

A short THEOREM used in proving a larger THEOREM. 
Related concepts are the AXIOM, PORISM, POSTULATE, 
PRINCIPLE, and THEOREM. 


see also ABEL’S LEMMA, ARCHIMEDES’ LEMMA, 
BARNES’ LEMMA, BLICHFELDT’S LEMMA, BOREL-CAN- 
TELLI LEMMA, BURNSIDE’S LEMMA, DANIELSON-LAN- 
CZOS LEMMA, DEHN’S LEMMA, DILWORTH’S LEMMA, 
DIRICHLET’S LEMMA, DIVISION LEMMA, FARKAS’S 
LEMMA, FATOU'S LEMMA, FUNDAMENTAL LEMMA 
OF CALCULUS OF VARIATIONS, GAUSS’S LEMMA, 
HENSEL’S LEMMA, ITO’S LEMMA, JORDAN’S LEMMA, 
LAGRANGE’S LEMMA, NEYMAN-PEARSON LEMMA, 
POINCARE’S HOLOMORPHIC LEMMA, POINCARÉ'S 
LEMMA, PÓLYA-BURNSIDE LEMMA, RIEMANN-LE- 
BESGUE LEMMA, SCHUR’S LEMMA, SCHUR’S REPRE- 
SENTATION LEMMA, SCHWARZ-PICK LEMMA, SPIJKER’S 
LEMMA, ZORN’S LEMMA 


Lemniscate 


A polar curve also called LEMNISCATE OF BERNOULLI 
which is the LOCUS of points the product of whose dis- 
tances from two points (called the FOCI) is a constant. 
Letting the Foc! be located at (ta,0), the Cartesian 
equation is 


[(2 — ay? + Y ][(2 +a)? + y] =a’, (1) 
which can be rewritten 


ot + y +20 y? = 2a (a? — y”). (2) 
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Letting a’ = /2a, the POLAR COORDINATES are given 
by 

r? = a’ cos(26). (3) 
An alternate form is 


r° = a’ sin(26). (4) 


The parametric equations for the lemniscate are 


acost 
~ sin? ~ 
asintcost 
T Isine A 
The bipolar equation of the lemniscate is 
rr = La’, (7) 


and in PEDAL COORDINATES with the PEDAL POINT at 
the center, the equation is 


pa? =r’. (8) 


The two-center BIPOLAR COORDINATES equation with 
origin at a FOCUS is 


rife =c. (9) 


Jakob Bernoulli published an article in Acta Eruditorum 
in 1694 in which he called this curve the lemniscus (“a 
pendant ribbon”). Jakob Bernoulli was not aware that 
the curve he was describing was a special case of CASSINI 
OVALS which had been described by Cassini in 1680. 
The general properties of the lemniscate were discovered 
by G. Fagnano in 1750 (MacTutor Archive). Gauss’s 
and Euler’s investigations of the ARC LENGTH of the 


curve led to later work on ELLIPTIC FUNCTIONS. 


The CURVATURE of the lemniscate is 


ee 3V2 cost | (10) 
3 — cos(2t) 


The ARC LENGTH is more problematic. Using the polar 
form, 


ds? = dr* + r” d8? (11) 
SO 
2 
ds=4/1+ (r=) dr (12) 
But we have 
2r dr = 2a? sin(20) d8 (13) 
dr r? 
"do a? sin(20) = 
doy? y? y? ook 
Ce) ~ atsin?(20)  at[l—cos?(20)]  at-— rt’ 


Lemniscate 


yta m A rd = er 


(16) 


r= f as-2f Ža =2 -= 
0 0 dr 0 1- (2) 


dr/a, and 


Let t = r/a, so dt = 


1 
L= 20 | (1-10 dt, (18) 
0 


which, as shown in LEMNISCATE FUNCTION, is given 
analytically by 


1 TD 
= V2aK (3) = = IEN (19) 
If a = 1, then 
L = 5.2441151086..., (20) 


which is related to GAUSS’S CONSTANT M by 


277 
=o ss 21 
L M ( 


The quantity L/2 or L/4 is called the LEMNISCATE CON- 
STANT and plays a role for the lemniscate analogous to 
that of r for the CIRCLE. 


The AREA of one loop of the lemniscate is 


| 1/4 
A=} / r? do = ta? f cos(20) de = 30° [sin(20) 77), 


nf 


= 54 2Isin(20)13/* = Za? [sin(f) — sin0] = La”. (22) 


see also LEMNISCATE FUNCTION 
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primary : ; 
chopper secondary JC1131 Brushless fieldmill Miniaturised electric field sensors 


Increased need for lightweight miniaturised electric field sensors for balloon and 


(Chubb and Pavey, 2009) 


Arbor mounting primary chopper 
and secondary surface insulated 
from motor shaft 


Alex Kochin 
Central Aerological Observatory 


Chopper for phase Roshydromet 


sensitive detection 


Bateman, M. G., et al. "A low-noise, microprocessor-controlled, 

internally digitizing rotating-vane electric field mill for airborne 
J platforms." Journal of Atmospheric and Oceanic Technology 24.7 
Secondary sensing (2007): 1245-1255. 


Primary sensing surface Opto detector 
surface 
o 1299) - Flown on many manned aircraft 


pansi secondary and UAV (Altus II) campaigns - Many other prototype field mills under 


, reen hassi i ` development by AE researchers 
sensing surface _ °C"EE (to chassis) sensing surface 


Instrument limitations - Antarctica Ocean buoy measurements 
Deployed off the coast of Florida, 
near Titusville (north of Kennedy 


e Formation of fog (and sub zero temperatures) led to frost build up (riming) on British Space Centre field mill network) 


Antarctic Survey’s own design of field meter 
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Median Fair Weather Field (20mi scaled by 1.087) 
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Halley PG (V/m) 
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Year day 


Visibility (km) 
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+ 


Time (UTC) 


when disturbed; Iridium satellite data transfer (From Ken Cummings, 


Year day University of Arizona) 
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Lemniscate of Bernoulli 


Lemniscate of Bernoulli 
see LEMNISCATE 


Lemniscate Case 
The case of the WEIERSTRASB ELLIPTIC FUNCTION with 
invariants g2 = 1 and g3 = 0. 


see also EQUIANHARMONIC CASE, WEIERSTRA# ELLIP- 
TIC FUNCTION, PSEUDOLEMNISCATE CASE 
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Lemniscate Constant 


Let i 

L = — [T( 1)? = 5.2441151086... 
be the ARC LENGTH of a LEMNISCATE with a = 
1. Then the lemniscate constant is the quan- 


tity L/2 (Abramowitz and Stegun 1972), or L/4 = 
1.311028777... (Todd 1975, Le Lionnais 1983). Todd 
(1975) cites T. Schneider (1937) as proving L to be a 
TRANSCENDENTAL NUMBER. 


see also LEMNISCATE 
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Lemniscate Function 

The lemniscate functions arise in rectifying the ARC 
LENGTH of the LEMNISCATE. The lemniscate functions 
were first studied by Jakob Bernoulli and G. Fagnano. 
A historical account is given by Ayoub (1984), and an 
extensive discussion by Siegel (1969). The lemniscate 
functions were the first functions defined by inversion of 
an integral, which was first done by Gauss. 


1 
L= za | (=A ae. (1) 
0 
Define the functions 
g(x) = arcsinlemnz = / Qa) a (2) 
o 


1 
@ (x) = arccoslemnz = J (Gee rat, (8) 
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where L 
w=, (4) 
a 
and write 
x = sinlemn $ (5) 
z = coslemn ¢’. (6) 
There is an identity connecting ¢ and ¢’ since 
l L 1 
(0+0(0)=L=10, (7 
a 
so 
sinlemn ¢ = coslemn(3w — $). (8) 


These functions can be written in terms of JACOBI EL- 
LIPTIC FUNCTIONS, 


sd(u,k) 
ee / (PARRA dy. (9) 
0 


Now, if k = k' = 1/2, then 


sd(u,1/v/2) i os 
u= | (1 — HP + i dy 

0 

sd(u,1/V2) z 
4 = 
= / (1 — ły)? dy. (10) 
0 
Let t = y/v2 so dy = v2at, 


u = v2 


sd(u,1//2)/V2 
/ a-t4t Pda (11) 


0 


> sd(u,1/v2)/v2 nAn 
_— = (1— t) "dt (12) 
am 
sd(uv/2,1//2)/V2 
u = / (=t) dt, (13) 
0 
and 
1 1 
sinlemn 4 = —=sd | V2, — |. 14 
9= qa ( Ge). as 
Similarly, 


1 
u= J (1 — P Ee J Er e dt 
n(u,k) 


ce 


1 
= / (peat (a) a 


en(u,1/V/2) 
1 
= v2 f (er a ak (15) 
ecn(u,1/vW2) 
u ‘ | 
— =f (=r) d (16) 
v2 cn(u,l/ x2) 
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1 
u = / a-) dt, (17) 
cn(uv2,1/vW2) 
and 
coslemn ¢ = cn (ova 55) (18) 
We know 


coslemn(3w) = cn (3ov3 +) = 0. (19) 


But it is true that 


A (20) 
1 i oe 
K (3) =i (21) 
oe 
iyn 2" (22) 
ra) A 
L=aw=avV2 N = BGR (23) 


By expanding (1 — t*)~*/? in a BINOMIAL SERIES and 
integrating term by term, the arcsinlemn function can 
be written 


oo psa 


qe) o Y A e 
) / IE du niin TT) en 
where (a)n is the RISING FACTORIAL (Berndt 1994). Ra- 
manujan gave the following inversion FORMULA for ¢(z). 
If 


Ge y Ge Gaal (25) 
Y E CEN 1)” 
where rez) 
SO PTE (26) 


is the constant obtained by letting z = 1 and 9 = 7/2, 


and 
v = 271? sd(u0), (27) 


then 

2 

K 2g ae n cos(2n6) 

277 = csc’ 6 = > — (28) 


e2rn ae 1 


7/2, then 


oO 1 — 
H (3)nU sin(2n@) 
4 oe — sy = cot +8 Doo 29) 


Lemniscate Inverse Curve 


(3) 


Inv +2 pr Y A En 


= In(sin 6) + r — 3 E, (30) 


i — sin[(2n + 1)9] 
ci ae Entes) Y 
_ )” cos[(2n + 1)9] 
¿cos ~t (u°) = 3 = EN aa Dr]? (32) 
and 
ae (n!)? 4n+3 
4u a (2n + 1) (Qn + 1)'(4n +3)" 
_ 18 «<=. (-1)" sin[(2n + 1)6] 
8 2, < (2n + 1)? cosh[5(2n + 1)z] ve 


(Berndt 1994). 


A generalized version of the lemniscate function can be 
defined by letting 0 < 6 < 7/2 and 0 < v < 1. Write 


” dt 
29u = —=—, 34 


where y is the constant obtained by setting 9 = 7/2 and 


v = 1. Then J 
u= Oro (35) 


and Ramanujan showed 


4u? a 2 ae 1n cos(2né) 
on wae sie? emnv8 — (_1)n (36) 


(Berndt 1994). 
see also HYPERBOLIC LEMNISCATE FUNCTION 
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Lemniscate of Gerono 
see EIGHT CURVE 


Lemniscate Inverse Curve 

The INVERSE CURVE of a LEMNISCATE in a CIRCLE cen- 
tered at the origin and touching the LEMNISCATE where 
it crosses the z-AXIS produces a RECTANGULAR HY- 
PERBOLA. 


Lemniscate (Mandelbrot Set) 


Lemniscate (Mandelbrot Set) 


A curve on which points of a MAP zn (such as the MAN- 
DELBROT SET) diverge to a given value rmax at the same 
rate. A common method of obtaining lemniscates is to 
define an INTEGER called the COUNT which is the largest 
n such that |zn| < r where r is usually taken as r = 2. 
Successive COUNTS then define a series of lemniscates, 
which are called EQUIPOTENTIAL CURVES by Peitgen 
and Saupe (1988). 


see also COUNT, MANDELBROT SET 
References 


Peitgen, H.-O. and Saupe, D. (Eds.). The Science of Fractal 
Images. New York: Springer-Verlag, pp. 178-179, 1988. 


Lemoine Axis 
see LEMOINE LINE 


Lemoine Circle 


-æ ee ee 


Also called the TRIPLICATE-RATIO CIRCLE. Draw lines 
through the LEMOINE POINT K and parallel to the sides 
of the triangle. The points where the parallel lines inter- 
sect the sides then lie on a CIRCLE known as the Lemoine 
circle. This circle has center at the MIDPOINT of OK, 
where O is the CIRCUMCENTER. The circle has radius 


iy R +r? = ¿Rsecw, 


where R is the CIRCUMRADIUS, r is the INRADIUS, and 
w is the BROCARD ANGLE. The Lemoine circle divides 
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any side into segments proportional to the squares of the 
sides 


Ao Ps k P2Q3 : Q3 A3 = aa a ay" k az’. 


Furthermore, the chords cut from the sides by the 
Lemoine circle are proportional to the squares of the 
sides. 


The COSINE CIRCLE is sometimes called the second 
Lemoine circle. 


see also COSINE CIRCLE, LEMOINE LINE, LEMOINE 
POINT, TUCKER CIRCLES 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 273-275, 1929. 


Lemoine Line 

The Lemoine line, also called the LEMOINE AXIS, is the 
perspectivity axis of a TRIANGLE and its TANGENTIAL 
TRIANGLE, and also the TRILINEAR POLAR of the CEN- 
TROID of the triangle vertices. It is also the POLAR of K 
with regard to its CIRCUMCIRCLE, and is PERPENDICU- 
LAR to the BROCARD AXIS. 


The centers of the APOLLONIUS CIRCLES Lı, Le, and 
Ls are COLLINEAR on the LEMOINE LINE. This line is 
PERPENDICULAR to the BROCARD Axis OK and is the 
RADICAL AXIS of the CIRCUMCIRCLE and the BROCARD 
CIRCLE. It has equation 


pl 
C 


in terms of TRILINEAR COORDINATES (Oldknow 1996). 


see also APOLLONIUS CIRCLES, BROCARD AXIS, 
CENTROID (TRIANGLE), CIRCUMCIRCLE, COLLINEAR, 
LEMOINE CIRCLE, LEMOINE POINT, POLAR, RADICAL 
AXIS, TANGENTIAL TRIANGLE, TRILINEAR POLAR 
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Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
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Lemoine Point 

The point of concurrence K of the SYMMEDIAN LINES, 
sometimes also called the SYMMEDIAN POINT and 
GREBE POINT. 


Let G be the CENTROID of a TRIANGLE AABC, La, 
Lg, and Lo the ANGLE BISECTORS of ANGLES A, B, 
C, and Ga, Gp, and Gc the reflections of AG, BG, 
and CG about La, Lg, and Lc. Then K is the point 
of concurrence of the lines Ga, Gp, and Ge. It is the 
perspectivity center of a TRIANGLE and its TANGENTIAL 
TRIANGLE. 
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In AREAL COORDINATES (actual TRILINEAR COOR- 
DINATES), the Lemoine point is the point for which 
a’ +B? ++? is a minimum. A center X is the CENTROID 
of its own PEDAL TRIANGLE IFF it is the Lemoine point. 


The Lemoine point lies on the BROCARD ÁXIS, and its 
distances from the Lemoine point K to the sides of the 
TRIANGLE are 

KK; = $a; tanw, 


where w is the BROCARD ANGLE. A BROCARD LINE, 
MEDIAN, and Lemoine point are concurrent, with AiQ1, 
AK, and A3M meeting at a point. Similarly, Ai’, 
A2M, and A3K meet at a point which is the ISOGONAL 
CONJUGATE of the first (Johnson 1929, pp. 268-269). 
The line joining the MIDPOINT of any side to the mid- 
point of the ALTITUDE on that side passes through the 
Lemoine point K. The Lemoine point K is the STEINER 
POINT of the first BROCARD TRIANGLE. 


see also ANGLE BISECTOR, BROCARD ANGLE, BRO- 
CARD AXIS, BROCARD DIAMETER, CENTROID (TRIAN- 
GLE), COSYMMEDIAN TRIANGLES, GREBE POINT, Iso- 
GONAL CONJUGATE, LEMOINE CIRCLE, LEMOINE LINE, 
LINE AT INFINITY, MITTENPUNKT, PEDAL TRIANGLE, 
STEINER POINTS, SYMMEDIAN LINE, TANGENTIAL TRI- 
ANGLE 
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Lemoine’s Problem 

Given the vertices of the three EQUILATERAL TRIAN- 
GLES placed on the sides of a TRIANGLE T, construct 
T. The solution can be given using KIEPERT’S HYPER- 
BOLA. 


see also KIEPERT’S HYPERBOLA 


Length (Number) 


Lemon 


A SURFACE OF REVOLUTION defined by Kepler. It con- 
sists of less than half of a circular ARC rotated about 
an axis passing through the endpoints of the ARC. The 
equations of the upper and lower boundaries in the xz 
plane are 

R? — (z + r)? 


for R > rand z € [-(R-r), R—r]. The CROSS-SECTION 
of a lemon is a LENS. The lemon is the inside surface of 
a SPINDLE TORUS. 


see also APPLE, LENS, SPINDLE TORUS 


ZSE 


Length (Curve) 

Let y(t) be a smooth curve in a MANIFOLD M from g 
to y with y(0) = z and y(1) = y. Then y(t) € Ty), 
where Tą is the TANGENT SPACE of M at x. The length 
of y with respect to the Riemannian structure is given 


by 
1 
/ WO y dt. 
0 


see also ARC LENGTH, DISTANCE 


Length Distribution Function 
A function giving the distribution of the interpoint dis- 
tances of a curve. It is defined by 


1 
p(r) — N Y brga 
aj 


see also RADIUS OF GYRATION 


References 
Pickover, C. A. Keys to Infinity. New York: W. H. Freeman, 
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Length (Number) 
The length of a number n in base b is the number of 
DIGITS in the base-b numeral for n, given by the formula 


L(n,b) = [log,(n)| + 1, 
where |x| is the FLOOR FUNCTION. 


The MULTIPLICATIVE PERSISTENCE of an n-DIGIT is 
sometimes also called its length. 

see also CONCATENATION, DIGIT, FIGURES, MULTI- 
PLICATIVE PERSISTENCE 


Length (Partial Order) 


Length (Partial Order) 
For a PARTIAL ORDER, the size of the longest CHAIN is 
called the length. 


see also WIDTH (PARTIAL ORDER) 


Length (Size) 
The longest dimension of a 3-D object. 
see also HEIGHT, WIDTH (SIZE) 


Lengyel’s Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let L denote the partition lattice of the SET 
{1,2,...,n}. The MAXIMUM element of L is 


MH qi. 2.30} (1) 


and the MINIMUM element is 


m= {{1}, {2},...,{n}}. (2) 


Let Z, denote that number of chains of any length in | 
L containing both M and m. Then Zn satisfies the - 


RECURRENCE RELATION 


n—1 


La S s(n, k)Zk, (3). 


k=1 


where s(n,k) is a STIRLING NUMBER OF THE SECOND . 


KIND. Lengyel (1984) proved that the QUOTIENT 


Zn 


rn) = O en OB (9 


is bounded between two constants as n > oo, and Fla- 
jolet and Salvy (1990) improved the result of Babai and 
Lengyel (1992) to show that 


A= lim r(n) = 1.0986858055.... (5) 


TL OO 
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Lens 


A figure composed of two equal and symmetrically 
placed circular ARCS. It is also known as the FISH 
BLADDER (Pedoe 1995, p. xii) or VESICA Piscis. The 
latter term is often used for the particular lens formed 
by the intersection of two unit CIRCLES whose centers 
are offset by a unit distance (Rawles 1997). In this case, 
the height of the lens is given by letting d=r=R=1 
in the equation for a CIRCLE-CIRCLE INTERSECTION 


\/4d? R? — (d? — r? + R2)?, (1) 


giving a = /3. The AREA of the VESICA PISCIS is given 
by plugging d = R into the CIRCLE-CIRCLE INTERSEC- 
TION area equation with r = R, 


ad = 


Aje 


A=2R*cos * (E) — ¿dy 4R?-d?, (2) 


giving 
A = t (4r — 3V3 ) = 1.22837. (3) 


Renaissance artists frequently surrounded images of Je- 
sus with the. vesica piscis (Rawles 1997). An asymmetri- 
cal lens is produced by a CIRCLE-CIRCLE INTERSECTION 
for unequal CIRCLES. 


see also CIRCLE, CIRCLE-CIRCLE INTERSECTION, 
FLOWER OF LIFE, LEMON, LUNE (PLANE), REULEAUX 
TRIANGLE, SECTOR, SEED OF LIFE, SEGMENT, VENN 
DIAGRAM 
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Lens Space 

A lens space L(p, q) is the 3-MANIFOLD obtained by glu- 
ing the boundaries of two solid TORI together such that 
the meridian of the first goes to a (p,q)-curve on the 
second, where a (p, q)-curve has p meridians and q lon- 
gitudes. 


References 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
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Lenstra Elliptic Curve Method 

A method of factoring INTEGERS using ELLIPTIC 
CURVES. 


References 

Montgomery, P. L. “Speeding up the Pollard and Elliptic 
Curve Methods of Factorization.” Math. Comput. 48, 
243-264, 1987. 


Léon Anne's Theorem 


Pick a point O in the interior of a QUADRILATERAL 
which is not a PARALLELOGRAM. Join this point to 
each of the four VERTICES, then the LOCUS of points O 
for which the sum of opposite TRIANGLE areas is half 
the QUADRILATERAL ÁREA is the line joining the MID- 
POINTS Mı and Mz of the DIAGONALS. 


see also DIAGONAL (POLYGON), MIDPOINT, QUADRI- 
LATERAL 


References 
Honsberger, R. More Mathematical Morsels. Washington, 
DC: Math. Assoc. Amer., pp. 174-175, 1991. 


Leonardo's Paradox 

In the depiction of a row of identical columns parallel to 
the plane of a PERSPECTIVE drawing, the outer columns 
should appear wider even though they are farther away. 


see also PERSPECTIVE, VANISHING POINT, ZEEMAN’S 
PARADOX 


References 
Dixon, R. Mathographics. New York: Dover, p. 82, 1991. 


Leptokurtic 
A distribution with a high peak so that the KURTOSIS 
satisfies y2 > 0. 


see also KURTOSIS 


Lerch’s Theorem 
If there are two functions F(t) and F2(t) with the same 
integral transform 


T[Fi(t)] = T[Fa(t)] = f(s), (1) 
then a NULL FUNCTION can be defined by 


do(t) = Fi(t) — Fa(t) (2) 


Letter- Value Display 


so that the integral 


/ ° 5o(t) dt = 0 (3) 


vanishes for all a > 0. 
see also NULL FUNCTION 


Lerch Transcendent 

A generalization of the HURWITZ ZETA FUNCTION and 
POLYLOGARITHM function. Many sums of reciprocal 
POWERS can be expressed in terms of it. It is defined 
by 


®(z,s,a)= 2 e ky (1) 


k=0 


where any term with a + k = 0 is excluded. 


The Lerch transcendent can be used to express the 
DIRICHLET BETA FUNCTION 


B(s) = X (=1)" (2k + 1)°27*8(-1,8, 3), (2) 
k=0 
the integral of the FERMI-DIRAC DISTRIBUTION 


oo k5 
/ Fey dha eT(e+ I)H(-e",8+1,1), (3) 


where T(z) is the GAMMA FUNCTION, and to evaluate 
the DIRICHLET L-SERIES. 


see also DIRICHLET BETA FUNCTION, DIRICHLET L- 
SERIES, FERMI-DIRAC DISTRIBUTION, HURWITZ ZETA 
FUNCTION, POLYLOGARITHM 


Less 

A quantity a is said to be less than b if a is smaller than 
b, written a < b. If a is less than or EQUAL to b, the 
relationship is written a < b. If a is MUCH LEss than 
b, this is written a < b. Statements involving GREATER 
than and less than symbols are called INEQUALITIES. 


see also EQUAL, GREATER, INEQUALITY, MUCH 


GREATER, MUCH LESS 


Letter- Value Display 
A method of displaying simple statistical parameters in- 
cluding HINGES, MEDIAN, and upper and lower values. 


References 
Tukey, J. W. Explanatory Data Analysis. Reading, MA: 
Addison-Wesley, p. 33, 1977. 


Leudesdorf Theorem 


Leudesdorf Theorem 

Let t(m) denote the set of the ¢(m) numbers less than 
and RELATIVELY PRIME to m, where ¢(n) is the To- 
TIENT FUNCTION. Then if 


then 
Sm =0 (mod m?) if Ym, 3fm 
Sm =0 (mod Em?) if Hm, 3|m 
Sm =0 (mod +m?) 2|m, fm, m not a power of 2 
Sm = 0 (mod Em?) if 2/m, 3|m 
Sm =0 (mod jm?) ifm = 2°. 


see also BAUER’S IDENTICAL CONGRUENCE, TOTIENT 
FUNCTION 
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Hardy, G. H. and Wright, E. M. “A Theorem of Leudesdorf.” 
§8.7 in An Introduction to the Theory of Numbers, 5th ed. 
Oxford, England: Clarendon Press, pp. 100-102, 1979. 


Level Curve 
A LEVEL SET in 2-D. 


Level Set 
The level set of c is the SET of points 


{(a1,...,@n) E U : f(ai1,...,¢n) = c} ER”, 


and is in the DOMAIN of the function. If n = 2, the level 
set is a plane curve (a level curve). If n = 3, the level 
set is a surface (a level surface). 


References 


Gray, A. “Level Surfaces in R?.” 810.7 in Modern Differential 
Geometry of Curves and Surfaces. Boca Raton, FL: CRC 
Press, pp. 204-207, 1993. 


Level Surface 
A LEVEL SET in 3-D. 


Levi-Civita Density 
see PERMUTATION SYMBOL 


Levi-Civita Symbol 
see PERMUTATION SYMBOL 


Levi-Civita Tensor 
see PERMUTATION TENSOR 
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Leviathan Number 

The number (10°°°)!, where 666 is the BEAST NUMBER 
and n! denotes a FACTORIAL. The number of trailing ze- 
ros in the Leviathan number is 25 x 10%* — 143 (Pickover 
1995). 

see also 666, APOCALYPSE NUMBER, APOCALYPTIC 
NUMBER, BEAST NUMBER 


References 
Pickover, C. A. Keys to Infinity. New York: Wiley, pp. 97- 
102, 1995. 


Levine-O "Sullivan Greedy Algorithm 
For a sequence {x:}, the Levine-O Sullivan greedy algo- 
rithm is given by 


x1i=1 
Xi 


a 
e U G — xi) 


for 1 > 1. 


see also GREEDY ALGORITHM, LEVINE-O’SULLIVAN SE- 
QUENCE 


References 

Levine, E. and O’Sullivan, J. “An Upper Estimate for the 
Reciprocal Sum of a Sum-Free Sequence.” Acta Arith. 34, 
9-24, 1977. 


Levine-O’Sullivan Sequence 

The sequence generated by the LEVINE-O’SULLIVAN 
GREEDY ALGORITHM: 1, 2, 4, 6, 9, 12, 15, 18, 21, 24, 
28, 32, 36, 40, 45, 50, 55, 60, 65, ... (Sloane’s A014011). 
The reciprocal sum of this sequence is conjectured to 
bound the reciprocal sum of all A-SEQUENCES. 
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Lévy Constant 


Let pn /qn be the nth CONVERGENT of a REAL NUMBER 
xz. Then almost all REAL NUMBERS satisfy 


L= lim (qn) /” =e"/0212 = 3.27582291872.... 


see also KHINTCHINE’S CONSTANT, KHINTCHINE-LEVY 
CONSTANT 
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Le Lionnais, F. Les nombres remarquables. Paris: Hermann, 
p. 51, 1983. 


1072 Lévy Distribution 


Lévy Distribution 


F [Py (k)] = exp(—N ||"), 


where F is the FOURIER TRANSFORM of the probability 
Py (k) for N-step addition of random variables. Lévy 
showed that 8 € (0,2) for P(x) to be NONNEGATIVE. 
The Lévy distribution has infinite variance and some- 
times infinite mean. The case Y = 1 gives a CAUCHY 
DISTRIBUTION, while G = 2 gives a GAUSSIAN DISTRI- 
BUTION. 


see also CAUCHY DISTRIBUTION, GAUSSIAN DISTRIBU- 
TION 


Lévy Flight 

RANDOM WALK trajectories which are composed of self- 
similar jumps. They are described by the LEvy DISTRI- 
BUTION. 


see also LEVY DISTRIBUTION 
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Lévy Fractal 


mwa 
ar ARS 


A FRACTAL curve, also called the C-CURVE (Beeler et 
al. 1972, Item 135). The base curve and motif are illus- 
trated below. 


NS 


see also LEVY TAPESTRY 
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Lexis Ratio 


Lévy Function 
see BROWN FUNCTION 


Lévy Tapestry 


HS E 
BLEE 


The FRACTAL curve illustrated above, with base curve 
and motif illustrated below. 


SS 


see also LÉVY FRACTAL 
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Lew k-gram 

Diagrams invented by Lewis Carroll which can be used 
to determine the number of minimal MINIMAL COVERS 
of n numbers with k members. 


References 
Macula, A. J. “Lewis Carroll and the Enumeration of Mini- 


mal Covers.” Math. Mag. 68, 269-274, 1995. 


Lexicographic Order 

An ordering of PERMUTATIONS in which they are listed 
in increasing numerical order. For example, the PER- 
MUTATIONS of {1,2,3} in lexicographic order are 123, 
132, 213, 231, 312, and 321. 


see also TRANSPOSITION ORDER 


References 

Ruskey, F. “Information on Combinations of a Set.” 
http://sue.csc.uvic.ca/~cos/inf /comb/Combinations 
Info.html. ) 


Lexis Ratio 


T 


’ 
OB 


bs 
ll 


where o is the VARIANCE in a set of s LEXIS TRIALS 
and og is the VARIANCE assuming BERNOULLI TRIALS. 


Lexis Trials 


If L < 1, the trials are said to be SUBNORMAL, and if 
L > 1, the trials are said to be SUPERNORMAL. 


see also BERNOULLI TRIAL, LEXIS TRIALS, SUBNOR- 
MAL, SUPERNORMAL 


Lexis Trials 
n sets of s trials each, with the probability of success p 
constant in each set. 


var (=) = spq + s(s — 1)0p”, 


where gp” is the VARIANCE of pi. 
see also BERNOULLI TRIAL, LEXIS RATIO 


Lg 
The LOGARITHM to BASE 2 is denoted lg, i.e., 


lg x = log, z. 


see also BASE (LOGARITHM), E, LN, LOGARITHM, 
NAPIERIAN LOGARITHM, NATURAL LOGARITHM 


Liar’s Paradox 
see EPIMENIDES PARADOX 


Lichnerowicz Conditions 

Second and higher derivatives of the METRIC TENSOR 
Jab need not be continuous across a surface of disconti- 
nuity, but ga, and gas,- must be continuous across it. 


Lichnerowicz Formula 
D* Dy = V* Vy + ERY — +F} (0), 


where D is the Dirac operator D : T(Wt) + T(W7), 
V is the COVARIANT DERIVATIVE on SPINORS, F is the 
CURVATURE SCALAR, and E is the self-dual part of the 
curvature of L. 


see also LICHNEROWICZ-WEITZENBOCK FORMULA 
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Donaldson, S. K. “The Seiberg-Witten Equations and 4- 
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Lichnerowicz-Weitzenbock Formula 


D* Dy = V* Vy + ERY, 


where D is the Dirac operator D : T(S*) > T(S7), V 
is the COVARIANT DERIVATIVE on SPINORS, and R is 
the CURVATURE SCALAR. 


see also LICHNEROWICZ FORMULA 
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Lichtenfels Surface 
A MINIMAL SURFACE given by the parametric equation 


=R | Vacos( cogo | 


y=R -vzco cos(30) | 


= R -wa | 4 a 
Í ae Jo eose) 


References 

do Carmo, M. P. “The Helicoid.” §3.5F in Mathematical 
Models from the Collections of Universities and Museums 
(Ed. G. Fischer). Braunschweig, Germany: Vieweg, p. 47, 
1986. 

Lichtenfels, O. von. “Notiz über eine transcendente Mini- 
malflache.” Sitzungsber. Kaiserl. Akad. Wiss. Wien 94, 
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Lie Algebra 

A NONASSOCIATIVE ALGEBRA obeyed by objects such 
as the LIE BRACKET and PoIssON BRACKET. Elements 
f, g, and A of a Lie algebra satisfy 


[f,9] = —l9, fl, (1) 
[f+9,h] = [f, h] + [9, h], (2) 


and 
[f, [9, h]] + lg, lh, fl] + [h, [f,g]] = 0 (3) 


(the JACOBI IDENTITY), and are not ASSOCIATIVE. The 
binary operation of a Lie algebra is the bracket 


[f9, h] = flg,h] + olf, h]. (4) 


see also JACOBI IDENTITIES, LIE ALGEBROID, LIE 
BRACKET, IWASAWA’S THEOREM, POISSON BRACKET 


References 
Jacobson, N. Lie Algebras. New York: Dover, 1979. 


Lie Algebroid 

The infinitesimal algebraic object associated with a LIE 
GROUPOID. A Lie algebroid over a MANIFOLD B is a 
VECTOR BUNDLE A over B with a LIE ALGEBRA struc- 
ture [, ] (LIE BRACKET) on its SPACE of smooth sections 
together with its ANCHOR p. 


see also LIE ALGEBRA 
References 


Weinstein, A. “Groupoids: Unifying Internal and External 
Symmetry.” Not. Amer. Math. Soc. 43, 744-752, 1996. 


Lie Bracket 


The commutation operation 
[a,b] = ab — ba 


corresponding to the LIE PRODUCT. 
see also LAGRANGE BRACKET, POISSON BRACKET 
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Lie Commutator 
see LIE PRODUCT 


Lie Derivative 


£ mab — lim T(z’) = T’? (x) 
=  §u—40 du 


Lie Group 

A continuous GROUP with an infinite number of ele- 
ments such that the parameters of a product element 
are ANALYTIC FUNCTIONS. Lie groups are also C” 
MANIFOLDS with the restriction that the group oper- 
ation maps a C” map of the MANIFOLD into itself. Ex- 
amples include 03, SU(n), and the LORENTZ GROUP. 


see also COMPACT GROUP, LIE ALGEBRA, LIE 
GROUPOID, LIE-TYPE GROUP, NIL GEOMETRY, SOL 
GEOMETRY | 
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Arfken, G. “Infinite Groups, Lie Groups.” Mathematical 
Methods for Physicists, 3rd ed. Orlando, FL: Academic 
Press, p. 251-252, 1985, 
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Lie Groupoid | 

A GROUPOID G over B for which G and B are differen- 
tiable manifolds and a, 2, and multiplication are differ- 
entiable maps. Furthermore, the derivatives of a and 8 
are required to have maximal RANK everywhere. Here, 
a and 8 are maps from G onto R? with a: (x,y, y)oz 
and £ : (2,7, y) > y. | 
see also LIE ALGEBROID, NILPOTENT LIE GROUP, 
SEMISIMPLE LIE GROUP, SOLVABLE LIE GROUP 


References 
Weinstein, A. “Groupoids: Unifying Internal and External 
Symmetry.” Not. Amer. Math. Soc. 43, 744-752, 1996. 


Lie Product 
The multiplication operation corresponding to the LIE 
BRACKET. 


Lie-Type Group 

A finite analog of LIE GROUPS. The Lie-type groups 
include the CHEVALLEY GROUPS [PSL(n, q), PSU(n, q), 
PSp(2n, q), PO (n, q)], TWISTED CHEVALLEY GROUPS, 
and the TITS GROUP. 


see also CHEVALLEY GROUPS, FINITE GROUP, LIE 
GROUP, LINEAR GROUP, ORTHOGONAL GROUP, SIM- 
PLE GROUP, SYMPLECTIC GROUP, TITS GROUP, 
TWISTED CHEVALLEY GROUPS, UNITARY GROUP 


References 
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http: //for.mat.bham.ac.uk/atlastlie. 


Life 


Liebmann’s Theorem 
A SPHERE is RIGID. 


see also RIGID 
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Life 

The most well-known CELLULAR AUTOMATON, invented 
by John Conway and popularized in Martin Gardner’s 
Scientific American column starting in October 1970. 
The game was originally played (i.e., successive genera- 
tions were produced) by hand with counters, but imple- 
mentation on a computer greatly increased the ease of 
exploring patterns. 


The Life AUTOMATON is run by placing a number of 
filled cells on a 2-D grid. Each generation then switches 
cells on or off depending on the state of the cells that 
surround it. The rules are defined as follows. All eight 
of the cells surrounding the current one are checked to 
see if they are on or not. Any cells that are on are 
counted, and this count is then used to determine what 
will happen to the current cell. 


1. Death: if the count is less than 2 or greater than 3, 
the current cell is switched off. 


2. Survival: if (a) the count is exactly 2, or (b) the 
count is exactly 3 and the current cell is on, the 
current cell is left unchanged. 


3. Birth: if the current cell is off and the count is ex- 
actly 3, the current cell is switched on. 


Hensel gives a Java applet (http://www.mindspring. 
com/~alanh/life/) implementing the Game of Life on 
his web page. 


A pattern which does not change from one generation to 
the next is known as a Still Life, and is said to have pe- 
riod 1. Conway originally believed that no pattern could 
produce an infinite number of cells, and offered a $50 
prize to anyone who could find a counterexample before 
the end of 1970 (Gardner 1983, p. 216). Many coun- 
terexamples were subsequently found, including Guns 
and Puffer Trains. 


A Life pattern which has no Father Pattern is known 
as a Garden of Eden (for obvious biblical reasons). The 
first such pattern was not found until 1971, and at least 
3 are now known. It is not, however, known if a pattern 
exists which has a Father Pattern, but no Grandfather 
Pattern (Gardner 1983, p. 249). 


Rather surprisingly, Gosper and J. H. Conway inde- 
pendently showed that Life can be used to generate a 
UNIVERSAL TURING MACHINE (Berlekamp et al. 1982, 
Gardner 1983, pp. 250-253). 


Standardisation — e.g. corrections for ship distortion 


On the Carnegie voyages, a 
“reduction factor” was needed to 
correct for the distortion of the ship 
and its rigging 


*comparison made with flat shore 
sites close to level with the sea, free 
from trees, using a 15 to 20m long 
horizontal “passive wire” antenna 


eDifficulty was in getting ship within 
half-mile...so reduction factor was 
measured often and averaged 


«Reduction factor practically constant 
for PG 120 to 480V m“, 2.85 for 
mainsail up and boom to port or 
starboard, and 3.77 for mainsail 
down, with boom over port crutch 


Potential Gradient “reduction-factor station”, Watson’s Island, Apia, 
Samoa (April 1929). Spiders caused frequent trouble by spinning webs in 
the cap of the shore electrometer and in the caps of the supporting 
insulators of the stretched wire system. “The spiders were numerous. 
Several hours of record were affected by the presence of spider webs.” 


Vertical array of passive antennas 


V1 (0.5m) 
m \/2 (1.0m) 
V3 (1.5m) 
——Sg (W/m2) 


potential (volts) 
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time (BST) 


«Potential increases positively with height 


«Continuous turbulent mixing of ions is required for 


effective operation 


eNote the effect of a cloud passing around noon BST 


J.F. Barlow and R.G. Harrison (1999) Turbulenttransfer of space charge in the atmospheric surface layer, Proceedings 


Int Conf Atmos Elect, Huntsville Alabama 


Passive wire antenna 


*Ultra well-insulated horizontal wire positioned at known 
height naturally acquires the potential of the atmosphere 


insulator insulator 


j long wire electrode 


05/11/2020 


«Rate of acquisition of 
potential on the wire is 
not artificially 
accelerated by an 
equaliser 

=> instrument is called 
the passive wire 


e Wire potential 
measured using a 
high impedance 
voltmeter 


*No calibration or geometrical corrections required as long as there are no distorting objects 
nearby =>value of PG at 1m measured using passive wire is considered absolute 


Cruise of the NRP* Sagres 


Efield [high] (V/m) 


2020-01-14 


*Navio da República Portuguesa 
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Life Expectancy 


Similar CELLULAR AUTOMATON games with different 
rules are HASHLIFE, HEXLIFE, and HIGHLIFE. 


see also CELLULAR AUTOMATON, HASHLIFE, HEXLIFE, 
HIGHLIFE 
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Life Expectancy 
An ly table is a tabulation of numbers which is used to 
calculate life expectancies. 


Ne de lo dx Ls Ta lx 


O 1000 200 1.00 0.20 0.90 2.70 2.70 
1 800 100 0.80 0.12 0.75 1.80 2.25 
2 700 200 0.70 0.29 0.60 1.05 1.50 
3 500 300 0.50 0.60 0.35 0.45 0.90 
4 200 200 0.20 1.00 0.10 0.10 0.50 
9 0 0 0.00  — 0.00 0.00 — 


> 1000 2.70 


xz : Age category (x = 0, 1, ..., k). These values 
can be in any convenient units, but must be chosen 
so that no observed lifespan extends past category 
k-— 1. 

Ne : Census size, defined as the number of individuals 
in the study population who survive to the begin- 
ning of age category x. Therefore, no = N (the 
total population size) and ny = 0. 


Life Expectancy 1075 
da : = Na — Nz+1; Ne di = no. Crude death rate, 


which measures the number of individuals who die 
within age category zx. 


lg : = Nng/no. Survivorship, which measures the pro- 
portion of individuals who survive to the beginning 
of age category z. 


qz : = dz/Nz} Qk-1 = 1. Proportional death rate, or 
“risk,” which measures the proportion of individ- 
uals surviving to the beginning of age category z 
who die within that category. | 


Le : = (le + le41)/2. Midpoint survivorship, which 
measures the proportion of individuals surviving to 
the midpoint of age category x. Note that the sim- 
ple averaging formula must be replaced by a more 
complicated expression if survivorship is nonlinear 
within age categories. The sum ae Le gives the 
total number of age categories lived by the entire 
study population. 


Ta: = Tea = hei do = Ns Lz. Measures the 
total number of age categories left to be lived by 
all individuals who survive to the beginning of age 
category zx. 

€x : = Ty/le; ex-1 = 1/2. Life expectancy, which is 
the mean number of age categories remaining until 
death for individuals surviving to the beginning of 
age category Tt. 


For all z, €x+1 +1 > ez. This means that the total 
expected lifespan increases monotonically. For instance, 
in the table above, the one-year-olds have an average 
age at death of 2.25 + 1 = 3.25, compared to 2.70 for 
newborns. In effect, the age of death of older individuals 
is a distribution conditioned on the fact that they have 
survived to their present age. 


It is common to study survivorship as a semilog plot of 
ly vs. 2, known as a SURVIVORSHIP CURVE. A so-called 
l,m, table can be used to calculate the mean generation 
time of a population. Two l,m, tables are illustrated 
below. 

Population 1 


£ la Maz l¿My Tle Ma 
O 1.00 0.00 0.00 0.00 
1 0.70 0.50 0.35 0.35 
2 0.50 1.50 0.75 1.50 
3 0.20 0.00 0.00 0.00 
4 0.00 0.00 0.00 0.00 


Ro =1.10 > =1.85_ 


Y elms 1.85 


T = =— = — = 1.68 
S laMa 1.10 
In Ro ln 1.10 

r = na = 1.68 = 0.057. 
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Population 2 
O 1.00 0.00 0.00 0.00 
1 0.70 0.00 0.00 0.00 
2 0.50 2.00 1.00 2.00 
3 0.20 0.50 0.10 0.30 
4 0.00 0.00 0.00 0.00 
Ro = 1.10 > = 2.30 
Lo T . 
p= 2 tame _ 2.30 _ 4 og 
S ¿Ma 1.10 
InRo  In1.10 
= —— = = 0.046. 
ies so TSS 
z : Age category (x = 0,1, ..., k). These values 
can be in any convenient units, but must be 
chosen so that no observed lifespan extends past 
category k — 1 (as in an lẹ table). 
le : = Nz/no. Survivorship, which measures the 


proportion of individuals who survive to the be- 
ginning of age category x (as in an le table). 

Ma : The average number of offspring produced by 
an individual in age category x while in that 
age category. DA Mz therefore represents the 
average lifetime number of offspring produced 
by an individual of maximum lifespan. 


l,m, : The average number of offspring produced by 
an individual within age category x weighted 
by the probability of surviving to the beginning 
of that age category. ya l,m, therefore rep- 
resents the average lifetime number of offspring 
produced by a member of the study population. 
It is called the net reproductive rate per gener- 
ation and is often denoted Ro. 


clama : A column weighting the offspring counted 
in the previous column by their parents’ age 
when they were born. Therefore, the ratio 
T = Y \(alemz)/ Y (lama) is the mean gener- 
ation time of the population. 


The MALTHUSIAN PARAMETER r measures the repro- 
ductive rate per unit time and can be calculated as 
r = (InRo)/T. For an exponentially increasing popu- 
lation, the population size N(t) at time ¢ is then given 
by 

N(t) = Noe”. 


In the above two tables, the populations have identical 
reproductive rates of Ro = 1.10. However, the shift to- 
ward later reproduction in population 2 increases the 
generation time, thus slowing the rate of POPULATION 
GROWTH. Often, a slight delay of reproduction de- 
creases POPULATION GROWTH more strongly than does 
even a fairly large reduction in reproductive rate. 

see also GOMPERTZ CURVE, LOGISTIC GROWTH 
CURVE, MAKEHAM CURVE, MALTHUSIAN PARAMETER, 
POPULATION GROWTH, SURVIVORSHIP CURVE 


Likelihood Ratio 


Lift 

Given a MAP f from a SPACE X to a SPACE Y and 
another MAP g from a SPACE Z to a SPACE Y, a lift is a 
MAP h from X to Z such that gh = f. In other words, 
a lift of f is a MAP h such that the diagram (shown 
below) commutes. 


+ 


x——o>Y 


If f is the identity from Y to Y, a MANIFOLD, and if 
g is the bundle projection from the TANGENT BUNDLE 
to Y, the lifts are precisely VECTOR FIELDS. If g is a 
bundle projection from any FIBER BUNDLE to Y, then 
lifts are precisely sections. If f is the identity from Y to 
Y, a MANIFOLD, and g a projection from the orientation 
double cover of Y, then lifts exist IFF Y is an orientable 
MANIFOLD. 


If f is a MAP from a CIRCLE to Y, an n-MANIFOLD, 


and g the bundle projection from the FIBER BUNDLE 
of alternating n-FORMS on Y, then lifts always exist 
IFF Y is orientable. If f is a MAP from a region in 
the COMPLEX PLANE to the COMPLEX PLANE (complex 
analytic), and if g is the exponential MAP, lifts of f are 
precisely LOGARITHMS of f. 


see also LIFTING PROBLEM 


Lifting Problem 

Given a MAP f from a SPACE X to a SPACE Y and 
another MAP g from a SPACE Z to a SPACE Y, does 
there exist a MAP h from X to Z such that gh = f? If 
such a map A exists, then A is called a LIFT of f. 


see also EXTENSION PROBLEM, LIFT 


Ligancy 
see KISSING NUMBER 


Likelihood 

The hypothetical PROBABILITY that an event which has 
already occurred would yield a specific outcome. The 
concept differs from that of a probability in that a prob- 
ability refers to the occurrence of future events, while a 
likelihood refers to past events with known outcomes. 


see also LIKELIHOOD RATIO, MAXIMUM LIKELIHOOD, 
NEGATIVE LIKELIHOOD RATIO, PROBABILITY 


Likelihood Ratio 

A quantity used to test NESTED HYPOTHESES. Let H’ 
be a NESTED HYPOTHESIS with n’ DEGREES OF FREE- 
DOM within H (which has n DEGREES OF FREEDOM), 
then calculate the MAXIMUM LIKELIHOOD of a given 
outcome, first given H’, then given H. Then 


[likelihood H’] 


LR: = == + 
[likelihood H] 


Limacon 


Comparison of this ratio to the critical value of the 
CHI-SQUARED DISTRIBUTION with n — n' DEGREES OF 
FREEDOM then gives the SIGNIFICANCE of the increase 
in LIKELIHOOD. 


The term likelihood ratio is also used (especially in med- 
icine) to test nonnested complementary hypotheses as 
follows, 

LR — [true positive rate] [sensitivity] 
[false positive rate] 1-— [specificity] ` 


see also NEGATIVE LIKELIHOOD RATIO, SENSITIVITY, 
SPECIFICITY 


Limacon 


The limacon is a polar curve of the form 
r=b+acos@ 


also called the LIMAGON OF PASCAL. It was first in- 
vestigated by Diirer, who gave a method for drawing 
it in Underweysung der Messung (1525). It was redis- 
covered by Etienne Pascal, father of Blaise Pascal, and 
named by Gilles-Personne Roberval in 1650 (MacTutor 
Archive). The word “limaçon” comes from the Latin 
limaz, meaning “snail.” 


If b > 2a, we have a convex limaçon. If 2a > b > 
a, we have a dimpled limaçon. If b = a, the limaçon 
degenerates to a CARDIOID. If b < a, we have limagon 
with an inner loop. If 6 = a/2, it is a TRISECTRIX 
(but not the MACLAURIN TRISECTRIX) with inner loop 


of AREA 
3 
AS loop = la? n— NE , 


and AREA between the loops of 
Abetween loops = la” (r T 3V3) 


(MacTutor Archive). The limaçon is an ANALLAGMATIC 
CURVE, and is also the CATACAUSTIC of a CIRCLE when 
the RADIANT POINT is a finite (NONZERO) distance from 
the CIRCUMFERENCE, as shown by Thomas de St. Lau- 
rent in 1826 (MacTutor Archive). 


see also CARDIOID 
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Limacon Evolute 
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The CATACAUSTIC of a CIRCLE for a RADIANT POINT 
is the limacon evolute. It has parametric equations 


s a[4a? + 4b? + 9ab cost — ab cos(3t)] 
4(2a? + b? + 3ab cos t) 

M a*bsin® t 

- 2a? + b? + 3abcost' 


Limacon of Pascal 
see LIMACON 


Limit 

A function f(z) is said to have a limit lim,>34 f(z) = cif, 
for all e > 0, there exists a ô > O such that |f(2) —c] < e 
whenever 0 < |z — aj < ô. 


A LOWER LIMIT 


lower lim Sn = lim Sp =A 
mn — OO mn — OO 


is said to exist if, for every € > 0, |Sn — h| < e for 
infinitely many values of n and if no number less than h 
has this property. 


An UPPER LIMIT 


upper lim Sn = lim Sn =k 
noo Th CO 
is said to exist if, for every e > 0, |S, — k| < e for 
infinitely many values of n and if no number larger than 
k has this property. 


Indeterminate limit forms of types co/oo and 0/0 can be 
computed with L’HOSPITAL’S RULE. Types 0- oo can 
be converted to the form 02/0 by writing 


f(z) 


Feola) = ay: 
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Types 0%, oo”, and 1” are treated by introducing a de- 
pendent variable y = f(x)g(zx), then calculating lim In y. 
The original limit then equals Eo 


see also CENTRAL LIMIT THEOREM, CONTINUOUS, DIs- 
CONTINUITY, L’HOSPITAL’S RULE, LOWER LIMIT, UP- 
PER LIMIT 
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Limit Comparison Test 
Let Y a, and Y) bp be two SERIES with POSITIVE terms 
and suppose 


If p is finite and p > 0, then the two SERIES both CON- 
VERGE or DIVERGE. 


see also CONVERGENCE TESTS 


Limit Cycle 
An attracting set to which orbits or trajectories converge 
and upon which trajectories are periodic. 


see also HOPF BIFURCATION 


Limit Point 

A number z such that for all e > O, there exists a mem- 
ber of the SET y different from x such that |y — z| < e. 
The topological definition of limit point P of A is that P 
is a point such that every OPEN SET around it intersects 


A. 
see also CLOSED SET, OPEN SET 
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Lin?s Method 
An ALGORITHM for finding ROOTS for QUARTIC EQUA- 
TIONS with COMPLEX ROOTS. 
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Lindeberg Condition 
A SUFFICIENT condition on the LINDEBERG-FELLER 
CENTRAL LIMIT THEOREM. Given random variates Xj, 
Xz, ..., let (X;) = 0, the VARIANCE 0;* of X; be finite, 
and VARIANCE of the distribution consisting of a sum of 
Xis 

Sn = Xi +Xo +... + Xa (1) 


oo = Sa (2) 
i=1 


be 


Lindenmayer System 


Let 
S / (Xy? [Xl 
= zeae > 
ano (E) Eze) B 
ek= 
then the Lindeberg condition is 


tim An(e)=0 (4) 


‘for: all e > 0. 


see also FELLER-LEVY CONDITION 
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Lindeberg-Feller Central Limit Theorem 
If the random variates X1, X2, ... satisfy the LINDE- 
BERG CONDITION, then for all a < b, 


lim P (a 2252 b) = (b) — Bla), 


n—=00 Sn 


where $ is the NORMAL DISTRIBUTION FUNCTION. 


see also CENTRAL LIMIT THEOREM, FELLER-LÉVY 
CONDITION, NORMAL DISTRIBUTION FUNCTION 
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Lindelof’s Theorem 

The SURFACE OF REVOLUTION generated by the exter- 
nal CATENARY between a fixed point a and its conjugate 
on the ENVELOPE of the CATENARY through the fixed 
point is equal in AREA to the surface of revolution gen- 
erated by its two Lindelof TANGENTS, which cross the 
axis of rotation at the point a and are calculable from 
the position of the points and CATENARY. 


see also CATENARY, ENVELOPE, SURFACE OF REVOLU- 
TION 


Lindemann-Weierstraf Theorem 
If aj, ..., An are linearly independent over Q, then e*?, 
.., e*" are algebraically independent over Q. 


see also HERMITE-LINDEMANN THEOREM 


Lindenmayer System 

A STRING REWRITING system which can be used to gen- 
erate FRACTALS with DIMENSION between 1 and 2. The 
term L-SYSTEM is often used as an abbreviation. 


see also ARROWHEAD CURVE, DRAGON CURVE EXTE- 
RIOR SNOWFLAKE, FRACTAL, HILBERT CURVE, KOCH 
SNOWFLAKE, PEANO CURVE, PEANO-GOSPER CURVE, 
SIERPINSKI CURVE, STRING REWRITING 
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Line 

Euclid defined a line as a “breadthless length,” and a 
straight line as a line which “lies evenly with the points 
on itself” (Kline 1956, Dunham 1990). Lines are in- 
trinsically 1-dimensional objects, but may be embedded 
in higher dimensional SPACES. An infinite line pass- 
ing through points A and B is denoted 4p. A LINE 
SEGMENT terminating at these points is denoted AB. 
A line is sometimes called a STRAIGHT LINE or, more 
archaically, a RIGHT LINE (Casey 1893), to emphasize 
that it has no curves anywhere along its length. 


Consider first lines in a 2-D PLANE. The line with z- 
INTERCEPT a and y-INTERCEPT b is given by the tnter- 
cept form 

t y 

-+5 =1. 1 

A (1) 


The line through (z1, y1) with SLOPE m is given by the 
point-slope form 


y -yı = m(z— 21). (2) 


The line with y-intercept b and slope m is given by the 
slope-intercept form 


y = mx +b. (3) 


The line through (21, y1) and (£2, y2) is given by the two 
point form 


y -y = 2% (2 — 2). (4) 


T2 — £1 
Other forms are 
a(z — xı) +b(y - yı) = 0 (5) 
az+by+c=0 (6) 
x y 1 
zı y 1|=0. (7) 
La Y2 1 


A line in 2-D can also be represented as a VECTOR. The 
VECTOR along the line 


ax + by = 0 (8) 


ee] a 


is given by 
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where t € R. Similarly, VECTORS of the form 


t H (10) 


are PERPENDICULAR to the line. Three points lie on a 
line if 


T1 Yi 1 
T2 Y2 11350; (11) 
£3 Y3 1 


The ANGLE between lines 


Aj + Bıy + Cy = (12) 
Azz + B2y+C2=0 (13) 
i Ay Bo — A2B 
pan E al E 14 
an A, A2+ Bi Be (14) 


The line joining points with TRILINEAR COORDINATES 
a1: 81:71 and az : 2 : ya is the set of pointa: 6: y 
satisfying 


a B + 
a1 fir y|=0 (15) 

a2 B2 y 
(B1y — ynB2j)a + [ya — a1y2)8 + (0182 — B102)y = 0. 
(16) 


Three lines CONCUR if their TRILINEAR COORDINATES 
satisfy 


l¡a+miB+niy=0 (17) 
loa +m2B +n2y =0 (18) 
lsat m3 + n3y = 0, (19) 


in which case the point is 
mans — rats : Nols e long : lə m3 = Mals, (20) 


or if the COEFFICIENTS of the lines 


Ae Bay =D (21) 

Azz + Bay + Co = 0 (22) 

Asz + Bzy + C3 =0 (23) 
satisfy ie e 
1 1 1 

Az Bz C2|=0. (24) 
As B3 C3 


Two lines CONCUR if their TRILINEAR COORDINATES 
satisfy 

li mı nı. 
lz Tita Tta 
l3 m3 na 


= 0. (25) 


1080 Line 


The line through P; is the direction (ai, 61,¢1) and the 
line through Pa in direction (az, b2,c2) intersect IFF 


t2 — Tı Yy- Yi 727 41 
al by Cl = 0. (26) 
ay bo Ca 


The line through a point a’ : 6’: y” PARALLEL to 


la+mB+ny=0 (27) 
is 
a 4 Y 
a p Y 2p (28) 
bn—cm cl—an am-—bi 
The lines 
la+mB+ny=0 (29) 
la+m’B+n'y=0 (30) 


are PARALLEL if 
a(mn' — nm!) + b(n!' — In') +c(lm' —- ml') =0 (31) 
for all (a,b,c), and PERPENDICULAR if 


2abe(1l' + mm + nn”) — (mn' + m'm) cos A 
—(nl' + n'l) cos B — (Im' + I'm) cos C = 0 (32) 


for all (a,b,c) (Sommerville 1924). The line through a 
point a’ : 6’: y” PERPENDICULAR to (32) is given by 


Q B y 
a B' y 
l-mcos O m-—ncosA n-—lIcosB =0. (33) 
—n cos B —lcosC —mcosA 


In 3-D SPACE, the line passing through the point 
(Zo, Yo, 20) and PARALLEL to the NONZERO VECTOR 


v= |b (34) 


has parametric equations 


T= Lo + al 
y = yo + bt (35) 
z = zo + ct. 


see also ASYMPTOTE, BROCARD LINE, COLLINEAR, 
CONCUR, CRITICAL LINE, DESARGUES’ THEOREM, 
ERDOS-ANNING THEOREM, LINE SEGMENT, ORDINARY 
LINE, PENCIL, POINT, POINT-LINE DISTANCE—-2-D, 
POINT-LINE DISTANCE—3-D, PLANE, RANGE (LINE 
SEGMENT), RAY, SOLOMON’S SEAL LINES, STEINER 
SET, STEINER’S THEOREM, SYLVESTER’S LINE PROB- 
LEM 


Line Element 
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Line Bisector 
gine segment bisector 


an 
NY, 


The line bisecting a given LINE SEGMENT P,P, can be 
constructed geometrically, as illustrated above. 
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Line of Curvature 


A curve on a surface whose tangents are always in the 
direction of PRINCIPAL CURVATURE. The equation of 
the lines of curvature can be written 


g11 912 922 
b11 biz b22 | = 0, 
du? —dudv dv? 


where g and b are the COEFFICIENTS of the first and 
second FUNDAMENTAL FORMS. 


see also DUPIN’S THEOREM, FUNDAMENTAL FORMS, 
PRINCIPAL CURVATURES 


Line Element 
Also known as the first FUNDAMENTAL FORM 


ds? = gap dz? dg”. 
In the principal axis frame for 3-D, 


ds? = gaa(dx*)” + gæld’)? + geclda y. 


Line Graph 


At ORDINARY POINTS on a surface, the line element is 
positive definite. 


see also AREA ELEMENT, FUNDAMENTAL FORMS, VOL- 
UME ELEMENT 


Line Graph 


= 


A LINE GRAPH L(G) (also called an INTERCHANGE 
GRAPH) of a graph G is obtained by associating a vertex 
with each edge of the graph and connecting two vertices 
with an edge IFF the corresponding edges of G meet 
at one or both endpoints. In the three examples above, 
the original graphs are the COMPLETE GRAPHS K3, Ka, 
and K; shown in gray, and their line graphs are shown 
in black. 
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Line at Infinity 

The straight line on which all POINTS AT INFINITY lie. 
The line at infinity is given in terms of TRILINEAR Co- 
ORDINATES by 


aa+b84+cy = 0, 


which follows from the fact that a REAL TRIANGLE will 
have POSITIVE AREA, and therefore that 


2A =aa+bB+cy> 0. 


Instead of the three reflected segments concurring for 
the ISOGONAL CONJUGATE of a point X on the CIR- 
CUMCIRCLE of a TRIANGLE, they become parallel (and 
can be considered to meet at infinity). As X varies 
around the CIRCUMCIRCLE, X`! varies through a line 
called the line at infinity. Every line is PERPENDICULAR 
to the line at infinity. 


see also POINT AT INFINITY 


Line Integral 
The line integral on a curve o is defined by 


fra=/ F(o(t)) - a (t) dt (1) 
O a 


= | Fida + Fy dy + Fi dz, (2) 
Cc 
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where 
Fi 
F3 


If V-F =0 (i.e., it is a DIVERGENCELESS FIELD), then 
the line integral is path independent and 


(x,y,z) 
| F, dí + Fa dy + F; dz 
( 


a,b,c) 
(x,b,c) (2,y,c) (2,y,2) 
a} Fac + | Fady+ | F; dz. (4) 
(a,b,c) (a,b,c) (a,y,¢) 
For z COMPLEX, y : z = z(t), and t € [a, bj, 


J jiez [ f(2(t))2!(t) dt (5) 


see also CONTOUR INTEGRAL, PATH INTEGRAL 


Line Segment 

oS 

A B 
A closed interval corresponding to a FINITE portion of 
an infinite LINE. Line segments are generally labelled 
with two letters corresponding to their endpoints, say 
A and B, and then written AB. The length of the line 
segment is indicated with an overbar, so the length of 
the line segment AB would be written AB. 


Curiously, the number of points in a line segment 
(ALEPH-1; Nj) is equal to that in an entire 1-D SPACE 
(a LINE), and also to the number of points in an n-D 
SPACE, as first recognized by Georg Cantor. 


see also ALEPH-1 (Xi), COLLINEAR, CONTINUUM, LINE, 


RAY 


Line Space 
see LIOUVILLE SPACE 


Linear Algebra 

The study of linear sets of equations and their trans- 
formation properties. Linear algebra allows the analysis 
of ROTATIONS in space, LEAST SQUARES FITTING, so- 
lution of coupled differential equations, determination 
of a circle passing through three given points, as well 
as many other other problems in mathematics, physics, 
and engineering. 


The MATRIX and DETERMINANT are extremely useful 
tools of linear algebra. One central problem of linear 
algebra is the solution of the matrix equation 


Ax =b 
for x. While this can, in theory, be solved using a MA- 


TRIX INVERSE 
x = Ab, 
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other techniques such as GAUSSIAN ELIMINATION are 
numerically more robust. 


see also CONTROL THEORY, CRAMER’S RULE, DETER- 
MINANT, GAUSSIAN ELIMINATION, LINEAR TRANSFOR- 
MATION, MATRIX, VECTOR 
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Linear Approximation 

A linear approximation to a function f(x) at a point xo 
can be computed by taking the first term in the TAYLOR 
SERIES 


see also MACLAURIN SERIES, TAYLOR SERIES 


Linear Code 

A linear code over a FINITE FIELD with q elements Fy 
is a linear SUBSPACE C C F”. The vectors forming 
the SUBSPACE are called code words. When code words 
are chosen such that the distance between them is max- 
imized, the code is called error-correcting since slightly 
garbled vectors can be recovered by choosing the nearest 
code word. 


see also CODE, CODING THEORY, ERROR-CORRECTING 
CODE, GRAY CODE, HUFFMAN CODING, ISBN 


- Linear Extension 


Linear Congruence 
A linear congruence 


ax =b (mod m) 
is solvable IFF the CONGRUENCE 
b= 0 (mod (a,m)) 


is solvable, where d = (a, m) is the GREATEST COMMON 
DIVISOR, in which case the solutions are xo, Zo + m/d, 
zo + 2m/d, ..., to + (d — 1)m/d, where xp < m/d. If 
d = 1, then there is only one solution. 


see also CONGRUENCE, QUADRATIC CONGRUENCE 


Linear Congruence Method 
A METHOD for generating RANDOM (PSEUDORANDOM) 
numbers using the linear RECURRENCE RELATION 


Xn+1 = 4X, + c (mod m), 


where a and c must assume certain fixed values and Xo 
is an initial number known as the SEED. 


see also PSEUDORANDOM NUMBER, RANDOM NUMBER, 
SEED 
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Linear Equation 
An algebraic equation of the form 


y=ar+b 


involving only a constant and a first-order (linear) term. 
see also LINE, POLYNOMIAL, QUADRATIC EQUATION 


Linear Equation System | 
When solving a system of n linear equations with k > n 
unknowns, use MATRIX operations to solve the system 
as far as possible. Then solve for the first (k — n) com- 
ponents in terms of the last n components to find the 
solution space. 


Linear Extension 

A linear extension of a PARTIALLY ORDERED SET P is 
a PERMUTATION of the elements pi, p2, ... of P such 
that i < j IMPLIES p; < pj. For example, the linear ex- 
tensions of the PARTIALLY ORDERED SET ((1, 2), (3, 4)) 
are 1234, 1324, 1342, 3124, 3142, and 3412, all of which 
have 1 before 2 and 3 before 4. 
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Linear Fractional Transformation 


Linear Fractional Transformation 
see MOBIUS TRANSFORMATION 


Linear Group 


see GENERAL LINEAR GROUP, LIE-TYPE GROUP, PRO- 
JECTIVE GENERAL LINEAR GROUP, PROJECTIVE SPE- 
CIAL LINEAR GROUP, SPECIAL LINEAR GROUP 
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Linear Group Theorem 
Any linear system of point-groups on a curve with only 
ordinary singularities may be cut by ADJOINT CURVES. 
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Linear Operator 
An operator L is said to be linear if, for every pair of 
functions f and g and SCALAR t, 


L(f+g)=Lf + Lg 


and : 
L(tf) = tLf. 


see also LINEAR TRANSFORMATION, OPERATOR 


Linear Ordinary Differential Equation 


see ORDINARY DIFFERENTIAL EQUATION—FIRST- 
ORDER, ORDINARY DIFFERENTIAL EQUATION—SEC- 
OND-ORDER 


Linear Programming 

The problem of maximizing a linear function over a 
convex polyhedron, also known as OPERATIONS RE- 
SEARCH, OPTIMIZATION THEORY, or CONVEX OPTI- 
MIZATION THEORY. It can be solved using the SIMPLEX 
METHOD (Wood and Dantzig 1949, Dantzig 1949) which 
runs along EDGES of the visualization solid to find the 
best answer. 


In 1979, L. G. Khachian found a O(2°) POLYNOMIAL- 
time ALGORITHM. A much more efficient POLYNOMIAL- 
time ALGORITHM was found by Karmarkar (1984). This 
method goes through the middle of the solid and then 
transforms and warps, and offers many advantages over 
the simplex method. 


see also CRISS-CROSS METHOD, ELLIPSOIDAL CAL- 
CULUS, KUHN-TUCKER THEOREM, LAGRANGE MULTI- 
PLIER, VERTEX ENUMERATION 


References 

Bellman, R. and Kalaba, R. Dynamic Programming and 
Modern Control Theory. New York: Academic Press, 
1965. 


Linear Stability 1083 


Dantzig, G. B. “Programming of Interdependent Activities. 
II. Mathematical Model.” Econometrica 17, 200-211, 
1949. 

Dantzig, G. B. Linear Programming and Extensions. Prince- 
ton, NJ: Princeton University Press, 1963. 

Greenberg, H. J. “Mathematical Programming Glossary.” 
http: //ww-math . cudenver . edu/ -hgreenbe / glossary / 
glossary.html. 

Karloff, H. Linear Programming. Boston, MA: Birkhauser, 
1991. 

Karmarkar, N. “A New Polynomial-Time Algorithm for Lin- 
ear Programming.” Combinatorica 4, 373-395, 1984. 

Pappas, T. “Projective Geometry & Linear Programming.” 
The Joy of Mathematics. San Carlos, CA: Wide World 
Publ. /Tetra, pp. 216-217, 1989. 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vet- 
terling, W. T. “Linear Programming and the Simplex 
Method.” $10.8 in Numerical Recipes in FORTRAN: The 
Art of Scientific Computing, 2nd ed. Cambridge, England: 
Cambridge University Press, pp. 423-436, 1992. 

Sultan, A. Linear Programming: An Introduction with Ap- 
plications. San Diego, CA: Academic Press, 1993. 

Tokhomirov, V. M. “The Evolution of Methods of Convex 
Optimization.” Amer. Math. Monthly 103, 65-71, 1996. 

Wood, M. K. and Dantzig, G. B. “Programming of Interde- 
pendent Activities. 1. General Discussion.” Econometrica 
17, 193-199, 1949. 

Yudin, D. B. and Nemirovsky, A. S. Problem Complezity 
and Method Efficiency in Optimization. New York: Wiley, 
1983. 


Linear Recurrence Sequence 
see RECURRENCE SEQUENCE 


Linear Regression 

The fitting of a straight LINE through a given set of 
points according to some specified goodness-of-fit cri- 
terion. The most common form of linear regression is 
LEAST SQUARES FITTING. 

see also LEAST SQUARES FITTING, MULTIPLE REGRES- 
SION, NONLINEAR LEAST SQUARES FITTING 
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Edwards, A. L. An Introduction to Linear Regression and 
Correlation. San Francisco, CA: W. H. Freeman, 1976. 

Edwards, A. L. Multiple Regression and the Analysis of Vari- 
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Linear Space 
see VECTOR SPACE 


Linear Stability 
Consider the general system of two first-order ORDI- 
NARY DIFFERENTIAL EQUATIONS 


t = f(x,y) (1) 
y= g(x, y). (2) 


Let zo and yo denote FIXED POINTS with z = y = 0, so 


f (zo, yo) = 0 (3) 
g(to, Yo) = 0. (4) 
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Then expand about (xo, yo) so 


Ôt = fx(Zo, yo)dz + fylto, yo)dy + fey(Lo, yo)dxdy +... 
(5) 


OY = ga(to, Yo)dx + gy(Xo, Yo)ðy + Gay(Lo, yo)dxdy +.... 


(6) 


To first-order, this gives 


d rs = pone or H (7) 
dt | dy Ga[to,Yo) Qy(Zo, yo) | | dy |” 


where the 2x2 MATRIX is called the STABILITY MATRIX. 


In general, given an n-D MAP x’ = T(x), let xo be a 
FIXED POINT, so that 


T (xo) = Xo. (8) 


Expand about the fixed point, 


T(x + 6x) = T (xo) + a ix + O(5x)° 
= T(xo) + ôT, (9) 
Ñ a ee (10) 
Ox 


The map can be transformed into the principal axis 
frame by finding the EIGENVECTORS and EIGENVALUES 
of the MATRIX Á 

(A — Al) ôx = 0, (11) 


so the DETERMINANT 


IA — Al] = 0. (12) 
The mapping is 
Me axe 0 
Ox ne = “ie i (13) 
0 ses Ah 


When iterated a large number of times, 
ôT rince > 0 (14) 


only if [R(A;¿)| < 1 fori = 1,..., n but > oo if any |A;| > 
1. Analysis of the EIGENVALUES (and EIGENVECTORS) 
of A therefore characterizes the type of FIXED POINT. 
The condition for stability is |R(A¡)] < 1 for i =1,..., 
n. 

see also FIXED POINT, STABILITY MATRIX 
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Linear Transformation 

An n x n MATRIX A is a linear transformation (linear 
MAP) IFF, for every pair of n-VECTORS X and Y and 
every SCALAR t, 


A(X +Y) = A(X) + A(Y) (1) 


and 


A(tX) = tA(X). (2) 

Consider the 2-D transformation 
pry = 01171 + 01222 (3) 
pzz = 02172 + 02272. (4) 


Rescale by defining À = 21/22 and X = 21/22, then the 
above equations become 


aa (5) 


a yA +6? 


where ad — Gy 4 0 and a, ĝ, y and 6 are defined in 
terms of the old constants. Solving for A gives 


IX — B 
A 6 
so the transformation is ONE-TO-ONE. To find the 


FIXED POINTS of the transformation, set A = A’ to ob- 
tain 


yA? + (8 -a)A-B=0. (7) 


This gives two fixed points which may be distinct or 
coincident. The fixed points are classified as follows. 


variables type 


($— 0) +48y > 0 hyperbolic fixed point 
(6—a)?+4By <0 elliptic fixed point 
(6 —a)*+487=0 parabolic fixed point 


see also ELLIPTIC FIXED POINT (MAP), HYPERBOLIC 
FIXED POINT (MAP), INVOLUNTARY, LINEAR OPERA- 
TOR, PARABOLIC FIXED POINT 


References 


Woods, F. S. Higher Geometry: An Introduction to Advanced 
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15, 1961. 


Linearly Dependent Curves 
Two curves ¢ and y satisfying 


o+¥=0 
are said to be linearly dependent. Similarly, n curves 
i, 1=1,..., n are said to be linearly dependent if 


Só; =0. 


see also BERTINI’S THEOREM, STUDY’S THEOREM 
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Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, pp. 32-34, 1959. 


Conduction current — the Lerwick plate 


Collecting plate 
Spigots with 


PTFE 


Slateined pit 
coating 


Base plate 


Schematic of 0.5m? air-earth current collecting plate, 
operating flush with the ground in a slate-lined pit 


4 uc 


Collecting 
Plate 
Electrometer 


Amplifier Block diagram of 


electronic system. (/nput 
Rae Recorder resistor values: R1 10GQ, 
| o R2 25 GQ, R3 50 GQ, R4 
R, SR, 


100 GQ.) 


` ~ 50Hz Modulation 


R.G. Harrison and K.A. Nicoll, Air-earth current density measurements at Lerwick; implications for seasonality in the global electric circuit 
Atmospheric Research 89, 1-2, 181-193, doi:10.1016/j.atmosres.2008.01.008 


J and PG measured during fog 


= 19-21 Dec 06 = 19-21 Dec 06 


— 2006 —— 2006 


Percentage occurence 
Percentage occurence 


10123 465 67 8 9 10 O 100 200 300 400 500 600 700 800 
Je (PAm?) in 0.2pAm bins PG (Vm'!) in 5Vm” bins 


A.J.Bennett Measurements of Atmospheric electricity during different meteorological 
conditions, PhD Thesis, Reading, 2007 


Vertical current density affected little by fog layer 


PG greatly affected by low conductivity of foggy air 


Vertical current density instrumentation 


Hemispherical 


Collector Disc Collector 


Mukku, V. N. R., (1984). A design for eliminating displacement currents in 
the air-earth current measurement, Journal of Physics 17(E) 629. 


displacement current J, — proportional to 
total area - and conduction current J. — 
proportional to cross section 


Reading “GDACCS” instrument uses two 
electrodes with different geometry 

e heated, to repel water and insects 
Bennett, A.J. and Harrison, R.G., (2008). Surface measurementsystem for the 


atmospheric electrical vertical conduction current density, with displacement 
current density correction, J Atmos & Solar-Terrestrial Physics 70 1373-1381. 


Changes in electrical parameters during fog 


Reading 


Quantity Fair weather (FW) | Foggy 


Conduction current density 1.4 pAm” 1,2 pAm- 


Potential Gradient 100 Vm"! 400 Vm! 


Air conductivity (calculated) | 14 fSm'! 3 fSm'! 


Table 5-1. Comparison of Ohm’s Law parameters in foggy and fair weather. 


PG in fog is “4 to 5 times larger than FW 
e PG measurements in fog can be used to estimate in fog conductivity 


> Conductivity in fog ~ 5 times smaller than clear air 


05/11/2020 
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Linearly Dependent Functions 
The n functions fi(z), falx), ..., fn(x) are linearly de- 
pendent if, for some c1, C2, ..., Cn € R not all zero, 


cifi(x) =0 (1) 
(where EINSTEIN SUMMATION is used) for all z in some 


interval J. If the functions are not linearly dependent, 
they are said to be linearly independent. Now, if the 


functions € R”7*, we can differentiate (1) up to n ad 


times. Therefore, linear dependence also requires 


cif; =0 (2) 
cif 4 =0 (3) 
n-—1 
cif ) = 0, (4) 
where the sums are overi = 1, ..., n. These equations 
have a nontrivial solution IFF the DETERMINANT 
fi fo ook fa 
ff se: fp 
E >. = |e (5) 
n—1 azi i n=l 
grr ga ee 


where the DETERMINANT is conventionally called the 
WRONSKIAN and is denoted W (f1, f2,...,fn). If the 
WRONSKIAN Æ 0 for any value c in the interval J, then 
the only solution possible for (2) is c = 0 (i = 1, ..., 
n), and the functions are linearly independent. If, on 
the other hand, W = 0 for a range, the functions are 
linearly dependent in the range. This is equivalent to 


stating that if the vectors V[fi(c)],..., W[fn(c)] defined 
by 
fi(x) 
fila) 
Visio] = |) (6) 
A) 


are linearly independent for at least one c € J, then the 
functions f; are linearly independent in Z. 
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Sansone, G. “Linearly Independent Functions.” §1.2 in Or- 
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Linearly Dependent Vectors 
n VECTORS X1, X2,..., Xn are linearly dependent IFF 
there exist SCALARS ci, C2, ..., Cn such that 


ciX; = 0, (1) 


where EINSTEIN SUMMATION is used andi = 1, ..., Nn. 
If no such SCALARS exist, then the vectors are said to be 
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linearly independent. In order to satisfy the CRITERION 
for linear dependence, 


£11 £12 Lin 0 
T21 T22 T2n 0 
al. | tee] . | tester] . J = (2) 
Lnl Tn? Lnn 0 
Git A ++ Zin Cl 0 
T21 £22 L2n Ca 0 
1] = ' - 3 (3) 
Ln Ln2 oa ie Enn Cn 0 


In order for this MATRIX equation to have a nontrivial 
solution, the DETERMINANT must be 0, so the VECTORS 
are linearly dependent if 


Lit £12 Lin 
£21 £22 Lon 

f =); (4) 
Unl Tn2 *"*"* Inn 


and linearly independent otherwise. 

Let p and q be n-D VECTORS. Then the following three 
conditions are equivalent (Gray 1993). 

1. p and q are linearly dependent. 

pp pq 
q-P q4:4 


2. = 0. 


3. The 2 x n MATRIX H has rank less than two. 
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Gray, A. Modern Differential Geometry of Curves and Sur- 
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Linearly Independent 

Two or more functions, equations, or vectors which are 
not linearly dependent are said to be linearly indepen- 
dent. 


see also LINEARLY DEPENDENT CURVES, LINEARLY DE- 
PENDENT FUNCTIONS, LINEARLY DEPENDENT VEC- 
TORS, MAXIMALLY LINEAR INDEPENDENT 


Link 

Formally, a link is one or more disjointly embedded CIR- 
CLES in 3-space. More informally, a link is an assem- 
bly of KNOTS with mutual entanglements. Kuperberg 
(1994) has shown that a nontrivial KNOT or link in R’ 
has four COLLINEAR points (Eppstein). Doll and Hoste 
(1991) list POLYNOMIALS for oriented links of nine or 
fewer crossings. A listing of the first few simple links 
follows, arranged by CROSSING NUMBER. 
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see also ÁNDREWS-CURTIS LINK, BORROMEAN RINGS, 
BRUNNIAN LINK, HOPF LINK, KNOT, WHITEHEAD 
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Link Diagram 


A planar diagram depicting a LINK (or KNOT) as a se- 
quence of segments with gaps representing undercross- 
ings and solid lines overcrossings. In such a diagram, 
only two segments should ever cross at a single point. 
Link diagrams for the TREFOIL KNOT and FIGURE-OF- 
EIGHT KNOT are illustrated above. 
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93, Linkage 

Sylvester, Kempe and Cayley developed the geometry 
associated with the theory of linkages in the 1870s. 
Kempe proved that every finite segment of an algebraic 
curve can be generated by a linkage in the manner of 
WATT’S CURVE. 
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see also HART’S INVERSOR, KEMPE LINKAGE, PAN- 
TOGRAPH, PEAUCELLIER INVERSOR, SARRUS LINKAGE, 
WATT’S PARALLELOGRAM 


References 
Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., 1989. 


Linking Number 

A LINK invariant. Given a two-component oriented 
LINK, take the sum of +1 crossings and —1 crossing 
over all crossings between the two links and divide by 2. 
For components a and 8, 


L(a, B) 4 y e(p), 


peang 


where a N £ is the set of crossings of a with P and e(p) 
is the sign of the crossing. The linking number of a 
splittable two-component link is always 0. 


see also JONES POLYNOMIAL, LINK 
References 


Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
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Links Curve 


The curve given by the Cartesian equation 
(x? + y? — 32) = 4r’ (2 — 2). 


The origin of the curve is a TACNODE. 


References 
Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., p. 72, 1989. 


Linnik’s Constant 

The constant L in LINNIK’S THEOREM. Heath-Brown 
(1992) has shown that L < 5.5, and Schinzel, Sierpiñ- 
ski, and Kanold (Ribenboim 1989) have conjectured that 
LZ. 
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Liouville’s Constant 


Linnik’s Theorem 
Let p(d,a) be the smallest PRIME in the arithmetic pro- 
gression {a + kd} for k an INTEGER > 0. Let 


p(d) = max p(d, a) 


such that 1 < a < d and (a, d) = 1. Then there exists a 
do > 2 and an L > 1 such that p(d) < d* for all d > do. 
L is known as LINNIK’S CONSTANT. 


References 
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Linnik, U. V. “On the Least Prime in an Arithmetic Pro- 
gression. 11. The Deuring-Heilbronn Phenomenon” Mat. 
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Liouville’s Boundedness Theorem 

A bounded ENTIRE FUNCTION in the COMPLEX PLANE 
C is constant. The FUNDAMENTAL THEOREM OF AL- 
GEBRA follows as a simple corollary. 


see also COMPLEX PLANE, ENTIRE FUNCTION, FUNDA- 
MENTAL THEOREM OF ALGEBRA 


References 
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Liouville’s Conformality Theorem 

In SPACE, the only CONFORMAL TRANSFORMATIONS 
are inversions, SIMILARITY TRANSFORMATIONS, and 
CONGRUENCE TRANSFORMATIONS. Or, restated, ev- 
ery ANGLE-preserving transformation is a SPHERE- 
preserving transformation. 


see also CONFORMAL MAP 


Liouville’s Conic Theorem 

The lengths of the TANGENTS from a point P to a CONIC 
C are proportional to the CUBE ROOTS of the RADII OF 
CURVATURE of C at the corresponding points of contact. 


see also CONIC SECTION 


Liouville’s Constant 


L 


il 


Ss 107” = 0.110001000000000000000001... 
n=1 


(Sloane’s A012245). Liouville’s constant is a decimal 
fraction with a 1 in each decimal place corresponding 
to a FACTORIAL n!, and ZEROS everywhere else. This 
number was among the first to be proven to be TRANS- 
CENDENTAL. It nearly satisfies 


102° — 752° — 1902 + 21 = 0, 


but with z = L, this equation gives —0.0000000059.... 
see also LIOUVILLE NUMBER 


Liouville's Elliptic Function Theorem 
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Liouville’s Elliptic Function Theorem 
An ELLIPTIC FUNCTION with no POLES in a fundamen- 


MN 
it 


A(n) = (-1)"™, (1) 


Liouville Function 


Wil 
win 


The function 


—_ ro il 
—— 
rr D 


where r(n) is the number of not necessarily distinct 
PRIME FACTORS of n, with r(1) = 0. The first few 
values of A(n) are 1, —1, —1, 1, —1, 1, —1, —1, 1, 1, —1, 
—1,.... The Liouville function is connected with the 
RIEMANN ZETA FUNCTION by the equation 


¢(2s)__ Am) 
One 2) 


(Lehman 1960). 


wy DO 200 300 400 500 
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The CONJECTURE that the SUMMATORY FUNCTION 
L(n) = X Aln) (3) 
k=1 


satisfies L(n) < 0 for n > 2 is called the PÓLYA CON- 
JECTURE and has been proved to be false. The first n 
for which L(n) = 0 are for n = 2, 4, 6, 10, 16, 26, 
40, 96, 586, 906150256, ... (Sloane's A028488), and 
n = 906150257 is, in fact, the first counterexample to 
the PÓLYA CONJECTURE (Tanaka 1980). However, it is 
unknown if L(x) changes sign infinitely often (Tanaka 
1980). The first few values of L(n) are 1, 0, —1, 0, —1, 
E E 8 A S 
—4,... (Sloane’s A002819). L(n) also satisfies 


$1 (2) = Lva]; a 


where |x| is the FLOOR FUNCTION (Lehman 1960). 
Lehman (1960) also gives the formulas 


Dae Y rm Fa 
Sa (15-12) 
Èr i) $ o 6 
a En 
; 


where k, l, and m are variables ranging over the POSI- 
TIVE integers, u(n) is the MÖBIUS FUNCTION, M(z) is 
MERTENS FUNCTION, and v, w, and x are POSITIVE real 
numbers with v < w < T. 


see also PÓLYA CONJECTURE, PRIME FACTORS, RIE- 
MANN ZETA FUNCTION 
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Liouville Measure 


II dp; dqi, 


where p; and q; are momenta and positions of particles. 


see also LIOUVILLE’S PHASE SPACE THEOREM, PHASE 
SPACE 


Liouville Number 
A Liouville number is a TRANSCENDENTAL NUMBER 
which is very close to a RATIONAL NUMBER. An IR- 
RATIONAL NUMBER @ is a Liouville number if, for any 
n, there exist an infinite number of pairs of INTEGERS p 
and g such that | 

1 
< aa ee 


0< =. 
q 


B-E 
q 


Mahler (1953) proved that z is not a Liouville number. 


see also LIOUVILLE’S CONSTANT, LIOUVILLE’S RATIO- 
NAL APPROXIMATION THEOREM, ROTH’S THEOREM, 
TRANSCENDENTAL NUMBER 
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Mahler, K. “On the Approximation of r.” Nederl. Akad. 
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Liouville’s Phase Space Theorem 

States that for a nondissipative HAMILTONIAN SYSTEM, 
phase space density (the AREA between phase space con- 
tours) is constant. This requires that, given a small time 
increment dt, 


OH (q0, po, t 
qı = q(to + dt) = qu + | +0(dé) (1) 
OH El , E 
pı = p(to + dt) = po — a ay + O(dt?), (2) 
0 
the JACOBIAN be equal to one: 
a 
alapi) _ | ax 3% 
(qo, Po) ga qe 
2 2 
l + TT dt — py 7 dt 2 
902 3H + O(dt ) 
dp) dt l — dra dt 
= 1+ 0(dt’). (3) 


Expressed in another form, the integral of the Liou- 
VILLE MEASURE, 


N 
I] J dpi dqi, (4) 


is a constant of motion. SYMPLECTIC MAPS of HAM- 
ILTONIAN SYSTEMS must therefore be AREA preserving 
(and have DETERMINANTS equal to 1). 

see also LIOUVILLE MEASURE, PHASE SPACE 
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Liouville-Roth Constant 


Liouville Polynomial Identity 


6(a1* + 02" +23 + La”) = (xı + x2)* + (xı + 3) 
Harta) Y at) + lar) + lastra) + 122)" 
+(#1 — 23) + (£2 — 23) + (21 — 24) + (a2 — z4)“ 


+(23 — za)”. 


This is proven in Rademacher and Toeplitz (1957). 
see also WARING’S PROBLEM 
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Liouville’s Rational Approximation Theorem 
For any ALGEBRAIC NUMBER z of degree n > 1, a RA- 
TIONAL approximation x = p/q must satisfy 


1 
gn+! 


> 


p 
q 


for sufficiently large q. Writing r = n + 1 leads to the 
definition of the LIOUVILLE-ROTH CONSTANT of a given 
number. 


see also LAGRANGE NUMBER (RATIONAL APPROXI- 
MATION), LIOUVILLE’S CONSTANT, LIOUVILLE NUM- 
BER, LIOUVILLE-ROTH CONSTANT, MARKOV NUMBER, 
ROTH’S THEOREM, THUE-SIEGEL-ROTH THEOREM 
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Liouville-Roth Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let x be a REAL NUMBER, and let R be the SET of 
POSITIVE REAL NUMBERS for which 


e (1) 


has (at most) finitely many solutions p/q for p and q 
INTEGERS. Then the Liouville-Roth constant (or IR- 
RATIONALITY MEASURE) is defined as the threshold at 
which LIOUVILLE’S RATIONAL APPROXIMATION THEO- 
REM kicks in and x is no longer approximable by Ra- 
TIONAL NUMBERS, 


r(x) = inf T. (2) 


Liouville Space 


There are three regimes: 


r(x)=1 zx is rational 
r(z)=2 zis algebraic irrational (3) 
r(x) >2  xis transcendental. 


The best known upper bounds for common constants 
are 


r(L) = œ (4) 
r(e) = 2 (5) 
r(x) < 8.0161 (6) 
r(In2) < 4.13 (7) 
r(x”) < 6.3489 (8) 
r(€(3)) < 13.42, (9) 


where L is LIOUVILLE's CONSTANT, ¢(3) is APERY’S 
CONSTANT, and the lower bounds are 2 for the inequal- 
ities. 
see also LIOUVILLE’S RATIONAL APPROXIMATION THE- 
OREM, ROTH’S THEOREM, THUE-SIEGEL-ROTH THEO- 
REM 
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Liouville Space 

Also known as LINE SPACE or “extended” HILBERT 
SPACE, it is the DIRECT PRODUCT of two HILBERT 
SPACES. 


see also DIRECT PRODUCT (SET), HILBERT SPACE 


Liouville?s Sphere-Preserving Theorem 
see LIOUVILLE’S CONFORMALITY THEOREM 


Lipschitz Condition 
A function f(x) satisfies the Lipschitz condition of order 
aat x= 0 if 


|f(h) — f(0)| < Bih}? 


for all [A] < e, where B and 8 are independent of h, 
8 > 0, and a is an UPPER BOUND for all 8 for which a 
finite B exists. 


see also HILLAM’S THEOREM, LIPSCHITZ FUNCTION 
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Lipschitz Function 
A function f such that 


f(z) — fly) < Cle — y] 
is called a Lipschitz function. 
see also LIPSCHITZ CONDITION 
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Lipschitz’s Integral | 


i 1 
e “ Jolbx) dx = —————., 
/ o(be) de = 7 
where Jo(z) is the zeroth order BESSEL FUNCTION OF 
THE FIRST KIND. 
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Lissajous Curve 


CN Ua 
Kalkal: 


Lissajous curves are the family of curves described by 
the parametric equations 


a(t) = Acos(wet — dz) (1) 
y(t) = B cos(wyt — dy), (2) 
sometimes also written in the form 
z(t) = asin(nt + c) (3) 
y(t) = bsint. ? (4) 


They are sometimes known as BOWDITCH CURVES after 
Nathaniel Bowditch, who studied them in 1815. They 
were studied in more detail (independently) by Jules- 
Antoine Lissajous in 1857 (MacTutor Archive). Lis- 
sajous curves have applications in physics, astronomy, 
and other sciences. The curves close IFF wz/wy is RA- 
TIONAL. 
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Lissajous Figure 
see LISSAJOUS CURVE 


List 
A DATA STRUCTURE consisting of an order SET of el- 
ements, each of which may be a number, another list, 


etc. A list is usually denoted (a1, a2, ..., An) or {a1, 
42, +++, An}. 

see also QUEUE, STACK 

Lituus 

An ARCHIMEDEAN SPIRAL with m = —2, having polar 


equation 

r° =a. 
Lituus means a “crook,” in the sense of a bishop’s 
crosier. The lituus curve originated with Cotes in 1722, 
Maclaurin used the term lituus in his book Harmonia 
Mensurarum in 1722 (MacTutor Archive). The lituus is 
the locus of the point P moving such that the AREA of 
a circular SECTOR remains constant. 
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Lituus Inverse Curve 
The INVERSE CURVE of the LITUUS is an ARCHIMEDEAN 
SPIRAL with m = 2, which is FERMAT’S SPIRAL. 


see also ARCHIMEDEAN SPIRAL, FERMAT’S SPIRAL, 
LITUUS 


LLL Algorithm 
An INTEGER RELATION algorithm. 


see also FERGUSON-FORCADE ALGORITHM, HJLS AL- 
GORITHM, INTEGER RELATION, PSLQ ALGORITHM, 
PSOS ALGORITHM 
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Lobachevsky’s Formula 


Ln 
The LOGARITHM to BASE e, also called the NATURAL 
LOGARITHM, is denoted In, i.e., 


In z = log, 2. 


see also BASE (LOGARITHM), E, LG, LOGARITHM, 
NAPIERIAN LOGARITHM, NATURAL LOGARITHM 


Lo Shu 


The unique MAGIC SQUARE of order three. The Lo Shu 
is an ASSOCIATIVE MAGIC SQUARE, but not a PAN- 
MAGIC SQUARE. 


see also ASSOCIATIVE MAGIC SQUARE, MAGIC SQUARE, 
PANMAGIC SQUARE 
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Lobachevsky-Bolyai-Gauss Geometry 
see HYPERBOLIC GEOMETRY 


Lobachevsky’s Formula 


P 
E 


x I(x) 


A C D B 


Given a point P and a LINE AB, draw the PERPENDIC- 
ULAR through P and call it PC. Let PD be any other 
line from P which meets CB in D. In a HYPERBOLIC 
GEOMETRY, as D moves off to infinity along CB, then 
the line PD approaches the limiting line PE, which is 
said to be parallel to CB at P. The angle ¿CPE which 
PE makes with PC is then called the ANGLE OF PAR- 
ALLELISM for perpendicular distance z, and is given by 


I(x) = 2 tan”? (ens), 


which is called Lobachevsky’s formula. 


see also ANGLE OF PARALLELISM, HYPERBOLIC GEOM- 
ETRY 
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Lobatto Quadrature 


Lobatto Quadrature 

Also called RADAU QUADRATURE (Chandrasekhar 
1960). A GAUSSIAN QUADRATURE with WEIGHTING 
FUNCTION W(a) = 1 in which the endpoints of the in- 
terval [-1,1] are included in a total of n ABSCISSAS, 
giving r = n — 2 free abscissas. ABSCISSAS are symmet- 
rical about the origin, and the general FORMULA is 


[ sede =wif(-1) + wf) + Y stes. (0 


The free ABSCISSAS z; fori = 2,...,n—1 are the roots 
of the POLYNOMIAL P,_1(z), where P(x) is a LEGEN- 
DRE POLYNOMIAL. The weights of the free abscissas are 


as 
(1 — 242) PY (22) Pin (a:) 
2 


MECANO 8) 


(2) 


Wi = 


and of the endpoints are 


fit ate 2 
>” n(n —1)' 


The error term is given by 


n(n — 1)32?"-1{(n — 2)1]1 


(2n-2) 
Gan-en- gp F % © 


E=- 


for £ € (-1,1). Beyer (1987) gives a table of parame- 
ters up to n=11 and Chandrasekhar (1960) up to n=9 
(although Chandrasekhar's 13,4 for m = 5 is incorrect). 


n Dy Wi 

3 0 1.33333 
El 0.333333 

4 +0.447214 0.833333 
+1 i 0.166667 

5 0 0.711111 
+0.654654 0.544444 
+1 0.100000 


6 +0.285232 0.554858 
+0.765055 0.378475 
+1 0.0666667 


The ABSCISSAS and weights can be computed analyti- 
cally for small n. 


n dy Wi 
4 

3 0 3 
+1 i 
4 +iy5 i 
5 

+1 a 
32 

5 0 25 
1 49 

27 Vel. Go 

1 

+1 30 
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see also CHEBYSHEV QUADRATURE, RADAU QUADRA- 
TURE 
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Lobster 


A 6-POLYIAMOND. 
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Local Cell 

The POLYHEDRON resulting from letting each SPHERE 
in a SPHERE PACKING expand uniformly until it touches 
its neighbors on flat faces. 


see also LOCAL DENSITY 


Local Degree 

The degree of a VERTEX of a GRAPH is the number of 
EDGES which touch the VERTEX, also called the LOCAL 
DEGREE. The VERTEX degree of a point A in a GRAPH, 
denoted p(A), satisfies 


Ss p(A¡) = 2E, 
¿=1 


where E is the total number of EDGES. Directed graphs 
have two types of degrees, known as the INDEGREE and 
OUTDEGREE. 


see also INDEGREE, OUTDEGREE 


Local Density 
Let each SPHERE in a SPHERE PACKING expand uni- 
formly until it touches its neighbors on flat faces. Call 
the resulting POLYHEDRON the LOCAL CELL. Then the 
local density is given by 

Vsphere 


p = ; 
Visca cell 


When the LOCAL CELL is a regular DODECAHEDRON, 


then 
my 5+ v5 
5410 (v5 — 2) 


see also LOCAL DENSITY CONJECTURE 


Pdodecahedron — = 0.7547 .... 
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Local Density Conjecture 
The CONJECTURE that the maximum LOCAL DENSITY 


18 given by Pdodecahedron - 
see also LOCAL DENSITY 


Local Extremum 
A LOCAL MINIMUM or LOCAL MAXIMUM. 


see also EXTREMUM, GLOBAL EXTREMUM 


Local Field 

A FIELD which is complete with respect to a discrete 
VALUATION is called a local field if its FIELD of RESIDUE 
CLASSES is FINITE. The HASSE PRINCIPLE is one of the 
chief applications of local field theory. 


see also HASSE PRINCIPLE, VALUATION 
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Local-Global Principle 
see HASSE PRINCIPLE 


Local Group Theory 

The study of a FINITE GROUP G using the LOCAL SUB- 
GROUPS of G. Local group theory plays a critical role in 
the CLASSIFICATION THEOREM. 


see also SYLOW THEOREMS 


Local Maximum 
The largest value of a set, function, etc., within some 
local neighborhood. 


see also GLOBAL MAXIMUM, LOCAL MINIMUM, MAXI- 
MUM, PEANO SURFACE 


Local Minimum 
The smallest value of a set, function, etc., within some 


local neighborhood. 


see also GLOBAL MINIMUM, LOCAL MAXIMUM, MINI- 
MUM 


Local Ring 
A NOETHERIAN RING R with a Jacobson radical which 
has only a single maximal ideal. 
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Local Subgroup 
A normalizer of a nontrivial SYLOW p-SUBGROUP of a 
GROUP G. 


see also LOCAL GROUP THEORY 


Log Normal Distribution 


Local Surface 
see PATCH 


Locally Convex Space 
see LOCALLY PATHWISE-CONNECTED SPACE 


Locally Finite Space 

A locally finite SPACE is one for which every point of 
a given space has a NEIGHBORHOOD that meets only 
finitely many elements of the COVER. 


Locally Pathwise-Connected Space 

A SPACE X is locally pathwise-connected if for every 
NEIGHBORHOOD around every point in X, there is a 
smaller, PATHWISE-CONNECTED NEIGHBORHOOD. 


Loculus of Archimedes 
see STOMACHION 


Locus 

The set of all points (usually forming a curve or surface) 
satisfying some condition. For example, the locus of 
points in the plane equidistant from a given point is 
a CIRCLE, and the set of points in 3-space equidistant 
from a given point is a SPHERE. 


Log 

The symbol log x is used by physicists, engineers, and 
calculator keypads to denote the BASE 10 LOGARITHM. 
However, mathematicians generally use the same symbol 
to mean the NATURAL LOGARITHM LN, lng. In this 
work, logx = log,,z, and lng = log, z is used for the 
NATURAL LOGARITHM. 


see also LG, LN, LOGARITHM, NATURAL LOGARITHM 


Log Likelihood Procedure 

A method for testing NESTED HYPOTHESES. To ap- 
ply the procedure, given a specific model, calculate the 
LIKELIHOOD of observing the actual data. Then com- 
pare this likelihood to a nested model (i.e., one in which 
fewer parameters are allowed to vary independently). 


Log Normal Distribution 


Pix) 
Dix) 


A CONTINUOUS DISTRIBUTION in which the LOGA- 
RITHM of a variable has a NORMAL DISTRIBUTION. It is 
a general case of GILBRAT’S DISTRIBUTION, to which 
the log normal distribution reduces with S = 1 and 


05/11/2020 


Air conductivity measurements by “Gerdien” sampling tube Passive wire conductivity method 


positive ion trajectory Ground the passive wire and measure the charging time constant 7 
$ 


central electrode 


insulator insulator Conductivity is 
foundas g=— 
T 


outer electrode support 


electrometer 


eclockwork fan 
efibre electrometer 


ebrass electrode, ebony and amber 
construction | — pw 


—— Theoretical 


evoltage decay method to infer curren LY > 


Derived conductivity (tSm') 


a oe eels laa Soke a a 
: : - 1440 1740 , : 

edesigned for balloon experiments NN Time since grounding (s) 

Gerdien’s condenser (1905) 53 A.J. Bennett and R.G. Harrison, In situ calibration of atmospheric air 


conductivity measurements Rev Sci Instrum 77, 016103 (2006) 


Balloon carried polar conductivity sensor Se _ 
o | 4. Variability in the global circuit 
Screened box containing electronics Electronic developments has 


allowed miniaturisation of sensors A o O 
The global circuit is a planetary framework of electrical connectivity — it will 
Negative ion . r Positive ion 


ARELA i “amplingtube "Dual sampling tubes allow also reflect variability of different kinds occurring in the atmospheric system, 
simultaneous measurement of o, e.g. 
and o. 


e Internal variability. Changes in the thunderstorm and shower clouds which 
drive it, in terms of their positions and contributions. ENSO may influence 
these 


Sensors can be flown alongside 

standard radiosondes, with data 
RS80 radiosonde ee oa transmitted in real time 
18V battery 
K.A. Nicoll and R.G. Harrison, A double- 
Gerdien instrument for simultaneous bipolar 
air conductivity measurements on balloon 
platforms, Rev Sci Instrum 79, 084502 (2008) 


V+ = V- V+ reset _• V- reset i+ ei- 


External variability. Cosmic rays provide much of the conductivity of air 
away from the surface. Factors which modulate cosmic rays — primarily 


d & r a d y g a a r Ld a g a a 
SAA solar changes — will lead to changes in the current flow. 
This will couple through into atmospheric processes which use the global 
A ae circuit in some way. 
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Log Normal Distribution 


M = 0. The probability density and cumulative dis- 
tribution functions are log normal distribution 


es 1 e- (in 2—M)? /(25?) 
P(o) = se a) 
D(x) = > £ + erf (=) i (2) 


where erf(x) is the ERF function. This distribution is 
normalized, since letting y = Inz gives dy = dx/zx and 
zx = e”, so 


AE y 


The MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 
given by 


—M)? /2sS? dy = 1. (3) 


oT ek (4) 
e a -1) (5) 
A 1 Oe | (6) 
ya =e (34265 + 82%) 3. (7) 


These can be found by direct integration 


2 
—(Ing~M)*/2S de 


e sb, 


2 2 
 Ly=M) [25 e” dy 


= E 


/ ¿vu M)?/282 Jy 


oo 
(282 2 2 2 
I. e (-2S“yty*-—2yM+M~)/2S dy 


D Sy 27 


= oe 


ml. 


M+8? /2 —(y-(S24+M)?]/258? 
a e d 
Sy 2n r j 


= MAN (8) 


afs EM s2(s2+2M)/25? 
+M)\*+S7(S7+2M)}/ dy 


and similarly for 0”. Examples of variates which have 


approximately log normal distributions include the size 
of silver particles in a photographic emulsion, the sur- 
vival time of bacteria in disinfectants, the weight and 
blood pressure of humans, and the number of words 
written in sentences by George Bernard Shaw. 


see also GILBRAT’S DISTRIBUTION, WEIBULL DISTRI- 
BUTION 
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Log-Series Distribution 
The terms in the series expansion of In(1 — 6) about 
9 = 0 are proportional to this distribution. 


E ae 
asis — 6) 


6°*°}(6,1,1+n) +In(1 — 6) 
D(n) = Er E gy =) 


(2) 


P(n) = - (1) 


where ® is the LERCH TRANSCENDENT. The MEAN, 
VARIANCE, SKEWNESS, and KURTOSIS 


o 
H= 6-1) —8) (3) 
2 [6 + In(1 - 8)] 

~~ @- ip fin(t — 0) 4) 


20? + 391n(1 — 0) + (1+0) In*(1 — a 


ha — 0)\[8 + In(1 — 0)]/ —0[0 + In(1 — 


(5) 
_ 667 + 126? In(1 — 0) + 6(7 + 46) ln? (1 — 6) 
i= 019 + In(1 — 0)? 
(1+ 40 + 0%) In*(1 — 6) (6) 


019 + In(1 — 8) |? 


Log- Weibull Distribution 
see FISHER-TIPPETT DISTRIBUTION 


Logarithm 


The logarithm is defined to be the INVERSE FUNCTION 
of taking a number to a given POWER. Therefore, for 


any x and 6, 
g = 0867 (1) 


or equivalently, 
x = log, (b°). (2) 


Here, the POWER b is known as the BASE of the log- 
arithm. For any BASE, the logarithm function has a 
SINGULARITY at z = 0. In the above plot, the solid 
curve is the logarithm to BASE e (the NATURAL LOGA- 
RITHM), and the dotted curve is the logarithm to BASE 
10 (Loc). 
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Logarithms are used in many areas of science and engi- 
neering in which quantities vary over a large range. For 
example, the decibel scale for the loudness of sound, the 
Richter scale of earthquake magnitudes, and the astro- 
nomical scale of stellar brightnesses are all logarithmic 
scales. 


ImíLog z} |Log z] 


EA 
D- 
= ars 


inf 
ERA A 
a al 
F 


Re[Log 2] 


-2 
Re[z 


The logarithm can also be defined for COMPLEX argu- 
ments, as shown above. If the logarithm is taken as 
the forward function, the function taking the BASE to a 
given POWER is then called the ANTILOGARITHM. 


For z = log N, |x| is called the CHARACTERISTIC and 
z — |x] is called the MANTISSA. Division and multipli- 
cation identities follow from these 


ny = pices =p logo y — ¿logo ttlogy y (3) 
from which it follows that 
log, (zy) = log, x + log, y (4) 
log, @ = log, æ — log, y (5) 
log, z” = n log, x. (6) 


There are a number of properties which can be used to 
change from one BASE to another 


AE giBa b/log, b Es (a! Ea Py1/ 1084 b = pi/ 1084 È (7) 
1 
] == 
085 a log, b (8) 
log, z = log, (yv *) = log, z log, y (9) 
log.. z 
l = Ze 10 
"Eu Tog, y 10) 
rig = p=/ 8a b = pa loge F: (11) 


The logarithm BASE e is called the NATURAL LOGA- 
RITHM and is denoted Ing (LN). The logarithm BASE 
10 is denoted log x (LOG), (although mathematics texts 
often use log x to mean lng). The logarithm BASE 2 is 
denoted lg x (LG). 


An interesting property of logarithms follows from look- 
ing for a number y such that 


log,(z + y) = — log, (x — y) (12) 


z+ y= (13) 


BEY 


Logarithmic Binomial Theorem 


g? =y =1 (14) 
yeni 1 (15) 


SO 
log (æ + y z? —1) = — log, (2 — 


Numbers of the form log, b are IRRATIONAL if a and b 
are INTEGERS, one of which has a PRIME factor which 
the other lacks. A. Baker made a major step forward 
in ‘TRANSCENDENTAL NUMBER theory by proving the 
transcendence of sums of numbers of the form a ln 3 for 
a and @ ALGEBRAIC NUMBERS. 


qx? —1). (16) 


see also ANTILOGARITHM, COLOGARITHM, e, EXPO- 
NENTIAL FUNCTION, HARMONIC LOGARITHM, LG, LN, 
Loc, LOGARITHMIC NUMBER, NAPIERIAN LOGARITHM, 
NATURAL LOGARITHM, POWER 
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Logarithmic Binomial Formula 
see LOGARITHMIC BINOMIAL THEOREM 


Logarithmic Binomial Theorem 
For all integers n and |z| < a, 


Weta = So ARO 


k=0 


where AP is the HARMONIC LOGARITHM and J is a 


ROMAN COEFFICIENT. For t = 0, the logarithmic bino- 
mial theorem reduces to the classical BINOMIAL THEO- 
REM for POSITIVE n, since AW (a) — a" for n > k, 


A? (a) = O forn < k, and a = (E) when n > k > 0. 
Similarly, taking t = 1 and n < 0 gives the NEGATIVE 
BINOMIAL SERIES. Roman (1992) gives expressions ob- 
tained for the case t = 1 and n > O which are not 
obtainable from the BINOMIAL THEOREM. 


see also HARMONIC LOGARITHM, ROMAN COEFFICIENT 
References 


Roman, 5. “The Logarithmic Binomial Formula.” Amer. 
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Logarithmic Distribution 


Logarithmic Distribution 
A CONTINUOUS DISTRIBUTION for a variate with prob- 
ability function 


log x 
A b(log b — 1) — a(log a — 1) 


and distribution function 


a(i — log a) — z(1 — log z) 


a = a(1 — log a) — b(1 — log b) ' 


The MEAN is 


_ a?(1 — 2loga) — b°(1 — 2 log b) 
~ 4fa(1 —loga) — b(1 — logb)} ” 


but higher order moments are rather messy. 


Logarithmic Integral 


The logarithmic integral is defined by 


li(w) = a = (1) 


The offset form appearing in the PRIME NUMBER THE- 
OREM is defined so that Li(2) = 0: 


Li(z) = / au (2) 
— li(w) — li(2) ~ li(x) — 1.04516 (3) 
= ei(ln z), (4) 


where ei(x) is the EXPONENTIAL INTEGRAL. (Note that 
the NOTATION Li,(z) is also used for the POLYLOGA- 
RITHM.) Nielsen (1965, pp. 3 and 11) showed and Ra- 
manujan independently discovered (Berndt 1994) that 


” dt (Ing 
J. i= y+inina+)> az) l (5) 


where y is the EULER-MASCHERONI CONSTANT and p 
is SOLDNER’S CONSTANT. Another FORMULA due to 
Ramanujan which converges more rapidly is 


dt + lnlnz 
i lnt =a 


[(n—1)/2] 


1 
Dy. Ga, O 


k=0 


ray, aes 1)" (nm 2)" 


n i9n— 1 
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(Berndt 1994). 


see also POLYLOGARITHM, PRIME CONSTELLATION, 
PRIME NUMBER THEOREM, SKEWES NUMBER 
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Logarithmic Number 
A COEFFICIENT of the MACLAURIN SERIES of 


1 1 2 19,3 4 
Mies a o + 352 eres 
(Sloane’s A002206 and A002207), the multiplicative in- 

verse of the MERCATOR SERIES function In(1 + z). 


see also MERCATOR SERIES 
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Logarithmic Spiral 


A curve whose equation in POLAR COORDINATES is 
given by 
r=ae”, (1) 


where r is the distance from the ORIGIN, @ is the angle 
from the z-axis, and a and b are arbitrary constants. 
The logarithmic spiral is also known as the GROWTH 
SPIRAL, EQUIANGULAR SPIRAL, and SPIRA MIRABILIS. 
It can be expressed parametrically using 


cosl = a a - == 
1 — tan? 6 IEL Jepy r 
(2) 
which gives 
x = r cos 8 = a cos de” (3) 
y = xr tanb = rsin f = asin 0e””. (4) 


The logarithmic spiral was first studied by Descartes in 
1638 and Jakob Bernoulli. Bernoulli was so fascinated 
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by the spiral that he had one engraved on his tomb- 
stone (although the engraver did not draw it true to 
form). Torricelli worked on it independently and found 
the length of the curve (MacTutor Archive). 


The rate of change of RADIUS is 
a 
dé 

and the ANGLE between the tangent and radial line at 

the point (r, @) is 


p = tan ? (=| — tan? (5) = cot *b. (6) 


dé 


= abe”? = br, (5) 


So, as b > 0, y > 7/2 and the spiral approaches a 
CIRCLE. 


- If P is any point on the spiral, then the length of the spi- 
ral from P to the origin is finite. In fact, from the point 
P which is at distance r from the origin measured along 
a RADIUS vector, the distance from P to the POLE along 
the spiral is just the ARC LENGTH. In addition, any RA- 
DIUS from the origin meets the spiral at distances which 
are in GEOMETRIC PROGRESSION (MacTutor Archive). 


s{t) 
k(t) 
phi(t} 


t t t 
The ARC LENGTH, CURVATURE, and TANGENTIAL AN- 
GLE of the logarithmic spiral are 


oF 2 
s= fas= f aa A 


b 
= wit (7) 


food tH 
c= PUY de IA = (ay 1+b2e)7* (8) 


(22 + y 2)8/2 


b= / x(s) ds = 0. (9) 


The CESARO EQUATION is 
pee 1 
bs 


On the surface of a SPHERE, the analog is a LOXO- 
DROME. This SPIRAL is related to FIBONACCI NUMBERS 
and the GOLDEN MEAN. 


(10) 
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Logarithmic Spiral Evolute 


Logarithmic Spiral Caustic Curve 

The CAUSTIC of a LOGARITHMIC SPIRAL, where the pole 
is taken as the RADIANT POINT, is an equal LOGARITH- 
MIC SPIRAL. 


Logarithmic Spiral Evolute 
7 (r? de O 
124 2r2pg? — rroo 
Using 


b8 


bO 2 b0 
r=ae ra=abe”" rea = abe (2) 


glves 


B (a?e? db ab? ¿20y3/2 

T (aeb? y? $ 2(abe>®)2 a (ab>®) (ab? >?) 
(1 EN b?)3/2.g3 ¿300 

~~ Da2h2e2b0 + 020200 — a2b2e2b0 

a (1 +b)? aet 7 (1 + b?)9/2q3 630? 

~ q2h2g2b0 + a2e209 = a?(1 + b2)e2b0 


= ay 1 +b e” | (3) 


| and 


a ae"? cos 9 
ae”? sin 6 

r'| | abe’ cos — ae”? sin 6 

: abe*? sin 6 + ae”? cos @ 


_ _ po | bcos@ — sind (4) 
oor bsin f + cos@ |’ 


SO 


Ir'| = ae ,/(bcos 6 — sin 8)? + (bsin 8 + cos 6)? 
= ae y 1+0?, (5) 


and the TANGENT VECTOR is given by 
r 1 ae? cos 6 
Ir’! o aev9./1 + b? ae”? sin O 


1 cos @ 
a pri (6) 


The coordinates of the EVOLUTE are therefore 


E = —abe”® sin (7) 
n = abe”? cos 0. (8) 


So the EVOLUTE is another logarithmic spiral with a’ = 
ab, as first shown by Johann Bernoulli. However, in 
some cases, the EVOLUTE is identical to the original, as 
can be demonstrated by making the substitution to the 
new variable 


0 = ġ— įr 2n. (9) 


Logarithmic Spiral Inverse Curve 


Then the above equations become 


if 


where only solutions with the minus sign in + exist. 
Solving gives the values summarized in the following ta- 


= abe 


= abe 


1 


€ = —abeié-7/2E297) sin(d — 1/2 + 2nr) 


dp b(-T7/252N1) cos $ 


y= abe? T/2E2nn) cos(@ — 7/2 + 2nr) 


Dp eG A 20m) sin $ 
> 


which are equivalent to the form of the original equation 


Inb+b(—5r + 2nr) =0 


Inb 
b 


= İq F 2nr = —(2n — 3)m, 


ble. 
1 |0.2744106319... | 74°39'18.53” 
2 |0.1642700512... | 80°40'16.80” 
3 |0.1218322508... | 83°03'13.53” 
A | 0.0984064967... | 84°22'47.53” 
5 |0.0832810611... | 85°14’21.60” 
6 |0.0725974881... | 85°50'51.92” 
7 |0.0645958183... | 86°18'14.64” 
8 |0.0583494073... | 86°39'38.20” 
9 | 0.0533203211... | 86°56'52.30” 
10 | 0.0491732529... | 87°11'05.45” 
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Logarithmic Spiral Inverse Curve 
The INVERSE CURVE of the LOGARITHMIC SPIRAL 


ab 
rT =e 


with INVERSION CENTER at the origin and inversion ra- 
dius k is the LOGARITHMIC SPIRAL 


a: 
r= ke ”. 


Logarithmic Spiral Pedal Curve 
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The PEDAL CURVE of a LOGARITHMIC SPIRAL with 
parametric equation 


f = e™ cost (1) 
g=e" sint (2) 


for a PEDAL POINT at the pole is an identical LOGA- 
RITHMIC SPIRAL 


_ (asint + cost)e” 


_ (sint—acost)e” i 
sees E lakes (4) 
SO A 
e? 
a (5) 


Logarithmic Spiral Radial Curve 


\ 

| 

l 
/ 


The RADIAL CURVE of the LOGARITHMIC SPIRAL is an- 
other LOGARITHMIC SPIRAL. 


Logarithmically Convex Function 

A function f(x) is logarithmically convex on the interval 
[a,b] if f > 0 and In f(x) is CONCAVE on [a,b]. If f(x) 
and g(x) are logarithmically convex on the interval [a, b], 
then the functions f(x) + g(x) and f(zx)g(x) are also 
logarithmically convex on [a, b]. 


see also CONVEX FUNCTION 
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Logic 

The formal mathematical study of the methods, struc- 
ture, and validity of mathematical deduction and proof. 
Formal logic seeks to devise a complete, consistent for- 
mulation of mathematics such that propositions can be 
formally stated and proved using a small number of sym- 
bols with well-defined meanings. While this sounds like 
an admirable pursuit in principle, in practice the study 
of mathematical logic can rapidly become bogged down 
in pages of dense and unilluminating mathematical sym- 
bols, of which Whitehead and Russell's Principia Math- 
ematica (1925) is perhaps the best (or worst) example. 


A very simple form of logic is the study of “TRUTH TA- 
BLES” and digital logic circuits in which one or more 
outputs depend on a combination of circuit elements 
(AND, NAND, OR, XOR, etc.; “gates”) and the input 
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values. In such a circuit, values at each point can take 
on values of only TRUE (1) or FALSE (0). DE MORGAN'S 
DUALITY LAW is a useful principle for the analysis and 
simplification of such circuits. 


A generalization of this simple type of logic in which pos- 
sible values are TRUE, FALSE, and “undecided” is called 
THREE- VALUED LOGIC. A further generalization called 
Fuzzy LOGIC treats “truth” as a continuous quantity 
ranging from 0 to 1. 


see also ABSORPTION LAW, ALETHIC, BOOLEAN ALGE- 
BRA, BOOLEAN CONNECTIVE, BOUND, CALIBAN PUZ- 
ZLE, CONTRADICTION LAW, DE MORGAN’S DUALITY 
LAW, DE MORGAN’S LAWS, DEDUCIBLE, EXCLUDED 
MIDDLE LAW, FREE, Fuzzy LOGIC, GODEL’s INCOM- 
PLETENESS THEOREM, KHOVANSKI’S THEOREM, LOG- 
ICAL PARADOX, LOGOS, LOWENHEIMER-SKOLEM THE- 
OREM, METAMATHEMATICS, MODEL THEORY, QUAN- 
TIFIER, SENTENCE, TARSKI’S THEOREM, TAUTOLOGY, 
THREE-VALUED LOGIc, TOPOS, TRUTH TABLE, TUR- 
ING MACHINE, UNIVERSAL STATEMENT, UNIVERSAL 
TURING MACHINE, VENN DIAGRAM, WILKIE’S THEO- 
REM 
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Logical Paradox 
see PARADOX 


Logistic Distribution 


ele—m)/b 
P(x) = MEZEG (1) 
1 
D(z) = Lic (2) 


Logistic Equation 


and the MEAN, VARIANCE, SKEWNESS, and KURTOSIS 
are 


=m (3) 
ga? = 17? B° (4) 
y = 0 (5) 
2 = $: (6) 


see also LOGISTIC EQUATION, LOGISTIC GROWTH 
CURVE 
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Logistic Equation 

The logistic equation (sometimes called the VERHULST 
MODEL since it was first published in 1845 by the Bel- 
gian P.-F. Verhulst) is defined by 


Tn+1 = ren(1 = Ln), (1) 


where r (sometimes also denoted 4) is a POSITIVE con- 
stant (the “biotic potential”). We will start xo in the 
interval [0,1]. In order to keep points in the interval, we 
must find appropriate conditions on r. The maximum 
value Zn+1 can take is found from 


dEn+1 


e” r(1—2z,) = 0, (2) 


so the largest value of 2.1 occurs for £n = 1/2. Plug- 
ging this in, max(2,+1) = r/4. Therefore, to keep the 
MAP in the desired region, we must have r € (0,4]. The . 
JACOBIAN is 


dIn+1 
pa tee 
dEn 


= |r(1- 22), (3) 


and the MAP is stable at a point zo if J(zo) < 1. Now 
we wish to find the FIXED POINTS of the MAP, which 
occur when ¢n41 = £n. Drop the n subscript on £n 


f(z) =rx(1-"%)=xw (4) 


z[1—r(1-2)] =x(1-r+rx)=rzu E — (1 — r*)] =, 

(5) 
so the FIXED POINTS are a = 0 and q =]1- rt. 
An interesting thing happens if a value of r greater than 
3 is chosen. The map becomes unstable and we get a 
PITCHFORK BIFURCATION with two stable orbits of pe- 
riod two corresponding to the two stable FIXED POINTS 
of f?(x). The fixed points of order two must satisfy 
Ln+2 = Tn, SO 


En+y2 = TEn+1 (l — En+1) 
r[rEn(l — Zn) [1 —ren(1 — zn) 


= rozn(1 —2n)(1— rin + TEn ) = Has 16) 


Logistic Equation 
Now, drop the n subscripts and rewrite 
a{r*[1 —x(l+71)+ 2rx* — rz’) —1}=0 (7) 


lora + 272 —r*(14+r)et+(r?-1)])=0 (8) 


ye + r ‘(1 + r*)| 
=0. (9) 


—rele- (1-5) Bl" -(1+r"? 


Notice that we have found the first-order FIXED POINTS 
as well, since two iterations of a first-order FIXED POINT 
produce a trivial second-order FIXED POINT. The true 
2-CYCLES are given by solutions to the quadratic part 


rP = (+r) + S(t 7-1)? 4r=1(14r-1)] 
= A((l4+r 7) + V1 + 2r-1 + r- — 4r! — dp-2] 
AAN 
= 21494) r/r- 3)(r + 1)]. (0 


These solutions are only REAL for r > 3, so this is where 
the 2-CYCLE begins. Now look for the onset of the 4- 
CYCLE. To eliminate the 2- and 1-CYCLES, consider 


F (z)-z _ 0. (11) 


This gives 


l+r? + (or? — r? Pee 
+ (27 +744 47? +r? +20 )2* 
+(- r? —5r° — 4r® — 5r’ — 4y? — ala 
+ (2r° + 6r° + 4r” + 14r + 57° al Ma? 
+ (dr? — y? — 18r* — 12r* — 12r** — 3r**)a* 
+ (rê + 10r? + 171% + 18r? + 15r* 4 122" 
+ (—2r° — 14r* — 12r*° — 30r** — 6r)a* 
+ (6r? + 3r? + 30r** + 151%) a" 
+ (=r? — 151? — 202" + (3r** + 151 %)a?" 

12.10) | 21242 


On a eer (12) 


The Roots of this equation are all IMAGINARY for 
r < 1+ v6, but two of them convert to REAL roots 
at this value (although this is difficult to show ex- 
cept by plugging in). The 4-CYCLE therefore starts at 
1 + v6 = 3.449490.... The BIFURCATIONS come faster 
and faster (8, 16, 32, ...), then suddenly break off. 
Beyond a certain point known as the ACCUMULATION 
POINT, periodicity gives way to CHAOS. 
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Logistic Equation 


A table of the CYCLE type and value of r, at which the 
cycle 2” appears is given below. 


3.449490 
3.544090 
3.564407 
3.568750 
3.56969 


3.56989 
3.569934 
3.069943 
3.5699451 
3.569945557 
3.569945672 


For additional values, see Rasband (1990, p. 23). Note 
that the table in Tabor (1989, p. 222) is incorrect, as 
is the n = 2 entry in Lauweirer 1991. In the middle of 
the complexity, a window suddenly appears with a reg- 
ular period like 3 or 7 as a result of MODE LOCKING. 
The period 3 BIFURCATION occurs at r = 1+ 242 = 
3.828427..., as is derived below. Following the 3- 
CYCLE, the PERIOD DOUBLINGS then begin again with 
CYCLES of 6, 12, ...and 7, 14, 28, ..., and then once 
again break off to CHAOS. 


A set of n+1 equations which can be solved to give the 
onset of an arbitrary n-cycle (Saha and Strogatz 1995) 
is 

ro = rei(l — 21) 

T3 = ra2(1 = £2) 


(13) 
En = TLn-1(1 — Zn-1) 
v1 =TEn(l— ap) 
r” | ],—,(1 — 224) = 1. 


The first n of these give f(x), f*(x),..., f”(x), and the 
last uses the fact that the onset of period n occurs by a 
TANGENT BIFURCATION, so the nth DERIVATIVE is 1. 


1102 Logistic Equation 

For n = 2, the solutions (21, ..., In, r) are (0, 0, +1) 
and (2/3, 2/3, 3), so the desired BIFURCATION occurs 
at ra = 3. Taking n = 3 gives 


| 
dx d[ 
[ 


r(1-22(1-29(1-2%). (14) 


Solving the resulting CUBIC EQUATION using computer 
algebra gives 


tı = 25 F : e 
t= o (63. 71/3 ' 63. 281/3 


1 10 + y2 E 7) = 


7 9. 981/3 + 91 9.71/3 71⁄3 


D8 SAA r a NN 
pa aE, : (15) 
1 95/6 5718 10 + v2 
TESA n Te ee Se 
63 -281/3 ` 63. 71/3 9 . 72/3 21 
R. 25/6 9.91/83 i 
+ | —— - ——— Jc 
9. 71/3 71/3 
44 .91/6 1/3 _9 .2 1/3 E 
+ LA 2 (16) 
ee err e aa 2) (17) 
3 — 3.981/3 21 3. 7173 
r=1+2vVv2, (18) 
where 


c = (—25 + 22V2 + 3V3 vV 110042 — 1593). (19) 


Numerically, 
zı = 0.514355... (20) 
rq = 0.956318... (21) 
z3 = 0.159929... (22) 
r = 3.828427 .... (23) 


Saha and Strogatz (1995) give a simplified algebraic 
treatment which involves solving 


r*(1— 2a +48 - 8y) = 1, (24) 


together with three other simultaneous equations, where 


A = zı + z2 + £3 (25) 
B = 2122 +7123 + 6273 (26) 
y = ©1727. (27) 


Logistic Equation 


Further simplifications still are provided in Bechhoeffer 
(1996) and Gordon (1996), but neither of these tech- 
niques generalizes easily to higher CYCLES. Bechhoeffer 
(1996) expresses the three additional equations as 


2a=3+r 7? (28) 
4B=i+5r + ir? (29) 
il ci tae ears (30) 

giving 
r—27-7=0. (31) 


Gordon (1996) derives not only the value for the onset of 
the 3-CYCLE, but also an upper bound for the r-values 
supporting stable period 3 orbits. This value is obtained 
by solving the CUBIC EQUATION 


s” — 11s? + 37s — 108 = 0 (32) 
for s, then 
ee (33) 
=1+ 4/9 + (H + $V 201)1/3 + (H — 8201)1/8 
= 3.841499007543.... (34) 


The logistic equation has CORRELATION EXPONENT 
0.500+0.005 (Grassberger and Procaccia 1983), CAPAC- 
ITY DIMENSION 0.538 (Grassberger 1981), and INFOR- 
MATION DIMENSION 0.5170976 (Grassberger and Pro- 
caccia 1983). 


see also BIFURCATION, FEIGENBAUM CONSTANT, Lo- 
GISTIC DISTRIBUTION, LOGISTIC EQUATION—r = 4, 
LOGISTIC GROWTH CURVE, PERIOD THREE THEOREM, 
QUADRATIC MAP 
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Logistic Equation—r = 4 
With r = 4, the LOGISTIC EQUATION becomes 


Tn+1 = 4% n (1 — £n). (1) 
Now let 
x =sin"(37y) = ¿[1 — cos(my)] (2) 
yz = sin( 37y) (3) 
y = -sin (vz) (4) 
A A 
de an /t—2’? ay/a(1 — x) 


Manipulating (2) gives 


cat 
sin? (Satya) 
= 43[1 — cos(ryn)|{1 — ¿[1 — 5(1 — cos(ryn)]) 
= 2/1 — cos(ry = 1 — cos’ (Tyn) sin? (Tyn), (6) 
sO 
5TYnt1 = yn + ST (7) 
Yn+1 = £2yn + 38. (8) 
But y € [0,1]. Taking yn € [0,1/2], then s = 0 and 


Uat = Lip (9) 


For y € [1/2,1], s = 1 and 


Ut =2=2Y4. (10) 
Combining 
J lyn for yn € {0, 5] 
e ee for yn € [§, 1], on 


which can be written 
Ya = 1=2|24 = hi, (12) 
the TENT MAP with u = 1, so the NATURAL INVARIANT 


in y 1s 
ply) = 1. (13) 
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Transforming back to x gives 
_ dy = 2 1 b= 1/2 
ple) = | ga | ells) = 223 
=—= (14) 


7 m/x(1 — g) 


This can also be derived from 


ia S A 
ete) = im A ) e (15) 


where d(1) is the DELTA FUNCTION. 
see also LOGISTIC EQUATION 


Logistic Growth Curve 
The POPULATION GROWTH law which arises frequently 
in biology and is given by the differential equation 


dN r(K —N) 
a KO (1) 


where r is the MALTHUSIAN PARAMETER and K is the 
so-called CARRYING CAPACITY (i.e., the maximum sus- 
tainable population). Rearranging and integrating both 
sides gives 


N t 

dN r / 
O (2) 

iA K-N KJ, 

No — K = F 
n(o K) Ft (3) 
N(t) = K + (Mo — Kje "E, (4) 

The curve A 

y= T+ bg (5) 


is sometimes also known as the logical curve. 


see also GOMPERTZ CURVE, LIFE EXPECTANCY, LOGIS- 
TIC EQUATION, MAKEHAM CURVE, MALTHUSIAN PA- 
RAMETER, POPULATION GROWTH 


Logistic Map 
see LOGISTIC EQUATION 


Logit Transformation 


The function 


z= f(e)=In(— J: 


T 
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This function has an inflection point at z = 1/2, where 


n 22 — 1 
f (2) = agape =0 


Applying the logit transformation to values obtained by 
iterating the LOGISTIC EQUATION generates a sequence 
of RANDOM NUMBERS having distribution 


1 
Pece 
mers? eu e2/2) 


which is very close to a GAUSSIAN DISTRIBUTION. 


References 

Collins, J.; Mancilulli, M.; Hohlfeld, R.; Finch, D.; San- 
dri, G.; and Shtatland, E. “A Random Number Generator 
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Logos 
A generalization of a HEYTING ALGEBRA which replaces 
BOOLEAN ALGEBRA in “intuitionistic” LOGIC. 


see also ‘TOPOS 


Lommel Differential Equation 
A generalization of the BESSEL DIFFERENTIAL EQUA- 
TION (Watson 1966, p. 345), 


d? d 
E 2 — (2? +r" )y = kzt. 


A further generalization gives 


dy dy 

2 2 2) u+1 
a t? E +v” yy = tkz A 
The solutions are LOMMEL FUNCTIONS. 


see also LOMMEL FUNCTION 
References 
Watson, G. N. A Treatise on the Theory of Bessel Functions, 


2nd ed. Cambridge, England: Cambridge University Press, 
1966. 


Lommel Function 
There are several functions called “Lommel functions.” 


One type of Lommel function is the solution to the LOM- 
MEL DIFFERENTIAL EQUATION with a PLUS SIGN, 


y = ksp, (z), (1) 


where 
sH} (z) = ir rof FJ, (z) dz 
0 


—J,(z) IN ZV AZ) ae . (2) 


Lommel Polynomial 


Here, J,(2) and Y, (2) are BESSEL FUNCTIONS OF THE 
FIRST and SECOND KINDS (Watson 1966, p. 346). If a 
minus sign precedes k, then the solution is 


II 


1(2) | l z” K (z)dz — so | 2" I,(z) dz, 
l (3) 


where K,(z) and I (z) are MODIFIED BESSEL FUNC- 
TIONS OF THE FIRST and SECOND KINDS. 


Lommel functions of two variables are related to the 
BESSEL FUNCTION OF THE FIRST KIND and arise in the 
theory of diffraction and, in particular, Mie scattering 
(Watson 1966, p. 537), 


OO 


Dala) = (EY T mm) A 


po Patios 1) 


x 
€ 
os 
| 
T 
D 
3 
mA 
ES 


see also LOMMEL DIFFERENTIAL EQUATION, LOMMEL 

POLYNOMIAL 
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Lommel’s Integrals 


(8? — a”) J 2J, (ax) Jn (Br) dx 
= 1[0S, (ax) In(Bx) — BJ, (Br) Jn (ax) 
ICAC dx = 2 [J, (ax) + Jn-1(02)Jn+1(02)), 


where J,(z) is a BESSEL FUNCTION OF THE FIRST 
KIND. 


References 
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Lommel Polynomial 


Riv?) 
D(v +m) 


= $ 2F3($(1—-m), —3m;v, -m,1—v—m; z?) 


D(v)(z/2)™ 
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Terrestrial gamma ray flashes 
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Planetary waves 

27 day variations 
Annual variations 
Solarcycle variations 
Long term trends 


Slow tails 


Complex relationship between regional 
variations in lightning and El Niño, La Niña . 
¡.e. very location dependent 


GRAVITY 
Tidal variations 
Diurnal variations 


Schumann resonances 


Blowing 
space 
charge 


CG return strokes 
Growth of TC cell 


Leader processes 


| El Nino Condition, December-February 1997/1998 
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M.J. Rycroft, K.A. Nicoll, K.L. Aplin and R.G. Harrison, Recent advances in global electric circuit coupling between the 
space environment and the troposphere J.Atmos Sol-Terr Phys 90-91, 198-211 (2012), Satori G., et al, Variability of global lightning activity on the ENSO time scale, Atmospheric Research, 91, 500-507, 2009 


ENSO effects on surface PG ENSO: Internal variability and Carnegie curve 
GEC integrates effects of all thunderstorms active around globe A 


Asia/Australasia 
Africa/Europe 
Americas 


El Niño Southern Oscillation shows a 
relationship with the Carnegie curve 
of the global circuit in atmospheric 
electricity — mean values increase 
with Pacific sea surface temperature 


Signals from large scale variations may be seen in distant PG measurements 
i.e. possible remote sensing metho?! for electrically active storms 
DT 


Thunderstorm area (10° km') 


y $e] y Lerwick PG measurements 
Moll 3 compared to Niño 3.4 index (SSTs 
from area in Pacific ocean, bounded 
by 5°N-5°S and 120°-170°W) É— 
Red lines show Carnegie curve in 
atmospheric electricity at Lerwick 
Image from www.ncdc.noaa.gov (for December) during El Niño 
conditions, and blue lines during 
La Niña 


Dec Lerwick PG (Ven) 


12 
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a e Par, 
Remarkably strong > sensitivity of “ 5 Vm K 
correlation — PG large 
during El Niño and small 


during La Niña 


Greatest PG sensitivity to SST change is 
between 10-16UT => African lightning 


December PG (Vm ') 
December PG (vm”) 


a{PG) / (SST) (Vm K) 


+ PG 
-= SST R.G. Harrison, M. Joshi, K. Pascoe, Inferring convective 


$ o c responses to El Niño with atmospheric electricity 5 x 
| ncrease In G EC of 3 5 % T 1975 1980 2 4 2 3 measurements at Shetland Environ Res Lett 6 (2011) 044028 i UT son 


for 1K of SST anomal year December SST anom (K) 
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Long Division 


where T(z) is a GAMMA FUNCTION, J, (1) is a BESSEL 
FUNCTION OF THE FIRST KIND, and 2P3(a, b; c, d, e; z) 
_1sa GENERALIZED HYPERGEOMETRIC FUNCTION. 


see also LOMMEL FUNCTION 
References 
Iyanaga, S. and Kawada, Y. (Eds.). Encyclopedic Dictionary 


of Mathematics. Cambridge, MA: MIT Press, p. 1477, 
1980. 


Long Division 


7 72 726 
17 1123456. 171123456. 171123456. 
119 =119 -119 
44 44 44 
234 ~ 34 
105 105 
-102 
36 
7262.1 7262.11... 
17 [123456.0 17[123456.00 
-119 -119 
44 44 
-34 -34 
105 105 
-102 -102 
36 36 
~ 34 = 94 
20 20 
-17 
30 


Long division is an algorithm for dividing two numbers, 
obtaining the QUOTIENT one DIGIT at a time. The 
above example shows how the division of 123456/17 is 
performed to obtain the result 7262.11.... 


see also DIVISION 


Long Exact Sequence of a Pair Axiom 

One of the EILENBERG-STEENROD AXIOMS. It states 
that, for every pair (X, A), there is a natural long exact 
sequence 


... > Hn(A) > Hn[X) > 
HA(X,A) > Hna (A) >..., 


where the MAP H,,(A) > H,(X) is induced by the IN- 
CLUSION MAP A > X, Hn(X) > H,(X, A) is induced 
by the INCLUSION MAP (X,¢)°—> (X,A). The MAP 
H,,(X, A) > Hn-1(A) is called the BOUNDARY MAP. 


see also EILENBERG-STEENROD AXIOMS 


Long Prime 
see DECIMAL EXPANSION 
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Longitude 

The azimuthal coordinate on the surface of a SPHERE 
(0 in SPHERICAL COORDINATES) or on a SPHEROID 
(in PROLATE or OBLATE SPHEROIDAL COORDINATES). 
Longitude is defined such that 0° = 360°. Lines of con- 
stant longitude are generally called MERIDIANS. The 
other angular coordinate on the surface of a SPHERE is 
called the LATITUDE. 


The shortest distance between any two points on a 
SPHERE is the so-called GREAT CIRCLE distance, which 
can be directly computed from the LATITUDE and lon- 
gitudes of two points. 


see also GREAT CIRCLE, LATITUDE, MERIDIAN, 
OBLATE SPHEROIDAL COORDINATES, PROLATE SPHER- 
OIDAL COORDINATES 


Look and Say Sequence 

The INTEGER SEQUENCE beginning with a single digit in 
which the next term is obtained by describing the previ- 
ous term. Starting with 1, the sequence would be defined 
by “one 1, two Is, one 2 two 1s,” etc., and the result is 
1, 11, 21, 1211, 111221, 312211, 13112221, 1113213211, 
... (Sloane’s A005150). 


Starting the sequence instead with the digit d for 2 < 
d < 9 gives d, 1d, 111d, 311d, 13211d, 111312211d, 
31131122211d, 1321132132211d, ... The sequences for 
d = 2 and 3 are Sloane’s A006715 and A006751. The 
number of DIGITS in the nth term of both the sequences 
for 1 < n < 9 is asymptotic to CA”, where C is a con- 
stant and 
A = 1.303577269034296... 


(Sloane’s A014715) is CONWAY’S CONSTANT. A is given 
by the largest ROOT of the POLYNOMIAL 


1 


7 
=F 

69 68 66 65 64 63 62 61 
== — 2 +2 +227 ° +r -r` -r-r 


=: gê? £ 2°? hi 998 + Epa? + 39? e Dp” 2 10r°* 
= 27>? 4 6r°! 4 Bg”? ah q zl 91 _ 3447 
— 72% — 82% — 82** + 107% + 61 + 81 — 4r” 
— 12g”? 472% — 72% + 72% — 32% + 2% + 10r”? 
+ 3? o 6x74 = gq us 107? os 3778 dE Qn?" ai 9778 
— 32% + 142 — 82% — 72% + 92% — 3r"? — 4g?’ 
— 100% — 7x + 120 472% 4 20) — 1227? 
—Ag'! — 22) — 5g? + a" — 70% 


+72° — 4? + 122° — 627 + 32 — 6. 


In fact, the constant is even more general than this, ap- 
plying to all starting sequences (i.e., even those starting 
with arbitrary starting digits), with the exception of 22, 
a result which follows from the COSMOLOGICAL THE- 
OREM. Conway discovered that strings sometimes fac- 
tor as a concatenation of two strings whose descendants 
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never interfere with one another. Á string with no non- 
trivial splittings is called an “element,” and other strings 
are called “compounds.” Every string of 1s, 2s, and 3s 
eventually “decays” into a compound of 92 special ele- 
ments, named after the chemical elements. 


see also CONWAY’S CONSTANT, COSMOLOGICAL THEO- 
REM 
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Loop (Algebra) 
A nonassociative ALGEBRA (and QUASIGROUP) which 
has a single binary operation. 


Loop Gain 

The loop gain is usually assigned a value between 0.1 
and 0.5. The CLEAN ALGORITHM performs better for 
extended structures if y is set to the lower part of this 
range. However, the time required for the CLEAN AL- 
GORITHM increases rapidly for small p. From Thompson 
et al. (1986), the number of cycles needed for one point 
source is 


In(SNR) 
ln(1 = y) 


see also CLEAN ALGORITHM 


[cycles] = — 


References 
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Loop (Graph) 
A degenerate edge of a graph which joins a vertex to 
itself. 


Loop (Knot) 
A KNOT or HITCH which holds its form rigidly. 


References 
Owen, P. Knots. Philadelphia, PA: Courage, p. 35, 1993. 


Lorentz Tensor 


Loop Space 

Let Y~ be the set of continuous mappings f : X > Y. 
Then the TOPOLOGICAL SPACE for Y* supplied with a 
compact-open topology is called a MAPPING SPACE, and 
if Y = I is taken as the interval (0,1), then Y? = N(Y) 
is called a loop space (or SPACE OF CLOSED PATHS). 


see also MACHINE, MAPPING SPACE, MAY-THOMASON 
UNIQUENESS THEOREM 
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Lorentz Group 

The Lorentz group is the GROUP L of time-preserving 
linear ISOMETRIES of MINKOWSKI SPACE R* with the 
pseudo-Riemannian metric 


dr? = —dé + de? + dy? + dz’. 


It is also the GROUP of ISOMETRIES of 3-D HYPER- 
BOLIC SPACE. It is time-preserving in the sense that the 
unit time VECTOR (1,0,0,0) is sent to another VECTOR 
(t, x,y,z) such that t > 0. 


A consequence of the definition of the Lorentz group 
is that the full GROUP of time-preserving isometries of 
MINKOWSKI R* is the DIRECT PRODUCT of the group 
of translations of R* (i.e., Rt itself, with addition as the 
group operation), with the Lorentz group, and that the 
full isometry group of the MINKOWSKI R* is a group 
extension of Z2 by the product L Q Rt. 


The Lorentz group is invariant under space rotations 
and LORENTZ TRANSFORMATIONS. 


see also LORENTZ TENSOR, LORENTZ TRANSFORMA- 
TION 
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Lorentz Tensor 
The TENSOR in the LORENTZ TRANSFORMATION given 


by 
Y —-7y8 0 O 
Le MENA y 00 
ox 0 O 1 OF’ (1) 
0 0 0 1 
where beta and gamma are defined by 
V 
= — 2 
jat (2) 
1 
a (3) 


see also LORENTZ GROUP, LORENTZ TRANSFORMATION 


Lorentz Transformation 


Lorentz Transformation 
A 4-D transformation satisfied by all FOUR-VECTORS 
a”, 


a” = Aba”. (1) 
In the theory of special relativity, the Lorentz trans- 
formation replaces the GALILEAN TRANSFORMATION as 
the valid transformation law between reference frames 
moving with respect to one another at constant VE- 
LOCITY. Let 2” be the POSITION FOUR-VECTOR with 
x? = ct, and let the relative motion be along the x* axis 
with VELOCITY v. Then (1) becomes 


g” = Ala”, (2) 


where the LORENTZ TENSOR is given by 


Ao Ay Az As y ~- 0 0 
aj ala at] _|-ye 7 00 
AS A? AZ AZ} 1 O 0 1 0 

AS AG. AB ONG 0 0 O 1 

(3) 
Here, 
vU 
bEz (4) 
1 


= ——. 5 
y VE (5) 


Written explicitly, the transformation between x” and 


xz"* coordinate is 


2% = 7(x° — Ba") (6) 
2 = +(x* — Ba?) (7) 
r = 2 (8) 
r? =g. (9) 


The DETERMINANT of the upper left 2 x 2 MATRIX in 
(3) is 


D=(1- (18 =4(1-68)=3=1, (10) 


SO 

(AD (AD (A+)? (4753 

L-1 (AT (Ahi (At) (At) 
(AD (AD (ATH)? (AD 
(AD (ATDI (AD (105 
y yB 0 0 

eae an 

0 0 0 1 


A Lorentz transformation along the x;-axis can also be 
written 


a! cosh@ isinh@ O 0 Li 
i 
£2 = 0 1 0 0 T9 
x3! o 0 0 1 0 T3 $ (12) 
ra! —isinh@ cosh9 0 0 La 
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where @ is called the rapidity, 
La = ict, (13) 
and 
v 
tanh = B= > (14) 
cosh ô = y = so (15) 
u2 
I= 
sinh O = Py. (16) 


see also HYPERBOLIC ROTATION, LORENTZ GROUP, 
LORENTZ TENSOR 
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Lorentzian Distribution 
see CAUCHY DISTRIBUTION 


Lorentzian Function 
The Lorentzian function is given by 


T 


1 
a FED 


T (£ — £o 


Nae” 
re Nile 


Its FULL WIDTH AT HALF MAXIMUM is P. This function 
gives the shape of certain types of spectral lines and is 
the distribution function in the CAUCHY DISTRIBUTION. 
The Lorentzian function has FOURIER TRANSFORM 


e7 2rtkro —Pxjk| 


see also DAMPED EXPONENTIAL COSINE INTEGRAL, 
FOURIER TRANSFORM— LORENTZIAN FUNCTION 


Lorenz System 
A simplified system of equations describing the 2-D flow 
of fluid of uniform depth H, with an imposed tempera- 
ture difference AT, under gravity g, with buoyancy a, 
thermal diffusivity x, and kinematic viscosity v. The 
full equations are 


ð 2 = Ow a 2 
zY $) = De Bn Y Y) 


a A ea dT 
oe È (T) VA) (1) 
OF _ AT OY _ 0098 ap, AT ðY 
i 2 On 0.0... Ho Y 
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Here, y is the “stream function,” as usual defined such 


that 
=L, v=% (3) 


“— oq” dx 


In the early 1960s, Lorenz accidentally discovered the 
chaotic behavior of this system when he found that, for 
a simplified system, periodic solutions of the form 


Y = Yo Sin (=) sin (=) (4) 
6 = Oy cos (=) sin (= (5) 


grew for Rayleigh numbers larger than the critical value, 
Ra > Ra,. Furthermore, vastly different results were 
obtained for very small changes in the initial values, rep- 
resenting one of the earliest discoveries of the so-called 
BUTTERFLY EFFECT. 


Lorenz included the following terms in his system of 
equations, 


X = Y]; « convective intensity (6) 
Y = Ti «x AT between descending and 

ascending currents (7) 
Z = Toz « A vertical temperature profile from 


linearity, (8) 


and obtained the simplified equations 


e 


X =o(Y — X) (9) 
Y =-XZ+rX-Y (10) 
Ż = XY -—b2Z, (11) 
where 
o = — = Prandtl number (12) 
K 
Ra ; ; 
r= p = normalized Rayleigh number (13) 
Qe 
b= 3 = geometric factor. (14) 


Lorenz took b = 8/3 and o = 10. 


Lotka- Volterra Equations 


The CRITICAL POINTS at (0, 0, 0) correspond to no 
convection, and the CRITICAL POINTS at 


(br 1), /6(r — 1),r - 1) (15) 


and 
(—4/b(r — 1), - y b(r — 1), r — 1) (16) 


correspond to steady convection. This pair is stable only 
if 
ole +643) 
o a=b-1" 


which can hold only for POSITIVE r if ø > b4 1. 
The Lorenz attractor has a CORRELATION EXPONENT 
of 2.05 + 0.01 and CAPACITY DIMENSION 2.06 + 0.01 
(Grassberger and Procaccia 1983). For more details, 
see Lichtenberg and Lieberman (1983, p. 65) and Tabor 
(1989, p. 204). 


see also BUTTERFLY EFFECT, ROSSLER MODEL 


(17) 
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Lotka- Volterra Equations 

An ecological model which assumes that a population 
x increases at a rate de = Az dt, but is destroyed at a 
rate de = —Brydt. Population y decreases at a rate 
dy = —Cydt, but increases at dy = Dry dt, giving the 
coupled differential equations 


dx 
dy 


Critical points occur when dx/dt = dy/dt = 0, so 
A-By=0 


—C + Dz = 0. 


The sole STATIONARY POINT is therefore located at 
(1, y) = (C/D, A/B). 


Low-Dimensional Topology 


Low-Dimensional Topology 

Low-dimensional topology usually deals with objects 
that are 2-, 3-, or 4-dimensional in nature. Properly 
speaking, low-dimensional topology should be part of 
DIFFERENTIAL TOPOLOGY, but the general machin- 
ery of ALGEBRAIC and DIFFERENTIAL TOPOLOGY gives 
only limited information. This fact is particularly no- 
ticeable in dimensions three and four, and so alternative 
specialized methods have evolved. 


see also ALGEBRAIC TOPOLOGY, DIFFERENTIAL To- 
POLOGY, TOPOLOGY 


Lowenheimer-Skolem Theorem 

A fundamental result in MODEL THEORY which states 
that if a countable theory has a model, then it has a 
countable model. Furthermore, it has a model of every 
CARDINALITY greater than or equal to No (ALEPH-0). 
This theorem established the existence of “nonstandard” 
models of arithmetic. 


see also ALEPH-0 (No), CARDINALITY, MODEL THEORY 
References 
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Lower Bound 
see GREATEST LOWER BOUND 


Lower Denjoy Sum 


see LOWER SUM 


Lower Integral 


The limit of a LOWER SUM, when it exists, as the MESH 
SIZE approaches 0. 


see also LOWER SUM, RIEMANN INTEGRAL, UPPER IN- 
TEGRAL 


Lower Limit 

Let the least term h of a SEQUENCE be a term which is 
smaller than all but a finite number of the terms which 
are equal to h. Then A is called the lower limit of the 
SEQUENCE. 


A lower limit of a SERIES 


lower lim Sn = lim Sn =A 
n—00 Th OO 
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is said to exist if, for every e > 0, |Sn — h| < e for 
infinitely many values of n and if no number less than h 
has this property. 


see also LIMIT, UPPER LIMIT 
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Bromwich, T. J. Pa and MacRobert, T. M. “Upper and Lower 
Limits of a Sequence.” $5.1 in An Introduction to the The- 
ory of Infinite Series, 3rd ed. New York: Chelsea, p. 40 
1991. 


Lower Sum 


For a given function f(x) over a partition of a given 
interval, the lower sum is the sum of box areas f(x; )Azx 
using the smallest value of the function f(z) in each 
subinterval Agg. 


see also LOWER INTEGRAL, RIEMANN INTEGRAL, UP- 
PER SUM 


Lower-Trimmed Subsequence 

The lower-trimmed subsequence of x = {xn} is the se- 
quence V(x) obtained by subtracting 1 from each £n 
and then removing all Os. If x is a FRACTAL SEQUENCE, 
then V(x) is a FRACTAL SEQUENCE. If x is a SIGNA- 
TURE SEQUENCE, then V(x) = a. 


see also SIGNATURE SEQUENCE, UPPER-TRIMMED SUB- 
SEQUENCE 


References 
Kimberling, C. “Fractal Sequences and Interspersions.” Ars 
Combin. 45, 157-168, 1997. 


Lowest Terms Fraction 
A FRACTION p/q for which (p,q) = 1, where (p,q) de- 
notes the GREATEST COMMON DIVISOR. 


Loxodrome 

A path, also known as a RHUMB LINE, which cuts a 
MERIDIAN on a given surface (usually a SPHERE, in 
which case the loxodrome is also called a SPHERICAL 
HELIX) at any constant ANGLE but a RIGHT ANGLE. 
The loxodrome is the path taken when a compass is kept 
pointing in a constant direction. It is not the shortest 
distance between two points. 


see also GREAT CIRCLE 
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Lozenge 


A PARALLELOGRAM whose ACUTE ANGLES are 45”. 


see also DIAMOND, PARALLELOGRAM, QUADRILAT- 
ERAL, RHOMBUS 


Lozenge Method 
A method for constructing MAGIC SQUARES of ODD or- 
der. 


see also MAGIC SQUARE 


Lozi Map 
A 2-D map similar to the HENON MAP which is given 
by the equations 


Until = p= al2 | T Yn 


Yn+1 = Ban . 


see also HENON MAP 
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Dickau, R. M. “Lozi Attractor.” http://www.prairienet. 
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Peitgen, H.-O.; Júrgens, H.; and Saupe, D. §12.1 in Chaos 
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LU Decomposition 

A procedure for decomposing an N x N matrix A into 
a product of a lower TRIANGULAR MATRIX L and an 
upper TRIANGULAR MATRIX U, 


LU=A. (1) 


Written explicitly for a 3x 3 MATRIX, the decomposition 
is 


li O 0 Uli 42 Ul3 411 Q12 013 

lar te 0 O uz 23} = | @21 G22 423 

l31 l32 33 0 0 u33 431 G32 033 
(2) 

11811 [11412 (11413 

liui lz1u22 + l22U22 lo1uig + l2223 


lau  l3ziu12 +lseueq l31U13 + l32U23 + l33U23 


G11 G12 013 
= | azı G22 a23|. (3) 


This gives three types of equations 


t< litij + ligas +... + liiij = Qij (4) 
t=] liuij + lizu; +... + buys = Qij (5) 
a>] lui; + lio uo; +...+ liju = Qij- (6) 


Lucas Correspondence Theorem 


This gives N? equations for N? + N unknowns (the 
decomposition is not unique), and can be solved using 
CROUT’S METHOD. To solve the MATRIX equation 


Ax = (LU)x = L(Ux) = b, (7) 


first solve Ly = b for:y. This can be done by forward 
substitution 


aus 


11 
i i-1 
w= aR N lyy (9) 
j=1 
for i = 2, ..., N. Then solve Ux = y for x. This can 
be done by back substitution 
pee (10) 
UNN 
; N 
zı = >> | yi- > (11) 
| j=i+1 
LORE Sa Ss ls 


see also CHOLESKY DECOMPOSITION, QR DECOMPOSI- 
TION, TRIANGULAR MATRIX 
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Lucas Correspondence 

The correspondence which relates the HANOI GRAPH to 
the ISOMORPHIC GRAPH of the ODD BINOMIAL COEF- 
FICIENTS in PASCAL’S TRIANGLE, where the adjacencies 
are determined by adjacency (either horizontal or diag- 
onal) in PASCAL’S TRIANGLE. The proof that the cor- 
respondence is given by the LUCAS CORRESPONDENCE 
THEOREM. 

see also BINOMIAL COEFFICIENT, HANOI GRAPH, PAS- 
CAL’S TRIANGLE 
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Lucas Correspondence Theorem 
Let p be PRIME and 


(O<ri<p) (1) 
(O<ki<p), (2) 


r=Tmp +... +rıp+ Tro 


T Ti 
3 = II J (mod p). (3) 
This is proved in Fine (1947). 


then 


References 
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” 
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Lucas-Lehmer Residue 


Lucas-Lehmer Residue 
see LUCAS-LEHMER TEST 


Lucas-Lehmer Test 
A MERSENNE NUMBER Mp is prime IFF Mp divides 
Sp—2, Where sy = 4 and 


Si = ds = 2(mod DE = 1) (1) 


for ¿ > 1. The first few terms of this series are 4, 14, 
194, 37634, 1416317954, ... (Sloane's A003010). The 
remainder when sp-2 is divided by Mp is called the 
LUCAS-LEHMER RESIDUE for p. The LUCAS-LEHMER 
RESIDUE is 0 IFF Mp is PRIME. This test can also be 
extended to arbitrary INTEGERS. 


A generalized version of the Lucas-Lehmer test lets 


N+1=][a*, (2) 


j=1 


with q; the distinct PRIME factors, and O; their respec- 
tive POWERS. If there exists a LUCAS SEQUENCE U, 
such that 


GCD(U(nw+1)/93) N) =1 (3) 
forj=1,...,n and 
Un+1 =0 (mod N), (4) 


then N is a PRIME. The test is particularly simple for 
MERSENNE NUMBERS, yielding the conventional Lucas- 
Lehmer test. 


see also LUCAS SEQUENCE, MERSENNE NUMBER, 
RABIN-MILLER STRONG PSEUDOPRIME TEST 
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Lucas’ Married Couples Problem 
see MARRIED COUPLES PROBLEM 


Lucas Number 

The numbers produced by the V recurrence in the LU- 
CAS SEQUENCE with (P,Q) = (1, —1) are called Lucas 
numbers. They are the companions to the FIBONACCI 
NUMBERS Fn and satisfy the same recurrence 


Loc Le Le. (1) 


where Lı = 1, La = 3. The first few are 1, 3, 4, 7, 11, 
18, 29, 47, 76, 123, ... (Sloane’s A000204). 


In terms of the FIBONACCI NUMBERS, 


Ln = Pn-1 + Fn+1. (2) 
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The analog of BINET’S FORMULA for Lucas numbers is 
1448 Y" f1-v5\" 
Ln = 55) È (58) | (3) 


Another formula is 


Ly = [o"], (4) 


where ¢ is the GOLDEN RATIO and [a] denotes the NINT 
function. Given Ln, 


Ln(1+ v5) + 1 
town [UE 
where |x| is the FLOOR FUNCTION, 
Ln? = Lazi Lagi = 5(—1)", (6) 
and A 
Y Ly? = Lalas — 2. (7) 


k=0 


Let p be a PRIME > 3 and k be a POSITIVE INTE- 
GER. Then L.,% ends in a 3 (Honsberger 1985, p. 113). 
Analogs of the Cesáro identities for FIBONACCI NUM- 


BERS are s 
` 8 enn RR (8) 
Y (+) E A O (9) 


k=0 


where (z) is a BINOMIAL COEFFICIENT. 


Dal Fm (Ln DIVIDES Fm) IFF n DIVIDES into m an EVEN 
number of times. Ln|Lm IFF n divides into m an ODD 
number of times. 2” L, always ends in 2 (Honsberger 
1985, p. 137). 


Defining 
3 2 0 0 0 0 
2 1 2 0 D 0 
0 2 1 2 0 0 
D,=|9 0 7 1 0 0 = Daa (10) 
0 0 0 2 
0 0 0 0 1 
glves 
Dn = Dr=i + Dn-2 (11) 


(Honsberger 1985, pp. 113-114). 


The number of ways of picking a set (including the 
EMPTY SET) from the numbers 1, 2, ..., n without 
picking two consecutive numbers (where 1 and n are 
now consecutive) is Ln (Honsberger 1985, p. 122). 
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The only SQUARE NUMBERS in the Lucas sequence are 
l and 4, as proved by John H. E. Cohn (Alfred 1964). 
The only TRIANGULAR Lucas numbers are 1, 3, and 5778 
(Ming 1991). The only Lucas CUBIC NUMBER is 1. The 
first few Lucas PRIMES L,, occur for n = 2, 4, 5, 7, 8, 
11, 13, 16, 17, 19, 31, 37, 41, 47, 53, 61, 71, 79, 113, 313, 
353, ... (Dubner and Keller 1998, Sloane's A001606). 


see also FIBONACCI] NUMBER 


References 

Alfred, Brother U. “On Square Lucas Numbers.” Fib. Quart. 
2, 11-12, 1964. 

Borwein, J. M. and Borwein, P. B. Pi & the AGM: A Study in 
Analytic Number Theory and Computational Complexity. 
New York: Wiley, pp. 94-101, 1987. 

Brillhart, J.; Montgomery, P. L.; and Solverman, R. D. “Ta- 
bles of Fibonacci and Lucas Factorizations.” Math. Com- 
put. 50, 251-260 and $1-S15, 1988. 

Brown, J. L. Jr. “Unique Representation of Integers as Sums 
of Distinct Lucas Numbers.” Fib. Quart. 7, 243-252, 1969. 

Dubner, H. and Keller, W. “New Fibonacci and Lucas 
Primes.” Math. Comput. 1998. 

Guy, R. K. “Fibonacci Numbers of Various Shapes.” §D26 in 
Unsolved Problems in Number Theory, 2nd ed. New York: 
Springer-Verlag, pp. 194-195, 1994. 

Hoggatt, V. E. Jr. The Fibonacci and Lucas Numbers. 
Boston, MÁ: Houghton MifHin, 1969. 

Honsberger, R. “A Second Look at the Fibonacci and Lucas 
Numbers.” Ch. 8 in Mathematical Gems IH. Washington, 
DC: Math. Assoc. Amer., 1985. 

Leyland, P. ftp://sable.ox.ac.uk/pub/math/factors/ 
lucas.Z. 

Ming, L. “On Triangular Lucas Numbers.” Applica- 
tions of Fibonacci Numbers, Vol. 4 (Ed. G. E. Bergum, 
A. N. Philippou, and A. F. Horadam). Dordrecht, Nether- 
lands: Kluwer, pp. 231-240, 1991. 

Sloane, N. J. A. Sequences A000692/M2341 and A001606/ 
M0961 in “An On-Line Version of the Encyclopedia of In- 
teger Sequences.” 


Lucas Polynomial 

The w POLYNOMIALS obtained by setting p(z) = z and 
q(x) = 1 in the Lucas POLYNOMIAL SEQUENCE. The 
first few are 


F(a) = 2 

F(x) =a? +2 

F(x) = 32° + 32 
F(x) = 24 + 427 +2 
F; (£) = 2° + 52% + 52 


The corresponding W POLYNOMIALS are called FI- 
BONACCI POLYNOMIALS. The Lucas polynomials satisfy 


Lall) Sen 
where the Las are LUCAS NUMBERS. 


see also FIBONACCI POLYNOMIAL, LUCAS NUMBER, LU- 
CAS POLYNOMIAL SEQUENCE 


Lucas Pseudoprime 


Lucas Polynomial Sequence 
A pair of generalized POLYNOMIALS which generalize the 
LUCAS SEQUENCE to POLYNOMIALS is given by 


A" (x)[a” (2) - (-1)%b” (2) 


w$ (e) = AG) (1) 
wr (x) = A*(x)[a"(x) + (-1)*6"(a)], (2) 
where 
a(x) + b(x) = p(z) (3) 
a(x)b(a) = -q(z) (4) 
a(x) — b{a) = yp*(2) + 4q(x) = A(z) (5) 
(Horadam 1996). Setting n = 0 gives 
iin Ree 
Wo (x) =A Kay (6) 
wo (x) = A*(x)[1 + (-1)*], (7) 
giving 
Wo (x) = 0 (8) 
wo (x) = 2 (9) 
When k = 1, 
W, (2) = wn (£) = wn (z) (10) 


Wi(z) = A*(2)W2(2) = A?(2)W,(z). (11) 


p(z) q(x) Polynomial 1 Polynomial 2 


2 1 Fibonacci Fa (a) Lucas Ln (£) 

2x 1 Pell Pa (x) Pell-Lucas Q, (z) 

1 2z  Jacobsthal J, (2) Jacobsthal-Lucas j, (1) 
3z  —2 Fermat F, (2) Fermat-Lucas f, (zx) 
2x —1 Chebyshev U„n-ı(x) Chebyshev 2T, (x) 


see also LUCAS SEQUENCE 
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Lucas Pseudoprime 
When P and Q are INTEGERS such that D = P? ~4Q # 
0, define the LUCAS SEQUENCE {Uk} by 


k k 
a” — b 
Uk = ——— 
jä a — b 
for k > 0, with a and b the two Roots of z? — Pr +Q = 
0. Then define a Lucas pseudoprime as an ODD COM- 
POSITE number n such that n{Q, the JACOBI SYMBOL 
(D/n) = —1, and n!Un+1. 


Lucas Sequence 


There are no EVEN Lucas pseudoprimes (Bruckman 
1994). The first few Lucas pseudoprimes are 705, 2465, 
2737, 3745, ... (Sloane's A005845). 


see also EXTRA STRONG LUCAS PSEUDOPRIME, LUCAS 
SEQUENCE, PSEUDOPRIME, STRONG LUCAS PSEUDO- 
PRIME 
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Lucas Sequence 
Let P, Q be POSITIVE INTEGERS. The ROOTS of 


1 —Pr+Q=0 (1) 
are 
a=¿(P+vVD) (2) 
b=3(P — VD), (3) 
where 
D=P*-4Q, (4) 
so 
a+b=P (5) 
ab = HP?*-D)=0Q (6) 
a=b=vVD. (7) 
Then define 
U,(P,Q) = E (8) 
Vn (P, Q) =a” +b". (9) 


The first few values are therefore 


Uo(P,Q)=0 (10) 
U1(P,Q)=1 (11) 
Vo (P, Q) =2 (12) 
Vi(P, Q) =P. (13) 
The sequences 
U(P,Q) = {Un(P,Q) : n > 1} (14) 
V(P,Q) = {ValP,Q) in 2 1} (15) 


are called Lucas sequences, where the definition is usu- 
ally extended to include 


ab -—1 1 
A a | 
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For (P,Q) = (1, —1), the U,, are the FIBONACCI NUM- 
BERS and V, are the LUCAS NUMBERS. For (P,Q) = 
(2, —1), the PELL NUMBERS and Pell-Lucas numbers are 


obtained. (P,Q) = (1, —2) produces the JACOBSTHAL 
NUMBERS and Pell-Jacobsthal Numbers. 


The Lucas sequences satisfy the general RECURRENCE 
RELATIONS 


gmtn _ petn 
A 
(a™ — b™)(a” +8") | ab” (a™ T” — b™") 
a—b a—b 
= UmVn — a” b” Um-n (17) 
Voi, =a aor 
= (a” +b™)(a” +b") — ab" (a™ "+6" ") 
= Vin Vn — a" b Vmin: (18) 


Taking n = 1 then gives 


Um (P, Q) = PUm-1(P, Q) T QUm-2(P, Q) (19) 
Vm (P, Q) = PV ah; Q) = QVm-2(P, Q). (20) 


Other identities include 


Uan = Un Vn (21) 
Venti = Un41Vn — Q” (22) 
Von = Vn? — Hab)" = Va? — 2Q” (23) 
Von = Vasa Va = PO". (24) 


These formulas allow calculations for large n to be de- 
composed into a chain in which only four quantities must 
be kept track of at a time, and the number of steps 
needed is ~ Ign. The chain is particularly simple if n 
has many 2s in its factorization. 


The Us in a Lucas sequence satisfy the CONGRUENCE 


Upn—1fp-(D/p)] = 0 (mod p”) (25) 
if 
GCD(2QcD, p) = 1, (26) 
where 
P? — 4Q* = 2D. (27) 


This fact is used in the proof of the general LUCAS- 
LEHMER TEST. 


see also FIBONACCI NUMBER, JACOBSTHAL NUMBER, 
LUCAS-LEHMER TEST, LUCAS NUMBER, LUCAS POLY- 
NOMIAL SEQUENCE, PELL NUMBER, RECURRENCE SE- 
QUENCE, SYLVESTER CYCLOTOMIC NUMBER 
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Lucas’s Theorem 
The primitive factors Qn(z, y) of x” +y” can be written 
in the form 


Qn(x,y) = U’ (x,y) + nzyV” (2, y) 


for SQUAREFREE n where U and V are HOMOGENEOUS 
POLYNOMIALS with the sign chosen according to 


-+ for n= 4l +1 
— for n = 41+ 3 
either for n = 4 +2. 


Lucky Number 

Write out all the ODD numbers: 1, 3, 5, 7, 9, 11, 13, 15, 
17, 19, .... The first ODD number > 1 is 3, so strike 
out every third number from the list: 1, 3, 7, 9, 13, 15, 
19, .... The first ODD number greater than 3 in the list 
is 7, so strike out every seventh number: 1, 3, 7, 9, 13, 
1b 21s 25; A 


Numbers remaining after this procedure has been car- 
ried out completely are called lucky numbers. The first 
few are 1, 3, 7, 9, 13, 15, 21, 25, 31, 33, 37, ... (Sloane’s 
A000959). Many asymptotic properties of the PRIME 
NUMBERS are shared by the lucky numbers. The asymp- 
totic density is 1/ ln N, just as the PRIME NUMBER THE- 
OREM, and the frequency of TwIN PRIMES and twin 
lucky numbers are similar. A version of the GOLDBACH 
CONJECTURE also seems to hold. 


It therefore appears that the SIEVING process accounts 
for many properties of the PRIMES. 


see also GOLDBACH CONJECTURE, LUCKY NUMBER OF 
EULER, PRIME NUMBER, PRIME NUMBER THEOREM, 
SIEVE 
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Ludwig’s Inversion Formula 


Lucky Number of Euler 
A number p such that the PRIME-GENERATING POLY- 
NOMIAL 

n -n +p 


is PRIME for n = 0, 1, ..., p— 2. Such numbers are 
related to the COMPLEX QUADRATIC FIELD in which 
the RING of INTEGERS is factorable. Specifically, the 
Lucky numbers of Euler (excluding the trivial case p = 
3) are those numbers p such that the QUADRATIC FIELD 
Q(V1 — 4p) has CLASS NUMBER 1 (Rabinowitz 1913, 
Le Lionnais 1983, Conway and Guy 1996). 


As established by Stark (1967), there are only nine num- 
bers —d such that h(—d) = 1 (the HEEGNER NUMBERS 
—2, —3, —7, —11, —19, —43, —67, and —163), and of 
these, only 7, 11, 19, 43, 67, and 163 are of the re- 
quired form. Therefore, the only Lucky numbers of 
Euler are 2, 3, 5, 11, 17, and 41 (Le Lionnais 1983, 
Sloane’s A014556), and there does not exist a better 
PRIME-GENERATING POLYNOMIAL of Euler's form. 


see also CLASS NUMBER, HEEGNER NUMBER, PRIME- 
GENERATING POLYNOMIAL 
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LUCY 

A nonlinear DECONVOLUTION technique used in decon- 
volving images from the Hubble Space Telescope before 
corrective optics were installed. 


see also CLEAN ALGORITHM, DECONVOLUTION, MAX- 
IMUM ENTROPY METHOD 


Ludolph’s Constant 
see PI 


Ludwig’s Inversion Formula 
Expresses a function in terms of its RADON TRANS- 
FORM, 


fay =R (Rey) 
11 /® ¿RÍAa) 


= = — AMM dpda. 
nan J_ ~ TCOSA + ysina — p á 


see also RADON TRANSFORM 


External modulation of the global circuit 
— ionospheric potential 


lonospheric potential (potential difference between ionosphere and surface — “V,”) can 
be found by integrating a vertical profile of the electric field 


A variation with galactic cosmic rays was demonstrated in Mulheisen and Markson’s 
(independent) 1970s balloon and aircraft soundings of the ionospheric potential, with 
surface neutron monitor measurements of cosmic rays 
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150 200 250 300 350 
Climax neutrons 

Vi (kV) 
150 200 250 300 350 


100 
100 


o 
LO 
Ko) 
+ 
e 
Ko) 
=> 
go 


1969 1971 197 3600 3800 4000 4200 
year Climax neutrons 


1967 


R. G. Harrison and I. Usoskin, Solar modulation in surface atmospheric electricity 
J. Atmos Solar-Terr Physics 72, 176-182 (2010) 


5. Applications and planetary global 
circuits 


External (solar) modulation of the global circuit 


Apparent in Lerwick surface measurements (1978-1985) of current density (J.) and 
Potential Gradient (PG) 


Solar variability effect is primarily via cosmic rays (CR) — “solar max” occurs at CR 
min and “solar min” at CR max 


Current density Potential Gradient 


16.5% 12% 
change change 


CRmax CRmin CRmax CRmin 


R. G. Harrison and I. Usoskin, Solar modulation in surface 
atmospheric electricity J. Atmos Solar-Terr Physics 72, 176-182 (2010) 


Global circuit also includes “semi-fair weather regions” 


Layer clouds occupy about 30% of the planet’s surface, and the current flow in the 
global circuit must pass through them — this “semi fair weather” branch of the global 
circuit has been largely neglected (until now) 


semi-fair weather 
current flow 


A A 
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Charging 
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R. Giles Harrison, Keri A. Nicoll, Evgeny Mareev, Nikolay Slyunyaev, Michael J. Rycroft, Extensive layer clouds in the global electric circuit: their 
effects on vertical charge distribution and storage Proc Roy Soc A 476: 20190758 (2020) 
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Lukács Theorem 


Lukács Theorem 

Let p(x) be an mth degree POLYNOMIAL which is NON- 
NEGATIVE in [-1,1]. Then p(x) can be represented in 
the form 


[A(o)? + (1 — 223)[B(2)]? for m even 
(1+2)(C(x)]? +(1-2)[D(x)]? for m odd, 


where A(x), B(x), C(x), and D(x) are REAL POLYNO- 
MIALS whose degrees do not exceed m. 


References 
Szegó, G. Orthogonal Polynomials, 4th ed. Providence, RI: 
Amer. Math. Soc., p. 4, 1975. 


Lune (Plane) 
L 
AN 


A figure bounded by two circular ARCS of unequal 
Rabu. Hippocrates of Chios SQUARED the above left 
june, as well as two others, in the fifth century BC. Two 
more SQUARABLE lunes were found by T. Clausen in the 
19th century (Dunham 1990 attributes these discoveries 
to Euler in 1771). In the 20th century, N. G. Tscheba- 
torew and A. W. Dorodnow proved that these are the 
only five squarable lunes (Shenitzer and Steprans 1994). 
The left lune above is squared as follows, 


bY, 


2 
rT 
1 1 2 
Ahalf small circle = 37 | —= |] = 377 
V2 
Aiens = Aguarter big circle — Atriangle 
Ps... 2x2 


= ¿TY — 3Y 


— ee ee 
Alune = Ahalf small circle — Algae = 3f 


= Atriangle; 


so the lune and TRIANGLE have the same AREA. In the 
right figure, Ai + A2 = Aa. 


D 


A < B 
C 
For the above lune, 


Álune = 2AaoBc. 


see also ANNULUS, ARC, CIRCLE, LUNE (SURFACE) 
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Lune (Solid) 
A geometric figure consisting of two TRIANGLES at- 
tached to opposite sides of a SQUARE. 


see also SQUARE, TRIANGLE 


Lune (Surface) 


A sliver of the surface of a SPHERE of RADIUS r cut out 
by two planes through the azimuthal axis with DIHE- 
DRAL ANGLE 0. The SURFACE AREA of the lune is 


S = 2r76, 


which is just the area of the SPHERE times @/(27). 
see also LUNE (PLANE), SPHERE 
References 


Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, p. 130, 1987. 


Lunule 
see LUNE (PLANE) 


Liiroth’s Theorem 

If x and y are nonconstant rational functions of a param- 
eter, the curve so defined has GENUS 0. Furthermore, z 
and y may be expressed rationally in terms of a param- 
eter which is rational in them. 


References 


Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, p. 246, 1959. 
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Lusin’s Theorem 

Let f(z) be a finite and MEASURABLE FUNCTION in 
(—oo, 00), and let e be freely chosen. Then there is a 
function g(x) such that 


1. g(x) is continuous in (—oo, 00), 
2. The MEASURE of {x : f(x) 4 g(z)} is < e, 
3. M(|9|; Ri) < MUS Ra), 


where M(f; S) denotes the upper bound of the aggregate 
of the values of f(P) as P runs through all values of S. 


References 
Kestelman, H. §4.4 in Modern Theories of Integration, 2nd 
rev. ed. New York: Dover, pp. 30 and 109-112, 1960. 


LUX Method 
A method for constructing MAGIC SQUARES of SINGLY 
EVEN order n > 6. 


see also MAGIC SQUARE 


Lyapunov Characteristic Exponent 

The Lyapunov characteristic exponent [LCE] gives the 
rate of exponential divergence from perturbed initial 
conditions. To examine the behavior of an orbit around 
a point X*(t), perturb the system and write 


X(t) = X (t) + U(t), (1) 


where U(t) is the average deviation from the unper- 
turbed trajectory at time t. In a CHAOTIC region, the 
LCE ø is independent of X*(0). It is given by the OSED- 
ELEC THEOREM, which states that 


Ti = lim ln |U(E)|. (2) 


For an n-dimensional mapping, the Lyapunov charac- 
teristic exponents are given by 


g= Jim In JA (N) (3) 


fori = 1, ..., n, where A; is the LYAPUNOV CHARAC- 
TERISTIC NUMBER. 


One Lyapunov characteristic exponent is always 0, since 
there is never any divergence for a perturbed trajec- 
tory in the direction of the unperturbed trajectory. The 
larger the LCE, the greater the rate of exponential di- 
vergence and the wider the corresponding SEPARATRIX 
of the CHAOTIC region. For the STANDARD MAP, an 
analytic estimate of the width of the CHAOTIC zone by 
Chirikov (1979) finds 


1/2 


ôI =Be"*E (4) 
Since the Lyapunov characteristic exponent increases 
with increasing K, some relationship likely exists con- 
necting the two. Let a trajectory (expressed as a MAP) 
have initial conditions (£o, yo) and a nearby trajectory 


Lyapunov Characteristic Exponent 


have initial conditions (x', y’) = (£o + dx, yo + dy). The 
distance between trajectories at iteration k is then 


dk = ||(ax’ — xo, y' — yo)ll, (5) 


and the mean exponential rate of divergence of the tra- 
jectories is defined by 


A: dk 
a 2 


For an n-dimensional phase space (MAP), there are n 
Lyapunov characteristic exponents 0, > 02 >... > On. 
However, because the largest exponent o1 will dominate, 
this limit is practically useful only for finding the largest 
exponent. Numerically, since dẹ increases exponentially 
with k, after a few steps the perturbed trajectory is no 
longer nearby. It is therefore necessary to renormalize 
frequently every t steps. Defining 


dkr 
Tkr = — T 
one can then compute 
TL 
oi = lim — In rr (8) 
noo nT ry 


Numerical computation of the second (smaller) Lya- 
punov exponent may be carried by considering the evo- 
lution of a 2-D surface. It will behave as 


oF meant (9) 


so 92 can be extracted if 01 is known. The process may 
be repeated to find smaller exponents. 


For HAMILTONIAN SYSTEMS, the LCEs exist in additive 
inverse pairs, so if ø is an LCE, then so is —o. One 
LCE is always 0. For a 1-D oscillator (with a 2-D phase 
space), the two LCEs therefore must be 01 = a2 = 0, so 
the motion is QUASIPERIODIC and cannot be CHAOTIC. 
For higher order HAMILTONIAN SYSTEMS, there are al- 
ways at least two 0 LCEs, but other LCEs may enter 
in plus-and-minus pairs l and —l. If they, too, are both 
zero, the motion is integrable and not CHAOTIC. If they 
are NONZERO, the POSITIVE LCE I! results in an expo- 
nential separation of trajectories, which corresponds to 
a CHAOTIC region. Notice that it is not possible to have 
all LCEs NEGATIVE, which explains why convergence of 
orbits is never observed in HAMILTONIAN SYSTEMS. 


Now consider a dissipative system. For an arbitrary n- 
D phase space, there must always be one LCE equal 
to 0, since a perturbation along the path results in no 
divergence. The LCEs satisfy Y >, o: < 0. Therefore, for 
a 2-D phase space of a dissipative system, 01 = 0,02 < 
O. For a 3-D phase space, there are three possibilities: 


1. (Integrable): 01 = 0,02 = 0,03 < 0, 
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2. (Integrable): 01 =0,02,03 < 0, 
3. (CHAOTIC): o1 = 0,02 > 0,03 < —02 < 0. 


see also CHAOS, HAMILTONIAN SYSTEM, LYAPUNOV 
CHARACTERISTIC NUMBER, OSEDELEC THEOREM 


References 

Chirikov, B. V. “A Universal Instability of Many- 
Dimensional Oscillator Systems.” Phys. Rep. 52, 264-379, 
1979. 


Lyapunov Characteristic Number 
Given a LYAPUNOV CHARACTERISTIC EXPONENT Gi, 
the corresponding Lyapunov characteristic number A; 


is defined as 
Ai = e” ‘ (1) 


For an n-dimensional linear MAP, 
Xn+1 = MX.. (2) 


The Lyapunov characteristic numbers Ài, ..., An are 
the EIGENVALUES of the MAP MATRIX. For an arbitrary 
MAP 

Enti = fi(n, Yn) (3) 


Yn+1 = f2l£n, Yn), (4) 


the Lyapunov numbers are the EIGENVALUES of the limit 


lim Esc Yn) J (En-1, Yn-1) PA J(a1, yy", (5) 


TL OO 


where J(z, y) is the JACOBIAN 


| Ofi(z,y) af) 
= Ox yY 
Jr, y) — | Ofe(a,y) Ofalr y) |” (6) 
Ox Oy 


If A; = 0 for all 2, the system is not CHAOTIC. If A # 
0 and the MAP is AREA-PRESERVING (HAMILTONIAN), 
the product of EIGENVALUES is 1. 


see also ADIABATIC INVARIANT, CHAOS, LYAPUNOV 
CHARACTERISTIC EXPONENT 


Lyapunov Condition 
If the third MOMENT exists for a DISTRIBUTION of zi 
and the LEBESGUE INTEGRAL is given by 


then if 


the CENTRAL LIMIT THEOREM holds. 
see also CENTRAL LIMIT THEOREM 
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Lyapunov Dimension 
For a 2-D MAP with o2 > 01, 
01 
diya = 1 = —, 
a2 
where cn are the LYAPUNOV CHARACTERISTIC EXPO- 
NENTS. 


see also CAPACITY DIMENSION, KAPLAN-YORKE CON- 
JECTURE 


References 

Frederickson, P.; Kaplan, J. L.; Yorke, E. D.; and Yorke, J. A. 
“The Liapunov Dimension of Strange Attractors.” J. Diff. 
Eq. 49, 185-207, 1983. 
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Lyapunov’s First Theorem 

A NECESSARY and SUFFICIENT condition for all the 
EIGENVALUES of a REAL n X n matrix A to have NEG- 
ATIVE REAL PARTS is that the equation 


A*V+VA=-l 


has as a solution where V is an n x n matrix and (x, Vx) 
is a positive definite quadratic form. 


References 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, p. 1122, 1979. 


Lyapunov Function 
A function which is continuous, nonnegative, and has 
continuous PARTIAL DERIVATIVES. The existence of a 
Lyapunov function guarantees the NONLINEAR STABIL- 
ITY of a FIXED POINT. 


References 

Jordan, D. W. and Smith, P. Nonlinear Ordinary Differential 
Equations. Oxford, England: Clarendon Press, p. 283, 
1977. 


Lyapunov’s Second Theorem 

If all the EIGENVALUES of a REAL MATRIX A have REAL 
PARTS, then to an arbitrary negative definite quadratic 
form (x, Wx) with x = x(t) there corresponds a positive 
definite quadratic form (x, Vx) such that if one takes 


then (x, Wx) and (x, Wx) satisfy 


d 
Ai (x, Vx) = (x, Wx). 


References 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, p. 1122, 1979. 
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Lyndon Word 


A Lyndon word is an aperiodic notation for representing 
a NECKLACE. 


see also DE BRUIJN SEQUENCE, NECKLACE 


References 

Ruskey, F. “Information on Necklaces, Lyndon Words, de 
Bruijn Sequences.” http://sue.csc.uvic.ca/-cos/inf/ 
neck/NecklaceInfo.html. 
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Version of the Encyclopedia of Integer Sequences.” 


Lyons Group 
The SPORADIC GROUP Ly. 


see also SPORADIC GROUP 
References 


Wilson, R. A. “ATLAS of Finite Group Representation.” 
http: //for.mat.bham.ac.uk/atlas/Ly.html. 


Lyons Group 


M -Estimate 


M 


M-Estimate 
A ROBUST ESTIMATION based on maximum likelihood 
argument. 


see also L-ESTIMATE, R-ESTIMATE 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vet- 
terling, W. T. “Robust Estimation.” §15.7 in Numerical 
Recipes in FORTRAN: The Art of Scientific Computing, 
2nd ed. Cambridge, England: Cambridge University Press, 
pp. 694-700, 1992. 


Mac Lane’s Theorem 
A theorem which treats constructions of FIELDS of 
CHARACTERISTIC p. 


see also CHARACTERISTIC (FIELD), FIELD 


Machin’s Formula 
lm = 4tan '(4) —tan~*(54) 
4 5 239 7° 


There are a whole class of MACHIN-LIKE FORMULAS 
with various numbers of terms (although only four such 
formulas with only two terms). The properties of these 
formulas are intimately connected with COTANGENT 
identities. 


see also 196- ALGORITHM, GREGORY NUMBER, MACH- 
IN-LIKE FORMULAS, PI 


Machin-Like Formulas 
Machin-like formulas have the form 


mcot™! u +ncot™ v = tkr, (1) 
where u, v, and k are POSITIVE INTEGERS and m and 
n are NONNEGATIVE INTEGERS. Some such FORMU- 
LAS can be found by converting the INVERSE TANGENT 
decompositions for which cn # 0 in the table of Todd 
(1949) to INVERSE COTANGENTS. However, this gives 
only Machin-like formulas in which the smallest term is 
El; 


Maclaurin-like formulas can be derived by writing 


cot = ln (2) (2) 


22 21 


and looking for ax and uz such that 
Saz cot * uk = dq, (3) 


50 


-\ ak f 
ll (==) Z Pe as (4) 
: Uk — 2 
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Machin-like formulas exist IFF (4) has a solution in IN- 
TEGERS. This is equivalent to finding INTEGER values 
such that 
(1-0 Hu +i)” (v + i)” (5) 
is REAL (Borwein and Borwein 1987, p. 345). An equiv- 
alent formulation is to find all integral solutions to one 
of 
L+a7 = 2y” (6) 


la? =y" (7) 
form IA 


There are only four such FORMULAS, 


im = 4tan™ (4) — tan (35) (8) 
im = tan (4) +tan”*(3) (9) 
in = 2tan”*(1) — tan”*(1) (10) 
a7 = 2tan (4) + tan * (4), (11) 


known as MACHIN’S FORMULA, EULER’S MACHIN-LIKE 
FORMULA, HERMANN’S FORMULA, and HUTTON’S FOR- 
MULA. These follow from the identities 


(A) i (12) 
=. li = (13) 
AE = (14) 
ESTE (15) 


Machin-like formulas with two terms can also be gener- 
ated which do not have integral arc cotangent arguments 
such as Euler’s 


mE 5tan (4) +2tan™ (3) (16) 


(Wetherfield 1996), and which involve inverse SQUARE 
ROOTS, such as 


T —1 1 —-1 1 
2 = 2tan (= + tan (=, (17) 


Three-term Machin-like formulas include GAUSS’S 
MACHIN-LIKE FORMULA 


it = 12cot7! 18 + 8cot 157 — 5cot + 239, (18) 


STRASSNITZKY’S FORMULA 


m = cot”! 2 + cot™' 5 + cot *8, (19) 
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and the following, 


¿7 = 6cot” *8+2cot”*57 + cot * 239 (20) 
im = 4cot™'5 — 1cot™! 70 + cot * 99 (21) 
lr = 1cot~'2+4+1cot™*5+cot7'8 (22) 
lr = 8cot™} 10 — 1 cot™} 239 — 4cot”* 515 (23) 
in = 5cot ! 7 + 4cot + 53 + 2cot™! 4443. (24) 


The first is due to Størmer, the second due to Ruther- 
ford, and the third due to Dase. 


Using trigonometric identities such as 
-1 — 1 —1 3 
cot x = 2cot (217) — cot “(42% + 3x), (25) 


it is possible to generate an infinite sequence of Machin- 
like formulas. Systematic searches therefore most often 
concentrate on formulas with particularly “nice” prop- 
erties (such as “efficiency” ). 


The efficiency of a FORMULA is the time it takes to cal- 
culate m with the POWER series for arctangent 


m = a; cot(bi) + as cot(bz) +..., (26) 


and can be roughly characterized using Lehmer’s “mea- 


sure” formula y s 
= ; 27 
Í D log; y b: en 


The number of terms required to achieve a given preci- 
sion is roughly proportional to e, so lower e-values cor- 
respond to better sums. The best currently known eff- 
ciency is 1.51244, which is achieved by the 6-term series 


+m = 183 cot * 239 + 32 cot” * 1023 — 68 cot” * 5832 
+12 cot™* 110443 — 12 cot” * 4841182 
—100 cot * 6826318 (28) 


discovered by C.-L. Hwang (1997). Hwang (1997) also 
discovered the remarkable identities 


im = Poot *2—Mcot '3+ Lceot™*5+Kcot *7 
HN+K+L-2M+3P -—5)cot *8 
+H2N+M-P+2-L)cot”* 18 
~(2P-3-—-M+L+K —N)cot™'57— Ncot ' 239, 
(29) 


where K, L, M, N, and P are POSITIVE INTEGERS, and 


ig = (N+2) cot '2—Ncot~* 3—(N+1) cot”? N. (30) 


The following table gives the number N(n) of Machin- 
like formulas of n terms in the compilation by Wether- 
field and Hwang. Except for previously known identities 
(which are included), the criteria for inclusion are the 
following: | 


Machin-Like Formulas 


. first term < 8 digits: measure < 1.8. 
. first term = 8 digits: measure < 1.9. 


. first term = 9 digits: measure < 2.0. 


m Ww bd RA 


. first term =10 digits: measure < 2.0. 


N(n) mine 


n 
1 1 0 
2 4 1.85113 
3 106 1.78661 
4 39 1.58604 
5 90 1.63485 
6 120 1.51244 
7 113 1.54408 
8 18 1.65089 
9 4 1.72801 

10 78 1.63086 


11 34 1.6305 

12 188 1.67458 
13 37 1.71934 
14 5 1.75161 
15 24 1.77957 


16 51 1.81522 
17 9 1.90938 
18 570 1.87698 
19 1 1.94899 
20 11 1.95716 
21 1 1.98938 


Total 1500 1.51244 


see also EULER'S MACHIN-LIKE FORMULA, GAUSS’S 
MACHIN-LIKE FORMULA, GREGORY NUMBER, HER- 
MANN’S FORMULA, HUTTON’S FORMULA, INVERSE Co- 
TANGENT, MACHIN’S FORMULA, PI, ST@RMER NUM- 
BER, STRASSNITZKY’S FORMULA 
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Machine 
A method for producing infinite LOOP SPACES and spec- 
tra. 


see also GADGET, LOOP SPACE, MAY-THOMASON 
UNIQUENESS THEOREM, TURING MACHINE 


Mackey’s Theorem 

Let E and F be paired spaces with S a family of ab- 
solutely convex bounded sets of F such that the sets of 
S generate F and, if Bi, B2 € S, there exists a B3 € S 
such that B3 D Bı and B; D Bz. Then the dual space 
of Es is equal to the union of the weak completions of 
AB, where à > 0 and BES. 


see also GROTHENDIECK’S THEOREM 
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Maclaurin-Bezout Theorem 

The Maclaurin-Bézout theorem says that two curves of 
degree n intersect in n? points, so two CUBICS intersect 
in nine points. This means that n(n + 3)/2 points do 
not always uniquely determine a single curve of order n. 


see also CRAMER-EULER PARADOX 


Maclaurin-Cauchy Theorem 
If f(x) is POSITIVE and decreases to 0, then an EULER 
CONSTANT 


y = lim F(k)- | f(a) dx 
k=1 g 
can be defined. If f(x) = 1/z, then 
= 1 ” de “1 
r= ta (Dij F)= (Lir) 
k=1 k=1 


where y is the EULER-MASCHERONI CONSTANT. 


Maclaurin Integral Test 
see INTEGRAL TEST 
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Maclaurin Polynomial 
see MACLAURIN SERIES 


Maclaurin Series 

A series expansion of a function about 0, 

FO) a f®(0) s 
TI 
(r) 

Woa 


n! 


f(x) = f(0) + f'(0)z + 


+...+ 


Bani, CL) 


named after the Scottish mathematician Maclaurin. 
Maclaurin series for common functions include 


— arar 

-1<x<1 (2) 
cn(x,k%) =1- La” +4(1 + 4k?)x* + (3 
cosg = 1 La? + ju — ¿e — 

-œ <r <% (4) 
cos g = ir -— g- lie ha" ro ÓN 

-1<x<1 (5) 
cosha = 1 + 30 +30 + sgt + mmt +... (6) 
cosh”*(1+x) = V22 (1 — sa an" — a +... 7) 
coter =" — ig- ¿8-20 pat o... (8) 
cott g = $n = r+ ir? — ie? + te ie’ t... (9) 

=g} — lg? + Lg? = ig” + igo? +...(10) 

cotha =g} + ig- ig + ir” — T +... (11) 
coth™ (1 +z) = żln2-— t lng + ig- ta’ t... (12) 
cscg = g7! + igt yor + Girt... (13) 
ecchr=3 — iz + Lei a+ (14) 
csch™' g = ln2 — lng + ig’ -— 32°+ em... (15) 
dn(g, k?°)e = 1 — 4k’? + Ak’ (4+ a+... (16) 
erf x = — (2s — 2a? + lada...) (17) 


JT 

e = 1+rH hr? thar t hart... 
~oo <z <00 (18) 
af, alat DAB+) 2 


2Fi (a, b, yiz) = 1+ zt + 


ily 2!y(y + 1) eee 


In(1 +g) = g- ir’ + ir? 427+... 
—i<g<1 (20) 


l+zx 
in (==) = 20+ 20° + 22° + 20% +... 


-1<x*<1 (21) 


seca = 1+ 4074+ Lat Lor Se +... (22) 
secha = 1 — 4274+ La Sao H Li (23) 
sech™* s = In2—Ing — la? — EE ee (24) 


5 7 


. — 1.3 1 1 
SIN T == zT + ge — ¿TE +.. 
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—co<a<oo (25) 
sint g = g + ir + do? + Qo’ + Ge +... (26) 
. 1,3 11,5 1 7 1 9 
sinh I=x+¿2 + 130% + 500% + 362,880 Y +...(27) 
sinh”? g = 2 — ig? + Ža’ o ay Sa’ -... (28) 
sn(x, k?) = (14 k%)a* + 2(14+ 14k? + kt)” +... (29) 
tang =r + ir’ + 2r ir... (30) 
tan` g =g- ig? + tr? bg +... 


-1<x<1 (31) 


tan (1+r)= ir + $z- ig” + tg’ + aa” aetawlon) 
3 


tanhz = qx — zz + ga” leg’ + + (33) 
tanh™* g = s + ig? + ig? the t ia? h.n.. (34) 


1 Da 
— = a (35) 
oO 2i n 
cosg = Sy aa q (36) 
n=0 
Oya — 1)Ban ant 
csc x = 2 On)! (37) 
ae 
v=) qa (38) 
n=0 ` 
= (-1)""? n 
1 = 39 
In(1 +2) 2, “=i (39) 
l+ = 2 2n-1 
l = 40 
n (==) 2-1 (a0) 
sec g = y a (41) 
n=0 : 
$e =| n+l ae 
sin g = y ea t (42) 
B Q (saw E 1) Bon TEN 
o 2, an)! T (43) 
OO 
-i as (-1)"t? 2n—i 
tan T= D ES (44) 
a A l ona 
tanh “z= > m1? i (45) 


where Bn are BERNOULLI NUMBERS and En are EULER 
NUMBERS. 


see also ALCUIN’S SEQUENCE, LAGRANGE EXPANSION, 
LEGENDRE SERIES, TAYLOR SERIES 
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Maclaurin Trisectrix 


Maclaurin Trisectrix 


A curve first studied by Colin Maclaurin in 1742. It was 
studied to provide a solution to one of the GEOMETRIC 
PROBLEMS OF ANTIQUITY, in particular TRISECTION of 
an ÁNGLE, whence the name trisectrix. The Maclaurin 
trisectrix is an ANALLAGMATIC CURVE, and the origin 
is a CRUNODE. 


The Maclaurin trisectrix has CARTESIAN equation 


2  1lx+3a) 
IE a-—í 


o (1) 


or the parametric equations 


t? — 3 
FASTI (2) 
_ _t(t? — 3) 
ar i (3) 


The ASYMPTOTE has equation x = a, and the center 
of the loop is as (2a,0). Draw a line L with ANGLE 
3a through the loop center. Then the angle made by 
the line through the center and point of intersection of 
L with the trisectrix is a. The trisectrix is sometimes 
defined instead as 


x(x” + y”) = a(y” — 32”) (4) 
 - E Gets) (5) 

_ 2asin(30) 
~~ sin(28) (6) 


Another form of the equation is the POLAR EQUATION 
r =asec(30), (7) 


where the origin is inside the loop and the crossing point 
is on the NEGATIVE z-AXIS. 


The tangents to the curve at the origin make angles of 
+60° with the z-AxIs. The AREA of the loop is 


Aloop = 3V3a’, (8) 


and the NEGATIVE z-intercept is (—3a,0) (MacTutor 
Archive). 


Maclaurin Trisectrix Inverse Curve 


The Maclaurin trisectrix is the PEDAL CURVE of the 
PARABOLA where the PEDAL POINT is taken as the re- 
flection of the FOCUS in the DIRECTRIX. 


see also CATALAN’S TRISECTRIX, STROPHOID 
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Maclaurin Trisectrix Inverse Curve 


The INVERSE CURVE of the MACLAURIN TRISECTRIX 
with INVERSION CENTER at the NEGATIVE z-intercept 
is a TSCHIRNHAUSEN CUBIC. 


MacMahon’s Prime Number of 
Measurement 


see PRIME NUMBER OF MEASUREMENT 


MacRobert’s E-Function 


E(P; Ar : Ps: x) 
= (0441) 
P(p1 — a)l (p2 — a2)-+-T(pg — Qa) 


q 00 
=1 


0 


v=2 0 
00 —&g +1 
-À Ap—1 Ag+24q+3 a Ap i 
eh Ag 1+ —— — dAp, 
J R | (1+A1)--:(1+Ag)z Él 


where T(z) is the GAMMA FUNCTION and other details 
are discussed by Gradshteyn and Ryzhik (1980). 


see also Fox's H-FUNCTION, MEIJER’S G-FUNCTION 
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Maeder’s Ow! Minimal Surface 1123 


Madelung Constants 

The quantities obtained from cubic, hexagonal, etc., 
LATTICE SUMS, evaluated at s = 1, are called Madelung 
constants. For cubic LATTICE SUMS, they are expressi- 
ble in closed form for EVEN indices, 


bo (2) = —46(1)n(1) = -47 In2 = —rin2 (1) 
ba(2) = —8n(1)n(0) = —81In2-5 = —4ln2. (2) 


b3(1) is given by BENSON’S FORMULA, 


b(1= Y 


i, Js k=- 00 


= 12r y 


m,n=1,3,... 


(—1)itith+d 


i? +J? + k? 


sech’ (try m2+n?), (3) 


where the prime indicates that summation over (0, 0, 0) 
is excluded. 63(1) is sometimes called “the” Madelung 
constant, corresponds to the Madelung constant for a 3- 
D NaCl crystal, and is numerically equal to —1.74756.... 


For hexagonal LATTICE SUM, h2(2) is expressible in 
closed form as , 


ha(2) = r ln 343. (4) 
see also BENSON’S FORMULA, LATTICE SUM 
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Maeder?s Owl Minimal Surface 


A MINIMAL SURFACE which resembles a CROSS-CAP. It 
is given by the polar equations 


= 1 (1) 


(2) 
AT (3) 


I 
> 


1124 Maehly's Procedure 


or the parametric equations 


gz = rcos@ — ¿r” cos(28) (4) 
y = —rsin§ — ir’ sin(26), (5) 
a= 4,3/2 cos( 36). | (6) 


see also CROSS-CAP, MINIMAL SURFACE 
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Maehly’s Procedure 
A method for finding ROOTS which defines 


P(x) 


Fae) = (a —a1)--:(@— 23)’ 


so the derivative is 


Pil) = p 


One step of NEWTON’S METHOD can then be written as 


P(x) 


ee 8 
Ple) =Pl(TE)» (te Se) 


Lk+1 = Tk — 


Mainardi-Codazzi Equations 


a y, Tos a) gta. (0) 
of ð 
al - 5 = Mia + As — Die) -grin (2) 


where e, f, and g are coefficients of the second FUNDA- 
MENTAL FORM and Tf; are CHRISTOFFEL SYMBOLS OF 
THE SECOND KIND. Therefore, 


Oe 1 e g 
it) (3) 
ðg _ı (5 2) 
ðu ¿Gu E = G (4) 
a(l 
E (5) 
a(l 
T 6) 
ð l 
5u (ees | = 217, (7) 
pS | 


) = —2P'12, (8) 


Magic Constant 


where E, F, and G are coefficients of the first FUNDA- 
MENTAL FORM. 
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Magic Circles 


A set of n magic circles is a numbering of the intersection 
of the n CIRCLES such that the sum over all intersections 
is the same constant for all circles. The above sets of 
three and four magic circles have magic constants 14 and 
39 (Madachy 1979). 


see also MAGIC GRAPH, MAGIC SQUARE 
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Magic Constant 
The number 


to which the n numbers in any horizontal, vertical, or 
main diagonal line must sum in a MAGIC SQUARE. The 
first few values are 1, 5 (no such magic square), 15, 34, 
65, 111, 175, 260, ... (Sloane’s A006003). The magic 
constant for an nth order magic square starting with an 
INTEGER A and with entries in an increasing ARITH- 
METIC SERIES with difference D between terms is 


M2(n; A, D) = in[2a + D(n* — 1)] 
(Hunter and Madachy 1975, Madachy 1979). In a PAN- 


MAGIC SQUARE, in addition to the main diagonals, the 
broken diagonals also sum to Ma2(n). 


For a MAGIC CUBE, the magic constant is 


n3 
1 
M3(n) = 22 Sok = 1n(n*+1) = in(1+n)(n"—n+1). 
k=1 


The first few values are 1, 9, 42, 130, 315, 651, 1204,... 
(Sloane's A027441). 


(a) Edge charging of extensive layer cloud 


Is this widespread? 
Layer clouds are common, and the 
global circuit is, well, global 

fair weather 


“a 


positive space 
charge 


negative space 
charge 


Cloud depth fraction (%) 


o 


— 


g 


8 


o 
+ 


Yes - mean profile determined from 
layer clouds measured in Finland, 
Antarctica and Reading 


BG T T 


40 20 0 20 40 
Mean space charge (pC m~’) 


K.A. Nicoll and R.G. Harrison, Stratiform cloud electrification: comparison of 
theory with multiple in-cloud measurements Quart Jour Roy Meteorol Soc 142, 
2679-2691 (2016) 


Evidence for a global effect on cloud 


enhanced ionisation 


“thermal and 
dynamical changes 


7.3 


Current flow effect ought to occur in both 
hemispheres 

Expected to affect extensive layers of low cloud 
Low clouds act to keep warm air near the 
surface > warm thermal anomalies 


Test using data in 2007/8, when 
cosmic ray ionisation increased 
regularly every 27 days, associated 
with a single sunspot (14 events) 


Temperature anomalies at 800m (NCEP) 


(a) CIR min 


(b) CIR max 


R.G. Harrison and M. Lockwood, Rapid indirect solar responses observed in the lower 


atmosphere, Proc Roy Soc A 476: https://doi.org/10.1098/rspa.2020.0164 (2020) 


smoke(mg/m?) 


Possible effects of charged droplets on cloud processes 


As our observations show, charge accumulates at 
upper and lower cloud boundaries on particles and 
droplets. 


This may affect collision processes: 


(a) AEROSOL COLLECTION 


+ EM electroscavenging 


O O 


(b) DROPLET COLLECTION 


A ICE CRYSTAL 
electrofreezing 


CONTACT NUCLEATION 


DROPLET 


OG (-) GROWTH 
O 


electrocollection 


CHARGED AND 
UNCHARGED 


DROPLETS COALESCENCE 


..and related effects on radiation reflection and emission, and precipitation 


(b) Reconstruction of 20th century smoke pollution for Kew 


(semi-urban London) 
Range of values from 
*some direct smoke measurements (optical paper stain “Owens” method) 
*Low concentrations - Conductivity measurements (Wilson) 
*High concentrations - PG measurement (Wilson apparatus and Kelvin electrograph) 


—— Wilson apparatus 


——electrograph 


—+— Wilson PG (max) 

—€— Wilson conductivity (min) 
== Wilson PG (mean) 
----4---- Electrograph PG (max) 
e Electrograph PG (mean) 
=== Owens (mean) 

—-*-- Owens (max) 

—:- Owens (min) 

tm. NetCen sites (mean) 
—*— NetCen sites (max) 
—>— NetCen sites (min) 


KX é Ky | xxX 


1945 1955 1965 1975 


+ {+++ | 
1905 1915 1925 1935 


68 
R.G. Harrison, Urban smoke concentrations at Kew, London, 1898-2004 Atmos Environ 40, 18, 3327-3332, doi: 10.1016/j.atmosenv.2006.01.042 


05/11/2020 


17 


Magic Cube 


There is a corresponding multiplicative magic constant 
for MULTIPLICATION MAGIC SQUARES. 


see also MAGIC CUBE, MAGIC GEOMETRIC CON- 
STANTS, MAGIC HEXAGON, MAGIC SQUARE, MULTIPLI- 
CATION MAGIC SQUARE, PANMAGIC SQUARE 
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New 


Magic Cube 

An nxn x n 3-D version of the MAGIC SQUARE in 
which the n? rows, n? columns, n? pillars (or “files”), 
and four space diagonals each sum to a single number 
M3(n) known as the MAGIC CONSTANT. If the cross- 
section diagonals also sum to M3(n), the magic cube is 
called a PERFECT MAGIC CUBE; if they do not, the cube 
is called a SEMIPERFECT MAGIC CUBE, or sometimes an 
ANDREWS CUBE (Gardner 1988). A pandiagonal cube 
is a perfect or semiperfect magic cube which is magic 
not only along the main space diagonals, but also on 
the broken space diagonals. 


A magic cube using the numbers 1, 2,..., n°’, if it exists, 


has MAGIC CONSTANT 


Ms(n) = 15- = ln(n?+1) = in(n+1)(n?-n+1). 
For n = 1, 2, , the magic constants are 1, 9, 42, 130, 
315, 651, ... (Sloane's A027441). 


12 ser 
eee 
afafa] fe alias | [e j29]52]45) rl 
The above semiperfect magic cubes of orders three 
(Hunter and Madachy 1975, p. 31; Ball and Coxeter 
1987, p. 218) and four (Ball and Coxeter 1987, p. 220) 
have magic constants 42 and 130, respectively. There 
is a trivial semiperfect magic cube of order one, but no 
semiperfect cubes of orders two or three exist. Semiper- 
fect cubes of ODD order with n > 5 and DOUBLY EVEN 
order can be constructed by extending the methods used 
for MAGIC SQUARES. 


= 
to 
eal 
vo 
w 
n 
= 
be 
iw 
= 
to 
= 
La 
D 


eds jojo 
afer jebapadeda 
popat ojeda 


CON 
poroze 
espe oe japo] 
CONTE 
loop tea 
pechachodhioeposbo ejes 
lalo prepeol ee 
ofono 


OOO 
apa jes 
ssfashos| jodas fos 
[2 kp ospoese paja 
espro podes 
paja jododeda] 
paseo 26 apajaje]a 
CODI u oz 


Magic Cube 
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There are no perfect magic cubes of order four (Beeler 
et al. 1972, Item 50; Gardner 1988). No perfect magic 
cubes of order five are known, although it is known that 
such a cube must have a central value of 63 (Beeler et 
al. 1972, Item 51; Gardner 1988). No order-six per- 
fect magic cubes are known, but Langman (1962) con- 
structed a perfect magic cube of order seven. Án order- 
eight perfect magic cube was published anonymously in 
1875 (Barnard 1888, Benson and Jacoby 1981, Gard- 
ner 1988). The construction of such a cube is discussed 
in Ball and Coxeter (1987). Rosser and Walker redis- 
covered the order-eight cube in the late 1930s (but did 
not publish it), and Myers independently discovered the 
cube illustrated above in 1970 (Gardner 1988). Order 9 
and 11 magic cubes have also been discovered, but none 
of order 10 (Gardner 1988). 


Semiperfect pandiagonal cubes exist for all orders 8n 
and all ODD n > 8 (Ball and Coxeter 1987). A perfect 
pandiagonal magic cube has been constructed by Planck 
(1950), cited in Gardner (1988). 


Berlekamp et al. (1982, p. 783) give a magic TESSERACT. 


see also MAGIC CONSTANT, MAGIC GRAPH, MAGIC 
HEXAGON, MAGIC SQUARE 
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Magic Geometric Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let E be a compact connected subset of d-dimensional 
EUCLIDEAN SPACE. Gross (1964) and Stadje (1981) 
proved that there is a unique REAL NUMBER a(E) such 
that for all z1, £2, ..., In € E, there exists y € E with 


(1) 

The magic constant m(E) of E is defined by 

a(E) 
E) = ———— 
o) (2) 
where 
d 

diam(E) = Ate S (us — Up)? . (3) 


k=1 


These numbers are also called DISPERSION NUMBERS 
and RENDEZVOUS VALUES. For any E, Gross (1964) 
and Stadje (1981) proved that 


3Ssm(E)<1. (4) 


Magic Graph 


If 7 is a subinterval of the LINE and Dis a circular Disk 
in the PLANE, then 


m(I) = m(D) = 3. (5) 


If C is a CIRCLE, then 
2 
m(C) = = 0.6366.... (6) 


An expression for the magic constant of an ELLIPSE in 
terms of its SEMIMAJOR and SEMIMINOR AXES lengths 
is not known. Nikolas and Yost (1988) showed that for 
a REULEAUX TRIANGLE T 


0.6675276 < m(T) < 0.6675284. (7) 


Denote the MAXIMUM value of m(E) in n-D space by 
M(n). Then 


M(1) =} (8) 
l 2+ v3 
M(2) : m(T)} < M(2) < a * 0.7182336 (9) 
__d [P(g.4))?2°? v2d d 
(10) 


where T(z) is the GAMMA FUNCTION (Nikolas and Yost 
1988). 


An unrelated quantity characteristic of a given MAGIC 
SQUARE is also known as a MAGIC CONSTANT. 
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Magic Graph 


Magic Hexagon 


A LABELLED GRAPH with e EDGES labeled with distinct 
elements {1, 2, ..., e} so that the sum of the EDGE 
labels at each VERTEX is the same. Another type of 
magic graph, such as the PENTAGRAM shown above, has 
labelled VERTICES which give the same sum along every 
straight line segment (Madachy 1979). 


see also ANTIMAGIC GRAPH, LABELLED GRAPH, MAGIC 
CIRCLES, MAGIC CONSTANT, MAGIC CUBE, MAGIC 
HEXAGON, MAGIC SQUARE 
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Magic Hexagon 


An arrangement of close-packed HEXAGONS containing 
the numbers 1, 2, ..., Hz = 3n[(n— 1) + 1, where Hn 
is the nth HEX NUMBER, such that the numbers along 
each straight line add up to the same sum. In the above 
magic hexagon, each line (those of lengths both 3 and 
4) adds up to 38. This is the only magic hexagon of the 
counting numbers for any size hexagon. It was discov- 
ered by C. W. Adam, who worked on the problem from 
1910 to 1957. 


see also HEX NUMBER, HEXAGON, MAGIC GRAPH, 
MAGIC SQUARE, TALISMAN HEXAGON 
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Magic Labelling 

It is conjectured that every TREE with e edges whose 
nodes are all trivalent or monovalent can be given a 
“magic” labelling such that the INTEGERS 1, 2, ..., € 
can be assigned to the edges so that the SUM of the three 
meeting at a node is constant. 


Magic Square 1127 


see also MAGIC CONSTANT, MAGIC CUBE, MAGIC 
GRAPH, MAGIC HEXAGON, MAGIC SQUARE 
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Magic Number 
see MAGIC CONSTANT 


Magic Series 
n numbers form a magic series of degree p if the sum of 
their kth POWERS is the MAGIC CONSTANT of degree k 
for all k € [1, p]. 


see also MAGIC. CONSTANT, MAGIC SQUARE 
References : 
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Magic Square 


DENAR 
DENAR 
DOAR 


EGS GEIS 
DESDE 
aooaa 
edades 
PXEEDDEE 
41123122 45/19118 

7 
aos Cada 


A (normal) magic square consists of the distinct POSI- 
TIVE INTEGERS 1, 2, ..., n* such that the sum of the 
n numbers in any horizontal, vertical, or main diagonal 
line is always the same MAGIC CONSTANT 
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The unique normal square of order three was known 
to the ancient Chinese, who called it the Lo SHU. A 
version of the order 4 magic square with the numbers 
15 and 14 in adjacent middle columns in the bottom 
row is called DURER’S MAGIC SQUARE. Magic squares 
of order 3 through 8 are shown above. 


The MAGIC CONSTANT for an nth order magic square 
starting with an INTEGER Á and with entries in an in- 
creasing ARITHMETIC SERIES with difference D between 
terms is 


Moln; A, D) = Ln [2a + D(n? — 1)] 


(Hunter and Madachy 1975). If every number in a 
magic square is subtracted from n* + 1, another magic 
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square is obtained called the complementary magic 
square. Squares which are magic under multiplica- 
tion instead of addition can be constructed and are 
known as MULTIPLICATION MAGIC SQUARES. In ad- 
dition, squares which are magic under both addition 
and multiplication can be constructed and are known as 
ADDITION-MULTIPLICATION MAGIC SQUARES (Hunter 
and Madachy 1975). 


A square that fails to be magic only because one or 
both of the main diagonal sums do not equal the MAGIC 
CONSTANT is called a SEMIMAGIC SQUARE. If all diag- 
onals (including those obtained by wrapping around) 
of a magic square sum to the MAGIC CONSTANT, the 
square is said to be a PANMAGIC SQUARE (also called 
a DIABOLICAL SQUARE or PANDIAGONAL SQUARE). If 
replacing each number n; by its square n;? produces an- 
other magic square, the square is said to be a BIMAGIC 
SQUARE (or DOUBLY MAGIC SQUARE). If a square is 
magic for n;, n;*, and n;”, it is called a TREBLY MAGIC 
SQUARE. If all pairs of numbers symmetrically opposite 
the center sum to n? + 1, the square is said to be an 
ASSOCIATIVE MAGIC SQUARE. 


16 


22 


T5 17 24 1 8 


Kraitchik (1942) gives general techniques of construct- 
ing EVEN and ODD squares of order n. For n ODD, a 
very straightforward technique known as the Siamese 
method can be used, as illustrated above (Kraitchik 
1942, pp. 148-149). It begins by placing a 1 in any lo- 
cation (in the center square of the top row in the above 
example), then incrementally placing subsequent num- 
bers in the square one unit above and to the right. The 
counting is wrapped around, so that falling off the top 
returns on the bottom and falling off the right returns 
on the left. When a square is encountered which is al- 
ready filled, the next number is instead placed below the 
previous one and the method continues as before. The 
method, also called de la Loubere’s method, is purpor- 
ted to have been first reported in the West when de la 
Loubere returned to France after serving as ambassador 
to Siam. i 


Magic Square 


A generalization of this method uses an “ordinary vec- 
tor” (x,y) which gives the offset for each noncolliding 
move and a “break vector” (u,v) which gives the off- 
set to introduce upon a collision. The standard Siamese 
method therefore has ordinary vector (1, —1) and break 
vector (0, 1). In order for this to produce a magic square, 
each break move must end up on an unfilled cell. Special 
classes of magic squares can be constructed by consider- 
ing the absolute sums |u +v], |(u— 2) + (v —y)|, lu— ol, 
and |(u — z) — (v — y)| = |u + y — x — v|. Call the set 
of these numbers the sumdiffs (sums and differences). If 
all sumdiffs are RELATIVELY PRIME to n and the square 
is a magic square, then the square is also a PANMAGIC 
SQUARE. This theory originated with de la Hire. The 
following table gives the sumdiffs for particular choices 
of ordinary and break vectors. 


Ordinary Break Sumdiffs Magic Panmagic 
Vector Vector Squares Squares 
(1,-1D) (0,1) (1,3) 2k+1 none 

(1, —1) (0,2) (0, 2) 6k+1 none 

(2, 1) (1,-2) (1,2,3,4) 6k+1 none 

(2, 1) (1,-1) (0,1,2,3) 6k+1 6ki1 

(2, 1) (1, 0) (0, 1, 2) 2k+1 none 

(2, 1) (1, 2) (0, 1, 2,3) 6k+1 none 


A second method for generating magic squares of ODD 
order has been discussed by J. H. Conway under the 
name of the “lozenge” method. As illustrated above, in 
this method, the ODD numbers are built up along diag- 
onal lines in the shape of a DIAMOND in the central part 
of the square. The EVEN numbers which were missed 
are then added sequentially along the continuation of 
the diagonal obtained by wrapping around the square 
until the wrapped diagonal reaches its initial point. In 
the above square, the first diagonal therefore fills in 1, 
3, 5, 2, 4, the second diagonal fills in 7, 9, 6, 8, 10, and 
so on. 
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An elegant method for constructing magic squares of 
DOUBLY EVEN order n = 4m is to draw xs through 
each 4 x 4 subsquare and fill all squares in sequence. 
Then replace each entry aij on a crossed-off diagonal 
by (n? + 1) — aij or, equivalently, reverse the order of 
the crossed-out entries. Thus in the above example for 
n = 8, the crossed-out numbers are originally 1, 4, ..., 
61, 64, so entry 1 is replaced with 64, 4 with 61, etc. 


A very elegant method for constructing magic squares 
of SINGLY EVEN order n = 4m +2 with m > 1 (there is 
no magic square of order 2) is due to J. H. Conway, who 
calls it the “LUX” method. Create an array consisting 
of m+ 1 rows of Ls, 1 row of Us, and m — 1 rows of 
Xs, all of length n/2 = 2m + 1. Interchange the middle 
U with the L above it. Now generate the magic square 
of order 2m + 1 using the Siamese method centered on 
the array of letters (starting in the center square of the 
top row), but fill each set of four squares surrounding 
a letter sequentially according to the order prescribed 
by the the letter. That order is illustrated on the left 
side of the above figure, and the completed square is 
illustrated to the right. The “shapes” of the letters L, 
U, and X naturally suggest the filling order, hence the 
name of the algorithm. 


It is an unsolved problem to determine the number of 
_ magic squares of an arbitrary order, but the number 
of distinct magic squares (excluding those obtained by 
rotation and reflection) of order n = 1, 2,... are 1, 0,1, 
880, 275305224, ... (Sloane’s A006052; Madachy 1979, 
p. 87). The 880 squares of order four were enumerated 
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by Frenicle de Bessy in the seventeenth century, and are 
illustrated in Berlekamp et al. (1982, pp. 778-783). The 
number of 6 x 6 squares is not known. ° 


The above magic squares consist only of PRIMES and 
were discovered by E. Dudeney (1970) and A. W. John- 
son, Jr. (Dewdney 1988). Madachy (1979, pp. 93-96) 
and Rivera discuss other magic squares composed of 


PRIMES. 
PPL PPP 
Tape [> 
ele[= [fale Pe [« 
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el LP Pll ble 
Te [ape fe fs 
lef Pebble 
ODO 
Benjamin Franklin constructed the above 8 x 8 PAN- 
MAGIC SQUARE having MAGIC CONSTANT 260. Any 
half-row or half-column in this square totals 130, and 
the four corners plus the middle total 260. In addition, 


bent diagonals (such as 52-3-5-54-10-57-63-16) also total 
260 (Madachy 1979, p. 87). 


1420028159 | 1480028153 | 1480029201 
1480028213 | 1480028171 | 1480028129 
1480028141 | 1480028169 | 1480029153 


In addition to other special types of magic squares, a 
3 x 3 square whose entries are consecutive PRIMES, illus- 
trated above, has been discovered by H. Nelson (Rivera). 
Variations on magic squares can also be constructed us- 
ing letters (either in defining the square or as entries in 
it), such as the ALPHAMAGIC SQUARE and TEMPLAR 
MAGIC SQUARE. 
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Various numerological properties have also been associ- 
ated with magic squares. Pivari associates the squares 
illustrated above with Saturn, Jupiter, Mars, the Sun, 
Venus, Mercury, and the Moon, respectively. Attractive 
patterns are obtained by connecting consecutive num- 
bers in each of the squares (with the exception of the 
Sun magic square). 


see also ADDITION-MULTIPLICATION MAGIC SQUARE 
ALPHAMAGIC SQUARE, ANTIMAGIC SQUARE, ASSO- 
CIATIVE MAGIC SQUARE, BIMAGIC SQUARE, BORDER 
SQUARE, DURER’S MAGIC SQUARE, EULER SQUARE, 
FRANKLIN MAGIC SQUARE, GNOMON MAGIC SQUARE, 
HETEROSQUARE, LATIN SQUARE, MAGIC CIRCLES, 
MAGIC CONSTANT, MAGIC CUBE, MAGIC HEXA- 
GON, MAGIC LABELLING, MAGIC SERIES, MAGIC 
TOUR, MULTIMAGIC SQUARE, MULTIPLICATION MAGIC 
SQUARE, PANMAGIC SQUARE, SEMIMAGIC SQUARE, 
TALISMAN SQUARE, TEMPLAR MAGIC SQUARE, TRI- 
MAGIC SQUARE 
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Magic Star 
see MAGIC GRAPH 


Magic Tour 

Let a chess piece make a TOUR on an n X n CHESS- 
BOARD whose squares are numbered from 1 to n* along 
the path of the chess piece. Then the TOUR is called a 
magic tour if the resulting arrangement of numbers is a 
MAGIC SQUARE. If the first and last squares traversed 
are connected by a move, the tour is said to be closed (or 


Magic Tour 


“re-entrant”); otherwise it is open. The MAGIC CON- 
STANT for the 8 x 8 CHESSBOARD is 260. 


ENT 
2 O z 
A d 


E 

cat EN 
PELAR 
Esad Rail 
Magic KNIGHT’S TOURS are not possible on nxn boards 
for n ODD, and are believed to be impossible for n = 
8. The “most magic” knight tour known on the 8 x 8 
board is the SEMIMAGIC SQUARE illustrated in the above 
left figure (Ball and Coxeter 1987, p. 185) having main 
diagonal sums of 348 and 168. Combining two half- 
knights’ tours one above the other as in the above right 
figure does, however, give a MAGIC SQUARE (Ball and 


Coxeter 1987, p. 185). 
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The above illustration shows a 16 x 16 closed magic 
KNIGHT’S TOUR (Madachy 1979). 
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A magic tour for king moves is illustrated above (Cox- 
eter 1987, p. 186). 


see also CHESSBOARD, KNIGHT’S ‘TOUR, 
SQUARE, SEMIMAGIC SQUARE, TOUR 


MAGIC 
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Mahler-Lech Theorem 
Let K be a FIELD of CHARACTERISTIC 0 (e.g., the ra- 
tionals Q) and let {un} be a SEQUENCE of elements of 
K which satisfies a difference equation of the form 

Un = CQUn + C1UnyY1 +... + CkUn+k, 
where the COEFFICIENTS c; are fixed elements of K. 
Then, for any c € K, we have either un = c for only 
finitely many values of n, or un = c for the values of n 
in some ARITHMETIC PROGRESSION. 


The proof involves embedding certain fields inside the 
p-ADIC NUMBERS Q, for some PRIME p, and using prop- 
erties of zeros of POWER series over Q, (STRASSMAN’S 
THEOREM). 

see also ARITHMETIC PROGRESSION, p-ADIC NUMBER, 
STRASSMAN’S THEOREM 


Mahler’s Measure 
For a POLYNOMIAL P, 


27 da 
M(P) = exp | In Pel 


It is related to JENSEN’S INEQUALITY. 
see also JENSEN’S INEQUALITY 


Major Axis 
see SEMIMAJOR AXIS 


Major Triangle Center 

A TRIANGLE CENTER Q : B : y is called a ma- 
jor center if the TRIANGLE CENTER FUNCTION a = 
f(a,6,c, A,B,C) is a function of ANGLE A alone, and 
therefore 8 and y of B and C alone, respectively. 

see also REGULAR TRIANGLE CENTER, TRIANGLE CEN- 
TER 
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Majorant 
A function used to study ORDINARY DIFFERENTIAL 
EQUATIONS. 
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Makeham Curve 
The function defined by 


y = ks™b? 


which is used in actuarial science for specifying a sim- 
plified mortality law. Using s(x) as the probability that 
a newborn will achieve age x, the Makeham law (1860) 


uses 
s(x) = exp(—Az — m(c* — 1)) 


for B>0, A>—-B,c>1,2> 0. 


see also GOMPERTZ CURVE, LIFE EXPECTANCY, LOGIS- 
TIC GROWTH CURVE, POPULATION GROWTH 
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Malfatti Circles 

Three circles packed inside a RIGHT TRIANGLE which 
are tangent to each other and to two sides of the TRI- 
ANGLE. 


see also MALFATTI’S RIGHT TRIANGLE PROBLEM 


Malfatti Points 
see AJIMA-MALFATTI POINTS 


Malfatti’s Right Triangle Problem 

Find the maximum total AREA of three CIRCLES (of 
possibly different sizes) which can be packed inside a 
RIGHT TRIANGLE of any shape without overlapping. In 
1803, Malfatti gave the solution as three CIRCLES (the 
MALFATTI CIRCLES) tangent to each other and to two 
sides of the TRIANGLE. In 1929, it was shown that the 
MALFATTI CIRCLES were not always the best solution. 
Then Goldberg (1967) showed that, even worse, they are 
never the best solution. 


see also MALFATTI’S TANGENT ‘TRIANGLE PROBLEM 
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Malfatti’s Tangent Triangle Problem 


ON 
AS 
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Malmstén’s Differential Equation 


Draw within a given TRIANGLE three CIRCLES, each of 
which is TANGENT to the other two and to two sides 
of the TRIANGLE. Denote the three CIRCLES so con- 
structed Pa, Tg, and Tc. Then Ta is tangent to AB 
and AC, T g is tangent to BC and BA, and Ic is tan- 
gent to AC and BC. 


see also AJIMA-MALFATTI POINTS, MALFATTI’S RIGHT 
TRIANGLE PROBLEM 
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Malliavin Calculus 

An infinite- dimensional DIFFERENTIAL CALCULUS on 
the WIENER SPACE. Also called STOCHASTIC CALCU- 
LUS OF VARIATIONS. 


Mallow’s Sequence 
An INTEGER SEQUENCE given by the recurrence relation 


a(n) = a(a(n — 2)) + a(n — a(n — 2)) 


with a(1) = a(2) = 1. The first few values are 1, 1, 2, 
3, 3, 4, 5, 6, 6, 7, 7, 8, 9, 10, 10, 11, 12, 12, 13, 14, ... 
(Sloane’s A005229). 

see also HOFSTADTER-CONWAY $10,000 SEQUENCE, 
HOFSTADTER’S Q-SEQUENCE 
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- Malmstén’s Differential Equation 


I rT m § 
y + y = (4z + 3) Y. 
zZ 2 
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Maltese Cross 


Maltese Cross 


sign but whose points flange out at the end: “HK. The 
conventional proportions as computed on a 5 x 5 grid as 
illustrated above. 


see also CROSS, DISSECTION, DODECAHEDRON 
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Maltese Cross Curve 


The plane curve with Cartesian equation 
2 2 2 2 
cyla" =y) =r +y 
and polar equation 


AA 1 


-cos ĝ sin 8(cos? 8 — sin? 9) ' 
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Malthusian Parameter 
The parameter a in the exponential POPULATION 
GROWTH equation 


Ny (t) = Noe. 
see also LIFE EXPECTANCY, POPULATION GROWTH 


Mandelbar Set 

A FRACTAL set analogous to the MANDELBROT SET or 
its generalization to a higher power with the variable z 
replaced by its COMPLEX CONJUGATE z*. 


see also MANDELBROT SET 


Mandelbrot Set 
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Mandelbrot Set 
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The set obtained by the QUADRATIC RECURRENCE 
ets a, (1) 


where points C for which the orbit z = 0 does not tend 
to infinity are in the SET. It marks the set of points 
in the COMPLEX PLANE such that the corresponding 
JULIA SET is CONNECTED and not COMPUTABLE. The 
Mandelbrot set was originally called a y MOLECULE by 
Mandelbrot. 


J. Hubbard and A. Douady proved that the Mandel- 
brot set is CONNECTED. Shishikura (1994) proved that 
the boundary of the Mandelbrot set is a FRACTAL with 
HAUSDORFF DIMENSION 2. However, it is not yet known 
if the Mandelbrot set is pathwise-connected. If it is 
pathwise-connected, then Hubbard and Douady’s proof 
implies that the Mandelbrot set is the image of a CIR- 
CLE and can be constructed from a DISK by collapsing 
certain arcs in the interior (Douady 1986). 


The AREA of the set is known to lie between 1.5031 and 
1.5702; it is estimated as 1.50659.... 


Decomposing the COMPLEX coordinate z = x + iy and 
Zo = a + ib gives 


rt =r -y +a (2) 
y = 2xy +b. (3) 


In practice, the limit is approximated by 


lim |zn| = lim |zn| < Tmax. (4) 

n—00 n—fmax 
Beautiful computer-generated plots can be created by 
coloring nonmember points depending on how quickly 
they diverge to Tmax. A common choice is to define 
an INTEGER called the COUNT to be the largest n such 
that |zn| < r, where r is usually taken as r = 2, and 
to color points of different COUNT different colors. The 
boundary between successive COUNTS defines a series 
of “LEMNISCATES,” called EQUIPOTENTIAL CURVES by 
Peitgen and Saupe (1988), |Z,(C)| = r which have dis- 
tinctive shapes. The first few LEMNISCATES are 


Lı(C)=C (5) 
HOS dC (6) 
L3(C)=C+(C+ as) (7) 


La(C) =C + [C+ (C + C?F. (8) 


1134 Mandelbrot Set 


When written in CARTESIAN COORDINATES, the first 
three of these are 


rae ty” (9) 
r? = (a? +y)(0 +1)? +9") (10) 
r? = (£? +y")(14+ 2a + 5r? + 62° + 62% + 42° + 2° 
= 3y? — Iry? + 82*y* + 82 y 
+ 32%y" + 2y* + 42y* + 32%y* + y°), (11) 


which are a CIRCLE, an OVAL, and a PEAR CURVE. In 
fact, the second LEMNISCATE Lo can be written in terms 
of a new coordinate system with 2’ = z — 1/2 as 


(ea) tye +5) +=", (12) 


which is just a CASSINI OVAL with a = 1/2 and b? = 
r. The LEMNISCATES grow increasingly convoluted with 
higher COUNT and approach the Mandelbrot set as the 
COUNT tends to infinity. 


The kidney bean-shaped portion of the Mandelbrot set 
is bordered by a CARDIOID with equations 


4r = 2cost — cos(2t) (13) 


4y = 2sint — sin(2t). (14) 


The adjoining portion is a CIRCLE with center at (—1, 0) 
and RADIUS 1/4. One region of the Mandelbrot set con- 
taining spiral shapes is known as SEA HORSE VALLEY 
because the shape resembles the tail of a sea horse. 


Generalizations of the Mandelbrot set can be con- 
structed by replacing zn? with zn* or z%*, where k is a 
POSITIVE INTEGER and z* denotes the COMPLEX CON- 
JUGATE of z. The following figures show the FRACTALS 
obtained for k = 2, 3, and 4 (Dickau). The plots on the 
right have z replaced with z* and are sometimes called 
“MANDELBAR SETS.” 


Mandelbrot Set 


see also CACTUS FRACTAL, FRACTAL, JULIA SET, 
LEMNISCATE (MANDELBROT SET), MANDELBAR SET, 
QUADRATIC MAP, RANDELBROT SET, SEA HORSE VAL- 
LEY 
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(c) Detecting releases of artificial radioactivity 
...Whichs causes increase in surface air conductivity 


Annual averages of Lerwick Potential Gradient 
250 T 


Radioactivity increases 
number of ions 
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Annual averages of Fair Weather PG obtained at Lerwick, showing the period of atmospheric 


nuclear weapons testing 1956-1962. 


(corrected values were derived by excluding “polluted” wind directions known to produce 
high PG measurements.) 


Harrison, R.G., Twentieth century atmospheric electrical measurements at the observatories of Kew, Eskdalemuir and Lerwick Weather 58, 


11-19, (2003) 


Fukushima reactor accident 


Release on 14% March 2011 


PG and Radiation Dose rate, March 2011 
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; 35°N Figure 3. Two-day’s data before and after the largest 
140% 141% southbound release of the radioactive material from the 
Figure 2. The locations of Fukushima Dai-ichi nuclear Fukushima Dai-ichi nuclear power plant (FNPP) in March 
power plant (FNPP), Fukushima Dai-ni nuclear power plant 2011: (a) 1-min averaged PG at Kakioka, (b) standard devia- 
E > te M E EA EAT p A = z ar A $ 
(about 12 km south of FNPP), Kitaibaraki (about 70 Km — tion of PG calculated from 1 Hz sampling data, and (c) 10 min 
southwest of FNPP), Mito (about 130 km southwest of 7 a ; eae 3 
FNPP), and Kakioka (about 150 km southwest of FNPP). resolution radiation dose rate data at three different stations 
between Kakioka and the FNPP. The green notes at the bot- 


From Takeda et al, 2013, Geophys Res Lett 38, tom denote incidents at the FNPP. 
L15811, doi:10.1029/2011GL048511, 2011 
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Planetary global circuits -remote detection requirements 


sensing possibilities: 


Charge generation Lower Upper Vertical current 
conductive conductive flow 


Electrical Precipitation surface or region |region 
discharges 
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Detection of vertical current flow within an atmosphere 
is not amenable to remote sensing... historically, 
terrestrial method has been to install surface electrodes 


K.L. Aplin, R.G. Harrison and M.J. Rycroft, 
Space Science Reviews 137, 11-27 (2008) 


measurements at Kew, London, 1909-1979 Atmos Res 76, (1-4), 


05/11/2020 
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Mandelbrot Tree 


Mandelbrot Tree 
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The FRACTAL illustrated above. 
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Mangoldt Function 


80 
60 
40 | 
20 f | 
20 40 60 80 100 
The function defined by 
A(n) = oa if n = p" for p a prime (1) 
0 otherwise. 


-exp(A(m)) is also given by [1, 2,..., n]/[1, 2,..., n— 1], 
where |[a,b,c,...] denotes the LEAST COMMON MULTI- 
PLE. The first few values of exp(A(n)) for n = 1, 2, 

.., plotted above, are 1, 2, 3, 2, 5, 1, 7, 2,... (Sloane’s 
A014963). The Mangoldt function is related to the RIE- 
MANN ZETA FUNCTION ((2) by 


S(s) y O (2) 


where R[s] > 1. 
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The SUMMATORY Mangoldt function, illustrated above, 
is defined by 
ylz) = Y A(n), (3) 


nor 


where A(n) is the MANGOLDT FUNCTION. This has the 
explicit formula 


where the second SUM is over all complex zeros p of the 
RIEMANN ZETA FUNCTION C(s) and interpreted as 


q? 


(5) 


lim 
t—>00 
[¡3(p)]<t i 


Vardi (1991, p. 155) also gives the interesting formula 


In((a]!) = y(x) +92) + Yzer) +... (6) 


where [zx] is the NINT function and n! is a FACTORIAL. 


Vallée Poussin’s version of the PRIME NUMBER THEO- 
REM states that 


p(z) = z + O(me 492) (7) 


for some a (Davenport 1980, Vardi 1991). The RIEMANN 
HYPOTHESIS is equivalent to 


p(z) = z + O(a (Inz)”) (8) 


(Davenport 1980, p. 114; Vardi 1991). 


see also BOMBIERI'S THEOREM, GREATEST PRIME FAC- 
TOR, LAMBDA FUNCTION, LEAST COMMON MULTIPLE, 
LEAST PRIME FACTOR, RIEMANN FUNCTION 
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Manifold 

Rigorously, an n-D (topological) manifold is a TOPO- 
LOGICAL SPACE M such that any point in M has a 
NEIGHBORHOOD U C M which is HOMEOMORPHIC to n- 
D EUCLIDEAN SPACE. The HOMEOMORPHISM is called a 
chart, since it lays that part of the manifold out flat, like 
charts of regions of the Earth. So a preferable statement 
is that any object which can be “charted” is a manifold. 


The most important manifolds are DIFFERENTIABLE 
MANIFOLDS. These are manifolds where overlapping 
charts “relate smoothly” to each other, meaning that 
the inverse of one followed by the other is an infinitely 
differentiable map from EUCLIDEAN SPACE to itself. 


Manifolds arise naturally in a variety of mathematical 
and physical applications as “global objects.” For exam- 
ple, in order to precisely describe all the configurations 
of a robot arm or all the possible positions and momenta 
of a rocket, an object is needed to store all of these pa- 
rameters. The objects that crop up are manifolds. From 
the geometric perspective, manifolds represent the pro- 
found idea having to do with global versus local proper- 
ties. 


Consider the ancient belief that the Earth was flat com- 
pared to the modern evidence that it is round. The 
discrepancy arises essentially from the fact that on the 
small scales that we see, the Earth does look flat. We 
cannot see it curve because we are too small (although 
the Greeks did notice that the last part of a ship to 
disappear over the horizon was the mast). We can de- 
tect curvature only indirectly from our vantage point on 
the Earth. The basic idea for this “problem” was codi- 
fied by Poincaré. The problem is that on a small scale, 
the Earth is nearly flat. In general, any object which is 
nearly “flat” on small scales is a manifold, and so mani- 
folds constitute a generalization of objects we could live 
on in which we would encounter the round/flat Earth 
problem. 


see also COBORDANT MANIFOLD, COMPACT MANI- 
FOLD, CONNECTED SUM DECOMPOSITION, DIFFER- 
ENTIABLE MANIFOLD, FLAG MANIFOLD, GRASSMANN 
MANIFOLD, HEEGAARD SPLITTING, ISOSPECTRAL 
MANIFOLDS, JACO-SHALEN-JOHANNSON TORUS DE- 
COMPOSITION, KAHLER MANIFOLD, POINCARE CON- 
JECTURE, POISSON MANIFOLD, PRIME MANIFOLD, 
RIEMANNIAN MANIFOLD, SET, SMOOTH MANIFOLD, 
SPACE, STIEFEL MANIFOLD, STRATIFIED MANIFOLD, 
SUBMANIFOLD, SURGERY, SYMPLECTIC MANIFOLD, 
THURSTON’S GEOMETRIZATION CONJECTURE, TOPO- 
LOGICAL MANIFOLD, TOPOLOGICAL SPACE, WHITE- 
HEAD MANIFOLD, WIEDERSEHEN MANIFOLD 
References 


Conlon, L. Differentiable Manifolds: 
Boston, MA: Birkhauser, 1993. 


A First Course. 


Map Coloring 


Mantissa 

For a REAL NUMBER z, the mantissa is defined as the 
POSITIVE fractional part x — |x| = frac(x), where |z] 
denotes the FLOOR FUNCTION. 


see also CHARACTERISTIC (REAL NUMBER), FLOOR 
FUNCTION, SCIENTIFIC NOTATION 


Map 

A way of associating unique objects to every point in a 
given SET. So a map from A > B is an object f such 
that for every a € A, there is a unique object f(a) € B. 
The terms FUNCTION and MAPPING are synonymous 
with map. 


The following table gives several common types of com- 


plex maps. 
Mapping 


inversion 1 
magnification 
magnification+rotation 
Möbius 
rotation 
translation 


see also 2x MOD 1 MAP, ARNOLD’S CAT MAP, BAKER'S 
MAP, BOUNDARY MAP, CONFORMAL MAP, FUNC- 
TION, GAUSS MAP, GINGERBREADMAN MAP, HAR- 
MONIC MAP, HÉNON MAP, IDENTITY MAP, INCLUSION 
MAP, KAPLAN- YORKE MAP, LOGISTIC MAP, MANDEL- 
BROT SET, MAP PROJECTION, PULLBACK MAP, QUAD- 
RATIC MAP, TANGENT MAP, TENT MAP, TRANSFOR- 
MATION, ZASLAVSKI MAP 
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Map Coloring 

Given a map with GENUS g > 0, Heawood showed in 
1890 that the maximum number N, of colors necessary 
to color a map (the CHROMATIC NUMBER) on an un- 
bounded surface is 


N, = ue 489 +1)] = (7H V49 = 24x)| ; 


where |x] is the FLOOR FUNCTION, g is the GENUS, 
and y is the EULER CHARACTERISTIC. This is the HEA- 
WOOD CONJECTURE. In 1968, for any orientable surface 
other than the SPHERE (or equivalently, the PLANE) and 
any nonorientable surface other than the KLEIN BoT- 
TLE, N, was shown to be not merely a maximum, but 
the actual number needed (Ringel and Youngs 1968). 


When the FOUR-COLOR THEOREM was proven, the Hea- 
wood FORMULA was shown to hold also for all orientable 
and nonorientable surfaces with the exception of the 


Map Folding 


KLEIN BOTTLE. For this case (which has EULER CHAR- 
ACTERISTIC 1, and therefore can be considered to have 
g = 1/2), the actual number of colors N needed is six— 
one less than Na = 7 (Franklin 1934; Saaty 1986, p. 45). 


[surface To [Na [NW 


Klein bottle 


Mobius strip y 4 6 
plane 0 4 | 4 
projective plane i 6/6 
sphere 0 4 |4 
torus 1 7 | 7 


see also CHROMATIC NUMBER, FOUR-COLOR THEO- 
REM, HEAWOOD CONJECTURE, SIX-COLOR THEOREM, 
TORUS COLORING 
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Map Folding 

A general FORMULA giving the number of distinct ways 
of folding an N = m x n rectangular map is not known. 
A distinct folding is defined as a permutation of N num- 
bered cells reading from the top down. Lunnon (1971) 
gives values up to n = 28. 


fn [ten [oem [xn [xn [ox 


1368 
300608 
18698669 


The limiting ratio of the number of 1 x (n+ 1) strips to 
the number of 1 x n strips is given by 


[1 x (n+ 1) 


n->00 [1 x n] 


€ [3.3868, 3.9821]. 


see also STAMP FOLDING 


References 

Gardner, M. “The Combinatorics of Paper Folding.” Ch. 7 in 
Wheels, Life, and Other Mathematical Amusements. New 
York: W. H. Freeman, 1983. 

Koehler, J. E. “Folding a Strip of Stamps.” J. Combin. Th. 
5, 135-152, 1968. 
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Map Projection 

A projection which maps a SPHERE (or SPHEROID) onto 
a PLANE. No projection can be simultaneously CON- 
FORMAL and AREA-PRESERVING. 


see also AIRY PROJECTION, ALBERS EQUAL- 
AREA CONIC PROJECTION, AXONOMETRY, AZIMUTHAL 
EQUIDISTANT PROJECTION, AZIMUTHAL PROJECTION, 
BEHRMANN CYLINDRICAL EQUAL-AREA PROJECTION, 
BONNE PROJECTION, CASSINI PROJECTION, CHRO- 
MATIC NUMBER, CONIC EQUIDISTANT PROJECTION, 
CONIC PROJECTION, CYLINDRICAL EQUAL-AREA PRO- 
JECTION, CYLINDRICAL EQUIDISTANT PROJECTION, 
CYLINDRICAL PROJECTION, ECKERT IV PROJECTION, 
ECKERT VI PROJECTION, FOUR-COLOR THEOREM, 
GNOMIC PROJECTION, GUTHRIE’S PROBLEM, HAM- 
MER-AITOFF EQUAL-AREA PROJECTION, LAMBERT 
AZIMUTHAL EQUAL-AREA PROJECTION, LAMBERT 
CONFORMAL CONIC PROJECTION, MAP COLORING, 
MERCATOR PROJECTION, MILLER CYLINDRICAL PRO- 
JECTION, MOLLWEIDE PROJECTION, ORTHOGRAPHIC 
PROJECTION, POLYCONIC PROJECTION, PSEUDOCYLIN- 
DRICAL PROJECTION, RECTANGULAR PROJECTION, SI- 
NUSOIDAL PROJECTION, SIX-COLOR THEOREM, STERE- 
OGRAPHIC PROJECTION, VAN DER GRINTEN PROJEC- 
TION, VERTICAL PERSPECTIVE PROJECTION 
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Mapes’ Method 
A method for computing the PRIME COUNTING FUNC- 
TION. Define the function 


Hi 
pi¡Po0p2P1 the « p¿Pa-1 


3 


(1) 
where |x| is the FLOOR FUNCTION and the 6; are the 
binary digits (0 or 1) in 


Tu (x, a) = E eet | 


k= ae a + as Ree +...+ 273, + 2° Bo. (2) 


The LEGENDRE SUM can then be written 


2% —1 


p(a,a) = Y Th (2,4). (3) 


k=0 


1138 Mapping (Function) 


The first few values of T(x, 3) are 


To(x,3) = |z] (4) 


T.(2,3) = — A (5) 
Ta(5,3) = — A (6) 
Ts(x,3) = E | (7) 
Tie E B (8) 
ieas E | 9) 
Ts(x,3) = =| (10) 
T; (2,3) = — EA . (11) 


Mapes’ method takes time ~ 2%”, which is slightly faster 
than the LEHMER-SCHUR METHOD. 


see also LEHMER-SCHUR METHOD, PRIME COUNTING 
FUNCTION 
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Mapping (Function) 
see MAP 


Mapping Space 

Let Y~ be the set of continuous mappings f : X > Y. 
Then the TOPOLOGICAL SPACE for Y~* supplied with a 
compact-open topology is called a mapping space. 


see also LOOP SPACE 
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Marginal Analysis 
Let R(x) be the revenue for a production z, C(x) the 
cost, and P(x) the profit. Then 


P(x) = R(x) — Clz), 
and the marginal profit for the zoth unit is defined by 
P'(x0) = R' (xo) — C' (zo), 


where P' (æ), R'(x), and C’ (x) are the DERIVATIVES of 
P(x), R(x), and C(x), respectively. 
- see also DERIVATIVE 


Markov Chain 


Marginal Probability 

Let S be partitioned into r x s disjoint sets E, and F} 
where the general subset is denoted E, N F;. Then the 
marginal probability of E; is 


P(E;) = PE, N F;). 


Markoff’s Formulas 
Formulas obtained from differentiating NEWTON’S FOR- 
WARD DIFFERENCE FORMULA, 


j 1 
f'(ao + ph) = ¿[Ao + ¿(2p — 1)Ao 


d a 
te -opaite 2 (P aa] + Ri, 
dp \n 
where 


R, = ADE p a ; 


n+1 p d (n+1) 


(z) is a BINOMIAL COEFFICIENT, and ao < € < an. 


Abramowitz and Stegun (1972) and Beyer (1987) give 
derivatives A” f°") in terms of A* and derivatives in 
terms of 5* and V*. 


see also FINITE DIFFERENCE 
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Markoff Number 
see MARKOV NUMBER 


Markov Algorithm 
An ALGORITHM which constructs allowed mathematical 


statements from simple ingredients. 


Markov Chain 
A collection of random variables {X+}, where the index 
t runs through 0, 1, .... 


References 
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Markov’s Inequality 


Markov’s Inequality 
If z takes only NONNEGATIVE values, then 


en, 


z) 


P(x > a) < 


a| 


To prove the theorem, write 


@)= | astra | afa)de+ [aras 


Since P(x) is a probability density, it must be > 0. We 
have stipulated that x > 0, so 


lr = ¡A er ee 


= af f(z) dz = aP(z > a), 


Q. E. D. 


Markov Matrix 
see STOCHASTIC MATRIX 


Markov Moves 
A type I move (CONJUGATION) takes AB > BA for A, 
B € B,, where B, is a BRAID GROUP. 


] 2 n-1 


A type II move (STABILIZATION) takes A > Ab, or Á => 
Aba * for A € Bn, and bn, Abn, and Ab,~! € Briar 
I 2 nel 1 2 nl 


=3 


| 


> 


see also BRAID GROUP, CONJUGATION, REIDEMEISTER 
MOVES, STABILIZATION 
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Markov Number 


The Markov numbers m occur in solutions to the DIo- 
PHANTINE EQUATION 


a? + y +27 = ITYZ, 


and are related to LAGRANGE NUMBERS Ln by 


4 

tm = 9 a 
The first few solutions are (x,y,z) = (1,1,1), (1, 1, 2), 
(1, 2, 5), (1, 5, 13), (2, 5, 29), .... The solutions can be 


arranged in an infinite tree with two smaller branches 
on each trunk. It is not known if two different regions 


can have the same label. Strangely, the regions adjacent 
ta 1 hava altarnata Wrenananect Nrrarocpe 1 9 K 19 24 


N, then — 
M(n) = C(InN) + O((In Ny +), 


where C = 0.180717105 (Guy 1994, p. 166). 


see also HURWITZ EQUATION, HURWITZ’S IRRATIONAL 
NUMBER THEOREM, LAGRANGE NUMBER (RATIO- 
NAL APPROXIMATION) LIOUVILLE’S RATIONAL AP- 
PROXIMATION THEOREM, LIOUVILLE-ROTH CONSTANT, 
ROTH’S ‘THEOREM, SEGRE’S THEOREM, THUE-SIEGEL- 
ROTH THEOREM 
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Markov Process 
A random process whose future probabilities are deter- 
mined by its most recent values. 


see also DOOB’S THEOREM 


Markov Spectrum 
A SPECTRUM containing the REAL NUMBERS larger 
than FREIMAN’S CONSTANT. 


see also FREIMAN’S CONSTANT, SPECTRUM SEQUENCE 
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Markov’s Theorem 

Published by A. A. Markov in 1935, Markov’s theorem 
states that equivalent BRAIDS expressing the same LINK 
are mutually related by successive applications of two 
types of MARKOV MOVES. Markov’s theorem is difficult 
to apply in practice, so it is difficult to establish the 
equivalence or nonequivalence of LINKS having different 
BRAID representations. 


see also BRAID, LINK, MARKOV MOVES 
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Marriage Theorem 

If a group of men and women may date only if they have 
previously been introduced, then a complete set of dates 
is possible IFF every subset of men has collectively been 
introduced to at least as many women, and vice versa. 
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Married Couples Problem 

Also called the MENAGE PROBLEM. In how many ways 
can n married couples be seated around a circular table 
in such a manner than there is always one man between 
two women and none of the men is next to his own 
wife? The solution (Ball and Coxeter 1987, p. 50) uses 
DISCORDANT PERMUTATIONS and can be given in terms 
of LAISANT’S RECURRENCE FORMULA 


(n —1)Ansi = (n? — 1)4, + (n + 1)An_1 + 4(-1)”, 


with Ai = A2 = 1. A closed form expression due to 
Touchard (1934) is 


An = Y wr e (US, 


k=0 


where (;) is a BINOMIAL COEFFICIENT (Vardi 1991). 


The first few values of A, are —1, 1, 0, 2, 13, 80, 
579, ... (Sloane’s A000179), which are sometimes called 
MENAGE NUMBERS. The desired solution is then 2n!A,, 
The numbers A, can be considered a special case of a 
restricted ROOKS PROBLEM. 


see also DISCORDANT PERMUTATION, LAISANT’S RE- 
CURRENCE FORMULA, ROOKS PROBLEM 
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Mascheroni Construction 


Marshall-Edgeworth Index 
The statistical INDEX 


Pur = >) Pn(go + Gn) 
E > (vo + Un) 


where pn is the price per unit in period n, qn is the 
quantity produced in period n, and Un = PnQn is the 
value of the n units. 


see also INDEX 
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Martingale 

A sequence of random variates such that the CONDI- 
TIONAL PROBABILITY of 241 given 21, £2, ..., Un is 
Tn. The term was first used to describe a type of wa- 
gering in which the bet is doubled or halved after a loss 
or win, respectively. 


see also GAMBLER'S RUIN, SAINT PETERSBURG PARA- 
DOX 


Mascheroni Constant 
see EULER-MASCHERONI CONSTANT 


Mascheroni Construction 

A geometric construction done with a movable COMPASS 
alone. All constructions possible with a COMPASS and 
STRAIGHTEDGE are possible with a movable COMPASS 
alone, as was proved by Mascheroni (1797). Mascher- 
oni's results are now known to have been anticipated 
largely by Mohr (1672). 


see also COMPASS, GEOMETRIC CONSTRUCTION, NEU- 
SIS CONSTRUCTION, STRAIGHTEDGE 
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Maschke’s Theorem 


Maschke’s Theorem 

If a MATRIX GROUP is reducible, then it is completely 
reducible, i.e., if the MATRIX GROUP is equivalent to the 
MATRIX GROUP in which every MATRIX has the reduced 


form 
DY X: 
o py’ 


then it is equivalent to the MATRIX GROUP obtained by 
putting X; = 0. 
see also MATRIX GROUP 
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Mason’s abc Theorem 
see MASON’S THEOREM 


Mason’s Theorem 
Let there be three POLYNOMIALS a(z), b(x), and c(x) 
with no common factors such that 


a(x) + b(z) = e(z). 


Then the number of distinct ROOTS of the three POLY- 
NOMIALS is one or more greater than their largest degree. 
The theorem was first proved by Stothers (1981). 


Mason’s theorem may be viewed as a very special case 
of a Wronskian estimate (Chudnovsky and Chudnovsky 
1984). The corresponding Wronskian identity in the 
proof by Lang (1993) is 


Ae W (a, b, c) = W(W (a, c) W (b, c)), 


so if a, b, and c are linearly dependent, then so are 
W(a,c) and W(b,c). More powerful Wronskian esti- 
mates with applications toward diophantine approxima- 
tion of solutions of linear differential equations may be 
found in Chudnovsky and Chudnovsky (1984) and Os- 
good (1985). 


The rational function case of FERMAT’s LAST THEO- 
REM follows trivially from Mason’s theorem (Lang 1993, 
p. 195). 


see also ABC CONJECTURE 
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Masser-Gramain Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


If f(z) is an ENTIRE FUNCTION such that f(n) is an 
INTEGER for each POSITIVE INTEGER n. Pólya (1915) 
showed that if 


In M, 


lim sup < In2 = 0.693..., (1) 
TOO 
where 
M, = ni |f(x)| (2) 


is the SUPREMUM, then f is a POLYNOMIAL. Further- 
more, In2 is the best constant (i.e., counterexamples 
exist for every smaller value). 


If f(z) is an ENTIRE FUNCTION with f(n) a GAUSSIAN 
INTEGER for each GAUSSIAN INTEGER n, then Gelfond 
(1929) proved that there exists a constant a such that 


lim sup 
r— 00 


In M, 
z <a (3) 


implies that f is a POLYNOMIAL. Gramain (1981, 1982) 
showed that the best such constant is 


T 
= — =0.578.... 4 
a= zz = 0.578 (4) 


Maser (1980) proved the weaker result that f must be 
a POLYNOMIAL if 


r 4 
lim sup n < ao = 5 exp (-6 + =) i (5) 
roo r n 
where 
c = yß(1) + 8'(1) = 0.6462454398948114..., (6) 


y is the EULER-MASCHERONI CONSTANT, (z) is the 
DIRICHLET BETA FUNCTION, 


and rę is the minimum NONNEGATIVE r for which there 
exists a COMPLEX NUMBER z for which the CLOSED 
DISK with center z and radius r contains at least k dis- 
tinct GAUSSIAN INTEGER. Gosper gave 


c= nr{—-ln[r(})] + $r + łln2+ ły} (8) 
Gramain and Weber (1985, 1987) have obtained 
1.811447299 < 6 < 1.897327117, (9) 
which implies 


0.1707339 < ao < 0.1860446. (10) 


1142 Match Problem 


Gramain (1981, 1982) conjectured that 


1 
== 11 
TS oh 
which would imply 
4e 
6=1+ A 1.822825249.... (12) 
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Match Problem 

Given n matches, find the number of topologically dis- 
tinct planar arrangements T(n) which can be made. The 
first few values are 1, 1, 3, 5, 10, 19, 39, ... (Sloane's 
A003055). 


see also CIGARETTES, MATCHSTICK GRAPH 
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Matchstick Graph 

A PLANAR GRAPH whose EDGES are all unit line seg- 
ments. The minimal number of EDGES for matchstick 
graphs of various degrees are given in the table below. 
The minimal degree 1 matchstick graph is a single EDGE, 
and the minimal degree 2 graph is an EQUILATERAL 
TRIANGLE. 


n e Vv 
1 2 
2 3 3 
3 12 8 
4 -< 42 


Mathematical Induction 
see INDUCTION 


Mathieu Differential Equation 


Mathematics 

Mathematics is a broad-ranging field of study in which 
the properties and interactions of idealized objects are 
examined. Whereas mathematics began merely as a cal- 
culational tool for computation and tabulation of quan- 
tities, it has blossomed into an extremely rich and di- 
verse set of tools, terminologies, and approaches which 
range from the purely abstract to the utilitarian. 


Bertrand Russell once whimsically defined mathematics 
as, “The subject in which we never know what we are 
talking about nor whether what we are saying is true” 
(Bergamini 1969). 


The term “mathematics” is often shortened to “math” 
in informal American speech and, consistent with the 
British penchant for adding superfluous letters, “maths” 
in British English. 


see also METAMATHEMATICS 
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Mathematics Prizes 

Several prizes are awarded periodically for outstanding 
mathematical achievement. There is no Nobel Prize 
in mathematics, and the most prestigious mathematical 
award is known as the FIELDS MEDAL. In rough order of 
importance, other awards are the $100,000 Wolf Prize of 
the Wolf Foundation of Israel, the Leroy P. Steele Prize 
of the American Mathematical Society, followed by the 
Bócher Memorial Prize, Frank Nelson Cole Prizes in Al- 
gebra and Number Theory, and the Delbert Ray Fulker- 
son Prize, all presented by the American Mathematical 
Society. 


see also FIELDS MEDAL 
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Mathieu Differential Equation 


dy 


aya + [b — 2q cos(2v)| V = 0. 


Mathieu Function 


It arises in separation of variables of LAPLACE’S EQUA- 
TION in ELLIPTIC CYLINDRICAL COORDINATES. Whit- 
taker and Watson (1990) use a slightly different form to 
define the MATHIEU FUNCTIONS. 


The modified Mathieu differential equation 
—- — [b — 2qcosh(2u)|U = 0 


arises in SEPARATION OF VARIABLES of the HELMHOLTZ 
DIFFERENTIAL EQUATION in ELLIPTIC CYLINDRICAL 
COORDINATES. 


see also MATHIEU FUNCTION 
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Mathieu Function 
The form given by Whittaker and Watson (1990, p. 405) 
defines the Mathieu function based on the equation 


du + [a + 16q cos(2z)]u = 0. (1) 
dz? 


This equation is closely related to HILL’S DIFFERENTIAL 
EQUATION. For an EVEN Mathieu function, 


G(n) = yA er cos 7 cos °G(0) dð, (2) 


FT 


where k = y32q. For an ODD Mathieu function, 
G(n) = af sin(k sin y sin 9)G (0) dé. (3) 
Both EVEN and ODD functions satisfy 
G(n) =A J e‘ innsin? (9) de. (4) 


Letting ¢ = cos? z transforms the MATHIEU DIFFEREN- 
TIAL EQUATION to 


2 
a) 2 + 


see also MATHIEU DIFFERENTIAL EQUATION 


(a—16q¢+32q¢)u = 0. (5) 
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Mathieu Groups 

The first SIMPLE SPORADIC GROUPS discovered. Mi1, 
Mi2, M22, M23, Maa were discovered in 1861 and 1873 
by Mathieu. Frobenius showed that all the Mathieu 
groups are SUBGROUPS of M24. 


The Mathieu groups are most simply defined as AU- 
TOMORPHISM groups of STEINER SYSTEMS. Mj, corre- 
sponds to S(4,5,11) and M23 corresponds to S(4, 7, 23). 
My, and M23 are TRANSITIVE PERMUTATION GROUPS 
of 11 and 23 elements. 


The ORDERS of the Mathieu groups are 


[Mii] = 2*-37-5-11 
Mi] = 2°. 3°-5-11 

[Mas = 2"-37-5-7-11 
[Mos] = 2” -37-5-7-11- 23. 


see also SPORADIC GROUP 
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Matrix 
The TRANSFORMATION given by the system of equations 


F 
Ly = 01171 + Gig®oa+...+ lin Tn 
ti 
Ta = 42171 + 02272 +... + dantn 
t 
Tim = Am1T1 + Am2T2 +... + UmnTn 


is denoted by the MATRIX EQUATION 


i 
Ly 411 a12 *** Qin Ly 
i 
22 Q21 a22 °'* G2n T2 
i 
Tn Aami Um2 Umn Tn 


where x’ and x are VECTORS and A is called an n x m 
matrix. A matrix is said to be SQUARE if m = n. Spe- 
cial types of SQUARE MATRICES include the IDENTITY 
MATRIX I, with ai; = ĝi; (where 0;; is the KRONECKER 
DELTA) and the DIAGONAL MATRIX ai; = cidi; (where 
ci are a set of constants). 


1144 - Matrix Addition 


For every linear transformation there exists one and only 
one corresponding matrix. Conversely, every matrix cor- 
responds to a unique linear transformation. The matrix 
is an important concept in mathematics, and was first 
formulated by Sylvester and Cayley. 


Two matrices may be added (MATRIX ADDITION) or 
multiplied (MATRIX MULTIPLICATION) together to yield 
a new matrix. Other common operations on a single ma- 
trix are diagonalization, inversion (MATRIX INVERSE), 
and transposition (MATRIX TRANSPOSE). The DETER- 
MINANT det(A) or JA] of a matrix A is an very important 
quantity which appears in many diverse applications. 
Matrices provide a concise notation which is extremely 
useful in a wide range of problems involving linear equa- 
tions (e.g., LEAST SQUARES FITTING). 


see also ADJACENCY MATRIX, ADJUGATE MATRIX, 
ANTISYMMETRIC MATRIX, BLOCK MATRIX, CARTAN 
MATRIX, CIRCULANT MATRIX, CONDITION NUMBER, 
CRAMER’S RULE, DETERMINANT, DIAGONAL MATRIX, 
DIRAC MATRICES, EIGENVECTOR, ELEMENTARY MA- 
TRIX, EQUIVALENT MATRIX, FOURIER MATRIX, GRAM 
MATRIX, HILBERT MATRIX, HYPERMATRIX, IDENTITY 
MATRIX, INCIDENCE MATRIX, IRREDUCIBLE MATRIX, 
KAC MATRIX, LU DECOMPOSITION, MARKOV MATRIX, 
MATRIX ADDITION, MATRIX DECOMPOSITION THE- 
OREM, MATRIX INVERSE, MATRIX MULTIPLICATION, 
McCoy’s THEOREM, MINIMAL MATRIX, NORMAL MA- 
TRIX, PAULI MATRICES, PERMUTATION MATRIX, POSI- 
TIVE DEFINITE MATRIX, RANDOM MATRIX, RATIONAL 
CANONICAL FORM, REDUCIBLE MATRIX, ROTH’S RE- 
MOVAL RULE, SHEAR MATRIX, SKEW SYMMETRIC MA- 
TRIX, SMITH NORMAL FORM, SPARSE MATRIX, SPE- 
CIAL MATRIX, SQUARE MATRIX, STOCHASTIC MATRIX, 
SUBMATRIX, SYMMETRIC MATRIX, TOURNAMENT MA- 
TRIX 
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Matrix Addition 

Denote the sum of two MATRICES A and B (of the same 
dimensions) by C = A+B. The sum is defined by adding 
entries with the same indices 


Cij = Gig + bij 


over all ¿ and 7. For example, 


a ar |, bıı bie _ aii + bit 
G21 422 ba1 b22 azı + b21 


Matrix addition is therefore both COMMUTATIVE and 
ASSOCIATIVE. 


see also MATRIX, MATRIX MULTIPLICATION 


a12 + b12 
az2 + b22 | 


Matrix Equality 


Matrix Decomposition Theorem 

Let P be a MATRIX of EIGENVECTORS of a given MA- 
TRIX A and D a MATRIX of the corresponding EIGEN- 
VALUES. Then Á can be written 


A = PDP}, (1) 


where D is a DIAGONAL MATRIX and the columns of P 
are ORTHOGONAL VECTORS. If P is not a SQUARE MA- 
TRIX, then it cannot have a MATRIX INVERSE. However, 
if P is m x n (with m > n), then Á can be written 


A = UDVT, (2) 


where U and V are n x n SQUARE MATRICES with OR- 
THOGONAL columns, 


UU SI], (3) 


Matrix Diagonalization 

Diagonalizing a MATRIX is equivalent to finding the 
EIGENVECTORS and EIGENVALUES. The EIGENVALUES 
make up the entries of the diagonalized MATRIX, and 
the EIGENVECTORS make up the new set of axes corre- 
sponding to the DIAGONAL MATRIX. 


see also DIAGONAL MATRIX, EIGENVALUE, EIGENVEC- 
TOR 
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Matrix Direct Product 
see DIRECT PRODUCT (MATRIX) 


Matrix Equality 
Two MATRICES Á and B are said to be equal 1FF 


Qij = bij 
for all ¿, 7. Therefore, 
1 2| FL 2 
3 4! |3 4]? 


while 


Martian global circuit: driven by dust? 


ionosphere 


disturbed = 


weather 


ÓN 


dust storm: 
Triboelectric 
charging 


surface 
From Aplin, Surv. Geophys. (2006), 
after Farrell and Desch JGR (2001), 
Fillingim (1998) 


The Global Circuit 
CENTRAL 


TENETS id 


C18th Positive Potential 
Gradient in fair 
weather 


Air has a finite 
conductivity 
(Coulomb, 1784) 
...caused by the 
continual formation of 
ions (Wilson, 1897, 
1899) 


(Thomson, 1859) 


C20 


Upper 
atmosphere 
C20th 2 conductive 


(Heaviside, 1902; 


Land surface Kennelly, 1902) 
conductive 


(Chapman, 1919) 


C20 


Vertical current 

flow in fair weather 
Cosmic rays 
generate ions 
throughout the 
entire atmosphere 


(Wilson, 1906, 1908) 


(Hess, 1912) 


Non-stormy 
weather 


Free electrons 
make 
atmosphere 
relatively 
conductive 


CONFIRMING 
IDEAS 


PG daily variations in 
Universal Time are consistent 
at many locations (Carnegie 
curve) and follow global 
thunderstorm distribution 
(Whipple 1929, Whipple and 
Scrase 1936) 


Surface and ionosphere and 
act as aresonant cavity that 
is excited by em waves from 
lightning (Schumann 1952, 
Schumann and Kónig, 1954) 


lonospheric potential 
measured at different 
locations vary together i.e. 
ionosphere equipotential 
(Múlheisen 1971) 


lonospheric potential 
shows Carnegie curve 
(Múlheisen 1971) 


Characteristics of the Martian global circuit | 


Driven by discharges in dust storms 


— Two types of discharge predicted: “volcanic lightning” and also a weaker glow 
discharge 


— Strong seasonality (Farrell and Desch, JGR, 2001) 
e In storm season, surface E = 475 Vm" and J.= 1.3 nAm? 
e Outside storm season, surface E = 0.14 Vm“ and J,= 0.4 pAm? 


Current flow is in the opposite direction to Earth 


— Atmospheric composition favours formation of CO, ions and is tenuous enough for 
free electrons to exist 


— Interesting consequences of variable magnetic field 

— Surface conductivity is the major uncertainty for existence of global circuit 
No measurements yet 

— ExoMars “Franklyn” rover has radio sensors for lightning on Mars 


Summary 


«Wilson observed current flow and hypothesised a global circuit 


*A similar diurnal variation in PG and thunderstorm area (the Carnegie curve) 
supports this 


«Many observations can be explained by the framework of the global circuit 
concept, which links charge generation by thunderstorms to vertical current 
flow in the fair weather regions of the circuit. 


*Current flow through “semi-fair weather” regions may influence clouds 


Other planetary global circuits may be available! 
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Matrix Equation 


Matrix Equation 
Nonhomogeneous matrix equations of the form 


Ax = b (1) 
can be solved by taking the MATRIX INVERSE to obtain 
x= ÅA b. (2) 


This equation will have a nontrivial solution IFF the 
DETERMINANT det(A) 4% 0. In general, more numeri- 
cally stable techniques of solving the equation include 
GAUSSIAN ELIMINATION, LU DECOMPOSITION, or the 
SQUARE ROOT METHOD. 


For a homogeneous n xX n MATRIX equation 


a11 012 Qin Ly 0 
021 022 Aon £2 0 
A = (3) 
Oni Qn2 °*' Qnn En 0 
to be solved for the zis, consider the DETERMINANT 
a11 12 De din 
421 @22 j‘°‘$°‘° 02n 
(4) 
Onl GQn2 ‘'' Onn 


Now multiply by zı, which is equivalent to multiplying 
the first row (or any row) by 21, 


411 0412 `°? Qin a11%1 @i2 ‘'' Qin 
421 Q22 j‘*° 02n 421T1 @o2 *'* Gan 
Ti = ` 
ünl An2 ‘ts Onn Aniti An2 ‘ts Qnn 
(5) 


The value of the DETERMINANT is unchanged if multi- 
ples of columns are added to other columns. So add z2 
times column 2, ..., and Zn times column n to the first 
column to obtain 


q11 (0412 *** Qin 
Q21 222 +++ Gln 
T1 

Qn1 an2 ‘ts Onn 
Q11%1 +Q12%24+...+@in¥n G12 ‘** Gin 
Q21%1 + 4222 +... + G2nTn Q22 ° Gan 
an1iT1 + An2T2 +... F annn Gn2 ‘°° Ann 

(6) 


But from the original MATRIX, each of the entries in the 
first columns is zero since 


Qi1%1 + Qigt2+.. 


y + Ain Tn = O, (7) 
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sO 
OD aiz? t Qin 
0 az > Qan 
i E = (8) 
0 An? TAAA Ann 


Therefore, if there is an zı Æ 0 which is a solution, the 
DETERMINANT is zero. This is also true for za, ..., 
Tn, SO the original homogeneous system has a nontrivial 
solution for all zis only if the DETERMINANT is 0. This 
approach is the basis for CRAMER'S RULE. 


Given a numerical solution to a matrix equation, the 
solution can be iteratively improved using the follow- 
ing technique. Assume that the numerically obtained 
solution to 


Ax =b (9) 


is xı = x + 6x1, where dx, is an error term. The first 
solution therefore gives 


A(x + 5x1) 
Aóx, = ôb, (11) 


= b + ôb (10) 


where db is found by solving (10) 
$b = Axi — b. (12) 
Combining (11) and (12) then gives 


OX] = A ‘6b = AT (Axı = b) = Xi — A~*b, (13) 


so the next iteration to obtain x accurately should be 


X2 = X1 7 Óx1. (14) 


see also CRAMER'S RULE, GAUSSIAN ELIMINATION, LU 
DECOMPOSITION, MATRIX, MATRIX ADDITION, MA- 
TRIX INVERSE, MATRIX MULTIPLICATION, NORMAL 
EQUATION, SQUARE ROOT METHOD 


Matrix Exponential 
Given a SQUARE MATRIX A, the matrix exponential is 
defined by 


00 


e o 


exp(A) = = eÔ T zI 


where l is the IDENTITY MATRIX. 
see also EXPONENTIAL FUNCTION, MATRIX 


Matrix Group 

A GROUP in which the elements are SQUARE MATRI- 
CES, the group multiplication law is MATRIX MULTIPLI- 
CATION, and the group inverse is simply the MATRIX 
INVERSE. Every matrix group is equivalent to a unitary 
matrix group (Lomont 1987, pp. 47-48). 


see also MASCHKE’S THEOREM 
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1146 Matrix Inverse 


Matrix Inverse 
A MATRIX A has an inverse IFF the DETERMINANT 
[A| 4 0. For a 2 x 2 MATRIX 


the inverse is 


a a e ı d —b 
A =a i al el: (2) 


For a 3 x 3 MATRIX, 


422 423 413 012 a12 413 

432 033 433 032 a22 423 

A-a Q23 Q21 | 411 013 013 011 
JA] | |233 aa | |ası ass a23 021 

a21 022 d12 11 @11 812 

4331 0432 432 431 a21 022 


(3) 
A general n x n matrix can be inverted using methods 
such as the GAUSS-JORDAN ELIMINATION, GAUSSIAN 
ELIMINATION, or LU DECOMPOSITION. 


The inverse of a PRODUCT AB of MATRICES A and B 
can be expressed in terms of A”? and B”?. Let 


C= AB. (4) 
Then 
B=A'AB=A''C (5) 
and 
A=ABB"*=CB"?. (6) 
Therefore, 


C=AB=(CBM(A7?C)=CBA7C, (7) 


SO 


CBA? =|, (8) 


where | is the IDENTITY MATRIX, and 
BA7?*=C"?* =(AB)”. (9) 


see also MATRIX, MATRIX ADDITION, MATRIX MUL- 
TIPLICATION, MOORE-PENROSE GENERALIZED MATRIX 
INVERSE, STRASSEN FORMULAS 
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Matrix Multiplication 
The product C of two MATRICES A and B is defined by 


Cik = Qijbjk, (1) 
where j is summed over for all possible values of ¿ and 


k. Therefore, in order for multiplication to be defined, 
the dimensions of the MATRICES must satisfy 


(n x m)(m x p) = (n x p), (2) 


where (a x b) denotes a MATRIX with a rows and b 
columns. Writing out the product explicitly, 


C11 C12 “** Cip 
C21 22 :** C2p 
Cn1 Cn2 e. Cnp 
d11 12 Aim bi bi +++ bip 
a21 22 sts Alm bai b22 Sop bap 
= 3 
Anl An2 ee Uan bmi bm2 be Bia bmp 
(3) 
where 
Cii = Q11b11 + a12b21 +... + Gimbmi 
C12 = @11b12 + Q12b22 +... + Aimbm2 
Cip = G11bip + dizbap +... + Gimbmp 
C21 = G21b11 + Q22D21 +... + Gambdmi 
€22 = Q@21b12 + a22b22 +... + A2mbdm2 
C2p = a21b1p + a22b2p Praat Q2mbmp 
Cni = Gn1011 + An2d21 +... + Anmbm1 
Cn2 = Qnibi2 + An2b22 +... + Anmbm2 
Cnp — Ar1b1p Ap An2bep A Anm Omp: 


MATRIX MULTIPLICATION is ASSOCIATIVE, as can be 
seen by taking 


[(ab)cliz = (ab)ikck; = (asibir)Cr;. (4) 


Now, since au, bik, and cx; are SCALARS, use the ASSO- 
CIATIVITY of SCALAR MULTIPLICATION to write 


(airbie cng = au (bircrj) = ai(bc)iz = [a(be)]ij. (5) 
Since this is true for all ¿ and 7, it must be true that 

[(ab)cliz = [a(be)]:;- (6) 

That is, MATRIX multiplication is ASSOCIATIVE. How- 

ever, MATRIX MULTIPLICATION is not COMMUTATIVE 


unless A and B are DIAGONAL (and have the same di- 
mensions). 


Matrix Norm 


The product of two BLOCK MATRICES is given by mul- 
tiplying each block 


o o T i 
o o T r 


o 90 


see also MATRIX, MATRIX ADDITION, MATRIX IN- 
VERSE, STRASSEN FORMULAS 
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Matrix Norm 

Given a SQUARE MATRIX A with COMPLEX (or REAL) 
entries, a MATRIX NORM ||A|| is a NONNEGATIVE num- 
ber associated with A having the properties 


1. ||A]| > 0 when A # 0 and ||A|| = 0 IFF A= 0, 

. ||KA]| = |k] A|| for any SCALAR k, 

3. IA +B] < IJAI] + IIB]; 

| ||ABII < IIA|}IBII- 

For ann xn MATRIX A and an n x n UNITARY MATRIX 
U, 


bo 


> 


IIAU] = [UA] = [Al]. 


Let A1,..., An be the EIGENVALUES of A, then 


1 
——— < JA] < |All. 
al 


The MAXIMUM ABSOLUTE COLUMN Sum NORM ||Aj|:, 
SPECTRAL NORM ]J|All2, and MAXIMUM ABSOLUTE 
Row Sum NORM ||A||.o satisfy 


(IIAll2)” < JA] Allo- 


For a SQUARE MATRIX, the SPECTRAL NORM, which is 
the SQUARE ROOT of the maximum EIGENVALUE of ATA 
(where A! is the ADJOINT MATRIX), is often referred to 
as “the” matrix norm. 


see also COMPATIBLE, HILBERT-SCHMIDT NORM, MAX- 
IMUM ABSOLUTE COLUMN SUM NORM, MAXIMUM AB- 
SOLUTE ROW SUM NORM, NATURAL NORM, NORM, 
POLYNOMIAL NORM, SPECTRAL NORM, SPECTRAL RA- 
DIUS, VECTOR NORM 
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Matrix Polynomial Identity 
see CAYLEY-HAMILTON THEOREM 


Matrix Product 
The result of a MATRIX MULTIPLICATION. 


see also PRODUCT 


Matrix Transpose 
see ‘TRANSPOSE 


Matroid 


Roughly speaking, a finite set together with a general- 
ization of a concept from linear algebra that satisfies a 
natural set of properties for that concept. For example, 
the finite set could be the rows of a MATRIX, and the 
generalizing concept could be linear dependence and in- 
dependence of any subset of rows of the MATRIX. The 
number of matroids with n points are 1, 1, 2, 4, 9, 26, 
101, 950, ... (Sloane’s A002773). 
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Maurer Rose 


Gans 


A Maurer rose is a plot of a “walk” along an n- (or 
2n-) leafed ROSE in steps of a fixed number d degrees, 
including all cosets. | 


see also STARR ROSE 
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Max Sequence 

A sequence defined from a FINITE sequence ao, ai, ..., 
an by defining an+1 = maxi(ai + An—:). 

see also MEX SEQUENCE 
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Maximal Ideal 

A maximal ideal of a RING R is an IDEAL J, not equal 
to R, such that there are no IDEALS “in between” I and 
R. In other words, if J is an IDEAL which contains I as 
a SUBSET, then either J = I or J = R. For example, 
nZ is a maximal ideal of Z IFF n is PRIME, where Z is 
the RING of INTEGERS. 


see also IDEAL, PRIME IDEAL, REGULAR LOCAL RING, 
RING 


Maximal Sum-Free Set 

A maximal sum-free set is a set {@1,@2,...,@n} of dis- 
tinct NATURAL NUMBERS such that a maximum / of 
them satisfy ai; + ai, # Gm, for 1 <j < k< l, 
1l<m<n. 


see also MAXIMAL ZERO-SUM-FREE SET 
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Maximal Zero-Sum-Free Set 
A set having the largest number k of distinct residue 
classes modulo m so that no SUBSET has zero sum. 


see also MAXIMAL SUM-FREE SET 
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Maximally Linear Independent 

A set of VECTORS is maximally linearly independent 
if including any other VECTOR in the VECTOR SPACE 
would make it LINEARLY DEPENDENT (i.e., if any other 
VECTOR in the SPACE can be expressed as a linear com- 
bination of elements of a maximal set—the BASIS). 


Maximum 

The largest value of a set, function, etc. The maximum 
value of a set of elements A = fa), is denoted max A 
or max; ai, and is equal to the last element of a sorted 
(i.e., ordered) version of A. For example, given the set 
{3, 5, 4, 1}, the sorted version is {1, 3, 4, 5}, so the 
maximum is 5. The maximum and MINIMUM are the 
simplest ORDER STATISTICS. 


fix) = 0 f(x) <0, 


f0>0 
f(x <0 fiQ@>o 
f09>0 f0)<0 £O)=0M N f<, 
f5=0 A ASOD 


MAXİMUM minimun stationary point 


A continuous FUNCTION may assume a maximum at a 
single point or may have maxima at a number of points. 
A GLOBAL MAXIMUM of a FUNCTION is the largest value 
in the entire RANGE of the FUNCTION, and a LOCAL 
MAXIMUM is the largest value in some local neighbor- 
hood. 


Maximum Clique Problem 


For a function f(x) which is CONTINUOUS at a point zo, 
a NECESSARY but not SUFFICIENT condition for f(x) to 
have a RELATIVE MAXIMUM at x = Zo is that zo be 
a CRITICAL POINT (i.e., f(z) is either not DIFFEREN- 
TIABLE at xo or Zo is a STATIONARY POINT, in which 
case f'(xo) = 0). 


The FIRST DERIVATIVE TEST can be applied to CON- 
TINUOUS FUNCTIONS to distinguish maxima from MIN- 
IMA. For twice differentiable functions of one variable, 
f(x), or of two variables, f(x,y), the SECOND DERIV- 
ATIVE TEST can sometimes also identify the nature of 
an EXTREMUM. For a function f(x), the EXTREMUM 
TEST succeeds under more general conditions than the 
SECOND DERIVATIVE TEST. 


see also CRITICAL POINT, EXTREMUM, EXTREMUM 
TEST, FIRST DERIVATIVE TEST, GLOBAL MAXIMUM, 
INFLECTION POINT, LOCAL MAXIMUM, MIDRANGE, 
MINIMUM, ORDER STATISTIC, SADDLE POINT (FUNC- 
TION), SECOND DERIVATIVE TEST, STATIONARY POINT 
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Maximum Absolute Column Sum Norm 
The NATURAL NORM induced by the £1-NORM is called 
the maximum absolute column sum norm and is defined 


by 
Alls = max > lasl 
i=1 


for a MATRIX A. 


see also L¡-NORM, MAXIMUM ABSOLUTE ROW SUM 
NORM i 


Maximum Absolute Row Sum Norm 
The NATURAL NORM induced by the Loo-NORM is called 
the maximum absolute row sum norm and is defined by 


Aloo = max > _ |ais| 
j=l 


for a MATRIX A. 


see also Ləæ-NORM, MAXIMUM ABSOLUTE COLUMN 
SUM NORM 


Maximum Clique Problem 
see PARTY PROBLEM 
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Maximum Entropy Method 

A DECONVOLUTION ALGORITHM (sometimes abbrevi- 
ated MEM) which functions by minimizing a smooth- 
ness function (“ENTROPY”) in an image. Maximum en- 
tropy is also called the ALL-POLES MODEL or AUTORE- 
GRESSIVE MODEL. For images with more than a million 
pixels, maximum entropy is faster than the CLEAN AL- 
GORITHM. 


MEM is commonly employed in astronomical synthe- 
sis imaging. In this application, the resolution depends 
on the signal to NOISE ratio, which must be speci- 
fied. Therefore, resolution is image dependent and varies 
across the map. MEM is also biased, since the ensemble 
average of the estimated noise is NONZERO. However, 
this bias is much smaller than the NOISE for pixels with 
a SNR > 1. It can yield super-resolution, which can 
usually be trusted to an order of magnitude in SOLID 
ANGLE. 


Several definitions of “ENTROPY” normalized to the flux 
in the image are 


Hı 


S in (52) (1) 
Ha =- Y Sula (4), (2) 


where M, is a “default image” and J; is the smoothed 
image. Some unnormalized entropy measures (Cornwell 
1982, p. 3) are given by 


Hı =- Y filn(fi) (3) 
Hz = Y In(f,) (4) 
= 1 
18 a 5 >; má) (5) 
1 
Ha = eE =a ee 
LE id 

Hs = X yin(fi) (7) 
see also CLEAN ALGORITHM, DECONVOLUTION, 
LUCY 
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Maximum Likelihood 

The procedure of finding the value of one or more pa- 
rameters for a given statistic which makes the known 
LIKELIHOOD distribution a MAXIMUM. The maximum 
likelihood estimate for a parameter pz is denoted jz. 


For a BERNOULLI DISTRIBUTION, 


5 [A = Np(1-0)-6Nqg=0, (1) 


so maximum likelihood occurs for 8 = p. If p is not 
known ahead of time, the likelihood function is 


f(z, east , Tn|p) = P(X, = Ly +e. , An = Tn|p) 
=p pon p” (1 — p) T7” 
aana = pC — pyr PH, (a) 


where z = Q or 1, andi=1,...,n. 
inf = aInp+ (n- Sox) In(l—p) (3) 


d(nf) Divi n-} ti _ 
dp p 1—p Pa 4) 


For a GAUSSIAN DISTRIBUTION, 


1 et —u)*/20? 


1 A = I] aN sr 
Cu ™? xp E — aa (7) 


gr 207 


EER 
In f =-Enin(2m) nino - HY (8) 
O(Inf) _ So (xi — n) B 
E Pg (9) 
gives 
i= at (10) 
anf) n, (zi — py? (11) 


ĝo o o 


Maximum Likelihood 


pam gaea (12) 


Note that in this case, the maximum likelihood STAN- 
DARD DEVIATION is the sample STANDARD DEVIATION, 
which is a BIASED ESTIMATOR for the population STAN- 
DARD DEVIATION. 
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gives 


For a weighted GAUSSIAN DISTRIBUTION, 


1 e (ri) [2047 


ftia ; , Tp |, 0) = I] 


CV 20 
T —n/2 Ti — 2 
= Cu) ie YN exp A 297 p) | (13) 


In f = —4nin(2n) -n Y no; - Y) ED (14) 
0(In Ti — i Eo 
Se a AD 


gives 
So E 


The VARIANCE of the MEAN is then 
ðu \? 
> EN > 2 
A i (su) Mo 


Op = ð Y (zi/os?) _ 1/07 
Ox; Ox; Y (1/0,?) Y (1/02) 


But 


SO 


EN 1/0? z= 1 
“Baal Tay =) 


For a POISSON DISTRIBUTION, 


a NA ea 
Her Za JA) zı! a zı! Ln! 
(20) 
In f = -nà + (mA) Y z; — In TI zi!) (21) 
d(in f) = DES 
a ee (23) 
n 


see also BAYESIAN ANALYSIS 
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May’s Theorem 


Maxwell Distribution 


Pix) 
D(x) 


X 
The distribution of speeds of molecules in thermal equi- 
librium as given by statistical mechanics. The probabil- 
ity and cumulative distributions are | 


P(x) = 2 Pae (1) 


JT ? 


where y(a, 2) is an incomplete GAMMA FUNCTION and 
xz E [0,00). The moments are 


D(x) = 


2 
a F (3) 
3 
ze 4 
m=- (4) 
2 
u3 = Y zaz (5) 
Ls a (6) 


and the MEAN, VARIANCE, SKEWNESS, and KURTOSIS 


are 
12 
EEE oe 
p == (7) 


2 37 — 8 
= 8 
dl Ta (8) 
8 2 
Yı 3N 37 (9) 
Y =-=3. (10) 


see also EXPONENTIAL DISTRIBUTION, GAUSSIAN DIS- 
TRIBUTION, RAYLEIGH DISTRIBUTION 
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May’s Theorem 
Simple majority vote is the only procedure which is 
ANONYMOUS, DUAL, and MONOTONIC. 


References 

May, K. “A Set of Independent Necessary and Sufficient Con- 
ditions for Simple Majority Decision.” Econometrica 20, 
680-684, 1952. 


May-Thomason Uniqueness Theorem 


May-Thomason Uniqueness Theorem 

For every infinite LOOP SPACE MACHINE EÈ, there is a 
natural equivalence of spectra between EX and Segal’s 
spectrum BX. 
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Maze 

A maze is a drawing of impenetrable line segments (or 
curves) with “paths” between them. The goal of the 
maze is to start at one given point and find a path which 
reaches a second given point. 
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Mazur’s Theorem 

The generalization of the SCHONFLIES THEOREM to n- 
D. A smoothly embedded n-HYPERSPHERE in an (n + 
1)-HYPERSPHERE separates the (n + 1)-HYPERSPHERE 
into two components, each HOMEOMORPHIC to (n + 1)- 
BALLS. It can be proved using MORSE THEORY. 


see also BALL, HYPERSPHERE 


McCay Circle 

If the VERTEX A, of a TRIANGLE describes the NEU- 
BERG CIRCLE nı, its MEDIAN POINT describes a circle 
whose radius is 1/3 that of the NEUBERG CIRCLE. Such 
a CIRCLE is known as a McKay circle, and the three 
McCay circles are CONCURRENT at the MEDIAN POINT 
M. Three homologous collinear points lie on the McCay 
circles. 


see also CIRCLE, CONCURRENT, MEDIAN POINT, NEU- 
BERG CIRCLES 
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McCoy’s Theorem 

If two SQUARE n x n MATRICES A and B are simulta- 
neously upper triangularizable by similarity transforms, 
then there is an ordering a1, ..., An of the EIGENVAL- 
UES of A and bi, ..., bn of the EIGENVALUES of B so 
that, given any POLYNOMIAL p(z,y) in noncommuting 
variables, the EIGENVALUES of p(A, B) are the numbers 
plai, bi) with i = 1, ..., n. McCoy’s theorem states 
the converse: If every POLYNOMIAL exhibits the correct 
EIGENVALUES in a consistent ordering, then A and B 
are simultaneously triangularizable. 
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McLaughlin Group 
The SPORADIC GROUP MeL. 
References 
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McMohan’s Theorem 
Consider a GAUSSIAN BIVARIATE DISTRIBUTION. Let 
f(z1, £2) be an arbitrary FUNCTION. Then 


AL) _[ af 
Op” — \ Oa" Ox” /' 


see also GAUSSIAN BIVARIATE DISTRIBUTION 


McNugget Number 

A number which can be obtained from an order of 
McDonald’s® Chicken McNuggets** (prior to consum- 
ing any), which originally came in boxes of 6, 9, and 
20. All integers are McNugget numbers except 1, 2, 3, 
4, 5, 7, 8, 10, 11, 13, 14, 16, 17, 19, 22, 23, 25, 28, 31, 
34, 37, and 43. Since the Happy Meal™ -sized nugget 
box (4 to a box) can now be purchased separately, the 
modern McNugget numbers are a linear combination of 
4, 6, 9, and 20. These new-fangled numbers are much 
less interesting than before, with only 1, 2, 3, 5, 7, and 
11 remaining as non-McNugget numbers. 


The GREEDY ALGORITHM can be used to find a Mc- 
Nugget expansion of a given INTEGER. 


see also COMPLETE SEQUENCE, GREEDY ALGORITHM 
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Mean 

A mean is HOMOGENEOUS and has the property that a 
mean p of a set of numbers z; satisfies 


min(21,...,Tn) <p <max[21,..., Tn). 


There are several statistical quantities called means, 
e.g., ARITHMETIC-GEOMETRIC MEAN, GEOMETRIC 
MEAN, HARMONIC MEAN, QUADRATIC MEAN, ROOT- 
MEAN-SQUARE. However, the quantity referred to as 
“the” mean is the ARITHMETIC MEAN, also called the 
AVERAGE. 


see also ARITHMETIC-GEOMETRIC MEAN, AVERAGE, 
GENERALIZED MEAN, GEOMETRIC MEAN, HARMONIC 
MEAN, QUADRATIC MEAN, ROOT-MEAN-SQUARE 


Mean Cluster Count Per Site 
see s-CLUSTER 


Mean Cluster Density 
see s-CLUSTER 


Mean Curvature 
Let kı and xz be the PRINCIPAL CURVATURES, then 
their MEAN 

H= 3 (41 + K2) (1) 


is called the mean curvature. Let Ri and Rə be the radii 
corresponding to the PRINCIPAL CURVATURES, then the 
multiplicative inverse of the mean curvature H is given 
by the multiplicative inverse of the HARMONIC MEAN, 


H 


ae mo 
2 


EE EAN e O 2 
Rı Ra 2Rı Ra ) 


In terms of the GAUSSIAN CURVATURE K, 
H= 5(Ri + R2)K. (3) 


The mean curvature of a REGULAR SURFACE in R° at a 
point p is formally defined as 


H(p) = 5 tr(S(p)), (4) 


where S is the SHAPE OPERATOR and tr(S) denotes the 
TRACE. For a MONGE PATCH with z = A(z, y), 


(1+ hv*)Ruu — 2huhyhus + (1+ hu*)how 


H = 
(1+ hy? + hy?)3/2 


(5) 


(Gray 1993, p. 307). 


If x: U > R? is a REGULAR PATCH, then the mean 
curvature is given by 


eG —2fF4 gF 


H = EGF) (6) 


Mean Curvature 


where E, F, and G are coefficients of the first FUNDA- 
MENTAL FORM and e, f, and g are coefficients of the 
second FUNDAMENTAL FORM (Gray 1993, p. 282). It 
can also be written 


7 [xu]? eo[? — (Xu + x,) 137 


d t VU u Uv u a 
+ dl (7) 
2[|xu|?|xv|? — (Xu Xv)? 


Gray (1993, p. 285). 


The GAUSSIAN and mean curvature satisfy 
H’ >K, (8) 
with equality only at UMBILIC POINTS, since 


H’ — K’ = 2 (Ky — 12)”. (9) 


If p is a point on a REGULAR SURFACE M C Rê and Vp 
and wp are tangent vectors to M at p, then the mean 
curvature of M at p is related to the SHAPE OPERATOR 
S by 


S(vp) X Wp + Vp X S(wp) = 2H(p)vp x wp. (10) 


Let Z be a nonvanishing VECTOR FIELD on M which is 
everywhere PERPENDICULAR to M, and let V and W be 
VECTOR FIELDS tangent to M such that V x W = Z, 
then 


= Z- (DyZx W +V x DwZ) 
H= ZE (11) 


(Gray 1993, pp. 291-292). 
Wente (1985, 1986, 1987) found a nonspherical finite 


surface with constant mean curvature, consisting of a 
self-intersecting three-lobed toroidal surface. A family 
of such surfaces exists. 


see also GAUSSIAN CURVATURE, PRINCIPAL CURVA- 
TURES, SHAPE OPERATOR 
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Mean Deviation 


Mean Deviation 
The MEAN of the ABSOLUTE DEVIATIONS, 


N 
1 y A 
¿=1 


where Z is the MEAN of the distribution. 
see also ABSOLUTE DEVIATION 


Mean Distribution 

For an infinite population with MEAN u, STANDARD DE- 
VIATION 0?, SKEWNESS 71, and KURTOSIS y2, the cor- 
responding quantities for the distribution of means are 


pz =p (1) 
2 

oe = (2) 

ya = a (3) 

V2 = + (4) 


For a population of M (Kenney and Keeping 1962, 
p. 181), 


i a (5) 
2 

2(M) o M-N 

” SNM- (6) 
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Mean Run Count Per Site 
see s-RUN 


Mean Run Density 
see s-RUN 


Mean Square Error 
see ROOT-MEAN-SQUARE 


Mean- Value Theorem 

Let f(z) be DIFFERENTIABLE on the OPEN INTERVAL 
(a,b) and CONTINUOUS on the CLOSED INTERVAL [a, b]. 
Then there is at least one point c in (a,b) such that 


f'(c) ie iC) — fa) 


a 


see also EXTENDED MEAN-VALUE THEOREM, GAUSS’S 
MEAN-VALUE THEOREM 
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Measurable Function 

A function f : X — Y for which the pre-image of every 
measurable set in Y is measurable in X. For a BOREL 
MEASURE, all continuous functions are measurable. 


Measurable Set 

If F is a SIGMA ALGEBRA and A is a SUBSET of X, then 
A is called measurable if A is a member of F. X need 
not have, a priori, a topological structure. Even if it 
does, there may be no connection between the open sets 
in the topology and the given SIGMA ÁLGEBRA. 


see also MEASURABLE SPACE, SIGMA ALGEBRA 


Measurable Space 
A SET considered together with the SIGMA ÁLGEBRA 
on the SET. 


see also MEASURABLE SET, MEASURE SPACE, SIGMA 
ÁLGEBRA 


Measure 

The terms “measure,” “measurable,” etc., have very pre- 
cise technical definitions (usually involving SIGMA AL- 
GEBRAS) which makes them a little difficult to under- 
stand. However, the technical nature of the definitions 
is extremely important, since it gives a firm footing to 
concepts which are the basis for much of ANALYSIS (in- 
cluding some of the slippery underpinnings of CALCU- 
LUS). 


For example, every definition of an INTEGRAL is based 
on a particular measure: the RIEMANN INTEGRAL is 
based on JORDAN MEASURE, and the LEBESGUE IN- 
TEGRAL is based on LEBESGUE MEASURE. The study 
of measures and their application to INTEGRATION is 
known as MEASURE THEORY. 


A measure is formally defined as a MAP m : F > R (the 
reals) such that m(@) = 0 and, if An is a COUNTABLE 
SEQUENCE in F and the A,, are pairwise DISJOINT, then 


m J An => m(An). 


If, in addition, m(X) = 1, then m is said to be a PROB- 
ABILITY MEASURE. 


A measure m may also be defined on SETS other than 
those in the SIGMA ALGEBRA F. By adding to F all 
sets to which m assigns measure zero, we again obtain 
a SIGMA ALGEBRA and call this the “completion” of F 
with respect to m. Thus, the completion of a SIGMA 
ALGEBRA is the smallest SIGMA ALGEBRA containing 
F and all sets of measure zero. 

see also ALMOST EVERYWHERE, BOREL MEASURE, ER- 
GODIC MEASURE, EULER MEASURE, GAUSS MEASURE, 
HAAR MEASURE, HAUSDORFF MEASURE, HELSON- 
SZEGO MEASURE, INTEGRAL, JORDAN MEASURE, LEB- 
ESGUE MEASURE, LIOUVILLE MEASURE, MAHLER’S 
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MEASURE, MEASURABLE SPACE, MEASURE ÁLGEBRA, 
MEASURE SPACE, MINKOWSKI MEASURE, NATURAL 
MEASURE, PROBABILITY MEASURE, WIENER MEA- 
SURE 


Measure Algebra 
A Boolean SIGMA ÁLGEBRA which possesses a MEA- 
SURE. 


Measure Polytope 
see HYPERCUBE 


Measure-Preserving Transformation 
see ENDOMORPHISM 


Measure Space | 

A measure space is a MEASURABLE SPACE possessing a 
NONNEGATIVE MEASURE. Examples of measure spaces 
include n-D EUCLIDEAN SPACE with LEBESGUE MEA- 
SURE and the unit interval with LEBESGUE MEASURE 
(i.e., probability). 


see also LEBESGUE MEASURE, MEASURABLE SPACE 


Measure Theory 
The mathematical theory of how to perform INTEGRA- 
TION in arbitrary MEASURE SPACES. 


see also CANTOR SET, FRACTAL, INTEGRAL, MEA- 
SURABLE FUNCTION, MEASURABLE SET, MEASURABLE 
SPACE, MEASURE, MEASURE SPACE 
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Mechanical Quadrature 
see GAUSSIAN QUADRATURE 


Mecon 
Buckminster Fuller’s term for the TRUNCATED OCTA- 
HEDRON. 


see also DYMAXION 


Medial Axis | 
The boundaries of the cells of a VORONOI DIAGRAM. 


Medial Triangle 


Medial Deltoidal Hexecontahedron 
The DUAL of the RHOMBIDODECADODECAHEDRON. 


Medial Disdyakis Triacontahedron 
The DUAL of the TRUNCATED DODECADODECAHE- 
DRON. 


Medial Hexagonal Hexecontahedron 
The DUAL of the SNUB ICOSIDODECADODECAHEDRON. 


Medial Icosacronic Hexecontahedron 
The DUAL of the ICOSIDODECADODECAHEDRON. 


Medial Inverted Pentagonal 
Hexecontahedron 

The DUAL of the INVERTED SNUB DODECADODECAHE- 
DRON. 


Medial Pentagonal Hexecontahedron 
The DUAL of the SNUB DODECADODECAHEDRON. 


Medial Rhombic Triacontahedron 

A ZONOHEDRON which is the DUAL of the DODECADO- 
DECAHEDRON. It is also called the SMALL STELLATED 
TRIACONTAHEDRON. 
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Medial Triambic Icosahedron 
The DUAL of the DITRIGONAL DODECADODECAHE- 
DRON. 


Medial Triangle 


M, Mi 


Àl M, A> 


The TRIANGLE AM, M2 M3 formed by joining the MID- 
POINTS of the sides of a TRIANGLE AA,4243. The 
medial triangle is sometimes also called the AUXILIARY 
TRIANGLE (Dixon 1991). The medial triangle has TRI- 
LINEAR COORDINATES 


A’=0:07':c? 
a`: 0: c7} 


C'=a7*:b7*:0. 


Y 
| 


The medial triangle AMi MM} of the medial trian- 
gle AMı M2 Mz of a TRIANGLE A 414243 is similar to 
AA; Az A3. 
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A pyramid electric generator for harvesting the vibrational 
energies of Earth’s atomic oscillators according to the present 
invention comprises: (1) an antenna/waveguide that is geo- 
metrically optimized; (2) a coil wound with an insulated 
conductor on a nonconductive coil form, the coil being con- 
nected at its top lead to the conducting surface of the antenna/ 
waveguide such that the coil is connected near the point at 
which the electric field contacts the antenna/waveguide, the 
antenna/waveguide serving as a quasi-capacitive series ele- 
ment to provide a specific resonant frequency; (3) the bottom 
lead of the coil is connected to a driver operating in the LF or 
ELF bands. In another mode of operation, a secondary coil is 
positioned coaxially within the first coil acting as a resonant 
step-up transformer winding. The generator resonantly 
couples into specific frequencies of Earth’s atomic oscillators 
and extracts electric energy thereof. 


Medial Triangle Locus Theorem 


ARA NAVA 


see also ANTICOMPLEMENTARY TRIANGLE 


References 

Coxeter, H. S. M. and Greitzer, S. L. Geometry Revisited. 
Washington, DC: Math. Assoc. Amer., pp. 18-20, 1967. 

Dixon, R. Mathographics. New York: Dover, p. 56, 1991. 


Medial Triangle Locus Theorem 


Given an original triangle (thick line), find the MEDIAL 
TRIANGLE (outer thin line) and its INCIRCLE. Take the 
PEDAL TRIANGLE (inner thin line) of the MEDIAL TRI- 
ANGLE with the INCENTER as the PEDAL POINT. Now 
pick any point on the original triangle, and connect it to 
the point located a half-PERIMETER away (gray lines). 
Then the locus of the MIDPOINTS of these lines (the es 
in the above diagram) is the PEDAL TRIANGLE. 
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Median Point 
see CENTROID (GEOMETRIC) 


Median (Statistics) 

The middle value of a distribution or average of the two 
middle items, denoted 41/2 or Z. For small samples, the 
MEAN is more efficient than the median and approxi- 
mately 7/2 less. It is less sensitive to outliers than the 
MEAN (Kenney and Keeping 1962, p. 211). 


For large N samples with population median Zo, 


Hz = Xo 
2 1 


0 ENP) 


The median is an L-ESTIMATE (Press et al. 1992). 
see also MEAN, MIDRANGE, MODE 
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Median (Triangle) 
A3 


Aj Ay 
The CEVIAN from a TRIANGLE’S VERTEX to the MID- 
POINT of the opposite side is called a median of the 
TRIANGLE. The three medians of any TRIANGLE are 
CONCURRENT, meeting in the TRIANGLE’S CENTROID 
(which has TRILINEAR COORDINATES 1/a : 1/b: 1/c). 
In addition, the medians of a TRIANGLE divide one an- 
other in the ratio 2:1. A median also bisects the AREA 
of a TRIANGLE. 


Let m; denote the length of the median of the ith side 
ai. Then 


mi? = 1 (2a2” +2a3*~—a,7) (1) 
mi" + m? + m3? =*(a1* + a2” + a3”) (2) 


(Johnson 1929, p. 68). The AREA of a TRIANGLE can 
be expressed in terms of the medians by 


A = ¿y Sm(Sm — M1)(Sm — Ma2)(sm — m3), (3) 


where 
1 


Sm = ¿(mi + ma + ma). (4) 
see also BIMEDIAN, EXMEDIAN, EXMEDIAN POINT, 
HERONIAN TRIANGLE, MEDIAL TRIANGLE 
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Median Triangle 

A TRIANGLE whose sides are equal and PARALLEL to the 
MEDIANS of a given TRIANGLE. The median triangle of 
the median triangle is similar to the given TRIANGLE in 
the ratio 3/4. 
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Mediant 

Given a FAREY SEQUENCE with consecutive terms h/k 
and h'/k', then the mediant is defined as the reduced 
form of the fraction (h + h’)/(k +k’). 

see also FAREY SEQUENCE 
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Mega 
Defined in terms of CIRCLE NOTATION by Steinhaus 
(1983, pp. 28-29) as 


o-G-[A|-AN-FI- 


where STEINHAUS-MOSER NOTATION has also been 
used. 


see also MEGISTRON, MOSER, STEINHAUS-MOSER No- 
TATION 
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Megistron 
A very LARGE NUMBER defined in terms of CIRCLE No- 
TATION by Steinhaus (1983) as (0). 


see also MEGA, MOSER 
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Mehler’s Bessel Function Formula 


2 OO 
Jola) = — / sin(x cosh t) dt, 
n Jo 
where Jo(x) is a zeroth order BESSEL FUNCTION OF THE 
FIRST KIND. 
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Mehler-Dirichlet Integral 


Pa(cos a) = ef cosl( cosin + 0 g 
T — COS zi 


where P, (1) is a LEGENDRE POLYNOMIAL. 


Meijer's G-Function 


Mehler’s Hermite Polynomial Formula 


2 — 2 2 2 


1 — w? ? 


where Hn(x) is a HERMITE POLYNOMIAL. 
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Mehler Quadrature 
see JACOBI-GAUSS QUADRATURE 


Meijer’s G-Function 


qn glr” Ne — 1 
Pq lb 


= Oni 
< IT”, T (b; -= z) ID- (l — Qj + s) e? dz 
YL j=m+1 Pa - b; + z) j=n+1 (9, = z) ' 


where T(z) is the GAMMA FUNCTION. The CONTOUR 
y. and other details are discussed by Gradshteyn and 
Ryzhik (1980, pp. 896-903 and 1068-1071). Prudnikov 
et al. (1990) contains an extensive nearly 200-page list- 
ing of formulas for the Meijer G-function. 


see also Fox’s H-FUNCTION, G-FUNCTION, MAC- 
ROBERT’S E-FUNCTION, RAMANUJAN g- AND G- 
FUNCTIONS 
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Meissel’s Formula 


Meissel’s Formula 
A modification of LEGENDRE’S FORMULA for the PRIME 
COUNTING FUNCTION q(x). It starts with 


a= Y jej- Y hál 


1<i<a 


y 2, FS 


1<3i<j<k<a 


+m(2)-a+Pele,a) + Pa(z,a)+..-, (1) 
where |z] is the FLOOR FUNCTION, P2(az, a) is the num- 
ber of INTEGERS pip; < x with a+1< 7 < j, and 


P3(x,a) is the number of INTEGERS pipjpr < x with 
a+1<:1<3<k. Identities satisfied by the Ps include 


Pa(x, a) = Y i (=) -ë= n] (2) 


for pa < pi < yz and 


P3(z,a) = SP, (2.2) 
c Ty x/p;) 


a da 


i=a+1 j=i 


AS 


Meissel's formula is 


n(x) = |z] - Y” A Se AS cx 


i=1 1<i<3<ce 
£ 
+i(b+c-2)(b—c+1)- Da (=) , (4) 
c<i<b 
where 
b = r(x/?) (5) 
e=n(a'"*). (6) 


Taking the derivation one step further yields LEHMER’S 
FORMULA. 


see also LEGENDRE’S FORMULA, LEHMER’S FORMULA, 
PRIME COUNTING FUNCTION 
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Mellin Transform 


roe J Eo at 


to | E" b(2) dz. 


2771 


see also STRASSEN FORMULAS 
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Melnikov-Arnold Integral 


An) = / i cos [3¿mg(t) — At] dt, 


OO 


where the function 
o(t) = 4tan *(e*) — 7 
describes the motion along the pendulum SEPARATRIX. 


Chirikov (1979) has shown that this integral has the 
approximate value 


120 e7rA/2 for A>0 
AmA) S $ go xia l 
same (m + 1)sin(rm) for A < 0. 
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Melodic Series 

If a1, @2, @3,... isan ARTISTIC SERIES, then 1/ai, 1/az, 
1/a3,... isa MELODIC SERIES. The RECURRENCE RE- 
LATION obeyed by melodic series is 


2 2 
bibi+2 Di+2 
biy1? Di+1 


bi43 = — bi+2. 


see also ARTISTIC SERIES 
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MEM 
see MAXIMUM ENTROPY METHOD 
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Memoryless 
A variable x is memoryless with respect to ¢ if, for all s 
with t Æ 0, 


P(x > s+ t|x > t) = P(x > s8). (1) 
Equivalently, 
P(x>s+tz>t) | 
AT O P(x > s) (2) 
P(x > s +t) = P(x > s)P(x >t). (3) 


The EXPONENTIAL DISTRIBUTION, which satisfies 


P(z>t)=e™ (4) 
P(x >s+t)= EEN (5) 
and therefore 
P(e >s+t)=P(z>s)P(x>t)=e *e”* 
= ETATU (6) 


is the only memoryless random distribution. 


see also EXPONENTIAL DISTRIBUTION 


Ménage Number 
see MARRIED COUPLES PROBLEM 


Ménage Problem 
see MARRIED COUPLES PROBLEM 


Menasco’s Theorem 
For a BRAID with M strands, R components, P positive 
crossings, and N negative crossings, 


a a if P>N 
P-N<U_+M-R ifP<N, 


where U are the smallest number of positive and nega- 
tive crossings which must be changed to crossings of the 
opposite sign. These inequalities imply BENNEQUIN’S 
CONJECTURE. Menasco’s theorem can be extended to 
arbitrary knot diagrams. 


see also BENNEQUIN’S CONJECTURE, BRAID, UNKNOT- 
TING NUMBER 
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Menger Sponge 


Menelaus’ Theorem 
C 


E 


A B D 


For TRIANGLES in the PLANE, 
AD-BE-CF=BD-CE-AF. (1) 
For SPHERICAL TRIANGLES, 
sin AD -sin BE -sin CF = sin BD -sin CE -sin AF. (2) 


This can be generalized to n-gons P = [Vi,..., Va], 
where a transversal cuts the side Vi V;+ı in W; for i = 1, 


.., n, by 
II Le =(-1)". (3) 


Here, AB||CD and 
AB 
ap a 


is the ratio of the lengths [4, B] and [C, D] with a PLUS 
or MINUS SIGN depending if these segments have the 
same or opposite directions (Griinbaum and Shepard 
1995). The case n = 3 is PASCH’S AXIOM. 


see also CEVA’S THEOREM, HOEHN’S THEOREM, 
PASCH’S AXIOM 
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Menger’s n-Arc Theorem 

Let G be a graph with A and B two disjoint n-tuples of 
VERTICES. Then either G contains n pairwise disjoint 
AB-paths, each connecting a point of A and a point of 
B, or there exists a set of fewer than n VERTICES that 
separate A and B. 
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Menger Sponge 


Menn’s Surface Mercator Projection 1159 


A FRACTAL which is the 3-D analog of the SIERPINSKI Mercator Projection 
CARPET. Let Nn be the number of filled boxes, Ln the E E 
length of a side of a hole, and Vn the fractional VOLUME 
after the nth iteration. 


Nn = 20” (1) 
Ln = (4) 53” (2) 
Va = Lr? Nn = eo (3) 


The CAPACITY DIMENSION is therefore 


; In Na ; In(20”) 
ne 1 oS a TO 
deap noes nD, pee In(3-”) 
_ In20 _ In(2*-5)  2In2+In5 

— 2.726833028.... (4) The following equations place the x-AXIS of the projec- 


tion on the equator and the y-AXIS at LONGITUDE Ao, 


where à is the LONGITUDE and ¢ is the LATITUDE. 
J. Mosely is leading an effort to construct a large Menger 


sponge out of old business cards. Re (1) 
see also SIERPINSKI CARPET, TETRIX y= Inftan( ir i 1 4)] (2) 
References : 1+sind 
Dickau, R. M. “Menger (Sierpinski) Sponge.” http://forum = ¿1n ae (3) 
. swarthmore.edu/advanced/robertd/sponge html. — sing 
Mosely, J. “Menger’s Sponge (Depth 3).” http://world. = sinh~?(tan $) (4) 
std.com/~j9/sponge/. aa 
= tanh (sin ¢) (5) 
Menn’s Surface = In(tan $ + sec ¢). (6) 


The inverse FORMULAS are 


$=¿m-2tan *(e7Y) =tan (sinhy) (7) 


A =g + ào. (8) 


LOXODROMES are straight lines and GREAT CIRCLES are 
curved. 


A surface given by the parametric equations 


z(u,v) =u 
y(u,v) =v 


z(u,v) = auf +u v-o’. 
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Mensuration Formula 

A mensuration formula is simply a formula for comput- 
ing the length-related properties of an object (such as 
AREA, CIRCUMRADIUS, etc., of a POLYGON) based on 
other known lengths, areas, ete. Beyer (1987) gives a 
collection of such formulas for various plane and solid 
geometric figures. 
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An oblique form of the Mercator projection is illustrated 
above. It has equations 


a tan “[tan $ cos p + sin dp sin(A — Ao) 


a cos(A — Ag) (9) 
1+ A zA 
y = iln (4) = tanh A, (10) 
where 
X tan”! [ 005 $1 sin @2 cos Ay — sin 1 cos @2 cos Az 
6 sin $1 cos d2 sin A2 — cos gi sin 2 sin Ay 
(11) 
ei cos(Ap — A1) 
a READ) 12 
Pp tan ( tan pi ( ) 
A = sin ġp sin $ — cos gp cos dsin({A — Ao). (13) 
The inverse FORMULAS are 
ef os COS Pp SIN £ 
$ = sin sin Pp tanh y + —————_ (14) 
cosh y 


sin ģp sin {x — cos Hp sinh y 


A = Ao + tan? ( ) . (15) 


COS T 


There is also a transverse form of the Mercator projec- 
tion, illustrated above. It is given by the equations 


l+ ze 
x= 31 (5) = anh”* B (16) 
_ | tan @ E 
y = tan ae = 5) Po (17) 
os —1 sin D ) 
poe er a8) 
= —1 5) 
A = Ao + tan (= ; (19) 
where 
B = cos psin(A — ào) (20) 
D = y + ġo. (21) 


Finally, the “universal transverse Mercator projection” 
is a MAP PROJECTION which maps the SPHERE into 60 
zones of 6° each, with each zone mapped by a transverse 


Mergelyan- Wesler Theorem 


Mercator projection with central MERIDIAN in the cen- 
ter of the zone. The zones extend from 80° S to 84° N 
(Dana). 


see also SPHERICAL SPIRAL 
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Mercator Series 
The TAYLOR SERIES for the NATURAL LOGARITHM 


n(1+2)=2- a+ ha... 


which was found by Newton, but independently discov- 
ered and first published by Mercator in 1668. 


see also LOGARITHMIC NUMBER, NATURAL LOGA- 
RITHM 


Mercer?s Theorem 
see RIEMANN-LEBESGUE LEMMA 


Mergelyan-Wesler Theorem 
Let P = { D1, Do,...} be an infinite set of disjoint open 
Disks D, of radius r, such that the union is almost the 


unit Disk. Then a 
Y OS: (1) 
n=l 


Define 


M: (P) 


E (2) 


Then there is a number e(P) such that M,¿(P) diverges 
for x < e(P) and converges for x > e(P). The above 


theorem gives 
1 < e(P) < 2. (3) 


There exists a constant which improves the inequality, 
and the best value known is 


S = 1.306951... (4) 
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Meridian 


Meridian 

A line of constant LONGITUDE on a SPHEROID (or 
SPHERE). More generally, a meridian of a SURFACE OF 
REVOLUTION is the intersection of the surface with a 
PLANE containing the axis of revolution. 


see also LATITUDE, LONGITUDE, PARALLEL (SURFACE 
OF REVOLUTION), SURFACE OF REVOLUTION 
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Meromorphic 

A meromorphic FUNCTION is complex analytic in all but 
a discrete subset of its domain, and at those singularities 
it must go to infinity like a POLYNOMIAL (i.e., have no 
ESSENTIAL SINGULARITIES). An equivalent definition of 
a meromorphic function is a complex analytic MAP to 
the RIEMANN SPHERE. 


see also ESSENTIAL SINGULARITY, RIEMANN SPHERE 
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Mersenne Number 
A number of the form 


M, =2" —-1 (1) 


for n an INTEGER is known as a Mersenne number. The 
Mersenne numbers are therefore 2-REPDIGITS, and also 
the numbers obtained by setting x = 1 in a FERMAT 
POLYNOMIAL. The first few are 1, 3, 7, 15, 31, 63, 127, 
255, ... (Sloane’s A000225). 


The number of digits D in the Mersenne number Mn is 
D = llog(2" - 1) +1), (2) 


where |x| is the FLOOR FUNCTION, which, for large n, 
gives 


D = |nlog2 + 1] ~ |0.301029n + 1] = [0.301029] +1. 
(3) 


In order for the Mersenne number Mn to be PRIME, n 
must be PRIME. This is true since for COMPOSITE n 
with factors r and s, n = rs. Therefore, 2” — 1 can be 
written as 27° — 1, which is a BINOMIAL NUMBER and 
can be factored. Since the most interest in Mersenne 
numbers arises from attempts to factor them, many au- 
thors prefer to define a Mersenne number as a number 
of the above form 


Mp = 2” 7 L, (4) 


but with p restricted to PRIME values. 


Mersenne Prime 1161 
The search for MERSENNE PRIMES is one of the most 
computationally intensive and actively pursued areas of 
advanced and distributed computing. 


see also CUNNINGHAM NUMBER, EBERHART’S CON- 
JECTURE, FERMAT NUMBER, LUCAS-LEHMER TEST, 
MERSENNE PRIME, PERFECT NUMBER, REPUNIT, 
RIESEL NUMBER, SIERPINSKI NUMBER OF THE SEC- 
OND KIND, SOPHIE GERMAIN PRIME, SUPERPERFECT 
NUMBER, WIEFERICH PRIME 
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` Mersenne Prime 


A MERSENNE NUMBER which is PRIME is called a 
Mersenne prime. In order for the Mersenne number Mn 
defined by 


for n an INTEGER to be PRIME, n must be PRIME. This 
is true since for COMPOSITE n with factors r and s, 
n = rs. Therefore, 2” —1 can be written as 2”° —1, which 
is a BINOMIAL NUMBER and can be factored. Every 
MERSENNE PRIME gives rise to a PERFECT NUMBER. 


If n = 3 (mod 4) is a PRIME, then 2n + 1 DIVIDES Mn 
IFF 2n+1 is PRIME. It is also true that PRIME divisors of 
2? — 1 must have the form 2kp+1 where k is a POSITIVE 
INTEGER and simultaneously of either the form 8n +1 or 
8n — 1 (Uspensky and Heaslet). A PRIME factor p of a 
Mersenne number M, = 27 — 1 is a WIEFERICH PRIME 
IFF p*|2? — 1, Therefore, MERSENNE PRIMES are not 
WIEFERICH PRIMES. All known Mersenne numbers M, 
with p PRIME are SQUAREFREE. However, Guy (1994) 
believes that there are M, which are not SQUAREFREE. 


TRIAL DIVISION is often used to establish the COMPOS- 
ITENESS of a potential Mersenne prime. This test im- 
mediately shows M, to be COMPOSITE for p = 11, 23, 
83, 131, 179, 191, 239, and 251 (with small factors 23, 
47, 167, 263, 359, 383, 479, and 503, respectively). A 
much more powerful primality test for M, is the LUCAS- 
LEHMER TEST. 


It has been conjectured that there exist an infinite num- 
ber of Mersenne primes, although finding them is com- 
putationally very challenging. The table below gives the 
index p of known Mersenne primes (Sloane’s A000043) 
M,, together with the number of digits, discovery years, 
and discoverer. A similar table has been compiled by 
C. Caldwell. Note that the region after the 35th known 
Mersenne prime has not been completely searched, so 
identification of “the” 36th Mersenne prime is tentative. 
L. Welsh maintains an extensive bibliography and his- 
tory of Mersenne numbers. G. Woltman has organized 
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a distributed search program via the Internet in which 
hundreds of volunteers use their personal computers to 
perform pieces of the search. 


CA| 2 | Digits [Year [Published Reference 


S 
1 


p= 


Reguis 1536, Cataldi 1603 

Cataldi 1603 

Cataldi 1603 

Euler 1772 

Pervouchine 1883, 
Seelhoff 1886 

Powers 1911 

Powers 1914 

Lucas 1876 

Lehmer 1952-3 

Lehmer 1952-3 

Lehmer 1952-3 

Lehmer 1952-3 

Lehmer 1952-3 

Riesel 1957 

Hurwitz 1961 

Hurwitz 1961 

Gillies 1964 

Gillies 1964 

Gillies 1964 

Tuckerman 1971 

Noll and Nickel 1980 

Noll 1980 

Nelson and Slowinski 1979 

Slowinski 1982 

Colquitt and Welsh 1991 


10 
19 


OoOenN DA a & & E e 


27 
33 
39 
157 
183 
386 
664 
687 
969 
1281 
1332 
2917 
2993 
3376 
6002 
6533 
6987 
13395 
25962 
33265 


fl 
e 


HR 
E 


n 
bo 


p= 
Oo 


n 
nS 


1279 
2203 
2281 
3217 
4253 
4423 
9689 
9941 
11213 
19937 
21701 
23209 
44497 
86243 
110503 


n 
qn 


m 
O 


jt 
=J 


fal 
Oo 


us 
o 


bo 
o 


bo 
an 


bo 
bo 


bo 
Qu 


bo 
rr 


bo 
a 


bo 
oO 


bo 
-~J 


W 
2 


bo 
© 


30 132049 | 39751 Slowinski 1988 
31 216091 65050 Slowinski 1989 
32 756839 | 227832 Gage and Slowinski 1992 


Oo 
Q 


258716 
378632 
420921 
895832 
909526 


859433 
1257787 
1398269 
2976221 
3021377 


Gage and Slowinski 1994 
Slowinski and Gage 


Ca 
Ha 


wo 
on 


Armengaud, Woltman, et al. 


Spence 


Clarkson, Woltman, et al. 


see also CUNNINGHAM NUMBER, FERMAT-LUCAS NUM- 
BER, FERMAT NUMBER, FERMAT NUMBER (LU- 
CAS), FERMAT POLYNOMIAL, LUCAS-LEHMER TEST, 
MERSENNE NUMBER, PERFECT NUMBER, REPUNIT, 
SUPERPERFECT NUMBER 
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Mertens Conjecture 
Given MERTENS FUNCTION defined by 


M(n) = Y uk), (1) 


k=1 


Mertens Conjecture 


where p(n) is the MOBIUS FUNCTION, Mertens (1897) 
conjecture states that 


M(2)| < av (2) 


for x > 1. The conjecture has important implications, 
since the truth of any equality of the form 


[M(2)| < cx? (3) 


for any fixed c (the form of Mertens conjecture with 
c = 1) would imply the RIEMANN HYPOTHESIS. In 1885, 
Stieltjes claimed that he had a proof that M(x)a~1/? 
always stayed between two fixed bounds. However, it 
seems likely that Stieltjes was mistaken. 


Mertens conjecture was proved false by Odlyzko and te 
Riele (1985). Their proof is indirect and does not pro- 
duce a specific counterexample, but it does show that 


lim sup M(x)z~'/? > 1.06 (4) 
300 
lim inf M(2)a7*/? < ~1.009. (5) 


Odlyzko and te Riele (1985) believe that there are no 
counterexamples to Mertens conjecture for  < 10%, or 
even 10%. Pintz (1987) subsequently showed that at 
least one counterexample to the conjecture occurs for 
č < 10%, using a weighted integral average of M (z)/x 
and a discrete sum involving nontrivial zeros of the RIE- 
MANN ZETA FUNCTION. 


It is still not known if 


lim sup [M(2) 27? = 00, © (6) 


T—00 


although it seems very probable (Odlyzko and te Riele 
1985). 


see also MERTENS FUNCTION, MOBIUS FUNCTION, RIE- 
MANN HYPOTHESIS 
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Mertens Constant 

A constant related to the TWIN PRIMES CONSTANT 
which appears in the FORMULA for the sum of inverse 
PRIMES 


y 2 ia Ba) (1) 
P 


p prime 


which is given by 
1 
Bı = y+ In(1—p~") + 3 æ 0.261497. (2 
r=yt Y | ( u (2) 


Flajolet and Vardi (1996) show that 


00 


phe ol I] (mm (3) 


m=?2 


where y is the EULER-MASCHERONI CONSTANT, C(n) is 
the RIEMANN ZETA FUNCTION, and p(n) is the MOBIUS 
FUNCTION. The constant Bı also occurs in the SUM- 
MATORY FUNCTION of the number of DISTINCT PRIME 
FACTORS, 


n 


Y w(k) = nIninn + Bin + o(n) (4) 


k=2 


(Hardy and Wright 1979, p. 355). 


The related constant 
— 1 1 a) 
Ba=y+ Y, ma sp JE A ~ 1.034653 (5) 


appears in the SUMMATORY FUNCTION of the DIVISOR 
FUNCTION oo(n) = Q(n), 


O = ninlnn + Ba + o(n) (6) 


k=2 


(Hardy and Wright 1979, p. 355). 


see also BRUN’S CONSTANT, PRIME NUMBER, TWIN 
PRIMES CONSTANT 
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Mertens Function 


5 


Dis 


A NA 


fy 1000 


The summary function 
Z 6 
M(n) = Y» u(k) = n+0(Vn), 
k=1 


where u(n) is the MOBIUS FUNCTION. The first few 
values are 1, 0, —1, —1, —2, —1, —2, —2, -2, —1, -2, 
—2,... (Sloane's A002321). The first few values of n at 
which M (n) = 0 are 2, 39, 40, 58, 65, 93, 101, 145, 149, 
150, ... (Sloane’s A028442). 


Mertens function obeys 
Su Jai 
n 
n=1 


(Lehman 1960). The analytic form is unsolved, although 
MERTENS CONJECTURE that 


IM(2)| <a? 


has been disproved. 


Lehman (1960) gives an algorithm for computing M (x) 
with O(x?/***) operations, while the Lagarias-Odlyzko 
(1987) algorithm for computing the PRIME COUNT- 
ING FUNCTION m(x) can be modified to give M(x) in 
O(a?/°**) operations. 


see also MERTENS CONJECTURE, MOBIUS FUNCTION 
References 
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Mertens Theorem 


where y is the EULER-MASCHERONI CONSTANT and 
e”* = 0.56145.... 


Metabiaugmented Hexagonal Prism 
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Mertz Apodization Function 


An asymmetrical APODIZATION FUNCTION defined by 


0 for x < —b 
_ J) (x—b)/(2b) for -b<a<b 
MAE Devas. 4 forb<a2<b+2d 
0 for x < b+ 2d, 


where the two-sided portion is 2b long (total) and the 
one-sided portion is b+ 2d long (Schnopper and Thomp- 
son 1974, p. 508). The APPARATUS FUNCTION is 


__ sin[27k(b + 2d) 
Ma(k,b,d) = HE 
ES cos[27rk(b+2d)]  sin(2b) 
27k An?k2b | ` 
References 
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Mesh Size 

When a CLOSED INTERVAL [a, b] is partitioned by points 
a < zı L T2 < ... L En-1 < b, the lengths of the 
resulting intervals between the points are denoted Axı, 
Azo, ..., Axn, and the value max Az, is called the 
mesh size of the partition. 


see also INTEGRAL, LOWER SUM, RIEMANN INTEGRAL, 
UPPER SUM 


Mesokurtic 
A distribution with zero KURTOSIS (y2 = 0). 


see also KURTOSIS, LEPTOKURTIC 


Metabiaugmented Dodecahedron 
see JOHNSON SOLID . 


Metabiaugmented Hexagonal Prism 
see JOHNSON SOLID 
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Figure 1. 


Metabiaugmented Truncated Dodecahedron 


Metabiaugmented Truncated Dodecahedron 
see JOHNSON SOLID 


Metabidiminished Icosahedron 


see JOHNSON SOLID 


Metabidiminished Rhombicosidodecahedron 
see JOHNSON SOLID 


Metabigyrate Rhombicosidodecahedron 
see JOHNSON SOLID 


Metadrome 

A metadrome is a number whose HEXADECIMAL digits 
are in strict ascending order. The first few are 0, 1, 2, 
3, 4, 5, 6, 7, 8, 9, 10, 11, 12, 13, 14, 15, 18, 19, 20, 21, 
22, 23, 24, 25, 26, 27, ... (Sloane’s A023784). 


see also HEXADECIMAL 


References 
Sloane, N. J. A. Sequence A023784 in “An On-Line Version 
of the Encyclopedia of Integer Sequences.” 


Metagyrate Diminished 
Rhombicosidodecahedron 


see JOHNSON SOLID 


Metalogic 
see METAMATHEMATICS 


Metamathematics 

The branch of LoGic dealing with the study of the 
combination and application of mathematical symbols, 
sometimes called METALOGIC. Metamathematics is the 
study of MATHEMATICS itself, and one of its primary 
goals is to determine the nature of mathematical rea- 
soning (Hofstadter 1989). 


see also LOGIC, MATHEMATICS 


References 

Birkhoff, G. and Mac Lane, S. A Survey of Modern Algebra, 
3rd ed. New York: Macmillan, p. 326, 1965. 

Hofstadter, D. R. Gödel, Escher, Bach: An Eternal Golden 
Braid. New York: Vintage Books, p. 23, 1989. 


Method 


A particular way of doing something, sometimes also 
called an ALGORITHM or PROCEDURE. (According to 
Petkovšek et al. (1996), “a method is a trick that has 
worked at least twice.” ) 


see also ADAMS-BASHFORTH-MOULTON METHOD, 
ADAMS’ METHOD, BACKUS-GILBERT METHOD, BA- 
DER-DEUFLHARD METHOD, BAILEY’S METHOD, BAIR- 
sTOW’S METHOD, BRENT’S FACTORIZATION METH- 
OD, BRENT’S METHOD, CIRCLE METHOD, CONJUGATE 
GRADIENT METHOD, CRISS-CROSS METHOD, CROUT’S 
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METHOD, DE LA LOUBERE’S METHOD, DIXON’S FAC- 
TORIZATION METHOD, DIXON’S RANDOM SQUARES 
FACTORIZATION METHOD, ELLIPTIC CURVE FACTOR- 
IZATION METHOD, EULER’S FACTORIZATION METHOD, 
EXCLUDENT FACTORIZATION METHOD, EXHAUSTION 
METHOD, FALSE POSITION METHOD, FERMAT’S FAC- 
TORIZATION METHOD, FROBENIUS METHOD, GILL’S 
METHOD, GOSPER’S METHOD, GRAEFFE’S METH- 
OD, GREENE’S METHOD, HALLEY’S METHOD, HOR- 
NER’S METHOD, HUTTON’S METHOD, JACOBI METH- 
OD, KAPS-RENTROP METHODS, LAGUERRE’S METH- 
OD, LAMBERT’S METHOD, LEGENDRE’S FACTORIZA- 
TION METHOD, LEHMER METHOD, LEHMER-SCHUR 
METHOD, LENSTRA ELLIPTIC CURVE METHOD, LIN’S 
METHOD, LOZENGE METHOD, LUX METHOD, MAPES’ 
METHOD, MAXIMUM ENTROPY METHOD, MILNE’S 
METHOD, MULLER’S METHOD, NEWTON’S METHOD, 
NEWTON-RAPHSON METHOD, NUMBER FIELD SIEVE 
FACTORIZATION METHOD, OVERLAPPING RESONANCE 
METHOD, POLLARD MONTE CARLO FACTORIZATION 


METHOD, POLLARD p FACTORIZATION METHOD, POL- 


LARD p — 1 FACTORIZATION METHOD, PREDICTOR- 
CORRECTOR METHODS, QUADRATIC SIEVE FACTOR- 
IZATION METHOD, RESONANCE OVERLAP METHOD, 
ROSENBROCK METHODS, RUNGE-KUTTA METHOD, 
SCHRODER’S METHOD, SECANT METHOD, SIAMESE 
METHOD, SIMPLEX METHOD, SNAKE OIL METHOD, 
SQUARE ROOT METHOD, STEEPEST DESCENT METH- 
OD, TANGENT HYPERBOLAS METHOD, UNDETERMINED 
COEFFICIENTS METHOD, WILLIAMS p + 1 FACTORIZA- 
TION METHOD, WYNN’S EPSILON METHOD 


References 
Petkovšek, M.; Wilf, H. S.; and Zeilberger, D. A=B. Welles- 
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Metric 

A NONNEGATIVE function g(x,y) describing the “DIs- 
TANCE” between neighboring points for a given SET. A 
metric satisfies the TRIANGLE INEQUALITY 


g(a, y) + gly, z) > g(z, 2), 


with equality IFF « = y, and is symmetric, so 


g(x,y) = g(y, £). 


A SET possessing a metric is called a METRIC SPACE. 
When viewed as a TENSOR, the metric is called a MET- 
RIC ‘TENSOR. 


see also CAYLEY-KLEIN-HILBERT METRIC, DISTANCE, 
FUNDAMENTAL FORMS, HYPERBOLIC METRIC, METRIC 
ENTROPY, METRIC EQUIVALENCE PROBLEM, METRIC 
SPACE, METRIC TENSOR, PART METRIC, RIEMANNIAN 
METRIC, ULTRAMETRIC | 
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Metric Entropy 

Also known as KOLMOGOROV ENTROPY, KOLMOGOR- 
OV-SINAI ENTROPY, or KS Entropy. The metric entropy 
is O for nonchaotic motion and > 0 for CHAOTIC motion. 


References 
Ott, E. Chaos in Dynamical Systems. New York: Cambridge 
University Press, p. 138, 1993. 


Metric Equivalence Problem 
1. Find a complete system of invariants, or 


2. decide when two METRICS differ only by a coordinate 
transformation. 


The most common statement of the problem is, “Given 
METRICS g and g’, does there exist a coordinate trans- 
formation from one to the other?” Christoffel and Lip- 
schitz (1870) showed how to decide this question for two 
RIEMANNIAN METRICS. 


The solution by E. Cartan requires computation of the 
10th order COVARIANT DERIVATIVES. The demonstra- 
tion was simplified by A. Karlhede using the TETRAD 
formalism so that only seventh order COVARIANT 
DERIVATIVES need be computed. However, in many 
common cases, the first or second-order DERIVATIVES 
are SUFFICIENT to answer the question. 


References 

Karlhede, A. and Lindstrom, U. “Finding Space-Time Ge- 
ometries without Using a Metric.” Gen. Relativity Gravi- 
tation 15, 597-610, 1983. 


Metric Space 

A SET S with a global distance FUNCTION (the METRIC 
g) which, for every two points x,y in S, gives the DIS- 
TANCE between them as a NONNEGATIVE REAL NUM- 
BER g(x,y). A metric space must also satisfy 


1. g(z,z) =~OIFFr=y, 


2. g(x,y) = gly, 2), 
3. The TRIANGLE INEQUALITY g(z,y) + g(y,2) > 
g(z, z). 
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McGraw-Hill, 1976. 


Metric Tensor 

A TENSOR, also called a RIEMANNIAN METRIC, which 
is symmetric and POSITIVE DEFINITE. Very roughly, 
the metric tensor gj; is a function which tells how to 
compute the distance between any two points in a given 
SPACE. Its components can be viewed as multiplication 
factors which must be placed in front of the differen- 
tial displacements dx; in a generalized PYTHAGOREAN 
THEOREM 


ds? = gudr? + 912 de: dx2 + 922 dx." +... (1) 


Metric Tensor 


In EUCLIDEAN SPACE, gij = ĝi; where 6 is the KRON- 
ECKER DELTA (which is 0 for 2 4 j and 1 for i = 7), 
reproducing the usual form of the PYTHAGOREAN THE- 
OREM 

ds? = dz? + dae" +... (2) 


The metric tensor is defined abstractly as an INNER 
PRODUCT of every TANGENT SPACE of a MANIFOLD 
such that the INNER PRODUCT is a symmetric, non- 
degenerate, bilinear form on a VECTOR SPACE. This 
means that it takes two VECTORS v,w as arguments 
and produces a REAL NUMBER (v, w) such that 


(kv, w) = k (v,w) = (v, kw) (3) 
(v + w,x) = (v, x) + (w, x) (4) 
(v, w +x) = (v, w) + (v, x) (5) 
(v, w) = (w, v) (6) 
(v, v) > 0, (7) 
with equality IFF v = 0. 
In coordinate NOTATION (with respect to the basis), 
Pe (8) 
gap = Ex eg. (9) 
_ 0E* DEl 
Quv = Ort dq” Naps (10) 


where Nap is the MINKOWSKI METRIC. This can also be 
written 


g = D* nD, (11) 
where 
O° 
Dep = Jre (12) 
Dor = Dans (13) 
O lk O cx 
—- qi = —— Ò; 14 
gives 
Og'* tk Ogi 
Gil a gpm ay Aam . (15) 


The metric is POSITIVE DEFINITE, so a metric’s DIS- 
CRIMINANT is POSITIVE. For a metric in 2-space, 


9 = 911922 — Gis: > 0. (16) 


The ORTHOGONALITY of CONTRAVARIANT and COVARI- 
ANT metrics stipulated by 


girg” = ô}, (17) 


fori = 1, ..., n gives n linear equations relating the 
2n quantities gj; and g'?. Therefore, if n metrics are 
known, the others can be determined. 


Metric Tensor 


In 2-space, 

11 922 
= ee 18 
(18) 
g”? EE 2 g12 (19) 

g 

22 g11 
gos te. 20 
A (20) 


If g is symmetric, then 


Jap = JBa (21) 
go Sor (22) 


In EUCLIDEAN SPACE (and all other symmetric 
SPACES), 
q == de (23) 


SO 


Jaa = gas (24) 


The ANGLE @¢ between two parametric curves is given 
by 


see eS ee (25) 
gı 92 9192 
so | 
ia e (26) 
9192 
and 
[ri xX r2| = gigesing = yg. (27) 


The LINE ELEMENT can be written 
ds? = dzi de; = gi; dq; dq; (28) 


where EINSTEIN SUMMATION has been used. But 


Ox; Ox; Ox; Ox; 
dz 01 qı + 3 da + =— Bas q3 = 8a; dqj, (29) 


sO 


zx, 


For ORTHOGONAL coordinate systems, gi; = 0 fori Æ 7, 
and the LINE ELEMENT becomes (for 3-space) 


ds? = gi dq’ + 922 dq” + 933 dqs* 
= (ha dqi)” + (ha dqa)” + (hs da3)”, (31) 


where hi = ,/gii are called the SCALE FACTORS. 


see also CURVILINEAR COORDINATES, DISCRIMINANT 
(METRIC), LICHNEROWICZ CONDITIONS, LINE ELE- 
MENT, METRIC, METRIC EQUIVALENCE PROBLEM, 
MINKOWSKI SPACE, SCALE FACTOR, SPACE 
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Mex 

The MINIMUM excluded value. The mex of a SET S 
of NONNEGATIVE INTEGERS is the least NONNEGATIVE 
INTEGER not in the set. 


see also MEX SEQUENCE 


References 

Guy, R. K. “Max and Mex Sequences.” $E27 in Unsolved 
Problems in Number Theory, 2nd ed. New York: Springer- 
Verlag, pp. 227-228, 1994. 


Mex Sequence 

A sequence defined from a FINITE sequence ao, 41, ..., 
An by defining an41 = mex;(a; + Qn_i), where mex is 
the MEX (minimum excluded value). 


see also MAX SEQUENCE, MEX 
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Mian-Chowla Sequence 
The sequence produced by starting with a, = 1 and 
applying the GREEDY ALGORITHM in the following way: 
for each k > 2, let az be the least INTEGER exceeding 
ax-—1 for which a; + az are all distinct, with 1 < j < k. 
This procedure generates the sequence 1, 2, 4, 8, 13, 
21, 31, 45, 66, 81, 97, 123, 148, 182, 204, 252, 290, 
. (Sloane’s A005282). The RECIPROCAL sum of the 


sequence, 
oo 


plo 


satisfies 
2.1568 < S < 2,1596. 


see also A-SEQUENCE, B2-SEQUENCE 
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pp. 228-229, 1994. 

Sloane, N. J. A. Sequence A005282/M1094 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


Mice Problem 

n mice start at the corners of a regular n-gon of unit 
side length, each heading towards its closest neighboring 
mouse in a counterclockwise direction at constant speed. 
The mice each trace out a SPIRAL, meet in the center of 
the POLYGON, and travel a distance 


1 
d, = ————_——~. 
Ñ 1 — cos (2%) 
The first few values for n = 2, 3,..., are 
1 
27 371,5(5 + V5), 2, 70 
1 — cos (22) 
AO 2 SD is 


"1—cos (22) 
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giving the numerical values 0.5, 0.666667, 1, 1.44721, 2, 
2.65597, 3.41421, 4.27432, 5.23607, .... 


see also APOLLONIUS PURSUIT PROBLEM, PURSUIT 
CURVE, SPIRAL, TRACTRIX 
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Mid-Arc Points 


Map 


The mid-arc points Mas, Mac, and Mgc of a TRI- 
ANGLE AABC are the points on the CIRCUMCIRCLE of 
the triangle which lie half-way along each of the three 
Arcs determined by the vertices (Johnson 1929). These 
points arise in the definition of the FUHRMANN CIRCLE 
and FUHRMANN TRIANGLE, and lie on the extensions 
of the PERPENDICULAR BISECTORS of the triangle sides 
drawn from the CIRCUMCENTER O. 


Kimberling (1988, 1994) and Kimberling and Veldkamp 
(1987) define the mid-arc points as the POINTS which 
have TRIANGLE CENTER FUNCTIONS 


a1 = [cos(3 B) + cos($C)] sec(5 
a2 = [cos(7B) + cos(¿0)] cse(3 


see also FUHRMANN CIRCLE, FUHRMANN TRIANGLE 
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Midpoint 


Midcircle 


PR To AT 
yar / LEY 
| / í 


The midcircle of two given CIRCLES is the CIRCLE which 
would INVERT the circles into each other. Dixon (1991) 
gives constructions for the midcircle for four of the five 
possible configurations. In the case of the two given 
CIRCLES tangent to each other, there are two midcircles. 


see also INVERSION, INVERSION CIRCLE 


References 
Dixon, R. Mathographics. New York: Dover, pp. 66-68, 1991. 


Middlespoint 
see MITTENPUNKT 


Midpoint 


M 


A 

The point on a LINE SEGMENT dividing it into two seg- 
ments of equal length. The midpoint of a line segment is 
easy to locate by first constructing a LENS using circular 
arcs, then connecting the cusps of the LENS. The point 
where the cusp-connecting line intersects the segment is 
then the midpoint (Pedoe 1995, p. xii). It is more chal- 
lenging to locate the midpoint using only a COMPASS, 
but Pedoe (1995, pp. xviii-xix) gives one solution. 


In a RIGHT TRIANGLE, the midpoint of the Hy- 
POTENUSE is equidistant from the three VERTICES 
(Dunham 1990). 


Midpoint Ellipse 


Given a TRIANGLE AA, A2A3 with AREA A, locate the 
midpoints M;. Now inscribe two triangles AP; P2 Ps and 
AQ10Q2Q3 with VERTICES FP; and Q; placed so that 
P.M; = Qi Mi. Then AP, P2P3 and AQi1Q2Q3 have 
equal areas 


a1 a2 43 
mama Mam mm | 
203 431 4102 


where a; are the sides of the original triangle and m; are 
the lengths of the MEDIANS (Johnson 1929). 


see also ARCHIMEDES’ MIDPOINT THEOREM, BROCARD 
MIDPOINT, CIRCLE-POINT MIDPOINT THEOREM, LINE 
SEGMENT, MEDIAN (TRIANGLE), MIDPOINT ELLIPSE 
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Midpoint Ellipse 

The unique ELLIPSE tangent to the MIDPOINTS of a TRI- 
ANGLE’S LEGS. The midpoint ellipse has the maximum 
AREA of any INSCRIBED ELLIPSE (Chakerian 1979). Un- 
der an AFFINE TRANSFORMATION, the midpoint ellipse 
can be transformed into the INCIRCLE of an EQUILAT- 
ERAL TRIANGLE. 


see also AFFINE TRANSFORMATION, ELLIPSE, INCIR- 
CLE, MIDPOINT, TRIANGLE 
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Midradius 

The RADIUS of the MIDSPHERE of a POLYHEDRON, also 
called the INTERRADIUS. For a REGULAR POLYHEDRON 
with SCHLAFLI SYMBOL {q, p}, the DUAL POLYHEDRON 
is {p,q}. Denote the INRADIUS r, midradius p, and CIR- 
CUMRADIUS R, and let the side length be a. Then 


2 
r? acs (=) +R? =a’ +p” (1) 
p facor (=) + R”. (2) 


For REGULAR POLYHEDRA and UNIFORM POLYHEDRA, 
the DUAL POLYHEDRON has CIRCUMRADIUS p°/r and 
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INRADIUS p*/R. Let 0 be the ANGLE subtended by the 
EDGE of an ARCHIMEDEAN SOLID. Then 


r = hacos(50) cot(50) (3) 
p = hacot(50) (4) 
R = zacsc(50), (5) 
so 
r: p: R= cos(40) : 1: sec(50) (6) 


(Cundy and Rollett 1989). Expressing the midradius in 
terms of the INRADIUS r and CIRCUMRADIUS R gives 


1/2 r? +r r? +a? 
1 (7) 


> 
| 


| 
X 
| 

[= 
R 


for an ARCHIMEDEAN SOLID. 
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Midrange 


midrange[f(z)] = ¿(max[F(2)] + min[f(2)]}. 


see also MAXIMUM, MEAN, MEDIAN (STATISTICS), 
MINIMUM 


Midsphere | 

The SPHERE with respect to which the VERTICES of a 
POLYHEDRON are the poles of the planes of the faces 
of the DUAL POLYHEDRON (and vice versa). It touches 
all EDGES of a SEMIREGULAR POLYHEDRON or REGU- 
LAR POLYHEDRON. It is also called the INTERSPHERE 
or RECIPROCATING SPHERE. 


see also CIRCUMSPHERE, DUAL POLYHEDRON, IN- 
SPHERE 


Midy’s Theorem 

If the period of a REPEATING DECIMAL for a/p has an 
EVEN number of digits, the sum of the two halves is a 
string of 9s, where p is PRIME and a/p is a REDUCED 
FRACTION. 


see also DECIMAL EXPANSION, REPEATING DECIMAL 
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Mikusinski’s Problem 

Is it possible to cover completely the surface of a SPHERE 
with congruent, nonoverlapping arcs of GREAT CIR- 
CLES? Conway and Croft (1964) proved that it can be 
covered with half-open arcs, but not with open arcs. 
They also showed that the PLANE can be covered with 
congruent closed and half-open segments, but not with 
open ones. 
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Milin Conjecture 

An INEQUALITY which IMPLIES the correctness of the 
ROBERTSON CONJECTURE (Milin 1971). de Branges 
(1985) proved this conjecture, which led to the proof 
of the full BIEBERBACH CONJECTURE. 


see also BIEBERBACH CONJECTURE, ROBERTSON CON- 
JECTURE 
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Mill 


The n-roll mill curve is given by the equation 


where (z) is a BINOMIAL COEFFICIENT. 


k 


References 
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Miller’s Algorithm 

For a catastrophically unstable recurrence in one direc- 
tion, any seed values for consecutive x; and zj+ı will 
converge to the desired sequence of functions in the op- 
posite direction times an unknown normalization factor. 


Miller- Askinuze Solid 
see ELONGATED SQUARE GYROBICUPOLA 


Miller’s Solid 


Miller Cylindrical Projection 


A AS A RN OR E eye 


A MAP PROJECTION given by the following transforma- 
tion, 


xt = À — Ao (1) 
y = ¿In[tan(3r + ¿0)] (2) 
= Esinh *[tan(4¢)]. (3) 


Here x and y are the plane coordinates of a projected 
point, A is the longitude of a point on the globe, Ao is 
central longitude used for the projection, and @ is the 
latitude of the point on the globe. The inverse FORMU- 
LAS are 


b= Stan T(e9/%) — fa = tan" fsinh($u)] (4) 


A = ào +z. (5) 
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Miller?s Primality Test 

If a number fails this test, it is not a PRIME. If the 
number passes, it may be a PRIME. A number passing 
Miller’s test is called a STRONG PSEUDOPRIME to base 
a. If anumber n does not pass the test, then it is called a 
WITNESS for the COMPOSITENESS of n. If n is an ODD, 
POSITIVE COMPOSITE NUMBER, then n passes Miller’s 
test for at most (n — 1)/4 bases with 1 < a < —1 (Long 
1995). There is no analog of CARMICHAEL NUMBERS 
for STRONG PSEUDOPRIMES. 


The only COMPOSITE NUMBER less than 2.5 x10'* which 
does not have 2, 3, 5, or 7 as a WITNESS is 3215031751. 
Miller showed that any composite n has a WITNESS less 
than 70(Inn)? if the RIEMANN HYPOTHESIS is true. 
see also ADLEMAN-POMERANCE-RUMELY PRIMALITY 
TEST, STRONG PSEUDOPRIME 
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Miller’s Solid 
see ELONGATED SQUARE GYROBICUPOLA 


Milliard 


Milliard 

In British, French, and German usage, one milliard 
equals 10°. American usage does not have a number 
called the milliard, instead using the term BILLION to 
denote 10°. 


see also BILLION, LARGE NUMBER, MILLION, TRILLION 


Millin Series 
The series with sum 


fore) 1 a" 


where Fi is a FIBONACCI NUMBER (Honsberger 1985). 


Ss’ 


see also FIBONACCI NUMBER 
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Million 

The number 1,000,000 = 10°. While one million in 
America means the same thing as one million in Britain, 
the words BILLION, TRILLION, etc., refer to different 
numbers in the two naming systems. While Americans 
may say “Thanks a million” to express gratitude, Nor- 
wegians offer “Thanks a thousand” (“tusen takk”). 

see also BILLION, LARGE NUMBER, MILLIARD, THOU- 
SAND, TRILLION 


Mills’ Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Mills (1947) proved the existence of a constant 0 = 
1.3064... such that 


r o 


is PRIME for all n > 1, where |x] is the FLOOR FUNC- 
TION. It is not, however, known if @ is IRRATIONAL. 
Mills’ proof was based on the following theorem by Ho- 
heisel (1930) and Ingham (1937). Let p, be the nth 
PRIME, then there exists a constant K such that 


Pn+1 — Pn < Kpn” (2) 


for all n. This has more recently been strengthened to 


Dati — Dn < Kopp ee (3) 


(Mozzochi 1986). If the RIEMANN HYPOTHESIS is true, 
then Cramér (1937) showed that 


Pn+1 — Pn = O (In pn /Pn ) (4) 


(Finch). 
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Hardy and Wright (1979) point out that, despite the 
beauty of such FORMULAS, they do not have any prac- 
tical consequences. In fact, unless the exact value of 
0 is known, the PRIMES themselves must be known in 
advance to determine 9. A generalization of Mills’ theo- 
rem to an arbitrary sequence of POSITIVE INTEGERS is 
given as an exercise by Ellison and Ellison (1985). Con- 
sequently, infinitely many values for @ other than the 
number 1.3064... are possible. 
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Milne’s Method 

A PREDICTOR-CORRECTOR METHOD for solution of 
ORDINARY DIFFERENTIAL EQUATIONS. The third-order 
equations for predictor and corrector are 


Yn+1 = Yn-3 + 3A(2Yn — Yn-1 + 2Yn-2) ER O(h*) 
Yn+1 = Yn-1 + ghYn-1 + dy, + Yn+1) + O(h’). 


Abramowitz and Stegun (1972) also give the fifth order 
equations and formulas involving higher derivatives. 


see also ADAMS’ METHOD, GILL’S METHOD, PREDIC- 
TOR-CORRECTOR METHODS, RUNGE-KUTTA METHOD 
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Milnor’s Conjecture 

The UNKNOTTING NUMBER for a ToRus KNOT (p,q) 
is (p — 1)(q — 1)/2. This 40-year-old CONJECTURE was 
proved (Adams 1994) in Kronheimer and Mrowka (1993, 
1995). 


see also TORUS KNOT, UNKNOTTING NUMBER 
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Milnor’s Theorem 

If a COMPACT MANIFOLD M has NONNEGATIVE RICCI 
CURVATURE, then its FUNDAMENTAL GROUP has at 
most POLYNOMIAL growth. On the other hand, if M has 
NEGATIVE curvature, then its FUNDAMENTAL GROUP 
has exponential growth in the sense that n(A) grows ex- 
ponentially, where n(A) is (essentially) the number of 
different “words” of length A which can be made in the 
FUNDAMENTAL GROUP. 
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Minimal Cover 
A minimal cover is a COVER for which removal of one 
member destroys the covering property. Let p(n, k) be 


the number of minimal covers of {1,...,n} with k mem- 
bers. Then 
1 2 Sea 
= 5 | ! 
p(n, k) = 7 ~ ( kh Jista m), 


where (;) is a BINOMIAL COEFFICIENT, s(n,m) is a 
STIRLING NUMBER OF THE SECOND KIND, and 


a, = min(n, 2” — 1). 
Special cases include p(n,1) = 1 and p(n,2) = s(n + 
1,3). 


k 1 2 3 4 5 6 7 
Sloane 000392 003468 016111 


Tt 


1 
6 1 
20 22 1 
90 305 65 1 


301 3410 2540 171 1 
966 33621 77350 17066 420 1 


aor WN E 
= = = a Aa pl 


7 


see also COVER, LEW k-GRAM, STIRLING NUMBER OF 
THE SECOND KIND 
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Minimal Discriminant 
see FREY CURVE 


Minimal Matrix 

A MATRIX with 0 DETERMINANT whose DETERMINANT 
becomes NONZERO when any element on or below the 
diagonal is changed from 0 to 1. An example is 


1-1 0 0 
0 0 -1 0 
plz 1 1 1 —1 
0 0 1 0 


Minimal Surface 


There are 2”~! minimal SPECIAL MATRICES of size n x 
n. 


see also SPECIAL MATRIX 
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Minimal Residue 
The value b or b— m, whichever is smaller in ABSOLUTE 
VALUE, where a = b (mod m). 


see also RESIDUE (CONGRUENCE) 


Minimal Set 
A SET for which the dynamics can be generated by the 
dynamics on any subset. 


Minimal Surface 

Minimal surfaces are defined as surfaces with zero MEAN 
CURVATURE, and therefore satisfy LAGRANGE’S EQUA- 
TION 


UERN y So ny eS =o. 


Minimal surfaces may also be characterized as surfaces 
of minimal AREA for given boundary conditions. A 
PLANE is a trivial MINIMAL SURFACE, and the first non- 
trivial examples (the CATENOID and HELICOID) were 
found by Meusnier in 1776 (Meusnier 1785). 


Euler proved that a minimal surface is planar IFF its 
GAUSSIAN CURVATURE is zero at every point so that it 
is locally SADDLE-shaped. The EXISTENCE of a solution 
to the general case was independently proven by Douglas 
(1931) and Radó (1933), although their analysis could 
not exclude the possibility of singularities. Osserman 
(1970) and Gulliver (1973) showed that a minimizing 
solution cannot have singularities. 


The only known complete (boundaryless), embedded 
(no self-intersections) minimal surfaces of finite topol- 
ogy known for 200 years were the CATENOID, HELICOID, 
and PLANE. Hoffman discovered a three-ended GENUS 
1 minimal embedded surface, and demonstrated the ex- 
istence of an infinite number of such surfaces. A four- 
ended embedded minimal surface has also been found. 
L. Bers proved that any finite isolated SINGULARITY of 
a single-valued parameterized minimal surface is remov- 
able. 


A surface can be parameterized using a ISOTHERMAL 
PARAMETERIZATION. Such a parameterization is mini- 
mal if the coordinate functions rz, are HARMONIC, i.e., 
Ox[() are ANALYTIC. A minimal surface can therefore 
be defined by a triple of ANALYTIC FUNCTIONS such 
that ¢,¢, = 0. The REAL parameterization is then ob- 
tained as 


Tk = R oxo dt. (1) 


Minimal Surface 


But, for an ANALYTIC FUNCTION f and a MEROMOR- 
PHIC function g, the triple of functions 


iO) = f1- 39°) (2) 
g2(¢) = if(1+q’) (3) 
é3(¢) = 2fg (4) 


are ANALYTIC as long as f has a zero of order > m 
at every POLE of g of order m. This gives a minimal 
surface in terms of the ENNEPER-WEIERSTRAKf PARAM- 
ETERIZATION 


f(1- 9’) 
R / if(1 +9?) | ae. (5) 
2f9 


see also BERNSTEIN MINIMAL SURFACE THEOREM, 
CALCULUS OF VARIATIONS, CATALAN’S SURFACE, 
CATENOID, COSTA MINIMAL SURFACE, ENNEPER-WEI- 
ERSTRAB PARAMETERIZATION, FLAT SURFACE, HEN- 
NEBERG’S MINIMAL SURFACE, HOFFMAN’S MINIMAL 
SURFACE, IMMERSED MINIMAL SURFACE, LICHTENFELS 
SURFACE, MAEDER'S OWL MINIMAL SURFACE, NIREN- 
BERG’S CONJECTURE, PARAMETERIZATION, PLATEAU’S 
PROBLEM, SCHERK’S MINIMAL SURFACES, TRINOID, 
UNDULOID 


References 

Dickson, S. “Minimal Surfaces.” Mathematica J. 1, 38-40, 
1990. 

Dierkes, U.; Hildebrandt, $.; Küster, A.; and Wohlraub, O. 
Minimal Surfaces, 2 vols. Vol. 1: Boundary Value Prob- 
lems. Vol. 2: Boundary Regularity. Springer-Verlag, 1992. 

do Carmo, M. P. “Minimal Surfaces.” §3.5 in Mathemati- 
cal Models from the Collections of Universities and Muse- 
ums (Ed. G. Fischer). Braunschweig, Germany: Vieweg, 
pp. 41-43, 1986. 

Douglas, J. “Solution of the Problem of Plateau.” 
Amer. Math. Soc. 33, 263-321, 1931. 

Fischer, G. (Ed.). Plates 93 and 96 in Mathematische Mod- 
elle/Mathematical Models, Bildband/Photograph Volume. 
Braunschweig, Germany: Vieweg, pp. 89 and 96, 1986. 

Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, p. 280, 1993. 

Gulliver, R. “Regularity of Minimizing Surfaces of Prescribed 
Mean Curvature.” Ann. Math. 97, 275-305, 1973. 

Hoffman, D. “The Computer-Aided Discovery of New Em- 
bedded Minimal Surfaces.” Math. Intell. 9, 8-21, 1987. 

Hoffman, D. and Meeks, W. H. III. The Global Theory of 
Properly Embedded Minimal Surfaces. Amherst, MA: Uni- 
versity of Massachusetts, 1987. 

Lagrange. “Essai d'une nouvelle méthode pour déterminer les 
maxima et les minima des formules intégrales indéfinies.” 
1776. 

Meusnier, J. B. “Mémoire sur la courbure des surfaces.” 
Mém. des savans étrangers 10 (lu 1776), 477-510, 1785. 
Nitsche, J. C. C. Introduction to Minimal Surfaces. Cam- 

bridge, England: Cambridge University Press, 1989. 

Osserman, R. A Survey of Minimal Surfaces. New York: 
Van Nostrand Reinhold, 1969. 

Osserman, R. “A Proof of the Regularity Everywhere of the 
Classical Solution to Plateau’s Problem.” Ann. Math. 91, 
550-569, 1970. 

Radó, T. “On the Problem of Plateau.” Ergeben. d. Math. 
u. threr Grenzgebiete. Berlin: Springer-Verlag, 1933. 


Trans. 


Minimum 1173 
Minimax Approximation 

A minimization of the MAXIMUM error for a fixed num- 
ber of terms. 


Minimax Polynomial 

The approximating POLYNOMIAL which has the small- 
est maximum deviation from the true function. It is 
closely approximated by the CHEBYSHEV POLYNOMIALS 
OF THE FIRST KIND. 


Minimax Theorem 
The fundamental theorem of GAME THEORY which 
states that every FINITE, ZERO-SUM, two-person GAME 
has optimal MIXED STRATEGIES. It was proved by John 
von Neumann in 1928. 


Formally, let X and Y be MIXED STRATEGIES for play- 
ers A and B. Let A be the PAYOFF MATRIX. Then 


J T a rT 
max min X AY = min max X AY =v, 
X Y Y X 


where v is called the VALUE of the GAME and X and Y 
are called the solutions. It also turns out that if there 
is more than one optimal MIXED STRATEGY, there are 
infinitely many. 


see also MIXED STRATEGY 
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Minimum 

The smallest value of a set, function, etc. The minimum 
value of a set of elements A = [a;)_, is denoted min A 
or min; a;, and is equal to the first element of a sorted 
(i.e., ordered) version of A. For example, given the set 
(3, 5, 4, 1}, the sorted version is {1, 3, 4, 5}, so the 
minimum is 1. The MAXIMUM and minimum are the 
simplest ORDER STATISTICS. 


F(x) =0 fi <0, 
f"0)>0 
fu9<0 f0>0 
f9>0 fa) <0 FX) =0M \ Fix <0, 
fi =0 £0)=0 f'a) <0 


minimum maximum Stationary point 

A continuous FUNCTION may assume a minimum at a 
single point or may have minima at a number of points. 
A GLOBAL MINIMUM of a FUNCTION is the smallest 
value in the entire RANGE of the FUNCTION, while a 
LOCAL MINIMUM is the smallest value in some local 


neighborhood. 


For a function f(x) which is CONTINUOUS at a point Zo, 
a NECESSARY but not SUFFICIENT condition for f(x) 
to have a RELATIVE MINIMUM at x = zo is that xo be 
a CRITICAL POINT (i.e., f(x) is either not DIFFEREN- 
TIABLE at xo or Zo is a STATIONARY POINT, in which 
case f'(x0) = 0). 
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The FIRST DERIVATIVE TEST can be applied to CON- 
TINUOUS FUNCTIONS to distinguish minima from MAX- 
IMA. For twice differentiable functions of one variable, 
f(z), or of two variables, f(x,y), the SECOND DERIV- 
ATIVE TEST can sometimes also identify the nature of 
an EXTREMUM. For a function f(x), the EXTREMUM 
TEST succeeds under more general conditions than the 
SECOND DERIVATIVE TEST. 


see also CRITICAL POINT, EXTREMUM, FIRST DERIVA- 
TIVE TEST, GLOBAL MAXIMUM, INFLECTION POINT, 
LOCAL MAXIMUM, MAXIMUM, MIDRANGE, ORDER 
STATISTIC, SADDLE POINT (FUNCTION), SECOND DE- 
RIVATIVE TEST, STATIONARY POINT 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 14, 1972. 

Brent, R. P. Algorithms for Minimization Without Deriva- 
tives. Englewood Cliffs, NJ: Prentice-Hall, 1973. 

Nash, J. C. “Descent to a Minimum I-II: Variable Metric 
Algorithms.” Chs. 15-16 in Compact Numerical Methods 
for Computers: Linear Algebra and Function Minimisa- 
tion, 2nd ed. Bristol, England: Adam Hilger, pp. 186-206, 
1990. 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. “Minimization or Maximization of Functions.” 
Ch. 10 in Numerical Recipes in FORTRAN: The Art of 
Scientific Computing, 2nd ed. Cambridge, England: Cam- 
bridge University Press, pp. 387-448, 1992. 

Tikhomirov, V. M. Stories About Mazima and Minima. 
Providence, RI: Amer. Math. Soc., 1991. 


Minkowski-Bouligand Dimension 

In many cases, the HAUSDORFF DIMENSION correctly 
describes the correction term for a resonator with FRAC- 
TAL PERIMETER in Lorentz’s conjecture. However, in 
general, the proper dimension to use turns out to be the 
Minkowski-Bouligand dimension (Schroeder 1991). 


Let F(r) be the AREA traced out by a small CIRCLE with 
RADIUS r following a fractal curve. Then, providing the 
LIMIT exists, 


Du= lim PEO) 


+2 
r>0 —1inr 


(Schroeder 1991). It is conjectured that for all strictly 
self-similar fractals, the Minkowski-Bouligand dimen- 
sion is equal to the HAUSDORFF DIMENSION D; oth- 
erwise Dm > D. 


see also HAUSDORFF DIMENSION 
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Minkowski Integral Inequality 


Minkowski Convex Body Theorem 

A bounded plane convex region symmetric about a LAT- 
TICE POINT and with AREA > 4 must contain at least 
three LATTICE POINTS in the interior. In n-D, the the- 
orem can be generalized to a region with AREA > 2”, 
which must contain at least three LATTICE POINTS. The 
theorem can be derived from BLICHFELDT’S THEOREM. 


see also BLICHFELDT’S THEOREM 


Minkowski Geometry 
see MINKOWSKI SPACE 


Minkowski-Hlawka Theorem 
There exist lattices in n-D having HYPERSPHERE PACK- 
ING densities satisfying 


where ((n) is the RIEMANN ZETA FUNCTION. However, 
the proof of this theorem is nonconstructive and it is 
still not known how to actually construct packings that 
are this dense. 


see also HERMITE CONSTANTS, HYPERSPHERE PACK- 
ING 
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Minkowski Integral Inequality 
If p > 1, then 


b 1/p 
| | o) + g(a)? de 


b 1/p r pe 1/p 
< / H) de = a2? as . 


see also MINKOWSKI SUM INEQUALITY 
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Minkowski Measure 


Minkowski Measure 
The Minkowski measure of a bounded, CLOSED SET is 
the same as its LEBESGUE MEASURE. 
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Minkowski Metric 
In CARTESIAN COORDINATES, 


ds? = dz? + dy” + dz? (1) 
dr? = —c* dt? + de? + dy? + dz’, (2) 
and 
~1 0 0 0 
= 0 1 0 0 
Yap = Tag = 0 01 0 (3) 
0 0 0 1 


In SPHERICAL COORDINATES, 
ds? = dr? + r° d8? + r° sin? 6 do? (4) 


dr? = - dt? + dr? + r? do? + r° sin? 0 d¢’, (5) 


and 
-1 0 0 0 
O 1 0 0 
0 0 0 r?ósintg 


see also LORENTZ ‘TRANSFORMATION, MINKOWSKI 


SPACE 


Minkowski Sausage 


E 


A FRACTAL created from the base curve and motif illus- 
trated below. 


a, 


The number of segments after the nth iteration is 


NS 


== (3) 
n — 4 3 


so the CAPACITY DIMENSION is 


and 


In8”  ln8 _ 3in2_ 3 


p= ij ZA ea lark 
aa asa lade lad 2m2 2? 
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Minkowski Space 

A 4-D space with the MINKOWSKI METRIC. Alterna- 
tively, it can be considered to have a EUCLIDEAN MET- 
RIC, but with its VECTORS defined by 


Lo act 
Ti = T 
a=]. (1) 
T3 Z 


where c is the speed of light. The METRIC is DIAGONAL 
with 
Jaa = ——, (2) 


SO 
ô 
n? = ngs. (3) 
Let A be the TENSOR for a LORENTZ TRANSFORMA- 
TION. Then 


nen, ds APB (4) 
May AP? ES Ke (5) 
NS May AP? a Net As. (6) 


The NECESSARY and SUFFICIENT conditions for a met- 
ric guv to be equivalent to the Minkowski metric nag 
are that the RIEMANN TENSOR vanishes everywhere 
CR ge = 0) and that at some point g”” has three Pos- — 
ITIVE and one NEGATIVE BIGENVALUES. 


see also LORENTZ TRANSFORMATION, MINKOWSKI 
METRIC ` 
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Minkowski Sum 
The sum of sets A and B in a VECTOR SPACE, equal to 
{a+b:a € A,b €B}. 


Minkowski Sum Inequality 
If p > 1 and ax, bx > 0, then 


PA 1/p a 1/p m 1/p 
N (a + by)? < y ak?” + ` bk” 
k=1 k=1 k=1 
Equality holds IFF the sequences ai, az, ... and 61, be, 


. are proportional. 


see also MINKOWSKI INTEGRAL INEQUALITY 
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Minor 

The reduced DETERMINANT of a DETERMINANT EX- 
PANSION, denoted M;;, which is formed by omitting the 
ith row and jth column. 


see also COFACTOR, DETERMINANT, DETERMINANT 
EXPANSION BY MINORS 
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Minor Axis 
see SEMIMINOR AXIS 


Minor Graph 

A “minor” is a sort of SUBGRAPH and is what Kura- 
towski means when he says “contain.” It is roughly a 
small graph which can be mapped into the big one with- 
out merging VERTICES. 


Minus 
The operation of SUBTRACTION, i.e., a minus b. The 
operation is denoted a—b. The MINUS SIGN “—” is also 


used to denote a NEGATIVE number, i.e., —2. 


see also MINUS SIGN, NEGATIVE, PLUS, PLUS OR MI- 
NUS, ‘TIMES 


Minus or Plus 
see PLUS OR MINUS 


Minus Sign 
The symbol “—” which is used to denote a NEGATIVE 
number or SUBTRACTION. 


see also MINUS, PLUS SIGN, SIGN, SUBTRACTION 


Minute 
see ARC MINUTE 


Miquel’s Theorem 


Miquel Circles 


R> 


For a TRIANGLE AABC and three points A’, B’, and 
C’, one on each of its sides, the three Miquel circles are 
the circles passing through each VERTEX and its neigh- 
boring side points (i.e., AC’B’, BA'C’, and CB'A'). 
According to MIQUEL’S THEOREM, the Miquel circles 
are CONCURRENT in a point M known as the MIQUEL 
POINT. Similarly, there are n Miquel circles for n lines 
taken (n — 1) at a time. 

see also MIQUEL POINT, MIQUEL’S THEOREM, MIQUEL 
‘TRIANGLE 


Miquel Equation 


£ A>M ås = 4£A2A1A3 + £ PoP, Ps, 


where { is a DIRECTED ANGLE. 


see also DIRECTED ANGLE, MIQUEL’S THEOREM 
References 
Johnson, R. A. Modern Geometry: An Elementary Treatise 


on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 131-144, 1929. 


Miquel Point 
The point of CONCURRENCE of the MIQUEL CIRCLES. 


see also MIQUEL CIRCLES, MIQUEL’S THEOREM, 
MIQUEL TRIANGLE 


Miquel’s Theorem 


AS 


If a point is marked on each side of a TRIANGLE AABC, 
then the three MIQUEL CIRCLES (each through a VER- 
TEX and the two marked points on the adjacent sides) 


Miquel Triangle 


are CONCURRENT at a point M called the MIQUEL 
POINT. This result is a slight generalization of the so- 
called PIvoT THEOREM. 


If M lies in the interior of the triangle, then it satisfies 
L Pa M Pz = 180° — (1 


LPM Pi = 180° — (2 
¿P, MP) = 180° — (X3. 


The lines from the MIQUEL POINT to the marked points 
make equal angles with the respective sides. (This is a 
by-product of the MIQUEL EQUATION.) 


Given four lines L1, ..., L4 each intersecting the other 
three, the four MIQUEL CIRCLES passing through each 
subset of three intersection points of the lines meet in a 
point known as the 4-Miquel point M. Furthermore, the 
centers of these four MIQUEL CIRCLES lie on a CIRCLE 
C4 (Johnson 1929, p. 139). The lines from M to given 
points on the sides make equal ANGLES with respect to 
the sides. 


Similarly, given n lines taken by (n—1)s yield n MIQUEL 
CIRCLES like C4 passing through a point P,, and their 
centers lie on a CIRCLE C41. 


see also MIQUEL CIRCLES, MIQUEL EQUATION, MIQUEL 
TRIANGLE, NINE-POINT CIRCLE, PEDAL CIRCLE, 
PIVOT ‘THEOREM 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 131-144, 1929. 


Miquel Triangle 

Given a point P and a triangle AA; A2A3, the Miquel 
triangle is the triangle connecting the side points P\, 
Pz, and P; of AA; Az Az with respect to which P is the 
MIQUEL POINT. All Miquel triangles of a given point M 
are directly similar, and M is the SIMILITUDE CENTER 
in every case. 
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Mira Fractal 
A FRACTAL based on the map 


2(1 — ajz’ 


F(x) = az + eee 


References 


Lauwerier, H. Fractals: Endlessly Repeated Geometric Fig- 
ures. Princeton, NJ: Princeton University Press, p. 136, 
1991. 


Mirimanoff’s Congruence 
If the first case of FERMAT’S LAST THEOREM is false for 
the PRIME exponent p, then 3?~' = 1 (mod p°). 


see also FERMAT’S LAST THEOREM 


Mirror Image 

An image of an object obtained by reflecting it in a 
mirror so that the signs of one of its coordinates are 
reversed. 


see AMPHICHIRAL, CHIRAL, ENANTIOMER, HANDED- 
NESS 


Mirror Plane 

The SYMMETRY OPERATION (z, y,z) > (x,y, —2}), etc., 
which is equivalent to 2, where the bar denotes an IM- 
PROPER ROTATION. 


Misére Form 

A version of NIM-like GAMES in which the player taking 
the last piece is the loser. For most IMPARTIAL GAMES, 
this form is much harder to analyze, but it requires only 
a trivial modification for the game of NIM. 


Mitchell Index 
The statistical INDEX 


Py = XO Pna 


E X Poqa l 


where pn is the price per unit in period n and q, is the 
quantity produced in period n. 


see also ÎNDEX 


References 


Kenney, J. F. and Keeping, E. S. Mathematics of Statistics, 
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A QUARTIC SURFACE named after its resemblance to 
the liturgical headdress worn by bishops and given by 
the equation 


4r’ (£? +y 2%)-y(1-y -2)=0. 


see also QUARTIC SURFACE 


References 
Nordstrand, T. “Surfaces.” 
nfytn/surfaces.htm. 


http://www.uib.no/people/ 


Mittag-Leffler Function 


o 


It is related to the GENERALIZED HYPERBOLIC FUNC- 


TIONS by 
Fy, o(z) sFr). 


References 
Muldoon, M. E. and Ungar, A. A. “Beyond Sin and Cos.” 
Math. Mag. 69, 3—14, 1996. 


Mittenpunkt 


“e p 
The LEMOINE POINT of the EXCENTRAL TRIANGLE, i.e., 
the point of concurrence M of the lines from the Ex- 
CENTERS J; through the corresponding TRIANGLE side 
MIDPOINT M;. It is also called the MIDDLESPOINT and 
has TRIANGLE CENTER FUNCTION 


a=b+c-a=>3cotA. 


see also EXCENTER, EXCENTRAL TRIANGLE, NAGEL 
POINT 
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Mobius Function 


Mixed Partial Derivative 
A PARTIAL DERIVATIVE of second or greater order with 
respect to two or more different variables, for example 


a 
“2  Oxdy 

If the mixed partial derivatives exist and are continuous 

at a point xo, then they are equal at xo regardless of 

the order in which they are taken. 


see also PARTIAL DERIVATIVE 


Mixed Strategy 

A collection of moves together with a corresponding set 
of weights which are followed probabilistically in the 
playing of a GAME. The MINIMAX THEOREM of GAME 
THEORY states that every finite, zero-sum, two-person 
game has optimal mixed strategies. 


see also GAME THEORY, MINIMAX THEOREM, STRAT- 
EGY 


Mixed Tensor 
A TENSOR having CONTRAVARIANT and COVARIANT in- 
dices. 


see also CONTRAVARIANT TENSOR, COVARIANT TEN- 
SOR, TENSOR 


Mnemonic 

A mental device used to aid memorization. Common 
mnemonics for mathematical constants such as e and PI 
consist of sentences in which the number of letters in 
each word give successive digits. 


see also e, JOSEPHUS PROBLEM, PI 
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Luria, A. R. The Mind of a Mnemonist: A Little Book 
about a Vast Memory. Cambridge, MA: Harvard Univer- 
sity Press, 1987. 


Möbius Band 
see MOBIUS STRIP 


Mobius Function 


Te 
ITT 


Mobius Group 


p(n) = 
0 if n has one or more repeated prime factors 
1 ifn=1 
(—1)* ifn is a product of k distinct primes, 


so mu(n) # 0 indicates that n is SQUAREFREE. The 
first few values are 1, —1, —1, 0, —1, 1, —1, 0, 0, 1, —1, 
0, ... (Sloane’s A008683). 


The SUMMATORY FUNCTION of the Möbius function is 
called MERTENS FUNCTION. 


see also BRAUN’S CONJECTURE, MERTENS FUNC- 
TION, MÖBIUS INVERSION FORMULA, MOBIUS PERI- 
ODIC FUNCTION, PRIME ZETA FUNCTION, RIEMANN 
FUNCTION, SQUAREFREE 
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1991. 


Mobius Group 
The equation 


ty tae +... tan’ — 22020 = 0 


represents an n-D HYPERSPHERE 5” as a quadratic hy- 
persurface in an (n + 1)-D real projective space pee. 
where za are homogeneous coordinates in p”+**. Then 
the GROUP M(n) of projective transformations which 
leave S” invariant is called the Möbius group. 


References 

Iyanaga, S. and Kawada, Y. (Eds.). “Möbius Geometry.” 
§78A in Encyclopedic Dictionary of Mathematics. Cam- 
bridge, MA: MIT Press, pp. 265-266, 1980. 


Möbius Inversion Formula 
If g(n) = J am f(d), then 


fin) = uta)s (5). 


d|n 


where the sums are over all possible INTEGERS d that 
DIVIDE n and u(d) is the MOBIUS FUNCTION. The Loc- 
ARITHM of the CYCLOTOMIC POLYNOMIAL 


&,(x) = [ [0 -:940 


d|n 
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is the Mobius inversion formula. 


see also CYCLOTOMIC POLYNOMIAL, MOBIUS FUNC- 
TION 
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1991. 


Möbius Periodic Function 
A function periodic with period 27 such that 


p(0 + r) = —p(0) 
for all 6 is said to be Mobius periodic. 


Mobius Problem 

Let A = (fa¡,az,...) be a free Abelian SEMIGROUP, 

where a, is the unit element. Then do the following 

properties, 

1. a < 6 IMPLIES ac < be for a,b,c € A, where A has 
the linear order a1 < a2 <... 

2. ulan) = p(n) for all n, 

imply that 


Amn — Aman 


for all m,n > 1? The problem is known to be true for 
mn < 74 for all n < 240. 


see also BRAUN’S CONJECTURE, MOBIUS FUNCTION 


References 
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Mobius Shorts 
A B 


A, B, C — 


C 
A one-sided surface reminiscent of the MOBIUS STRIP. 


see also MOBIUS STRIP 
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Mobius Strip 


A one-sided surface obtained by cutting a band width- 
wise, giving it a half twist, and re-attaching the two 
ends. According to Madachy (1979), the B. F.Goodrich 
Company patented a conveyor belt in the form of a 
Mobius strip which lasts twice as long as conventional 
belts. 


A Mobius strip can be represented parametrically by 


x = [R + scos(30)] cos 6 
y = [R + s cos(0)] sin 0 
z = ssin(50), 


for s € [-1,1] and 9 € [0,27). Cutting a Mobius 
strip, giving it extra twists, and reconnecting the ends 
produces unexpected figures called PARADROMIC RINGS 
(Listing and Tait 1847, Ball and Coxeter 1987) which are 
summarized in the table below. 


half- cuts divs. result 
twists 
1 1 2 1 band, length 2 
1 1 3 1 band, length 2 
1 Mobius strip, length 1 
1 2 4 2 bands, length 2 
l 2 5 2 bands, length 2 
1 Möbius strip, length 1 
1 3 6 3 bands, length 2 
1 3 7 3 bands, length 2 
1 Mobius strip, length 1 
2 1 2 2 bands, length 1 
2 2 3 3 bands, length 1 
2 3 4 4 bands, length 1 


A TORUS can be cut into a Möbius strip with an EVEN 
number of half-twists, and a KLEIN BOTTLE can be cut 
in half along its length to make two Möbius strips. In 
addition, two strips on top of each other, each with a 
half-twist, give a single strip with four twists when dis- 
entangled. 


There are three possible SURFACES which can be ob- 
tained by sewing a Möbius strip to the edge of a DISK: 
the Boy SURFACE, CROSS-CAP, and ROMAN SURFACE. 


The Möbius strip has EULER CHARACTERISTIC 1, and 
the HEAWOOD CONJECTURE therefore shows that any 
set of regions on it can be colored using six-colors only. 


Mobius Transformation 


see also BOY SURFACE, CROSS-CAP, MAP COLORING, 
PARADROMIC RINGS, PRISMATIC RING, ROMAN SUR- 
FACE 
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Mobius Transformation 
A transformation of the form 


_ az+b 
SE cz +d’ 
where a, b, c, d € C and 
ad — bc Æ 0, 


is a CONFORMAL TRANSFORMATION and is called a 
Mobius transformation. It is linear in both w and z. 


Every Mobius transformation except f(z) = z has one or 
two FIXED POINTS. The Mobius transformation sends 
CIRCLES and lines to CIRCLES or lines. Mobius trans- 
formations preserve symmetry. The CROSS-RATIO is 
invariant under a Mobius transformation. A Mobius 
transformation is a composition of translations, rota- 
tions, magnifications, and inversions. 


To determine a particular Möbius transformation, spec- 
ify the map of three points which preserve orientation. 
A particular Móbius transformation is then uniquely 


Mobius Triangles 


determined. To determine a general Mobius transfor- 
mation, pick two symmetric points a and as. Define 
GB = f(a), restricting G as required. Compute Ps. f(as) 
then equals Gs since the Mobius transformation pre- 
serves symmetry (the SYMMETRY PRINCIPLE). Plug in 
a and ag into the general Mobius transformation and 
set equal to 4 and Bs. Without loss of generality, let 
c = 1 and solve for a and b in terms of 8. Plug back 
into the general expression to obtain a Mobius transfor- 
mation. 


see also SYMMETRY PRINCIPLE 


Möbius Triangles 
SPHERICAL TRIANGLES into which a SPHERE is divided 
by the planes of symmetry of a UNIFORM POLYHEDRON. 


see also SPHERICAL TRIANGLE, UNIFORM POLYHEDRON 


Mock Theta Function 
Ramanujan was the first to extensively study these 
THETA FUNCTION-like functions 


oo n? 


z q 
O= A 


n? 


ÉS q 
O AA ARAN 


see also q-SERIES, THETA FUNCTION 
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Mod 
see CONGRUENCE 


Mode 
The most common value obtained in a set of observa- 
tions. 


see also MEAN, MEDIAN (STATISTICS), ORDER STATIS- 
TIC 


Mode Locking 

A phenomenon in which a system being forced at an 
IRRATIONAL period undergoes rational, periodic motion 
which persists for a finite range of forcing values. It may 
occur for strong couplings between natural and forcing 
oscillation frequencies. 


The phenomenon can be exemplified in the CIRCLE MAP 
when, after g iterations of the map, the new angle differs 
from the initial value by a RATIONAL NUMBER 


p 


Onta = On + q 
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This is the form of the unperturbed CIRCLE MAP with 
the WINDING NUMBER 


a= PF. 
q 
For Q not a RATIONAL NUMBER, the trajectory is 
QUASIPERIODIC. 


see also CHAOS, QUASIPERIODIC FUNCTION 


Model Completion 

Model completion is a term employed when EXISTEN- 
TIAL CLOSURE is successful. The formation of the COM- 
PLEX NUMBERS, and the move from affine to projec- 
tive geometry, are successes of this kind. The theory of 
existential closure gives a theoretical basis of Hilbert’s 
“method of ideal elements.” 
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Model Theory 

Model theory is a general theory of interpretations of 
an AXIOMATIC SET THEORY. It is the branch of LOGIC 
studying mathematical structures by considering first- 
order sentences which are true of those structures and 
the sets which are definable in those structures by first- 
order FORMULAS (Marker 1996). 


Mathematical structures obeying axioms in a system 
are called “models” of the system. The usual axioms 
of ANALYSIS are second order and are known to have 
the REAL NUMBERS as their unique model. Weakening 
the axioms to include only the first-order ones leads to 
a new type of model in what is called NONSTANDARD 
ANALYSIS. 


see also KHOVANSKI’S THEOREM, 
ANALYSIS, WILKIE’S THEOREM 


NONSTANDARD 
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Modified Bessel Differential Equation 


The second-order ordinary differential equation 


The solutions are the MODIFIED BESSEL FUNCTIONS OF 
THE FIRST and SECOND KINDS. If n = 0, the modified 
Bessel differential equation becomes 


d? 
24 Y ay 
= dx? a 
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which can also be written 


Modified Bessel Function of the First Kind 


3.0 | 
25-1 
20 | l 
1.5 | h 
LO! 


0.5 f 


= = x 
I 2 3 4 5 


A function I,(z) which is one of the solutions to the 

| MODIFIED BESSEL DIFFERENTIAL EQUATION and is 

closely related to the BESSEL FUNCTION OF THE FIRST 

KIND Jn(x). The above plot shows J,,(z) for n = 1, 2, 
, 5. In terms of J, (x), 


Inle) =i" Jalir) =e"? Jale). (1) 


For a REAL NUMBER v, the function can be computed 
using 


E > z)" 
MISA Pe DN (2) 


where T(z) is the GAMMA FUNCTION. An integral for- 
mula is 


L(z) = F e” °°? cos(v0) de 
TT 
0 
sin(v7) as -z cosh t--wt 
-= e dt, (3) 
T g i 


which simplifies for v an INTEGER n to 
1 . zcosÚ 
Tla) == e cos(n@) de (4) 
T Jo 


(Abramowitz and Stegun 1972, p. 376). 


A derivative identity for expressing higher order modi- 
fied Bessel functions in terms of fo(x) is 


In(2) = Tn (52) loto), 65) 


where T,(1) is a CHEBYSHEV POLYNOMIAL OF THE 
FIRST. KIND. 

see also BESSEL FUNCTION OF THE FIRST KIND, MODI- 
FIED BESSEL FUNCTION OF THE FIRST KIND, WEBER’S 
FORMULA 
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Modified Bessel Function of the Second Kind 
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1 2 3 á 5 


The function K,(xz) which is one of the solutions to 
the MODIFIED BESSEL DIFFERENTIAL EQUATION. The 
above plot shows K,(x) for n = 1, 2, de Kalt) 18 
closely related to the MODIFIED BESSEL FUNCTION OF 
THE FIRST KIND J,,{(z) and HANKEL FUNCTION H, (2), 


Kn(x) = ¿7 PAD ig) (1) 
= ni"), (iz) + iNn(iz)] (2) 
_ wI_y(x) — nlr) 
=o ae E 


+(-1)"™ In(5z)In(z) 
HDG” 


(4) 


where y is the DIGAMMA FUNCTION (Abramowitz and 
Stegun 1972). An integral formula is 
rw + iz fa 
K (2) = (v + 5)(2z) cos t dt 
o (+ 22)0+1/2 


Te (5) 
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which, for y = 0, simplifies to 


* cos(xt) dt 


K = cos(z sinh t) dt = A, 
o(2) = | costesins) ar = [ DS 


Other identities are 


(8) 
Toe? A á (n-i) Le 
- 32 (wa Bi Dw TEE 
a epee dt (9) 


The modified Bessel function of the second kind is some- 
times called the BASSET FUNCTION. 
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Modified Spherical Bessel Differential 
Equation 

The SPHERICAL BESSEL DIFFERENTIAL EQUATION with 
a NEGATIVE separation constant, given by 


r? —— + Ir—— — [k*r* + n(n+ 1)/1R =0. 
T 


The solutions are called MODIFIED SPHERICAL BESSEL 
FUNCTIONS. 
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Modified Spherical Bessel Function 
Solutions to the MODIFIED SPHERICAL BESSEL DIFFER- 
ENTIAL EQUATION, given by 


inle) = E apta) (1) 


ig(t) = sinh) (2) 
kn(z) = JZ Kanta) (3) 
Bia E, (4) 


where 1, (1) is a MODIFIED BESSEL FUNCTION OF THE 
FIRST KIND and K,(x) is a MODIFIED BESSEL FUNC- 
TION OF THE SECOND KIND. 
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Abramowitz, M. and Stegun, C. A. (Eds.). “Modified Spher- 
ical Bessel Functions.” $10.2 in Handbook of Mathematical 
Functions with Formulas, Graphs, and Mathematical Ta- 
bles, 9th printing. New York: Dover, pp. 443-445, 1972. 


Modified Struve Function 


fe J (3) 
Ly(z) = (32) Ura Sr (eter) 


_ 23) 


rm {2 
/ sinh(z cos 9) sin” 0 d@, 
0 


where I (z) is the GAMMA FUNCTION. 


see also ANGER FUNCTION, STRUVE FUNCTION, WE- 
BER FUNCTIONS 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). “Modified Struve 
Function L,(x).” $12.2 in Handbook of Mathematical 
Functions with Formulas, Graphs, and Mathematical Ta- 
bles, 9th printing. New York: Dover, p. 498, 1972. 


Modular Angle 

Given a MODULUS k in an ELLIPTIC INTEGRAL, the 
modular angle is defined by k = sina. An ELLIPTIC 
INTEGRAL is written I(¢|m) when the PARAMETER is 
used, I(¢,k) when the MODULUS is used, and I(¢\qa) 
when the modular angle is used. 


see also AMPLITUDE, CHARACTERISTIC (ELLIPTIC IN- 


TEGRAL), ELLIPTIC INTEGRAL, MODULUS. (ELLIPTIC 
INTEGRAL), NOME, PARAMETER 


References 


Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
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Modular Equation 
The modular equation of degree n gives an algebraic 
connection of the form 

KX) _ K(k) 


K() "K(k) (4) 


between the TRANSCENDENTAL COMPLETE ELLIPTIC 
INTEGRALS OF THE FIRST KIND with moduli k and I. 
When k and | satisfy a modular equation, a relationship 
of the form | 


Mil, k) dy _ dz 
(lag) Py?) (1 — x?) (1 — k?z?) 
exists, and M is called the MODULAR FUNCTION MUL- 


TIPLIER. In general, if p is an ODD PRIME, then the 
modular equation is given by 


Qp(u, v) = (v — uo) (v — ur) -+ - (V — up), (3) 


(2) 


where 
2 2 
pS NG) O a) 
A is a ELLIPTIC LAMBDA FUNCTION, and 
q=e™ (5) 


(Borwein and Borwein 1987, p. 126). An ELLIPTIC IN- 
TEGRAL identity gives 


K(k) K (28) (6) 


so the modular equation of degree 2 is 


_ 2vk (7) 
— 1l+k 
which can be written as 
(1+ k)? = 4k. (8) 


A few low order modular equations written in terms of 
k and l are 


Q = P (1+k)-4k=0 (9) 

Q7 = (kl) + (K'Y —1=0 (10) 

Mz = (KDE + (KUY + PP (IR)? — 1 =0. 
(11) 


In terms of u and v, 


Qalu, v) = ut — vf + 2uv(1 — u?v?) = 0 (12) 
Qs (u, v) = v? — ul + 5u?v? (v? — u?) + 4uv(uto* — 1) 
_ (uv? uy? _ 2 2 1 _ 
aig) Hg) ee a E 
(13) 
Q7(u,v) = (1 — u®)(1 — vf) — (1 — ww)? = 0, (14) 


Modular Form 


where 


ds = 32(q) 
u = Vk = 83(q) (15) 
and 90?) 
2 — — V2 q 
v=vi etary: (16) 


Here, 9, are THETA FUNCTIONS. 


A modular equation of degree 2” for r > 2 can be ob- 
tained by iterating the equation for 2”~*. Modular equa- 
tions for PRIME p from 3 to 23 are given in Borwein and 
Borwein (1987). 


Quadratic modular identities include 


dla Torta) 14 
CON bee ] re 


Cubic identities include 


vala) V 824(q?) 
|: 92(q) 1 a) j (15) 
CA CO 
E (O 1 TA 1 (19) 
Bag’) | Pa da (q) 
E HO 1 a @ 1. (20) 


A seventh-order identity is 


v ¥3(q)¥3 (97) — yvi(ga(q”) = y 02 (q)ó2 (97). (21) 


From Ramanujan (1913-1914), 
(L+q)(Lta°)(L+a?)-- =P (RR) OM? (22) 
(1 = dí ay q) EA li ca eco de (23) 


see also SCHLAFLI'S MODULAR FORM 
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Modular Form 

A modular form is a function in the COMPLEX PLANE 
with rather spectacular and special properties resulting 
from a surprising array of internal symmetries. If 


r (Z5 


a 5) = (cz +d)? F(z), 


then: F(z) is said to be a modular form of weight 2 and 
level N. If it is correctly parameterized, a modular form 
is ANALYTIC and vanishes at the cusps, so it is called 
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Modular Function 


a CusP FORM. It is also an eigenform under a certain 
HECKE ALGEBRA. 


A remarkable connection between rational ELLIPTIC 
CURVES and modular forms is given by the TANIYAMA- 
SHIMURA CONJECTURE, which states that any rational 
ELLIPTIC CURVE is a modular form in disguise. This 
result was the one proved by Andrew Wiles in his cele- 
brated proof of FERMAT’S LAST THEOREM. 


see also CUSP FORM, ELLIPTIC CURVE, ELLIPTIC 
FUNCTION, FERMAT’S LAST THEOREM, HECKE AL- 
GEBRA, MODULAR FUNCTION, MODULAR FUNCTION 
MULTIPLIER, SCHLAFLI’S MODULAR FORM, TANIYAMA- 
SHIMURA CONJECTURE 
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Rankin, R. A. Modular Forms and Functions. Cambridge, 
England: Cambridge University Press, 1977. 
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bridge, England: Cambridge University Press, 1993. 
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Modular Function 

f is a modular function of level N on the upper half H 
of the COMPLEX PLANE if it is MEROMORPHIC (even at 
the CUusPS), ad — bc = 1 for all a, b, c, d, and Nc. 


see also ELLIPTIC FUNCTION, ELLIPTIC MODULAR 
FUNCTION, MODULAR FORM 


References 

Apostol, T. M. Modular Functions and Dirichlet Series in 
Number Theory. New York: Springer-Verlag, 1976. 

Askey, R. In Ramanujan International Symposium (Ed. 
N. K Thakare). pp. 1-83. 

Borwein, J. M. and Borwein, P. B. Pi and the AGM: A Study 
in Analytic Number Theory and Computational Complez- 
ity. New York: Wiley, 1987. 

Rankin, R. A. Modular Forms and Functions. Cambridge, 
England: Cambridge University Press, 1977. 

Schoeneberg, B. Elliptic Modular Functions: An Introduc- 
tion. Berlin: New York: Springer-Verlag, 1974. 


Modular Function Multiplier 
When k and l satisfy a MODULAR EQUATION, a rela- 
tionship of the form 


M1, k) dy E dx (1) 
(1 — y?)(1 — Py?) (1 — 2?) (1 — k?z?) 
exists, and M is called the multiplier. The multiplier of 
degree n can be given by 


a TO 


where J; is a THETA FUNCTION and K(k) is a complete 
ELLIPTIC INTEGRAL OF THE FIRST KIND. 
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The first few multipliers in terms of l and k are 
1 1+1 
k) = — = =—— 
3 
L= y E 
M3(1,k) = ——+—. (4) 
1-,/#8 


In terms of the u and v defined for MODULAR EQUA- 
TIONS, 


Vv 24? — u 
Ma = ——— = —_— 5 
j v + 2u? 3u (5) 
v(1 — uv?) ute? 
Ms = 2 = ———_ 6 
: v—u? 5u(l + u3y) (6) 
v(1 — uv)1 — uv + (uv) 
My = WOI — w + (ue) 
v— u 
y — u 


= 7u(1 — uv)[1 — uv + (uv)?] (7) 


Modular Gamma Function 
The GAMMA GROUP I is the set of all transformations 
w of the form 


at + b 
j= 
where a, 6, c, and d are INTEGERS and ad — be = 1. 


T'-modular functions are then defined as in Borwein and 
Borwein (1987, p. 114). 

see also KLEIN’S ABSOLUTE INVARIANT, LAMBDA 
GROUP, THETA FUNCTION 


References 

Borwein, J. M. and Borwein, P. B. Pi & the AGM: A Study in 
Analytic Number Theory and Computational Complezity. 
New York: Wiley, pp. 127-132, 1987. 


Modular Group 
The GROUP of all MOBIUS TRANSFORMATIONS having 
INTEGER coefficients and DETERMINANT equal to 1. 


Modular Lambda Function 
see ELLIPTIC LAMBDA FUNCTION 


Modular Lattice 
A LATTICE which satisfies the identity 


(TLAyV(rAz)=xA[yV(zA 2)) 


is said to be modular. 
see also DISTRIBUTIVE LATTICE 


References 


Grátzer, G. Lattice Theory: First Concepts and Distributive 
Lattices. San Francisco, CA: W. H. Freeman, pp. 35-36, 
1971. 
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Modular System 

A set M of all POLYNOMIALS in s variables, 21,..., £a 
such that if P, Pi, and Pz are members, then so are 
P, + P2 and QP, where Q is any POLYNOMIAL in 21, 
pS 

see also HILBERT’S THEOREM, MODULAR SYSTEM BA- 
SIS 


Modular System Basis 

A basis of a MODULAR SYSTEM M is any set of POLY- 
NOMIALS Bı, B2,...of M such that every POLYNOMIAL 
of M is expressible in the form 


RiBi+R2B2+..., 
where Ri, R2, ... are POLYNOMIALS. 


Modular Transformation 
see MODULAR EQUATION 


Modulation Theorem 
The important property of FOURIER TRANSFORMS 
that F[cos(2rkox)f(x)] can be expressed in terms of 
Flf(x)] = F(k) as follows, 


Flcos(2rk9x)f (x)| = ¿[F(k — ko) + F(k + ko)!. 


see also FOURIER TRANSFORM 


References 

Bracewell, R. “Modulation Theorem.” The Fourier Trans- 
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Module 

A mathematical object in which things can be added to- 
gether COMMUTATIVELY by multiplying COEFFICIENTS 
and in which most of the rules of manipulating VEC- 
TORS hold. A module is abstractly very similar to a 
VECTOR SPACE, although modules have COEFFICIENTS 
in much more general algebraic objects and use RINGS 
as the COEFFICIENTS instead of FIELDS. 


The additive submodule of the INTEGERS is a set of 
quantities closed under ADDITION and SUBTRACTION 
(although it is SUFFICIENT to require closure under SUB- 
TRACTION). Numbers of the form na+ma for n,m € Z 
form a module since, 


na tma = (n + m)a. 
Given two INTEGERS a and b, the smallest module con- 
taining a and b is GCD(a, b). 
References 


Foote, D. and Dummit, D. Abstract Algebra. Englewood 
Cliffs, NJ: Prentice-Hall, 1990. 


Modulo Multiplication Group 


Modulo 
see CONGRUENCE 


Modulo Multiplication Group 

A FINITE GROUP Mm of RESIDUE CLASSES prime to m 
under multiplication mod m. Mm is ABELIAN of ORDER 
(m), where ¢(m) is the TOTIENT FUNCTION. The fol- 
lowing table gives the modulo multiplication groups of 
small orders. 


Mm Group (m) Elements 

M, (e) 1 1 

Ms Za 2 1,2 

Ma Za 2 1,3 

Ms Za 4 1,2,3,4 

Me Zo 8 

M, Ze 6 1, 2, 3, 4, 5,6 

Ms 2222 4 1,3,5,7 

M, Ze 6 1,2,4,5, 7,8 

Mi Za 4 1,3,7,9 

Mi Zi 10 1,2,3,4,5,6,7,8,9, 10 
Mi 228 Ze 4 1,5, 7,11 

Mis Zur 12 1, 2, 3, 4, 5, 6, 7, 8, 9, 10, 11 
Mis Ze 6 1,3, 5,9, 11,13 

Mis Z: Q Za 8 1, 2,4, 7,8, 11, 13, 14 

Mis Z:0 Za 8 1,3,5,7,9,11, 13, 15 

Mir Zis 16 1,2,3,..., 16 

Mis Ze 6 1,5, 7, 11, 13,17 

Nis. Zis 18 1,2,3,...,18 

Mu Zz @ Za 8 1,3, 7,9, 11, 13, 17, 19 

Ma 22 ® Ze 12 1, 2, 4,5, 7, 8, 10, 11, 13, 16, 17, 19 
Ma2 Zi 10 1, 3,5, 7, 9, 13, 15, 17, 19, 21 
Ma Za 22 1,2,3,...,22 

Mo, ZQ Z: Q Z 8 1,5, 7,11, 13, 17, 19, 23 


Mm is a CYCLIC GROUP (which occurs exactly when m 
has a PRIMITIVE ROOT) IFF m is of one of the forms 
m = 2, 4, p”, or 2p”, where p is an ODD PRIME and 
n > 1 (Shanks 1993, p. 92). 


ISOMORPHIC modulo multiplication groups can be deter- 
mined using a particular type of factorization of ġ(m) as 
described by Shanks (1993, pp. 92—93). To perform this 


Modulo Multiplication Group 


factorization (denoted fm), factor m in the standard 
form 
m=p pa? e pr". (1) 


Now write the factorization of the TOTIENT FUNCTION 
involving each power of an ODD PRIME 


d(p:**) = (pi — Lp (2) 
as 
plp: ) = (a) la") a (pY, (8) 
where 
pi- 1= ggg, (4) 


(a) denotes the explicit expansion of q” (i.e., 5% = 25), 
and the last term is omitted if a; = 1. If pı = 2, write 


en 2 for a, = 2 
O 


Now combine terms from the odd and even primes. For 
example, consider m = 104 = 2% . 13. The only odd 
prime factor is 13, so factoring gives 13 — 1 = 12 = 
a (3) = 3-4. on rule for the powers of 2 gives 

20 2 = 2(2) = 2-2. Combining these two 
gives di94 = 2-2-3: if Other explicit values of fm are 
given below. 


os = 2 
Pa = 2 
ds =4 
de = 2 
gi5 = 2-4 
dig = 2-4 
p17 = 16 


dina = 2-2-3-4 
dios = 2-2-3-4. 


Mm and Mn are isomorphic IFF m and Q,, are identical. 
More specifically, the abstract GROUP corresponding to 
a given Mm can be determined explicitly in terms of a 
DIRECT PRODUCT of CYCLIC GROUPS of the so-called 
CHARACTERISTIC FACTORS, whose product is denoted 
$,,. This representation is obtained from @m as the set 
of products of largest powers of each factor of fm. For 
example, for ¢104, the largest power of 2 is 4 = 2° and 
the largest power of 3 is 3 = 3’, so the first characteristic 
factor is 4x3 = 12, leaving 2-2 (i.e., only powers of two). 
The largest power remaining is 2 = 2*, so the second 
CHARACTERISTIC FACTOR is 2, leaving 2, which is the 
third and last CHARACTERISTIC FACTOR. Therefore, 
Pion = 2-2-4, and the group Mm is isomorphic to 
Z2 Q Z2 Q La. 
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The following table summarizes the isomorphic modulo 
multiplication groups Mn for the first few n and iden- 
tifies the corresponding abstract GROUP. No Mm is 
ISOMORPHIC to Zsa, Qa, or D4. However, every finite 
ABELIAN GROUP is isomorphic to a SUBGROUP of Mm 
for infinitely many different values of m (Shanks 1993, 
p. 96). CYCLE GRAPHS corresponding to Mn for small 
n are illustrated above, and more complicated CYCLE 
GRAPHS are illustrated by Shanks (1993, pp. 87-92). 


Group Isomorphic Mm 

(e) Mo 

Z2 M3, Ma, Me 

La Ms, Mio 

Z2 Q Z2 Ms, Mi2 

Z6 M7, Mə, Mia, Mis 
Z2 ® La Mis, Mie, M20, M30 
Z2: Q Z2 8 Z2 Maa 

Z10 Mii, M22 

Z12 Mi3, M26 

Z2 9 Ze M21, M28, M36, Maz 
Z16 Mi7, M34 

Z2 Q Zs M32 

Z2 Q Z2 Q Z4 Mao, Mas, Meo 

418 Mig, M27, M38, Msa 
220 M25, Mso 

Z2 SO Zio M33, Maa, Mes 

222 M23, Maó 

Z2 ® Z12 M35, M39, Mas, Ms2, Mro, Mrs, Moo 
228 M29, Mss 

230 — M31, Meo 

236 M37, Mra 


The number of CHARACTERISTIC FACTORS r of Mm 
for m = 1, 2, ... are 1, 1, 1, 1, 1, 1, 1, 2, 1, 1, 1, 

. (Sloane’s A046072). The number of QUADRA- 
TIC RESIDUES in Mm for m > 2 are given by ¢(m)/2" 
(Shanks 1993, p. 95). The first few for m = 1, 2,... are 
0, 1, 1, 1, 2, 1, 3, 1, 3, 2, 5, 1, 6, ... (Sloane’s A046073). 


In the table below, ¿(n) is the TOTIENT FUNC- 
TION (Sloane’s A000010) factored into CHARACTERISTIC 
FACTORS, A(n) is the CARMICHAEL FUNCTION (Sloane's 
A011773), and g; are the smallest generators of the 
group Mn (of which there is a number equal to the num- 
ber of CHARACTERISTIC FACTORS). 


1188 Modulus (Complex Number) 
n _ọln) Aín) gi | n $in) Aln) gi 
3 2 2 2 |27 18 18 2 
4 2 2 3/28 2-6 6 13,3 
5 4 2 2 |29 28 28 2 
6 2 2 5 |30 2.4 4 1,7 
7 6 6 3 |31 30 30 3 
8 2-2 2 7,3|32 2-8 8 31,3 
9 6 6 2/33 2-10 10 10,2 
10 4 4 3 |34 16 16 3 
11 10 10 235. 2:12 12 6.2 
12 2-2 2 57/36 2-6 6 19,5 
13 12 12 2 |37 36 36 2 
14 6 6 3/38 18 18 3 
15 2.4 4 14,239 2-12 12 38,2 
16 2-4 4 15,3 /40 2-2-4 4 39,11,3 
17 16 16 3 |41 40 40 6 
18 6 6 5142 2-6 6 13,5 
19 18 18 2 |43 42 42 3 
20 2-4 4 19,344 2-10 10 43,3 
21. 2-6 6 20,2/45 2.12 12 44,2 
22 10 10 7/46 22 22 5 
23 2 2 5 |47 46 46 5 
24 2-2-2 2 5,7,13 |48 2-2-4 4 47,7,5 
25 20 20 2 |49 4&2 42 3 
26 12 12 7 |50 20 20 3 


see also CHARACTERISTIC FACTOR, CYCLE GRAPH, FI- 
NITE GROUP, RESIDUE CLASS 
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Modulus (Complex Number) 
The modulus of a COMPLEX NUMBER z is denoted |z]. 


la + ¿yl = Yar? + y (1) 


Ire'#| = |r]. (2) 


Let cy = Aet’! and cz = Be*?? be two COMPLEX NUM- 
BERS. Then 


a ee Ae’* = A | io1—o2)) PA A (3) 
C2 Betéz B B 
lal _ [det] Aleh] _ A a 
Ica] |Beié2] — Bleté]| B’ 
SO | | 
aj lal 
Ca = lez |" (5) 
Also, 


leca] = ¡(Acto (Be*?)| LS AB\e*'?1 + 42) — AB 


(6) 
|c1| cz] = |Ae*®*||Be'??| = ABle***| |e*??| = AB, (7) 


Modulus (Elliptic Integral) 


SO 
Je1c2| = [er] lea] (8) 


and, by extension, 


27] = [2|". (9) 


The only functions satisfying identities of the form 


[fe + iy)| = |f(x) + Flry)| (10) 


are f(z) = Az, f(z) = Asin(bz), and f(z) = Asinh(bz) 
(Robinson 1957). 
see also ABSOLUTE SQUARE 
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Modulus (Congruence) 
see CONGRUENCE 


Modulus (Elliptic Integral) 

A parameter k used in ELLIPTIC INTEGRALS and ELLIP- 
TIC FUNCTIONS defined to be k = ym, where m is the 
PARAMETER. An ELLIPTIC INTEGRAL is written I(¢, k) 
when the modulus is used. It can be computed explicitly 
in terms of THETA FUNCTIONS of zero argument: 


(1) 


The REAL period K(k) and IMAGINARY period K'(k) = 
K(k’) = K(yv1-— k? ) are given by 


AK (k) = 273° (07) (2) 


2iK'(k) = rr9z*(0|7), (3) 


where K(k) is a complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND and the complementary modulus is defined 
by 

k?=1-*K?, (4) 


with k the modulus. 


see also AMPLITUDE, CHARACTERISTIC (ELLIPTIC IN- 
TEGRAL), ELLIPTIC FUNCTION, ELLIPTIC INTEGRAL, 
ELLIPTIC INTEGRAL SINGULAR VALUE, MODULAR ÁN- 
GLE, NOME, PARAMETER, THETA FUNCTION 
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Modulus (Quadratic Invariants) 


Modulus (Quadratic Invariants) 
The quantity ps — rq obtained by letting 


£r = pX + qY (1) 
y =rX + sY (2) 
in 
az? + 2bxy + cy? (3) 
so that 
A = ap? + 2bpr + er” (4) 
B = apq + b{ps + qr) + crs (5) 
C = aq’ + 2bqs + cs” (6) 
and 
B? — AC = (ps — rq) (b° — ac), (7) 


is called the modulus. 


Modulus (Set) 

The name for the SET of INTEGERS modulo m, denoted 
Z\mZ. If m is a PRIME p, then the modulus is a FINITE 
FIELD F, = Z\pZ. 


Moessner’s Theorem 

Write down the POSITIVE INTEGERS in row one, cross 
out every kith number, and write the partial sums of 
the remaining numbers in the row below. Now cross off 
every koth number and write the partial sums of the 
remaining numbers in the row below. Continue. For 
every POSITIVE INTEGER k > 1, if every kth number is 
ignored in row 1, every (k — 1)th number in row 2, and 
every (k+1-— ¿)th number in row i, then the kth row of 
partial sums will be the kth POWERS E OA 
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Mohammed Sign 


A curve consisting of two mirror-reversed intersecting 
crescents. This curve can be traced UNICURSALLY. 


see also UNICURSAL CIRCUIT 


Mpiré Pattern 

An interference pattern produced by overlaying similar 
but slightly offset templates. Mgiré patterns can also be 
created be plotting series of curves on a computer screen. 
Here, the interference is provided by the discretization 
of the finite-sized pixels. 


see also CIRCLES-AND-SQUARES FRACTAL 
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Mollweide’s Formulas 
Let a TRIANGLE have side lengths a, b, and c with op- 
posite angles A, B, and C. Then 


b-c sin[5(B — C)] 


a  cos(LA) 
c-a sin[5(C — A)] 
b cos(¿B) 
a—b_ sin[¿(A—B) 
c cos(5C) 


see also NEWTON’S FORMULAS, TRIANGLE 


References 


Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, p. 146, 1987. 


Mollweide Projection 


1190 Moment 


A MAP PROJECTION also called the ELLIPTICAL PRO- 
JECTION or HOMOLOGRAPHIC EQUAL AREA PROJEC- 
TION. The forward transformation is 


_ 2/2 (A — Ao) cos 0 (1) 


T 
y = 2"? sinó, (2) 

where @ is given by 
20 + sin(26) = rsin ġ. (3) 


NEWTON’S METHOD can then be used to compute 6’ 
iteratively from 


6’ + sind’ — r sin ġ 


Ag’ = — 
1+ cos 0' j (4) 
where 
O = 50 (5) 
or, better yet, 
0' = 2sin”? (=) (6) 
can be used as a first guess. 
The inverse FORMULAS are 
112 in(28 
$ = sin! nes (7) 
TX 
A = ào + —=——, 8 
i 2/2 cos 6 (8) 
where 
0 = sin”? ES (9) 
References 
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Moment 
The nth moment of a distribution about zero p% is de- 
fined by 

Hn as (x") ’ (1) 
where 


TFC fla)P(z) A continuous distribution. 
(2) 
Hi, the MEAN, is usually simply denoted p = p1. If the 
moment is instead taken about a point a, 


(f(x) ={ y f(x)P(« discrete distribution 


=X (parra x3) 


un(a) = (e — a)” 


The moments are most commonly taken about the 
MEAN. These moments are denoted jin and are defined 


by l 
a =(=)" (4) 


Moment-Generating Function 


with 1 = 0. The moments about zero and about the 
MEAN are related by 


uz = pa — (m)? (5) 
a = ps — Buap + 241)" (6) 
a = pa — Apgar + Gua(11) — 31)". (7) 


The second moment about the MEAN is equal to the 
VARIANCE 
H2 = 0”, (8) 


where o = ./na is called the STANDARD DEVIATION. 


The related CHARACTERISTIC FUNCTION is defined by 


(0) = Ss =P (0), (9) 


The moments may be simply computed using the 
MOMENT-GENERATING FUNCTION, 


un = M(0). (10) 


A DISTRIBUTION is not uniquely specified by its mo- 
ments, although it is by its CHARACTERISTIC FUNC- 
TION. 


see also CHARACTERISTIC FUNCTION, CHARLIER'S 
CHECK, CUMULANT-GENERATING FUNCTION, FAC- 
TORIAL MOMENT, KURTOSIS, MEAN, MOMENT- 
GENERATING FUNCTION, SKEWNESS, STANDARD DE- 
VIATION, STANDARDIZED MOMENT, VARIANCE 
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Moment-Generating Function 
Given a RANDOM VARIABLE g € R, if there exists an 
h > 0 such that 


= (e) 
“| ae Ple 


f “ee ne dx for a continuous distribution 


(1) 


for a discrete distribution 


for jt| < h, then 
M(t) = (e””) (2) 


is the moment-generating function. 


m= f (1+te+ Lx? +...)P(x) dz 


=1+tm +4 itm +. (3) 


Momental Skewness 


where mpr is the rth MOMENT about zero. The moment- 
generating function satisfies 
Me+y(t) = (e*t) = (ele!) 
= (e) (e*"} = Ma (t) My (8). (4) 


= If M(E) is differentiable at zero, then the nth MOMENTS 
about the ORIGIN are given by M” (0) 


M(t) = (e) — M(0)=1 (5) 
M'(t) = (ze)  M'(0) = (a) (6) 
M"(t) = (ae) M") =) (7) 
M(t) = (z"e®) M™(0) = ("). (8) 


The MEAN and VARIANCE are therefore 


It is also true that 


Tt 


Hn = Ss (5) Do, (11) 


j=0 
where y = 1 and y; is the jth moment about the origin. 


It is sometimes simpler to work with the LOGARITHM of 
the moment-generating function, which is also called the 
CUMULANT-GENERATING FUNCTION, and is defined by 


R(t) = In[M(t)] (12) 
R'(t) = aie (13) 
R” (t) A p (14) 


u = M’ (0) = R'(0) (15) 
o” = M"(0) — [M'(0) = R"(0). (16) 


see also CHARACTERISTIC FUNCTION, CUMULANT, 
CUMULANT-GENERATING FUNCTION, MOMENT - 
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Momental Skewness 


(m) — 1 _ B83 
i ee 


where y, is the FISHER SKEWNESS. 
see also FISHER SKEWNESS, SKEWNESS 


Monge Patch 1191 


Monad 
A mathematical object which consists of a set of a single 
element. The YIN- YANG is also known as the monad. 


see also HEXAD, QUARTET, QUINTET, TETRAD, TRIAD, 
YIN- YANG 


Money-Changing Problem 
see COIN PROBLEM 


Monge-Ampere Differential Equation 
A second-order PARTIAL DIFFERENTIAL EQUATION of 
the form 


Hr+2Ks+Lt+ MM +N(rt-8*)=0, 


where H, K, L, M, and N are functions of gz, y, Z, p, 
and q, and r, s, t, p, and q are defined by 


The solutions are given by a system of differential equa- 
tions given by Iyanaga and Kawada (1980). 
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Iyanaga, S. and Kawada, Y. (Eds.). “Monge-Ampere Equa- 
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Monge”s Chordal Theorem 
see RADICAL CENTER 


Monge’s Form 
A surface given by the form z = F(z, y). 


see also MONGE PATCH 


Monge Patch 
A Monge patch is a PATCH x: U > R? of the form 


x(u,v) = (u,v, h(u, v)), (1) 


where U is an OPEN SET in R? and h : U > R is 
a differentiable function. The coefficients of the first 
FUNDAMENTAL FORM are given by 


E=1+h,' (2) 
F = huh, (3) 
G=1+h,* (4) 
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and the second FUNDAMENTAL FORM by 


a a (5) 


Vith the 


Ruy 
Í = === (6) 
V1+hu th” 


gae (7) 


VI+ hy? + hy? 


For a Monge patch, the GAUSSIAN CURVATURE and 
MEAN CURVATURE are 


Rauhan E Rin 

K = 8 
(1+ Au? + hp")? 8) 
_ (1+ A) — 2huhvhuy + (1+ hu?) how 


H 
(LF hu? + hy?)3/2 


(9) 


see also MONGE’S FORM, PATCH 
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Sy 


ae 


Monge’s Problem 


Draw a CIRCLE that cuts three given CIRCLES PERPEN- 
DICULARLY. The solution is obtained by drawing the 
RADICAL CENTER R of the given three CIRCLES. If it 
lies outside the three CIRCLES, then the CIRCLE with 
center R and RADIUS formed by the tangent from R to 
one of the given CIRCLES intersects the given CIRCLES 
perpendicularly. Otherwise, if F lies inside one of the 
circles, the problem is unsolvable. 


see also CIRCLE TANGENTS, RADICAL CENTER 
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Monge’s Shufile 

A SHUFFLE in which CARDS from the top of the deck in 
the left hand are alternatively moved to the bottom and 
top of the deck in the right hand. If the deck is shuffled 
m times, the final position £m and initial position xy of 
a card are related by 


DO pe aA lye ee) (Ore es) een) 
| O ogg E 


Monica Set 


for a deck of 2p cards (Kraitchik 1942). 
see also CARDS, SHUFFLE 
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Monge’s Theorem 


Draw three nonintersecting CIRCLES in the plane, and 
the common tangent line for each pair of two. The points 
of intersection of the three pairs of tangent lines lie on 
a straight line. 
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Monic Polynomial 
A POLYNOMIAL in which the COEFFICIENT of the high- 
est ORDER term is 1. 


see also MONOMIAL 


Monica Set 
The nth Monica set M,, is defined as the set of COM- 
POSITE NUMBERS z for which n|S(x) — Sp(x), where 


£ = ao + a1(10°) +... + a4(10%) = pip2***Pn, (1) 


and 
d 
S(x) =) a (2) 
j=0 
S,(1) = X` S(p:). (3) 


Every Monica set has an infinite number of elements. 
The Monica set M,, is a subset of the SUZANNE SET Sn. 


Monkey and Coconut Problem 


If z is a SMITH NUMBER, then it is a member of the 
Monica set Mn for all n € N. For any INTEGER k > 1, 
if xz is a k-SMITH NUMBER, then x € Mx-1. 


see also SUZANNE SET 
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Monkey and Coconut Problem 

A DIOPHANTINE problem (i.e., one whose solution must 
be given in terms of INTEGERS) which seeks a solution 
to the following problem. Given n men and a pile of 
coconuts, each man in sequence takes (1/n)th of the 
coconuts and gives the m coconuts which do not divide 
equally to a monkey. When all n men have so divided, 
they divide the remaining coconuts five ways, and give 
the m coconuts which are left-over to the monkey. How 
many coconuts N were there originally? The solution is 
equivalent to solving the n+1 DIOPHANTINE EQUATIONS 


N=nA+m 
(n- DA=nB+m 
(n-1)B=nC+m 


and is given by 
N = kn"t* — m(n — 1), 


where k is an an arbitrary INTEGER (Gardner 1961). 


For the particular case of n = 5 men and m = 1 left 
over coconuts, the 6 equations can be combined into the 
single DIOPHANTINE EQUATION 


1,024N = 15, 625F + 11,529, 


where F is the number given to each man in the last 
division. The smallest POSITIVE solution in this case is 
N = 15,621 coconuts, corresponding to k = 1 and F = 
1,023 (Gardner 1961). The following table shows how 
this rather large number of coconuts is divided under 
the scheme described above. 


Removed Given to Monkey Left 


15,621 
3,124 1 12,496 
2,499 1 9,996 
1,999 1 7,996 
1,599 1 6,396 
1,279 1 5,116 
5x1023 1 0 
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If no coconuts are left for the monkey after the final n- 
way division (Williams 1926), then the original number 
of coconuts is 


{ (1+ nk)n” — (n — 1) n odd 


(n—1+mnk)n" — (n—1) n even. 


The smallest POSITIVE solution for case n = 5 and m = 
1 is N = 3,121 coconuts, corresponding to k = 1 and 
1,020 coconuts in the final division (Gardner 1961). The 
following table shows how these coconuts are divided. 


Removed Given to Monkey Left 


3,121 
624 1 2,496 
499 1 1,996 
399 1 1,596 
319 1 1,276 
255 1 1,020 
5x204 0 0 


A different version of the problem having a solution of 
79 coconuts is considered by Pappas (1989). 


see also DIOPHANTINE EQUATION—LINEAR, PELL 
EQUATION 
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A SURFACE which a monkey can straddle with both his 
two legs and his tail. A simply Cartesian equation for 
such a surface is 


C= a(x? — 3y’), (1) 


which can also be given by the parametric equations 


z(u,v) =u (2) 
y(u,v) =v (3) 
z(u,v) = u? — 3uv”. (4) 


The coefficients of the first and second FUNDAMENTAL 
FORMS of the monkey saddle are given by 


6u 
e = n (5) 
y 1 + 9ut + 18u2v2 + 9v4 
6v 
pe A nd 18202 1 004 (6) 
y 1 + 9ut* + 18u24? + 9v4 
6u 
LAA RA ad (7) 
Y 1 + 9u* + 18u*41 + 9u 
E=1+9(u* -vy (8) 
F = —18uv(u* — v’) (9) 
G=1+36uwv", (10) 


giving RIEMANNIAN METRIC 


ds? = [1 + (3u? — 3u*y] du? — 2[18uv(u? — v*)] du du 
+(1+36u"v") dv’, (11) 


AREA ELEMENT 
dA = y 1 + 9u* + 18u?v? + 9v4 du A dv, (12) 


and GAUSSIAN and MEAN CURVATURES 


so 36(u” + v*) (13) 
: (L + 9u4 + 18u?v? + 9v4)? 
a ay: 4 
H 27u(—u* + 2u“v’ + 3u*) (14) 


(Gray 1993). Every point of the monkey saddle except 
the origin has NEGATIVE GAUSSIAN CURVATURE. 


see also CROSSED TROUGH, PARTIAL DERIVATIVE 
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Monogenic Function 


Monochromatic Forced Triangle 

Given a COMPLETE GRAPH K,, which is two-colored, 
the number of forced monochromatic TRIANGLES is at 
least 


uu—I(u-2) forn= 2u 
u{u-1)(4u+1) forn=4u+1 


1 
3 
iulu + 1)(4u — 1) for n = 4u+3. 


The first few numbers of monochromatic forced triangles 
are 0, 0, 0, 0, 0, 2, 4, 8, 12, 20, 28, 40, ... (Sloane’s 
A014557). 


see also COMPLETE GRAPH, EXTREMAL GRAPH 
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Monodromy 
A general concept in CATEGORY THEORY involving the 
globalization of local MORPHISMS. 


see also HOLONOMY 


Monodromy Group 
A technically defined GROUP characterizing a system of 
linear differential equations 


n 


uy = X aje (x) ye 


k=1 


for j = 1, ..., n, where ajk are COMPLEX ANALYTIC 
FUNCTIONS of zx in a given COMPLEX DOMAIN. 


see also HILBERT’S 21ST PROBLEM, RIEMANN P-SERIES 
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Monodromy Theorem 

If a COMPLEX function f is ANALYTIC in a DISK con- 
tained in a simply connected DOMAIN D and f can be 
ANALYTICALLY CONTINUED along every polygonal arc 
in D, then f can be ANALYTICALLY CONTINUED to a 
single-valued ANALYTIC FUNCTION on all of D! 


see also ANALYTIC CONTINUATION 


Monogenic Function 


If 
im £2) = 160) 


z= zo Z — 20 


is the same for all paths in the COMPLEX PLANE, then 
f(z) is said to be monogenic at Zo. Monogenic there- 
fore essentially means having a single DERIVATIVE at a 
point. Functions are either monogenic or have infinitely 
many DERIVATIVES (in which case they are called POLY- 
GENIC); intermediate cases are not possible. 
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PYRAMID ELECTRIC GENERATOR 


CROSS-REFERENCES 


[0001] This application is a continuation-in-part of U.S. 
patent application Ser. No. 12/140,887 by Grandics, entitled 
“The Pyramid Electric Generator,’ and filed on Jun. 17, 2008, 
which was a continuation-in-part of PCT Application Serial 
No. PCT/U.S.07/69804 by Grandics, entitled “An Electric 
Power Converter for Extraction of Atmospheric Electrical 
Energy,” designating the United States and filed on May 25, 
2007, which in turn claimed priority from U.S. Provisional 
Application Ser. No. 60/818,360 by Grandics, also entitled 
“An Electric Power Converter for Extraction of Atmospheric 
Electrical Energy,” and filed on Jul. 3, 2006. The specifica- 
tions of these three prior applications are incorporated herein 
in their entirety by this reference. 


BACKGROUND OF THE INVENTION 


[0002] This invention relates to the generation of electrical 
power by drawing energy from Earth’s electric field. Earth 
represents a resonant system in which both atmospheric and 
telluric electrical processes can be harvested. In U.S. Pat. No. 
6,974,110, we have provided an apparatus and method for 
converting the electrostatic potential energy of Earth’s atmo- 
sphere into usable power. The present invention aims to pro- 
vide an electric generator that, in addition to tapping atmo- 
spheric electric processes, extracts electrical power from the 
vibrational energy of atomic oscillators by a novel resonant 
coupling method. 


SUMMARY OF THE INVENTION 


[0003] An electrical generator according to the present 
invention provides a new method of tapping Earth’s electric 
energy field. 

[0004] One aspect of the present invention is an apparatus 
for capturing both atmospheric and telluric electric energies, 
comprising: 

[0005] (1) anantenna/waveguide that is geometrically opti- 
mized having a conducting surface; and 

[0006] (2) acoil wound with an insulated conductor over a 
non-conductive coil form, the coil being connected to an AC 
or AC-DC driver at its bottom lead and, by its top lead to the 
conducting surface of the antenna/waveguide near the point 
where the electric field contacts the antenna/waveguide, with 
the antenna/waveguide serving as a quasi-capacitive series 
element to provide a specific resonant frequency; 

wherein the generator absorbs impulses from Earth’s electric 
oscillations; and 

wherein the attracted energy manifests as high voltage sinu- 
soidal waveforms in the coil, representing harvested electri- 
cal energy of atomic oscillators and measurable on the leads 
of the coil. 

[0007] Preferably, the antenna/waveguide is of pyramidal 
shape. When the antenna/waveguide is of pyramidal shape, 
the apex/primary coil is preferably connected near or at the 
apex of the antenna/waveguide. 

[0008] Another aspect of the invention is an electric gen- 
erator for harvesting the energies of atomic oscillators com- 
prising: 

[0009] (1) anantenna/waveguide that is geometrically opti- 
mized having a conducting surface; and 

[0010] (2) a primary (apex) coil wound with an insulated 
conductor over a non-conductive coil form, the coil being 
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connected to an AC or AC-DC driver at its bottom lead and, by 
its top lead to the conducting surface of the antenna/ 
waveguide near the point where the electric field contacts the 
antenna/waveguide, and the antenna/waveguide serving as a 
quasi-capacitive series element to provide a specific resonant 
frequency; and 

[0011] (3) a secondary coil of smaller diameter than the 
primary (apex) coil having a greater number of turns than the 
primary coil, the secondary coil being positioned coaxially 
within the primary coil and acting as a resonant step-up trans- 
former winding inductively coupled with the primary coil; 


wherein the generator absorbs impulses from Earth’s electric 
oscillations; and 


wherein the attracted energy manifests as high voltage sinu- 
soidal waveforms in the secondary coil, representing har- 
vested electrical energy of atomic oscillators and measurable 
on the leads of the secondary coil. 


[0012] Yet another aspect of the present invention is an 
electric generator for harvesting the electric emissions of 
atomic oscillations comprising an oscillator. In this aspect, 
the electric generator typically comprises: 


[0013] (1) a primary (apex) coil wound with a conductor 
over a secondary coil, the primary coil being connected elec- 
trically at its bottom lead to a driver operating in the LF or 
ELF bands while connected by its top lead near the point at 
which the electric field contacts the conductive surface of the 
antenna/waveguide; and 


[0014] (2) a secondary coil of smaller diameter than the 
primary (apex) coil having a greater number of turns than the 
primary coil, the secondary coil being positioned coaxially 
within the first coil and acting as a resonant step-up trans- 
former winding inductively coupled with the primary; 


wherein said resonant step-up transformer’s output voltage 
exceeds 500 V pags: 


wherein the electric generator attracts impulses from Earth’s 
electric oscillations; 


and wherein the attracted energy manifests as high voltage 
sinusoidal waveforms representing harvested electric energy 
of atomic oscillations in the secondary coil. 


[0015] Another aspect of the present invention is a method 
of tapping Earth’s electric energy field, comprising the steps 
of: 


[0016] (1) positioning an electric generator according to the 
present invention as described above such that it is exposed to 
Earth’s electric oscillations; and 


[0017] (2) generating a sinusoidal voltage signal represent- 
ing harvested electric energy of atomic oscillators by the 
operation of the generator. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0018] The following invention will be better understood 
with reference to the specification, appended claims, and 
accompanying drawings, where: 

[0019] FIG. 11s a graph showing the formation of electric 
vortices across and around the pyramid. 

[0020] FIG. 2 is a graph showing the circuit diagram and 
measurement points of the pyramid generator. 

[0021] FIG. 3 is a graph showing the minimum circuit 
diagram and relevant measurement points of the pyramid 
generator. 


Monohedral Tiling 


see also POLYGENIC FUNCTION 
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Monohedral Tiling 
A TILING is which all tiles are congruent. 


see also ANISOHEDRAL TILING, ISOHEDRAL TILING 
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Monoid 
A GROUP-like object which fails to be a GROUP because 


elements need not have an inverse within the object. A. 


monoid S must also be ASSOCIATIVE and an IDENTITY 
ELEMENT I € S such that for all a € S, la = al =a. 
A monoid is therefore a SEMIGROUP with an identity 
element. A monoid must contain at least one element. 


The numbers of free idempotent monoids on n letters 
are 1, 2, 7, 160, 332381, ... (Sloane's A005345). 


see also BINARY OPERATOR, GROUP, SEMIGROUP 
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Monomial 
A POLYNOMIAL consisting of a single term. 


see also BINOMIAL, MONIC POLYNOMIAL, POLYNOMIAL, 
TRINOMIAL 


Monomino 
The unique 1-POLYOMINO, consisting of a single 
SQUARE. 


see also DOMINO, TRIOMINO 
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Monomorph 

An INTEGER which is expressible in only one way in the 
form z? + Dy? or z? — Dy? where 2? is RELATIVELY 
PRIME to Dy*. If the INTEGER is expressible in more 
than one way, it is called a POLYMORPH. 


see also ANTIMORPH, IDONEAL NUMBER, POLYMORPH 


Monomorphism 
An INJECTIVE MORPHISM. 
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Monotone 
Another word for monotonic. 


see also MONOTONIC FUNCTION, MONOTONIC SE- 
QUENCE, MONOTONIC VOTING 


Monotone Decreasing 
Always decreasing; never remaining constant or increas- 
ing. 


Monotone Increasing 
Always increasing; never remaining constant or decreas- 
ing. 


Monotonic Function 

A function which is either entirely nonincreasing or non- 
decreasing. A function is monotonic if its first DERIV- 
ATIVE (which need not be continuous) does not change 
sign. 


Monotonic Sequence 
A SEQUENCE {an} such that either (1) ai41 > a; for 
every ¿ > 1, or (2) ai+ı < a; for every i > 1. 


Monotonic Voting 
A term in SOCIAL CHOICE THEORY meaning a change 
favorable for X does not hurt X. 


see also ANONYMOUS, DUAL VOTING 


Monster Group 
The highest order SPORADIC GROUP M. It has ORDER 


28.30 .5%.76.112.13%.17.19-23-29-31-41-47-59-71, 


and is also called the FRIENDLY GIANT GROUP. It was 
constructed in 1982 by Robert Griess as a GROUP of 
ROTATIONS in 196,883-D space. 


see also BABY MONSTER GROUP, BIMONSTER, LEECH 
LATTICE 
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Monte Carlo Integration 

In order to integrate a function over a complicated Do- 
MAIN D, Monte Carlo integration picks random points 
over some simple DOMAIN D' which is a superset of D, 
checks whether each point is within D, and estimates 
the AREA of D (VOLUME, n-D CONTENT, etc.) as the 
AREA of D' multiplied by the fraction of points falling 
within D’. 


An estimate of the uncertainty produced by this tech- 
nique is given by 


a (Ff?) = (FY? 


see also MONTE CARLO METHOD 
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Monte Carlo Method 

Any method which solves a problem by generating suit- 
able random numbers and observing that fraction of 
the numbers obeying some property or properties. The 
method is useful for obtaining numerical solutions to 
problems which are too complicated to solve analyti- 
cally. The most common application of the Monte Carlo 
method is MONTE CARLO INTEGRATION. 


see also MONTE CARLO INTEGRATION 
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Montel’s Theorem 

Let f(z) be an analytic function of z, regular in the 
half-strip S defined by a < xz < band y > 0. If f(z) 
is bounded in S and tends to a limit | as y > oo for 
a certain fixed value € of x between a and b, then f(z) 
tends to this limit l on every line x = zp in S, and 
f(z) > l uniformly for a+ 6 < zo <b—ó. 


see also VITALI’S CONVERGENCE THEOREM 
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Monty Hall Dilemma 
see MONTY HALL PROBLEM 


Monty Hall Problem 


Monty Hall Problem 

The Monty Hall problem is named for its similarity to 
the Let’s Make a Deal television game show hosted by 
Monty Hall. The problem is stated as follows. Assume 
that a room is equipped with three doors. Behind two 
are goats, and behind the third is a shiny new car. You 
are asked to pick a door, and will win whatever is behind 
it. Let’s say you pick door 1. Before the door is opened, 
however, someone who knows what’s behind the doors 
(Monty Hall) opens one of the other two doors, revealing 
a goat, and asks you if you wish to change your selection 
to the third door (i.e., the door which neither you picked 
nor he opened). The Monty Hall problem is deciding 
whether you do. 


The correct answer is that you do want to switch. If 
you do not switch, you have the expected 1/3 chance of 
winning the car, since no matter whether you initially 
picked the correct door, Monty will show you a door with 
a goat. But after Monty has eliminated one of the doors 
for you, you obviously do not improve your chances of 
winning to better than 1/3 by sticking with your original 
choice. If you now switch doors, however, there is a 2/3 
chance you will win the car (counterintuitive though it 
seems). 


dı do 
pick stick 1/3 
pick switch 2/3 


Winning Probability 


The problem can be generalized to four doors as follows. 
Let one door conceal the car, with goats behind the other 
three. Pick a door dı. Then the host will open one of 
the nonwinners and give you the option of switching. 
Call your new choice (which could be the same as d if 
you don’t switch) da. The host will then open a second 
nonwinner, and you must decide for choice d3 if you 
want to stick to d2 or switch to the remaining door. 
The probabilities of winning are shown below for the 
four possible strategies. 


dı da ds Winning Probability 
pick stick stick 4/8 
pick switch stick 3/8 


pick stick switch 6/8 
pick switch switch 5/8 


The above results are characteristic of the best strategy 
for the n-stage Monty Hall problem: stick until the last 
choice, then switch. 


see also ALIAS’ PARADOX 
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Moore Graph 

A GRAPH with DIAMETER d and GIRTH 2d + 1. Moore 
graphs have DIAMETER of at most 2. Every Moore graph 
is both REGULAR and distance regular. Hoffman and 
Singleton (1960) show that k-regular Moore graphs with 
DIAMETER 2 have k € (2,3, 7,57). 
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Moore-Penrose Generalized Matrix Inverse 
Given an m x n MATRIX B, the Moore-Penrose gener- 
alized MATRIX INVERSE is a unique n x m MATRIX BT 
which satisfies 


BB*B=B (1) 
B*BB* = B* (2) 
(BB)? = BB+ (3) 
(BtB)* =B*B. (4) 
It is also true that 
z=B*e (5) 


is the shortest length LEAST SQUARES solution to the 
problem 


Bz=c. (6) 
If the inverse of (BTB) exists, then 
Bt = (B’B)7'B’, (7) 


where B* is the MATRIX TRANSPOSE, as can be seen 
by premultiplying both sides of (7) by B7 to create a 
SQUARE MATRIX which can then be inverted, 


B"Bz=B*c, (8) 
giving 
z=(B*B)*B*e 
= Bre. (9) 


see also LEAST SQUARES FITTING, MATRIX INVERSE 
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Mordell Conjecture 

DIOPHANTINE EQUATIONS that give rise to surfaces with 
two or more holes have only finite many solutions in 
GAUSSIAN INTEGERS with no common factors. Fermat’s 
equation has (n—1)(n—2)/2 HOLES, so the Mordell con- 
jecture implies that for each INTEGER n > 3, the FER- 
MAT EQUATION has at most a finite number of solutions. 
This conjecture was proved by Faltings (1984). 


see also FERMAT EQUATION, FERMAT’S LAST THEO- 
REM, SAFAREVICH CONJECTURE, SHIMURA-TANIYAMA 
CONJECTURE 
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Mordell Integral 
The integral 


¿rita? +2niue 
o(t, u) = J re E 


which is related to the THETA FUNCTIONS, MOCK 
THETA FUNCTIONS, and RIEMANN ZETA FUNCTION. 


Mordell-Weil Theorem 

For ELLIPTIC CURVES over the RATIONALS, Q, the num- 
ber of generators of the set of RATIONAL POINTS is al- 
ways finite. This theorem was proved by Mordell in 1921 
and extended by Weil in 1928 to ABELIAN VARIETIES 
over NUMBER FIELDS. 


References 

Ireland, K. and Rosen, M. “The Mordell-Weil Theorem.” 
Ch. 19 in A Classical Introduction to Modern Number The- 
ory, 2nd ed. New York: Springer-Verlag, pp. 319-338, 
1990. 


Morera’s Theorem 
If f(z) is continuous in a simply connected region D and 


satisfies 
f fdz=0 
Y 


for all closed CONTOURS y in D, then f(z) is ANALYTIC 
in D. 

see also CAUCHY INTEGRAL THEOREM 
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Morgado Identity 
An identity satisfied by w GENERALIZED FIBONACCI 
NUMBERS: 


4WnWn41Wn4+2Wn+4Wn45Wn4+6 
2 2 2 
+e q * (0, UsUs = Wn+1U206 = Wn UUs) 


= (Wn41Wn+2Wn+6 a WnWnt4Wn45) 5 (1) 
where 
e = pab — qa” — b° (2) 


Un = wa(0, 1; p, q). (3) 


see also GENERALIZED FIBONACCI NUMBER 
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Morgan-Voyce Polynomial 

Polynomials related to the BRAHMAGUPTA POLYNOMI- 

ALS. They are defined by the RECURRENCE RELATIONS 
bn() =2Bn-1(2) + dn-1(2) (1) 


Bn(«) = (x + 1)Bn-1(2) + bn-1(x) (2) 


for n > 1, with 
bolz) = Bolx) = 1. (3) 
Alternative recurrences are 
Bn+1Bn-1 — Bn" = —1 (4) 


bntibn-1 = bn? = g. (5) 


The polynomials can be given explicitly by the sums 


Br(z) = Y ey (6) 


k=0 
“~(n+k 
bale) = a (7) 
k=0 
Defining the MATRIX 
z+2 =1 
eel 6) 
gives the identities 
f Bn Biz 
Q - Per — (9) 


A ea]. ao 


Morgan-Voyce Polynomial 


Defining 
cos @ = į (x + 2) (11) 
cosh @ = (x + 2) (12) 
gives 
_ sin[(n + 1)0] 
Bale) = — g (13) 
_ sinh|(n + 1)¢] 
A (a 
and 


cos[5 (2n + 1)8] 


eae) cos( 56) Gi 
bate) = EA (16) 


The Morgan-Voyce polynomials are related to the FI- 
BONACCI POLYNOMIALS F,, (12) by 


bn (x”) = Fan+1(2) (17) 
B,(x”) = ~ Fan. (2) (18) 


(Swamy 1968). 


B,(x) satisfies the ORDINARY DIFFERENTIAL EQUA- 
TION 


g(x + 4)y” +3(24+2)y' —n(n+2)y=0, (19) 
and bn(x) the equation 
x(a +4)y" + 2(e@+1)y'—n(n+1)y=0. (20) 


These and several other identities involving derivatives 
and integrals of the polynomials are given by Swamy 
(1968). 

see also BRAHMAGUPTA POLYNOMIAL, FIBONACCI 
POLYNOMIAL 
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Morley Centers 
The CENTROID of MORLEY’S TRIANGLE is called Mor- 
ley’s first center. It has TRIANGLE CENTER FUNCTION 


a = cos(3 A) + 2cos( 4 B) cos(3C). 


The PERSPECTIVE CENTER of MORLEY’S TRIANGLE 
with reference TRIANGLE ABC is called Morley’s sec- 
ond center. The TRIANGLE CENTER FUNCTION is 


a = sec(3 A). 


see also CENTROID (GEOMETRIC), MORLEY’S THEO- 
REM, PERSPECTIVE CENTER 
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Morley?s Formula 


E ca 


where (7) is a BINOMIAL COEFFICIENT and T (2) is the 
GAMMA FUNCTION. 


Morley’s Theorem 


SEN 
E O > C 
B 
The points of intersection of the adjacent TRISECTORS 
of the ANGLES of any TRIANGLE AABC are the VER- 
TICES of an EQUILATERAL TRIANGLE ADEF known as 


MORLEY’S TRIANGLE. Taylor and Marr (1914) give two 
geometric proofs and one trigonometric proof. 


Morley’s Theorem 1199 


A generalization of MORLEY’S THEOREM was discov- 
ered by Morley in 1900 but first published by Taylor 
and Marr (1914). Each ANGLE of a TRIANGLE AABC 
has six trisectors, since each interior angle trisector has 
two associated lines making angles of 120° with it. The 
generalization of Morley’s theorem states that these tri- 
sectors intersect in 27 points (denoted D;;, Biz, Fij, for 
1,3 = 0, 1, 2) which lie six by six on nine lines. Further- 
more, these lines are in three triples of PARALLEL lines, 
(D22F22, E12D21, FioFo1), (D22F22, F2a1D12, Foi Eo), 
and (E22 F22, Fiz Ez, Dio Do1), making ANGLES of 60° 
with one another (Taylor and Marr 1914, Johnson 1929, 
p. 254). 


Let L, M, and N be the other trisector-trisector inter- 
sections, and let the 27 points Lij, Mij, Ni; for 1,3 = 0, 
1, 2 be the ISOGONAL CONJUGATES of D, E, and F. 
Then these points lie 6 by 6 on 9 CONICS through 
AABC. In addition, these CONICS meet 3 by 3 on the 
CIRCUMCIRCLE, and the three meeting points form an 
EQUILATERAL TRIANGLE whose sides are PARALLEL to 
those of ADEF. 


see also CONIC SECTION, MORLEY CENTERS, TRISEC- 
TION 
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Morley’s Triangle 
An EQUILATERAL TRIANGLE considered by MORLEY’S 
THEOREM with side lengths 


8Rsin(5 A) sin( 4B) sin(¿C), 


where R is the CIRCUMRADIUS of the original TRIAN- 
GLE. 


Morphism 
A map between two objects in an abstract CATEGORY. 


1. A general morphism is called a HOMOMORPHISM, 

2. An injective morphism is called a MONOMORPHISM, 
3. A surjective morphism is an EPIMORPHISM, 
4 


. A bijective morphism is called an ISOMORPHISM (if 
there is an isomorphism between two objects, then 
we say they are isomorphic), 


5. A surjective morphism from an object to itself is 
called an ENDOMORPHISM, and 


6. An ISOMORPHISM between an object and itself is 
called an AUTOMORPHISM. 


see also AUTOMORPHISM, EPIMORPHISM, HOMEOMOR- 
PHISM, HOMOMORPHISM, ISOMORPHISM, MONOMOR- 
PHISM, OBJECT 


Moorrie’s Law 


cos(20°) cos(40°) cos(80°) = ¿. 


This identity was referred to by Feynman (Gleick 1992). 
It is a special case of the general identity 


2K JT cos(2%a) _. Sin(2'a) 
ee sina ” 
J= 


with k = 3 and a = 20° (Beyer et al. 1996). 
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Morse Inequalities 

Topological lower bounds in terms of BETTI NUMBERS 
for the number of critical points form a smooth function 
on a smooth MANIFOLD. 


Moser’s Circle Problem 


Morse Theory 

“CALCULUS OF VARIATIONS in the large” which uses 
nonlinear techniques to address problems in the CAL- 
CULUS OF VARIATIONS. Morse theory applied to a 
FUNCTION g on a MANIFOLD W with g(M) = 0 and 
g(M') = 1 shows that every COBORDISM can be real- 
ized as a finite sequence of SURGERIES. Conversely, a 
sequence Of SURGERIES gives a COBORDISM. 


see also CALCULUS OF VARIATIONS, COBORDISM, 
SURGERY 


Morse-Thue Sequence 
see THUE-MORSE SEQUENCE 


Mortal 

A nonempty finite set of n x n MATRICES with INTE- 
GER entries for which there exists some product of the 
MATRICES in the set which is equal to the zero MATRIX. 


Mortality Problem 
For a given n, is the problem of determining if a set is 
MORTAL solvable? n = 1 is solvable, n = 2 is unknown, 
and n > 3 is unsolvable. 


see also LIFE EXPECTANCY 


Morton-Franks- Williams Inequality 

Let E be the largest and e the smallest POWER of @ in 
the HOMFLY POLYNOMIAL of an oriented LINK, and 
t be the BRAID INDEX. Then the MORTON-FRANKS- 
WILLIAMS INEQUALITY holds, 


i> i(E-e)+1 


(Franks and Williams 1985, Morton 1985). The inequal- 
ity is sharp for all PRIME KNOTS up to 10 crossings with 
the exceptions of 09042, 09049, 10132, 10150, and 10156. 


see also BRAID INDEX 
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Mosaic 
see TESSELLATION 


Moser 
The very LARGE NUMBER consisting of the number 2 
inside a MEGA-gon. 


see also MEGA, MEGISTRON 


Moser’s Circle Problem 
see CIRCLE CUTTING 


Moss's Egg 


Moss’s Egg 


An OVAL whose construction is illustrated in the above 
diagram. 
see also EGG, OVAL 
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Motzkin Number 


The Motzkin numbers enumerate various combinatorial 
objects. Donaghey and Shapiro (1977) give 14 different 
manifestations of these numbers. In particular, they give 
the number of paths from (0, 0) to (n, 0) which never 
dip below y = 0 and are made up only of the steps (1, 
0), (1, 1), and (1, —1), i.e., >, /, and N. The first are 
1, 2, 4, 9, 21, 51, ... (Sloane's A001006). The Motzkin 
number GENERATING FUNCTION M(2) satisfies 


M=1+2M+2°M’ (1) 
and is given by 
1l-x2-—vyl-2x-3x* 
A RE 
=14+2+20 +40 +90 +21 +..., (2) 


or by the RECURRENCE RELATION 


n—2 


Mn = An-1 + PR Mr Mn-—2-—k (3) 
k=0 
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with Mo = 1. The Motzkin number Mn is also given by 


o 


a+b=n+2 
a>0,b>0 


o (-1)"7? (—3)? 2a\ (26 
= Q2n+5 >, a) 
a+b=n+2 


a>0,5>0 


where (2) is a BINOMIAL COEFFICIENT. 


see also CATALAN NUMBER, KING WALK, SCHRÖDER 
NUMBER 


References 

Barcucci, E.; Pinzani, R.; and Sprugnoli, R. “The Motzkin 
Family.” Pure Math. Appl. Ser. A 2, 249-279, 1991. 

Donaghey, R. “Restricted Plane Tree Representations of Four 
Motzkin-Catalan Equations.” J. Combin. Th. Ser. B 22, 
114-121, 1977. 

Donaghey, R. and Shapiro, L. W. “Motzkin Numbers.” J. 
Combin. Th. Ser. A 23, 291-301, 1977. 

Kuznetsov, A.; Pak, I.; and Postnikov, A. “Trees Associated 
with the Motzkin Numbers.” J. Combin. Th. Ser. A 76, 
145-147, 1996. 

Motzkin, T. “Relations Between Hypersurface Cross Ratios, 
and a Combinatorial Formula for Partitions of a Poly- 
gon, for Permanent Preponderance, and for Nonassociative 
Products.” Bull. Amer. Math. Soc. 54, 352-360, 1948. 

Sloane, N. J. A. Sequence A001006/M1184 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


Moufang Plane 
A PROJECTIVE PLANE in which every line is a transla- 
tion line is called a Moufang plane. 
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Mousetrap 
A PERMUTATION problem invented by Cayley. 
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Mouth 

A PRINCIPAL VERTEX 2; of a SIMPLE POLYGON P is 
called a mouth if the diagonal [2;--1, 2:41] is an extremal 
diagonal (i.e., the interior of [£i—1, 2:41] lies in the ex- 
terior of P). 

see also ANTHROPOMORPHIC POLYGON, EAR, ONE- 
MOUTH THEOREM | 
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Moving Average 
Given a SEQUENCE (a¡)X.,, an n-moving average is a 
new sequence ([s;)_,"** defined from the a; by taking 


the AVERAGE of subsequences of n terms, 


i+n—i 


see also AVERAGE, SPENCER'S 15-POINT MOVING Av- 
ERAGE 
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Moving Ladder Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


What is the longest ladder which can be moved around 
a right-angled hallway of unit width? For a straight, 
rigid ladder, the answer is 2v2. For a smoothly-shaped 
ladder, the largest diameter is > 2(1 + v2} (Finch). 
see also MOVING SOFA CONSTANT, PIANO MOVER’S 
PROBLEM 

References 
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Moving Sofa Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


What is the sofa of greatest AREA S which can be moved 
around a right-angled hallway of unit width? Hammer- 
sley (Croft et al. 1994) showed that 


S> 7 +2 =2.2074.... (1) 


Gerver (1992) found a sofa with larger AREA and pro- 
vided arguments indicating that it is either optimal or 
close to it. The boundary of Gerver’s sofa is a com- 
plicated shape composed of 18 ARCS. Its AREA can be 
given by defining the constants A, B, $, and 8 by solving 


A(cos @ — cosp) — 2Bsing + (8 — ¢ — 1) cos 0 
—sind+cos@+singd=0 (2) 
A(3sin@ + sin ġ) — 2B cos ġ + 3(0 — $ — 1)sin# 
+3c0s0 —sinp+cosp=0 (3) 
Acoso — (sing + 4 — + cos ġ + Bsing) = 0 (4) 
(A+ir-ġ-0)-[B-4(0-¢)(1+4A)- 3(0—¢)?] =0. 
(5) 


Moving Sofa Constant 


This gives 
A = 0.094426560843653... (6) 
B = 1.399203727333547... (7) 
$ = 0.039177364790084... (8) 
0 = 0.681301509382725.... (9) 
Now define 
r(a) = 
1 
2 
fr0<a<o 
3(1+ A+ 0-4) 
foro<a<0 
(10) 
A+a-o 


foró<a<3r—08 
B-3(37- 0-14 A) - ¿(¿r-a-o), 
for 57 -O0<a< r-o, 


where 
s(a) =1-—r(a) (11) 
B—(a—@)(1+A) for¢d<a<8 
ude. =A=) 
A+in-g-a foró<a< zm 
(12) 
du —-4(1+A)-(a-¢) forp<a<0 
A 2 2 Sas 
D(a) = $2 = {7} ifO@<a< įr. 
(13) 
Finally, define the functions 
yi(a) =1- / r(t) sin t dt (14) 
0 
y2{a) =1 - f s(t)sintdt (15) 
0 


yala) =1-— [ s(t)sintdt—u(a)sina. (16) 


The AREA of the optimal sofa is given by 
n/2—¢ 
A= 2 | yi(a)r(a) cosa da 
0 
0 
+2 f y2(a)s(a) cos a da 
0 


mj 
+2 J yala)[u(a) sina — Du (a) cosa — s(a) cos a] da 
$ | | 

= 2.21953166887197... (17) 


(Finch). 
see also PIANO MOVER’S PROBLEM 


Mrs. Perkins’ Quilt 
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Mrs. Perkins” Quilt 

The DISSECTION of a SQUARE of side n into a number 
Sn of smaller squares. Unlike a PERFECT SQUARE DIS- 
SECTION, however, the smaller SQUARES need not be all 
different sizes. In addition, only prime dissections are 
considered so that patterns which can be dissected on 
lower order SQUARES are not permitted. The following 
table gives the smallest number of coprime dissections 
of an n x n quilt (Sloane's A005670). 


n Sa 

1 1 

2 4 

3 6 
4 7 

5 8 

6-7 9 
8—9 10 
10-13 11 
14-17 12 
18-23 13 
24-29 14 
30-39 | 15 
40 16 

41 15 
42-100 [17,19] 


see also PERFECT SQUARE DISSECTION 
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Mu Function 


me tt? dt 
8) = J PAR A 
BND) o P@+Dreé+) 
ett dt 


A Png Sima rt 


Muller-Lyer Illusion 1203 


where T(z} is the GAMMA FUNCTION (Gradshteyn and 
Ryzhik 1980, p. 1079). 


see also LAMBDA FUNCTION, NU FUNCTION 
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u Molecule 
see MANDELBROT SET 


Much Greater 

A strong INEQUALITY in which a is not only GREATER 
than b, but much greater (by some convention), is de- 
noted a > b. For an astronomer, “much” may mean by 
a factor of 100 (or even 10), while for a mathematician, 
it might mean by a factor of 10* (or even much more). 


- see also GREATER, MUCH LESS 


Much Less 
A strong INEQUALITY in which a is not only LESS than 
b, but much less (by some convention) is denoted a < b. 


see also LESS, MUCH GREATER 


Muirhead’s Theorem 

A NECESSARY and SUFFICIENT condition that [a’] 
should be comparable with [a] for all POSITIVE values 
of the a is that one of (a') and (a) should be majorized 
by the other. If (a*) < (a), then 


[0] < [o], 


with equality only when (a') and (a) are identical or 
when all the a are equal. See Hardy et al. (1988) for a 
definition of notation. 
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Miller-Lyer Illusion 


HA 
e <<? 


An optical ILLUSION in which the orientation of arrow- 
heads makes one LINE SEGMENT look longer than an- 
other. In the above figure, the LINE SEGMENTS on the 
left and right are of equal length in both cases. 


see also ILLUSION, POGGENDORFF ILLUSION, PONZO’S 
ILLUSION, VERTICAL-HORIZONTAL ILLUSION 
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Muller’s Method 
Generalizes the SECANT METHOD of root finding by us- 
ing quadratic 3-point interpolation 


Ln — En-1 
= —_— AAA, 1 
2 Ln—-1 — Tn-2 ) 
Then define 
A=qPlen) — q1 + 9 Plen-1) +97 Plen-2) (2) 
B = (2q + 1)P(z£n) — (1 +q) Plen-1) + Plen-2) 
(3) 
C = (1 + g)P (£n), (4) 
and the next iteration is 
2C 
. (5) 


Eny1 = En — (En — Ln-1) ===" 
BS 1 max(B + y B? — 4AC ) 


This method can also be used to find COMPLEX zeros of 
ANALYTIC FUNCTIONS. 
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Mulliken Symbols 

Symbols used to identify irreducible representations of 

GROUPS: 

A= singly degenerate state which is symmetric with 
respect to ROTATION about the principal Cn axis, 

B= singly DEGENERATE state which is antisymmetric 
with respect to ROTATION about the principal Cn 
axis, 

E = doubly DEGENERATE, 

T = triply DEGENERATE, 

X, = (gerade, symmetric) the sign of the wavefunction 
does not change on INVERSION through the center 
of the atom, 

Xu = (ungerade, antisymmetric) the sig. of the wave- 
function changes on INVERSION through the cen- 
ter of the atom, 

X, = (on a or b) the sign of the wavefunction does not 
change upon ROTATION about the center of the 
atom, 

Xə = (on a or b) the sign of the wavefunction changes 

upon ROTATION about the center of the atom, 

= symmetric with respect to a horizontal symmetry 

plane op, 

= antisymmetric with respect to a horizontal sym- 


metry plane op. 


see also GROUP THEORY 


Multifractal Measure 


Multiamicable Numbers 
Two integers n and m < n are (a, 3)-multiamicable if 


oc(m) -=-m= an 


and 
o(n) —- n= Bm, 


where o(n) is the DIVISOR FUNCTION and a, 4 are POs- 
ITIVE integers. If a = 8 = 1, (m,n) is an AMICABLE 
PAIR. 


m cannot have just one distinct prime factor, and if it 
has precisely two prime factors, then a = 1 and mm is 
EVEN. Small multiamicable numbers for small a, 6 are 
given by Cohen et al. (1995). Several of these numbers 
are reproduced in the below table. 


ab mM n 
1 6 76455288 183102192 
Tee 7 52920 152280 

¿e oF 16225560 40580280 
1 7 90863136 227249568 
1 7 16225560 40580280 
1 7 70821324288 177124806144 
1 7 199615613902848 499240550375424 


see also AMICABLE PAIR, DIVISOR FUNCTION 
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Multifactorial 
A generalization of the FACTORIAL and DOUBLE FAC- 
TORIAL, 


n! = n(n — 1)(n— 2)---2-1 
ni! = n(n — 2)(n-— 4)-+- 
nl = n(n — 3)(n—-6)---, 


etc., where the product runs through positive integers. 
The FACTORIALS n! for n = 1, 2,..., are 1, 2, 6, 24, 120, 
720, ... (Sloane’s A000142); the DOUBLE FACTORIALS 
n!! are 1, 2, 3, 8, 15, 48, 105, ... (Sloane’s A006882); 
the triple factorials n!!! are 1, 2, 3, 4, 10, 18, 28, 80, 
162, 280, ... (Sloane's A007661); and the quadruple 
factorials n!!!! are 1, 2, 3, 4, 5, 12, 21, 32, 45, 120, ... 
(Sloane's A007662). 

see also FACTORIAL, GAMMA FUNCTION 
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Multifractal Measure 
A MEASURE for which the g-DIMENSION Dg varies with 


g. 
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DETAILED DESCRIPTION OF THE INVENTION 


[0022] One aspect of the invention is an apparatus for cap- 
turing atmospheric and telluric electric energies, comprising: 
[0023] (1) anantenna/waveguide that is geometrically opti- 
mized having a conducting surface; and 

[0024] (2) a coil wound with an insulated conductor over a 
non-conductive coil form, the coil being connected to an AC 
or AC-DC driver at its bottom lead and, by its top lead to the 
conducting surface of the antenna/waveguide near the point 
where the electric field contacts the antenna/waveguide, with 
the antenna/waveguide serving as a quasi-capacitive series 
element to provide a specific resonant frequency; 

wherein the generator absorbs impulses from Earth’s electric 
oscillations; and 

wherein the attracted energy manifests as high voltage sinu- 
soidal waveform in the coil, representing harvested electrical 
energy of atomic oscillators and measurable on the leads of 
the coil. 

[0025] Typically, the electric generator stimulates and 
attracts the electric emissions of atomic oscillators by the use 
of high voltage. Typically, the antenna/waveguide is designed 
based on functions of phi and/or pi. 

[0026] In one alternative, the antenna/waveguide is placed 
on an insulated base. 

[0027] Typically, the antenna/waveguide is at a high volt- 
age during the operation of the generator. Typically, the 
antenna/waveguide voltage is measured by using an E-field 
antenna. 

[0028] The antenna/waveguide can be connected to an 
oscillator. The oscillator can be a resonant step-up trans- 
former. 

[0029] Preferably, the antenna/waveguide is of pyramidal 
shape. Preferably, the antenna/waveguide exhibits functions 
of phi and/or pi. However, any geometric form employing 
these functions can be used for the antenna/waveguide. When 
it is of pyramidal shape, the primary (apex) coil is preferably 
connected near or at the apex of the antenna/waveguide. The 
shape and size of the antenna/waveguide can be optimized 
depending on the intended use of the generator. 

[0030] Typically, the generator further comprises an insu- 
lating base on which the antenna/waveguide is placed. The 
size and shape of the insulating base can also be optimized, 
depending on the intended use of the generator. 

[0031] Typically, the output of the apex coil-antenna/ 
waveguide series resonant circuit or that of the secondary coil 
is harvested. One way to do this is by connecting to a step- 
down transformer and rectifier-capacitor-load resistance. The 
optimal circuit can be selected by one of ordinary skill in the 
art to optimize power extraction. The load draws power from 
the generator. 

[0032] The driver can supply AC or a combination of AC- 
DC power to activate the resonant circuit. 

[0033] Typically, the antenna/waveguide is positioned in 
the general North-South direction. In this arrangement, when 
the antenna/waveguide is of pyramidal shape, the height of 
the pyramid can vary from about 0.1 m to about 1000 m. The 
optimal pyramid size is a function of the power requirements. 
However, a pyramid can be built as high as 1 km in height. The 
base surface area of the pyramid may range from about 0.01 
m? to about 1,000,000 m”. Naturally, other heights and base 
surface areas or shapes can be used for particular applica- 
tions. The numbers of sides can also vary. When the pyramid 
is small (e.g., the 6.26 feet base length described in this 
application), there is an insufficient atmospheric potential 
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gradient on its apex to trigger the attraction of energy. In such 
event, a driver is necessary to bring the pyramid to the electric 
potential necessary for its harvesting function. 


[0034] Another embodiment of the present invention is an 
electric generator for harvesting the energies of atomic oscil- 
lators comprising: 


[0035] (1) anantenna/waveguide that is geometrically opti- 
mized having a conducting surface; and 


[0036] (2) a primary (apex) coil wound with an insulated 
conductor over a non-conductive coil form, the coil being 
connected to an AC or AC-DC driver at its bottom lead and, by 
its top lead to the conducting surface of the antenna/ 
waveguide near the point where the electric field contacts the 
antenna/waveguide, and the antenna/waveguide serving as a 
quasi-capacitive series element to provide a specific resonant 
frequency; and 


[0037] (3) a secondary coil of smaller diameter than the 
primary (apex) coil having a greater number of turns than the 
primary coil, the secondary coil being positioned coaxially 
within the primary coil and acting as a resonant step-up trans- 
former winding inductively coupled with the apex coil; 


wherein the generator absorbs impulses from Earth’s electric 
oscillations; and 


wherein the attracted energy manifests as high voltage sinu- 
soidal waveforms in the secondary coil, representing har- 
vested electrical energy of atomic oscillators and measurable 
on the leads of the secondary coil. 


[0038] Inthis embodiment, more than one resonant step-up 
transformer winding can be used. As described above for the 
first embodiment, in this embodiment, the electric generator 
stimulates and attracts the electric emissions of atomic oscil- 
lators by the use of high voltage. Typically, in this embodi- 
ment, the antenna/waveguide is designed based on functions 
of phi and/or pi. In one alternative, in this embodiment, the 
antenna/waveguide is placed on an insulated base. Typically, 
in this embodiment, the generator further comprises an insu- 
lating base on which the antenna/waveguide is placed. Typi- 
cally, in this embodiment, antenna/waveguide is at a high 
voltage during the operation of the generator. Typically, in 
this embodiment, the antenna/waveguide voltage is measured 
by using an E-field antenna. In this embodiment, the antenna/ 
waveguide can be connected to an oscillator. The oscillator 
can be a resonant step-up transformer. Preferably, in this 
embodiment, the antenna/waveguide is of pyramidal shape. 
Preferably, in this embodiment, the antenna/waveguide 
exhibits functions of phi and/or pi. Typically, in this embodi- 
ment, the antenna/waveguide is positioned in the general 
North-South direction. In this embodiment, in this arrange- 
ment, when the antenna/waveguide 1s of pyramidal shape, the 
height of the pyramid can vary from about 0.1 m to about 
1000 m. The optimal pyramid size is a function of the power 
requirements. However, a pyramid can be built as high as 1 
km in height. In this embodiment, the base surface area of the 
pyramid may range from about 0.01 m? to about 1,000,000 
m 


[0039] In this embodiment, typically, the primary (apex) 
coil of the resonant transformer is connected near the point 
where the electric field contacts the antenna/waveguide. 
[0040] In this embodiment, typically, the bottom lead of the 
secondary coil is connected to ground. In this embodiment, 
typically, the primary (apex) coil is inductively coupled to the 
secondary coil. 


Multigrade Equation 


Multigrade Equation 
A (k,!)-multigrade equation is a DIOPHANTINE EQUA- 
TION of the form 


l I 
J os: j 

5 ni = X mi 

i=l į¿=1 


for j =1,..., k, where m and n are l-VECTORS. Multi- 
grade identities remain valid if a constant is added to 
each element of m and n (Madachy 1979), so multi- 
grades can always be put in a form where the minimum 
component of one of the vectors is 1. 


Small-order examples are the (2, 3)-multigrade with 
m = {1,6,8} and n = (2, 4,9): 


3 3 
Simi = Soni = 15 
r E 
Som? = > ni = 101, 
i=1 i=1 


the (3, 4)-multigrade with m = {1,5,8,12} and n = 
{2,3,10,11}: 


4 4 
SY mi => n; = 26 
i=1 


¿=1 


4 4 
Y mi =} ni = 234 
= Si 
Y) mi = X_n} = 2366, 
i=l i= 1 


and the (4, 6)-multigrade with m = {1, 5,8, 12,18,19} 
and n = {2, 3, 9, 13, 16, 20}: 


6 6 
H 1 
i=1 i=1 


6 6 

2 a = 
S mi =Ñ n; =919 
¿=1 


i=l 


6 6 
y m = Y ni = 15057 
= r: 
Y mi = y nó = 260755 
i=1 t=1 


_ (Madachy 1979). 


A spectacular example with k = 9 and / = 10 is given 
by n = (+12,+11881, +20231, +20885, +23738} and 
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m = {+436, +11857,+20449, +20667,+23750} (Guy 
1994), which has sums 


9 9 
1 1 

) m; = ) n; =0 

i=1 i=1 


9 
y mi = Sy n? = 3100255070 
pi fo 
Om > 
ee = 


mí = Sy ni = 1390452894778220678 


i= 1 a=1 


9 
y 5 y 5 
mi = ni =0 
} i=l 


9 9 
` mé = y nó = 666573454337853049941719510 


i=1 i=1 


9 9 
T T 
) mi = ) ni =0 
¿=1 i=l 
9 9 
8 8 
m; = Thy 
t=1 t= 1 


= 330958142560259813821203262692838598 


9 
y 9 y 9 
mM; = n; = 0. 
i=l 


see also DIOPHANTINE EQUATION 
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Multilinear 
A function, form, etc., in two or more variables is said to 
be multilinear if it is linear in each variable separately. 


see also BILINEAR, LINEAR OPERATOR 


Multimagic Series 

n numbers form a p-multimagic series if the sum of their 
kth powers is the MAGIC CONSTANT of degree k for 
every k = 1,..., p. The following table gives the number 
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of p-multimagic series N, of given orders n (Kraitchik 
1942). 


n Ni No N3 
2 2 

3 8 

4 86 2 2 
5 1,394 8 2 
6 0 98 0 
7 O 1,844 0 
8 0 38,039 115 
9 0 O 41 
10 0 0 0 
11 0 O 961 
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Multimagic Square 

A MAGIC SQUARE is p-multimagic if the square formed 
by replacing each element by its kth power for k = 1, 2, 
..., pis also magic. A 2-multimagic square is called a 
BIMAGIC SQUARE, and a 3-multimagic square is called 
a TRIMAGIC SQUARE. 


see also BIMAGIC SQUARE, MAGIC SQUARE, TRIMAGIC 
SQUARE 
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Multinomial Coefficient 
The multinomial COEFFICIENTS 


(x x eo 

ad Tilg!» 

are the terms in the MULTINOMIAL SERIES expansion. 
They satisfy 


(£1, £2, T3,. : .) = (a1 + T2,T3,.. .)(@1, £2) 


= (zı + £2 + 23,...)(%1, £2, £3) =E 


(Beeler et al. 1972, Item 44). 


see also BINOMIAL COEFFICIENT, MULTINOMIAL SE- 
RIES 
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Multinomial Theorem 


Multinomial Distribution 
Let a set of random variates Xi, X2, .. 
probability function 


., Xn have a 


Th 


N! S 
PO Lo = tn) = 7 110" (1) 


i=l i=1 


where x; are POSITIVE INTEGERS, 6; > 0, and 


e, = 1 (2) 


rn 


Y m=N, (3) 


i=l 
Then the joint distribution of X1, ..., Xn is a multino- 
mial distribution and P(X, = 71,...,Xn = £n) is given 
by the corresponding coefficient of the MULTINOMIAL 
SERIES 
(6, +02 +... +a)”. (4) 


The MEAN and VARIANCE of X; are 


Hi = NO; (5) 
0 = N0;(1 — 6;). (6) 


The COVARIANCE of X; and X; is 


see also BINOMIAL DISTRIBUTION 
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Multinomial Series 
A generalization of the BINOMIAL SERIES discovered by 
Johann Bernoulli and Leibniz. 


(a, +a2+...+an)” 


n 


_ n! nin n2 nk 
= A TN foc UA TEAR "a 
Nn1.Na!:*** Nk: 


ni,79,...,TMLk 


where n = ni +N2>+...+Mx. The multinomial series 
arises in a generalization of the BINOMIAL DISTRIBU- 
TION called the MULTINOMIAL DISTRIBUTION. 


see also BINOMIAL SERIES, MULTINOMIAL DISTRIBU- 
TION 


Multinomial Theorem 
see MULTINOMIAL SERIES 


Multiperfect Number 


Multiperfect Number 
A number n is k-multiperfect (also called a k-MULTIPLY 
PERFECT NUMBER or k-PLUPERFECT NUMBER) if 


a(n) = kn 


for some INTEGER k > 2, where o(n) isthe DIVISOR 
FUNCTION. The value of k is called the CLASS. The spe- 


cial case k = 2 corresponds to PERFECT NUMBERS Pa, 


which are intimately connected with MERSENNE PRIMES 
(Sloane's A000396). The number 120 was long known 
to be 3-multiply perfect (P3) since 


o(120) = 3-120. 


The following table gives the first few P, for n = 2, 3, 
PERE iy 


Sloane Phn 


000396 6, 28, 496, 8128, .... 
005820 120, 672, 523776, 459818240, ... 
027687 30240, 32760, 2178540, 23569920, ... 
046060 14182439040, 31998395520, ... 
046061 154345556085770649600, ... 


Oop w nll s 


In 1900-1901, Lehmer proved that Pz has at least three 
distinct PRIME factors, P4 has at least four, Ps at least 
six, Pg at least nine, and Fy at least 14. 


As of of 1911, 251 pluperfect numbers were known (Car- 
michael and Mason 1911). As of 1929, 334 pluperfect 
numbers were known, many of them found by Poulet. 
Franqui and Garcia (1953) found 63 additional ones (five 
-= Pss, 29 Pes, and 29 Ps), several of which were known to 
Poulet but had not been published, bringing the total to 
397. Brown (1954) discovered 110 pluperfects, includ- 
ing 31 discovered but not published by Poulet and 25 
previously published by Franqui and Garcia (1953), for 
a total of 482. Franqui and Garcia (1954) subsequently 
discovered 57 additional pluperfects (3 Pes, 52 Ps, and 
2 Pgs), increasing the total known to 539. 


An outdated database is maintained by R. Schroeppel, 
who lists 2,094 multiperfects, and an up-to-date list by 
J. L. Moxham (1998). It is believed that all multiperfect 
numbers of index 3, 4, 5, 6, and 7 are known. The 
number of known n-multiperfect numbers are 1, 37, 6, 
36, 65, 245, 516, 1101, 1129, 46, 0, 0,.... 


If n is a Ps number such that 3fn, then 3n is a P4 num- 
ber. If 3n is a Paz number such that 3fn, then n is a 
P3, number. If n is a Ps number such that 3 (but not 5 
and 9) DIVIDES n, then 45n is a P4 number. 


see also e-MULTIPERFECT NUMBER, FRIENDLY PAIR, 
HYPERPERFECT NUMBER, INFINARY MULTIPERFECT 
NUMBER, MERSENNE PRIME, PERFECT NUMBER, UNI- 
TARY MULTIPERFECT NUMBER 
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Multiple Integral 
A repeated integral over n > 1 variables 


Po [fleas te) den dz, 
— 


is called a multiple integral. An nth order integral cor- 
responds, in general, to an n-D VOLUME (CONTENT), 
with n = 2 corresponding to an AREA. In an indefinite 
multiple integral, the order in which the integrals are 
carried out can be varied at will; for definite multiple 
integrals, care must be taken to correctly transform the 
limits if the order is changed. 


see also INTEGRAL, MONTE CARLO INTEGRATION 
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Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. “Multidimensional Integrals.” §4.6 in Numeri- 
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Multiple Regression 
A REGRESSION giving conditional expectation values of 
a given variable in terms of two or more other variables. 


see also LEAST SQUARES FITTING, MULTIVARIATE 
ANALYSIS, NONLINEAR LEAST SQUARES FITTING 
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Multiplication 

In simple algebra, multiplication is the process of cal- 
culating the result when a number a is taken b times. 
The result of a multiplication is called the PRODUCT of 
a and b. It is denoted a x b, a-b, (a)(b), or simply ab. 
The symbol x is known as the MULTIPLICATION SIGN. 
Normal multiplication is ASSOCIATIVE, COMMUTATIVE, 
and DISTRIBUTIVE. 


More generally, multiplication can also be defined for 
other mathematical objects such as GROUPS, MATRI- 
CES, SETS, and TENSORS. 


Karatsuba and Ofman (1962) discovered that multipli- 
cation of two n digit numbers can be done with a BIT 
COMPLEXITY of less than n* using an algorithm now 
known as KARATSUBA MULTIPLICATION. 


see also ADDITION, BIT COMPLEXITY, COMPLEX MUL- 
TIPLICATION, DIVISION, KARATSUBA MULTIPLICATION, 
MATRIX MULTIPLICATION, PRODUCT, RUSSIAN MULTI- 
PLICATION, SUBTRACTION, TIMES 
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Karatsuba, A. and Ofman, Yu. “Multiplication of Many- 
Digital Numbers by Automatic Computers.” Doklady 
Akad. Nauk SSSR 145, 293-294, 1962. ‘Translation in 
Physics—Doklady 7, 595-596, 1963. 


Multiplication Magic Square 


A square which is magic under multiplication instead 
of addition (the operation used to define a conventional 
MAGIC SQUARE) is called a multiplication magic square. 
Unlike (normal) MAGIC SQUARES, the n? entries for an 
nth order multiplicative magic square are not required to 
be consecutive. The above multiplication magic square 
has a multiplicative magic constant of 4,096. 


see also ADDITION-MULTIPLICATION MAGIC SQUARE, 
MAGIC SQUARE 


References 

Hunter, J. A. H. and Madachy, J. S. “Mystic Arrays.” Ch. 3 
in Mathematical Diversions. New York: Dover, pp. 30-31, 
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Multiplication Principle 

If one event can occur in m ways and a second can occur 
independently of the first in n ways, then the two events 
can occur in mn ways. 


Multiplication Sign 
The symbol x used to denote MULTIPLICATION, i.e., 
a x b denotes a times b. 


Multiplicative Inverse 


Multiplication Table 

A multiplication table is an array showing the result of 
applying a BINARY OPERATOR to elements of a given 
set S. 
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see also BINARY OPERATOR, TRUTH TABLE 


Multiplicative Character 
see CHARACTER (MULTIPLICATIVE) 


Multiplicative Digital Root 

Consider the process of taking a number, multiplying 
its DIGITS, then multiplying the DIGITS of numbers de- 
rived from it, etc., until the remaining number has only 
one DIGIT. The number of multiplications required to 
obtain a single DIGIT from a number n is called the 
MULTIPLICATIVE PERSISTENCE of n, and the DIGIT ob- 
tained is called the multiplicative digital root of n. 


For example, the sequence obtained from the starting 
number 9876 is (9876, 3024, 0), so 9876 has a MUL- 
TIPLICATIVE PERSISTENCE of two and a multiplicative 
digital root of 0. The multiplicative digital roots of the 
first few positive integers are 1, 2, 3, 4, 5, 6, 7, 8, 9, 0, 
1, 2, 3, 4, 5, 6, 7, 8, 9, 0, 2, 4, 6, 8, 0, 2, 4, 6, 8, 0, 3, 6, 
9, 2,5, 8, 2,... (Sloane’s A031347). 

see also ADDITIVE PERSISTENCE, DIGITADITION, DIGI- 
TAL ROOT, MULTIPLICATIVE PERSISTENCE 


References 
Sloane, N. J. A. Sequence A031347 in “An On-Line Version 
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Multiplicative Function 

A function f(m) is called multiplicative if (m, m’) = 
1 (i.e., the statement that m and m' are RELATIVELY 
PRIME) implies 


f(mm') = f(m) f(m'). 
see also QUADRATIC RESIDUE, TOTIENT FUNCTION 


Multiplicative Inverse 
The multiplicative of a REAL or COMPLEX NUMBER z 
is its RECIPROCAL 1/z. For complex z = x + iy, 


l __@™ O. LO 
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Multiplicative Perfect Number 


Multiplicative Perfect Number 

A mmber n for which the PRODUCT of DIVISORS is 

equal to n*. The first few are 1, 6, 8, 10, 14, 15, 21, 22, 
. (Sloane’s A007422). 


see also PERFECT NUMBER 
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Multiplicative Persistence 

Multiply all the digits of a number n by each other, 
repeating with the product until a single DIGIT is ob- 
tained. The number of steps required is known as the 
multiplicative persistence, and the final DIGIT obtained 
is called the MULTIPLICATIVE DIGITAL ROOT of n. 


For example, the sequence obtained from the starting 
number 9876 is (9876, 3024, 0), so 9876 has an mul- 
tiplicative persistence of two and a MULTIPLICATIVE 
DIGITAL ROOT of 0. The multiplicative persistences 
of the first few positive integers are 0, 0, 0, 0, 0, 0, 
0.02.20). 1. Acida dot edo ged dg Lo 12-2 
2-2. 21,1.1: 17.22.2232 LL, 40 (Sloañe's 
A031346). The smallest numbers having multiplicative 
persistences of 1, 2, are 10, 25, 39, 77 679 6788 
68889 267889 26888999 3778888999 277777788888899 


(Sloane’s A003001). There is no number < 10% with 


multiplicative persistence > 11. 


The multiplicative persistence of an n-DIGIT number is 
also called its LENGTH. The maximum lengths for n = 
2-, 3-,..., digit numbers are 4, 5, 6, 7, 7, 8, 9, 9, 10, 10, 
10, ... (Sloane's A014553; (Beeler et al. 1972, Item 56; 
Gottlieb 1969-1970). 


The concept of multiplicative persistence can be gener- 
alized to multiplying the kth powers of the digits of a 
number and iterating until the result remains constant. 
All numbers other than REPUNITS, which converge to 
1, converge to 0. The number of iterations required for 
the kth powers of a number’s digits to converge to 0 
is called its k-multiplicative persistence. The following 
table gives the n-multiplicative persistences for the first 
few positive integers. 


n Sloane n-Persistences 

2 031348 0, 7, 6, 6, 3, 5, 5, 4,5, 1,. 
3 031349 0, 4, 5, 4, 3, 4, 4, 3, 3,1,. 
A. 031350 0,4, 3; 333,2, 23, Les 
5 031351 0,4,4,2,3,3,2,3,2,1,. 
6. 031352: 0.33.35 2535405. E ordy 
7 031353" 0,-4,.3,-3;.33-9, 95 2, 93 Ly 
8 031354 0, 3, 3, 3, 2,4, 2, 3, 2,1, 
9 031355 0, 3,3,3,3, 2,2,3,2, 1, 
10 031356 0, 2, 2, 2, 3, 2, 3, 2, 2, 1, 
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see also 196-ALGORITHM, ADDITIVE PERSISTENCE, 
DIGITADITION, DIGITAL ROOT, KAPREKAR NUMBER, 
LENGTH (NUMBER), MULTIPLICATIVE DIGITAL ROOT, 
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NARCISSISTIC NUMBER, RECURRING DIGITAL INVARI- 
ANT 
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Multiplicative Primitive Residue Class 
Group 


see MODULO MULTIPLICATION GROUP 


Multiplicity 

The word multiplicity is a general term meaning “the 
number of values for which a given condition holds.” 
The most common use of the word is as the value of the 
TOTIENT VALENCE FUNCTION. 


see also DEGENERATE, NOETHER’S FUNDAMENTAL 
THEOREM, TOTIENT VALENCE FUNCTION 


Multiplier 
see MODULAR FUNCTION MULTIPLIER 


Multiply Connected 

A set which is CONNECTED but not SIMPLY CONNECTED 
is called multiply connected. A SPACE is n-MULTIPLY 
CONNECTED if it is (n — 1)-connected and if every MAP 
from the n-SPHERE into it extends continuously over the 
(n + 1)-DIsk 


A theorem of Whitehead says that a SPACE is infinitely 
connected IFF it is contractible. 


see also CONNECTIVITY, LOCALLY PATHWISE-CON- 
NECTED SPACE, PATHWISE-CONNECTED, SIMPLY CON- 
NECTED 


Multiply Perfect Number 
see MULTIPERFECT NUMBER 


Multisection 
see SERIES MULTISECTION 


Multivalued Function 
A FUNCTION which assumes two or more distinct values 
at one or more points in its DOMAIN. 


see also BRANCH CUT, BRANCH POINT 
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Morse, P. M. and Feshbach, H. “Multivalued Functions.” 
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Multivariate Analysis 
The study of random distributions involving more than 
one variable. 


see also GAUSSIAN JOINT VARIABLE THEOREM, MUL- 
TIPLE REGRESSION, MULTIVARIATE FUNCTION 
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Multivariate Function 
A FUNCTION of more than one variable. 


see also MULTIVARIATE ANALYSIS, UNIVARIATE FUNC- 
TION | 


Multivariate Theorem 
see GAUSSIAN JOINT VARIABLE THEOREM 


Miintz Space 
A Miintz space is a technically defined SPACE 


M(A) = span{x*®,2*!,...} 
which arises in the study of function approximations. 


Miuntz’s Theorem 

Miintz’s theorem is a generalization of the WEIERSTRAS 
APPROXIMATION THEOREM, which states that any con- 
tinuous function on a closed and bounded interval can 
be uniformly approximated by POLYNOMIALS involv- 
ing constants and any INFINITE SEQUENCE of POWERS 
whose RECIPROCALS diverge. © 


In technical language, Müntz’s theorem states that the 
MUNTZ SPACE M(A) is dense in C[0, 1] IFF 


co 1 7 
Dj 


see also WEIERSTRAB APPROXIMATION THEOREM 


Mutant Knot 

Given an original KNOT K, the three knots produced 
by MUTATION together with K itself are called mutant 
knots. Mutant knots are often difficult to distinguish. 
For instant, mutants have the same HOMFLY PoLY- 
NOMIALS and HYPERBOLIC KNOT volume. Many but 
not all mutants also have the same GENUS (KNOT). 


Myriad 


Mutation 
Consider a KNOT as being formed from two TANGLES. 
The following three operations are called mutations. 


1. Cut the knot open along four points on each of the 
four strings coming out of Tz, flipping Tz over, and 
gluing the strings back together. 


2. Cut the knot open along four points on each of the 
four strings coming out of T2, flipping T> to the right, 
and gluing the strings back together. 


3. Cut the knot, rotate it by 180°, and reglue. This is 
equivalent to performing (1), then (2). 


Mutations applied to an alternating KNOT projection 
always yield an ALTERNATING KNOT. The mutation of 
a KNOT is always another KNOT (a opposed to a LINK). 


References 

Adams, C. C. The Knot Book: An Elementary Introduction 
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Mutual Energy 
Let Q be a SPACE with MEASURE p > 0, and let $(P, Q) 
be a real function on the PRODUCT SPACE 92x92. When 


age J J (P,Q) du(Q) dv(P) 
5 J 3(P, u) dv(P) 


exists for measures u,v > 0, (p,v) is called the mutual 
energy. (p, 14) is then called the ENERGY. 


see also ENERGY 
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Mutually Exclusive 
Two events Er and Ez are mutually exclusive if E, N 
Ea = Ø. n events Es, Ez,..., En are mutually exclusive 
if E n E; = Ø for i Æ j. 


Mutually Singular 

Let M be a SIGMA ALGEBRA M, and let A, and àz be 
MEASURES on M. If there EXISTS a pair of disjoint SETS 
A and B such that Ay is CONCENTRATED on A and à 
is CONCENTRATED on B, then A; and Az are said to be 
mutually singular, written A1 L Az. 

see also ABSOLUTELY CONTINUOUS, CONCENTRATED, 
SIGMA ÁLGEBRA 
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Rudin, W. Functional Analysis. New York: McGraw-Hill, 
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Myriad 
The Greek word for 10,000. 


Myriagon 


Myriagon 


A 10,000-sided POLYGON. 


Mystic Pentagram 
see PENTAGRAM 


Mystic Pentagram 
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N 
N 
The SET of NATURAL NUMBERS (the POSITIVE INTE- 
GERS Z* 1, 2, 3, ...; Sloane's A000027), denoted N, 


also called the WHOLE NUMBERS. Like whole numbers, 
there is no general agreement on whether 0 should be 
included in the list of natural numbers. 


Due to lack of standard terminology, the following terms 
are recommended in preference to “COUNTING NUM- 
BER,” “natural number,” and “WHOLE NUMBER.” 


Set Name Symbol 
, -2, —1, 0, 1, 2,... integers Z, 

Ds positive integers Z: 

Os WD gA nonnegative integers Z' 

—1, -2, -3, —4,... negative integers LZ 


see also C, CARDINAL NUMBER, COUNTING NUMBER, 
I, INTEGER, Q, R, WHOLE NUMBER, Z, Z* 
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N-Cluster 

A LATTICE POINT configuration with no three points 
COLLINEAR and no four CONCYCLIC. An example is 
the 6-cluster (0, 0), (132, —720), (546, —272), (960, 
—720), (1155, 540), (546, 1120). Call the RADIUS of 
the smallest CIRCLE centered at one of the points of an 
N-cluster which contains all the points in the N-cluster 
the EXTENT. Noll and Bell (1989) found 91 nonequiv- 
alent prime 6-clusters of EXTENT less than 20937, but 
found no 7-clusters. 
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n-Cube 
see HYPERCUBE, POLYCUBE 


n-in-a-Row 
see TIC-TAC-TOE 


n-minex 
n-minex is defined as 107”. 


see also n-PLEX 
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n-Omino 
see POLYOMINO 
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n-plex 
n-plex is defined as 10”. 


see also GOOGOLPLEX, n-MINEX 
References 


Conway, J. H. and Guy, R. K. The Book of Numbers. New 
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n-Sphere 
see HYPERSPHERE 


Nabla 
see DEL, LAPLACIAN 


Nagel Point 


Let A’ be the point at which the A-EXCIRCLE meets the 
side BC of a TRIANGLE AABC, and define B’ and C" 
similarly. Then the lines AA’, BB’, and CC’ CONCUR 
in the NAGEL POINT. 


The Nagel point can also be constructed by letting A” 
be the point half way around the PERIMETER of AABC 
starting at A, and B” and C” similarly defined. Then 
the lines 44”, BB”, and CC” concur in the Nagel point. 
It is therefore sometimes known as the BISECTED PER- 
IMETER POINT (Bennett et al. 1988, Chen et al. 1992, 
Kimberling 1994). 


The Nagel point has TRIANGLE CENTER FUNCTION 


b+c—a 
a = ———,, 
a 


It is the ISOTOMIC CONJUGATE POINT of the GER- 
GONNE POINT. 


see also EXCENTER, EXCENTRAL TRIANGLE, EXCIRCLE, 
MITTENPUNKT, TRISECTED PERIMETER POINT 
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Naive Set Theory 

A branch of mathematics which attempts to formalize 
the nature of the SET using a minimal collection of in- 
dependent axioms. Unfortunately, as discovered by its 
earliest proponents, naive set theory quickly runs into a 
number of PARADOXES (such as RUSSELL’S PARADOX), 
so a less sweeping and more formal theory known as 
AXIOMATIC SET THEORY must be used. 


see also AXIOMATIC SET THEORY, RUSSELL’S PARA- 
DOX, SET THEORY | 


Napier’s Analogies 
Let a SPHERICAL TRIANGLE have sides a, b, and c with 
A, B, and C the corresponding opposite angles. Then 


= BY _ tan[¿(a —b)] D 
E + B)] tan(c) 

T A+ T = ue E (2) 
Aa Y 


see also SPHERICAL TRIGONOMETRY 


Napier’s Bones 
Numbered rods which can be used to perform MULTI- 
PLICATION. This process is also called RABDOLOGY. 


see also GENAILLE RODS 
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Napier’s Constant 


see e 


Napoleon Points 


Napier’s Inequality 
For b>a> 0, 


References | 
Nelsen, R. B. “Napier’s Inequality (Two eer ” College 
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Napierian Logarithm 


1.9x10° 


1.8x10* 
1. 7x10* 


1.6x10* 


Write a number N as 
N = 10'(1—1077)”, 
then L is the Napierian logarithm of N. This was the 


original definition of a LOGARITHM, and can be given in 
terms of the modern LOGARITHM as 


log (597) 


LIN) = — 
e log (1471) 


The Napierian logarithm decreases with increasing num- 
bers and does not satisfy many of the fundamental prop- 
erties of the modern LOGARITHM, e.g., 


Nlog(xy) 4 Nlog x + Nlog y. 


Napkin Ring 
see SPHERICAL RING 


Napoleon Points 


The inner Napoleon point N is the CONCURRENCE of 
lines drawn between VERTICES of a given TRIANGLE 


US 2010/0207399 Al 


[0041] In this embodiment, typically, the output of the sec- 
ondary coil is connected to a load for drawing power from the 
generator. 

[0042] Another embodiment of the present invention is an 
electric generator for harvesting the electric emissions of 
atomic oscillations comprising an oscillator. 

[0043] In this embodiment, typically, the oscillator oper- 
ates in the LF or ELF bands. 


[0044] ‘Typically, in this embodiment, the electric generator 
comprises: 
[0045] (1) a primary (apex) coil wound with a conductor 


over a secondary coil, the primary (apex) coil being con- 
nected electrically at its bottom lead to a driver operating in 
the LF or ELF bands while connected by its top lead near the 
point at which the electric field contacts the conductive sur- 
face of the antenna/waveguide; and 

[0046] (2) a secondary coil of smaller diameter than the 
primary coil having a greater number of turns than the pri- 
mary coil, the secondary coil being positioned coaxially 
within the first coil and acting as a resonant step-up trans- 
former winding inductively coupled with the primary; 
wherein said resonant step-up transformer’s output voltage 
exceeds 500 V pags; 

wherein the electric generator attracts impulses from Earth’s 
electric oscillations; 

and wherein the attracted energy manifests as high voltage 
sinusoidal waveforms representing harvested electric energy 
of atomic oscillations in the secondary coil. 

[0047] In this embodiment, typically, the output of the sec- 
ondary coil is connected to a load for drawing power from the 
generator. 

[0048] Another aspect of the invention is a method of tap- 
ping Earth’s electric energy based on the following concepts: 
[0049] (1) utilizing a pyramidal antenna/waveguide 
designed based on the functions of phi and/or pi; 

[0050] (2) using the antenna/waveguide to absorb and focus 
specific frequencies of Earth’s electric field; 

[0051] (3) positioning a coil(s) connected to the pyramidal 
antenna/waveguide near or at its apex according to the present 
invention; and 

[0052] (4) generating a high-voltage sinusoidal signal, rep- 
resenting harvested atmospheric and telluric electrical 
energy, by the operation of the system. 

[0053] Typically, the harvested electric energy can be fed 
into a power grid for distribution, but smaller units capable of 
distributed power generation or for use as stand-alone gen- 
erators are also feasible by the concept of this invention. 
[0054] In this aspect, the method typically comprises a 
method of tapping Earth’s electric oscillatory energies com- 
prising the steps of: 

[0055] (1) positioning an electric generator according to the 
present invention as described above such that it is exposed to 
Earth’s electric oscillations; and 

[0056] (2) generating a sinusoidal voltage signal represent- 
ing harvested electric energy of atomic oscillators by the 
operation of the generator. 

[0057] The invention is described by the following 
Example. This Example is included for illustrative purposes 
only and is not intended to limit the invention. 


Example 


[0058] We have introduced a new theory of space, energy 
and matter that predicted that electromagnetic interaction 
propagates through a carrier medium called the space lattice 
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that is made up of pulsating, phi-based spiral vortices 
(STAR), the excitation of which generates propagating sinu- 
soidal lines of force across the space lattice recorded as elec- 
tromagnetic waves by our instruments [1,2]. We have also 
predicted that natural pressure gradients exist within the 
space lattice that can be used for power generation by insert- 
ing a capacitor into such gradient. Furthermore, we proposed 
that a pyramid-shaped capacitor is an optimally shaped 
device for tapping the energy gradient of the space lattice that 
manifests in the form of an electrical potential gradient in 
Earth’s atmosphere. This was subsequently demonstrated 
[3-5]. We also found that the pyramid-shaped capacitor 
design should be based on functions of phi and/or pi [5] 
because electrical energy propagates along a phi-based spiral 
[6]. 

[0059] We suggested that elemental particles are composed 
of STAR oscillators that make up the space lattice by electro- 
magnetic compression of its elemental cubes into pulsating 
conical/vortexual subunits that form the basis for all particles 
of matter [1,2]. We proposed that atomic and subatomic oscil- 
lators could vibrate in a very wide frequency range from 
sub-acoustic to extremely high EM frequencies [1,2]. This 
does not mean that material bodies can take or maintain a 
physical form at any energy level, but this allows the recycling 
ofatoms into the space lattice as part of their natural evolution 
[2,6]. 

[0060] Atomic oscillators are constantly in motion, and 
such motion is electric because all motion and energy is 
fundamentally electric [2,6]. It is known that atomic bodies 
constantly exchange electric energy. Such energy flow can be 
harvested when the spiral physical nature of electric waves is 
recognized. Russell observed that energy moves during its 
generative cycle in spirals towards the higher potential [7]; 
therefore, we reasoned that an “attractor” of high electric 
potential must be provided to pull in the random electromag- 
netic emissions of atomic oscillators. The “attractor” must 
function as a phi-based antenna/waveguide to focus the phi- 
based electric emissions of atomic bodies into the apex of a 
vortex, the same method Nature uses for power multiplication 
[6,7]. Therefore, a phi-based pyramidal antenna/waveguide 
must be at a high voltage in order to perform its attractor 
function. 

[0061] To achieve this goal, a geometrically optimized 
pyramidal antenna/waveguide must be connected to an oscil- 
lator that operates at a high voltage and is tuned to a suitably 
selected frequency. 

[0062] The appropriate resonant frequency is dictated by 
practical considerations. Atomic oscillators can vibrate in a 
very wide frequency range [1, 2, 7, 8] but short wavelength 
radiations are readily re-absorbed by atoms and are rapidly 
attenuated; therefore, long wavelength electromagnetic emis- 
sions should be targeted. The operation of the pyramid gen- 
erator is most practical in the ELF to the LF range. As electric 
radiation propagates in a vortex [2,7,8], the emitted electric 
vortex over the pyramidal antenna (FIG. 1) increases its 
“size,” and so it is capable of funneling atmospheric electro- 
magnetic emissions of the same frequency back into the 
antenna/receiver. Thus, the pyramid electric generator could 
capture the energy emitted by both telluric and atmospheric 
atomic oscillators. We have tested these assumptions and 
demonstrated the basic principles of an electric generator. 


Methods and Results 


[0063] In our previous paper, we reported on a pyramid- 
shaped capacitor/antenna connected in series to a coil that 


Napoleon's Problem 


AABC and the opposite VERTICES of the correspond- 
ing inner NAPOLEON TRIANGLE ANapNacNec. The 
TRIANGLE CENTER FUNCTION of the inner Napoleon 
point is 


a =csc(A — in). 


The outer Napoleon point N’ is the CONCURRENCE of 
lines drawn between VERTICES of a given TRIANGLE 
AABC and the opposite VERTICES of the correspond- 
ing outer NAPOLEON TRIANGLE ANapNiacNgc. The 
TRIANGLE CENTER FUNCTION of the point is 


a = csc(A + $r). 


see also NAPOLEON’S THEOREM, NAPOLEON TRIAN- 
GLES 
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Napoleon’s Problem 

Given the center of a CIRCLE, divide the CIRCLE into 
four equal arcs using a COMPASS alone (a MASCHERONI 
CONSTRUCTION). 


see also CIRCLE, COMPASS, MASCHERONI CONSTRUC- 
TION 


Napoleon’s Theorem 

If EQUILATERAL TRIANGLES are erected externally on 
the sides of any TRIANGLE, then the centers form an 
EQUILATERAL TRIANGLE (the outer NAPOLEON TRI- 
ANGLE). Furthermore, the inner NAPOLEON TRIANGLE 
is also EQUILATERAL and the difference between the ar- 
eas of the outer and inner Napoleon triangles equals the 
AREA of the original TRIANGLE. 


see also NAPOLEON POINTS, NAPOLEON TRIANGLES 
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Napoleon Triangles 


The inner Napoleon triangle is the TRIANGLE 
ANaspNacNpc formed by the centers of inter- 
nally erected EQUILATERAL TRIANGLES AABE gp, 
AACEac, and ABC'Egc on the sides of a given TRI- 
ANGLE AABC. It is an EQUILATERAL TRIANGLE. 


The outer Napoleon triangle is the TRIANGLE 
ANipNicNpo formed by the centers of exter- 
nally erected EQUILATERAL TRIANGLES AABE'¡p, 
AACE',c, and ABCEgc on the sides of a given TRI- 
ANGLE AABC. It is also an EQUILATERAL TRIANGLE. 


see also EQUILATERAL TRIANGLE, NAPOLEON POINTS, 
NAPOLEON’S THEOREM 
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Washington, DC: Math. Assoc. Amer., pp. 60-65, 1967. 


nappes 


N 


Nappe 


One of the two pieces of a double CONE (i.e., two CONES 
placed apex to apex). 


see also CONE 
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Narcissistic Number 

An n-DIGIT number which is the SuM of the nth Pow- 
ERS of its DIGITS is called an n-narcissistic number, or 
sometimes an ÁRMSTRONG NUMBER or PERFECT DIGI- 
TAL INVARIANT (Madachy 1979). The smallest example 
other than the trivial 1-DIGIT numbers is 


153 = TP ah ese 


The series of smallest narcissistic numbers of n digits 
are 0, (none), 153, 1634, 54748, 548834, ... (Sloane’s 
A014576). Hardy (1993) wrote, “There are just four 
numbers, after unity, which are the sums of the cubes of 
their digits: 153 = 1°+5°+3°*, 370 = 3°+7°+0*, 371 = 
3354+73 +1°, and 407 = 4°+0°+7°. These are odd facts, 
very suitable for puzzle columns and likely to amuse 
amateurs, but there is nothing in them which appeals 
to the mathematician.” The following table gives the 
generalization of these “unappealing” numbers to other 
POWERS (Madachy 1979, p. 164). 


n-Narcissistic Numbers 
0, 1, 2, 3, 4, 5, 6, 7, 8, 9 


none 

153, 370, 371, 407 

1634, 8208, 9474 

54748, 92727, 93084 

548834 

1741725, 4210818, 9800817, 9926315 
24678050, 24678051, 88593477 

146511208, 472335975, 534494836, 912985153 
4679307774 


O ooN GOCA ww OS | 


pb 


A total of 88 narcissistic numbers exist in base-10, as 
proved by D. Winter in 1985 and verified by D. Hoey. 
These numbers exist for only 1, 3, 4, 5, 6, 7, 8, 9, 10, 
11, 14, 16, 17, 19, 20, 21, 23, 24, 25, 27, 29, 31, 32, 33, 
34, 35, 37, 38, and 39 digits. It can easily be shown that 
base-10 n-narcissistic numbers can exist only for n < 60, 
since 
n.9” < 10"? 


for n > 60. The largest base-10 narcissistic number is 
the 39-narcissistic 


115132219018736992565095597973971522401 


A table of the largest known narcissistic numbers in var- 
ious BASES is given by Pickover (1995). A tabulation of 
narcissistic numbers in various bases is given by (Corn- 


ing). 


A closely related set of numbers generalize the narcissis- 
tic number to n-DIGIT numbers which are the sums of 
any single POWER of their DIGITS. For example, 4150 
is a 4-DIGIT number which is the sum of fifth POWERS 
of its DIGITS. Since the number of digits is not equal to 
the power to which they are taken for such numbers, it is 


Nasik Square 


not a narcissistic number. The smallest numbers which 
are sums of any single positive power of their digits are 
1, 2, 3, 4, 5, 6, 7, 8, 9, 153, 370, 371, 407, 1634, 4150, 
4151, 8208, 9474, ... (Sloane's A023052), with powers 
1, 1, 1, 1, 1, 1, 1, 1, 1, 3, 3, 3, 3, 4, 5, 5, dodo 
(Sloane’s A046074). 


The smallest numbers which are equal to the nth powers 
of their digits for n = 3, 4, ..., are 153, 1634, 4150, 
548834, 1741725, ... (Sloane’s A003321). The n-digit 
numbers equal to the sum of nth powers of their digits 
(a finite sequence) are called ARMSTRONG NUMBERS or 
PLUS PERFECT NUMBERS and are given by 1, 2, 3, 4, 5, 
6, 7, 8, 9, 153, 370, 371, 407, 1634, 8208, 9474, 54748, 
... (Sloane’s A005188). 


If the sum-of-kth-powers-of-digits operation applied it- 
eratively to a number n eventually returns to n, 
the smallest number in the sequence is called a k- 
RECURRING DIGITAL INVARIANT. 


see also ADDITIVE PERSISTENCE, DIGITAL ROOT, DIGI- 
TADITION, KAPREKAR NUMBER, MULTIPLICATIVE DIG- 
ITAL ROOT, MULTIPLICATIVE PERSISTENCE, RECUR- 
RING DIGITAL INVARIANT, VAMPIRE NUMBER 
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Nash Equilibrium 

A set of MIXED STRATEGIES for finite, noncooperative 
GAMES of two or more players in which no player can 
improve his payoff by unilaterally changing strategy. 
see also FIXED POINT, GAME, MIXED STRATEGY, 
NASH’S THEOREM 


Nash’s Theorem 

A theorem in GAME THEORY which guarantees the ex- 
istence of a NASH EQUILIBRIUM for MIXED STRATEGIES 
in finite, noncooperative GAMES of two or more players. 


see also MIXED STRATEGY, NASH EQUILIBRIUM 


Nasik Square 
see PANMAGIC SQUARE 


Nasty Knot 


Nasty Knot 
An UNKNOT which can only be unknotted by first in- 
creasing the number of crossings. 


Natural Density 
see NATURAL INVARIANT 


Natural Equation 

A natural equation is an equation which specifies a curve 
independent of any choice of coordinates or parameter- 
ization. The study of natural equations began with the 
following problem: given two functions of one parame- 
ter, find the SPACE CURVE for which the functions are 
the CURVATURE and TORSION. 


Euler gave an integral solution for plane curves (which 
always have TORSION T = 0). Call the ANGLE between 
the TANGENT line to the curve and the z-AXIS q the 
TANGENTIAL ANGLE, then 


b= | n(s)as a) 

where k is the CURVATURE. Then the equations 
= k(s) (2) 
= 0, (3) 


where 7 is the TORSION, are solved by the curve with 
parametric equations 


r= / cos ¢ ds (4) 
y = J sin $ ds. (5) 


The equations k = k(s) and 7 = 7(s) are called the nat- 
ural (or INTRINSIC) equations of the space curve. An 
equation expressing a plane curve in terms of s and Ra- 
DIUS OF CURVATURE R (or k) is called a CESARO EQUA- 
TION, and an equation expressing a plane curve in terms 
of s and @ is called a WHEWELL EQUATION. | 


Among the special planar cases which can be solved in 
terms of elementary functions are the CIRCLE, LOGA- 
RITHMIC SPIRAL, CIRCLE INVOLUTE, and EPICYCLOID. 
Enneper showed that each of these is the projection of a 
HELIX on a CONIC surface of revolution along the axis 
of symmetry. The above cases correspond to the CYL- 
INDER, CONE, PARABOLOID, and SPHERE. 


see also CESARO EQUATION, INTRINSIC EQUATION, 
WHEWELL EQUATION 
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Natural Independence Phenomenon 

A type of mathematical result which is considered by 
most logicians as more natural than the METAMATH- 
EMATICAL incompleteness results first discovered by 
Godel. Finite combinatorial examples include GOOD- 
STEIN’S THEOREM, a finite form of RAMSEY’S THEO- 
REM, and a finite form of KRUSKAL’S TREE THEOREM 
(Kirby and Paris 1982; Smorynski 1980, 1982, 1983; Gal- 
lier 1991). 


see also GODEL’S INCOMPLETENESS THEOREM, GOOD- 
STEIN’S THEOREM, KRUSKAL’S TREE THEOREM, RAM- 
SEY’S THEOREM 
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Natural Invariant 
Let p(x) dx be the fraction of time a typical dynamical 
ORBIT spends in the interval [x, x + dz], and let p(x) be 
normalized such that 


[oleae =1 


over the entire interval of the map. Then the fraction 
the time an ORBIT spends in a finite interval [a,b], is 


given by 
b 
J p(x) dz. 


The natural invariant is also called the INVARIANT DEN- 
SITY or NATURAL DENSITY. 


Natural Logarithm 
The LOGARITHM having base e, where 


e = 2.718281828..., (1) 


which can be defined 


ine = | Eds (2) 
p TE 


for xz > 0. The natural logarithm can also be defined for 
COMPLEX NUMBERS as 


In z = 1n|z| +2arg(2), (3) 
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where |z| is the MODULUS and arg(2) is the ARGUMENT. 
The natural logarithm is especially useful in CALCULUS 
because its DERIVATIVE is given by the simple equation 


d 1 
ie (4) 


whereas logarithms in other bases have the more com- 
plicated DERIVATIVE 


d 1 
de ee xInb' (5) 
The MERCATOR. SERIES 
In(1 + z) =z- bg’ + ir’... (6) 


gives a TAYLOR SERIES for the natural logarithm. 


CONTINUED FRACTION representations of logarithmic 
functions include 


In(1 +2) = (7) 


For a COMPLEX NUMBER z, the natural logarithm sat- 
isfies 


lnz=1In[re +2 = Inr +i(@+2nr) (9) 


PV (ln z) = lnr +76, (10) 


where PV is the PRINCIPAL VALUE. 


Some special values of the natural logarithm are 


lni = 0 (11) 
ln 0 = ~œ (12) 
In(-1) = ri (13) 


In(+2) = +57. (14) 


Natural Norm 


An identity for the natural logarithm of 2 discovered 
using the PSLQ ALGORITHM is 


» 1451 3 16 
A GET 


k=0 
40 8 28 4 
(8k +2)? (8k+3)? (8k +4)? ERE 
28 4 10 2 
6027 (8k45) 7 (8k45) (86k+ "l 
(15) 


(Bailey et al. 1995, Bailey and Plouffe). 
see also e, JENSEN’S FORMULA, LG, LOGARITHM 
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Natural Measure 
pu (e), sometimes denoted P;(e), is the probability that 
element ¿ is populated, normalized such that 


S mile) =1. 


see also INFORMATION DIMENSION, q-DIMENSION 


Natural Norm 
Let ||z|| be a VECTOR NORM of z such that 


[Al] = max ||Az|. 


{|z]}=1 


Then ||A|| is a MATRIX NORM which is said to be the 
natural norm INDUCED (or SUBORDINATE) to the VEC- 
TOR NORM ||z||. For any natural norm, 


Ii] = 1, 


where | is the IDENTITY MATRIX. The natural matrix 
norms induced by the Lı-NORM, £L2-NORM, and Læ- 
NORM are called the MAXIMUM ÁBSOLUTE COLUMN 
SuM NORM, SPECTRAL NORM, and MAXIMUM ÁBSO- 
LUTE ROW SUM NORM, respectively. 
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Natural Number 


Natural Number 

A POSITIVE INTEGER 1, 2, 3, ... (Sloane's A000027). 
The set of natural numbers is denoted N or Z*. Un- 
fortunately, 0 is sometimes also included in the list of 
“natural” numbers (Bourbaki 1968, Halmos 1974), and 
there seems to be no general agreement about whether 
to include it. 


Due to lack of standard terminology, the following terms 
are recommended in preference to “COUNTING NUM- 
BER,” “natural number,” and “WHOLE NUMBER.” 


Set Name Symbol 
, -2, —1, 0,1, 2,... integers Z, 

¡E ee: ere positive integers Z 

0, 12535. ERA nonnegative integers Z' 

—1, —2, -3, —4,... negative integers Z 


see also COUNTING NUMBER, INTEGER, N, POSITIVE, 

DIST 
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Naught 
The British word for “ZERO.” It is often used to indicate 
0 subscripts, so ag would be spoken as “a naught.” 


see also ZERO 


Navigation Problem 

A problem in the CALCULUS OF VARIATIONS. Let a 
vessel traveling at constant speed c navigate on a body 
of water having surface velocity 


The navigation problem asks for the course which travels 
between two points in minimal time. 
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Near-Integer 
see ALMOST INTEGER 
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Near Noble Number 
A REAL NUMBER 0 < v < 1 whose CONTINUED FRAC- 
TION is periodic, and the periodic sequence of terms 
is composed of a string of 1s followed by an INTEGER 
n> I, 

seseg ky | (1) 


This can be written in the form 


p=[1,1,...,1,n,v J, (2) 
— ras 


P 


which can be solved to give 


— 1 nFp-1+Fp-2 
V = 3N 1+ 4-——— n 2 Fp =d ; (3) 


where Fa is a FIBONACCI NUMBER. The special case 


n = 2 gives 
Fp+2 
=4 —— — 1. 4 
a (4) 


see also NOBLE NUMBER 
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Near-Pencil | 
An arrangement of n > 3 points such that n— 1 of them 
are COLLINEAR. 


see also GENERAL POSITION, ORDINARY LINE, PENCIL 
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Nearest Integer Function 


[x] Ceiling 

[x] Nint (Round) 
— — — |x| Floor 

et — X 


The nearest integer function nint(x) of x, also called 


NINT or the ROUND function, is defined such that [x] is 


1220 Nearest Neighbor Problem 


the INTEGER closest to x. It is shown as the thin solid 
curve in the above plot. Note that while [z] is used to 
denote the nearest integer function in this work, [zx] is 
more commonly used to denote the FLOOR FUNCTION 


see also CEILING FUNCTION, FLOOR FUNCTION 


Nearest Neighbor Problem 

The problem of identifying the point from a set of points 
which is nearest to a given point according to some mea- 
sure of distance. The nearest neighborhood problem in- 
volves identifying the locus of points lying nearer to the 
query point than to any other point in the set. 


References 

Martin, E. C. “Computational Geometry.” http:// www . 
mathsource . com / cgi ~ bin / Math Source / Enhancements / 
DiscreteMath/0200-181. 


Necessary 

A CONDITION which must hold for a result to be true, 
but which does not guarantee it to be true. If a CON- 
DITION is both NECESSARY and SUFFICIENT, then the 
result is said to be true IFF the CONDITION holds. 


see also SUFFICIENT 


Necker Cube 


An ILLUSION in which a 2-D drawing of an array of 
CUBES appear to simultaneously protrude and intrude 
into the page. 
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Necklace 


Necklace 


In the technical COMBINATORIAL sense, an a-ary neck- 
lace N(n, a) of length n is a string of n characters, each 
of a possible types. Rotation is ignored, in the sense that 
b1b2 ...bn is equivalent to bkbk+1 :-*b1b2 +++ bx-—1 for any 
k, but reversal of strings is respected. Necklaces there- 
fore correspond to circular collections of beads in which 
the FIXED necklace may not be picked up out of the 
PLANE (so that opposite orientations are not considered 
equivalent). 


The number of distinct FREE necklaces N'(n,a) of n 
beads, each of a possible colors, in which opposite ori- 
entations (MIRROR IMAGES) are regarded as equivalent 
(so the necklace can be picked up out of the PLANE and 
flipped over) can be found as follows. Find the DIvI- 
SORS of n and label them dı = 1, da, ..., d(n) =n 
where v(n) is the number of DIVISORS of n. Then 


o o(d;)a"/4 a nan+D/2 
for n odd 
way o(dija"/* + ¿n(1 + aja”? 


for n even, 


N'(n,a) = — 
(n, a) on 


where f(x) is the TOTIENT FUNCTION. For a = 2 and 
n = pan ODD PRIME, this simplifies to 


p-l _] 


N'(p,2) = = gee 


(JOO 
OOO 


Necklace 


A table of the first few numbers of necklaces for a = 2 
and a = 3 follows. Note that N(n,2) is larger than 
N'(n,2) for n > 6. For n = 6, the necklace 110100 
is inequivalent to its MIRROR IMAGE 0110100, account- 
ing for the difference of 1 between N(6,2) and N'(6, 2). 
Similarly, the two necklaces 0010110 and 0101110 are 
inequivalent to their reversals, accounting for the differ- 
ence of 2 between N(7,2) and N'(7, 2). 


n N(n,2) N'(n,2) N'(n,3) 
Sloane 000031 000029 027671 
1 2 2 3 
2 3 3 6 
3 4 4 10 
4 6 6 21 
5 8 8 39 
6 14 13 92 
T 20 18 198 
8 36 30 498 
9 60 46 1219 
10 108 78 3210 
11 188 126 8418 
12 392 224 22913 
13 632 380 62415 
14 1182 687 173088 
15 2192 1224 481598 


Ball and Coxeter (1987) consider the problem of finding 
the number of distinct arrangements of n people in a 
ring such that no person has the same two neighbors 
two or more times. For 8 people, there are 21 such 
arrangements. 


see also ANTOINE’S NECKLACE, DE BRUIJN SEQUENCE, 
FIXED, FREE, IRREDUCIBLE POLYNOMIAL, JOSEPHUS 
PROBLEM, LYNDON WORD 
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Needle 


see BUFFON-LAPLACE NEEDLE PROBLEM, BUFFON’S 
NEEDLE PROBLEM, KAKEYA NEEDLE PROBLEM 


Negation 
see NOT 


Negative 

A quantity less than ZERO (< 0), denoted with a MINUS 
SIGN, i.e., —g. 

see also NONNEGATIVE, NONPOSITIVE, NONZERO, Pos- 
ITIVE, ZERO 


Negative Binomial Distribution 

Also known as the PASCAL DISTRIBUTION and PÓLYA 
DISTRIBUTION. The probability of r — 1 successes and x 
failures in x + r — 1 trials, and success on the (z + r)th 
trial is 


trI r— +r-1)j-(r— 
»( a » Hp) T 1)—( id 


Z ( rr ya — p)” p 


= gee ea —p)*, (1) 


r—1 


where (z) is a BINOMIAL COEFFICIENT. Let 


iz? 
P= (2) 
Q=-. (3) 
P 


The CHARACTERISTIC FUNCTION is given by 
g(t) = (Q = Pet)”, (4) 


and the MOMENT-GENERATING FUNCTION by 
a of SEE ES tz er -1 T 7 
M(t) = (e*) = Se ( ol )p (1—p)", (5) 


but, since (5) 


l 
F` 
2 
Bt 


z=0 
=p"[1—(1-p)e}” (6) 
M'(t) = p"(-r)[1 - (1- pe" “(p — De’ 
= p"(1—p)r[1 — (1-pje "e (7) 
M"(t) = (1 — p)rp"(1 — e + pe) T? | 
x (-1-e'r+e'pr)e’ (8) 


M" (t) = (1 — p)rp (1 — é + ep) "7? 
x [1 + e*(1 — p + 3r — 3pr) 
+r’e” (1 — pyle. (9) 


1222 Negative Binomial Distribution 
The MOMENTS about zero p, = M”(0) are therefore 
r(1 — r 
pans r(l—p) 79 (10) 
P P 
r(1 — p) il — rip -1 rq(l—r 
is 00 8 (p—1)] _ ral q) (11) 
P P 
1 — p)r(2 — p + 3r — 3pr +1? — 2pr? + pr? 
p= PEE a) 
i= (—1+ p)r(—6 + 6p — p° — 117 + 15pr — 4p?r — 6r? 
4 pi 
12pr? — 6p*r? — r? + 3pr? — 3p*r* + pr? 
y Hp p E pr tpr) (13) 


(Beyer 1987, p. 487, apparently gives the MEAN incor- 
rectly.) The MOMENTS about the mean are 


r(l — 
po = 0° = ( 2) (14) 
p 
r(2 — 3p + p? r(p — 1)(p — 2 
P Pp 
r(1 — p)(6 — 6p + p? + 3r — 3pr 


The MEAN, VARIANCE, SKEWNESS and KURTOSIS are 
then 


r(1 — p) 


= ———— 17 
j ; (17) 
3/2 
a Oe) p 
T a p? r(1— p) 
_ r(2-p)(1-p) p 
p? r(1-p)vi -p 
eas (18) 
r(1 — p) 
[ta 
ÁS 3 
pe —— 2 — 
_ 6+6p-—p cl (19) 
(p =1)r 
which can also be written 
p=nP (20) 
p2 =nPQ (21) 
Q+P 
= 22 
_1+6PQ 
y2 = -PO 3. (23) 


The first CUMULANT is 
kı = nP, (24) 


and subsequent CUMULANTS are given by the recurrence 


relation 
dKp 


dQ 


Kr+1 = PQ (25) 


References 

Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, p. 533, 1987. 

Spiegel, M. R. Theory and Problems of Probability and 
Statistics. New York: McGraw-Hill, p. 118, 1992. 


Neighborhood 


Negative Binomial Series 
The SERIES which arises in the BINOMIAL THEOREM for 
NEGATIVE integral n, | 


For a = 1, the negative binomial series simplifies to 
(241) ” =1-ne+in(n+1)2*— en(n+1)(n+2)+.... 
see also BINOMIAL SERIES, BINOMIAL THEOREM 


Negative Likelihood Ratio 
The term NEGATIVE likelihood ratio is also used (es- 
pecially in medicine) to test nonnested complementary 
hypotheses as follows, 
NLR — [true negative rate] _ [specificity] 
[false negative rate] 1-— [sensitivity] 


see also LIKELIHOOD RATIO, SENSITIVITY, SPECIFICITY 


Negative Integer 


see Li 


Negative Pedal Curve 

Given a curve Č and O a fixed point called the PEDAL 
POINT, then for a point P on C, draw a LINE PERPEN- 
DICULAR to OP. The ENVELOPE of these LINES as P 
describes the curve C is the negative pedal of C. 


see also PEDAL CURVE 
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Neighborhood 

The word neighborhood is a word with many different 
levels of meaning in mathematics. One of the most 
general concepts of a neighborhood of a point z € R” 
(also called an EPSILON-NEIGHBORHOOD or infinitesi- 
mal OPEN SET) is the set of points inside an n-BALL 
with center x and RADIUS e > 0. 


Neile’s Parabola 


Neile’s Parabola 


The solid curve in the above figure which is the Evo- 
LUTE of the PARABOLA (dashed curve). In CARTESIAN 
COORDINATES, 


Neile’s parabola is also called the SEMICUBICAL 
PARABOLA, and was discovered by William Neile in 
1657. It was the first nontrivial ALGEBRAIC CURVE 
to have its ARC LENGTH computed. Wallis published 
the method in 1659, giving Neile the credit (MacTutor 
Archive). 


see also PARABOLA EVOLUTE 
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Nephroid 


The 2-CUSPED EPICYCLOID is called a nephroid. Since 
n = 2, a = 6/2, and the equation for r” in terms of the 
parameter @ is given by EPICYCLOID equation 


ps > (ni + 2n + 2) - 2(n+1) cos(n¢) | (1) 


with n = 2, 
2 a? 2 
r’ = zz (2 +2. 2 +2) -— 2(2+ 1) cos(2¢)| 


= ła? [10 — 6cos(2¢)] = La*[5 — 3 cos(2¢)], (2) 


where 
3 sin $ — sin(3¢) 


3 cos @ — cos(3¢) (3) 


tan O = 


Nephroid Evolute 1223 
This can be written 
E = [sin(46)]?/* + [cos(40)]?/*. (4) 
The parametric equations are 
x = al3 cost — cos(3t)| (5) 
y = al3 sin t — sin(3t)|. (6) 
The Cartesian equation is 
(x? + y? — 4a?)* = 108a* y”. (7) 


The name nephroid means “kidney shaped” and was 
first used for the two-cusped EPICYCLOID by Proctor 
in 1878 (MacTutor Archive). The nephroid has ARC 
LENGTH 24a and AREA 127%a*, The CATACAUSTIC for 
rays originating at the CUSP of a CARDIOID and reflected 
by it is a nephroid. Huygens showed in 1678 that the 
nephroid is the CATACAUSTIC of a CIRCLE when the 


- light source is at infinity. He published this fact in Trazté 


de la luminére in 1690 (MacTutor Archive). 
see also ASTROID, DELTOID, FREETH’S NEPHROID 
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Nephroid Evolute 


The EVOLUTE of the NEPHROID given by 


x = +[3cost — cos(3+)] 
y = 5[3sint — sin(3t)] 


is given by 


z = cos t 
y = 3[3 sint + sin(3t)], 


which is another NEPHROID. 


1224 Nephroid Involute 


The INVOLUTE of the NEPHROID given by 


Nephroid Involute 


z = į [3 cost — cos(3¢)] 


y = 3[3sint — sin(3t)] 
beginning at the point where the nephroid cuts the y- 
AXIS is given by 


r = 4cos' t 
y = 3sint + sin(3t), 


another NEPHROID. If the INVOLUTE is begun instead 
at the CUSP, the result is CAYLEY’S SEXTIC. 


Néron-Severi Group 

Let V be a complete normal VARIETY, and write G(V) 
for the group of divisors, Gn (V ) for the group of divisors 
numerically equal to 0, and Ga(V) the group of divisors 
algebraically equal to 0. Then the finitely generated 
QUOTIENT GROUP NS(V) = G(V)/G.(V) is called the 


Néron-Severi group. 
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Nerve 

The SIMPLICIAL COMPLEX formed from a family of ob- 
jects by taking sets that have nonempty intersections. 
see also DELAUNAY TRIANGULATION, SIMPLICIAL COM- 
PLEX 


Nested Hypothesis 

Let S be the set of all possibilities that satisfy HYPOTH- 
ESIS H, and let S’ be the set of all possibilities that 
satisfy HYPOTHESIS H’. Then H' is a nested hypothe- 
sis within H IFF S' C S, where C denotes the PROPER 
SUBSET. 


see also LOG LIKELIHOOD PROCEDURE 


Nested Radical 


A RADICAL of the form 


nmt+VYntvnet.... (1) 


Netto’s Conjecture 


For this to equal a given INTEGER z, it must be true 


that 
e=Yn+VYn+vyn+...=yn+t, (2) 
1=n+xu (3) 

and 
n=az(x- 1). (4) 


Nested radicals in the computation of Pi, 


and in TRIGONOMETRICAL values of COSINE and SINE 
for arguments of the form 7/2”, e.g., 
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see also SQUARE ROOT 
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Net 

A generalization of a SEQUENCE used in general topol- 
ogy and ANALYSIS when the spaces being dealt with 
are not FIRST-COUNTABLE. (Sequences provide an ad- 
equate way of dealing with CONTINUITY for FIRST- 
COUNTABLE SPACES.) Nets are used in the study of 
the RIEMANN INTEGRAL. 


see also FIBER BUNDLE, FIBER SPACE, FIBRATION 


Net (Polyhedron) 

A plane diagram in which the EDGES of a POLYHEDRON 
are shown. All convex POLYHEDRA have nets, but not 
all concave polyhedra do (the constituent POLYGONS 
can overlap one another when a concave POLYHEDRON 
is flattened out). The GREAT DODECAHEDRON and 
STELLA OCTANGULA are examples of a concave poly- 
hedron which have nets. 


Netto’s Conjecture 

The probability that two elements Pı and Pz of a SYM- 
METRIC GROUP generate the entire GROUP tends to 3/4 
as n — co. This was proven by Dixon in 1967. 


References 


Le Lionnais, F. Les nombres remarquables. Paris: Hermann, 
p. 31, 1983. 


US 2010/0207399 Al 


form a resonant circuit for harvesting an expanded range of 
atmospheric and telluric electric energies [6]. As the signals 
in the pyramid energy harvester system are at extremely high 
voltages, we have developed a measurement and control sys- 
tem that allows secure remote transmission of test signals 
with great accuracy while removing all the hazards associated 
with direct connection of ultra-high voltages (over 50 kV AC) 
to the measurement and data-logging system. The voltage and 
current signals measured across a resistor are turned into a 
proportional electronic signal, which is then fed to a light 
emitting diode (opto transmitter) and sent through an optical 
cable to the instrumentation part of the system where it is 
converted back by an opto receiver module into an electronic 
signal for acquisition and processing by the National Instru- 
ment PXI 1042Q controller programmed with Labview 6. An 
ENI-1140LA amplifier was used to activate the oscillator at 
the resonant frequency. 


[0064] For the experiments, we used a novel tetrahedral 
pyramid-shaped antenna/waveguide that expressed the 
golden mean in its ratios. The base length of the pyramidal 
antenna was 6.26 feet. The pyramid was built of a wooden 
frame and covered with 26 AWG triangular copper sheets on 
its sides that were electrically connected. It was placed on an 
insulating base and positioned in the general North-South 
direction. 


[0065] The apex coil was wound on a HDPE cylindrical 
coil form using a 14 AWG insulated magnet wire with a 
monofilament spacer polyester twine (0.05" diameter) 
between the turns, and connected to the conducting surface of 
the pyramid near its apex. Thus, the apex coil is connected to 
the pyramidal antenna/waveguide acting as a quasi-capacitive 
series element to provide a specific resonant frequency by 
coupling to the ambient electromagnetic environment. The 
bottom lead of the apex coil was connected to a driver and 
grounded via the driver (FIG. 2). The purpose of the 
monofilament spacer is to reduce interwinding capacitance in 
the apex coil by increasing distance between wire turns of the 
coil. 


[0066] The parameters of the apex coil are shown in Table 
1. 
TABLE 1 

Physical and electrical parameters of the apex coil 

Number of turns of wire 290 

Coil height 0.87 m 

Coil diameter 0.787 m 

Wire diameter 1.6277 mm 

Inductance 42.86 mH 

Resistance 6.5 ohms 
[0067] In the experiment, the controlled variable was the 


voltage, which was increased in steps by the controller until a 
maximum voltage in the system (permitted by circuit com- 
ponents and test equipment) was achieved for the given reso- 
nant frequency. The objective was to “drive the atmosphere 
and ground” by radiating a high voltage (~200 kV p-p), LF 
(~70 kHz) signal fed by a powerful signal generator at a 
resonant frequency determined by the pyramid as a quasi- 
capacitive series element connected to the apex coil and radi- 
ating to the local atmosphere and the ground. 

[0068] The experimental data are shown in Table 2. An 
apparent power gain of nearly 170-fold was achieved in the 
resonant circuit relative to input power from the driver. 
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TABLE 2 


Power measurements in the resonant pyramid-coil system. 


Frequency Drive voltage Drive current Drive power Drive power 
(kHz) (rms) (rms) (VA) (W) 


70.9 321.1 V 3.2 A 1125.54 735.5 


Frequency Apex voltage Apex current Apex power Apex power 
(kHz) (rms) (rms) (KVA) (kW) 


70.9 67.922 kV 2.903 A 196.621 40.393 


[0069] A load may be connected to the system to draw 
power from it. The load may also be connected via a second- 
ary coil inductively coupled to the apex coil. The load may be 
a resistor, a rectifier or storage capacitor powering a DC load. 
The high voltage, high frequency output can also be converted 
to the frequency and voltage of standard mains power. 


[0070] A graphic representation of the system is shown in 
FIG. 2. The pyramidal antenna/waveguide, placed on an insu- 
lating base, is coupled to the ambient electromagnetic envi- 
ronment and serves as an antenna/waveguide for the harvest- 
ing of atmospheric and telluric electromagnetic oscillations at 
resonance frequency (FIG. 1). The atmospheric electric vor- 
tex possibly acts as an ionic antenna pulling in EM radiations 
from a large atmospheric domain. 


[0071] The pyramid’s apex is connected to a coil of high 
turn number (FIG. 2). This apex coil wound on a nonconduc- 
tive coil form forms a resonant circuit with the pyramid that 
acts as a quasi-capacitive series element. An RF power ampli- 
fier activates the apex coil. The measurement points are also 
indicated, displaying the positions of voltage and current 
sense resistors and opto-electric transmitters. A detailed 
description of the system follows in FIG. 2. 


[0072] The source of radiative and electromagnetic power 
to earth is the Sun 1, which is harvested by effect of pyramid 
operations. Solar radiation is separated into light, heat, elec- 
tromagnetic waves 2 by interaction with atmosphere, mag- 
netosphere, ionosphere. “Electrosphere” 3 comprises of ion- 
ized, highly conductive air. It can be understood as a 
conductive spherical band about 60 mi above the surface of 
the earth. Virtual “Ground” 4 in electrosphere—a low imped- 
ance spherical area that in the circuit may be considered as a 
“ground” (for non-harvesting calculations) or a variable cir- 
cuit source (for harvesting calculations). Effective resistive 
impedance 5 is from pyramid surface to “sky” or “electro- 
sphere” (radiative impedance). Effective capacitive imped- 
ance 6 is from pyramid surface to “sky” or “electrosphere”. 
Effective resistive (conductive) impedance 7 is from pyramid 
external surface to nearby atmosphere due to “corona” type 
ionic conduction through ionized air, caused by high peak 
voltages on the pyramid’s surface. Conductive pyramidal 
transducer/energy harvester 8 is coupled to the ambient elec- 
tromagnetic environment as above. Radiated “near field” 
electromagnetic field 9 from pyramid surface (toward “sky””) 
is measured by E-field antenna 10. The antenna does indirect 
measurement of pyramid surface voltage based on E-field 
pick-up of alternating current field within ~20 ft of pyramid 
surface, at a particular fixed distance and orientation. Imped- 
ance-matching resistor 11 couples E-field antenna to coaxial 
cable and impedance-matching capacitor 12 for coupling 
E-field antenna to coaxial cable. Coaxial cable 13 connects to 
measurement system interface with a “BNC” connector 14 to 


Network 


Network 
A DIRECTED GRAPH having a SOURCE, SINK, and a 
bound on each edge. 


see also GRAPH (GRAPH THEORY), SINK (DIRECTED 
GRAPH), SMITH’S NETWORK THEOREM, SOURCE 


Neuberg Circles 

The Locus of the VERTEX A; of a TRIANGLE on a given 
base A243 and with a given BROCARD ANGLE w is a 
CIRCLE on either side of 4243. From the center N1, the 
base Az A3 subtends the ANGLE 2w. The RADIUS of the 


CIRCLE is 
r= 501 Y cot? w — 3. 


see also BROCARD ANGLE 
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Neumann Algebra 
see VON NEUMANN ALGEBRA 


Neumann Boundary Conditions 
PARTIAL DIFFERENTIAL EQUATION BOUNDARY CONDI- 
TIONS which give the normal derivative on a surface. 


see also BOUNDARY CONDITIONS, CAUCHY BOUNDARY 
CONDITIONS 
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Neumann Function 
see BESSEL FUNCTION OF THE SECOND KIND 


Neumann Polynomial 
Polynomials which obey the RECURRENCE RELATION 


2 +i 
Onyı(2) = (n +1) 20n(m) - — On- (2) 
ge sin” (inr). 
T 
The first few are 
1 
Oo(x) — 
t 
1 
Or (zx) = T2 
1 4 
O =-+-—. 
a(x) T 73 


see also SCHLAFLI POLYNOMIAL 
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Neumann Series (Bessel Function) 
A series of the form 


oo 


>) all) 


n=0 


(1) 


where v is a REAL and J,+n(27) is a BESSEL FUNCTION 
OF THE FIRST KIND. Special cases are 


i OO (Ce) ae 
Feron BA 


n=0 


Juj2+n(z), (2) 


where T'(2) is the GAMMA FUNCTION, and 


oo oo 


Soha = ` ün (ayy one Jw+n)/2(2), 


n=0 


(3) 


and |x| is the FLOOR FUNCTION. 
see also KAPTEYN SERIES 
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Neumann Series (Integral Equation) 
A FREDHOLM INTEGRAL EQUATION OF THE SECOND 
KIND 


b 
o2)=fe)+ [ Keema (a 
may be solved as follows. Take 


do(z) = F(a) 
E J K(0,0)F(t) dt 


(2) 
(3) 


b 
(a) = fle) +A | K(et)f(t) de 
b pb 
+ ef J K(x,t1)K(t1,t2)f(t2) dto dt: (4) 


ón(e) = ) Mule), (5) 


where 
uols) = f(z) (6) 
b 
le) J K (a, t)f (ts) dts (7) 
E b 
u(x) = / / K (a, ti) K (ti, te) f (te) dea dt (8) 


b b b 
Uun[z) = j J J Klzx,ti)Klt1,t2)--- 


x Klta-1,tn)f (tn) da +> dtr. (9) 


1226 Neusis Construction 
The Neumann series solution is then 


rn 


(x)= lim n(x) = lim Aus (x). (10) 
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Neusis Construction 

A geometric construction, also called a VERGING CON- 
STRUCTION, which allows the classical GEOMETRIC 
CONSTRUCTION rules to be bent in order to permit slid- 
ing of a marked RULER. Using a Neusis construction, 
CUBE DUPLICATION and angle TRISECTION are soluble. 
Conway and Guy (1996) give Neusis constructions for 
the 7-, 9-, and 13-gons which are based on angle TRI- 
SECTION. 

see also CUBE DUPLICATION, GEOMETRIC CONSTRUC- 
TION, MASCHERONI CONSTRUCTION, RULER, TRISEC- 
TION 
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Neville’s Algorithm 

An interpolation ALGORITHM which proceeds by first 
fitting a POLYNOMIAL Pk of degree 0 through the points 
(£k Yk) for k = 0,..., n, ie., Ph = yer. A second 
iteration is then performed in which Py is fit through 
pairs of points, yielding Pi2, P23, .... The procedure 
is repeated, generating a “pyramid” of approximations 
until the final result is reached 


The final result is 


z (0 titm) PiG41)--(i4m-1) 
ifi+l) {itm} — HO 

ZE (xi — nani 
Li — Litm l 


see also BULIRSCH-STOER ALGORITHM 


Neville Theta Function 
The functions 


H(u) 


9, (u) = H'(0) (1) 
_ O(ut+ K) 

Valu) = MITA (2) 
_ Hu) 

velu) = H(K) (3) 

ETE S, (4) 


Newton’s Backward Difference Formula 


where H and O are the JACOBI THETA FUNCTIONS and 
K (u) is the complete ELLIPTIC INTEGRAL OF THE FIRST 
KIND. 


see also JACOBI THETA FUNCTION, THETA FUNCTION 


Newcomb’s Paradox 

A paradox in DECISION THEORY. Given two boxes, B1 
which contains $1000 and B2 which contains either noth- 
ing or a million dollars, you may pick either B2 or both. 
However, at some time before the choice is made, an om- 
niscient Being has predicted what your decision will be 
and filled B2 with a million dollars if he expects you to 
take it, or with nothing if he expects you to take both. 


see also ALIAS’ PARADOX 
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Newman-Conway Sequence 
The sequence 1, 1, 2, 2, 3, 4, 4, 4, 5, 6, 7, 7,... (Sloane's 
A004001) defined by the recurrence P(1) = P(2)= 1, 


P(n) = P(P(n — 1)) + P(n — P(n-1)). 


It satisfies 
P(2*) = 9-1 


and 


P(2n) < 2P(n). 
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Newton’s Backward Difference Formula 


fo = fo+pVo+ 4pl(p+1)Vi + ap(pt1)\(pt2)Vo+..., 


for p € [0,1], where V is the BACKWARD DIFFERENCE. 
see also NEWTON’S FORWARD DIFFERENCE FORMULA 
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Newton-Cotes Formulas 


Newton-Cotes Formulas 

The Newton-Cotes formulas are an extremely useful 
and straightforward family of NUMERICAL INTEGRA- 
TION techniques. 


To integrate a function f(x) over some interval [a, bj, 
divide it into n equal parts such that fn = f({xn) and 
h = (b—a)/n. Then find POLYNOMIALS which approxi- 
mate the tabulated function, and integrate them to ap- 
proximate the AREA under the curve. To find the fitting 
POLYNOMIALS, use LAGRANGE INTERPOLATING POLY- 
NOMIALS. The resulting formulas are called Newton- 
Cotes formulas, or QUADRATURE FORMULAS. 


Newton-Cotes formulas may be “closed” if the inter- 
val [£z1, £n] is included in the fit, “open” if the points 
[22, 2n—1] are used, or a variation of these two. If the for- 
mula uses n points (closed or open), the COEFFICIENTS 
of terms sum to n — 1. 


If the function f(x) is given explicitly instead of sim- 
ply being tabulated at the values x2;, the best numer- 
ical method of integration is called GAUSSIAN QUAD- 
RATURE. By picking the intervals at which to sample 
the function, this procedure produces more accurate ap- 
proximations (but is significantly more complicated to 
implement). 


fx) 


f 


The 2-point closed Newton-Cotes formula is called the 
TRAPEZOIDAL RULE because it approximates the area 
under a curve by a TRAPEZOID with horizontal base and 
sloped top (connecting the endpoints zı and z2). If the 
first point is xı, then the other endpoint will be located 
at 


La = 1 + h, (1) 


and the LAGRANGE INTERPOLATING POLYNOMIAL 
through the points (21, fı) and (z2, f2) is 


Tt — Ta T= oe | 


P = a 

2 (1) manne as o” 
8th T— 21 
= Th fi + 7, fa 


= = (fs —fi)+ (f F = fi = = fa) . (2) 
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Integrating over the interval (i.e., finding the area of the 
trapezoid) then gives 


= gP- Alles 

+(A +A- Sp) (2 

1 

ap e ~ fi) (@2 + 21) (a2 — 21) 


+ (z2 — 21) (j T zh EA = fa) 
= (fz — fi)(Qa1 +h) + fih + ai(fi — fe) 
= 21(fo— fi) + $h(fa — fr) + hfi— alfa — fr) 
= 1hA(fi + fo) — 155F"(8). (3) 


This is the trapezoidal rule, with the final term giving 
the amount of error (which, since zı < € < za, is no 
worse than the maximum value of f’’(€) in this range). 


The 3-point rule is known as SIMPSON’S RULE. The 
ABSCISSAS are 


zo =x1+h (4) 
23 = 21 + 2h (5) 


and the LAGRANGE INTERPOLATING POLYNOMIAL is 


(z — 22)(1 — 23) 
(21 — 22)(01 — 23)" 
(x — xı)(x — x3) 
(12 — z1)(£2 — 23) 


T? — (to + 23) + 2223 


Ps (x) = 


(a — £1)(z — 22) 
(£3 — 21)(13 — 22) 


y h(2h) fı 
ale + z3) +2123 g? — x(a, + £2) +2122 
E h(—h) fat 2h(h) fs 


= ENCHEN — fa — 513) 
+a[—5(201 + 3h) fı + (221 + 2h) fo — $(221 +h)] 
+[$(aith)(21 + 2h) fy -zı (21+ 2h) fo+ $21(a1+h)fs]}. 
(6) 


Integrating and simplifying gives 


Lg zı +2h 
ieies f Ps(a) dz 
= ih fi +4fz + fs) — RUE). (7) 


The 4-point closed rule is SIMPSON’S 3/8 RULE, 


J f(z) da = 4h(fr+3fo+3fo+fa)— Shë fO (E). (8) 
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The 5-point closed rule is BODE’s RULE, 
T5 
[tee -= 
m1 
-zh FOE (9) 


(Abramowitz and Stegun 1972, p. 886). Higher order 
rules include the 6-point 


Žh(Tfi + 32f2 + 12f3 + 32f4 + 7fs) 


J f(x) da = Eh(19f +75f2 + 50f3 + 50f4 +75fs 
+19f6) - LEO (E), (10) 


7-point 


“7 
J f(z) dz = aan h(41f + 216 fo + 27 f3 + 272 fa 
z1 


+27 fs + 216fe +41 fr) - ror FPO, AD 


8-point 


rg 
J f(a) de = ag h(751 fi +3577 fo + 1323 fo +2989 fs 


420806 + 1323o + 3577p + 751fs) ~ <BR FC), 
(12) 


9-point 


zg 
f(x) dx = ¿2h(989f1 + 5888 f2 — 928fs 


1 


+10496 f4 — 4540 fs + 10496 fe — 928f7 + 5888 fe + 989 fo) 
ICE), (13) 


10-point 


J f(x) da = z605 l2857(f1 + fro) 


+15741( fo + fo) + 1080(f3 + fs + 19344( fa + fr) 
+5788(fs + fe)} — GEA fOO (E), (14) 


and 11-point. 


f(x) de = szaz h6067(f1 + fir) 


£1 
+106300( f2 + fio) 
~260550( fs + fr) + 427368 fe] — 


— 48525(fs + fo) + 272400( f4 + fs) 
O, 


(15) 


rules. 


Closed “extended” rules use multiple copies of lower 
order closed rules to build up higher order rules. By 
appropriately tailoring this process, rules with particu- 
larly nice properties can be constructed. For n tabulated 
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points, using the TRAPEZOIDAL RULE (n — 1) times and 
adding the results gives 


J f(z) de = (ef) f(x) de 


== LA + fo) + (f2 + fa) +... + (fm-2+ fn-1) 
+(fn-itfa)] = hG fit fot fot...+fn-2tfn-1t} fn) 
-arh f"(€). (16) 
Using a series of refinements on the extended TRAPE- 


ZOIDAL RULE gives the method known as ROMBERG IN- 
TEGRATION. A 3-point extended rule for ODD n is 


J ° f(a) de = 


Se hoe ($ fn—4 = $ fn-3 + 3£n-2) 
+(5fn-2 E $ fni F q 
= th(fi + 4fo+ 2fs+4fat+2fst+...+4fn-1+ fr) 


FO. (17) 


AGA+ fot do) + (hat dat ahs) 


Applying SIMPSON’S 3/8 RULE, then SIMPSON’S RULE 
(3-point) twice, and adding gives 


+ f+ fl lee 


=Al(2fit fo +È fs + $fa) 
+i fat ¿fo + 3f0) + (3f6 + 3f7+ 348) 
= hlf fi + ffa + ¿ds + (+ 34 + ffs 
+ + 3) +$ fr + 348] 
= h(2fi+?2 ¿far ¿fet E 1 fa 
+f + ¿fo + ¿fr + 5f8). (18) 


Taking the next Simpson's 3/8 step then gives 
211 
J fa) do = h($ fs + gfo + fio + gf). (19) 
T8 
Combining with the previous result gives 


L f(x) dz = hifit? fth + 5 x fat Eo 


+ sde + 2 fot ¿fio + 5411] 
Pl +E fat fo + ido + $f 
+! fs an 8 fy + 2 fio F = fis), (20) 


where terms up to fio have now been completely deter- 
mined. Continuing gives 


hl fit ia hat do + d+. 
PS ie eee a (21) 


Newton-Cotes Formulas 
Now average with the 3-point result 

h(a fi t+ Sfot2fs+ at fs + Gn + 3Ín) (22) 
to obtain 


= LAA eft far E e +fn-s+fn—4) 
zhe 3+ Ë fn- ot fn- 1+3 H fa] + Oln p? (23) 


Note that all the middle terms now have unity COEFFI- 
CIENTS. Similarly, combining a 4-point with the (2+4)- 
point rule gives 


ACS fit B fot fs+ fat... +fn-3tfn-24 H fn-1t 13) 
+0(n7%). (24) 


Other Newton-Cotes rules occasionally encountered in- 
clude DURAND’S RULE 


k Eo. 


A(2fit fot fat... + fn- 2+ H m1 +5 nm) (25) 


(Beyer 1987), HARDY’sS RULE 


zo+3h 
/ fix) dx = 100 = h(28f_3 + 162f_2 + 22 fo + 162 fe 


o—3h 


+28 fs) + ¡22124 (€) -KFO (EN), (26) 


and WEDDLE’S RULE 


Í * fle) de = 3h(f: 
+5f2 + f3 +6fa +5fs + fet+...+5fen-1+ fen) (27) 


(Beyer 1987). 


The open Newton-Cotes rules use points outside the in- 
tegration interval, yielding the 1-point 


from, (28) 
2-point 


r3 zı +2h 
f soae= f 
TO x1-h 


1 e a 
= z(h- Et ara) tant 
= 2h(fi+ f2) + 4h’ f” (€), (29) 


P(x) dz 


3-point 


f f(a) de =2h(2h — fo + 2fa) + BR FOE), (30) 
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4-point 
f(a) de = Fh frtfot fot fa) + iah FO (6), 
Ñ (31) 
5-point 


f(x) de = ¿h(11f, 


TO 
—14f2 +26f3 — 14f4 + 11f5) - ¿LA PO (E), (32) 
6-point 


27 


f(a) dx = 5240 an h(61 1f, — 453 fa + 562 fs + 562 fa 


TO 


—453 f5 + 611 fe) - LEPE (E), (33) 


and 7-point 
Dg 
J FE) de = Sh(400f, ~ 954] + 2196fs — 2450 


+2196f5 — 954 fo + 460 f7) — ZBER f(E (34) 
rules. 


A 2-point open extended formula is 


l E e S ME MS 


11(n +1) 5 p(4) 
OS 


(35) 


+3 (- — fo + fa + fn-1 + fati)] + 5 


Single interval extrapolative rules estimate the integral 
in an interval based on the points around it. Án example 
of such a rule is 


hfi + O(h? f’) (36) 

1h(3fi — fa) + O(h? f”) (37) 

Lh(23f — 16 f2+5fs)+O(n*f) (38) 

FG PAS fa — 59 fa + 37 fs — 9fa) + O(A °F). (389) 


see also BODE’S RULE, DIFFERENCE EQUATION, Du- 
RAND’S RULE, FINITE DIFFERENCE, GAUSSIAN QUAD- 
RATURE, HARDY’S RULE, LAGRANGE INTERPOLATING 
POLYNOMIAL, NUMERICAL INTEGRATION, SIMPSON’S 
RULE, SIMPSON’S 3/8 RULE, TRAPEZOIDAL RULE, 
WEDDLE’S RULE 
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Newton”s Diverging Parabolas 
Curves with CARTESIAN equation 


ay” = r(x? — 2bx + c) 


with a > 0. The above equation represents the third 
class of Newton's classification of CUBIC CURVES, which 
Newton divided into five species depending on the 
Roots of the cubic in x on the right-hand side of the 
equation. Newton described these cases as having the 
following characteristics: 


1. “All the ROOTS are REAL and unequal. Then the 
Figure is a diverging Parabola of the Form of a Bell, 
with an Oval at its Vertex. 

2. Two of the ROOTS are equal. A PARABOLA will 
be formed, either Nodated by touching an Oval, or 
Punctate, by having the Oval infinitely small. 

3. The three ROOTS are equal. This is the NEILIAN 
PARABOLA, commonly called SEMI-CUBICAL. 

4. Only one REAL Root. If two of the ROOTS are 
impossible, there will be a Pure PARABOLA of a Bell- 
like Form” 


(MacTutor Archive). 
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Newton’s Divided Difference Interpolation 


Formula 
Let 


rn(2)= | [ (x — za), (1) 


i=1 


then 


f(x) = fo + X 2r-1(2) (20,21)... 2k] + Rn, (2) 


k=1 
where [x1,...] is a DIVIDED DIFFERENCE, and the re- 
mainder is 
(n+1) 
Ryle) = na (2) toi Bal ral) (3) 


for £o < € < Ln. 
see also DIVIDED DIFFERENCE, FINITE DIFFERENCE 
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Newton's Identities 


Newton’s Forward Difference Formula 

A FINITE DIFFERENCE identity giving an interpolated 
value between tabulated points {fp} in terms of the first 
value fo and the POWERS of the FORWARD DIFFERENCE 
A. For a € [0,1], the formula states 


fa=fo+aA+ja(a-1)A*+ha(a—-D(a-2)A +... 


When written in the form 


f(atay= >> {an fta) 


with (a)n the POCHHAMMER SYMBOL, the formula looks 
suspiciously like a finite analog of a TAYLOR SERIES ex- 
pansion. This correspondence was one of the motivating 
forces for the development of UMBRAL CALCULUS. 


The DERIVATIVE of Newton’s forward difference formula 
gives MARKOFF’S FORMULAS. 


see also FINITE DIFFERENCE, MARKOFF’S FORMULAS, 
NEWTON’S BACKWARD DIFFERENCE FORMULA, NEW- 
TON’S DIVIDED DIFFERENCE INTERPOLATION FOR- 
MULA 
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Newton’s Formulas 
Let a TRIANGLE have side lengths a, b, and c with op- 
posite angles A, B, and C. Then 


b+c  cos[5(B -— C)] 


a sin( 3 A) 
c+a _ cos[3(C — A) 
b o sin( $B) 
a+b _ cos(}(A~B) 
co! sin($C) 


see also MOLLWEIDE’S FORMULAS, TRIANGLE 
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Newton’s Identities 
see also NEWTON’S RELATIONS 


Newton’s Iteration 


Newton’s Iteration ¡ 
An algorithm for the SQUARE ROOT of a number r 
quadratically as liMmn— Un, 


1 T 
tayi = 3 (2+ Z), 


where zo = 1. The first few approximants to yn are 
given by 


1+ 26n + 70n? + 28n? + n* 
81+n(1+6n+n2) * 


For v2, this gives the convergents as 1, 3/2, 17/12, 
577/408, 665857 /470832, .... 


see also SQUARE ROOT 


Newton’s Method 

A Root-finding ALGORITHM which uses the first few 
terms of the TAYLOR SERIES in the vicinity of a sus- 
pected ROOT to zero in on the root. The TAYLOR SE- 
RIES of a function f(x) about the point z+ € is given 
by 


f(e +6) = f(x) + fet sf @e+.... (1) 


Keeping terms only to first order, 


f(e +e) ~ f(x) + fi(a)e. (2) 


This expression can be used to estimate the amount of 
offset e needed to land closer to the root starting from 
an initial guess zo. Setting f(zo + €) = 0 and solving 
(2) for e gives 

gpa (3) 

f'(xo)’ 

which is the first-order adjustment to the ROOT’s posi- 
tion. By letting 11 = zo + €o, calculating a new e,, and 
so on, the process can be repeated until it converges to 
a root. 


Unfortunately, this procedure can be unstable near a | 


horizontal ASYMPTOTE or a LOCAL MINIMUM. How- 
ever, with a good initial choice of the ROOT’s position, 
the algorithm can by applied iteratively to obtain 


for m= 1,. 2, 3;,..«. 


The error €,41 after the (n + 1)st iteration is given by 


En+1 = En + (Ln41 — Ln) 


= f(@n) ; (5) 


Newton’s Method 1231 
But 
Flan) = f(a) + f'(w)en + $f" (wen +... 
= fi(z)en + $f" (z)en* +... (6) 
flan) = f'(x) + f" (wen t+..., (7) 
SO 


fen) _ Flaen + (aja +. 

f' (x2) fx) + f"(ujen+..- 
_Plaje+ ¿f(ajen” _ 
EPA 


and (5) becomes 


f'(x) 2 _ fx) 2 
e = E 


En+1 = En — e + 


Therefore, when the method converges, it does so 
quadratically. 


A FRACTAL is obtained by applying Newton's method to 
finding a ROOT of z” — 1 = 0 (Mandelbrot 1983, Gleick 
1988, Peitgen and Saupe 1988, Press et al. 1992, Dickau 
1997). Iterating for a starting point zo gives 


(10) 


Since this is an nth order POLYNOMIAL, there are n 
ROOTS to which the algorithm can converge. 


Coloring the BASIN OF ATTRACTION (the set of initial 
points zo which converge to the same ROOT) for each 
ROOT a different color then gives the above plots, cor- 
responding to n = 2, 3, 4, and 5. 

see also HALLEY’S IRRATIONAL FORMULA, HALLEY’S 
METHOD, HOUSEHOLDER’S METHOD, LAGUERRE’S 
METHOD 
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Newton Number 
see KISSING NUMBER 


Newton’s Parallelogram 
Approximates the possible values of y in terms of z if 


Te 


` aijt y = 0. 


i, j=0 


Newton-Raphson Fractal 
see NEWTON’S METHOD 


Newton-Raphson Method 
see NEWTON’S METHOD 


Newton’s Relations 
Let s; be the sum of the products of distinct ROOTS r; 
of the POLYNOMIAL equation of degree n 


Ant” +an-12 * +... +aız + ao = 0, (1) 


where the roots are taken i at a time (i.e., sí is 
defined as the ELEMENTARY SYMMETRIC FUNCTION 


Newton’s Theorem 


H;(ri,...,?n)) sí is defined for i =1,... 
ple, the first few values of s; are 


, n. For exam- 


Si =fr tratr t Te Fes (2) 
$2 = 1172 + 7173 + T1T4 +7273 +... (3) 
83 = 717273 + 777274 + T273T4++..., (4) 


and so on. Then 


s; = (YE. (5) 


This can be seen for a second DEGREE POLYNOMIAL by 
multiplying out, 


a22* + a,x + ao = a2(x — ri)(a — ra) 


= ag [a? — (rı + ra)z + rir2], (6) 


So 
2 
Q1 
81 = ) oS TAPA Se (7) 
a2 
i=l 
2 
y ao 
Sa = Pit; = 112 = —, (8) 
a2 
i,j=1 
14) 


and for a third DEGREE POLYNOMIAL, 


azz? + azr? + aix + ao = a3(x — r1)(2 — r2) (2 — r3) 
=as [2 — (rı +ra+r3)2 +(rır2+rırs3+r2r3)£—rırzr3], 


(9) 


sO 


3 
a2 
== a 10 
sı > 3 (10) 


3 


41 
$2 = Tifi = 7172 +7173 +7273 = =e (11) 
e 3 
2I, 
14] 
3 


ao 
5o Tay j bie = CITATS E (12) 
3 


53 
i,j,k 
¡Ahh 


see also ELEMENTARY SYMMETRIC FUNCTION 
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Newton’s Theorem 

If each of two nonparallel transversals with nonminimal 
directions meets a given curve in finite points only, then 
the ratio of products of the distances from the two sets 
of intersections to the intersection of the lines is inde- 
pendent of the position of the latter point. 
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Newtonian Form 


Newtonian Form 


see NEWTON’S DIVIDED DIFFERENCE INTERPOLATION 
FORMULA 


Next Prime 
The next prime function NP(n) gives the smallest 
PRIME larger than n. The function can be given ex- 
plicitly as 

NP(n) = Pl+r(m)» 
where p; is the ith PRIME and a(n) is the PRIME 
COUNTING FUNCTION. For n = 1, 2, ... the values 
are 2, 3, 5, 5, 7, 7, 11, 11, 11, 11, 13, 13, 17, 17, 17, 17, 
19, ... (Sloane’s A007918). 
see also FORTUNATE PRIME, PRIME COUNTING FUNC- 
TION, PRIME NUMBER 
References 


Sloane, N. J. A. Sequence A007918 in “An On-Line Version 
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Nexus Number 

A FIGURATE NUMBER built up of the nexus of cells less 
than n steps away from a given cell. In k-D, the (n+1)th 
nexus number is given by 


1=0 


where (”) is a BINOMIAL COEFFICIENT. The first few k- 
dimensional nexus numbers are given in the table below. 


k Nn+ı name 

oO 1 unit 

1 1+2n odd number 

2 1+3n+3n* hex number 

3 144n+6n?+4n? rhombic dodecahedral 


number 


see also HEX NUMBER, ODD NUMBER, RHOMBIC Do- 
DECAHEDRAL NUMBER 
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Neyman-Pearson Lemma 
If there exists a critical region C of size œ and a NON- 
NEGATIVE constant k such that 


II", (0,161) 
HE 


for points in C and 


Pa Filh) 

Ii- f(z:l8o) 7 

for points not in C, then C is a best critical region of 
size a. 
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Nicholson’s Formula 

Let J,(2) be a BESSEL FUNCTION OF THE FIRST KIND, 
Y (2) a BESSEL FUNCTION OF THE SECOND KIND, and 
K.(z) a MODIFIED BESSEL FUNCTION OF THE FIRST 
KIND. Also let R|z] > 0. Then 


J? z +Y? 2) = A Ko(2z sinh t) cos(2vt) dt. 
q? A 


see also DIXON-FERRAR FORMULA, WATSON’S FOR- 
MULA 
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Nicomachus’s Theorem 
The nth CUBIC NUMBER n° is a sum of n consecutive 
ODD NUMBERS, for example 


1% =1 
9 =34+5 
3° =749411 


4% = 13 + 15 + 17 + 19, 


etc. This identity follows from 
Y “in(n-1)- 1424] =n’. 
i=1 
It also follows from this fact that 
n Tt 2 
Se= (Sor) . 
k=1 k=1 


see also ODD NUMBER THEOREM 


Nicomedes’ Conchoid 
see CONCHOID OF NICOMEDES 


Nielsen-Ramanujan Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


N. Nielsen (1909) and Ramanujan (Berndt 1985) con- 

sidered the integrals 
2 k 

O EIA (1) 


i z—l1 


1234 Nielsen's Spiral 
They found the values for k = 1 and 2. The general 
constants for k > 3 were found by V. Adamchik (Finch) 
p-l,. 1 k 
p(in 2)?+2 Lip41—-(2)(In 2) 

= p! 1) - ———— - p! eae ee he 
ss eS a a py iI ,; 
(2) 
where ¢(z) is the RIEMANN ZETA FUNCTION and Li,(z) 

is the POLYLOGARITHM. The first few values are 


ai = $¢(2) = 7 (3) 
az = 3C(3) (4) 
a3 = Er + ¿m (In2)’ — j(n2)* 

— 6Lis(5) — $ In 2¢(3) (5) 
as = 2n°(In2)° — ¿(In2)” — 241n 2 Li4(¿) 


— 24 Li5(1) — 2 (In 2)°¢(3) + 24¢(5). (6) 


see also POLYLOGARITHM, RIEMANN ZETA FUNCTION 
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Nielsen’s Spiral 


The SPIRAL with parametric equations 
x(t) = aci(t) (1) 
y(t) = asi(t), (2) 


where ci(t) is the COSINE INTEGRAL and si(t) is the SINE 
INTEGRAL. The CESARO EQUATION is 


(3) 


see also CORNU SPIRAL, COSINE INTEGRAL, SINE IN- 
TEGRAL 
References 
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Nim 


Nil Geometry 
The GEOMETRY of the LIE GROUP consisting of REAL 
MATRICES of the form 


lz y 
0 1 zl, 
0 0 1 


i.e., the HEISENBERG GROUP. 


see also HEISENBERG GROUP, LIE GROUP, THURSTON’S 
GEOMETRIZATION CONJECTURE 


Nilmanifold 

Let N be a NILPOTENT, connected, SIMPLY CON- 
NECTED LIE GROUP, and let D be a discrete SUBGROUP 
of N with compact right QUOTIENT SPACE. Then N/D 
is called a nilmanifold. 


Nilpotent Element 
An element B of a RING is nilpotent if there exists a 
POSITIVE INTEGER k for which B* = 0. 


see also ENGEL’S THEOREM 


Nilpotent Group 
A GROUP G for which the chain of groups 


FEC Ge awe Fe 


with Z41/Z, (equal to the CENTER of G/Z;) termi- 
nates finitely with G = Zn is called a nilpotent group. 


see also CENTER (GROUP), NILPOTENT LIE GROUP 


Nilpotent Lie Group 

A LIE GROUP which has a simply connected covering 
group HOMEOMORPHIC to R”. The prototype is any 
connected closed subgroup of upper triangular COM- 
PLEX matrices with 1s on the diagonal. The HEISEN- 
BERG GROUP is such a group. 


References 
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Nilpotent Matrix 

A SQUARE MATRIX whose EIGENVALUES are all 0. A 
related definition is a SQUARE MATRIX M such that M” 
is 0 for some POSITIVE integral POWER. 


see also EIGENVALUE, SQUARE MATRIX 


Nim 

A game, also called TACTIX, which is played by the fol- 
lowing rules. Given one or more piles (Nim-HEAPS), 
players alternate by taking all or some of the counters 
in a single heap. The player taking the last counter or 
stack of counters is the winner. Nim-like games are also 
called TAKE-AWAY GAMES and DISJUNCTIVE GAMES. 


US 2010/0207399 Al 


provide electrical interface to measurement system. System 
“ground” (common connection point) 15 is for measurement/ 
control system components. Switch 16 is for disconnection of 
pyramid/antenna from pyramid driving electronics. Radiative 
“cone” 17 emits from inside and bottom surface of pyramid 
towards “ground” underneath the pyramid harvester system. 
Radiated E-M field 18 is directed from pyramid to ground 
surface directly underneath. Resistive impedance 19 of radi- 
ated E-M field (“virtual component) is derived from mea- 
surement and calculation of E-M field model to ground area. 
Capacitive impedance 20 of radiated E-M field to “ground” 
area is a “virtual component” derived from measurement and 
calculation of E-M field model. Virtual resistance of radiated 
energy 21 from bottom of pyramid, is conducted through 
earth to “firm ground” potential (another “virtual component” 
derived from measurement and calculation). Pyramid ground 
52 is an equipotential “zero-impedance” point in the earth 
which serves as the ground reference for both conducted 
(from pyramid ground stake 52) and radiated 18, 19, 20, 21 
energy underneath the pyramid harvester device. In a non- 
harvesting model this ground point is always at zero potential. 
However, in an energy-harvesting model the point 22 serves 
as an AC voltage source, sending conducted energy back into 
the pyramid system through all the components that “drain” 
to it in the non-harvesting model. Sense resistor 23 for apex 
current monitor in pyramid energizing system is a low value 
resistor (typically 0.05 to 0.2 ohms) that allows a small volt- 
age to develop, proportional to the current flowing to the 
pyramid apex from the energizing system. Apex current 
monitor opto transmitter 24 measures the voltage across 
resistor 23 and turns it into a proportional electronic signal, 
which is then fed to a light emitting diode and transmitted 
through an optical cable to the instrumentation part of the 
system. All the signals in the pyramid harvester system are at 
extremely high voltages, and the optical cable allows secure 
remote transmission of these signals to the measurement and 
data-logging system (not shown on this diagram). Resistance 
25 of the apex excitation coil 26 is measured at DC. This is a 
“virtual” component, since the resistance is in the coil itself, 
and is not a separate component. Apex coil 26 translates the 
stimulation power signal from amplifiers 34, 35 into a very 
high voltage at the resonant frequency established by the coil 
and intrinsic capacitance of the pyramid. Mutual inductance 
coupling exists between the apex coil and the harvest or 
secondary coil 27. This is another “virtual component” con- 
sisting of the electromagnetic signal coupling between the 
two coils based on many different factors. Optional resistor 
28 can be used for resonance or phase tuning of pyramid 
network. The main resonance is determined by apex coil 26 
inductance and pyramid lumped capacitive element 8. How- 
ever, this will make the voltage at the junction of the pyramid 
(capacitor) and the apex coil 26 approximately 90 degrees out 
of phase with the current. One approach to reduce the phase 
angle and also to possibly tune the resonant frequency and the 
Q of the circuit is to insert an additional reactive element 29 in 
parallel into the apex coil 26. The apex coil winding resis- 
tance is expressed here as resistor 25 in series with inductor 
26. The inserted element is an additional optional capacitor 
29 in parallel with the apex coil. This capacitor develops an 
independent L-C resonant circuit, besides the L-C resonant 
circuit of the apex coil and pyramid. An anticipated function 
if used in the circuit would be to lower the resonant frequency. 
Drive current monitor current sense resistor 30 is for drive 
current opto transmitter 31. Summing/protection resistors are 
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placed in series with 32 drive 1 and 33 drive 2. Power ampli- 
fiers 34, 35 drive coil/pyramid resonant system. Power (drive) 
amplifier signal input 36 is fed through opto receiver 37. The 
signal in the optical cable 38 is from the National Instruments 
control system for control of power amplifiers. Pyramid sys- 
tem ground (star-ground) connects to top of pyramid ground 
stake, after ground stake disconnect switches 39 and 50. 
Power supply 40 is for pyramid driver amplifier. Resistor 41 
is used for voltage measurement across power driver higher 
value terminals. Opto transmitter 42 is for voltage measure- 
ment across power amplifier and includes drawing of optical 
cable to measurement system. Current-sensing resistor 43 is 
for current measurement from pyramid amplifiers to ground 
post. Opto transmitter 44 1s for transmitting ground current to 
control and measurement system. Voltage sense resistor 45 is 
between pyramid ground stake 52 and remote ground stake 55 
(100 kohm-1 Mohm). Opto transmitter 46 is for voltage sense 
from pyramid ground 52 to remote ground 55. Current sense 
resistor 47 from pyramid ground to remote ground is for opto 
transmitter 48. When used, this closes switch 49B to short out 
the voltage measurement 45 and also short out the intrinsic 
ground impedance 58 between pyramid ground and remote 
ground stakes. Ground post disconnect switch 49 is below the 
system star ground stake and is very dangerous when open. 
Main connection point for pyramid system is the star ground 
terminal 50. Ground surface 51 is on which pyramid system is 
placed. Ground stake 52 for pyramid system 1s a 1" diameter 
copper rod, 8-12 ft deep. R absolute 53 is between ground 
stake and earth integrated from ground stake theoretically 
through entire earth. “Absolute ground” is located under 
pyramid and ground stake 54. Remote ground stake 55 is 
about 200 feet away from pyramid system and is used as 
remote reference ground although a real remote ground 
would likely be much further away. R absolute 56 is from 
remote ground stake to absolute ground under remote stakes 
57. Ground impedance 58 between 52 and 55 stakes appears 
mostly resistive and is about 28-30 ohms based on AC mea- 
surements at 1 KHz. The remote ground setup is not required 
for the operation of the system but provides test data. Harvest/ 
secondary coil 59 is an inductor wound with 3 to 6 times as 
many turns as the apex coil, and connected to it by mutual 
inductance 27. Current sense resistor 60 1s placed on top lead 
of harvest coil. Opto transmitter 61 is for top harvest coil 
current. Voltage sense resistor 62 that measures voltage 
across harvest coil is for opto transmitter 63. Load resistor 64 
is for secondary/harvest coil and the load resistor is optimized 
to draw the maximum power from the harvest/secondary coil 
such that the energy harvest efficiency of the entire system is 
optimized. This is the defining element of the system. Voltage 
sense resistor 65 for the opto transmitter for load voltage 66 
measures the voltage across the load. Current sense resistor 
67 is placed at bottom side of harvest coil. Opto transmitter 68 
is for bottom lead current sense resistor 67. A jumper is placed 
to system ground 69 that allows grounded operation of the 
harvest coil with system ground 70. More than one step-up 
transformer coil can be used as energy harvester in the pyra- 
mid generator system. 

[0073] The minimum system is shown in FIG. 3. When a 
minimum system is used, a load can be directly connected to 
the pyramid’s surface. 


DISCUSSION 


[0074] This invention demonstrates a novel approach to 
harvest Earth’s electric energy. The masses of Earth and its 


Nim-Heap 


If optimal strategies are used, the winner can be deter- 
mined from any intermediate position by its associated 
NIM- VALUE. 


see also MISÈRE FORM, NIM-VALUE, WYTHOFF’S 
GAME 
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Nim-Heap 


A pile of counters in a game of NIM. 


Nim-Sum 
see NIM-VALUE 


Nim- Value 

Every position of every IMPARTIAL GAME has a nim- 
value, making it equivalent to a NIM-HEAP. To find the 
nim-value (also called the SPRAGUE-GRUNDY NUMBER), 
take the MEX of the nim-values of the possible moves. 
The nim-value can also be found by writing the num- 
ber of counters in each heap in binary, adding without 
carrying, and replacing the digits with their values mod 
2. If the nim-value is 0, the position is SAFE; otherwise, 
it is UNSAFE. With two heaps, safe positions are (x, x) 
where æ € [1,7]. With three heaps, (1, 2, 3), (1, 4, 5), 
(1, 6, 7), (2, 4, 6), (2, 5, 7), and (3, 4, 7). 

see also GRUNDY’S GAME, IMPARTIAL GAME, MEX, 
NIM, SAFE, UNSAFE 
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Nine-Point Center 
The center F (or N) of the NINE-POINT CIRCLE. It has 
TRIANGLE CENTER FUNCTION 


a = cos(B — C) = cos A + 2 cos B cos C 
= be[a*b? + a”? + (b? — c? y], 
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and is the MIDPOINT of the line between the CIRCUM- 
CENTER C and ORTHOCENTER H. It lies on the EULER 
LINE. 


see also EULER LINE, NINE-POINT CIRCLE, NINE- 
POINT CONIC 
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Nine-Point Circle 


The CIRCLE, also called EULER’S CIRCLE and the 
FEUERBACH CIRCLE, which passes through the feet of 
the PERPENDICULAR Fa, Fg, and Fe dropped from the 
VERTICES of any TRIANGLE AABC on the sides op- 
posite them. Euler showed in 1765 that it also passes 
through the MIDPOINTS Ma, Mp, Mc of the sides of 
AABC. 


By FEUERBACH’S THEOREM, the nine-point circle also 
passes through the MIDPOINTS Mya, Mu, Muc of 
the segments which join the VERTICES and the ORTHO- 
CENTER H. These three triples of points make nine in 
all, giving the circle its name. The center F of the nine- 
point circle is called the NINE-POINT CENTER. 


The RADIUS of the nine-point circle is R/2, where R is 
the CIRCUMRADIUS. The center of KIEPERT’S HYPER- 
BOLA lies on the nine-point circle. The nine-point circle 
bisects any line from the ORTHOCENTER to a point on 
the CIRCUMCIRCLE. The nine-point circle of the INCEN- 
TER and EXCENTERS of a TRIANGLE is the CIRCUMCIR- 
CLE. 


The sum of the powers of the VERTICES with regard to 
the nine-point circle is 


(ay? + az” + as”). 
Also, 


FA,’ + FA,’ + FAs’ + FH’ = 3R’, 
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where F is the NINE-POINT CENTER, A; are the VER- 
TICES, H is the ORTHOCENTER, and R is the CIRCUM- 
RADIUS. All triangles inscribed in a given CIRCLE and 
having the same ORTHOCENTER have the same nine- 
point circle. 


see also COMPLETE QUADRILATERAL, EIGHT-POINT 
CIRCLE THEOREM, FEUERBACH’S THEOREM, FONTENÉ 
THEOREMS, GRIFFITHS’ THEOREM, NINE-POINT CEN- 
TER, NINE-POINT CONIC, ORTHOCENTRIC SYSTEM 
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Nine-Point Conic 

A CONIC SECTION on which the MIDPOINTS of the sides 
of any COMPLETE QUADRANGLE lie. The three diagonal 
points also lie on this conic. 


see also COMPLETE QUADRANGLE, CONIC SECTION, 
NINE-POINT CIRCLE 


Nint 
see NEAREST INTEGER FUNCTION 


Nint Zeta Function 
Let 


Sn(s) = X ie Ir (1) 


where [x] denotes NINT, the INTEGER closest to x. For 
s>3, 


Sa(s) = 2¢(s — 1) (2) 
S3(s) = 3¢(s — 2) +4 “C(s) (3) 
Sa(s) = 40 (s — 3) + C(s — 1). (4) 


Niven's Constant 


Sy(n) is a POLYNOMIAL in m whose COEFFICIENTS are 
ALGEBRAIC NUMBERS whenever n — N is ODD. The 
first few values are given explicitly by 


r’ rt 

S3(4) = > + 33046 (5) 
5r? m? rê 

586) = + 3g + ga 


1 170912 + 4992842 
945 25 


4 6 7 
4601 
Sa =m +45 y y 2460 3 + 3536644/2 m | 

18 - 2520 45 927 


(7) 
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Nirenberg’s Conjecture 

If the Gauss MAP of a complete minimal surface omits 
a NEIGHBORHOOD of the SPHERE, then the surface is a 
PLANE. This was proven by Osserman (1959). Xavier 
(1981) subsequently generalized the result as follows. If 
the GAUSS MAP of a complete MINIMAL SURFACE omits 
> 7 points, then the surface is a PLANE. 


see also GAUSS MAP, MINIMAL SURFACE, NEIGHBOR- 
HOOD 
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Niven's Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Given a POSITIVE INTEGER m > 1, let its PRIME FAC- 
TORIZATION be written 


m = pi” po”? p3”? e pk. (1) 


Define the functions h and H by h(1) = 1, H(1) = 1, 
and 


h(m) = min(a1,42,...,0x) (2) 


H(m) = max(a1,42,...,0k). (3) 


Then 


1 n 
lim — > =P] 
iim z _ h(m) (4) 


Niven Number 
cane Jn ¢(3)’ 


where ((z) is the RIEMANN ZETA FUNCTION (Niven 
1969). Niven (1969) also proved that 


(5) 


nmooo TL 


lim + Y H(m) =C, (6) 


where 


cia Y) (1-4 = 1.705221... (7) 


(Sloane’s A033150). 


The CONTINUED FRACTION of Niven’s constant is 1, 1, 
2, 2, 1, 1, 4, 1, 1, 3, 4, 4, 8, 4, 1, ... (Sloane's A033151). 
The positions at which the digits 1, 2, ... first occur in 
the CONTINUED FRACTION are 1, 3, 10, 7, 47, 41, 34, 
13, 140, 252, 20, ... (Sloane’s A033152). The sequence 
of largest terms in the CONTINUED FRACTION is 1, 2, 4, 
8, 11, 14, 29, 372, 559, ... (Sloane’s A0033153), which 
occur at positions 1, 3, 7, 13, 20, 35, 51, 68, 96, ... 
(Sloane’s A033154). 
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Niven Number 
see HARSHAD NUMBER 


Nobbs Points 


Given a TRIANGLE AABC, construct the CONTACT 
TRIANGLE ADEF. Then the Nobbs points are the 
three points D', E', and F’ from which AABC and 
ADEF are PERSPECTIVE, as illustrated above. The 
Nobbs points are COLLINEAR and fall along the GER- 
GONNE LINE. 


Noether’s Fundamental Theorem 1237 
see also COLLINEAR, CONTACT TRIANGLE, EVANS 
POINT, FLETCHER POINT, GERGONNE LINE, PERSPEC- 
TIVE TRIANGLES 
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Noble Number 

A noble number is defined as an IRRATIONAL NUMBER 
which has a CONTINUED FRACTION which becomes an 
infinite sequence of 1s at some point, 


v =[a1,a2,...,An,1]. 


The prototype is the GOLDEN RATIO ¢@ whose CONTIN- 
UED FRACTION is composed entirely of 1s, [1]. Any 
noble number can written as 


mE An + pAn-1 
Bn + OBn+1 


where A; and Bk are the NUMERATOR and DENOMI- 
NATOR of the kth CONVERGENT of [a1,a2,...,@n]. The 
noble numbers are a SUBFIELD of Q(v5 ). 


see also NEAR NOBLE NUMBER 
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Node (Algebraic Curve) 
see ORDINARY DOUBLE POINT 


Node (Fixed Point) 

A FIXED POINT for which the STABILITY MATRIX has 
both EIGENVALUES of the same sign (i.e., both are Pos- 
ITIVE or both are NEGATIVE). If A1 < Az < 0, then the 
node is called STABLE; if Ai > A2 > 0, then the node is 
called an UNSTABLE NODE. 


see also STABLE NODE, UNSTABLE NODE 


Node (Graph) 
Synonym for the VERTICES of a GRAPH, i.e., the points 
connected by EDGES. 


see also ACNODE, CRUNODE, TACNODE 


Noether’s Fundamental Theorem 

If two curves $ and Y of MULTIPLICITIES r; Æ 0 and 
si Æ 0 have only ordinary points or ordinary singular 
points and CUSPS in common, then every curve which 
has at least MULTIPLICITY 


ri +s;-—1 
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at every point (distinct or infinitely near) can be written 
f=oy +99 =0, 


where the curves ¢’ and 7)’ have MULTIPLICITIES at least 
r; — 1 and s; —1. 
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Noether-Lasker Theorem 

Let M be a finitely generated MODULE over a commu- 
tative NOETHERIAN RING R. Then there exists a finite 
set {N;|1 <i < l} of submodules of M such that 


1. N_N; = 0 and Mizi, Ni is not contained in Ni, for 


2. Each quotient M/N; is primary for some prime P;. 
3. The F; are all distinct for 1 <2 <1. 


4. Uniqueness of the primary component N; is equiva- 
lent to the statement that P; does not contain P; for 


any 7 41. 


Noether’s Transformation Theorem 

Any irreducible curve may be carried by a factorable 
CREMONA TRANSFORMATION into one with none but 
ordinary singular points. 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
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Noetherian Module 
A MODULE M is Noetherian if every submodule is 
finitely generated. 


see also NOETHERIAN RING 


Noetherian Ring 
An abstract commutative RING satisfying the abstract 
chain condition. | 


see also LOCAL RING, NOETHER-LASKER THEOREM 


Noise 

An error which is superimposed on top of a true sig- 
nal. Noise may be random or systematic. Noise can be 
greatly reduced by transmitting signals digitally instead 
of in analog form because each piece of information is 
allowed only discrete values which are spaced farther 
apart than the contribution due to noise. 


CODING THEORY studies how to encode information ef- 
ficiently, and ERROR-CORRECTING CODES devise meth- 
ods for transmitting and reconstructing information in 
the presence of noise. 


see also ERROR 


Nome 
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Noise Sphere 
A mapping of RANDOM NUMBER TRIPLES to points in 
SPHERICAL COORDINATES, 


6 = 27X, 
$ = nXn+1 
r = Xn+2- 


The graphical result can yield unexpected structure 
which indicates correlations between triples and there- 
fore that the numbers are not truly RANDOM. 
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Nolid 
An assemblage of faces forming a POLYHEDRON of zero 


VOLUME (Holden 1991, p. 124). 
see also ACOPTIC POLYHEDRON 
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Nome 
Given a THETA FUNCTION, the nome is defined as 


mrt e *K(l—m)/K(m) AR ore) ECC) (1) 


=E 


where K(k) is the complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND, and m is the PARAMETER. 


0:(2,q) = vz IT) (2) 


Nomogram 


Solving the nome for the PARAMETER m gives 
m(q) = aa: (4) 
q 


where 9;(2,q) is a THETA FUNCTION. 


see also AMPLITUDE, CHARACTERISTIC (ELLIPTIC IN- 
TEGRAL), ELLIPTIC INTEGRAL, MODULAR ANGLE, 
MODULUS (ELLIPTIC INTEGRAL), PARAMETER 
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Nomogram 
A graphical plot which can be used for solving certain 
types of equations. 
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Nonagon 


The unconstructible regular POLYGON with nine sides 
and SCHLAFLI SYMBOL (9). It is sometimes called an 
ENNEAGON. 


Although the regular nonagon is not a CONSTRUCTIBLE 
POLYGON, Dixon (1991) gives several close approxi- 
mations. While the ÁNGLE subtended by a side is 
360% /9 = 40°, Dixon gives constructions containing an- 
gles of tan”*(5/6) ~ 39.8805571° and 2tan”*((v3 — 
1)/2) = 40.207818°. 

Madachy (1979) illustrates how to construct a nonagon 
by folding and knotting a strip of paper. 

see also NONAGRAM, TRIGONOMETRY VALUES—7/9 
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Nonagonal Number 
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A FIGURATE NUMBER of the form n(7n — 5)/2, also 
called an ENNEAGONAL NUMBER. The first few are 1, 
9, 24, 46, 75, 111, 154, 204, ... (Sloane's A001106). 
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Nonagram 


A STAR POLYGON composed of three EQUILATERAL 
TRIANGLES rotated at angles 0°, 40°, and 80°. It has 
been called the STAR OF GOLIATH by analogy with the 
STAR OF DAVID (HEXAGRAM). 


see also HEXAGRAM, NONAGON, 
VALUES—z7 /9 


TRIGONOMETRY 


Nonassociative Algebra 
An ALGEBRA which does not satisfy 


a(bc) = (ab)c 


is called a nonassociative algebra. Bott and Milnor 
(1958) proved that the only nonassociative DIVISION 
ALGEBRAS are for n = 1, 2, 4, and 8. Each gives rise to 
an ALGEBRA with particularly useful physical applica- 
tions (which, however, is not itself necessarily nonassoc- 
lative), and these four cases correspond to REAL NUM- 
BERS, COMPLEX NUMBERS, QUATERNIONS, and Cay- 
LEY NUMBERS, respectively. 

see also ALGEBRA, CAYLEY NUMBER, COMPLEX NUM- 


BER, DIVISION ALGEBRA, QUATERNION, REAL NUM- 
BER 
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Nonassociative Product 
The number of nonassociative n-products with k ele- 
ments preceding the rightmost left parameter is 


F(n,k) = F(n-1,k) + F(n—1,k—-1) 


_fn+k—-2 = n+k-1 
= k k-1 }’ 


where (7) is a BINOMIAL COEFFICIENT. The number of 
n-products in a nonassociative algebra is 


F(n) = SF tn D= a. 
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Nonaveraging Sequence 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


An infinite sequence of POSITIVE INTEGERS 
1<a¡<az<as<... 


is a nonaveraging sequence if it contains no three terms 
which are in an ARITHMETIC PROGRESSION, so that 


ai + a; F 204% 


for all distinct ai, aj, ax. Wróblewski (1984) showed 
that 


OO 


1 
S(A) = sup — > 3.00849. 
all nonaveraging ae Qk 
sequences = 
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Noncentral Distribution 


see CHI-SQUARED DISTRIBUTION, F-DISTRIBUTION, 
STUDENT’S t-DISTRIBUTION 


Noncommutative Group 

A group whose elements do not commute. The simplest 
noncommutative GROUP is the DIHEDRAL GROUP D} 
of ORDER six. 


see also COMMUTATIVE, FINITE GROUP—D3 


Nonconformal Mapping 

Let y be a path in C, w = f(z), and @ and ¢ be the 
tangents to the curves y and f(y) at zo and wo. If there 
is an N such that 


Ff‘) (z0) #0 (1) 
F™ (20) =0 (2) 


Noncototient 


for all n < N (or, equivalently, if f’(z) has a zero of 
order N — 1), then 


(N) (4 
Fle) = Fo) + e- 20)" 
po) 


wg SA B) 


+ 


N 20 
fle) — Fo) = (2 = zo)" | AN 


fot 
Amo). , (4) 


so the ARGUMENT is 


arg|f(z) — f(z0)] = Narg(z — zo) + arg pa 
FOD (z0) 


TN + D! 


G- 2) +... (5) 
As z > zo, arg(z — zo) > @ and | arg[f(z) — f(z0)]| > ¢, 
E = NO + arglfíN)(zo)]. (6) 


see also CONFORMAL TRANSFORMATION 


Nonconstructive Proof 

A PROOF which indirectly shows a mathematical object 
exists without providing a specific example or algorithm 
for producing an example. 


see also PROOF 
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Noncototient | 

A POSITIVE value of n for which z — ¢(z) = n has no 
solution, where f(x) is the TOTIENT FUNCTION. The 
first few are 10, 26, 34, 50, 52, ... (Sloane's A005278). 


see also NONTOTIENT, TOTIENT FUNCTION 


References 


Guy, R. K. Unsolved Problems in Number Theory, 2nd ed. 
New York: Springer-Verlag, p. 91, 1994. 

Sloane, N. J. A. Sequence A005278/M4688 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


Noncylindrical Ruled Surface 


Noncylindrical Ruled Surface 

A RULED SURFACE parameterization x(u,v) = b(u) + 
vg(u) is called noncylindrical if g x g' is nowhere 0. A 
noncylindrical ruled surface always has a parameteriza- 
tion of the form 


x(u, v) = o(u) + vó(u), 


where |Ó| = 1 and o’ -Ó' = 0, where ø is called the 
STRICTION CURVE of x and ĝ the DIRECTOR CURVE. 


see also DISTRIBUTION PARAMETER, RULED SURFACE, 
STRICTION CURVE 
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Nondecreasing Function 

A function f(x) is said to be nondecreasing on an IN- 
TERVAL I if f(b) > f(a) for all b > a, where a,b € I. 
Conversely, a function f(x) is said to be nonincreasing 
on an INTERVAL I if f(b) < f(a) for all b > a with 
a,be l. 


see also DECREASING FUNCTION, NONINCREASING 
FUNCTION 


Nondividing Set 
A SET in which no element divides the SUM of any other. 
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Nonessential Singularity 
see REGULAR SINGULAR POINT 


Non-Euclidean Geometry 

In 3 dimensions, there are three classes of constant cur- 
vature GEOMETRIES. All are based on the first four 
of EUCLID's POSTULATES, but each uses its own ver- 
sion of the PARALLEL POSTULATE. The “flat” geom- 
etry of everyday intuition is called EUCLIDEAN GE- 
OMETRY (or PARABOLIC GEOMETRY), and the non- 
Euclidean geometries are called HYPERBOLIC GEOM- 
ETRY (or LOBACHEVSKY-BOLYAI-GAUSS GEOMETRY) 
and ELLIPTIC GEOMETRY (or RIEMANNIAN GEOME- 
TRY). It was not until 1868 that Beltrami proved that 
non-Euclidean geometries were as logically consistent as 
EUCLIDEAN GEOMETRY. 


see also ABSOLUTE GEOMETRY, ELLIPTIC GEOMETRY, 
EUCLID’S POSTULATES, EUCLIDEAN GEOMETRY, HY- 
PERBOLIC GEOMETRY, PARALLEL POSTULATE 
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Nonillion 
In the American system, 10%. 


see also LARGE NUMBER 


Nonincreasing Function 

A function f(x) is said to be nonincreasing on an IN- 
TERVAL I if f(b) < f(a) for all b > a, where a,b € I. 
Conversely, a function f(x) is said to be nondecreasing 
on an INTERVAL I if f(b) > f(a) for all b > a with 
a,be lI. 


see also INCREASING FUNCTION, NONDECREASING 
FUNCTION 


Nonlinear Least Squares Fitting 

Given a function f(z) of a variable x tabulated at m val- 
ues yı = f(21), ..., Ym = f(@m), assume the function 
is of known analytic form depending on n parameters 
f(z; à1,..., Àn), and consider the overdetermined set of 
m equations | 


yı = f (x1; A1,A2,.--,An) (1) 
Ym = f(@mj3A1, A2,.--,An).- | (2) 
We desire to solve these equations to obtain the values | 


Az, -.., An which best satisfy this system of equations. 
Pick an initial guess for the A; and then define 


dBi = yi — f (Ti; A1,-.. , An). (3) 


Now obtain a linearized estimate for the changes dA; 
needed to reduce d8; to 0, 


(4) 
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fori=1,...,n. This can be written in component form 
as 


| dB; = Ai; dài, (5) 


where A is the m x n MATRIX 


E El 
A1 TIA JAn z1,A 
ois | 3 | 
Ag=| 7 7" nee (6) 
ef | at | 
OA1 izm, à An lem, à 
In more concise MATRIX form, 
dß = Ada, (7) 


where d3 and dA are m-VECTORS. Applying the MA- 
TRIX TRANSPOSE of Á to both sides gives 


AT dB = (AFA) da. (8) 

Defining 
a=A'A (9) 
b = A" df (10) 


in terms of the known quantities A and d@ then gives 
the MATRIX EQUATION 


adA = b, (11) 


which can be solved for dà using standard matrix tech- 
niques such as GAUSSIAN ELIMINATION. This offset is 
then applied to A and a new df is calculated. By iter- 
atively applying this procedure until the elements of dA 
become smaller than some prescribed limit, a solution 
is obtained. Note that the procedure may not converge 
very well for some functions and also that convergence is 
often greatly improved by picking initial values close to 
the best-fit value. The sum of square residuals is given 
by R? = dB - dß after the final iteration. 


An example of a nonlinear least squares fit to a noisy 
GAUSSIAN FUNCTION 


f(A, 20,030) = AeW > 200/022") (12) 


Nonnegative Integer 


is shown above, where the thin solid curve is the initial 
guess, the dotted curves are intermediate iterations, and 
the heavy solid curve is the fit to which the solution con- 
verges. The actual parameters are (A, xo, a) = (1, 20,5), 
the initial guess was (0.8, 15, 4), and the converged val- 
ues are (1.03105, 20.1369, 4.86022), with R? = 0.148461. 
The PARTIAL DERIVATIVES used to construct the matrix 
A are 


i — ¿7 (2-20)*/(20?) (13) 
Of A TI —(2-—2Z 2 o? 
at - 5 0) ¿(2-20)? /(20?) (14) 
0 A(x — £0)? (202 /(20? 
oh ( = 0)” (220)? /(0?) (15) 


The technique could obviously be generalized to multiple 
Gaussians, to include slopes, etc., although the conver- 
gence properties generally worsen as the number of free 
parameters is increased. 


An analogous technique can be used to solve an overde- 
termined set of equations. This problem might, for ex- 
ample, arise when solving for the best-fit EULER AN- 
GLES corresponding to a noisy ROTATION MATRIX, in 
which case there are three unknown angles, but nine 
correlated matrix elements. In such a case, write the 
n different functions as fi(A1,...,An) for i =1,..., n, 
call their actual values y;, and define 


of, Of, . Ofi 
ðr lA; 8X21}; An lAs 
A= : : dy . y (16) 
Ofm 90fm Ofm 
Or1 la Or2 |r OAn 1d; 
and 
dB =y — filAs,...,An), (17) 


where A; are the numerical values obtained after the ¿th 
iteration. Again, set up the equations as 


Add = dp, (18) 


and proceed exactly as before. 

see also LEAST SQUARES FITTING, LINEAR REGRES- 
SION, MOORE-PENROSE GENERALIZED MATRIX IN- 
VERSE 


Nonnegative 

A quantity which is either 0 (ZERO) or POSITIVE, i.e., 
> 0. 

see also NEGATIVE, NONNEGATIVE INTEGER, NONPOS- 
ITIVE, NONZERO, POSITIVE, ZERO 


Nonnegative Integer 


see Z 


Nonnegative Partial Sum 


Nonnegative Partial Sum 

The number of sequences with NONNEGATIVE partial 
sums which can be formed from n 1s and n —1s (Bailey 
1996, Buraldi 1992) is given by the CATALAN NUMBERS. 
Bailey (1996) gives the number of NONNEGATIVE partial 
sums of n Is and k —1s aj, G2, ..., On+k, SO that 


a@aı taz +... +a; > 0 (1) 


for all 1 < 1 < n +k. The closed form expression is 


UN N 


for n > 0, 


for n > 1, and 


n| — (n+1—k)(n+2)(n+3)---(n+k) 
ia k! E ag 


for n > k > 2. Setting k = n then recovers the CATALAN 


NUMBERS 
n 1 2n 
C dla) (5) 


see also CATALAN NUMBER 
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Nonorientable Surface 

A surface such as the MOBIUS STRIP on which there ex- 
ists a closed path such that the directrix is reversed when 
moved around this path. The EULER CHARACTERISTIC 
of a nonorientable surface is < 0. The real PROJEC- 
TIVE PLANE is also a nonorientable surface, as are the 
Boy SURFACE, CROSS-CAP, and ROMAN SURFACE, all 
of which are homeomorphic to the REAL PROJECTIVE 
PLANE (Pinkall 1986). There is a general method for 
constructing nonorientable surfaces which proceeds as 
follows (Banchoff 1984, Pinkall 1986). Choose three Ho- 
MOGENEOUS POLYNOMIALS of POSITIVE EVEN degree 
and consider the MAP | 


f= (fate y, z), fa(z, y, z), f(z, y, z)) : R? —> R?. (1) 


Then restricting z, y, and z to the surface of a sphere 
by writing 


xz = cos@sind (2) 


y = sin@sing (3) 
z = cos ġ (4) 
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and restricting 0 to [0,27) and ¢ to [0,7 /2] defines a 
map of the REAL PROJECTIVE PLANE to R°. 


In 3-D, there is no unbounded nonorientable surface 
which does not intersect itself (Kuiper 1961, Pinkall 
1986). 


see also BOY SURFACE, CROSS-CAP, MOBIUS STRIP, 
ORIENTABLE SURFACE, PROJECTIVE PLANE, ROMAN 
SURFACE 
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Nonpositive 
A quantity which is either 0 (ZERO) or NEGATIVE, i.e., 
< 0. 


see also NEGATIVE, NONNEGATIVE, NONZERO, POSI- 
TIVE, ZERO | 


Nonsquarefree 
see SQUAREFUL 


Nonstandard Analysis 

Nonstandard analysis is a branch of mathematical 
LoGIc which weakens the axioms of usual ANALYSIS to 
include only the first-order ones. It also introduces Hy- 
PERREAL NUMBERS to allow for the existence of “gen- 
uine INFINITESIMALS,” numbers which are less than 1/2, 
1/3, 1/4, 1/5, ..., but greater than 0. Abraham Robin- 
son developed nonstandard analysis in the 1960s. The 
theory has since been investigated for its own sake and 
has been applied in areas such as BANACH SPACES, dif- 
ferential equations, probability theory, microeconomic 
theory, and mathematical physics (Apps). 


see also AX-KOCHEN ISOMORPHISM THEOREM, LOGIC, 
MODEL THEORY 


References 


Albeverio, S.; Fenstad, J.; Hoegh-Krohn, R.; and Lind- 
straom, T. Nonstandard Methods in Stochastic Analysis 
and Mathematical Physics. New York: Academic Press, 
1986. 

Anderson, R. “Nonstandard Analysis with Applications to 
Economics.” In Handbook of Mathematical Economics, 
Vol. 4. New York: Elsevier, 1991. 

Apps, P. “What is Nonstandard Analysis?” http://www. 
math.wisc.edu/-apps/nonstandard.html. 

Dauben, J. W. Abraham Robinson: The Creation of Non- 
standard Analysis, A Personal and Mathematical Odyssey. 
Princeton, NJ: Princeton University Press, 1998. 


1244 Nontotient 


Davis, P. J. and Hersch, R. The Mathematical Experience. 
Boston: Birkháuser, 1981. 

Keisler, H. J. Elementary Calculus: An Infinitesimal Ap- 
proach. Boston: PWS, 1986. 

Lindstrgom, T. “An Invitation to Nonstandard Analysis.” In 
Nonstandard Analysis and Its Applications (Ed. N. Cut- 
land). New York: Cambridge University Press, 1988. 

Robinson, A. Non-Standard Analysis. Princeton, NJ: Prince- 
ton University Press, 1996. 

Stewart, I. “Non-Standard Analysis.” In From Here to Infin- 
ity: A Guide to Today’s Mathematics. Oxford, England: 
Oxford University Press, pp. 80-81, 1996. 


Nontotient 

A POSITIVE EVEN value of n for which ¢(z) = n, where 
f(x) is the TOTIENT FUNCTION, has no solution. The 
first few are 14, 26, 34, 38, 50, ... (Sloane’s A005277). 


see also NONCOTOTIENT, TOTIENT FUNCTION 
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Nonwandering 

A point z in a MANIFOLD M is said to be nonwandering 
if, for every open NEIGHBORHOOD U of z, it is true that 
p "U UU 4 © for a MAP ¢ for some n > 0. In other 
words, every point close to x has some iterate under $ 
which is also close to z. The set of all nonwandering 
points is denoted 2(¢@), which is known as the nonwan- 
dering set of ¢. 


see also ANOSOV DIFFEOMORPHISM, AXIOM A DIFFEO- 
MORPHISM, SMALE HORSESHOE MAP 


Nonzero 

A quantity which does not equal ZERO is said to be 
nonzero. A REAL nonzero number must be either Pos- 
ITIVE or NEGATIVE, and a COMPLEX nonzero number 
can have either REAL or IMAGINARY PART nonzero. 


see also NEGATIVE, NONNEGATIVE, NONPOSITIVE, 
POSITIVE, ZERO 


Nordstrand’s Weird Surface 
An attractive CUBIC SURFACE defined by Nordstrand. 
It is given by the implicit equation 


ay +z) +y* (£ +2) +z? (x + y)] +50(0 y" +072" 


yz) — 125(2 yz + y zz + 2?xy) + 60xyz 
—4(1y + 122 + yz) =0. 
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Normal (Algebraically) 


Norm 
Given a n-D VECTOR 


Ln 


a VECTOR NORM ||x|| is a NONNEGATIVE number sat- 
isfying 

1. ||z|| > 0 when x 4 0 and ||x|| = 0 IFF x = 0, 

2. ||Ax|| = [k| |[x|| for any SCALAR k, 


3. |[x+ yl] < [hl] + ilyl]. 
The most common norm is the vector L2-NORM, defined 
by 

lala = |x| = L12 H22 +... + En. 
Given a SQUARE MATRIX A, a MATRIX NORM ||A]| is 
a NONNEGATIVE number associated with A having the 
properties 


1. JJA]| > 0 when A 4 0 and |{A]| = 0 IFF A=0, 
. ||KA|] = |x| ||A]] for any SCALAR k, 

. IIA + BI] < HAI + IBI], 

. ABI] < [IAI] iB]. 


see also BOMBIERI NORM, COMPATIBLE, EUCLIDEAN 
NORM, HILBERT-SCHMIDT NORM, INDUCED NORM, Lı- 
NORM, L2-NORM, Lo-NORM, MATRIX NORM, MAXI- 
MUM ABSOLUTE COLUMN SUM NORM, MAXIMUM AB- 
SOLUTE Row SuM NORM, NATURAL NORM, NOR- 
MALIZED VECTOR, NORMED SPACE, PARALLELOGRAM 
LAW, POLYNOMIAL NORM, SPECTRAL NORM, SUBOR- 
DINATE NORM, VECTOR NORM 


e V N 
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Norm Theorem 
If a PRIME number divides a norm but not the bases of 
the norm, it is itself a norm. 


Normal 


see NORMAL CURVE, NORMAL DISTRIBUTION, NOR- 
MAL DISTRIBUTION FUNCTION, NORMAL EQUATION, 
NORMAL FORM, NORMAL GROUP, NORMAL MAGIC 
SQUARE, NORMAL MATRIX, NORMAL NUMBER, NOR- 
MAL PLANE, NORMAL SUBGROUP, NORMAL VECTOR 


Normal (Algebraically) 
see GALOISIAN 
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atmosphere represent a coupled resonant system that is con- 
tinually electrified by solar radiation. We have found that a 
pyramidal antenna designed based on the functions of phi 
and/or pi is optimal for the capture of atmospheric electro- 
static discharge (ESD) impulses [3-5]. Atmospheric ESD is a 
product of solar radiation and is a wide bandwidth phenom- 
enon. The pyramid as a wideband, non-resonant antenna is 
uniquely adapted to harvest the energy of atmospheric ESD. 
[0075] This invention also points out an additional energiz- 
ing mechanism at work during the operation of the pyramid 
electric generator. The observation is derived from our theory 
on energy, matter and space [1,2] as well as that of Russell [7]. 
Both Russell and we observed that spiral motion is a funda- 
mental action of matter and that the vortex is the mechanism 
of power multiplication in Nature. A vortex concentrates 
power into its apex where the highest velocity of motion, the 
highest pressure and the highest electric potential resides [1, 
2, 6, 7]. As electricity propagates along a pulsating phi-based 
spiral [6,7], a phi-based antenna/waveguide is suitable to 
focus its energy into the apex of a vortex inside the antenna. A 
phi-based pyramid is optimal for this purpose. 

[0076] As atomic bodies can oscillate in a very wide fre- 
quency range [1, 2, 7, 8], a pyramidal antenna/waveguide 
coupled to an oscillator that is tuned to a suitable frequency 
can focus the “electric noise” from Earth’s atomic oscillators 
into the apex of the pyramid at a high voltage. Russell 
observed that energy moves towards the higher potential dur- 
ing its generative cycle [7]; therefore, it is essential that the 
pyramidal antenna be at a high potential. Our results corrobo- 
rated this assumption. 

[0077] For practical reasons on our small pyramid, we have 
chosen a frequency above the audio range but below the radio 
frequency spectrum; our antenna was made to emit at the 
target wavelength. The wavelength of the 50-120 kHz range is 
6 km to 25 km, thus allowing energy to be harvested over a 
large atmospheric domain. As electrical energy propagates in 
a vortex [6,7], the emitted electric vortex (ionic antenna) over 
the pyramidal antenna/waveguide increases its “size” and 
enables it to funnel the same frequency atmospheric electro- 
magnetic radiations back into the antenna. Thus, the pyramid 
electric generator captures at the selected frequency the 
energy emitted by Earth’s atomic oscillators. 

[0078] The presence of an electric (ionic) vortex was dem- 
onstrated by radar testing of the space over a 44 m tall fiber- 
glass pyramid located near Moscow [12]. The Russians found 
that the large ionized column of air over the area of the vertical 
axis of the pyramid had a width of about 500 m and reached 
an altitude of 2 km. It is remarkable that this effect was 
induced by a nonconductive pyramid surface and demonstrat- 
ing a significant degree of atmospheric ionization even under 
fair weather conditions. Thus, a suitably sized large or an 
electrically activated small pyramid should open a low 
impedance path to higher elevations of relatively conductive 
atmospheric domains. 


[0079] In conclusion, the total power that can be extracted 
from Earth’s atomic oscillators must be extremely large, 
likely far exceeding current global electric generation capac- 
ity. In our experiment, we measured over 196 kVA power at 
the pyramid’s apex at about 200 kV p-p voltage using a 6.26 
feet base length pyramid. This power is 175 times greater than 
the power necessary to drive the pyramid to this operating 
voltage. By constructing the pyramid generator from appro- 
priate high voltage components and using higher drive volt- 
ages, a significant increase in power output is envisioned. The 
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power extraction will also be enhanced by further optimiza- 
tion of the designs of both the pyramid and the coil system. 
[0080] The power output will also increase by employing 
larger pyramid structures and coils. As voltage is the primary 
factor in attracting power into the system, the necessary volt- 
age can be provided by the vertical atmospheric potential on 
a tall pyramid. Since the atmospheric vertical potential gra- 
dient could go as high as 1200 V/m near Earth’s surface under 
fair weather conditions [13], a pyramid height of 20-150 m 
seems sufficient to provide the apex voltage for a self-sustain- 
ing power generator. As the pyramid scales up volumetrically, 
a power generator pyramid of the size range of the GPG could 
likely have an output in the range of hundreds of gigawatts. 
Groups of several pyramid electric generators could be placed 
within specific geographical areas, thus combining their 
energy harvesting capacity. 
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Normal Curvature 


Normal Curvature 

Let up be a unit TANGENT VECTOR of a REGULAR SUR- 
FACE M c RŽ. Then the normal curvature of M in the 
direction Up is 


(Up) = S(Up) * Up, (1) 


where S is the SHAPE OPERATOR. Let M c RY be a 
REGULAR SURFACE, p € M, x be an injective REGULAR 
PATCH of M with p = x(uo, vo), and 


Vp = @Xu(tio, Vo) + bX, (uo, vo), (2) 


where vp € Mp. Then the normal curvature in the 
direction vp is 


2 2 
_ ea + 2fab+ gb 
UP) = Fo 4 OF ab + GR (3) 
where E, F, and G are first FUNDAMENTAL FORMS and 
e, f, and g second FUNDAMENTAL FORMS. 


The MAXIMUM and MINIMUM values of the normal cur- 
vature on a REGULAR SURFACE at a point on the surface 
are called the PRINCIPAL CURVATURES Kı and «x3. 


see also CURVATURE, FUNDAMENTAL FORMS, GAUS- 
SIAN CURVATURE, MEAN CURVATURE, PRINCIPAL CUR- 
VATURES, SHAPE OPERATOR, TANGENT VECTOR 
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Normal Curve 
see GAUSSIAN DISTRIBUTION 


Normal Developable 

A RULED SURFACE M is a normal developable of a curve 
y if M can be parameterized by x(u, v) = y(u) +vÑ(u), 
where N is the NORMAL VECTOR. 

see also BINORMAL DEVELOPABLE, TANGENT DEVEL- 
OPABLE 
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Normal Distribution 


F(x) 
D(x} 


Normal Distribution Function 1245 
Another name for a GAUSSIAN DISTRIBUTION. Given a 
normal distribution in a VARIATE x with MEAN yp and 
VARIANCE o°, 


1 275.2 
P(x) de = —- e 107 de, 
(2) ON 20 


the so-called “STANDARD NORMAL DISTRIBUTION” is 
given by taking p = 0 and g? = 1. An arbitrary normal 
distribution can be converted to a STANDARD NORMAL 
DISTRIBUTION by changing variables to z = (x — p)/o, 
so dz = dx/0, yielding 


1 2 
Pla) de = —e *” dz. 
(2) E 


The FISHER-BEHRENS PROBLEM is the determination 
of a test for the equality of MEANS for two normal dis- 
tributions with different VARIANCES. 


see also FISHER-BEHRENS PROBLEM, GAUSSIAN DIS- 
TRIBUTION, HALF-NORMAL DISTRIBUTION, KOLMOGO- 
ROV-SMIRNOV TEST, NORMAL DISTRIBUTION FUNC- 
TION, STANDARD NORMAL DISTRIBUTION, TETRA- 
CHORIC FUNCTION 


Normal Distribution Function 
0.5 


0.5 1 1.5 2 2.5 3 
A normalized form of the cumulative GAUSSIAN DISTRI- 
BUTION function giving the probability that a variate 
assumes a value in the range (0, z<], 


(x)= Q(z) = = | et /? dt, (1) 


It is related to the PROBABILITY INTEGRAL 


a(x) = E a -6/2 at (2) 
by 
(z) = za(z). (3) 


1246 Normal Distribution Function 


Here, ERF is a function sometimes called the error func- 
tion. The probability that a normal variate assumes a 
value in the range [21,22] is therefore given by 


(z1, £2) = : e! (2) — erf (5) (5) 


Neither @(z) nor ERF can be expressed in terms of fi- 
nite additions, subtractions, multiplications, and root 
extractions, and so must be either computed numeri- 
cally or otherwise approximated. 


Note that a function different from P(x) is sometimes 
defined as “the” normal distribution function 


(x) = > E + erf (=) | = $+ &(z) (6) 


(Beyer 1987, p. 551), although this function is less 
widely encountered than the usual ®(z). 


The value of a for which P(x) falls within the interval 
[—a, a] with a given probability P is a related quantity 
called the CONFIDENCE INTERVAL. 


For small values x < 1, a good approximation to (x) 
is obtained from the MACLAURIN SERIES for ERF, 


1 
y 2T 


For large values x >> 1, a good approximation is ob- 
tained from the asymptotic series for ERF, 


re eed 


P(r) = (2x — Lp? + n° — ir +...) (7) 


pa? /2 


1 
2 y 271 


(£7! — r7? 432° 


152 +1057’? +...) (8) 


The value of (x) for intermediate x can be computed 
using the CONTINUED FRACTION identity 


£ 5 Ja Le" 
A en (:) 

2 

2x2 + 
3 
Et 
22 + 
Lp 


A simple approximation of $(x) which is good to two 
decimal places is given by 


0.17(44—x) for0<ux< 2.2 
$1 (xz) = ¢ 0.49 for22<x<2.6 (10) 
0.50 for x > 2.6. 


Abramowitz and Stegun (1972) and Johnson and Kotz 
(1970) give other functional approximations. An ap- 
proximation due to Bagby (1995) is 


2 
(x) = ${1— = [Te ” /2 
RA ai 


Normal Form 


The plots below show the differences between and the 
two approximations. 


a O Oo 


~O. 
-0. 
- 4, 


The first QUARTILE of a standard NORMAL DISTRIBU- 
TION occurs when 


so dz = j. (12) 


The solution is t = 0.6745.... The value of t giving 3 
is known as the PROBABLE ERROR of a normally dis- 
tributed variate. 


see also CONFIDENCE INTERVAL, ERF, ERFC, FISHER- 
BEHRENS PROBLEM, GAUSSIAN DISTRIBUTION, GAUS- 
SIAN INTEGRAL, HH FUNCTION, NORMAL DISTRIBU- 
TION, PROBABILITY INTEGRAL, TETRACHORIC FUNC- 
TION 
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Normal Equation 
Given an overdetermined MATRIX EQUATION 


Ax = b, 


the normal equation is that which minimizes the sum of 
the square differences between left and right sides 


ATAx = A’b. 


see also LEAST SQUARES FITTING, MOORE-PENROSE 
GENERALIZED MATRIX INVERSE, NONLINEAR LEAST 
SQUARES FITTING 


Normal Form 

A way of representing objects so that, although each 
may have many different names, every possible name 
corresponds to exactly one object. 


see also CANONICAL FORM 
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Normal Function 


Normal Function 
A SQUARE INTEGRABLE function ¢ is said to be normal 


if 
[eam 


However, the NORMAL DISTRIBUTION FUNCTION is also 
sometimes called “the normal function.” 


see also NORMAL DISTRIBUTION FUNCTION, SQUARE 
INTEGRABLE 
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Normal Group 
see NORMAL SUBGROUP 


Normal Magic Square 
see MAGIC SQUARE 


Normal Matrix 
A normal matrix A is a MATRIX for which 


[A, At] = 0, 


where [a,b] is the COMMUTATOR and * denotes the AD- 
JOINT OPERATOR. 


Normal Number 

An IRRATIONAL NUMBER for which any FINITE pattern 
of numbers occurs with the expected limiting frequency 
in the expansion in any base. It is not known if 7 or e are 
normal. Tests of yn for n = 2, 3, 5, 6, 7, 8, 10, 11, 12, 
13, 14, 15 indicate that these SQUARE ROOTS may be 
normal. The only numbers known to be normal are ar- 
tificially constructed ones such as the CHAMPERNOWNE 
CONSTANT and the COPELAND-ERDOS CONSTANT. 


see also CHAMPERNOWNE CONSTANT, COPELAND- 
ERDOS CONSTANT, e, PI. 


Normal Order 
f(n) has the normal order F(n) if f(n) is approximately 
F(n) for ALMOST ALL values of n. More precisely, if 


(1 —€)F(n) < f(n) < (1+e)F(n) 


for every positive e and ALMOST ALL values of n, then 
the normal order of f(n) is F(n). 


see also ALMOST ALL 
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Normal Plane 
The PLANE spanned by N and B (the NORMAL VECTOR 
and BINORMAL VECTOR). 


see also BINORMAL VECTOR, NORMAL VECTOR, PLANE 


Normal Vector 1247 


Normal to a Plane 
see NORMAL VECTOR 


Normal Section 

Let M c R? be a REGULAR SURFACE and up a unit 
TANGENT VECTOR to M, and let II(up, N(p)) be the 
PLANE determined by up and the normal to the surface 
N(p). Then the normal section of M is defined as the 
intersection of II(up, N(p)) and M. 
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Normal Subgroup 
Let H be a SUBGROUP of a GROUP G. Then H is a 
normal subgroup of G, written H «4G, if 


vH! =H 


for every element z in H. Normal subgroups are also 
known as INVARIANT SUBGROUPS. 


see also GROUP, SUBGROUP 


Normal Vector 
The normal to a PLANE specified by 


f(z,y,z) =ar+by+cz+d=0 (1) 
is given by 
a 
N=Vf=|b|. (2) 
c 


The normal vector at a point (20, yo) on a surface z = 
f(x,y) is 
fe(co, Yo) 
N = | fy(xo, Yo) | - (3) 
—1 


In the PLANE, the unit normal vector is defined by 
(4) 


where T is the unit TANGENT VECTOR and ¢ is the 
polar angle. Given a unit TANGENT VECTOR 


A 


T =u1X +u (5) 
with vui? + us? = 1, the normal is 
N = —uzk + mV. (6) 


For a function given parametrically by (f(t), g(t)), the 
normal vector relative to the point (f(t), g(t)) is there- 
fore given by 


jas 9 7 
z(t) VZETI (7) 
y(t) = f (8) 


1248 Normalized Vector 


To actually place the vector normal to the curve, it must 
be displaced by (f(t), g(t)). 


In 3-D SPACE, the unit normal is 


dT at 

a aS di 1 dT 

N= | A dt == (9) 
ar K 


where « is the CURVATURE. Given a 3-D surface 


F(x,y,z) =0, 


Fa + Fy+F, 
Y Fo? + Fy? + F,? 


If the surface is defined parametrically in the form 


A= (10) 


x = x(p, Y) (11) 
y = ylh, Y) (12) 
z=2(0, Y), (13) 
define the VECTORS 
Lg 
a= Yg (14) 
zo 
Tap 
b= Ya |- (15) 
Zap 


Then the unit normal vector is 


Nas a (16) 


—/la?[b]? — Ja- bl? 


Let g be the discriminant of the METRIC TENSOR. Then 


(17) 


see also BINORMAL VECTOR, CURVATURE, FRENET 
FORMULAS, TANGENT VECTOR 
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Normalized Vector 

The normalized vector of X is a VECTOR in the same 
direction but with Norm (length) 1. It is denoted xX 
and given by 


x 


o —— 


|X| 


where |X| is the NORM of X. It is also called a UNIT 
VECTOR. 


see also UNIT VECTOR 


Nother 


Normalizer 
A set of elements g of a GROUP such that 


g Hg=H, 


is said to be the normalizer Na(H) with respect to a 
subset of group elements H. 


see also CENTRALIZER, TIGHTLY EMBEDDED 


Normed Space 
A VECTOR SPACE possessing a NORM. 


Nosarzewska’s Inequality 
Given a convex PLANE region with AREA A and PERI- 
METER p, 

A—-ip<N<A+lp+1, 


where N is the number of enclosed LATTICE POINTS 
(Nosarzewska 1948). This improves on JARNICK’S IN- 
EQUALITY 

IN — Al <p. 


see also JARNICK’S INEQUALITY, LATTICE POINT 
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Not 
An operation in LOGIC which converts TRUE to FALSE 
and FALSE to TRUE. NOT A is denoted !A or 7A. 


A AA 
F T 
T PF 


see also AND, OR, TRUTH TABLE, XOR 


Notation 
A NOTATION is a set of well-defined rules for represent- 
ing quantities and operations with symbols. 


see also ARROW NOTATION, CHAINED ARROW NOTA- 
TION, CIRCLE NOTATION, CLEBSCH-ARONHOLD NOTA- 
TION, CONWAY’S KNOT NOTATION, DOWKER NOTA- 
TION, DOWN ARROW NOTATION, PETROV NOTATION, 
SCIENTIFIC NOTATION, STEINHAUS-MOSER NOTATION 
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Nother 


see NOETHER’S FUNDAMENTAL THEOREM, NOETHER- 
LASKER THEOREM, NOETHER’S ‘TRANSFORMATION 
THEOREM, NOETHERIAN MODULE, NOETHERIAN RING 


Novemdecillion 


Novemdecillion 
In the American system, 10%, 


see also LARGE NUMBER 


NP-Complete Problem 

A problem which is both NP (solvable in nondetermin- 
istic POLYNOMIAL time) and NP-HARD (can be trans- 
lated into any other NP-PROBLEM). Examples of NP- 
hard problems include the HAMILTONIAN CYCLE and 
TRAVELING SALESMAN PROBLEMS. 


In a landmark paper, Karp (1972) showed that 21 in- 
tractable combinatorial computational problems are all 
NP-complete. 


see also HAMILTONIAN CYCLE, NP-HARD PROBLEM, 
NP-PROBLEM, P-PROBLEM, TRAVELING SALESMAN 
PROBLEM 
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NP-Hard Problem 

A problem is NP-hard if an ALGORITHM for solving it 
can be translated into one for solving any other NP- 
PROBLEM (nondeterministic POLYNOMIAL time) prob- 
lem. NP-hard therefore means “at least as hard as any 
NP-PROBLEM,” although it might, in fact, be harder. 


see also COMPLEXITY THEORY, HITTING SET, NP- 
COMPLETE PROBLEM, NP-PROBLEM, P-PROBLEM, 
SATISFIABILITY PROBLEM 


NP-Problem 

A problem is assigned to the NP (nondeterministic 
POLYNOMIAL time) class if it is solvable in polynomial 
time by a nondeterministic TURING MACHINE. (A non- 
deterministic TURING MACHINE is a “parallel” TURING 
MACHINE which can take many computational paths 
simultaneously, with the restriction that the parallel 
Turing machines cannot communicate.) A P-PROBLEM 
(whose solution time is bounded by a polynomial) is al- 
ways also NP. If a solution to an NP problem is known, 
it can be reduced to a single P (POLYNOMIAL time) ver- 
ification. 


LINEAR PROGRAMMING, long known to be NP and 
thought not to be P, was shown to be P by L. Khachian 
in 1979. It is not known if all apparently NP problems 
are actually P. 


A problem is said to be NP-HARD if an ALGORITHM 
for solving it can be translated into one for solving any 
other NP-problem problem. It is much easier to show 
that a problem is NP than to show that it is NP-HARD. 
A problem which is both NP and NP-HARD is called an 
NP-COMPLETE PROBLEM. 
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see also COMPLEXITY THEORY, NP-COMPLETE PROB- 
LEM, NP-HARD PROBLEM, P-PROBLEM, TURING MA- 
CHINE 
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NSW Number 


The numbers 


z (1+ /2)?""'4(1- v2" 


Sam+1 9 


for positive integer m. The first few terms are 1, 7, 41, 
239, 1393, ... (Sloane’s A002315). The indices giving 
PRIME NSW numbers are 3, 5, 7, 19, 29, 47, 59, 163, 
257, 421, 937, 947, 1493, 1901, ... (Sloane's A005850). 
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Nu Function 


= [ rtd 
va)= | r1) 


v(x a=f hs 
i o TMa+t+1)' 


where T(z) is the GAMMA FUNCTION. See Gradshteyn 
and Ryzhik (1980, p. 1079). 

see also LAMBDA FUNCTION, MU FUNCTION 
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Null Function 


A null function 6°(z) satisfies 


b 
| $ (x)dr=0 (1) 
for all a,b, so 
f 18% (x)| dx = 0. (2) 
Like a DELTA FUNCTION, they satisfy 
fO 2x0 
IN: a) (3) 


see also DELTA FUNCTION, LERCH’S THEOREM 
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Null Graph 
A GRAPH containing only VERTICES and no EDGES. 


Null Hypothesis 

A hypothesis which is tested for possible rejection under 
the assumption that it is true (usually that observations 
are the result of chance). The concept was introduced 
by R. A. Fisher. 


Null Tetrad 


01 0 0 
10 0 0 
J= lo 0 0 -1 

00-1 0 


It can be expressed as 


Gab = lanp + lona — MaMy — Mb Ma. 


see also TETRAD 
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Nullspace 

Also called the KERNEL. If T is a linear transformation 
of R”, then Null(T) is the set of all VEcToRS X such 
that T(X) = 0, i.e., 


Null(T) = {X : T(X) = 0}. 


Nullstellansatz 
see HILBERT’S NULLSTELLANSATZ 


Number 

The word “number” is a general term which refers to a 
member of a given (possibly ordered) SET. The meaning 
of “number” is often clear from context (i.e., does it re- 
fer to a COMPLEX NUMBER, INTEGER, REAL NUMBER, 
etc.?). Wherever possible in this work, the word “num- 
ber” is used to refer to quantities which are INTEGERS, 
and “CONSTANT” is reserved for nonintegral numbers 
which have a fixed value. Because terms such as REAL 
NUMBER, BERNOULLI NUMBER, and IRRATIONAL NUM- 
BER are commonly used to refer to nonintegral quanti- 
ties, however, it is not possible to be entirely consistent 
in nomenclature. 


see also ABUNDANT NUMBER, ACKERMANN NUM- 
BER, ALGEBRAIC NUMBER, ALMOST PERFECT NUM- 
BER, AMENABLE NUMBER, AMICABLE NUMBERS, AN- 
TIMORPHIC NUMBER, APOCALYPSE NUMBER, APOC- 
ALYPTIC NUMBER, ARMSTRONG NUMBER, ARRANGE- 
MENT NUMBER, BELL NUMBER, BERNOULLI NUM- 
BER, BERTELSEN’S NUMBER, BETROTHED NUMBERS, 


Number 


BETTI NUMBER, BEZOUT NUMBERS, BINOMIAL NUM- 
BER, BRAUER NUMBER, BROWN NUMBERS, CAR- 
DINAL NUMBER, CARMICHAEL NUMBER, CATALAN 
NUMBER, CAYLEY NUMBER, CENTERED CUBE NUM- 
BER, CENTERED SQUARE NUMBER, CHAITIN’S NUM- 
BER, CHERN NUMBER, CHOICE NUMBER, CHRISTOF- 
FEL NUMBER, CLIQUE NUMBER, COLUMBIAN NUM- 
BER, COMPLEX NUMBER, COMPUTABLE NUMBER, 
CONDITION NUMBER, CONGRUENT NUMBERS, CON- 
STRUCTIBLE NUMBER, COTES NUMBER, CROSSING 
NUMBER (GRAPH), CROSSING NUMBER (LINK), Cu- 
BIC NUMBER, CULLEN NUMBER, CUNNINGHAM NUM- 
BER, CYCLIC NUMBER, CYCLOMATIC NUMBER, D- 
NUMBER, DE MOIVRE NUMBER, DEFICIENT NUMBER, 
DELANNOY NUMBER, DEMLO NUMBER, DIAGONAL 
RAMSEY NUMBER, e-PERFECT NUMBER, EBAN NUM- 
BER, EDDINGTON NUMBER, EDGE NUMBER, ENNEAG- 
ONAL NUMBER, ENTRINGER NUMBER, ERDOS NUM- 
BER, EUCLID NUMBER, EULER’S IDONEAL NUMBER, 
EULER NUMBER, EULERIAN NUMBER, EULER ZIGZAG 
NUMBER, EVEN NUMBER, FACTORIAL NUMBER, FER- 
MAT NUMBER, FIBONACCI NUMBER, FIGURATE NUM- 
BER, G-NUMBER, GENOCCHI NUMBER, GIUGA NUM- 
BER, GNOMIC NUMBER, GONAL NUMBER, GRAHAM'S 
NUMBER, GREGORY NUMBER, HAILSTONE NUMBER, 
HANSEN NUMBER, HAPPY NUMBER, HARMONIC DIVI- 
SOR NUMBER, HARMONIC NUMBER, HARSHAD NUM- 
BER, HEEGNER NUMBER, HEESCH NUMBER, HELLY 
NUMBER, HEPTAGONAL NUMBER, HETEROGENEOUS 
NUMBERS, HEX NUMBER, HEX PYRAMIDAL NUM- 
BER, HEXAGONAL NUMBER, HOMOGENEOUS NUMBERS, 
HURWITZ NUMBER, HYPERCOMPLEX NUMBER, Hy- 
PERPERFECT NUMBER, 2, IDONEAL NUMBER, IMAG- 
INARY NUMBER, INDEPENDENCE NUMBER, INFINARY 
MULTIPERFECT NUMBER, INFINARY PERFECT NUM- 
BER, IRRATIONAL NUMBER, IRREDUCIBLE SEMIPER- 
FECT NUMBER, IRREDUNDANT RAMSEY NUMBER, 7, 
KAPREKAR NUMBER, KEITH NUMBER, KISSING NUM- 
BER, KNODEL NUMBERS, LAGRANGE NUMBER (DIO- 
PHANTINE EQUATION), LAGRANGE NUMBER (RATIO- 
NAL APPROXIMATION), LARGE NUMBER, LEAST DEFI- 
CIENT NUMBER, LEHMER NUMBER, LEVIATHAN NUM- 
BER, LIOUVILLE NUMBER, LOGARITHMIC NUMBER, LU- 
CAS NUMBER, LUCKY NUMBER, MACMAHON’S PRIME 
NUMBER OF MEASUREMENT, MARKOV NUMBER, McC- 
NUGGET NUMBER, MÉNAGE NUMBER, MERSENNE 
NUMBER, MOTZKIN NUMBER, MULTIPLICATIVE PER- 
FECT NUMBER, MULTIPLY PERFECT NUMBER, NAR- 
CISSISTIC NUMBER, NATURAL NUMBER, NEAR No- 
BLE NUMBER, NEXUS NUMBER, NIVEN NUMBER, No- 
BLE NUMBER, NONAGONAL NUMBER, NORMAL NUM- 
BER, NSW NUMBER, NUMBER GUESSING, OBLONG 
NUMBER, OCTAGONAL NUMBER, OCTAHEDRAL NUM- 
BER, ODD NUMBER, ORE NUMBER, ORDINAL NUMBER, 
PENTAGONAL NUMBER, PENTATOPE NUMBER, PER- 
FECT DIGITAL INVARIANT, PERFECT NUMBER, PERSIS- 
TENT NUMBER, PLUPERFECT NUMBER, PLUS PERFECT 
NUMBER, PLUTARCH NUMBERS, POLYGONAL NUMBER, 


Number 


PONTRYAGIN NUMBER, POULET NUMBER, POWER- 
FUL NUMBER, PRACTICAL NUMBER, PRIMARY, PRIM- 
ITIVE ABUNDANT NUMBER, PRIMITIVE PSEUDOPER- 
FECT NUMBER, PRIMITIVE SEMIPERFECT NUMBER, 
PSEUDOPERFECT NUMBER, PSEUDORANDOM NUMBER, 
PSEUDOSQUARE, PYRAMIDAL NUMBER, Q-NUMBER, 
QUASIPERFECT NUMBER, RAMSEY NUMBER, RATIO- 
NAL NUMBER, REAL NUMBER, RENCONTRES NUMBER, 
RECURRING DIGITAL INVARIANT, REPFIGIT NUMBER, 
RHOMBIC DODECAHEDRAL NUMBER, RIESEL NUMBER, 
ROTATION NUMBER, RSA NUMBER, SARRUS NUMBER, 
SCHRODER NUMBER, SCHUR NUMBER, SECANT NUM- 
BER, SEGMENTED NUMBER, SELF-DESCRIPTIVE NUM- 
BER, SELF NUMBER, SEMIPERFECT NUMBER, SIERPIN- 
SKI NUMBER OF THE FIRST KIND, SIERPINSKI NUM- 
BER OF THE SECOND KIND, SINGLY EVEN NUMBER, 
SKEWES NUMBER, SMALL NUMBER, SMITH NUMBER, 
SMOOTH NUMBER, SOCIABLE NUMBERS, SPRAGUE- 
GRUNDY NUMBER, SQUARE NUMBER, SQUARE PYRA- 
MIDAL NUMBER, STAR NUMBER, STELLA OCTANGULA 
NUMBER, STIEFEL- WHITNEY NUMBER, STIRLING CY- 
CLE NUMBER, STIRLING SET NUMBER, ST@RMER NUM- 
BER, SUBLIME NUMBER, SUITABLE NUMBER, SUM- 
PRODUCT NUMBER, SUPER-3 NUMBER, SUPER CATA- 
LAN NUMBER, SUPERABUNDANT NUMBER, SUPERPER- 
FECT NUMBER, SUPER-POULET NUMBER, TANGENT 
NUMBER, TAXICAB NUMBER, TETRAHEDRAL NUMBER, 
TRANSCENDENTAL NUMBER, TRANSFINITE NUMBER, 
TRIANGULAR NUMBER, TRIBONACCI NUMBER, TRI- 
MORPHIC NUMBER, TRUNCATED OCTAHEDRAL NUM- 
BER, TRUNCATED TETRAHEDRAL NUMBER, TWIST 
NUMBER, U-NUMBER, ULAM NUMBER, UNDULATING 
NUMBER, UNHAPPY NUMBER, UNITARY MULTIPER- 
FECT NUMBER, UNITARY PERFECT NUMBER, UN- 
TOUCHABLE NUMBER, VAMPIRE NUMBER, VAN DER 
WAERDEN NUMBER, VR NUMBER, WEIRD NUMBER, 
WHOLE NUMBER, WOODALL NUMBER, Z-NUMBER, 
ZAG NUMBER, ZEISEL NUMBER, ZIG NUMBER 
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Number Axis 
see REAL LINE 


Number Field 

If r is an ALGEBRAIC NUMBER of degree n, then the 
totality of all expressions that can be constructed from 
r by repeated additions, subtractions, multiplications, 
and divisions is called a number field (or an ALGEBRAIC 
NUMBER FIELD) generated by r, and is denoted Fr]. 
Formally, a number field is a finite extension Q(a) of 
the FIELD Q of RATIONAL NUMBERS. 


The numbers of a number field which are ROOTS of a 
POLYNOMIAL 


AY tag =0 


zo + 7, 
with integral coefficients and leading coefficient 1 are 
called the ALGEBRAIC INTEGERS of that field. 


see also ALGEBRAIC FUNCTION FIELD, ALGEBRAIC IN- 
TEGER, ALGEBRAIC NUMBER, FIELD, FINITE FIELD, Q, 
QUADRATIC FIELD 


References 

Courant, R. and Robbins, H. What is Mathematics?: An El- 
ementary Approach to Ideas and Methods, 2nd ed. Oxford, 
England: Oxford University Press, p. 127, 1996. 

Shanks, D. Solved and Unsolved Problems in Number Theory, 
¿th ed. New York: Chelsea, pp. 151-152, 1993. 


Number Field Sieve Factorization Method 
An extremely fast factorization method developed by 
Pollard which was used to factor the RSA-130 NUMBER. 
This method is the most powerful known for factoring 
general numbers, and has complexity 


Ofexp[c(log n)" (log log n)"4]), 


reducing the exponent over the CONTINUED FRACTION 
FACTORIZATION ALGORITHM and QUADRATIC SIEVE 
FACTORIZATION METHOD. There are three values of 
c relevant to different flavors of the method (Pomerance 
1996). For the “special” case of the algorithm applied 
to numbers near a large POWER, 


c = (82)/° = 1.528..., 


for the “general” case applicable to any ODD POSITIVE 
number which is not a POWER, 


c = (84)7/7 = 1.923..., 
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and for a version using many POLYNOMIALS (Copper- 
smith 1993), 


c= 1(924 26v13)'* =1.902.... 
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Number Group 
see FIELD 


Number Guessing 

By asking a small number of innocent-sounding ques- 
tions about an unknown number, it is possible to re- 
construct the number with absolute certainty (assum- 
ing that the questions are answered correctly). Ball and 
Coxeter (1987) give a number of sets of questions which 
can be used. 


One of the simplest algorithms uses only three questions 
to determine an unknown number n: 


1. Triple n and announce if the result n' = 3n is EVEN 
or ODD. 


2. If you were told that n' is EVEN, ask the person to 
reveal the number n” which is half of n'. If you were 
told that n’ is ODD, ask the person to reveal the 
number n” which is half of n' + 1. 


3. Ask the person to reveal the number of times k which 
9 divides evenly into n” = 3n”. 


The original number n is then given by 2k if n’ was 
EVEN, or 2k + 1 if n’ was ODD. For n = 2m even, 
n' = 6m, n” = 3m, n” = 9m, k = m, so 2k = 2m =n. 
For n = 2m + 1 odd, n! = 6m+3, n” = 3m + 2, 
n” =9m+6,k = m, so 2k+1=2m4+1l=n. 


Another method asks: 
1. Multiply the number n by 5. 
2. Add 6 to the product. 


Number Theoretic Transform 


3. Multiply the sum by 4. 
4. Add 9 to the product. 
5. Multiply the sum by 5 and reveal the result n’. 


The original number is then given by n = (n’—165)/100, 
since the above steps give n' = 5(4(5n+6)+9) = 100n+ 
165. 
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Number Pyramid 
A set of numbers obeying a pattern like the following. 


91-37 = 3367 
9901 - 3367 = 33336667 
999001 - 333667 = 333333666667 
99990001 - 33336667 = 3333333366666667 


4? — 16 
34? — 1156 
334? = 111556 


77 — 49 
67? — 4489 
667° = 444889. 


see also AUTOMORPHIC NUMBER 
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Number System 
see BASE (NUMBER) 


Number Theoretic Transform 

Simplemindedly, a number theoretic transform is a gen- 
eralization of a FAST FOURIER TRANSFORM obtained 
by replacing e~?"**/" with an nth PRIMITIVE Root 
OF UNITY. This effectively means doing a transform 
over the QUOTIENT RING Z/pZ instead of the Com- 
PLEX NUMBERS C. The theory is rather elegant and 
uses the language of FINITE FIELDS and NUMBER THE- 
ORY. 


see also FAST FOURIER TRANSFORM, FINITE FIELD 
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Number Theory 


Number Theory 

A vast and fascinating field of mathematics consisting of 
the study of the properties of whole numbers. PRIMES 
and PRIME FACTORIZATION are especially important in 
number theory, as are a number of functions such as the 
DIVISOR FUNCTION, RIEMANN ZETA FUNCTION, and 
TOTIENT FUNCTION. Excellent introductions to num- 
ber theory may be found in Ore (1988) and Beiler (1966). 
The classic history on the subject (now slightly dated) 
is that of Dickson (1952). 


see also ARITHMETIC, CONGRUENCE, DIOPHANTINE 
EQUATION, DIVISOR FUNCTION, GODEL’S INCOM- 
PLETENESS THEOREM, PEANO’S AXIOMS, PRIME 
COUNTING FUNCTION, PRIME FACTORIZATION, PRIME 
NUMBER, QUADRATIC RECIPROCITY THEOREM, RIE- 
MANN ZETA FUNCTION, TOTIENT FUNCTION 


References 

Andrews, G. E. Number Theory. New York: Dover, 1994. 

Andrews, G. E.; Berndt, B. C.; and Rankin, R. A. (Ed.). 
Ramanujan Revisited: Proceedings of the Centenary Con- 
ference, University of Illinois at Urbana-Champaign, June 
1-5, 1987. Boston, MA: Academic Press, 1988. 

Apostol, T. M. Introduction to Analytic Number Theory. 
New York: Springer-Verlag, 1976. 

Ayoub, R. G. An Introduction to the Analytic Theory of 
Numbers. Providence, RI: Amer. Math. Soc., 1963. 

Beiler, A. H. Recreations in the Theory of Numbers: The 
Queen of Mathematics Entertains, 2nd ed. New York: 
Dover, 1966. 

Bellman, R. E. Analytic Number Theory: An Introduction. 
Reading, MA: Benjamin/Cummings, 1980. 

Berndt, B. C. Ramanujan’s Notebooks, Part I. New York: 
Springer-Verlag, 1985. . 

Berndt, B. C. Ramanujan's Notebooks, Part II. New York: 
Springer-Verlag, 1988. 

Berndt, B. C. Ramanujan's Notebooks, Part IH. New York: 
Springer-Verlag, 1997. 

Berndt, B. C. Ramanujan’s Notebooks, Part IV. New York: 
Springer-Verlag, 1993. 

Berndt, B. C. Ramanujan’s Notebooks, Part V. New York: 
Springer-Verlag, 1997. 
Berndt, B. C. and Rankin, R. A. Ramanujan: Letters and 
Commentary. Providence, RI: Amer. Math. Soc, 1995. 
Borwein, J. M. and Borwein, P. B. Pi and the AGM: A Study 
in Analytic Number Theory and Computational Complez- 
ity. New York: Wiley, 1987. 

Brown, K. S. “Number Theory.” http://www.seanet.com/ 
~ksbrown/inumber.htm. 

Burr, S. A. The Unreasonable Effectiveness of Number The- 
ory. Providence, RI: Amer. Math. Soc., 1992. 

Burton, D. M. Elementary Number Theory, 4th ed. Boston, 
MA: Allyn and Bacon, 1989. 

Carmichael, R. D. The Theory of Numbers, and Diophantine 
Analysis. New York: Dover, 1959. 

Cohn, H. Advanced Number Theory. New York: Dover, 1980. 

Courant, R. and Robbins, H. “The Theory of Numbers.” 
Supplement to Ch. 1 in What is Mathematics?: An Ele- 
mentary Approach to Ideas and Methods, 2nd ed. Oxford, 
England: Oxford University Press, pp. 21-51, 1996. 

Davenport, H. The Higher Arithmetic: An Introduction to 
the Theory of Numbers, 6th ed. Cambridge, England: 
Cambridge University Press, 1992. 

Davenport, H. and Montgomery, H. L. Multiplicative Number 
Theory, 2nd ed. New York: Springer-Verlag, 1980. 

Dickson, L. E. History of the Theory of Numbers, 3 vols. 
New York: Chelsea, 1952. 


Number Theory 1253 


Dudley, U. Elementary Number Theory. San Francisco, CA: 
W. H. Freeman, 1978. 

Friedberg, R. An Adventurer’s Guide to Number Theory. 
New York: Dover, 1994. 

Gauss, C. F. Disquisitiones Arithmeticae. New Haven, CT: 
Yale University Press, 1966. 

Guy, R. K. Unsolved Problems in Number Theory, 2nd ed. 
New York: Springer-Verlag, 1994. 

Hardy, G. H. and Wright, E. M. An Introduction to the The- 
ory of Numbers, 5th ed. Oxford, England: Clarendon 
Press, 1979. 

Hardy, G. H. Ramanujan: Twelve Lectures on Subjects Sug- 
gested by His Life and Work, 3rd ed. New York: Chelsea, 
1959. 

Hasse, H. Number Theory. Berlin: Springer-Verlag, 1980. 

Ireland, K. F. and Rosen, M. I. A Classical Introduction to 
Modern Number Theory, 2nd ed. New York: Springer- 
Verlag, 1995. 

Klee, V. and Wagon, S. Old and New Unsolved Problems in 
Plane Geometry and Number Theory. Washington, DC: 
Math. Assoc. Amer., 1991. 

Koblitz, N. A Course in Number Theory and Cryptography. 
New York: Springer-Verlag, 1987. 

Landau, E. Elementary Number Theory, 2nd ed. New York: 
Chelsea, 1988. 

Lang, S. Algebraic Number Theory, 2nd ed. New York: 
Springer-Verlag, 1994. 

Lenstra, H. W. and Tijdeman, R. (Eds.). Computational 
Methods in Number Theory, 2 vols. Amsterdam: Mathe- 
matisch Centrum, 1982. 

LeVeque, W. J. Fundamentals of Number Theory. New York: 
Dover, 1996. | 

Mitrinovic, D. S. and Sandor, J. Handbook of Number The- 
ory. Dordrecht, Netherlands: Kluwer, 1995. 

Niven, I. M.; Zuckerman, H. S.; and Montgomery, H. L. An 
Introduction to the Theory of Numbers, 5th ed. New York: 
Wiley, 1991. 

Ogilvy, C. S. and Anderson, J. T. Excursions in Number 
Theory. New York: Dover, 1988. 

Ore, Ø. Invitation to Number Theory. Washington, DC: 
Math. Assoc. Amer., 1967. 

Ore, Ø. Number Theory and Its History. New York: Dover, 
1988. 

Rose, H. E. A Course in Number Theory, 2nd ed. Oxford, 
England: Clarendon Press, 1995. 

Rosen, K. H. Elementary Number Theory and Its Applica- 
tions, 3rd ed. Reading, MA: Addison-Wesley, 1993. 

Schroeder, M. R. Number Theory in Science and Communi- 
cation: With Applications in Cryptography, Physics, Dig- 
ital Information, Computing, and Self-Similarity, 3rd ed. 
New York: Springer-Verlag, 1997. 

Shanks, D. Solved and Unsolved Problems in Number Theory, 
4th ed. New York: Chelsea, 1993. 

Sierpinski, W. 250 Problems in Elementary Number Theory. 
New York: American Elsevier, 1970. 

Uspensky, J. V. and Heaslet, M. A. Elementary Number The- 
ory. New York: McGraw-Hill, 1939. 

Vinogradov, I. M. Elements of Number Theory, 5th rev. ed. 
New York: Dover, 1954. 

Weil, A. Basic Number Theory, 3rd ed. Berlin: Springer- 
Verlag, 1995. 

Weil, A. Number Theory: An Approach Through History 
From Hammurapi to Legendre. Boston, MA: Birkhauser, 
1984. 

Weyl, H. Algebraic Theory of Numbers. 
Princeton University Press, 1998. 


Princeton, NJ: 


1254 Number Triangle 


Number Triangle 


see BELL TRIANGLE, CLARK’S TRIANGLE, EULER’S 
TRIANGLE, LEIBNIZ HARMONIC TRIANGLE, PASCAL’S 
TRIANGLE, SEIDEL-ENTRINGER-ARNOLD TRIANGLE, 
TRINOMIAL TRIANGLE 


Number Wall 
see QUOTIENT-DIFFERENCE TABLE 


Numerator 
The number p in a FRACTION p/q. 


see also DENOMINATOR, FRACTION, RATIONAL NUM- 
BER 


Numeric Function 
A FUNCTION f : A > B such that B is a SET of num- 
bers. 


Numerical Derivative 

While it is usually much easier to compute a DERIVA- 
TIVE instead of an INTEGRAL (which is a little strange, 
considering that “more” functions have integrals than 
derivatives), there are still many applications where 
derivatives need to be computed numerically. The sim- 
plest approach simply uses the definition of the DERIV- 


ATIVE 


for some small numerical value of h < 1. 


see also NUMERICAL INTEGRATION 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. “Numerical Derivatives.” 85.7 in Numerical 
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2nd ed. Cambridge, England: Cambridge University Press, 
pp. 180-184, 1992. 


Numerical Integration 

The approximate computation of an INTEGRAL. The 
numerical computation of an INTEGRAL is sometimes 
called QUADRATURE. There are a wide range of methods 
available for numerical integration. A good source for 
such techniques is Press et al. (1992). 


The most straightforward numerical integration tech- 
nique uses the NEWTON-COTES FORMULAS (also called 
QUADRATURE FORMULAS), which approximate a func- 
tion tabulated at a sequent of regularly spaced INTER- 
VALS by various degree POLYNOMIALS. If the endpoints 
are tabulated, then the 2- and 3-point formulas are 
called the TRAPEZOIDAL RULE and SIMPSON’S RULE, 
respectively. The 5-point formula is called BODE’S 
RULE. A generalization of the TRAPEZOIDAL RULE is 
ROMBERG INTEGRATION, which can yield accurate re- 
sults for many fewer function evaluations. 


NURBS Surface 


If the functions are known analytically instead of being 
tabulated at equally spaced intervals, the best numeri- 
cal method of integration is called GAUSSIAN QUADRA- 
TURE. By picking the abscissas at which to evaluate the 
function, Gaussian quadrature produces the most accu- 
rate approximations possible. However, given the speed 
of modern computers, the additional complication of the 
GAUSSIAN QUADRATURE formalism often makes it less 
desirable than simply brute-force calculating twice as 
many points on a regular grid (which also permits the 
already computed values of the function to be re-used). 
An excellent reference for GAUSSIAN QUADRATURE is 
Hildebrand (1956). 


see also DOUBLE EXPONENTIAL INTEGRATION, FILON’S 
INTEGRATION FORMULA, INTEGRAL, INTEGRATION, 
NUMERICAL DERIVATIVE, QUADRATURE 
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Numerology 

The study of numbers for the supposed purpose of pre- 
dicting future events or seeking connections with the 
occult. 


see also BEAST NUMBER, NUMBER THEORY 


NURBS Curve 
A nonuniform rational B-SPLINE curve defined by 


ico Nip (t)wiPi 
aa Ni,p (t)wi 


where p is the order, Ni,» are the B-SPLINE basis func- 
tions, P; are control points, and the weight w; of P; is 
the last ordinate of the homogeneous point P7. These 
curves are closed under perspective transformations and 
can represent CONIC SECTIONS exactly. 


see also B-SPLINE, BEZIER CURVE, NURBS SURFACE 


C(t) 
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NURBS Surface 
A nonuniform rational B-SPLINE surface of degree (p, q) 
is defined by 


izo jo Nip (U) N ya (UYUP 


S(u, v) Sm TNO OOG 
ae me Ni,p (u).N3,q(v) wi; 
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fair-weather electric fields occurring soon after sunrise”. J 
Geophys Res. 104, 24,455-24,469. 


ADVANTAGES OF THE INVENTION 


[0095] The present invention provides a new method of 
tapping Earth’s electric energy pool and providing usable 
power that can be fed into the power grid or supplied by 
stand-alone power generators. It does so without the need for 
mechanical energy or the consumption of fossil fuel or the 
long-term risks associated with power generated by nuclear 
fission, including the risk of diversion of fissionable material 
to terrorist aims or the risk posed by the required long-term 
storage of spent nuclear fuel. Devices according to the present 
invention can operate virtually continuously with little to no 
maintenance. 

[0096] Articles of manufacture and methods according to 
the present invention possess industrial applicability for the 
generation, storage, and transmission of electrical energy. 
[0097] With respect to ranges of values, the invention 
encompasses each intervening value between the upper and 
lower limits of the range to at least a tenth of the lower limit’s 
unit, unless the context clearly indicates otherwise. More- 
over, the invention encompasses any other stated intervening 
values and ranges including either or both of the upper and 
lower limits of the range, unless specifically excluded from 
the stated range. 

[0098] Unless defined otherwise, the meanings of all tech- 
nical and scientific terms used herein are those commonly 
understood by one of ordinary skill in the art to which this 
invention belongs. One of ordinary skill in the art will also 
appreciate that any methods and materials similar or equiva- 
lent to those described herein can also be used to practice or 
test this invention. 

[0099] The publications and patents discussed herein are 
provided solely for their disclosure prior to the filing date of 
the present application. Nothing herein is to be construed as 
an admission that the present invention is not entitled to 
antedate such publication by virtue of prior invention. Further 
the dates of publication provided may be different from the 
actual publication dates which may need to be independently 
confirmed. 

[0100] All the publications cited are incorporated herein by 
reference in their entireties, including all published patents, 
patent applications, literature references, as well as those 
publications that have been incorporated in those published 
documents. However, to the extent that any publication incor- 
porated herein by reference refers to information to be pub- 
lished, applicants do not admit that any such information 
published after the filing date of this application to be prior 
art. 

[0101] As used in this specification and in the appended 
claims, the singular forms include the plural forms. For 
example the terms “a,” “an,” and “the” include plural refer- 
ences unless the content clearly dictates otherwise. Addition- 
ally, the term “at least” preceding a series of elements 1s to be 
understood as referring to every element in the series. The 
inventions illustratively described herein can suitably be 
practiced in the absence of any element or elements, limita- 
tion or limitations, not specifically disclosed herein. Thus, for 
example, the terms “comprising,” “including,” “containing,” 
etc. shall be read expansively and without limitation. Addi- 
tionally, the terms and expressions employed herein have 
been used as terms of description and not of limitation, and 
there is no intention in the use of such terms and expressions 
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of excluding any equivalents of the future shown and 
described or any portion thereof, and it is recognized that 
various modifications are possible within the scope of the 
invention claimed. Thus, it should be understood that 
although the present invention has been specifically disclosed 
by preferred embodiments and optional features, modifica- 
tion and variation of the inventions herein disclosed can be 
resorted by those skilled in the art, and that such modifica- 
tions and variations are considered to be within the scope of 
the inventions disclosed herein. The inventions have been 
described broadly and generically herein. Each of the nar- 
rower species and subgeneric groupings falling within the 
scope of the generic disclosure also form part of these inven- 
tions. This includes the generic description of each invention 
with a proviso or negative limitation removing any subject 
matter from the genus, regardless of whether or not the 
excised materials specifically resided therein. In addition, 
where features or aspects of an invention are described in 
terms of the Markush group, those schooled in the art will 
recognize that the invention is also thereby described in terms 
of any individual member or subgroup of members of the 
Markush group. It is also to be understood that the above 
description is intended to be illustrative and not restrictive. 
Many embodiments will be apparent to those of in the art 
upon reviewing the above description. The scope of the inven- 
tion should therefore, be determined not with reference to the 
above description, but should instead be determined with 
reference to the appended claims, along with the full scope of 
equivalents to which such claims are entitled. Those skilled in 
the art will recognize, or will be able to ascertain using no 
more than routine experimentation, many equivalents to the 
specific embodiments of the invention described. Such 
equivalents are intended to be encompassed by the following 
claims. 


I claim: 

1. An electric generator for harvesting the energies of 
atomic oscillators comprising: 

(a) an antenna/waveguide that is geometrically optimized 

having a conducting surface; and 

(b) a coil wound with an insulated conductor over a non- 

conductive coil form, the coil being connected to an AC 
or AC-DC driver at its bottom lead and, to the conducting 
surface of the antenna/waveguide by its top lead near the 
point where the electric field contacts the antenna/ 
waveguide, with the antenna/waveguide serving as a 
quasi-capacitive series element to provide a specific 
resonant frequency; 

wherein the generator absorbs impulses from Earth’s electric 

oscillations; and 

wherein the attracted energy manifests as high voltage sinu- 

soidal waveforms in the coil, representing harvested electri- 

cal energy of atomic oscillators and measurable on the leads 

of the coil. 

2. The electric generator of claim 1, wherein the electric 
generator stimulates and attracts the electric emissions of 
atomic oscillators by the use of high voltage. 

3. The electric generator of claim 1, wherein the antenna/ 
waveguide is designed based on functions of phi and/or pi. 

4. The electric generator of claim 1, wherein the antenna/ 
waveguide is of pyramidal shape. 

5. The electric generator of claim 1, wherein the antenna/ 
waveguide is placed on an insulating base. 


Nyquist Frequency 


where N;p and Nj, are the B-SPLINE basis functions, 
P, ; are control points, and the weight w; ¿ of P, ¿ is the 
last ordinate of the homogeneous point P7’;. 


see also B-SPLINE, BEZIER CURVE, NURBS CURVE 


Nyquist Frequency 

In order to recover all FOURIER components of a periodic 
waveform, it is necessary to sample twice as fast as the 
highest waveform frequency v, 


F Nyquist = 2v. 


The minimum sampling frequency is called the Nyquist 
frequency. 


see also FOURIER SERIES, FOURIER TRANSFORM, 


NYQUIST SAMPLING, OVERSAMPLING, SAMPLING THE- 
OREM 


Nyquist Sampling 
Sampling at the NYQUIST FREQUENCY. 


Nyquist Sampling 
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Obelus 


O 


Obelus 

The symbol + used to indicate DIVISION. In typography, 
an obelus has a more general definition as any symbol, 
such as the dagger (+), used to indicate a footnote. 


see also DIVISION, SOLIDUS 


Object 

A mathematical structure (e.g., a GROUP, VECTOR 
SPACE, or DIFFERENTIABLE MANIFOLD) in a CATE- 
GORY. 


see also MORPHISM 


Oblate Spheroid 


A “squashed” SPHEROID for which the equatorial radius 
a is greater than the polar radius c, so a > c. To first 
approximation, the shape assumed by a rotating fluid 
(including the Earth, which is “fluid” over astronomical 
time scales) is an oblate spheroid. The oblate spheroid 
can be specified parametrically by the usual SPHEROID 
equations (for a SPHEROID with z-AXIS as the symmetry 
axis), 


© = asinvcosu (1) 
y = asinvsinu (2) 
z = cC COSV, (3) 


with a > c, u € [0,27), and v € [0,7]. Its Cartesian 
equation is 


+45 =1 (4) 


The ELLIPTICITY of an oblate spheroid is defined by 


a? — c? 


CEN a 2 (5) 


so that 
1 — e? = =* (6) 


Then the radial distance from the rotation axis is given 


by 


2 —1/2 
r(6) =a (: Ka <_ sin? 5) (7) 
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as a function of the LATITUDE ó. 


The SURFACE ÁREA and VOLUME of an oblate spheroid 
are 


2 
S = 2ra? +r% In (7) (8) 
e —e 


V = ira e. (9) 


An oblate spheroid with its origin at a Focus has equa- 
tion 
_ all-e?) 


~ 1+ecosd (10) 


rT 


Define k and expand up to POWERS of ef, 


k=e(1-e)*=e (14e* — 2e* + 6e? +...) 


=e +e*—2e° +... (11) 
k=eé+e +... (12) 
he TE (13) 


Expanding r in POWERS of ELLIPTICITY to eĉ therefore 
yields 
- = 1 — (e? + e* — 2e* + 6e%) sin” ô 

+3(e* +e°)sin* 6 — Že? sinf ð+... (14) 


In terms of LEGENDRE POLYNOMIALS, 


To 1.2 11.4 103 „6 

z= (l-e — 30€ ee y) 
+ (te — Že — 2e")Po 
+(e + ¿Le Pa- ¿e Por... (15) 


The ELLIPTICITY may also be expressed in terms of the 
OBLATENESS (also called FLATTENING), denoted e or f. 


e= — (16) 
c=a(1-— e) (17) 
e =a (1e (18) 
(ise Se (19) 
e=1- yl- e? (20) 
and 


eéé=1-(1-09=1-(1-2%e+€)=2%e-e (21) 


22 -1/2 
ene sin? 5| (22) 
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Define k and expand up to POWERS of el 


k = (2e — «)(1 —€)7? = (2e - e?)(14 2e — 6% +...) 
= 2e + 4e* — 126° — ce? — 2° +... 


Se ud = We Tis (23) 
k? =4 + 66° +... (24) 
k? = 8e +... (25) 


Expanding r in POWERS of the OBLATENESS to e* yields 


gee ee 5 (2e ae Bet ce 146°) sin’ $ 
a 
+3 (4e? +66) sinf ô +8 sinf ô +... (26) 


In terms of LEGENDRE POLYNOMIALS, 


r 2 2 3 
z=(l- 36- ge 050) + (je łe -ae P 


+ (#2 -— 2 )P, - eP. (27) 
To find the projection of an oblate spheroid onto a 
PLANE, set up a coordinate system such that the z-AXIS 
is towards the observer, and the z-axis is in the PLANE 
of the page. The equation for an oblate spheroid is 


2e — e? ia 
r(0) =a f + a-e? cos” o l (28) 
Define ; 
2€—€ 
k= Ar (29) 


and xz = sinó. Then 


r(9) =a[1+ (1-29) =a(1+k-k2*y *?. (30) 


Now rotate that spheroid about the z-axis by an ANGLE 
B so that the new symmetry axes for the spheroid are 
xc = x, y, and z’. The projected height of a point in 
the xz = 0 PLANE on the y-axis is 
y = 7(@) cos(0 — B) = r(0)(cos 8 cos B — sin O sin B) 
= r(0)(1f1 — z? cos B + xsin B). (31) 


To find the highest projected point, 


dy _  asin(B-—0) 
dð (1+ kcos?0)!/2 


cos(B — 0) cos O sin 0 


ll AA AUR ee 
e (1 + k cos? 6)9/2 


=0. 
(32) 
Simplifying, 
tan(B — 0)(1 + k cos? 0) + kcos@sin@ = 0. (33) 
But 


fan =e 
y 1—sin? 6 


1 + tan B22 
very) 


1—sin? ð 


= . 2 = . 
e ay/ 1 — sinf ĝ tan B sin ð (34) 
4/1 — sin? 9 + tan B sin 


tan B — tan 8 


tant 0) 1 + tan B tan ~ 
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Plugging (34) into (33), 


vV1-— zr? tan B — 
1+k(1—2? )|+kzry 1 — z? =0 (35) 
y1 -— z? + xtan A aB ( ( 


and performing a number of algebraic simplifications 
(\/1 — 2? tan B-— 2)(1+k — ka?) 


kry 1-—gr?(y1-— gr? +zrtanB)=0 (36) 
[(1 + k)y 1 — 2? tan B — kr? y1 — r? tan B 


—x— ka + kz] + [ka(1 — 2”) + kr’ V1 -— 22 tan B] 
(37) 
(1+k)tan By/1 — 22—ke(1-2)-e+ke(1-2%)=0 
(38) 
(1+ k) tan By/1— x? =f (39) 
(1+ kY tan? BO — 2’) = a* (40) 


x [l+(1+k)* tan? B] = (1 +k)’ tan? B (41) 
finally gives the expression for x in terms of B and k, 
JA tan? B(1 + k)? 
—1+(1+k) tan? B' 
Combine (30) and (31) and plug in for z, 
V1 -= zr? cos B + rsin B 
VIF k- ka? 
cos B + (1+4) eee 
(1+k)[1+ (1 + k) tan? B] 
ay cos” B + (1 + k) sin? B | 
cos B4/ (1 + k)[1 + (1 + k) tan? B] 


(42) 


—_— 


(43) 


Now re-express k in terms of a and c, using e = 1 — c/a, 


ee a (44) 
j 1+k= (5. (45) 


Plug (44) and (45) into (43) to obtain the SEMIMINOR 
AXIS of the projected oblate spheroid, 


cos? B + (2) "sin? B 
cos B (2 yA la + (2 ) "tan? B| 
cos? B + (2) sin? B 
== —— SA 


cos? B + (2) sin? B 


2 
a . . 
=C cos? B+ (5) sin? B = Vc? cos? B + a? sin? B 
c 


= ay (1 — e)? cos? B + sin? B. (46) 
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We wish to find the equation for a spheroid which has 
been rotated about the x = x'-axis by ANGLE B, then 
the z-axis by ANGLE P 


r' 1 0 0 cosP 0 sinP1 [zx 
El = k cos B ino | | 0 1 0 y 
ca 0 —sinB cosB —sinP 0 cosP|lz 
cos P 0 sin P x 
= india cos B in Boe | E 
—cosBsinP —sinB cos B cos P z 
(47) 


Now, in the original coordinates (x', y”, z'), the spheroid 
is given by the equation 


eee ee rl (48) 
which becomes in the new coordinates, 


(x cos P + ysin Py? 
E 
„ (7 sin Bsin P + z cos B + ysin B cos P)’ 
a 
(—z cos Bsin P — zsin B + y cos B cos P} _ 


= 1. (49) 


+ 
Collecting COEFFICIENTS, 


Ax?” + By? + C27 + Dry + Exz + Fyz=1, (50) 


where 
is A E cos? Bee (51) 
a c 
ps sin? P + = B cos? P i cos? a P (52) 
a c 
2 . 2 
cos B sin^ B 
C= a (2 (53) 
ea 2 
D = 2cos Psin P (a? - | 
a C 
1 
= 2 cos P sin P cos? B (5 — =) (54) 
er : 1 1 
E = 2sin Boos Bsin P (== — 5) (55) 
F = 2sin Boos Boos P(— — 5). (56) 


If we are interested in computing z, the radial distance 
from the symmetry axis of the spheroid (y) correspond- 
ing to a point 
Cz? + (Ex + Fy)z + (Az? + By? + Dry — 1) 

= Cz” + G(z,y)z+ Híz,y) =0, (57) 


where 


G(x, y) = Er + Fy (58) 
H(z, y) = Az? + By? + Dry — 1. (59) 


Oblate Spheroid Geodesic 1259 


z can now be computed using the quadratic equation 
when (2, y) is given, 


a —G(z,y) = y G? (x,y) 406 (2,4) 


(60) 


If P = 0, then we have sin P = 0 and cos P = 1, so (51) 
to (56) and (58) to (59) become 


ee 


A= 2 (61) 
_ sin? B cos? B 
B= 7 a (62) 
cos? B sin? B 
C= - E (63) 
D=0 (64) 
E=0 (65) 
1 1 
F = 2sin Boos B ( = — 5} (66) 
. 1 1 
G(z,y) = Fy = 2ysin B cos B (= — =) (67) 
H(x,y) = Ar? + By? — 1 
2 -2 2 
x 2 {sinf B cos“ B 
= az + y Pp b2 ) EF 1. (68) 


see also DARWIN-DE SITTER SPHEROID, ELLIPSOID, 
OBLATE SPHEROIDAL COORDINATES, PROLATE SPHER- 
OID, SPHERE, SPHEROID 
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Oblate Spheroid Geodesic 

The GEODESIC on an OBLATE SPHEROID can be com- 
puted analytically for a spheroid specified parametri- 
cally by 


x= asin v cos u (1) 
y = asinvsinu (2) 
z= ccosy, (3) 


with a > c, although it is much more unwieldy than for 
a simple SPHERE. Using the first PARTIAL DERIVATIVES 


a sin v sin u Ze cosucosu (4) 
— = -—a — = a v 
ðu Ov 
0 O 
>. = asin vcos Sy = acosusinu (5) 
Oz Oz : 
Su = Ap 7 Tesino, (6) 


and second PARTIAL DERIVATIVES 


O*x O*x 


— = —asinvcosu — = —asinvcosu 7 
Ju? Ov? (7) 
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0 y , , Ory 
guz = —4sinvsinu jp? = asin v sin u (8) 
az 0° z 
Bae = 0 av? = — Zz CoS vV, (9) 


gives the GEODESICS functions as 


_ (Oy? Oy y? Oz y? 
Pa E ee) 


Byte od 2 E eee 
= a“ (sin v cos” u + sin” vsin“ u) 


=a’ sin? v (10) 
_ Ox Ox 0y0y Oz Oz _ 
25 du ðv ðuðv dudv — : oe 


_ (ðr? Oy y * Oz y * 
R= (5) + (a0) + (ae) 
= a? + (c? —a%) sin? v =a*(1-—e* sin’ v). (12) 


Since Q = 0 and P and R are explicit functions of v only, 
we can use the special form of the GEODESIC equation. 


u = a 
E P? —¢,?P 


a?(1 — e? sin? y) 


2 


at sin? v — c 12a? sin? y 


Integrating gives 


er (AEF) -Pn (e - 1, 6/425) 
SQ SS e AA 


d2 — e2 
(14) 
where 
e e 

d= = (15) 

d cos v 
cos Pp = ——=—, 16 
p= (16) 


F(¢|m) is an ELLIPTIC INTEGRAL OF THE FIRST KIND 
with PARAMETER m, and II(¢|m, k) is an ELLIPTIC IN- 
TEGRAL OF THE THIRD KIND. 


GEODESICS other than MERIDIANS of an OBLATE 
SPHEROID undulate between two parallels with latitudes 
equidistant from the equator. Using the WEIERSTRAS 
SIGMA FUNCTION and WEIERSTRAB ZETA FUNCTION, 
the GEODESIC on the OBLATE SPHEROID can be written 
as 


o(a +u) euln—¢(w+a)] 


ety = NOTO (17) 
£ — yY = „g(a — 4) —uln—c(w+a)] 

7 o(ujo(a) (18) 

Pate Ll SY) (19) 


o?(u)o?(a) 
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(Forsyth 1960, pp. 108-109; Halphen 1886-1891). 


The equation of the GEODESIC can be put in the form 


4/1 — e? sin? v sina J 


2 2 


do = v, (20) 


sin? v — sin“ a sin v 
where a is the smallest value of v on the curve. Fur- 
thermore, the difference in longitude between points of 


highest and next lowest latitude on the curve is 


0 PES K 42 
1 — e? sin af dn u — dn” u dis (21) 
0 


wT — 2 - — 
sina 1 + cot? asn? u 


where the MODULUS of the ELLIPTIC FUNCTION is 


pa € COS @ (22) 


4/1 — e? sin” a 


(Forsyth 1960, p. 446). 


see also ELLIPSOID GEODESIC, OBLATE SPHEROID, 
SPHERE GEODESIC 
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Oblate Spheroidal Coordinates 


<THE 
SoS 


A system of CURVILINEAR COORDINATES in which two 
sets of coordinate surfaces are obtained by revolving 
the curves of the ELLIPTIC CYLINDRICAL COORDI- 
NATES about the y-AXIS which is relabeled the z-Axis. 
The third set of coordinates consists of planes passing 
through this axis. 


x = a cosh é cos y cos ġ (1) 
y = a cosh £ cos y sin Y (2) 
z = asinh £sin y, (3) 
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where £ € [0,00), 7 € [—7/2, 7/2], and $ € [0, 27). Arf- 
ken (1970) uses (u,v, y) instead of (€, y, $). The SCALE 
FACTORS are 


he = avy sinh? € + sin? y 
hy = ay sinh’ £ + sin? y 


hg = acosh€ cos 7. 


mn, 
Ha 
NA 


m ie 
a QQ 
— wee 


The LAPLACIAN is 


1 
a3 (sinh? £ + sin? 7) cosh £ cos n 


x E (acosn cos nf | 
aL) A a? (sinh? £ + sin? n) A 


ôn a cosh £ cos y Ag? 


V? f= 


of 
+ ðn (« cosh € cos ny 


EE a sinh £ cos Of 
-aè (sinh? € + sin? n) cosh £ cos 7 b ðE 
2 

a cosh £ cos ng + asinh £ cos n 


1 a f 


+a cosh £ cos oF + -s = 
" On? a? (sinh? € + sin? y) 04? 


een Meme A E ee On E E 
~ a?(sinh? £ + sin? 7) Es OE ( shg a | 


+ l o cos of + — o SO df 
cos y ôn “on a? (cosh? £ + cos? n) 09? 
(7) 

1 


a? 
_ p? 2 2 tanh? y E 
nt ome (se Etan“ 7 + sec” tanh” £) ae 


ð a? o 8 


An alternate form useful for “two-center” problems is 
defined by 


¿& = sinh £ (9) 
ĉi = cosh € (10) 
£2 = cos y (11) 
£3 = @, (12) 


where £1 € [1, oo], 2 € [-1,1], and £ € [0, 27). In these 
coordinates, 


y = a€ És sin Es (13) 
z= ay (€, — 1)(1 — €2?) (14) 
x = aiz cos Es (15) 
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(Abramowitz and Stegun 1972). The SCALE FACTORS 
are 


€1? — €2* 
he, =a E a (16) 
2 2 
ha = 2 (17) 
he, = an, (18) 


and the LAPLACIAN is 


A O an A A A 
V f= a? ls + £2? 0; le +1) | 


eat = ON aed, 
vey E? dE fa £2 rA 
: mat (19) 


ETTI- 627) Obs? 


The HELMHOLTZ DIFFERENTIAL EQUATION is separa- 
ble. 


see also HELMHOLTZ DIFFERENTIAL EQUATION— 
OBLATE SPHEROIDAL COORDINATES, LATITUDE, LON- 
GITUDE, PROLATE SPHEROIDAL COORDINATES, SPHER- 
ICAL COORDINATES 
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Oblate Spheroidal Wave Function 
The wave equation in OBLATE SPHEROIDAL COORDI- 
NATES is 


2 a O toa oe 
PA le Di 3 
o fa nt], ere e 
+ ja £2") (E? + DU — 222) 0p? 


Éz 
+ (E +£%8=0, (1) 


where 
c = žak. (2) 
Substitute in a trial solution 
cos 
$ = Rmn (c, £1) Simn(e, E2) sin (me). (3) 


The radial differential equation is 


d 2, d | 
dë are gy Sons) 


_ (Am A Ea) RAEE. (4) 
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and the angular differential equation is 


d 
qe rn (e E2 ) 


2 
as ce es e ee) Rmna(e,€2)=0 (5) 


d 2 
déz a-e ) 


(Abramowitz and Stegun 1972, pp. 753-755). 
see also PROLATE SPHEROIDAL WAVE FUNCTION 
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Oblateness 
see FLATTENING 


Oblique Angle 
An ANGLE which is not a RIGHT ANGLE. 


Oblong Number 
see PRONIC NUMBER 


Obstruction 

Obstruction theory studies the extentability of MAPS us- 
ing algebraic GADGETS. While the terminology rapidly 
becomes technical and convoluted (as Iyanaga and 
Kawada note, “It is extremely difficult to discuss higher 
obstructions in general since they involve many com- 
plexities”), the ideas associated with obstructions are 
very important in modern ALGEBRAIC TOPOLOGY. 


see also ALGEBRAIC TOPOLOGY, CHERN CLASS, 
EILENBERG-Mac LANE SPACE, STIEFEL-WHITNEY 
CLASS 
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Obtuse Angle 
An ANGLE greater than 7/2 RADIANS (90°). 


see also ACUTE ANGLE, OBTUSE TRIANGLE, RIGHT 
ANGLE, STRAIGHT ANGLE 


Obtuse Triangle 


An obtuse triangle is a TRIANGLE in which one of the 
ANGLES is an OBTUSE ANGLE. (Obviously, only a single 
ANGLE in a TRIANGLE can be OBTUSE or it wouldn’t be 
a TRIANGLE.) A triangle must be either obtuse, ACUTE, 
or RIGHT. 


Obtuse Triangle 


A famous problem is to find the chance that three points 
picked randomly in a PLANE are the VERTICES of an 
obtuse triangle (Eisenberg and Sullivan 1996). Unfor- 
tunately, the solution of the problem depends on the 
procedure used to pick the “random” points (Portnoy 
1994). In fact, it is impossible to pick random variables 
which are uniformly distributed in the plane (Eisenberg 
and Sullivan 1996). Guy (1993) gives a variety of so- 
lutions to the problem. Woolhouse (1886) solved the 
problem by picking uniformly distributed points in the 
unit DISK, and obtained 


4 1 9 4 

—-—--)=-—-— — =0.719715.... 1 
1 a) 8 r? dio (1) 
The problem was generalized by Hall (1982) to n-D 
BALL TRIANGLE PICKING, and Buchta (1986) gave 


closed form evaluations for Hall’s integrals. 


Pa=1-( 


C 


A 2r B 


Lewis Carroll (1893) posed and gave another solution 
to the problem as follows. Call the longest side of a 
TRIANGLE AB, and call the DIAMETER 2r. Draw arcs 
from A and B of RADIUS 2r. Because the longest side of 
the TRIANGLE is defined to be AB, the third VERTEX 
of the TRIANGLE must lie within the region ABCA. If 
the third VERTEX lies within the SEMICIRCLE, the TRI- 
ANGLE is an obtuse triangle. If the VERTEX lies on the 
SEMICIRCLE (which will happen with probability 0), the 
TRIANGLE is a RIGHT TRIANGLE. Otherwise, it is an 
ACUTE TRIANGLE. The chance of obtaining an obtuse 
triangle is then the ratio of the AREA of the SEMICIRCLE 
to that of ABCA. The AREA of ABCA is then twice the 
AREA of a SECTOR minus the AREA of the TRIANGLE. 


4 2 
Awhole figure = 2 ( 5 ) — V3 r? = r° ($r — V3). (2) 


Therefore, 
iar? 37 
P= 2 _ = ———_— =0.63938.... (3 
r(im—vY3) 87-643 8) 


Let the VERTICES of a triangle in n-D be NORMAL 
(GAUSSIAN) variates. The probability that a Gaussian 
triangle in n-D is obtuse is 


1/3 q (m2)/2 


3T(n) 
(1 + x)” af 


T?(37) 0 
r/3 
T = 
ES E, 


= 6T(n) 2F,(¿n,n, 1+ in; —3) (4) 


37/2nT2(3n) 


| ee 


Ochoa Curve 


where T(n) is the GAMMA FUNCTION and 24 (a, b; c; x) 
is the HYPERGEOMETRIC FUNCTION. For EVEN n = 2k, 


O (2-1 (17 (3y 413 
= ne 5 
m3 ("GG | 
j=k 
(Eisenberg and Sullivan 1996). The first few cases are 
explicitly 


a 


P> = $ = 0.75 (6) 

P3 =1-— 3v3 = 0.586503... (7) 
Ar 

Pa = 3 = 0.46875... (8) 

Rata = 0.379755... (9) 


see also ACUTE ANGLE, ACUTE TRIANGLE, BALL TRI- 
ANGLE PICKING, OBTUSE ANGLE, RIGHT TRIANGLE, 
TRIANGLE 
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Ochoa Curve 
The ELLIPTIC CURVE 


3Y? = 2X? + 386X? + 256X — 58195, 
given in Weierstraf form as 
y? = z” — 440067x + 106074110. 


The complete set of solutions to this equation con- 
sists of (x,y) = (—761,504), (-745, 4520), (-557, 
13356), (-446, 14616), (-17, 10656), (91, 8172), (227, 
4228), (247, 3528), (271, 2592), (455, 200), (499, 3276), 
(523, 4356), (530, 4660), (599, 7576), (751, 14112), 
(1003, 25956), (1862, 75778), (3511, 204552), (5287, 
381528), (23527, 3607272), (64507, 16382772), (100102, 
31670478), and (1657891, 2134685628) (Stroeker and de 
Weger 1994). 
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Octacontagon 
An 80-sided POLYGON. 


Octadecagon 


An 18-sided POLYGON, sometimes also called an OC- 
TAKAIDECAGON. 

see also POLYGON, REGULAR POLYGON, TRIGONOME- 
TRY VALUES—7/18 


Octagon 


The regular 8-sided POLYGON. The INRADIUS r, CIR- 
CUMRADIUS R, and AREA A can be computed directly 
from the formulas for a general regular POLYGON with 
side length s and n = 8 sides, 


r = 5scot (=) = 4(1+v2)s (1) 
R= }sosc (5) =} V4+2v2s (2) 
A = Ins” cot (=) = 2(1 + V2)’. (3) 


see also OCTAHEDRON, POLYGON, REGULAR POLYGON, 
TRIGONOMETRY VALUES—7/8 | 


Octagonal Number 


A POLYGONAL NUMBER of the form n(3n — 2). The 
first few are 1, 8, 21, 40, 65, 96, 133, 176, ... (Sloane's 
A000567). The GENERATING FUNCTION for the octag- 
onal numbers is 


5 1 
“(Se +1) 4 Be? +212? + 400% +.... 
(l=)? 
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Octagram 


Octagram 


The STAR POLYGON (8, 3). 


Octahedral Graph 


The POLYHEDRAL GRAPH having the topology of the 
OCTAHEDRON. | 


see also CUBICAL GRAPH, DODECAHEDRAL GRAPH, 
ICOSAHEDRAL GRAPH, OCTAHEDRON, TETRAHEDRAL 
GRAPH 


Octahedral Group 

The POINT GROUP of symmetries of the OCTAHEDRON, 
denoted O». It is also the symmetry group of the CUBE, 
CUBOCTAHEDRON, and TRUNCATED OCTAHEDRON. It 
has symmetry operations E, 8C3, 6C4, 6C2, 3C2 = O2, 
1, 654, 856, Th, and 604 (Cotton 1990). 


see also CUBE, CUBOCTAHEDRON, ICOSAHEDRAL 
GROUP, OCTAHEDRON, POINT GROUPS, TETRAHE- 
DRAL GROUP, TRUNCATED OCTAHEDRON 
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Octahedral Number 
_A FIGURATE NUMBER which is the sum of two consec- 
utive PYRAMIDAL NUMBERS, 


On = Pa-1 + Pr = in(2n* +1). 


The first few are 1, 6, 19, 44, 85, 146, 231, 344, 489, 670, 
891, 1156, ... (Sloane’s A005900). The GENERATING 
FUNCTION for the octahedral numbers is 


a(x +1) 


Ces. = g +62 + 192 + 4407+... 


see also TRUNCATED OCTAHEDRAL NUMBER 


Octahedron 
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Octahedron 


A PLATONIC SOLID (P3) with six VERTICES, 12 EDGES, 
and eight equivalent EQUILATERAL TRIANGULAR faces 
(8{3}), given by the SCHLAFLI SYMBOL (3,4). It is also 
UNIFORM POLYHEDRON Us with the WYTHOFF SYM- 
BOL 4|23. Its DUAL POLYHEDRON is the CUBE. Like 
the CUBE, it has the Op OCTAHEDRAL GROUP of sym- 
metries. The octahedron can be STELLATED to give the 
STELLA OCTANGULA. 


The solid bounded by the two TETRAHEDRA of the 
STELLA OCTANGULA (left figure) is an octahedron (right 
figure; Ball and Coxeter 1987). 


In one orientation (left figure), the VERTICES are given 
by (+1,0,0), (0,+1,0), (0,0,+1). In another orien- 
tation (right figure), the vertices are (+1,+1,0) and 
(0,0, +43). In the latter, the constituent TRIANGLES 
are specified by 


Tı = {(—1, -1,0), (1, —1, 0), (0,0, V3)} 
Ta = {(—1, —1, 0), (1, —1, 0), (0,0, -V3)} 
T; = {(-1, 1,0), (1, 1,0), (0,0, V3 )} 

T4 = {(—1, 1,0), (1, 1,0), (0,0, —vV3)) 

Ts = {(1, —1,0), (1, 1,0), (0,0, V3 )} 

Ts = {(—1,—1, 0), (—1, 1, 0), (0,0, V3 )} 
Tz = {(1, —1, 0), (1, 1,0), (0,0, -V3)} 

Ts = {(—1, —1,0), (—1, 1,0), (0,0, —V3 )}. 
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6. The electric generator of claim 1, wherein the antenna/ 
waveguide is at a high voltage during the operation of the 
generator. 

7. The electric generator of claim 1, wherein the antenna/ 
waveguide voltage is measured by using an E-field antenna. 

8. The electric generator of claim 1, wherein the antenna/ 
waveguide is connected to an oscillator. 

9. The electric generator of claim 8, wherein the oscillator 
comprises a resonant step-up transformer. 

10. The electric generator of claim 1, wherein the height of 
the pyramid of the electric generator 1s from about 0.10 m to 
about 1000 m. 

11. The electric generator of claim 1, wherein the base 
surface area of the pyramid is from about 0.01 m? to about 
1,000,000 im”. 

12. The electric generator of claim 1, wherein the generator 
is positioned in the general North-South direction. 

13. An electric generator for harvesting the energies of 
atomic oscillators comprising: 

(a) an antenna/waveguide that is geometrically optimized 

having a conducting surface; and 

(b) a primary (apex) coil wound with an insulated conduc- 

tor over a non-conductive coil form, the coil being con- 
nected to an AC or AC-DC driver at its bottom lead and, 
to the conducting surface of the antenna/waveguide by 
its top lead near the point where the electric field con- 
tacts the antenna/waveguide, and the antenna/ 
waveguide serving as a quasi-capacitive series element 
to provide a specific resonant frequency; and 

(c) a secondary coil of smaller diameter than the primary 

(apex) coil having a greater number of turns than the 
primary coil, the secondary coil being positioned coaxi- 
ally within the primary coil and acting as a resonant 
step-up transformer winding inductively coupled with 
the apex coil; 
wherein the generator absorbs impulses from Earth’s electric 
oscillations; and 
wherein the attracted energy manifests as high voltage sinu- 
soidal waveforms in the secondary coil, representing har- 
vested electrical energy of atomic oscillators and measurable 
on the leads of the secondary coil. 

14. The electric generator of claim 13, in which more than 
one resonant step-up transformer winding is used. 

15. The electric generator of claim 13, wherein the electric 
generator stimulates and attracts the electric emissions of 
atomic oscillators by the use of high voltage. 

16. The electric generator of claim 15, wherein the high 
voltage is greater than 500 V pass- 

17. The electric generator of claim 13, wherein the antenna/ 
waveguide is designed based on functions of phi and/or pi. 

18. The electric generator of claim 13, wherein the antenna/ 
waveguide is of pyramidal shape. 

19. The electric generator of claim 13, wherein the antenna/ 
waveguide is placed on an insulating base. 

20. The electric generator of claim 13, wherein the antenna/ 
waveguide is at a high voltage during the operation of the 
generator. 

21. The electric generator of claim 13, wherein the antenna/ 
waveguide voltage is measured by using an E-field antenna. 

22. The electric generator of claim 13, wherein the antenna/ 
waveguide is connected to an oscillator. 

23. The electric generator of claim 22, wherein the oscil- 
lator comprises a resonant step-up transformer. 

24. The electric generator of claim 13, wherein the primary 
(apex) coil of the resonant transformer is connected near the 
point where the electric field contacts the antenna/waveguide. 
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25. The electric generator of claim 13, wherein the bottom 
lead of the secondary coil is connected to ground. 

26. The electric generator of claim 13, wherein the primary 
(apex) coil is inductively coupled to the secondary coil. 

27. The electric generator of claim 13, wherein the output 
of the secondary coil is connected to a load. 

28. The electric generator of claim 13, wherein the height 
of the pyramid of the electric generator is from about 0.10 m 
to about 1000 m. 

29. The electric generator of claim 13, wherein the base 
surface area of the pyramid is from about 0.01 m? to about 
1,000,000 m’. 

30. The electric generator of claim 13, wherein the genera- 
tor is positioned in the general North-South direction. 

31. An electric generator for harvesting the electric emis- 
sions of atomic oscillations comprising an oscillator. 

32. The electric generator of claim 31, wherein the oscil- 
lator operates in the LF or ELF bands. 

33. The electric generator of claim 31 wherein the electric 
generator comprises: 

(a) a primary (apex) coil wound with a conductor over a 
secondary coil, the primary (apex) coil being connected 
electrically at its bottom lead to a driver operating in the 
LF or ELF bands while connected by its top lead near the 
point at which the electric field contacts the conductive 
surface of the antenna/waveguide; and 

(b) a secondary coil of smaller diameter than the primary 
coil having a greater number of turns than the primary 
coil, the secondary coil being positioned coaxially 
within the first coil and acting as a resonant step-up 
transformer winding inductively coupled with the pri- 
mary, 

wherein said resonant step-up transformer’s output voltage 
exceeds 500 V pgs: 

wherein the electric generator attracts impulses from Earth’s 
electric oscillations; 

and wherein the attracted energy manifests as high voltage 
sinusoidal waveforms representing harvested electric energy 
of atomic oscillations in the secondary coil. 

34. The electric generator of claim 33, wherein the output 
ofthe secondary coil is connected to a load for drawing power 
from the generator. 

35. A method of tapping Earth’s electric oscillatory ener- 
gies comprising the steps of: 

(a) positioning the electric generator of claim 1 such that it 

is exposed to Earth’s electric oscillations; and 

(b) generating a sinusoidal voltage signal representing har- 
vested electric energy of atomic oscillators by the opera- 
tion of the generator. 

36. A method of tapping Earth’s electric oscillatory ener- 

gies comprising the steps of: 

(a) positioning the electric generator of claim 2 such that it 
is exposed to Earth’s electric oscillations; and 

(b) generating a sinusoidal voltage signal representing har- 
vested electric energy of atomic oscillators by the opera- 
tion of the generator. 

37. A method of tapping Earth’s electric oscillatory ener- 

gies comprising the steps of: 

(a) positioning the electric generator of claim 32 such that 
it is exposed to Earth’s electric oscillations; and 

(b) generating a sinusoidal voltage signal representing har- 
vested electric energy of atomic oscillators by the opera- 
tion of the generator. 
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Octahedron 


The face planes are trty+z = 1, so a solid octahedron 
is given by the equation 


lz] + [y] + [z| < 1. | (1) 


A plane PERPENDICULAR to a C3 axis of an octahedron 
cuts the solid in a regular HEXAGONAL CROSS-SECTION 
(Holden 1991, pp. 22-23). Since there are four such axes, 
there are four possibly HEXAGONAL CROSS-SECTIONS. 


Faceted forms are the CUBOCTATRUNCATED CUBOCTA- 
HEDRON and TETRAHEMIHEXAHEDRON. 


Let an octahedron be length a on a side. The height 
of the top VERTEX from the square plane is also the 
CIRCUMRADIUS 


R= ya —d?, (2) 


where 
d=3v2a (3) 


is the diagonal length, so 


R= ,/a? — ła? = $V2a ~ 0.70710a. (4) 


Now compute the INRADIUS. 


1 
2 
1 
2 
1 
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2 5 
Qu 
2 
=n 
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sO 


E ae 


bD = 5b = za (9) 
, 8 a 

=32= == 10 
z 2 3/5 (10) 
=b-b = ła — ja= ża, (11) 
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so the INRADIUS is 


r= 4z? + z? = ay/ % + $ = 5 6a = 0.40824a. 
(12) 
The INTERRADIUS is 


p = ża = 0.5a. (13) 


The AREA of one face is the AREA of an EQUILATERAL 
TRIANGLE 
A= iv3a’. (14) 


The volume is two times the volume of a square-base 
pyramid, 


V = (ła R) = 2(4)(a)(4V2a) =iv2a°. (15) 
The DIHEDRAL ANGLE is 


a = cos *(—4) = 70.528779°. (16) 


see also OCTAHEDRAL GRAPH, OCTAHEDRAL GROUP, 
OCTAHEDRON 5-COMPOUND, STELLA OCTANGULA, 
TRUNCATED OCTAHEDRON 
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Octahedron 5-Compound 


A POLYHEDRON COMPOUND composed of five OCTAHE- 
DRA occupying the VERTICES of an ICOSAHEDRON. The 
30 VERTICES of the compound form an ICOSIDODECA- 
HEDRON (Ball and Coxeter 1987). 


see also ICOSIDODECAHEDRON, OCTAHEDRON, POLYHE- 
DRON COMPOUND 
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Octahemioctacron 
The DUAL POLYHEDRON of the OCTAHEMIOCTAHE- 
DRON. 
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Octahemioctahedron 


The UNIFORM POLYHEDRON Us, also called the Oc- 
TATETRAHEDRON, whose DUAL POLYHEDRON is the 
OCTAHEMIOCTACRON. It has WYTHOFF SYMBOL 5 3|3. 
Its faces are 8{3}+4{6}. It is a FACETED CUBOCTAHE- 
DRON. For unit edge length, its CIRCUMRADIUS is 


H=1. 
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Octakaidecagon 
see OCTADECAGON 


Octal 

The base 8 notational system for representing REAL 
NUMBERS. The digits used are 0, 1, 2, 3, 4, 5, 6, 
and 7, so that 819 (8 in base 10) is represented as 10s 
(10 = 1-8' +0-8°) in base 8. 

see also BASE (NUMBER), BINARY, DECIMAL, HEXA- 
DECIMAL, QUATERNARY, TERNARY 
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Octant 


z-axis 


Odd Number 


One of the eight regions of SPACE defined by the eight 
possible combinations of SIGNS (+, +, +) for x, y, and 
z. 


see also QUADRANT 


Octatetrahedron 
see OCTAHEMIOCTAHEDRON 


Octic Surface 

An ALGEBRAIC SURFACE of degree eight. The maxi- 
mum number of ORDINARY DOUBLE POINTS known to 
exist on an octic surface is 168 (the ENDRASS OCTICS), 
although the rigorous upper bound is 174. 


see also ALGEBRAIC SURFACE, ENDRASS OCTIC 


Octillion 
In the American system, 1 


see also LARGE NUMBER 


0. 


Octodecillion 
In the American system, 10°’. 


see also LARGE NUMBER 


Octonion 
see CAYLEY NUMBER 


Odd Function 
An odd function is a function for which f(x) = — f(-x). 
An EVEN FUNCTION times an odd function is odd. 


Odd Number 

An INTEGER of the form N = 2n + 1, where n is an 
INTEGER. The odd numbers are therefore ..., —3, —1, 
1, 3, 5, 7, ... (Sloane’s A005408), which are also the 
GNOMIC NUMBERS. The GENERATING FUNCTION for 
the odd numbers is 


z(1+ 2) 


Genie + tte tbe tie! +... 


Since the odd numbers leave a remainder of 1 when di- 
vided by two, N = 1 (mod 2) for odd N. Integers which 
are not odd are called EVEN. 


see also EVEN NUMBER, GNOMIC NUMBER, NICO- 
MACHUS’S THEOREM, ODD NUMBER THEOREM, ODD 
PRIME 


References 


Sloane, N. J. A. Sequence A005408/M2400 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


Odd Number Theorem 


Odd Number Theorem 
The sum of the first n ODD NUMBERS is a SQUARE NUM- 
BER: 


IA [AOD -n 


k=1 


=n(n+1)—n=n’. 


see also NICOMACHUS’S THEOREM 


Odd Order Theorem 
see FEIT-THOMPSON THEOREM 


Odd Prime 
Any PRIME NUMBER other than 2 (which is the only 
EVEN PRIME). 


see also PRIME NUMBER 


Odd Sequence 

A SEQUENCE of n Os and 1s is called an odd sequence if 
each of the n SUMS say ajQjyx fork = 0,1,...,n-1. 
References 

Guy, R. K. “Odd Sequences.” $E38 in Unsolved Problems 


in Number Theory, 2nd ed. New York: Springer-Verlag, 
pp. 238-239, 1994. 


Odds 

Betting odds are written in the form r : s (“r to s”) and 
correspond to the probability of winning P = s/(r + s). 
Therefore, given a probability P, the odds of winning 
are (1/P)-1:1. 

see also FRACTION, RATIO, RATIONAL NUMBER 
References 


Kraitchik, M. “The Horses.” §6.17 in Mathematical Recre- 
ations. New York: W. W. Norton, pp. 134-135, 1942. 


ODE 
see ORDINARY DIFFERENTIAL EQUATION 


Offset Rings 
see SURFACE OF REVOLUTION 


Ogive 


Any cumulative frequency curve. 


see also HISTOGRAM 
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Onduloid 1267 


Oldknow Points 
The PERSPECTIVE CENTERS of a triangle and the TAN- 
GENTIAL TRIANGLES of its inner and outer SODDY CIR- 


CLES, given by 
Ol = I + 2Ge 


ol’ = I — 2Ge, 
where I is the INCENTER and Ge is the GERGONNE 
POINT. 
see also GERGONNE POINT, INCENTER, PERSPECTIVE 
CENTER, SODDY CIRCLES, TANGENTIAL TRIANGLE 


References 
Oldknow, A. “The Euler-Gergonne-Soddy Triangle of a Tri- 
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Omega Constant 


W (1) = 0.5671432904..., (1) 


where W(x) is LAMBERT’S W-FUNCTION. It is avail- 
able in Mathematica® (Wolfram Research, Champaign, 
IL) using the function ProductLog[1]. W(1) can be 
considered a sort of “GOLDEN RATIO” for exponentials 
since 


exp[-W (1)] = W(1), (2) 
giving 


1 
In cal = W (1). (3) 


see also GOLDEN RATIO, LAMBERT’S W-FUNCTION 


References 

Corless, R. M.; Gonnet, G. H.; Hare, D. E. G.; and Jeffrey, 
D. J. “On Lambert's W Function.” ftp://watdragon. 
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Omega Function 
see LAMBERT’S W-FUNCTION 


Omino 
see POLYOMINO 


Omnific Integer 
The appropriate notion of INTEGER for SURREAL NUM- 
BERS. 


O’Nan Group 
The SPORADIC GROUP O’N. 


References 


Wilson, R. A. “ATLAS of Finite Group Representation.” 
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Onduloid 
see UNDULOID 
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One 


see 1 


One-Form 

A linear, real-valued FUNCTION of VECTORS such that 
wi(w) ++ R. VECTORS and one-forms are DUAL to each 
other because VECTORS are CONTRAVARIANT (“KETS”: 
11b)) and one-forms are COVARIANT VECTORS (“BRAS”: 


(pl), so 
Oo (Vv) =Ve)= (w*,v) = (ohp). 


The operation of applying the one-form to a VECTOR 
w*(v) is called CONTRACTION. 


see also ANGLE BRACKET, BRA, DIFFERENTIAL k- 
FORM, KET 


One-Mouth Theorem 
Except for convex polygons, every SIMPLE POLYGON has 


at least one MOUTH. 

see also MOUTH, PRINCIPAL VERTEX, Two-EARS THE- 
OREM 
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One-Ninth Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let Amn be CHEBYSHEV CONSTANTS. Schonhage 
(1973) proved that 
lim (Ao,n)*/” = 4. (1) 
noo 
It was conjectured that 
A= lim (Ann) = 3. (2) 
noo 
Carpenter et al. (1984) obtained 
A = 0.1076539192... (3) 


numerically. Gonchar and Rakhmanov (1980) showed 
that the limit exists and disproved the 1/9 conjecture, 
showing that A is given by 


A = exp es] , (4) 


where K is the complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND, and c = 0.9089085575485414... is the PA- 


RAMETER which solves 


K(k) = 2E(k), (5) 


One-Ninth Constant 


and & is the complete ELLIPTIC INTEGRAL OF THE SEC- 
OND KIND. This gives the value for A computed by 
Carpenter et al. (1984) A is also given by the unique 
POSITIVE ROOT of 


f(z) = §; (6) 
where m 
He) =) ají (7) 
and 
aj = Y) DA (8) 
dlj | 


(Gonchar and Rakhmanov 1980). a; may also be com- 
puted by writing j as 


T2" p pa esep Ei (9) 


where m > 0 and m; > 1, then 


miı+il = 1 mij+l SEN 1 


matl e 1 
aj = Pis saa p 


p2 
pl 


Y A 
pr 1 
(10) 
(Gonchar 1990). Yet another equation for A is due to 
Magnus (1986). A is the unique solution with æ € (0,1) 
of 


pi=1 


(2k + Da DP = 0, (11) 
k=0 


an equation which had been studied and whose root had 
been computed by Halphen (1886). It has therefore been 
suggested (Varga 1990) that the constant be called the 
HALPHEN CONSTANT. 1/A is sometimes called VARGA’S 
CONSTANT. 


see also CHEBYSHEV CONSTANTS, HALPHEN CON- 
STANT, VARGA’S CONSTANT 
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One-to-One 

Let f be a FUNCTION defined on a SET S and taking 
values in a set T. Then f is said to be one-to-one (a.k.a. 
an INJECTION or EMBEDDING) if, whenever f(x) = f(y), 
it must be the case that « = y. In other words, f is one- 
to-one if it MAPS distinct objects to distinct objects. 


If the function is a linear OPERATOR which assigns a 
unique MAP to each value in a VECTOR SPACE, it is 
called one-to-one. Specifically, given a VECTOR SPACE 
V with X, Y € V, then a TRANSFORMATION T' defined 
on V is one-to-one if T(X) 4 T(Y) for all X # Y. 


see also BIJECTION, ONTO 


One-Way Function 

Consider straight-line algorithms over a FINITE FIELD 
with g elements. Then the e-straight line complexity 
C.(¢) of a function ¢@ is defined as the length of the 
shortest straight-line algorithm which computes a func- 
tion f such that f(x) = x is satisfied for at least (1 — e)q 
elements of F. A function @ is straight-line “one way” 
of range 0 < 6 < 1 if e satisfies the properties: 


1. There exists an infinite set S of finite fields such that 
@ is defined in every F € S and e is ONE-TO-ONE in 
every FE $. 


2. For every e such that 0 < e < 6, C.(¢~') tends to 


infinity as the cardinality q of F approaches infinity. 


3. For every e such that 0 < e < 6, the “work function” 
y satisfies 


—1 NE 
n = liminf y = lim inf In Ce(p")— InCe() 


> 1. 
q> q—>00 In Cele) 


It is not known if there is a one-way function with work 
factor y > (In g)*. 
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Only Critical Point in Town Test 


If there is only one CRITICAL POINT at an EXTREMUM, 
the CRITICAL POINT must be the EXTREMUM for func- 
tions of one variable. There are exceptions for two vari- 
ables, but none of degree < 4. Such exceptions include 


3 
z = 3re¥ — r? — e”! 


z= (14 y) +y 


eS 
z= H 2 for (x,y) H (0, 0) 
0 


for (x, y) = (0, 0) 
(Wagon 1991). This latter function has discontinuous 
Zzy and Zyz, and Zyr(0,0) = 1 and zz,(0,0) = 1. 
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Onto 

Let f be a FUNCTION defined on a SET S and taking 
values in a set T. Then f is said to be onto (a.k.a. a 
SURJECTION) if, for any t € T, there exists an s € S for 
which t = f(s). 


Let the function be an OPERATOR which MAPS points 
in the DOMAIN to every point in the RANGE and let V 
be a VECTOR SPACE with X, Y € V. Then a TRANS- 
FORMATION T defined on Y is onto if there is an X € Y 
such that T(X) = Y for all Y. 


see also BIJECTION, ONE-TO-ONE 


Open Disk 

An n-D open disk of RADIUS r is the collection of points 
of distance less than r from a fixed point in EUCLIDEAN 
n-space. 

see also CLOSED Disk, DISK 


Open Interval 
An INTERVAL which does not include its LIMIT POINTS, 
denoted (a,b). 


see also CLOSED INTERVAL, HALF-CLOSED INTERVAL 


Open Map 
A MAP which sends OPEN SETS to OPEN SETS. 


see also OPEN MAPPING THEOREM 
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Open Mapping Theorem 
There are several flavors of this theorem. 


1. A continuous surjective linear mapping between BA- 
NACH SPACES is an OPEN MAP. 


2. A nonconstant ANALYTIC FUNCTION on a DOMAIN 
D is an OPEN MAP. 


References 
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Open Set 

A SET is open if every point in the set has a NEIGHBOR- 
HOOD lying in the set. An open set of RADIUS r and 
center Xo is the set of all points x such that |x —xo| < r, 
and is denoted D,(xo). In 1-space, the open set is an 
OPEN INTERVAL. In 2-space, the open set is a DISK. In 
3-space, the open set is a BALL. 


More generally, given a TOPOLOGY (consisting of a SET 
X and a collection of SUBSETS T'), a SET is said to be 
open if it is in T. Therefore, while it is not possible for 
a set to be both finite and open in the TOPOLOGY of 
the REAL LINE (a single point is a CLOSED SET), it is 
possible for a more general topological SET to be both 
finite and open. 


The complement of an open set is a CLOSED SET. It is 
possible for a set to be neither open nor CLOSED, e.g., 
the interval (0, 1]. 


see also BALL, CLOSED SET, EMPTY SET, OPEN INTER- 
VAL 


Operad 

A system of parameter chain complexes used for MUL- 
TIPLICATION on differential GRADED ALGEBRAS up to 
HOMOTOPY. 


Operand 

A mathematical object upon which an OPERATOR acts. 
For example, in the expression 1 x 2, the MULTIPLICA- 
TION OPERATOR acts upon the operands 1 and 2. 


see also OPERAD, OPERATOR 


Operational Mathematics 
The theory and applications of LAPLACE TRANSFORMS 
and other INTEGRAL TRANSFORMS. 


References 
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Operations Research 

A branch of mathematics which encompasses many di- 
verse areas of minimization and optimization. Bron- 
son (1982) describes operations research as being “con- 
cerned with the efficient allocation of scarce resources.” 
It includes the CALCULUS OF VARIATIONS, CONTROL 
THEORY, CONVEX OPTIMIZATION THEORY, DECISION 


Or 


THEORY, GAME THEORY, LINEAR PROGRAMMING, 
MARKOV CHAINS, network analysis, OPTIMIZATION 
THEORY, queuing systems, etc. The more modern term 
for operations research is OPTIMIZATION THEORY. 


see also CALCULUS OF VARIATIONS, CONTROL THEORY, 
CONVEX OPTIMIZATION THEORY, DECISION THEORY, 
GAME THEORY, LINEAR PROGRAMMING, MARKOV 
CHAIN, OPTIMIZATION THEORY, QUEUE 
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Operator 

An operator A: f™ (I) > f(J) assigns to every function 
f e f™(D a function A(f) € F(Z). It is therefore a 
mapping between two FUNCTION SPACES. If the range 
is on the REAL LINE or in the COMPLEX PLANE, the 
mapping is usually called a FUNCTIONAL instead. 


see also ABSTRACTION OPERATOR, ADJOINT OP- 
ERATOR, ANTILINEAR OPERATOR, BIHARMONIC OP- 
ERATOR, BINARY OPERATOR, CASIMIR OPERATOR, 
CONVECTIVE OPERATOR, D’ALEMBERTIAN OPERA- 
TOR, DIFFERENCE OPERATOR, FUNCTIONAL ANALYSIS, 
HECKE OPERATOR, HERMITIAN OPERATOR, IDENTITY 
OPERATOR, LAPLACE-BELTRAMI OPERATOR, LINEAR 
OPERATOR, OPERAND, PERRON-FROBENIUS OPERA- 
TOR, PROJECTION OPERATOR, ROTATION OPERATOR, 
SCATTERING OPERATOR, SELF-ADJOINT OPERATOR, 
SPECTRUM (OPERATOR), THETA OPERATOR, WAVE 
OPERATOR 
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Optimization Theory 
see OPERATIONS RESEARCH 


Or 

A term in LOGIC which yields TRUE if any one of a 
sequence conditions is TRUE, and FALSE if all conditions 
are FALSE. A OR B is denoted A|B, A+ B, or AVB. 
The symbol V derives from the first letter of the Latin 
word “vel” meaning “or.” The BINARY OR operator has 
the following TRUTH TABLE. 


AB AVB 
F F F 
FT T 
TF T 
T T T 


Orbifold 


A product of ORs is called a DISJUNCTION and is de- 


noted n 
V Ar. 
k=1 


Two BINARY numbers can have the operation OR per- 
formed bitwise. This operation is sometimes denoted 
AJ|B. 

see also AND, BINARY OPERATOR, LOGIC, NOT, PRED- 
ICATE, TRUTH TABLE, UNION, XOR 


Orbifold 

The object obtained by identifying any two points of a 
MAP which are equivalent under some symmetry of the 
MAP’S GROUP. 


Orbison’s Illusion 


y. 


ZA 


The illusion illustrated above in which the bounding 
RECTANGLE and inner SQUARE both appear distorted. 


see also ILLUSION, MULLER-LYER ILLUSION, PONZO'S 
ILLUSION, VERTICAL-HORIZONTAL ILLUSION 
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Orbit (Group) 

Given a PERMUTATION GROUP G on a set S, the orbit 
of an element s € S is the subset of S consisting of 
elements to which some element G can send s. 


Orbit (Map) 


The SEQUENCE generated by repeated application of a 


MAP. The MAP is said to have a closed orbit if it has a 
finite number of elements. 


see also DYNAMICAL SYSTEM, SINK (MAP) 
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Orchard-Planting Problem 


0 
0 e_e—_ 
We 3. fs 1 n=4,r=l1 n=5,r=2 
n=6,r=4 n=7,r=6 n=8,r=7 
n=9,r=10 w= 10, 7= 12 


Also known as the TREE-PLANTING PROBLEM. Plant n 
trees so that there will be r straight rows with k trees in 
each row. The following table gives max(r) for various 
k. k = 3 is Sloane’s A003035 and k = 4 is Sloane’s 


A006065. 


1 


[22, 24] 
(26, 27] 
[31, 32] 

37 


1 
1 
1 
1 
2 
2 
2 
3 
3 
4 

> 6 

> 6 

ST 

> 9 

0 

1 


IV IV 
m. m 


where |x| is the FLOOR FUNCTION (Ball and Coxeter 
1987). Burr, Griinbaum and Sloane (1974) have shown 
using cubic curves that 


r(k = 3) <1+ | n(n — 3)| 
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except for n = 7, 11, 16, and 19, and conjecture that 
the inequality is an equality with the exception of the 
preceding cases. For n > 4, 


r(k = 3) > |¿[En(n— 1) — [$n]]], 


where [æ] is the CEILING FUNCTION. 
see also ORCHARD VISIBILITY PROBLEM 
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Orchard Visibility Problem 

A tree is planted at each LATTICE POINT in a circular 
orchard which has CENTER at the ORIGIN and RADIUS 
r. If the radius of trees exceeds 1/r units, one is unable 
to see out of the orchard in any direction. However, if 
the RADII of the trees are < 1/\/r? + 1, one can see out 
at certain ANGLES. 


see also LATTICE POINT, ORCHARD-PLANTING PROB- 
LEM, VISIBILITY 
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Order (Algebraic Curve) 
The order of the POLYNOMIAL defining the curve. 


Order (Modulo) 


Order (Algebraic Surface) 

The order n of an ALGEBRAIC SURFACE is the order 
of the POLYNOMIAL defining a surface, which can be 
geometrically interpreted as the maximum number of 
points in which a line meets the surface. 


Order Surface 


cubic surface 
quartic surface 
quintic surface 
sextic surface 
heptic surface 
octic surface 
nonic surface 
10 decic surface 


D 0 JO of 0 


see also ALGEBRAIC SURFACE 
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Order (Conjugacy Class) 
The number of elements of a GROUP in a given CONJU- 
GACY CLASS. 


Order (Difference Set) 

Let G be GROUP of ORDER h and D be a set of k el- 
ements of G. If the set of differences d; — d; contains 
every NONZERO element of G exactly A times, then D 
is a (h, k, A)-difference set in G of order n = k — À. 


Order (Field) 
The number of elements in a FINITE FIELD. 


Order (Group) 

The number of elements in a GROUP G, denoted |G|. 
The order of an element g of a finite group G is the 
smallest POWER of n such that g” = I, where I is the 
IDENTITY ELEMENT. In general, finding the order of the 
element of a group is at least as hard as factoring (Meijer 
1996). However, the problem becomes significantly eas- 
ier if |G| and the factorization of |G| are known. Under 
these circumstances, efficient ALGORITHMS are known 
(Cohen 1993). 


see also ABELIAN GROUP, FINITE GROUP 
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Order (Modulo) 

For any INTEGER a which is not a multiple of a PRIME 
p, there exists a smallest exponent h > 1 such that a” = 
1 (mod p) IFF h|k. In that case, h is called the order of 
a modulo p. 


see also CARMICHAEL FUNCTION 


Order (Ordinary Differential Equation) 


Order (Ordinary Differential Equation) 
An ORDINARY DIFFERENTIAL EQUATION of order n is 
an equation of the form 


F(z, yy, y) = 0. 


Order (Permutation) 
see PERMUTATION 


Order (Polynomial) 

The highest order POWER in a one-variable POLYNOM- 
IAL is known as its order (or sometimes its DEGREE). 
For example, the POLYNOMIAL 


n 2 
ng t... + axr” + 012 + ao 
is of order n. 


Order Statistic 

Given a sample of n variates X1, ..., Xn, reorder them 
so that Xi < X3 < ... < Xn. Then the ith order 
statistic X? is defined as X!, with the special cases 


Min = x = min(X;) 
J 


Mn = X™ = max(X;). 
J 


A ROBUST ESTIMATION technique based on linear com- 
binations of order statistics is called an L-ESTIMATE. 


see also EXTREME VALUE DISTRIBUTION, HINGE, MAX- 
IMUM, MINIMUM, MODE, ORDINAL NUMBER 
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Order (Vertex) 


The number of EDGES meeting at a given node in a 
GRAPH is called the order of that VERTEX. 


Ordered Geometry 

A GEOMETRY constructed without reference to measure- 
ment. The only primitive concepts are those of points 
and intermediacy. There are 10 AXIOMS underlying or- 
dered GEOMETRY. 


see also ABSOLUTE GEOMETRY, AFFINE GEOMETRY, 
GEOMETRY 


Ordered Pair 
_ A PAIR of quantities (a, b) where ordering is significant, 
so (a, b) is considered distinct from (b, a) for a Æ b. 


see also PAIR 
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Ordered Tree 

A ROOTED TREE in which the order of the subtrees 
is significant. There is a ONE-TO-ONE correspondence 
between ordered FORESTS with n nodes and BINARY 
TREES with n nodes. 


see also BINARY TREE, FOREST, ROOTED TREE 


Ordering 

The number of “ARRANGEMENTS” in an ordering of n 
items is given by either a COMBINATION (order is ig- 
nored) or a PERMUTATION (order is significant). 


see also ARRANGEMENT, COMBINATION, CUTTING, DE- 
RANGEMENT, PARTIAL ORDER, PERMUTATION, SORT- 
ING, TOTAL ORDER 


Ordering Axioms 
The four of HILBERT’S AXIOMS which concern the ar- 
rangement of points. | 


see also CONGRUENCE AXIOMS, CONTINUITY AXIOMS, 


_HILBERT’S AXIOMS, INCIDENCE AXIOMS, PARALLEL 


POSTULATE 
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Ordinal Number 

In informal usage, an ordinal number is an adjective 
which describes the numerical position of an object, e.g., 
first, second, third, etc. 


In technical mathematics, an ordinal number is one of 
the numbers in Georg Cantor’s extension of the WHOLE 
NUMBERS. The ordinal numbers are 0, 1, 2,..., w, w+1, 
w+2,...,wtw,wtw+i1,.... Cantor’s “smallest” 
TRANSFINITE NUMBER w is defined to be the earliest 
number greater than all WHOLE NUMBERS, and is de- 
noted by Conway and Guy (1996) as w = (0,1,...|). 
The notation of ordinal numbers can be a bit counter- 
intuitive, e.g., even though 1 +w =w,w+1 >w. 


Ordinal numbers have some other rather peculiar prop- 
erties. The sum of two ordinal numbers can take on two 
different values, the sum of three can take on five values. 
The first few terms of this sequence are 2, 5, 13, 33, 81, 
193, 449, 33%, 33 - 81, 817, 81-193, 1927, ... (Conway 


and Guy 1996, Sloane's A005348). The sum of n ordi- 


nals has either 193781° or 33 - 81° possible answers for 
n > 15 (Conway and Guy 1996). 


r XX w is the same as w, but w x r is equal tow +... +w. 


ys 
w? is larger than any number of the form w x r, w? is 
larger than w*, and so on. 
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There exist ordinal numbers which cannot be con- 
structed from smaller ones by finite additions, multi- 
plications, and exponentiations. These ordinals obey 
CANTOR’S EQUATION. The first such ordinal is 


a) 


Eo = w” ASA Ea 


a 


The next is 


er = (eg +1) + wt 4 wot? +. 


..3 teo; Cen+1; ...> Cegtwy eae yg Ceg+w 5 a €epx2> evry 
Ecl) s.g Cea; ...3 te, 3 r.ag Céeg? eee yg Cees) aaay Cee) | 


Escort (Conway and Guy 1996). 


see also AXIOM OF CHOICE, CANTOR'S EQUATION, 
CARDINAL NUMBER, ORDER STATISTIC, POWER SET, 
SURREAL NUMBER 
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Ordinary Differential Equation 
An ordinary differential equation (frequently abbrevi- 
ated ODE) is an equality involving a function and its 
DERIVATIVES. An ODE of order n is an equation of the 
form 

Fly Y, y) =0, (1) 


where y' = dy/dz is a first DERIVATIVE with respect 
to z and y”? = d”y/dx” is an nth DERIVATIVE with 
respect to xz. An ODE of order n is said to be linear if 
it is of the form 


cz AE ai(z)y’ + ao(2)y 


= Qe). (2) 


an(z)y + an-1(5)y 


A linear ODE where Q(x) = 0 is said to be homoge- 
neous. Confusingly, an ODE of the form 


e © 


is also sometimes called “homogeneous.” 


Simple theories exist for first-order (INTEGRATING FAC- 
TOR) and second-order (STURM-LIOUVILLE THEORY) 
ordinary differential equations, and arbitrary ODEs 
with linear constant COEFFICIENTS can be solved when 
they are of certain factorable forms. Integral transforms 
such as the LAPLACE TRANSFORM can also be used 
to solve classes of linear ODEs. Morse and Feshbach 
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(1953, pp. 667-674) give canonical forms and solutions 
for second-order ODEs. 


While there are many general techniques for analyti- 
cally solving classes of ODEs, the only practical solution 
technique for complicated equations is to use numeri- 
cal methods (Milne 1970). The most popular of these 
is the RUNGE-KUTTA METHOD, but many others have 
been developed. A vast amount of research and huge 
numbers of publications have been devoted to the nu- 
merical solution of differential equations, both ordinary 
and PARTIAL (PDEs) as a result of their importance in 
fields as diverse as physics, engineering, economics, and 
electronics. 


The solutions to an ODE satisfy EXISTENCE and 
UNIQUENESS properties. These can be formally estab- 
lished by PICARD’S EXISTENCE THEOREM for certain 
classes of ODEs. Let a system of first-order ODE be 
given by 


= cil (4) 
for i = 1, ..., n and let the functions f;(21,...,tn,t), 
where i = 1, ..., n, all be defined in a DOMAIN D of 


the (n + 1)-D space of the variables z1, ..., Tn, t. Let 
these functions be continuous in D and have continuous 
first PARTIAL DERIVATIVES Of;,/Ox; for i = 1,..., n 
and j=1,..., nin D. Let (z},...,2,) be in D. Then 
there exists a solution of (4) given by 

=D. ta == oat) (5) 
for to— ô < t < to +6 (where ô > 0) satisfying the initial 
conditions 


ti(to) = 21,...,2n(to) = Tr. (6) 


Furthermore, the solution is unique, so that if 
21 = 2i(t),...,2n = 2,(t) (7) 


is a second solution of (4) for to — ô < t < to + ô sat- 
isfying (6), then x;(t) = xj (t) for to - ô < t < to +ô. 
Because every nth-order ODE can be expressed as a sys- 
tem of n first-order differential equations, this theorem 
also applies to the single nth-order ODE. 


In general, an nth-order ODE has n linearly indepen- 
dent solutions. Furthermore, any linear combination of 
LINEARLY INDEPENDENT FUNCTIONS solutions is also a 
solution. 


An exact FIRST-ORDER ODES is one of the form 


p(z,y) dx + q(z,y) dy = 0, (8) 
where 3 9 
OP a2 Oe 
Oy Ox (9) 


(12) 


(54) 
(76) 


(*) 


(21) 
(22) 


(65) 


(63) 


(60) 


(51) 


(52) 
(58) 
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Ordinary Differential Equation 


An equation of the form (8) with 


Op , 9 
in 10 
ðy Ox (10) 
is said to be nonexact. If 
Sp _ Y 
ð Ox 
SE) (11) 
q 
in (8), it has an z-dependent integrating factor. If 
oq _ op 
ðr Oy 
——— ~ = f(z 12 
a f (zy) (12) 


in (8), it has an ry-dependent integrating factor. If 


2.4 = f(y) (13) 


in (8), it has a y-dependent integrating factor. 


Other special first-order types include cross multiple 
equations 


yf (xy) dz + zg(xy) dy = 0, (14) 


homogeneous equations 


linear equations 


= + plx)y = g(x), (16) 


Special classes of SECOND-ORDER ODES include 


d? E 

so =F (yy) (18) 
(x missing) and 

d? ; 

<a = f(e,y') (19) 


(y missing). A second-order linear homogeneous ODE 


d*y 


“Ys P(e) 


2 + Q(0)y = (20) 


for which 


Q' (z) + 2P(2)0 (2) 
2[Q(x)]°/? 


can be transformed to one with constant coefficients. 


= [constant] (21) 
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The undamped equation of SIMPLE HARMONIC MOTION 
is 


d*y 2 
which becomes 
dy 
when damped, and 
d'y + pl = + wo y = Acos(wt) (24) 
dx? 


when both forced and damped. 


SYSTEMS WITH CONSTANT COEFFICIENTS are of the 
form 


dx 


— = Ax(t) + p(t). (25) 


The following are examples of important ordinary dif- 
ferential equations which commonly arise in problems 
of mathematical physics. 


AIRY DIFFERENTIAL EQUATION 


—- —zy=0. (26) 


—= +p(x)y = q(x)y”. (27) 


BESSEL DIFFERENTIAL EQUATION 


2 
EY + z% + (Ax? — n*)y = 0. (28) 


dx? 


CHEBYSHEV DIFFERENTIAL EQUATION 
E 2 
1 — ——= — g> = 0. 29 
(1-2) a+ ary (29) 


CONFLUENT HYPERGEOMETRIC DIFFERENTIAL EQUA- 


TION 
2 


d“y dy 
— — aj = 0. 30 
ea ty- 0) 7. tay (30) 
EULER DIFFERENTIAL EQUATION 


“y y 
2 4 d 


HERMITE DIFFERENTIAL EQUATION 


2 
— 2 20 + Ay = 0. (32) 
T T 
HILL’S DIFFERENTIAL EQUATION 


d'y 


a fo +2 3 n cos(2nz) (33) 


n=l 
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HYPERGEOMETRIC DIFFERENTIAL EQUATION 


z l 
a(x — oe +[(1+a+8)z 1 + a8By =0. (34) 


JACOBI DIFFERENTIAL EQUATION 


(1-2)y"+[8-0—(a+8+2)2ly'+n(n+a+8B+1)y = 0. 


(35) 
LAGUERRE DIFFERENTIAL EQUATION 
a ie A (36) 
dx? dz 
LANE-EMDEN DIFFERENTIAL EQUATION 
l d > dé n 
— == — 9” = 0. 37 
>El a) + (37) 


LEGENDRE DIFFERENTIAL EQUATION 


d? dy 
(e a) se 20 +alati1)y=0. (38) 


LINEAR CONSTANT COEFFICIENTS 


MALMSTEN’S DIFFERENTIAL EQUATION 
r S 
Y” +-y = (42” + 5) y. (40) 
yA 2 
RICCATI DIFFERENTIAL EQUATION 


d 
Sy = (2) +g (z)w + qa(a)u”. 


RIEMANN P-DIFFERENTIAL EQUATION 


A sate — b)(a — c) A BB'(b — c)(b— a) 


2-a 2-—b 


=0. (42) 


see also ADAMS’ METHOD, GREEN’S FUNCTION, 
ISOCLINE, LAPLACE TRANSFORM, LEADING ORDER 
ANALYSIS, MAJORANT, ORDINARY DIFFERENTIAL 
EQUATION—FIRST-ORDER, ORDINARY DIFFERENTIAL 
EQUATION—SECOND-ORDER, PARTIAL DIFFERENTIAL 
EQUATION, RELAXATION METHODS, RUNGE-KUTTA 
METHOD, SIMPLE HARMONIC MOTION 
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Ordinary Differential Equation—First-Order 
Given a first-order ORDINARY DIFFERENTIAL EQUA- 
TION 


a = F(z, y), (1) 


if F(x,y) can be expressed using SEPARATION OF VARI- 
ABLES as 


F(x,y) = X(2)Y (y), (2) 


then the equation can be expressed as 


ewe = L) aL 
yg = Xe (3) 


and the equation can be solved by integrating both sides 


to obtain 7 
Ea x) dz. 
/ Fi) l a )d (4) 


Any first-order ODE of the form 


“Y + p(o)y = alo) (5) 


can be solved by finding an INTEGRATING FACTOR p = 
p(x) such that 


d _ Y, de _ 
Ja (uy) =H la uglz). (6) 


Dividing through by py yields 


ydx pda y 


Ordinary Differential Equation... 


However, this condition enables us to explicitly deter- 
mine the appropriate p for arbitrary p and q. To ac- 
complish this, take 


plz) = ~ 7> (8) 


in the above equation, from which we recover the origi- 
nal equation (5), as required, in the form 


Ji + p(a) = ©). (9) 


But we can integrate both sides of (8) to obtain 


frodas [E-mu (10) 


eG (11) 


Now integrating both sides of (6) gives 


we J ne (12) 


(with y now a known function), which can be solved for 
y to obtain 


_Juatajdare_ fel DE ayan e 


= = , (13) 
H eS p(x’) dz 


where c is an arbitrary constant of integration. 


Given an nth-order linear ODE with constant COEFFI- 
CIENTS 
dy d”™~ty 


oe Ont oy Tt Bee 


dy = 
ETE +a +aoy=0Q(e), (14) 


dx 
first solve the characteristic equation obtained by writ- 
ing 

y=e™ (15) 
and setting Q(x) = 0 to obtain the n COMPLEX ROOTS. 


n ¿re n-l_ rx 
+. 


r + anır” e .. + aire” +age”=0 (16) 


r” +an-ir" t +... +ar +a = 0. (17) 


Factoring gives the ROOTS r;, 


(r — ri)(r — r2} (r — Tn) =Q. (18) 


For a nonrepeated REAL ROOT r, the corresponding so- 


lution is 
Ye": (19) 


If a REAL ROOT r is repeated k times, the solutions are 
degenerate and the linearly independent solutions are 


yaa’ te”, (20) 
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Complex ROOTS always come in COMPLEX CONJUGATE 
pairs, r+ = a + ib. For nonrepeated COMPLEX ROOTS, 
the solutions are 


y = e™ cos(br), y = e” sin(bx). (21) 


If the COMPLEX ROOTS are repeated k times, the lin- 
early independent solutions are 


e°" sin(br),..., 


cos(bx), y =x* te” sin(br). (22) 


y = Bar. y = 


—1 az 


y= a" e 


Linearly combining solutions of the appropriate types 
with arbitrary multiplicative constants then gives the 
complete solution. If initial conditions are specified, the 
constants can be explicitly determined. For example, 
consider the sixth-order linear ODE 


(D-DD-D:(D"+D+1y=0, (23) 


which has the characteristic equation 
(r—1)(r — 2)°(r* +r 41) =0. (24) 


The roots are 1, 2 (three times), and (—1 + V31)/2, so 
the solution is 


y = Ae” + Be” +Cze”* pDr?” +Ee *” cos( 1V3 2) 
+Fe~* sin(i v3). (25) 


If the original equation is nonhomogeneous (Q(z) Æ 0), 
now find the particular solution y* by the method of 
VARIATION OF PARAMETERS. The general solution is 
then 


yle) = Y esla) +y" (2), (26) 
i=1 
where the solutions to the linear equations are yi(z), 
yo(x),..., yn(w), and y" (x) is the particular solution. 


see also INTEGRATING FACTOR, ORDINARY DIFFEREN- 
TIAL EQUATION—FIRST-ORDER EXACT, SEPARATION 
OF VARIABLES, VARIATION OF PARAMETERS 
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Ordinary Differential Equation—First-Order 


Exact 
Consider a first-order ODE in the slightly different form 


p(z,y) dx + q(x, y)dy = 0. (1) 
Such an equation is said to be exact if 


Op _ ðq 
öy Ər (2) 
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This statement is equivalent to the requirement that a 
CONSERVATIVE FIELD exists, so that a scalar potential 
can be defined. For an exact equation, the solution is 


(x,y) 
J p(x, y) de + q(z, y) dy = c, (3) 
(zo,yo) 


where c is a constant. 


A first-order ODE (1) is said to be inexact if 
A pas (4) 


For a nonexact equation, the solution may be obtained 
by defining an INTEGRATING FACTOR of (6) so that 
the new equation 


pp(z,y) de + uq(z, y) dy = 0 (5) 


satisfies 9 3 
By HP) = Dy (#9) (6) 


or, written out explicitly, 
=q + pa. (7) 


This transforms the nonexact equation into an exact 
one. Solving (7) for p gives 


ð ð 
_ 3z — Pay A 
;H= Tap oq ` (8) 
Oy Ox 


Therefore, if a function p satisfying (8) can be found, 
then writing 


P(z,y) = pp (9). 


Q(z, y) = ua (10) 
in equation (5) then gives 
P(x,y) de + Q(z, y) dy = 0, (11) 


which is then an exact ODE. Special cases in which p 
can be found include x-dependent, xy-dependent, and 
y-dependent integrating factors. 


Given an inexact first-order ODE, we can also look for 
an INTEGRATING FACTOR p(x) so that 


Op | 
By = 0. (12) 


For the equation to be exact in up and uq, the equation 
for a first-order nonexact ODE 


9,02 _ OH , 8 
Poy hoy E 18) 
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becomes ə 9 9 
P H P 
— = q— —, 14 
Oy oz A Pz aa) 
Solving for 0u/Ox gives 
a op _ Oa 
ae = Me) fala), (15) 
which will be integrable if 
op _ % 
0 Ox 
fu, y) = = = f(x), (16) 
in which case P 
cP = f(z) de, (17) 
p 
so that the equation is integrable 
p(2) = ed 1%, (18) 
and the equation 
[up(x, y)|dx + [ug(z, y)|dy = 0 (19) 


with known p(x) is now exact and can be solved as an 
exact ODE. 


Given in an exact first-order ODE, look for an INTE- 
GRATING FACTOR p(z, y) = g(zy). Then 


Ou Og 

ZE o 9 

ðr Oa” | (20) 

ðu Og 

A 21 

A (21) 
Combining these two, 

OE DO 

dnt Oy (22) 


For the equation to be exact in up and uq, the equation 
for a first-order nonexact ODE 


PDA tus AFM (23) 


Oy Oy Ox Ox 
becomes 
aa y ) Op öp 
2e a = = 24 
By C a dx dy)" 24) 
Therefore, 
oq _ Op 
Tie TI (25) 
TOy  tp—Y9 
Define a new variable 
t(x,y) = xy, (26) 
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then 0t/0y = z, so 


dt Oy ðt  xp- y 
Now, if 
Ho) = EL = flay) =10, (88) 
a CH = F(i)u(t), (29) 
Ot 
so that 
"e (30) 
and the equation 
[up(z, y)] de + [ua(z, y)] dy = 0 (31) 


is now exact and can be solved as an exact ODE. 


Given an inexact first-order ODE, assume there exists 
an integrating factor 


H= f(y), (32) 


so 9u/0x = 0. For the equation to be exact in up and 
uq, equation (7) becomes 


On Əs dy 
== ———" pt = f(a, $ 33 
Dy z EEE (33) 
Now, if 
ðq _ Op 
Oz 
f(e) = 22 = fly), (34) 
then F 
E = fly) dy, (35) 
H | 
so that 
u(y) sas aif fly) ot (36) 
and the equation 
up(x,y) dx + qlz, y) dy = 0 (37) 
is now exact and can be solved as an exact ODE. 
Given a first-order ODE of the form 
yf (xy) dx + xg(xy) dy = 0, (38) 
define 
v= ry (39) 


Then the solution is 


ua f ar + for g(v) 4 f(v) (40) 
gy =e for g(v) = f(u). 
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If i 
Caan = 
“Y _ F(e,y) = G0), (41) 
where ü 
v = E (42) 
then letting 
yY = TV (43) 
gives P 
Y 
n adv/dx +v (44) 
= +v = G(u) (45) 
23 tu = Gl). 


This can be integrated by quadratures, so 


du 
mes [a+ for f(v) #vu (46) 


y= cL for f(v) =v, (47) 
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Ordinary Differential Equation—Second- 
Order 
An ODE 

y + P(z)y + Q(z)y =0 (1) 


has singularities for finite z = xo under the following 
conditions: (a) If either P(x) or Q(x) diverges as z > 
to, but (z — zo)P(x) and (x — xo)*Q(xz) remain finite 
as © — to, then xo is called a regular or nonessential 
singular point. (b) If P(x) diverges faster than (x — 
to)’ so that (x — 29)P(x) +00 as z > zo, or Q(z) 
diverges faster than (x — 20)? so that (x — zo) Q(z) > 
co as 2 —> Zo, then xo is called an irregular or essential 
singularity. 


Singularities of equation (1) at infinity are investigated 


by making the substitution x = 271, so dg = —z~* dz, 
giving 
dy 2 dy 
ee as A 2 
de dz (2) 


2 2 
ay = gh (-2 2) = 2? (2.5 — ey) 


dz? dz dz d dz? 
3 dy 4 d°y 
= — —. 3 
ds dz A dz? ( ) 


Then (1) becomes 


d? 
AFH 4 2 PPE Qey (4) 
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Case (a): If 
Peres = (2) (5) 
pe) = 2 (6) 


remain finite at « = +00 (y = 0), then the point is ordi- 
nary. Case (b): If either a(z) diverges no more rapidly 
than 1/z or G(z) diverges no more rapidly than 1/27, 
then the point is a regular singular point. Case (c): 
Otherwise, the point is an irregular singular point. 


Morse and Feshbach (1953, pp. 667—674) give the canon- 
ical forms and solutions for second-order ODEs classified 
by types of singular points. 


For special classes of second-order linear ordinary differ- | 


ential equations, variable COEFFICIENTS can be trans- 
formed into constant COEFFICIENTS. Given a second- 
order linear ODE with variable COEFFICIENTS 


dy 


SY + pla) + a(a)y =0. (7) 


Define a function z = y(x), 


dy dz dy 

ad (8) 
dy _ E] dd (9) 
dz? \dxr/ de dx? dz 


(E) E 
de) dz? dx? P dx | dz 


y |£34+p(e)#| dy | g(a) 
a | (2) I” E y 
dr 


d?y dy 
re or 


+By=0. (11) 
This will have constant COEFFICIENTS if A and B are 
not functions of x. But we are free to set B to an ar- 


bitrary POSITIVE constant for g(x) > 0 by defining z 
as 


Then p 

aZ p-1/2 1/2 

dz latz)) (13) 

2 
i = LB Pala q to, (14) 
and 
B-*q(x) 
_ 40) +2p(o)a(z) puja 


alae)? oa 
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Equation (11) therefore becomes 


dy. q (2)+2p(0)q(2) „1/2 dy 
a wee ge ee e 


which has constant COEFFICIENTS provided that 


sed (1) + 2p(x)q(z) Bi? — 


constant 17 

TO id T 
Eliminating constants, this gives 

A= atte) Re [constant]. (18) 


la(x)}°/ 


So for an ordinary differential equation in which A’ is 
a constant, the solution is given by solving the second- 
order linear ODE with constant COEFFICIENTS 


d“y 
+A +By=0 (19) 


for z, where z is defined as above. 


A linear second-order homogeneous differential equation 
of the general form 


y (x) + P(x)y' + Q(2)y =0 (20) 
can be transformed into standard form 
z (x) + q(2)2=0 (21) 


with the first-order term eliminated using the substitu- 
tion 


Iny=Inz— ¿ [ro dz. (22) 
Then , 
Y Z 
E aR (23) 
n 12 H 12 
YY — y zZz — z 
Wo a e 2) 
y” y' 2 z" y? z? 
A E aE 2 
L (ESZE A ay o 
y" z! ; 2 z" y? oe 
12 t ti 12 
E- z 1 2 Zz z 
S50 


y TPOS tE) 7 Plz) 
+1 P? (x) + = — 1P'(2) + P(x) E = HPO) 


+Q(z) = Z — į P'(æ) — }P?° (£) + Q(z) =0. (27) 
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Therefore, 


"+[Q(2) — 3P'(2) — GP" (ez 


where 


g(x) = Q(z) - 3P(2) - 1P (2). (29) 


If Q(x) = 0, then the differential equation becomes 
y + P(x)y' = 0, (30) 


which can be solved by multiplying by 


exp f zora (31) 
0 = £ f exp / Pla) da" wl (32) 


Cı = exp | P(x’) de a (33) 


to obtain 


i dz 
y=a | exp Peja] (34) 


If one solution (yı) to a second-order ODE is known, 
the other (y2) may be found using the REDUCTION OF 
ORDER method. From the ABEL’S IDENTITY 


dW 
Gr = P(e) de, (35) 
where 
W = yy — Y1Y2 (36) 
pa al =f P(x") de' (37) 
| =| fra (38) 
W (x) = W (a) exp - [ Pæ a l (39) 
But 
wenna E 40 
= Y1Y2 — Y1Y2 = Yı dem)" (40) 


Combining (39) and (40) yields 


ie i) i a as 


y? 


expl- f7 " P(x") cee 


nia) = n(eyw(a) [Pe 


‘en 
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Disregarding W (a), since it is simply a multiplicative 
constant, and the constants a and b, which will con- 
tribute a solution which is not linearly independent of 


yl» 


ya (2) = yı (z£) f a Et de”. (43) 


If P(x) = 0, this simplifies to 


“de 


For a nonhomogeneous second-order ODE in which the 
z term does not appear in the function f(z, y, y”), 


dy i 
da2 = f(y,y ), (45) 
let v = y', then 
vo _ dudy dv 
So the first-order ODE 
du: 
ae A 
Er f(y, v), (47) 


if linear, can be solved for v as a linear first-order ODE. 
Once the solution is known, 


dy 


E = u(y) (48) 


ig u(y) =| = a 


On the other hand, if y is missing from f(z, y,y’), 


d'y 
dx? 


E f(z, y), (50) 


let v = y”, then v' = y”, and the equation reduces to 


v = f(z,v), (51) 


which, if linear, can be solved for v as a linear first-order 
ODE. Once the solution is known, 


y= foto) as (52) 


see also ABEL’S IDENTITY, ADJOINT OPERATOR 
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Ordinary Differential Equation—System 
with Constant Coefficients 
To solve the system of differential equations 


=, = Ax(t) + p(t), (1) 


where A is a MATRIX and x and p are VECTORS, first 
consider the homogeneous case with p = 0. Then the 


solutions to J 
x 
= = Ax(t) (2) 


are given by 
x(t) = e*x(t). (3) 


But, by the MATRIX DECOMPOSITION THEOREM, the 
MATRIX EXPONENTIAL can be written as 


e = yDu7?, (4) 
where the EIGENVECTOR MATRIX is 
u=[u ++: Un] (5) 


and the EIGENVALUE MATRIX is 


e^t 9 0 
O ett 0 
D = ; 6 
: (6) 
0 0 ernt 


Now consider 


e^tu = uDu™ tu = uD 


Uil U21 *** Uni e^t 0 0 
U12? U22 Un2 0 ett 0 
a : 0 
Ant 
Uin Un Unn 0 0 eo" 
ue! Une? 
= (7) 
Art 
Unie 1 E Unger? 
The individual solutions are then 
At a Ast 
Xi = (e “u)- ê; =ue"*, (8) 


so the homogeneous solution is 


x = > ue”, (9) 


Ordinary Double Point 


where the cis are arbitrary constants. 


The general procedure is therefore 


1. Find the EIGENVALUES of the MATRIX A (Ai, ..., 
An) by solving the CHARACTERISTIC EQUATION. 


2. Determine the corresponding EIGENVECTORS wu, 
ee i ee 
3. Compute 
xi = eu; (10) 


fori =1,..., n. Then the VECTORS x; which are 
REAL are solutions to the homogeneous equation. If 
A is a 2 x 2 matrix, the COMPLEX vectors x; corre- 
spond to REAL solutions to the homogeneous equa- 
tion given by R(x;) and S(x;). 

A. If the equation is nonhomogeneous, find the partic- 
ular solution given by 


xx | XHP d, (11) 


where the MATRIX X is defined by 
X(t) =[x1 = Xn]. (12) 


If the equation is homogeneous so that p(t) = 0, 
then look for a solution of the form 


x = fe", (13) 
This leads to an equation 
(A - ADE = 0, (14) 


so € is an EIGENVECTOR and A an EIGENVALUE. 


5. The general solution is 


x(t) = x" (t) + So axi. (15) 


¿=1 


Ordinary Double Point 


A RATIONAL DOUBLE POINT of CONIC DOUBLE POINT 
type, known as “Aj.” An ordinary DOUBLE POINT is 
called a NODE. The above plot shows the curve z? — 
z? + y? = 0, which has an ordinary double point at the 


ORIGIN. 


Ordinary Double Point 


A surface in complex 3-space admits at most finitely 
many ordinary double points. The maximum possi- 
ble number of ordinary double points u(d) for a sur- 
face of degree d = 1, 2, ..., are 0, 1, 4, 16, 31, 65, 
93 < (7) < 104, 168 < (8) < 174, 216 < (8) < 246, 
345 < p(10) < 360, 425 < pu(11) < 480, 576 < 
p(12) < 645 ... (Sloane’s A046001; Chmutov 1992, En- 
draß 1995). The fact that ¡(5) = 31 was proved by 
Beauville (1980), and u(6) = 65 was proved by Jaffe 
and Ruberman (1994). For d > 3, the following inequal- 
ity holds: 
u(d) < ¿ld(d—1) - 3) 


(Endraf 1995). Examples of ALGEBRAIC SURFACES 
having the maximum (known) number of ordinary dou- 
ble points are given in the following table. 


d (d) Surface 
3 4 Cayley cubic 
4 16 Kummer surface 
5 31 dervish 
6 65 Barth sextic 
8 168 Endraß octic 
10 345 Barth decic 


see also ALGEBRAIC SURFACE, BARTH DECIC, BARTH 
SEXTIC, CAYLEY CUBIC, CUSP, DERVISH, ENDRASS 
OCTIC, KUMMER SURFACE, RATIONAL DOUBLE POINT 
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Ordinary Line 

Given an arrangement of n > 3 points, a LINE contain- 
ing just two of them is called an ordinary line. Moser 
(1958) proved that at least 3n/7 lines must be ordinary 
(Guy 1989, p. 903). 


see also GENERAL POSITION, NEAR-PENCIL, ORDINARY 
POINT, SPECIAL POINT, SYLVESTER GRAPH 
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Ordinary Point 
A POINT which lies on at least one ORDINARY LINE. 


see also ORDINARY LINE, SPECIAL POINT, SYLVESTER 
GRAPH 
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Ordinate 
The y- (vertical) axis of a GRAPH. 


see also ABSCISSA, x-AXIS, y-AXIS, z-AXIS 


Ore’s Conjecture 
Define the HARMONIC MEAN of the DIVISORS of n 


H(n)= Tln) 


Da i 


where 7(n) is the TAU FUNCTION (the number of DI- 
VISORS of n). If n is a PERFECT NUMBER, H(n) is an 
INTEGER. Ore conjectured that if n is ODD, then H (n) 
is not an INTEGER. This implies that no ODD PERFECT 
NUMBERS exist. 


see also HARMONIC DIVISOR NUMBER, HARMONIC 
MEAN, PERFECT NUMBER, TAU FUNCTION 


Ore Number 
see HARMONIC DIVISOR NUMBER 


Ore’s Theorem 

If a GRAPH G has n > 3 VERTICES such that every pair 
of the n VERTICES which are not joined by an EDGE has 
a sum of VALENCES which is > n, then G is HAMILTON- 
IAN. 


see also HAMILTONIAN GRAPH 


Orientable Surface 

A REGULAR SURFACE M C R” is called orientable if 
each TANGENT SPACE Mp has a COMPLEX STRUCTURE 
Jp : Mp — Mp such that p > Jp is a continuous func- 
tion. 


see also NONORIENTABLE SURFACE, REGULAR SURFACE 
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Orientation (Plane Curve) 

A curve has positive orientation if a region R is on the 
left when traveling around the outside of R, or on the 
right when traveling around the inside of R. 


Orientation-Preserving 

A nonsingular linear MAP A: R” > R” is orientation- 
preserving if det(A) > 0. 

see also ORIENTATION-REVERSING, ROTATION 


Orientation-Reversing 
A nonsingular linear MAP A: R” —> R” is orientation- 
reversing if det(A) < 0. 


see also ORIENTATION-PRESERVING 


Orientation (Vectors) 

Let 0 be the ANGLE between two VECTORS. If0<0 < 
n, the VECTORS are positively oriented. If m < @ < 2r, 
the vectors are negatively oriented. 


Two vectors in the plane 


are positively oriented IFF the DETERMINANT 


Ly Yt 
2 Y? 


D= > 0, 


and are negatively oriented IFF the DETERMINANT D < 
O. 


Origami 

The Japanese art of paper folding to make 3-dimensional 
objects. CUBE DUPLICATION and TRISECTION of an 
ANGLE can be solved using origami, although they can- 
not be solved using the traditional rules for GEOMETRIC 
CONSTRUCTIONS. 


see also FOLDING, GEOMETRIC CONSTRUCTION, STOM- 
ACHION, TANGRAM 
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Orthic Triangle 


Origin 
The central point (r = 0) in POLAR COORDINATES, or 
the point with all zero coordinates (0, ..., 0) in CARTE- 


SIAN COORDINATES. In 3-D, the z-AXIS, y-AXIS, and 
z-AXIS meet at the origin. 


see also OCTANT, QUADRANT, z-AXIS, y-AXIS, z-AXIS 


Ornstein’s Theorem 

An important result in ERGODIC THEORY. It states that 
any two “Bernoulli schemes” with the same MEASURE- 
THEORETIC ENTROPY are MEASURE-THEORETICALLY 
ISOMORPHIC. 


see also ERGODIC THEORY, ISOMORPHISM, MEASURE 
THEORY 


Orr’s Theorem 
If 


(1-3 POM? (20,28;212)= Y anz”, (1) 


where 2F1 (a, b;c;z) is a HYPERGEOMETRIC FUNCTION, 
then 


¿Fla Biz Fly a+ hy B+h7+1;2) 


= Y anz”. (2) 


(y+ 5)n/4+D)n 


Furthermore, if 


(1 — aA Ae 2Fı (2a — 1,28; 2y — 1; z) = pD Anz", 
(3) 


then 


oFy (a, biy (y -a+ y- Bb- yz) 


- y 


(y¥-§)n/(y)n 


anz y (4) 


where F(z) is the GAMMA FUNCTION. 


Orthic Triangle 


Az 


A, ff, A> 


Given a TRIANGLE AAiA2A3, the TRIANGLE 
AHıHəHa with VERTICES at the feet of the ALTITUDES 
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Orthobicupola 


(perpendiculars from a point to the sides) is called the 
orthic triangle. The three lines A;H; are CONCURRENT 
at the ORTHOCENTER H of AA 443. 


The centroid of the orthic triangle has TRIANGLE CEN- 
TER FUNCTION 


a = a’ cos(B — C) 


(Casey 1893, Kimberling 1994). The ORTHOCENTER of 
the orthic triangle has TRIANGLE CENTER FUNCTION 


a = cos(24) cos(B — C) 


(Casey 1893, Kimberling 1994). The SYMMEDIAN 
POINT of the orthic triangle has TRIANGLE CENTER 
FUNCTION 

a = tan Acos(B — C) 


(Casey 1893, Kimberling 1994). 


see also ALTITUDE, FAGNANO’S PROBLEM, ORTHOCEN- 
TER, PEDAL TRIANGLE, SCHWARZ’S TRIANGLE PROB- 
LEM, SYMMEDIAN POINT 
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Orthobicupola 


A BICUPOLA in which the bases are in the same orien- 
tation. 


see also PENTAGONAL ORTHOBICUPOLA, SQUARE OR- 
THOBICUPOLA, TRIANGULAR ORTHOBICUPOLA 


Orthobirotunda 
A BIROTUNDA in which the bases are in the same orien- 


tation. 


Orthocenter 


Ay H3 Ay 
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The intersection H of the three ALTITUDES of a TRIAN- 
GLE is called the orthocenter. Its TRILINEAR COORDI- 
NATES are 


cos B cos Č : cos Č cos A : cos Acos B. (1) 


If the TRIANGLE is not a RIGHT TRIANGLE, then (1) 
can be divided through by cos Á cos B cos Č to give 


sec Á : sec B : sec C. (2) 


If the triangle is ACUTE, the orthocenter is in the interior 
of the triangle. In a RIGHT TRIANGLE, the orthocenter 
is the VERTEX of the RIGHT ANGLE. 


The CIRCUMCENTER O and orthocenter H are ISOGO- 
NAL CONJUGATE points. The orthocenter lies on the 
EULER LINE. 


a + as. + a3” + ALH + AH” + ASH = 12R* (3) 
Ait + A2H + A3H = 2(r + R), (4) 
AH +42H +A3H = 4R? — 4Rr, (5) 


where r is the INRADIUS and R is the CIRCUMRADIUS 
(Johnson 1929, p. 191). 


Any HYPERBOLA circumscribed on a TRIANGLE and 
passing through the orthocenter is RECTANGULAR, and 
has its center on the NINE-POINT CIRCLE (Falisse 1920, 
Vandeghen 1965). 


see also CENTROID (TRIANGLE), CIRCUMCENTER, EU- 
LER LINE, INCENTER, ORTHIC TRIANGLE, ORTHOCEN- 
TRIC COORDINATES, ORTHOCENTRIC QUADRILATERAL, 
ORTHOCENTRIC SYSTEM, POLAR CIRCLE 
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Orthocentric Coordinates 
Coordinates defined by an ORTHOCENTRIC SYSTEM. 


see also TRILINEAR COORDINATES 


Orthocentric Quadrilateral 

If two pairs of opposite sides of a COMPLETE QUADRI- 
LATERAL are pairs of PERPENDICULAR lines, the QUAD- 
RILATERAL is said to be orthocentric. In such a case, 
the remaining sides are also PERPENDICULAR. 


Orthocentric System 


A set of four points, one of which is the ORTHOCEN- 
TER of the other three. In an orthocentric system, each 
point is the ORTHOCENTER of the TRIANGLE of the 
other three, as illustrated above. The INCENTER and 
EXCENTERS of a TRIANGLE are an orthocentric system. 
The centers of the CIRCUMCIRCLES of an orthocentric 
system form another orthocentric system congruent to 
the first. The sum of the squares of any nonadjacent 
pair of connectors of an orthocentric system equals the 
square of the DIAMETER of the CIRCUMCIRCLE. Or- 
thocentric systems are used to define ORTHOCENTRIC 
COORDINATES. 


The four CIRCUMCIRCLES of points in an orthocentric 
system taken three at a time (illustrated above) have 
equal RADIUS. 


Orthogonal Basis 


The four triangles of an orthocentric system have a com- 
mon NINE-POINT CIRCLE, illustrated above. 


see also ANGLE BISECTOR, CIRCUMCIRCLE, CYCLIC 
QUADRANGLE, NINE-POINT CIRCLE, ORTHIC TRIAN- 
GLE, ORTHOCENTER, ORTHOCENTRIC SYSTEM, POLAR 
CIRCLE 
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Orthocupolarotunda 

A CUPOLAROTUNDA in which the bases are in the same 
orientation. 

see also GYROCUPOLAROTUNDA, PENTAGONAL OR- 
THOCUPOLARONTUNDA 


Orthodrome 
see GREAT CIRCLE 


Orthogonal Array 

An orthogonal array OA(k, s) is a k x s? ARRAY with 
entries taken from an s-set S having the property that 
in any two rows, each ordered pair of symbols from S 
occurs exactly once. 
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Orthogonal Basis 
A BASIS of vectors x which satisfy 


jtk = CixkÓjk 


re A P 


where Cjx, CË are constants (not necessarily equal to 
1) and jk is the KRONECKER DELTA. 


see also BASIS, ORTHONORMAL BASIS 


Orthogonal Circles 


Orthogonal Circles 


Orthogonal circles are ORTHOGONAL CURVES, i.e., they 
cut one another at RIGHT ANGLES. Two CIRCLES with 
equations 


z? +y? +290+2fy+c=0 (1) 


2+y+2gr+2fy+ ce =0 (2) 


are orthogonal if 


299 +2ff =c+e. (3) 


A theorem of Euclid states that, for the orthogonal cir- 
cles in the above diagram, 


OP x OQ = OT’ (4) 


(Dixon 1991, p. 65). 
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Orthogonal Curves 
Two intersecting curves which are PERPENDICULAR at 
their INTERSECTION are said to be orthogonal. 


Orthogonal Functions 
Two functions f(x) and g(x) are orthogonal on the in- 
tervala<az< bif 


(f(a)|g(2)) = J En 


see also ORTHOGONAL POLYNOMIALS, ORTHONORMAL 
FUNCTIONS 
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Orthogonal Group 


see GENERAL ORTHOGONAL GROUP, LIE-FYPE 
GROUP, ORTHOGONAL ROTATION GROUP, PROJECTIVE 
GENERAL ORTHOGONAL GROUP, PROJECTIVE SPECIAL 
ORTHOGONAL GROUP, SPECIAL ORTHOGONAL GROUP 
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Orthogonal Group Representations 
Two representations of a GROUP x; and x; are said to 
be orthogonal if 


Y xi(R)xs(R) = 0 


for ¿ Æ j, where the sum is over all elements R of the 
representation. 


see also GROUP 


Orthogonal Lines 
Two or more LINES or LINE SEGMENTS which are PER- 
PENDICULAR are said to be orthogonal. 


Orthogonal Matrix 

Any ROTATION can be given as a composition of rota- 
tions about three axes (EULER’S ROTATION THEOREM), 
and thus can be represented by a 3x3 MATRIX operating 
on a VECTOR, 


i 

L1 a11 Gi 413 Tı 

f 

Tag | = | 421 422 423 T2 |. (1) 
i 

T3 31 432 433 T3 


We wish to place conditions on this matrix so that it 
is consistent with an ORTHOGONAL TRANSFORMATION 
(basically, a ROTATION or ROTOINVERSION). 


In a ROTATION, a VECTOR must keep its original length, 
so it must be true that 


rir; = Titi (2) 


for i = 1, 2, 3, where EINSTEIN SUMMATION is being 
used. Therefore, from the transformation equation, 


(aij£j)(QikEk) = Titi. (3) 
This can be rearranged to 


Qij (£; Qik \Xk = Qij (Qik L;j)L 


= Oj EGEL: = Titi. (4) 
In order for this to hold, it must be true that 


ij Qik = Ójr (5) 
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for j,k = 1, 2, 3, where 6;; is the KRONECKER DELTA. 
This is known as the ORTHOGONALITY CONDITION, and 
it guarantees that 


AA (6) 


and 


ATA =I, (7) 


where A* is the MATRIX TRANSPOSE and | is the IDEN- 
TITY MATRIX. Equation (7) is the identity which gives 
the orthogonal matrix its name. Orthogonal matrices 
have special properties which allow them to be manip- 
ulated and identified with particular ease. 


Let A and B be two orthogonal matrices. By the OR- 
THOGONALITY CONDITION, they satisfy 


QijQik = Ojk; (8) 


and 
bijbik = jk, (9) 


where ð;; is the KRONECKER DELTA. Now 


CijCik = (ab)ij(ab)jk = Qisbsjaitbik = Gisditds; ber 
= Ostdajber = btjbik = Ójh, (10) 


so the product C = AB of two orthogonal matrices is 
also orthogonal. 


The EIGENVALUES of an orthogonal matrix must satisfy 
one of the following: 


1. All EIGENVALUES are 1. 
2. One EIGENVALUE is 1 and the other two are —1. 


3. One EIGENVALUE is 1 and the other two are COM- 
PLEX CONJUGATES of the form et? and e*?. 


An orthogonal MATRIX Á is classified as proper (corre- 
sponding to pure ROTATION) if 


det(A) = 1, (11) 


where det(A) is the DETERMINANT of Á, or improper 
(corresponding to inversion with possible rotation; Ro- 
TOINVERSION) if 

det(A) = —1. (12) 


see also EULER’S ROTATION THEOREM, ORTHOGONAL 
TRANSFORMATION, ORTHOGONALITY CONDITION, Ro- 
TATION, ROTATION MATRIX, ROTOINVERSION 
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Orthogonal Polynomials 


Orthogonal Polynomials 

Orthogonal polynomials are classes of POLYNOMIALS 
{pn(x)} over a range [a,b] which obey an ORTHOGO- 
NALITY relation 


J a. 0 


where w(x) is a WEIGHTING FUNCTION and d is the 
KRONECKER DELTA. If cm = 1, then the POLYNOMIALS 
are not only orthogonal, but orthonormal. | 


Orthogonal polynomials have very useful properties in 
the solution of mathematical and physical problems. 
Just as FOURIER SERIES provide a convenient method of 
expanding a periodic function in a series of linearly inde- 
pendent terms, orthogonal polynomials provide a natu- 
ral way to solve, expand, and interpret solutions to many 
types ofimportant DIFFERENTIAL EQUATIONS. Orthog- 
onal polynomials are especially easy to generate using 
GRAM-SCHMIDT ORTHONORMALIZATION. Abramowitz 
and Stegun (1972, pp. 774-775) give a table of common 
orthogonal polynomials. 


Type Interval w/(z2) Cx 
1 
Chebyshev First [—1, 1] (1 — a?) 1” { 27 
T 
Kind { for n E 0 
otherwise 
Chebyshev Second [—1, 1] V1 — 2? 27 
Kind 
Hermite (-00,00) e” yr 2"n! 
Jacobi (-1,1) (1-2 *(1+2) A, 
Laguerre [0, oo) e* 1 
Laguerre [0, 00) re`? e 
(Associated) 
Legendre [—1, 1] 1 a 
121-*%9Tr(n42a) 
Ultraspherical [—1, 1} (1 — ay? { alien 
aT 
for a #0 
for a = 0 


In the above table, the normalization constant is the 
value of 


= J w(x) [pn(x)]* de (2) 


and 


ga+PB+1 


Tintatil(in+641) 
2n+a+6+1 


An = } 
niT(n+a+8+1) 


(3) 


where T'(2) is a GAMMA FUNCTION. 


The Roots of orthogonal polynomials possess many 
rather surprising and useful properties. For instance, 
let zı < z2 <<... < En be the ROOTS of the p,(z) with 
Zo = a and tny1 = b. Then each interval |[2,,2,+1] for 
v=0,1,..., n contains exactly one ROOT of pr4+1[2). 
Between two ROOTS of pn (1) there is at least one ROOT 
of pm(x) form >n. 


Orthogonal Polynomials 


Let c be an arbitrary REAL constant, then the POLY- 
NOMIAL 


Pn+1(£) — cpn(z) (4) 


has n + 1 distinct REAL Roots. If c > 0 (e < 0), these 
ROOTS lie in the interior of [a,b], with the exception of 
the greatest (least) ROOT which lies in (a, b] only for 


e < Pa+i(d) (e> 


Pn+1(0) 
MEJO sy S 


The following decomposition into partial fractions holds 


Pn(z) aN ly (6) 


Papila) QuE 


where {£,} are the ROOTS of pn41(x) and 


Į = Pn (Ev) 
i Pri (Ev) 


= Pn+1(€v)Pn (Ev) oa Pr(€v)'pn+i (Ev) 


Pr E cae AY 


Another interesting property is obtained by letting 
{pn(x)} be the orthonormal set of POLYNOMIALS asso- 
ciated with the distribution da(z) on [a,b]. Then the 
CONVERGENTS Rn/Sn of the CONTINUED FRACTION 


E cad es a 
Az + Bı Asz + Bo Azz + B3 
Cn : 
are given by 
Rn = Ra) 
(— oa [ Pale) — palt) 
= co Pepe — a? f Aoo da(t) (9) 
Sa = Sn (T) = Vco Pr (T), (10) 
where n = 0, 1, ... and 
b 
Či = | x” da(x). (11) 


Furthermore, the ROOTS of the orthogonal polynomials 
pn(x) associated with the distribution da(x) on the in- 
terval [a,b] are REAL and distinct and are located in the 
interior of the interval [a, b]. 


see also CHEBYSHEV POLYNOMIAL OF THE FIRST KIND, 
CHEBYSHEV POLYNOMIAL OF THE SECOND KIND, 
GRAM-SCHMIDT ORTHONORMALIZATION, HERMITE 
POLYNOMIAL, JACOBI POLYNOMIAL, KRAWTCHOUK 
POLYNOMIAL, LAGUERRE POLYNOMIAL, LEGENDRE 
POLYNOMIAL, ORTHOGONAL FUNCTIONS, SPHERICAL 
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HARMONIC, ULTRASPHERICAL POLYNOMIAL, ZERNIKE 
POLYNOMIAL 
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Orthogonal Projection 

A PROJECTION of a figure by parallel rays. In such a pro- 
jection, tangencies are preserved. Parallel lines project 
to parallel lines. The ratio of lengths of parallel segments 
is preserved, as is the ratio of areas. 


Any TRIANGLE can be positioned such that its shadow 
under an orthogonal projection is EQUILATERAL. Also, 
the MEDIANS of a TRIANGLE project to the MEDIANS 
of the image TRIANGLE. ELLIPSES project to ELLIPSES, 
and any ELLIPSE can be projected to form a CIRCLE. 
The center of an ELLIPSE projects to the center of the 
image ELLIPSE. The CENTROID of a TRIANGLE projects 
to the CENTROID of its image. Under an ORTHOGO- 
NAL TRANSFORMATION, the MIDPOINT ELLIPSE can be 
transformed into a CIRCLE INSCRIBED in an EQUILAT- 
ERAL TRIANGLE. 


SPHEROIDS project to ELLIPSES (or CIRCLE in the DE- 
GENERATE case). 


see also PROJECTION 


Orthogonal Rotation Group 

Orthogonal rotation groups are LIE GROUPS. The or- 
thogonal rotation group O3(n) is the set of n x n REAL 
ORTHOGONAL MATRICES. 


The orthogonal rotation group Oj; (n) is the set of n x 
n REAL ORTHOGONAL MATRICES (having n(n — 1)/2 
independent parameters) with DETERMINANT —1. 


The orthogonal rotation group O7 (n) is the set of n x n 
REAL ORTHOGONAL MATRICES, having n(n—1)/2 inde- 
pendent parameters, with DETERMINANT +1. OF (n) is 
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HOMEOMORPHIC with SU(2). Its elements can be writ- 
ten using EULER ANGLES and ROTATION MATRICES as 


1 0 0 
I=|0 1 0 (1) 
0 0 1 
1 0 0 
Rz(ġ) = | cosd sing (2) 
0 —sing cosd 
cos? 0 -—sin@ 
R,(@) = | 0 1 0 (3) 
sin@ 0 cosé@ 
cosy siny 0 
Re(y) = - siny cosy 0|. (4) 
0 0 1 
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Orthogonal Tensors 
Orthogonal CONTRAVARIANT and COVARIANT satisfy 


ging”? = 5, 


where 6; is the KRONECKER DELTA. 


see also CONTRAVARIANT TENSOR, COVARIANT TEN- 
SOR 


Orthogonal Transformation 
Any linear transformation 


i 

Ly = 41141 + 41272 + 21373 
i 

Ly = 049171 + 22222 + 042373 


£3 = 03181 + A32X2 + A33T3 
satisfying the ORTHOGONALITY CONDITION 
ij Qik = jk, 


where EINSTEIN SUMMATION has been used and 4;; is 
the KRONECKER DELTA, is called an orthogonal trans- 
formation. 


Orthogonal transformations correspond to rigid ROTA- 
TIONS (or ROTOINVERSIONS), and may be represented 
using ORTHOGONAL MATRICES. If A: R” — R” is an 
orthogonal transformation, then det(A) = +1. 


see also AFFINE TRANSFORMATION, ORTHOGONAL MA- 
TRIX, ORTHOGONALITY CONDITION, ROTATION, Ro- 
TOINVERSION 
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Orthographic Projection 


Orthogonal Vectors 

Two vectors u and v whose DOT PRODUCT is u.v = 0 
(i.e., the vectors are PERPENDICULAR) are said to be 
orthogonal. The definition can be extended to three or 
more vectors which are mutually PERPENDICULAR. 


see also DOT PRODUCT, PERPENDICULAR 


Orthogonality Condition 


A linear transformation 


i 

Ly = 01171 + A12%2 + 11323 
i 

Ly = 02171 + 02272 + 42373 
f z 

T3 = 43121 + Q322 + 43373, 


is said to be an ORTHOGONAL TRANSFORMATION if it 
satisfies the orthogonality condition 


QijQik = Ójk) 


where EINSTEIN SUMMATION has been used and 4;; is 
the KRONECKER DELTA. 


see also ORTHOGONAL TRANSFORMATION 
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Orthogonality Theorem 
see GROUP ORTHOGONALITY THEOREM 


Orthographic Projection 


AEn 


a e O A. A. 


A projection from infinity which preserves neither ÁREA 
nor angle. 


xz = cos @sin(A — Ag) (1) 
y = cos ġı sin $ — sin ġı cos pcos(A — Ap). (2) 


The inverse FORMULAS are 


J= sin? (cos sanari ysineces fs) (3) 
g sine 


A = ào + tan? | —______—________ ), (4 
eN Carer on (4) 


Orthologic 
where 
p= ya +y? (5 
c=sin”? p. (6 
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Orthologic 

Two TRIANGLES A,B,C; and A2B2C2 are orthologic 
if the perpendiculars from the VERTICES Aj, Bi, Ci 
on the sides B2C2, A2C2, and A2B2 pass through one 
point. This point is known as the orthology center of 
TRIANGLE 1 with respect to TRIANGLE 2. 


Orthonormal Basis 
A BASIS of VECTORS x which satisfy 


itk = OFk 


and 
t ty = 055 


where 6;% is the KRONECKER DELTA. An orthonormal 
basis is a normalized ORTHOGONAL BASIS. 


see also BASIS, ORTHOGONAL BASIS 


Orthonormal Functions 

A pair of functions ¢; and ¢; are orthonormal if they 
are ORTHOGONAL and each normalized. These two con- 
ditions can be succinctly written as 


b 
/ O aes, 


where w(x) is a WEIGHTING FUNCTION and ð;; is the 
KRONECKER DELTA. 


see also ORTHOGONAL POLYNOMIALS 


Orthonormal Vectors 
UNIT VECTORS which are ORTHOGONAL are said to be 
orthonormal. 


see also ORTHOGONAL VECTORS 


Orthopole 

If perpendiculars are dropped on any line from the ver- 
tices of a TRIANGLE, then the perpendiculars to the 
opposite sides from their FEET are CONCURRENT at a 
point called the orthopole. 
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Orthoptic Curve 

An IsopTic CURVE formed from the locus of TAN- 
GENTS meeting at RIGHT ANGLES. The orthoptic of 
a PARABOLA is its DIRECTRIX. The orthoptic of a cen- 
tral CONIC was investigated by Monge and is a CIRCLE 
concentric with the CONIC SECTION. The orthoptic of 
an ASTROID is a CIRCLE. 


Curve Orthoptic 
astroid quadrifolium 
cardioid circle or limagon 
deltoid circle 
logarithmic spiral equal logarithmic spiral 
parabola directrix 
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Orthotomic 
Given a source S and a curve y, pick a point on y 
and find its tangent T. Then the Locus of reflections 
of S about tangents T is the orthotomic curve (also 
known as the secondary CAUSTIC). The INVOLUTE of 
the orthotomic is the CAUSTIC. For a parametric curve 
(f(t), g(t)) with respect to the point (xo, yo), the ortho- 
tomic is 
29 [f' (9 — yo) — 9 (f — zo)] 
fr? +g”? 
2f' [f (g — yo) — g(f — zo)] 
Fe +g! 


see also CAUSTIC, INVOLUTE 


T= To 


y = Yo + 
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Orthotope 

A PARALLELOTOPE whose edges are all mutually PER- 
PENDICULAR. The orthotope is a generalization of the 
RECTANGLE and RECTANGULAR PARALLELEPIPED. 


see also RECTANGLE, RECTANGULAR PARALLELEPIPED 
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Osborne’s Rule 
The prescription that a TRIGONOMETRY identity can 
be converted to an analogous identity for HYPERBOLIC 
FUNCTIONS by expanding, exchanging trigonometric 
functions with their hyperbolic counterparts, and then 
flipping the sign of each term involving the product of 
two HYPERBOLIC SINES. For example, given the iden- 
tity 

cos(x — y) = cos z cos y + sin zx sin y, 
Osborne's rule gives the corresponding identity 


cosh(x — y) = cosh g cosh y — sinh g sinh y. 


see also HYPERBOLIC FUNCTIONS, TRIGONOMETRY 
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Oscillation 
The variation of a FUNCTION which exhibits SLOPE 
changes, also called the SALTUS of a function. 


Oscillation Land 
see CAROTID-KUNDALINI FUNCTION 


Osculating Circle 


The CIRCLE which shares the same TANGENT as a curve 
at a given point. The RADIUS OF CURVATURE of the 
osculating circle is 


1 
p(t) = m1 (1) 
O] 
where « is the CURVATURE, and the center is 

(J? + g’*)g' 
=p ELL 2 
f fig" En fg’ ( ) 

fe J 12 


y= g+ f'g" fat fl'g' ? 


i.e., the centers of the osculating circles to a curve form 
the EVOLUTE to that curve. 


In addition, let C(t1,t2,t3) denote the CIRCLE passing 
through three points on a curve (f(t), g(t)) with tı < 
to < tg. Then the osculating circle C is given by 


C= lim C(t, to, ts) (4) 


t1,t9,ta—>t 


(Gray 1993). 


see also CURVATURE, EVOLUTE, RADIUS OF CURVA- 
TURE, TANGENT 
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Osculating Sphere 


Osculating Curves 


15 =i -0.5 0.5 1 1.5 
An osculating curve to f(x) at zo is tangent at that point 
and has the same CURVATURE. It therefore satisfies 


y (zo) = f™ (20) 


for k = 0, 1, 2. The point of tangency is called a TAC- 
NODE. The simplest example of osculating curves are x” 
and gł, which osculate at the point xo = 0. 


see also TACNODE 


Osculating Interpolation 


see HERMITE’S INTERPOLATING FUNDAMENTAL POLY- 
NOMIAL 


Osculating Plane 

The PLANE spanned by the three points x(t), x(t + hı), 
and x(t+h2) on a curve as hi, h2 > 0. Let z be a point 
on the osculating plane, then 


[(z — x),x",x"] = 0, 


where [A, B, C] denotes the SCALAR TRIPLE PRODUCT. 
The osculating plane passes through the tangent. The 
intersection of the osculating plane with the NORMAL 
PLANE is known as the PRINCIPAL NORMAL VECTOR. 
The VECTORS T and N (TANGENT VECTOR and NOR- 
MAL VECTOR) span the osculating plane. 


see also NORMAL VECTOR, OSCULATING SPHERE, 
SCALAR TRIPLE PRODUCT, TANGENT VECTOR 


Osculating Sphere 

The center of any SPHERE which has a contact of (at 
least) first-order with a curve C at a point P lies in the 
normal plane to C at P. The center of any SPHERE 
which has a contact of (at least) second-order with C at 
point P, where the CURVATURE «x > 0, lies on the polar 
axis of C corresponding to P. All these SPHERES inter- 
sect the OSCULATING PLANE of C at P along a circle of 
curvature at P. The osculating sphere has center 


a =x + pÑ + Ê 
T 


Osedelec Theorem 


where N is the unit NORMAL VECTOR, B is the unit 
BINORMAL VECTOR, p is the RADIUS OF CURVATURE, 
and 7 is the TORSION, and RADIUS 


sy 2 
a= lr (2) 
T 


and has contact of (at least) third order with C. 


see also CURVATURE, OSCULATING PLANE, RADIUS OF 
CURVATURE, SPHERE, TORSION (DIFFERENTIAL GE- 
OMETRY) 


References 
Kreyszig, E. Differential Geometry. New York: Dover, 
pp. 54-55, 1991. 


Osedelec Theorem 
For an n-D MAP, the LYAPUNOV CHARACTERISTIC EX- 
PONENTS are given by 
ci = lim In|A;(N)| 
N—- oo 
for i=1,..., n, where A; is the LYAPUNOV CHARAC- 
TERISTIC NUMBER. 


see also LYAPUNOV CHARACTERISTIC EXPONENT, LYA- 


PUNOV CHARACTERISTIC NUMBER 


Ostrowski’s Inequality 
Let f(x) be a monotonic function integrable on fa, b] and 
let f(a), f(b) < 0 and |f(a)| > |f(b)|, then if g is a REAL 


function integrable on [a,b], 
é 
| g(a) dx. 
References 


Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, p. 1100, 1979. 


Se) max, 


| TOOR 


Ostrowski’s Theorem 

Let A = a;; be a MATRIX with POSITIVE COEFFICIENTS 
and Ao be the POSITIVE EIGENVALUE in the FROBENIUS 
THEOREM, then the n — 1 EIGENVALUES A; Æ Ao satisfy 
the INEQUALITY 


M? — m? 
|A;| < Ao TS» 
M? + m? 
where 
M = max ai; 
i,j 
m = min Gij 
1,3 
andog = LL 2.14 Me 


see also FROBENIUS THEOREM 
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Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
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Otter’s Tree Enumeration Constants 
see TREE 


Outdegree 
The number of outward directed EDGES from a given 
VERTEX in a DIRECTED GRAPH. 


see also DIRECTED GRAPH, INDEGREE, LOCAL DEGREE 


Outer Automorphism Group 

A particular type of AUTOMORPHISM GROUP which 
exists only for GROUPS. For a GROUP G, the 
outer automorphism group is the QUOTIENT GROUP 
Aut(G)/Inn(G), which is the AUTOMORPHISM GROUP 
of G modulo its INNER AUTOMORPHISM GROUP. 


see also AUTOMORPHISM GROUP, INNER AUTOMOR- 
PHISM GROUP, QUOTIENT GROUP 


Outer Product 
see DIRECT PRODUCT (TENSOR) 


Oval 


An oval is a curve resembling a squashed CIRCLE but, 
unlike the ELLIPSE, without a precise mathematical def- 
inition. The word oval derived from the Latin word 
“ovus” for egg. Unlike ellipses, ovals sometimes have. 
only a single axis of reflection symmetry (instead of two). 


Ovals can be constructed with a COMPASS by joining to- 
gether arcs of different radii such that the centers of the 
arcs lie on a line passing through the join point (Dixon 
1991). Albrecht Diirer used this method to design a 
Roman letter font. 


see also CARTESIAN OVALS, CASSINI OVALS, EGG, EL- 
LIPSE, OVOID, SUPERELLIPSE 
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Oval of Descartes 


see CARTESIAN OVALS 


Ovals of Cassini 
see CASSINI OVALS 
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Overlapping Resonance Method 
see RESONANCE OVERLAP METHOD 


Oversampling 

A signal sampled at a frequency higher than the 
NYQUIST FREQUENCY is said to be oversampled G times, 
where the oversampling ratio is defined as 


B= Vsampling 
UN y quist 


see also NYQUIST FREQUENCY, NYQUIST SAMPLING 


Ovoid 

An egg-shaped curve. Lockwood (1967) calls the NEGA- 
TIVE PEDAL CURVE of an ELLIPSE with ECCENTRICITY 
e < 1/2 an ovoid. 


see also OVAL 
References 
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p-adic Number 

A p-adic number is an extension of the FIELD of RA- 
TIONAL NUMBERS such that CONGRUENCES MODULO 
POWERS of a fixed PRIME p are related to proximity in 
the so called “p-adic metric.” 


Any NONZERO RATIONAL NUMBER z can be represented 
by 
por 
LO (1) 


where p is a PRIME NUMBER, r and s are INTEGERS not 
DIVISIBLE by p, and a is a unique INTEGER. Then define 
the p-adic absolute value of x by 


[elp =p *. (2) 
Also define the p-adic value 


l0lp = 0. (3) 


As an example, consider the FRACTION 


E O (4) 


It has p-adic absolute values given by 


¡140 1, = 
297 12 — 
140 

|3973 = 
[249 a 
39715 = 
| 249 | sa 
297 17 — 
[la = 


1 
4 


bo 


7 


mi qa aja 
Pp 


The p-adic absolute value satisfies the relations 
1. |z|p > 0 for all z, 

2. |z|p = 0 IFF z = 0, 

3. |zylp = |zlp |y|p for all z and y, 

4 


. |æ +ylp < l£|p + lylp for all z and y (the TRIANGLE 
INEQUALITY), and 


5. [2+ylp < max([2|p, |y|p) for all z and y (the STRONG 


TRIANGLE INEQUALITY). 


In the above, relation 4 follows trivially from relation 5, 
but relations 4 and 5 are relevant in the more general 
VALUATION THEORY. 


The p-adics were probably first introduced by Hensel 
in 1902 in a paper which was concerned with the de- 
velopment of algebraic numbers in POWER SERIES. p- 
adic numbers were then generalized to VALUATIONS by 
Kurschak in 1913. In the early 1920s, Hasse formulated 
the LOCAL-GLOBAL PRINCIPLE (now usually called the 
HASSE PRINCIPLE), which is one of the chief applica- 
tions of LOCAL FIELD theory. Skolem’s p-adic method, 
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which is used in attacking certain DIOPHANTINE EQUA- 
TIONS, is another powerful application of p-adic num- 
bers. Another application is the theorem that the HAR- 
MONIC NUMBERS H, are never INTEGERS (except for 
Hi). A similar application is the proof of the VON 
STAUDT-CLAUSEN THEOREM using the p-adic valuation, 
although the technical details are somewhat difficult. 
Yet another application is provided by the MAHLER- 
LECH THEOREM. 


Every RATIONAL z has an “essentially” unique p-adic 
expansion (“essentially” since zero terms can always be 
added at the beginning) 


== Sy asp”, (10) 
j=m 


with m an INTEGER, a; the INTEGERS between 0 and 
p — 1 inclusive, and where the sum is convergent with 
respect to p-adic valuation. If x Æ 0 and am # 0, then 
the expansion is unique. Burger and Struppeck (1996) 
show that for p a PRIME and n a POSITIVE INTEGER, 


In!|p = p7 0740/0- (11) 


where the p-adic expansion of n is 
n = ao +ap+ap +...+apP?, (12) 


and 
Ap(n) =ao+ar+...+ ar. (13) 


For sufficiently large n, 


in!lp <p 7/P-?), (14) 


The p-adic valuation on Q gives rise to the p-adic metric 


d(x, y) = |x — yl», (15) 


which in turn gives rise to the p-adic topology. It can 
be shown that the rationals, together with the p-adic 
metric, do not form a COMPLETE METRIC SPACE. The 
completion of this space can therefore be constructed, 
and the set of p-adic numbers Q, is defined to be this 
completed space. 


Just as the REAL NUMBERS are the completion of the 
RATIONALS Q with respect to the usual absolute valu- 
ation |x — y|, the p-adic numbers are the completion of 
Q with respect to the p-adic valuation |r — y|p. The p- 
adic numbers are useful in solving DIOPHANTINE EQUA- 
TIONS. For example, the equation X? = 2 can easily be 
shown to have no solutions in the field of 2-adic numbers 
(we simply take the valuation of both sides). Because 
the 2-adic numbers contain the rationals as a subset, we 
can immediately see that the equation has no solutions 
in the RATIONALS. So we have an immediate proof of 
the irrationality of Vo, 
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This is a common argument that is used in solving these 
types of equations: in order to show that an equation 
has no solutions in Q, we show that it has no solutions 
in a FIELD EXTENSION. For another example, consider 
X?+1 = 0. This equation has no solutions in Q because 
it has no solutions in the reals IR, and Q is a subset of 


R. 


Now consider the converse. Suppose we have an equa- 
tion that does have solutions in R and in all the Q,. 
Can we conclude that the equation has a solution in Q? 
Unfortunately, in general, the answer is no, but there are 
classes of equations for which the answer is yes. Such 
equations are said to satisfy the HASSE PRINCIPLE. 


see also AX-KOCHEN ISOMORPHISM THEOREM, DIo- 
PHANTINE EQUATION, HARMONIC NUMBER, HASSE 
PRINCIPLE, LOCAL FIELD, LOCAL-GLOBAL PRINCIPLE, 
MAHLER-LECH THEOREM, PRODUCT FORMULA, VAL- 
UATION, VALUATION THEORY, VON STAUDT-CLAUSEN 
THEOREM 
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P-Circle 
see SPIEKER CIRCLE 


p-Element 
see SEMISIMPLE 


p-Good Path 
A LATTICE PATH from one point to another is p-good if 
it lies completely below the line 


y = (p— 1)z. 


Hilton and Pederson (1991) show that the number of 
p-good paths from (1, q — 1) to (k, n — k) under the 
condition 2 < k < n— p+ 1 < p(k — 1) is 


£ : 
n-q [n-p 
=) rt), 
j=1 
where (5) is a BINOMIAL COEFFICIENT, and 


b 
_ |n=k 
eso 


where |x| is the FLOOR FUNCTION. 


P-Polynomial 


see also CATALAN NUMBER, LATTICE PATH, SCHRODER 
NUMBER 
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Hilton, P. and Pederson, J. “Catalan Numbers, Their Gener- 
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p-Group 

A FINITE GROUP of ORDER p° for p a PRIME is called 
a p-group. Sylow proved that every GROUP of this form 
has a POWER-commutator representation on n genera- 
tors defined by 


a= [La (1) 


for 0 < B(i,k) <p, 1<i<nand 


m 


i,j,k 
[aja] = [| of?” (2) 


k=3+1 


for 0 < (i j,k) <p, 1 <i<j<on. If p is PRIME and 
f(p) the number of GROUPS of order p™, then 


m* 
E s (3) 
where 
im A= 3 y 


(Higman 1960a,b). 
see also FINITE GROUP 


References 
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p'-Group 
X is a p -group if p does not divide the ORDER of X. 


p-Layer 
The p-layer of H, Lp (H) is the unique minimal NORMAL 
SUBGROUP of H which maps onto E(H/O,'(#)). 


see also B,-THEOREM, Lp-BALANCE THEOREM, SIG- 
NALIZER FUNCTOR THEOREM 


P-Polynomial 
see HOMFLY POLYNOMIAL 


P-Problem 


P-Problem 
A problem is assigned to the P (POLYNOMIAL time) class 
if the number of steps is bounded by a POLYNOMIAL. 


see also COMPLEXITY THEORY, NP-COMPLETE PROB- 
LEM, NP-HARD PROBLEM, NP-PROBLEM 
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p-Series 
A shorthand name for a POWER SERIES with a NEGA- 
TIVE exponent, Y) ,_,k ?, where p > 0. 


see also POWER SERIES, RIEMANN ZETA FUNCTION 


p-Signature 
Diagonalize a form over the rationals to 


diag[p” - A,p’- B,...], 


where all the entries are INTEGERS and A, B, ...are 
RELATIVELY PRIME to p. Then the p-signature of the 
form (for p Æ —1, 2) is 


p° +p’ +... +4k (mod 8), 


where k is the number of ANTISQUARES. For p = —1, 
the p-signature is SYLVESTER’S SIGNATURE. 


see also SIGNATURE (QUADRATIC FORM) 


P-Symbol 
A symbol employed in a formal PROPOSITIONAL CAL- 
CULUS. 


References 
Nidditch, P. H. Propositional Calculus. New York: Free 
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P-Value 

The PROBABILITY that a variate would assume a value 
greater than or equal to the observed value strictly by 
chance: P(z > Zobserved). 


see also ALPHA VALUE, SIGNIFICANCE 


Paasche’s Index 
The statistical INDEX 


Y Pala 
Pp = ZP 
"=$ pogn 


where pn is the price per unit in period n and qn is the 
_ quantity produced in period n. 


see also INDEX 
References 
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Packing 
The placement of objects so that they touch in some 
specified manner, often inside a container with specified 
properties. 


see also BOX-PACKING THEOREM, CIRCLE PACKING, 
GROEMER PACKING, HYPERSPHERE PACKING, KE- 
PLER PROBLEM, KISSING NUMBER PACKING DENSITY, 
POLYHEDRON PACKING, SPACE-FILLING POLYHEDRON, 
SPHERE PACKING 


References 
Eppstein, D. “Covering and Packing.” http://www.ics.uci 
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Packing Density 
The fraction of a volume filled by a given collection of 
solids. 


see also HYPERSPHERE PACKING, PACKING, SPHERE 
PACKING 


Padé Approximant 

Approximants derived by expanding a function as a ra- 
tio of two POWER SERIES and determining both the 
NUMERATOR and DENOMINATOR COEFFICIENTS. Padé 
approximations are usually superior to TAYLOR EX- 
PANSIONS when functions contain POLES, because the 
use of RATIONAL FUNCTIONS allows them to be well- 
represented. 


The Padé approximant Ry, 9 corresponds to the MAC- 
LAURIN SERIES. When it exists, the Rm = [L/M] 
Padé approximant to any POWER SERIES 


A(z) = Sue (1) 


j=0 


is unique. If A(x) is a TRANSCENDENTAL FUNCTION, 
then the terms are given by the TAYLOR SERIES about 
ZO 


l a(n 
an = A ao). (2) 
The COEFFICIENTS are found by setting 


Pr(z) 


Ae Qu(z) 


(3) 


and equating COEFFICIENTS. Q(x) can be multiplied 
by an arbitrary constant which will rescale the other 
COEFFICIENTS, so an addition constraint can be applied. 
The conventional normalization is 


Qu (0) = 1. (4) 

Expanding (3) gives 
Pr(xz) = po + piz +... + pL” (5) 
Quía)=1+q12+...+que*”. (6) 
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These give the set of equations 


ao = Po (7) 
ai + 4091 = Pı (8) 
az + aigi + aoq2 = p2 (9) 


aL +0L-191 +... + 40Q1 = PL (10) 
aL+1 +arqı +... +aL-M+14Mm = 0 (11) 


Grim + AL+mM-191 +... +aLrqm =), (12) 


where a, = 0 for n < 0 and q; = 0 for j > M. Solving 
these directly gives 


QL—-m+1 aL-m+2 es aL+1 
aL aL+1 ERI AL+M 
L L L 
aj mz? a; zi ari 
j-M j-M+1 j 
a H 
&L-M+1 @p—-mM42 ‘'' Gti 
ar 4L+1 +++. GLAM 
qm q M-1 1 


(13) 
where sums are replaced by a zero if the lower index 
exceeds the upper. Alternate forms are | 


L-M 
[L/M] = ` ajz! + DW zm W 1 /M 
¿=0 
L+n 
] L+n+1_ T =l 
= ee +e" wm) MW y W(L+n)/M 
j=0 


for 


Wm 


aL-—-M+1 7 TAL-M+2 aL — TaL+1 


AaL+M-1 — TAL+M 
(14) 


aL — TAL+1 


aL-M+1 
AL—-M+2 
WL/M = l ' (15) 


aL 


and 0<n< M. 


Padé Approximant 
The first few Padé approximants for e” are 


exPo/o(2) =1 


| 1 
expo /1(%) a 
2 
poz) = 339 Fa 
6 
exPoja(@) = ¿gy + 3x2 — 23 
expyyo (1) =1+ 
2+2 
exp, /1(Z) a 
6+ 22 
yla y 
= 24 + 62 
exPi/3(®) -24 — 182 + ôr? — 23 
2+ 22+ 2? 
exP2/o(@) = HE 
6+4z + 2° 
expz/1(2) A 
12 + 62 + e? 
E Só E ee pa 
60 + 242 + 3a? 
exP2/a(®) = S0 — 362 4 927 — x? 
6 + 6x + 3x? + z? 
exp3yo(2) = _ §@. 
24 + 182 + 162? + 2° 
expg/1 (£) AAA 
_ 60+ 362 + 92? + 2° 
exPs/2(2) «60 — 24a + 3x2 
_ 1204 602 + 1227 + q? 
exPs/s(®) = T20 602 + 1227 — z? 


Two-term identities include 


Penilo) _ Pile) Cama cg) 
Qusi(z)  Qurlz) Qu+1(2) Qh; (2) 
Pisilo) _ Pele) _ CuaromCaen/arya N 
Q(z) mz) Qu (x)Q4,(x) | 
17 
Prle) a Pr (x) = Com Cary (mene tt 
Qusi(x) Q4,(2) Qu(2)Q”,(2) 
Pe) Pala) Cuat y 
Qu+1(2) Qu ATA 
Pigi _ Prle) _ 
CoiminoClirno mart? + Co mio my tt! 


(20) 


Padé Approximant 
Pr(z) Pile) _ 
Qauii(t) Qul) 


Co menCli+n met? —ComCiuroy meat 


Quril2)Qy-,(2) 
(21) 
where C is the C-DETERMINANT. Three-term identities 


can be derived using the FROBENIUS TRIANGLE IDEN- 
TITIES (Baker 1975, p. 32). 


A five-term identity is 


Sa+omSir-ym — Si min Si m1) = Suse’. 


(22) 
Cross ratio identities include 
(Rom — Rio) Ri) — Riu+n/(m+1)) 
(Rim — Risa) m (Bi (+1) — Rus) (+1) 
_ Cr (mn C(n+2)/(m +1) (23) 
Cí1+1)/MC(141)/(M+2) 
(Rom — Rer41)/(m4i))(Ras1ym — RL/(mM+)) 
(Reja — Ria Bi) m — Rit41)/(m41)) 
= Cin41)/(M41)° £ (24) 
Crs(m41)C(142)/(M41) 
(Rom — Rus+oyau+n) Ria ~ Ri /(u+41)) 
(Reja — Ras) mM Bi 41) — R(1+1)/(1+1)) 
Ciu+/(m+1) 2 7 
z rs (25) 
(1+1)/MC(141)/(M+2) 
(Roja — Raro my) Ri +1) — Ris+1)/m) 
(Roa — Reymi) Ria) +1) — Ram) 
- Un MID /Mina (a6) 
Ci (m+1)C(14+2)/M 
(Rom — Ra-0/ +10) MRauy)/m — BL (m+1)) 
(Roa — Rus+omlRu-)/m+1) ~ Ri u+1)) 
C C 
Ea L/(M+1) (1D A(MAD (27) 


Ciu+o/mOL/(m+2) 


see also C-DETERMINANT, ECONOMIZED RATIONAL 
APPROXIMATION, FROBENIUS TRIANGLE IDENTITIES 
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Padé Conjecture 

If P(z) is a POWER series which is regular for |z| < 1 
except for m POLES within this CIRCLE and except for 
z = +1, at which points the function is assumed contin- 
uous when only points |z| < 1 are considered, then at 
least a subsequence of the [N, N] PADÉ APPROXIMANTS 
are uniformly bounded in the domain formed by remov- 
ing the interiors of small circles with centers at these 
POLES and uniformly continuous at z = +1 for |z| < 1. 


see also PADÉ APPROXIMANT 


References 

Baker, G. A. Jr. “The Padé Conjecture and Some Con- 
sequences.” SII.D in Advances in Theoretical Physics, 
Vol. 1 (Ed. K. A. Brueckner). New York: Academic Press, 
pp. 23-27, 1965. 


Padovan Sequence 
The INTEGER SEQUENCE defined by the RECURRENCE 
RELATION 


P(n) = P(n — 2) + P(n — 3) 


with the initial conditions P(0) = P(1) = P(2) = 1. 
The first few terms are 1, 1, 2, 2, 3, 4, 5, 7, 9, 12, ... 
(Sloane’s A000931). The ratio limy,... P(n)/P(n — 1) 
is called the PLASTIC CONSTANT. 


see also PERRIN SEQUENCE, PLASTIC CONSTANT 
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Painlevé Property 

Following the work of Fuchs in classifying first-order 
ORDINARY DIFFERENTIAL EQUATIONS, Painlevé stud- 
ied second-order ODEs of the form 


2 


dy j 
dy? = F(y y2), 


where F is ANALYTIC in x and rational in y and y’. 
Painlevé found 50 types whose only movable SINGULAR- 
ITIES are ordinary POLES. This characteristic is known 
as the Painlevé property. Six of the transcendents de- 
fine new transcendents known as PAINLEVÉ TRANSCEN- 
DENTS, and the remaining 44 can be integrated in terms 
of classical transcendents, quadratures, or the PAINLEVÉ 
TRANSCENDENTS. 


see also PAINLEVE TRANSCENDENTS 


Painlevé Transcendents 


y = 6y +2 (1) 
y” = 2y" + zy +a (2) 
12 
„n y” 1 er E 0 
y e a re oe a (3) 
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Transcendents 4-6 do not have known first integrals, but 
all transcendents have first integrals for special values of 
their parameters except (1). Painlevé found the above 
transcendents (1) to (3), and the rest were investigated 
by his students. The sixth transcendent was found by 
Gambier and contains the other five as limiting cases. 


see also PAINLEVE PROPERTY 


Pair 

A SET of two numbers or objects linked in some way are 
said to be a pair. The pair a and b are usually denoted 
(a, b). In certain circumstances, pairs are also called 
BROTHERS or TWINS. 


see also AMICABLE PAIR, AUGMENTED AMICABLE 
PAIR, BROWN NUMBERS, FRIENDLY PAIR, HEXAD, 
HOMOGENEOUS NUMBERS, IMPULSE PAIR, IRREGU- 
LAR PAIR, LAX PAIR, LONG EXACT SEQUENCE OF A 
PAIR AXIOM, MONAD, ORDERED PAIR, PERKO PAIR, 
QUADRUPLET, QUASIAMICABLE PAIR, QUINTUPLET, 
REDUCED AMICABLE PAIR, SMITH BROTHERS, TRIAD, 
TRIPLET, TWIN PEAKS, TWIN PRIMES, TWINS, UNI- 
TARY AMICABLE PAIR, WILF-ZEILBERGER PAIR 


Pair Sum 
Given an AMICABLE PAIR (m,n), the quantity 


o(m) = a(n) = s(m) + s(n) =m+n 


is called the pair sum, where ø (n) is the DIVISOR FUNC- 
TION and s(n) is the RESTRICTED DIVISOR FUNCTION. 


see also AMICABLE PAIR 
Paired t-Test 
Given two paired sets X; and Y; of n measured values, 


the paired t-test determines if they differ from each other 
in a significant way. Let 


then define t by 


t=(X- 


This statistic has n — 1 DEGREES OF FREEDOM. 


A table of STUDENT’S t-DISTRIBUTION confidence in- 
terval can be used to determine the significance level at 
which two distributions differ. 


see also FISHER SIGN TEST, HYPOTHESIS ‘TESTING, 
STUDENT’S t-DISTRIBUTION, WILCOXON SIGNED RANK 
TEST 
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Paley Construction 


Paley Class 

The Paley class of a POSITIVE INTEGER m = 0 (mod 4) 
is defined as the set of all possible QUADRUPLES 
(k,e,q,n) where 


m = 2°(q" +1), 


q is an ODD PRIME, and 


0 ifq=0 

r=} if q” —3=0 (mod 4) 
2 if q” —1=0 (mod 4) 
undefined otherwise. 


see also HADAMARD MATRIX, PALEY CONSTRUCTION 


Paley Construction 

HADAMARD MATRICES H,, can be constructed using 
GALOIS FIELD GF(p™) when p = 4l — 1 and m is ODD. 
Pick a representation r RELATIVELY PRIME to p. Then 
by coloring white |(p — 1)/2] (where |x] is the FLOOR 
FUNCTION) distinct equally spaced RESIDUES mod p (r°, 
r,r?,...3 7°, 77, 7°, ...; etc.) in addition to 0, a HAD- 
AMARD MATRIX is obtained if the POWERS of r (mod 
p) run through < |(p — 1)/2]. For example, 


n=12=11'4+1=2(54+1) =27(24+1) 
is of this form with p = 11 = 4x 3—1 and m = 1. Since 


m = 1, we are dealing with GF(11), so pick p = 2 and 
compute its RESIDUES (mod 11), which are 
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Picking the first |11/2| = 5 RESIDUES and adding 0 
gives: 0, 1, 2, 4, 5, 8, which should then be colored 
in the MATRIX obtained by writing out the RESIDUES 
increasing to the left and up along the border (0 through 
p—1, followed by 00), then adding horizontal and vertical 
coordinates to get the residue to place in each square. 


Paley's Theorem 
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PNmOwWwWANANMWOBOSR 
NWORUAUANYAO omg 
WERATAAWAODORDN g 
PAANWODBOrN wR 
HANBODOPN WAR 
SS E SE 
NOODODOPNwWAUE Y 
CORHCHNwWhAANZR 
CSSOHPNwWAMAADWY 
SCHENWEhADAIMWO Y 
8888888888838 


Hig can be trivially constructed from H4 @ Ha. Hao 
cannot be built up from smaller MATRICES, so use n = 
20 = 19+1 = 2(3? +1) = 2*(2? + 1). Only the first 
form can be used, with p= 19=4x5—1landm=1. 
We therefore use GF(19), and color 9 RESIDUES plus 0 
white. H24 can be constructed from Hz @ H12. 


Now consider a more complicated case. For n = 28 = 
37 +1 = 2(13+1), the only form having p = 4l — 1 is the 
first, so use the GF(3*) field. Take as the modulus the 
IRREDUCIBLE POLYNOMIAL z? +22-+1, written 1021. A 
four-digit number can always be written using only three 
digits, since 1000—1021 = 0012 and 2000 — 2012 = 0021. 
Now look at the moduli starting with 10, where each 
digit is considered separately. Then 


z? = 1 xz! = 10 x? = 100 

z? = 1000 = 12 zt = 120 xe*® = 1200 = 212 
z? =2120=111 g” =1100=122 x= 1220 = 202 
z? = 2020 = 11 z1? = 110 x!! = 1100 = 112 
212 = 1120 = 102 21° = 1020 = 2 gi4 = 20 

215 = 200 z! = 2000 = 21 z =210 

xz!8 = 2100 = 121 g!? = 1210 = 222 22 = 2220 = 211 
z?! = 2110 = 101 2% = 101 = 22 223 = 220 

q2* = 2200 = 221 27° = 2210 = 201 z?’ = 2010= 1 


Taking the alternate terms gives white squares as 000, 
001, 020, 021, 022, 100, 102, 110, 111, 120, 121, 202, 
211, and 221. 
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Paley’s Theorem 

Proved in 1933. If q is an ODD PRIME or q = 0 and n 
is any POSITIVE INTEGER, then there is a HADAMARD 
MATRIX of order 


m=z (g +1), 


Palindromic Number Conjecture 1301 


where e is any POSITIVE INTEGER such that m = 
0 (mod 4). If m is of this form, the matrix can be 
constructed with a PALEY CONSTRUCTION. If m is di- 
visible by 4 but not of the form (1), the PALEY CLASS is 
undefined. However, HADAMARD MATRICES have been 
shown to exist for all m = 0 (mod 4) for m < 428. 


see also HADAMARD MATRIX, PALEY CLASS, PALEY 
CONSTRUCTION 


Palindrome Number 
see PALINDROMIC NUMBER 


Palindromic Number 

A symmetrical number which is written in some base 6 
as 41 42 ... 4241. The first few are 0, 1, 2, 3, 4, 5, 6, 7, 
8, 9, 11, 22, 33, 44, 55, 66, 77, 88, 99, 101, 111, 121,... 
(Sloane's A002113). 


The first few n for which the PRONIC NUMBER Ph is 
palindromic are 1, 2, 16, 77, 538, 1621, ... (Sloane's 
A028336), and the first few palindromic numbers which 
are PRONIC are 2, 6, 272, 6006, 289982, ... (Sloane's 
A028337). The first few numbers whose squares are 
palindromic are 1, 2, 3, 11, 22, 26, (Sloane's 
A002778), and the first few palindromic squares are 1, 
4, 9, 121, 484, 676, ... (Sloane's A002779). 


see also DEMLO NUMBER, PALINDROMIC NUMBER CON- 
JECTURE, REVERSAL 
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Palindromic Number Conjecture 

Apply the 196-ALGORITHM, which consists of taking 
any POSITIVE INTEGER of two digits or more, revers- 
ing the digits, and adding to the original number. Now 
sum the two and repeat the procedure with the sum. 
Of the first 10,000 numbers, only 251 do not produce a 
PALINDROMIC NUMBER in < 23 steps (Gardner 1979). 


It was therefore conjectured that all numbers will even- 
tually yield a PALINDROMIC NUMBER. However, the 
conjecture has been proven false for bases which are a 
POWER of 2, and seems to be false for base 10 as well. 
Among the first 100,000 numbers, 5,996 numbers appar- 
ently never generate a PALINDROMIC NUMBER (Gruen- 
berger 1984). The first few are 196, 887, 1675, 7436, 
13783, 52514, 94039, 187088, 1067869, 10755470, ... 
(Sloane’s A006960). 


It is conjectured, but not proven, that there are an infi- 
nite number of palindromic PRIMES. With the exception 


1302 Pancake Cutting 


of 11, palindromic PRIMES must have an ODD number 

of digits. 

see also 196- ALGORITHM 
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Pancake Cutting 
see CIRCLE CUTTING 


Pancake Theorem 
The 2-D version of the HAM SANDWICH THEOREM. 


Pandiagonal Square 
see PANMAGIC SQUARE 


Pandigital 
A decimal INTEGER which contains each of the digits 
from 0 to 9. 


Panmagic Square 


If all the diagonals (including those obtained by “wrap- 
ping around” the edges) of a MAGIC SQUARE, as well 
as the usual rows, columns, and main diagonals sum 
to the MAGIC CONSTANT, the square is said to be a 
PANMAGIC SQUARE (also called DIABOLICAL SQUARE, 
NASIK SQUARE, or PANDIAGONAL SQUARE). No pan- 
magic squares exist of order 3 or any order 4k+2 for k an 
INTEGER. The Siamese method for generating MAGIC 
SQUARES produces panmagic squares for orders 6k + 1 
with ordinary vector (2, 1) and break vector (1, —1). 


Papal Cross 


The Lo SHU is not panmagic, but it is an ASSOCIATIVE 
MAGIC SQUARE. Order four squares can be panmagic or 
ASSOCIATIVE, but not both. Order five squares are the 
smallest which can be both ASSOCIATIVE and panmagic, 
and 16 distinct ASSOCIATIVE panmagic squares exist, 
one of which is illustrated above (Gardner 1988). 


The number of distinct panmagic squares of order 1, 
2,... are 1, 0, 0, 384, 3600, 0, ... (Sloane's A027567, 
Hunter and Madachy 1975). Panmagic squares are re- 
lated to HYPERCUBES. 


see also ASSOCIATIVE MAGIC SQUARE, HYPERCUBE, 
FRANKLIN MAGIC SQUARE, MAGIC SQUARE 
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Pantograph 


A LINKAGE invented in 1630 by Christoph Scheiner for 
making a scaled copy of a given figure. The linkage 
is pivoted at O; hinges are denoted ©. By placing a 
PENCIL at P (or P'), a DILATED image is obtained at 
P’ (or P). 

see also LINKAGE 


Papal Cross 


see also CROSS 


Pappus's Centroid Theorem 


Pappus’s Centroid Theorem 
The SURFACE AREA of a SURFACE OF REVOLUTION is 
given by 


Ssolid of rotation 


= [perimenter] x [distance traveled by centroid], 


and the VOLUME of a SOLID OF REVOLUTION is given 
by 


Vsolid of rotation 


= [cross-section area] x [distance traveled by centroid]. 


see also CENTROID (GEOMETRIC), CROSS-SECTION, 
PERIMETER, SOLID OF REVOLUTION, SURFACE AREA, 
SURFACE OF REVOLUTION, TOROID, TORUS 


References 


Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, p. 132, 1987. 


Pappus Chain 


In the ARBELOS, construct a chain of TANGENT CIRCLES 


starting with the CIRCLE TANGENT to the two small . 


interior semicircles and the large exterior one. Then the 
distance from the center of the first INSCRIBED CIRCLE 
to the bottom line is twice the CIRCLE’S RADIUS, from 
the second CIRCLE is four times the RADIUS, and for the 
nth CIRCLE is 2n times the RADIUS. The centers of the 
CIRCLES lie on an ELLIPSE, and the DIAMETER of the 
nth CIRCLE Cn is (1/n)th PERPENDICULAR distance to 
the base of the SEMICIRCLE. This result was known to 
Pappus, who referred to it as an ancient theorem (Hood 
1961, Cadwell 1966, Gardner 1979, Bankoff 1981). The 
simplest proof is via INVERSIVE GEOMETRY. 


If r = AB/AC, then the radius of the nth circle in the 
pappus chain is 


ne (1 — rjr 
” Q[n2(1 =r)? +r] 


This equation can be derived by iteratively solving the 
QUADRATIC FORMULA generated by DESCARTES CIR- 
CLE ‘THEOREM for the radius of the SODDY CIRCLE. 
This general result simplifies to rn = 1/(6 + n?) for 
r = 2/3 (Gardner 1979). Further special cases when 
AC = 1 + AB are considered by Gaba (1940). 


Pappus’s Hexagon Theorem 1303 


If B divides AC in the GOLDEN RATIO 4, then the cir- 
cles in the chain satisfy a number of other special prop- 
erties (Bankoff 1955). 


see also ARBELOS, COXETER’S LOXODROMIC SEQUENCE 
OF TANGENT CIRCLES, SODDY CIRCLES, STEINER 
CHAIN 
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Pappus-Guldinus Theorem 
see PAPPUS’S CENTROID THEOREM 


Pa us’s Harmonic Theorem 
pp 
Z 


A W B Y 


AW, AB, and AY in the above figure are in a HAR- 
MONIC RANGE. 


see also CEVA’S THEOREM, MENELAUS’ THEOREM 
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Pappus’s Hexagon Theorem 


If A, B, and C are three points on one LINE, D, E, and 
fF are three points on another LINE, and AE meets BD 
at X, AF meets CD at Y, and BF meets CE at Z, then 
the three points X, Y, and Z are COLLINEAR. Pappus’s 
hexagon theorem is essentially its own dual according to 
the DUALITY PRINCIPLE of PROJECTIVE GEOMETRY. 


1304 Pappus’s Theorem 


see also CAYLEY-BACHARACH THEOREM, DESARGUES’ 
THEOREM, DUALITY PRINCIPLE, PASCAL’S ‘THEOREM, 
PROJECTIVE GEOMETRY 
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Pappus’s Theorem 
There are several THEOREMS that generally are known 
by the generic name “Pappus’s Theorem.” 


see also PAPPUS’S CENTROID THEOREM, PAPPUS 
CHAIN, PAPPUS'S HARMONIC THEOREM, PAPPUS’S 
HEXAGON THEOREM 


Parabiaugmented Dodecahedron 
see JOHNSON SOLID 


Parabiaugmented Hexagonal Prism 
see JOHNSON SOLID 


Parabiaugmented Truncated Dodecahedron 
see JOHNSON SOLID 


Parabidiminished Rhombicosidodecahedron 
see JOHNSON SOLID 


Parabigyrate Rhombicosidodecahedron 
see JOHNSON SOLID 


Parabola 


- + == . directrix 
The set of all points in the PLANE equidistant from a 
given LINE (the DIRECTRIX) and a given point not on 
the line (the Focus). 


The parabola was studied by Menaechmus in an attempt 
to achieve CUBE DUPLICATION. Menaechmus solved the 
problem by finding the intersection of the two parabolas 
r? = y and y? = 2z. Euclid wrote about the parabola, 
and it was given its present name by Apollonius. Pascal 
considered the parabola as a projection of a CIRCLE, and 
Galileo showed that projectiles falling under uniform 
gravity follow parabolic paths. Gregory and Newton 
considered the CATACAUSTIC properties of a parabola 
which bring parallel rays of light to a focus (MacTutor 
Archive). 


Parabola 


For a parabola opening to the right, the equation in 
CARTESIAN COORDINATES is 


VEA =s a) 


(2 —p)? + y? =(2+p) (2) 
2? — pr +p + y? = r + 2p3 +p (3) 
y = Ape. (4) 


If the VERTEX is at (xo, yo) instead of (0, 0), the equa- 
tion is 
(y — yo)” = 4p(a — 20). (5) 


If the parabola opens upwards, 


z’ = Apy (6) 


(which is the form shown in the above figure at left). 
The quantity 4p is known as the LATUS RECTUM. In 
POLAR COORDINATES, 


e 2a 
~ 1-—cos@ 


(7) 


T 


In PEDAL COORDINATES with the PEDAL POINT at the 
Focus, the equation is 


p =ar. (8) 
The parametric equations for the parabola are 


x = 2at (9) 
y = at’. (10) 


s(t} 


kit) 
phi (t) 


t t t 
The CURVATURE, ARC LENGTH, and TANGENTIAL AN- 
GLE are 


ge ENSUE (11) 
s(t) =tyY1+t +sinh 7? t (12) 
b(t) = tan? t. (13) 


The TANGENT VECTOR of the parabola is 


1 
t 
yr(t) = AR (15) 


The plots below show the normal and tangent vectors 
to a parabola. 
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Parabola Caustic 


see also CONIC SECTION, ELLIPSE, HYPERBOLA, QUAD- 
RATIC CURVE, REFLECTION PROPERTY, 'T'SCHIRN- 
HAUSEN CUBIC PEDAL CURVE 
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Parabola Caustic 

The CAUSTIC of a PARABOLA with rays PERPENDICU- 
LAR to the axis of the PARABOLA is TSCHIRNHAUSEN 
CUBIC. 


Parabola Evolute 
Given a PARABOLA 
2 
UE (1) 


the parametric equation and its derivatives are 


The RADIUS OF CURVATURE is 


(1? a A (1 + 4t?)9/2 


R = Ey" = ey! 2 (3) 
The TANGENT VECTOR is 
a 1 1 
T= — , 4 
V1 + 4t? PA (4) 
so the parametric equations of the evolute are 
E = -4t* (5) 


n= 4 +3, | (6) 


Parabola Inverse Curve 1305 
and 
ad (7) 
(n-i) = (8) 
in-i) = (e (9) 


2€ 2/3 
a-a) =(-S) =i. (10) 
The EVOLUTE is therefore 
n=i020 + 5. (11) 


This is known as NEILE’S PARABOLA and is a SEMICU- 
BICAL PARABOLA. From a point above the evolute three 
normals can be drawn to the PARABOLA, while only one 
normal can be drawn to the PARABOLA from a point 
below the EVOLUTE. 


see also NEILE’S PARABOLA, PARABOLA, SEMICUBICAL 
PARABOLA 


Parabola Inverse Curve 
The INVERSE CURVE for a PARABOLA given by 


xz = at? (1) 
y = 2at (2) 


with INVERSION CENTER (£o, yo) and INVERSION RA- 
DIUS k is 


k(at? — xo) 
= Se eee a 3 
oer (at? + zo)? + (2at — yo)? (3) 
k(2at = Yo) 
= pene a AAN 4 
A a OA" (4) 


/ ge we 
! i ra 
G Ep q 
\ A K 

For (xo, yo) = (a, 0) at the Focus, the INVERSE CURVE 
is the CARDIOID 


La Hé-1) 
=) a ey (5) 
2kt 
AOS ds 


1306 Parabola Involute 


For (Zo, yo) = (0,0) at the VERTEX, the INVERSE CURVE 
is the CISSOID OF DIOCLES 


k 
r= G+) a 
2k 
Y= a+ ey (8) 
Parabola Involute 
dr 1 
dt EA (1) 
a 1 1 
T = —_. 2 
Vitae A 5 
ds? = |dr|? = (1 + 4t?) dt? (3) 
ds = y 1 + 4t? dt (4) 


s= [Vi+Pa= y 1 + 4t? + 4 sinh™*(2t). (5) 


So the equation of the INVOLUTE is 


4 t 1/14 482 + ]sinh"*(2£) | 1 
r: = r— sL = ay p U 
t? Vi + 42 2t 
= 1 t— z sinh (2) (6) 
2/1 + 42? — sinh (2t) 


Parabola Pedal Curve 
| y / 


On the DIRECTRIX, the PEDAL CURVE of a PARABOLA is 
a STROPHOID (top left). On the foot of the DIRECTRIX, 
itis a RIGHT STROPHOID (top middle). On reflection of 
the Focus in the DIRECTRIX, it is a MACLAURIN TRI- 
SECTRIX (top right). On the VERTEX, it is a CISSOID OF 
DIOCLES (bottom left). On the Focus, it is a straight 
line (bottom right). 
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Parabolic Coordinates 


Parabolic Coordinates 
2 


u constant 


v constant 


A system of CURVILINEAR COORDINATES in which two 
sets of coordinate surfaces are obtained by revolving the 
parabolas of PARABOLIC CYLINDRICAL COORDINATES 
about the z-AXIS, which is then relabeled the 2-AXIS. 
There are several notational conventions. Whereas 
(u, v, @) is used in this work, Arfken (1970) uses (£, y, p). 


The equations for the parabolic coordinates are 


£ = uucosé (1) 
y = uvsin (2) 
z= (uu), (3) 


where u € [0, 20), v € [0,00), and @ € [0,27). To solve 
for u, v, and ĝ, examine 


t? ty? +z? = ute? + Hut — 270 +0!) 
= Hu? + 2u vu” + v*) 


= iu? +07), (4) 


so 


and 


yVai+y+rz2tz=u (6) 
r? +y +z =z. (7) 


We therefore have 


E a a (8) 
v= AT Fy pe (9) 


O = tan”! (2) (10) 


T 


The SCALE FACTORS are 


Parabolic Cyclide 
The LINE ELEMENT is 
ds? = (u? + v?)(du? + dv?) + uu? dé”, (14) 
and the VOLUME ELEMENT is 
dV = uv(u* + v’) du du dé. (15) 


The LAPLACIAN is 


er Lou (an) + a (195) 


1 f 
uy? 062 
1 af 
uv? 662 
1 Of 
u2y? 802 ` 


(16) 


= aa lada (054) + 556 ("35)]+ 
1 (EL 4 FFs of. SE 


u? + y? 


udu Ou2 ' vóv ðv? 


The HELMHOLTZ DIFFERENTIAL EQUATION is SEPARA- 
BLE in parabolic coordinates. 


see also CONFOCAL PARABOLOIDAL COORDINATES, 
HELMHOLTZ DIFFERENTIAL EQUATION—PARABOLIC 
COORDINATES, PARABOLIC CYLINDRICAL COORDI- 
NATES 
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Parabolic Cyclide 
A CYCLIDE formed by inversion of a STANDARD TORUS 
when the sphere of inversion is tangent to the torus. 


see also PARABOLIC HORN CYCLIDE, PARABOLIC RING 
CYCLIDE, PARABOLIC SPINDLE CYCLIDE 


Parabolic Cylinder 


FFL 


A QUADRATIC SURFACE given by the equation 


q? + 2rz =0. 
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Parabolic Cylinder Function 

These functions are sometimes called WEBER FUNC- 
TIONS. Whittaker and Watson (1990, p. 347) define the 
parabolic cylinder functions as solutions to the WEBER 
DIFFERENTIAL EQUATION 


The two independent solutions are given by D,,(z) and 

D_.-1(2e"/?), where 

A a ld) (2) 
| a Py as ae a , 

= M241 4,-1/4(92 ) 


DZS 


T(- Lignan tag ti 


M,,j241/4,1/4(42°). (3) 
T(-3n) g 


+ 


Here, Waywl(z) is a WHITTAKER FUNCTION and 
Ma p(z) = 1Fı (a;b; z) are CONFLUENT HYPERGEOMET- 
RIC FUNCTIONS. 


Abramowitz and Stegun (1972, p. 686) define the para- 
bolic cylinder functions as solutions to 


y” + (ar? + bx +c) = 0. (4) 
This can be rewritten by COMPLETING THE SQUARE, 
ji b y p? y 
—| - — =0. 5 


Now letting 


b 
du = dz (7) 
gives 
dy 2 
2g du=0 8 
A + (au? + d)y (5) 
where 
_ & 9 
= da +e. ( ) 


Equation (4) has the two standard forms 
y — (42° +a)y=0 (10) 


y” + (42° — ajy = 0. (11) 


For a general a, the EVEN and ODD solutions to (10) 
are 


oga 

yıls) =e G 1Fi(4a + 4; 1; 427) (12) 
2 

y(x) = ue * ra iF, (5a + 


Ala ~= 


) 
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where 1F,(a;b;z) is a CONFLUENT HYPERGEOMETRIC 


FUNCTION. If y(a, x) is a solution to (10), then (11) has 
solutions 


y(tia, 2eF"/%), y(tia, —-2eF7/%), (14) 
Abramowitz and Stegun (1972, p. 687) define standard 


solutions to (10) as 


U(a, 1) =cos[T(1 + La)]Y, —sin[m(¿ + 5a)]Y2 (15) 
ns sin[T(3 + $a)]¥i + cos[r(3 + 5a)]Y2 (16) 
? r(} E a) ) 
where 
y = LPG 34) 
Li Jr 92/2+1/4 yı 
1 rT 1 _ La) ae 
= Faajmij * A A(Ga+ 959592) (17) 
= Jr 22/241/4 92 
1 1G - 34) 


(18) 
In terms of Whittaker and Watscn's functions, 
U(a, x) = D_a-1/2(2) (19) 
V (a, 2) 
e rs + a)(sin(7a)D_a-1/2(2) + D_a-1/2(—-2)] (20) 


T 


For NONNEGATIVE INTEGER n, the solution D,, reduces 
to 


D,(1) = A: (3) = e* /4He, (2), 
(21) 


where H,(xz) is a HERMITE POLYNOMIAL and He, is a 
modified HERMITE POLYNOMIAL. 


The parabolic cylinder functions D, satisfy the RECUR- 
RENCE RELATIONS 


Dy+1(2) — zD (z) + vD,.1(z) =0 (22) 


D(2) + 42Dy(z) — vD,-1(2) =0. (23) 


The parabolic cylinder function for integral n can be 
defined in terms of an integral by 


DAZ) = = J sin(n — z sin 0) dé (24) 
0 


Parabolic Cylindrical Coordinates 


(Watson 1966, p. 308), which is similar to the ANGER 
FUNCTION. The result 


[ Dm(2)Dn(2) de = émpniv2r, (25) 


where 6;; is the KRONECKER DELTA, can also be used 
to determine the COEFFICIENTS in the expansion 


f(z) = Y anDn (26) 
as i SS 
For v real, | 
= 2 1/25= ¿Pol 3 — 31) — Pol—31) 
J [D, (t)]? dt = r27 a =) 


(28) 
(Gradshteyn and Ryzhik 1980, p. 885, 7.711.3), where 
T(z) is the GAMMA FUNCTION and ¢o(z) is the POLY- 
GAMMA FUNCTION of order 0. 


see also ANGER FUNCTION, BESSEL FUNCTION, DAR- 
WIN’S EXPANSIONS, HH FUNCTION, STRUVE FUNCTION 
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Parabolic Cylindrical Coordinates 


Parabolic Fixed Point 


A system of CURVILINEAR COORDINATES. There are 
several different conventions for the orientation and des- 
ignation of these coordinates. Arfken (1970) defines co- 
ordinates (€, 7, z) such that 


¿eo (1) 


y= Un -é) (2) 
2= Y (3) 


In this work, following Morse and Feshbach (1953), the 
coordinates (u, v, z) are used instead. In this convention, 
the traces of the coordinate surfaces of the ry-PLANE 
are confocal PARABOLAS with a common axis. The u 
curves open into the NEGATIVE x-AxIS; the v curves 
open into the POSITIVE z-AxXIs. The u and v curves 
intersect along the y-AXIS. 


z= ¿(u* —u”) (4) 
y = uv (5) 
z= 2, (6) 


where u € [0,00), v € [0,00), and z € (—00,00). The 
SCALE FACTORS are 


hy = Vu? + 4? (7 
he = y u? + v? (8) 


hg =. 


— 
co 09 
— — 


LAPLACE’S EQUATION is 


far (Er) poz (10) 


u? + 4? \ ðu? Av? 


The HELMHOLTZ DIFFERENTIAL EQUATION is SEPARA- 
BLE in parabolic cylindrical coordinates. 


see also CONFOCAL PARABOLOIDAL COORDINATES, 
HELMHOLTZ DIFFERENTIAL EQUATION—PARABOLIC 
CYLINDRICAL COORDINATES, PARABOLIC COORDI- 
NATES 
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Parabolic Fixed Point 
A FIXED POINT of a LINEAR TRANSFORMATION for 
which the rescaled variables satisfy 


($ — a)? +487 =0. 


see also ELLIPTIC FIXED POINT (MAP), HYPERBOLIC 
FIXED POINT (MAP), LINEAR TRANSFORMATION 
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Parabolic Geometry 
see EUCLIDEAN GEOMETRY 


Parabolic Horn Cyclide 


Al) 
Q 


\ 


A PARABOLIC CYCLIDE formed by inversion of a HORN 
TORUS when the inversion sphere is tangent to the 
TORUS. 


see also CYCLIDE, PARABOLIC RING CYCLIDE, PARA- 
BOLIC SPINDLE CYCLIDE 


Parabolic Partial Differential Equation 
A PARTIAL DIFFERENTIAL EQUATION of second-order, 
i.e., one of the form 


Auss + 2Buzy + Cuyy + Duz + Euy +F =0, (1) 


is called parabolic if the MATRIX 


A B 
z=|% o (2) 


satisfies det(Z) = 0. The HEAT CONDUCTION EQUA- 
TION and other diffusion equations are examples. Initial- 
boundary conditions are used to give 


u(z,t)=g(2,t) forz €00,t>0 (3) 
u(z,0)= v(x) for x EQ, (4) 
where 
Usa = f (Ue; Uy, u, £, y) (5) 
holds in Q. 


see also ELLIPTIC PARTIAL DIFFERENTIAL EQUATION, 
HYPERBOLIC PARTIAL DIFFERENTIAL EQUATION, PAR- 
TIAL DIFFERENTIAL EQUATION 


Parabolic Point 

A point p on a REGULAR SURFACE M € R? is said to 
be parabolic if the GAUSSIAN CURVATURE K(p) = 0 
but S(p) # 0 (where S is the SHAPE OPERATOR), or 
equivalently, exactly one of the PRINCIPAL CURVATURES 
kı and Ka is 0. 

see also ANTICLASTIC, ELLIPTIC POINT, GAUSSIAN 
CURVATURE, HYPERBOLIC POINT, PLANAR POINT, 
SYNCLASTIC 
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Parabolic Ring Cyclide 


A PARABOLIC CYCLIDE formed by inversion of a RING 
TORUS when the inversion sphere is tangent to the 
TORUS. 


see also CYCLIDE, PARABOLIC HORN CYCLIDE, PARA- 
BOLIC SPINDLE CYCLIDE 


Parabolic Rotation 
The MAP 


ze =gz+1 (1) 
y =2e+y+1, (2) 


which leaves the PARABOLA 
z” —y' = (æ +1) — (2z +y+1)=z°-y (3) 


invariant. 


see also PARABOLA, ROTATION 


Parabolic Segment 


The ARC LENGTH of the parabolic segment shown above 


is given by 
4y2 + y? 
OS (1) 


2 2a + 
s= VET Em A 


The AREA contained between the curves 


y= x (2) 
y=ar+b (3) 


can be found by eliminating y, 
z? —ar—b=0, (4) 


so the points of intersection are 


z+ = ¿(a+ ya? + 4b). (5) 


Parabolic Segment 


Therefore, for the AREA to be NONNEGATIVE, a? + 4b > 
0, and 


e+ = La? + 20/02 + b2 + a” +4b) 
= 1(2a* + 4b + 2av/a? + 4b) 
= 1 (a° + 2b+av/a? + 4b), (6) 


so the AREA is 
A= [((az + b) — a] dz 


Tes 2 1 _3](a+y a? +4b)/2 


Ty -r= z (a? + 2ar/a? + 4b+ a” + 4b) 
— (a? — 2a a? + 4b + a? + 4b)| 
=ł day/a +46 | =ay a? +4b (8) 
2 — g? = (z4 — g- )(£4° + 0-24 +27) 
= ya? +45 (a? + 2ar/a? + 4b+ a7 + 4b) 
4ta? — (a? + 4b)] + (a? — 2ay/a? + 4b + a? +45) } 
= 1,/q2 + 4b (4a? + 4b) = Ya? + 4b(a? +b). (9) 
So 
A=1l0 Ya? + 4b + bv/a? + 4b = F(a” +b) ya? + 4b 
= ya? + 4b [(2 — ha” + 0(1 — 4)| 
= Za” + 2b) V a? + 4b 
= La? + 4b)\/a? + 4b = 4 (a° + ayy. (10) 


We now wish to find the maximum AREA of an inscribed 
TRIANGLE. This TRIANGLE will have two of its VER- 
TICES at the intersections, and ÁREA 


An = 5 (rye — ty- = tyy + ryg tiya — Z-y+4). 


(11) 
But ys. = 2.7, SO 
An = (2-8, — Ey- — 0424" 
+ DrYx + T+Y- — T-Y4) 
= [o (w+ — x-) + ae(y+ — y-) 
+ (eyy- —2-ya) (12) 


The maximum AREA will occur when 


osa = }[-2(e, — s—)æ, + (y+ —y-)]=0. (13) 


Parabolic Segment 


But 

Ty —=E-= Va? + 4b (14) 

y+ — y- = aya? + 4b, (15) 
ve 1 y+ — y- 1 

La = 5 eee = za (16) 
and 


+Hayy-—2-Y4+)]. (17) 
Working on the third term 


r+y- =Ha+ y'a? + 4b)(a? + 2b — ay'a? + 4b) 
= } a? + 2ab - a? a? + 4b +a? 4/a? + 4b 
+ 2bx/a? + 4b— ala” + 4b)| 

[-2ab + 2b/a2 + 4b] (18) 

(a — yal + 4b)(a? + 2b + aya? + 4b) 

fa? + 2ab + a? \/a? + 4b — a? /a? + 4b 


— 2bx/a? + 4b— ala” + 4b)] 


8 
l 
w 
+ 
| 
haje Aje Ble 


¿[-2ab — 2by/a? + 4b], (19) 
so 
yy — 2-Y4 = {(4by a? + 4b) = bya? + 4b (20) 
and 
Aa = 3(-4a? Va? + 4b + ba? Va? + 4b 4 bya? +b?) 
= 3y a? + 4b (4 — Da? +] = 14/a? + 4b(La” +b) 
= 14/a? + 4b (a? + 4b) = L(a? + 4b3?, (21) 


which gives the result known to Archimedes in the third 
century BC that 


a | 
3" (22) 


00) || 


The AREA of the parabolic segment of height h opening 
upward along the y-AXIS is 


A 
A= 2 | Jy dy = 14%. (23) 
0 


The weighted mean of y is 
Rh h 
3 
(y) = 2 | yvy dy = 2 | yr? dy = $h5°?. (24) 
0 0 
The CENTROID is then given by 
(Y) 3 
aa aa (25) 
see also CENTROID (GEOMETRIC), PARABOLA, SEG- 
MENT 
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Parabolic Spindle Cyclide 


A PARABOLIC CYCLIDE formed by inversion of a SPIN- 
DLE TORUS when the inversion sphere is tangent to the 
TORUS. 


see also CYCLIDE, PARABOLIC HORN CYCLIDE, PARA- 
BOLIC RING CYCLIDE 


Parabolic Spiral 
see FERMAT’S SPIRAL 


Parabolic Umbilic Catastrophe 


A CATASTROPHE which can occur for four control fac- 
tors and two behavior axes. 


Paraboloid 


The SURFACE OF REVOLUTION of the PARABOLA. It is 
a QUADRATIC SURFACE which can be specified by the 
Cartesian equation 


z = a(z? +y"), (1) 


or parametrically by 


z(u,v) = yu cosv (2) 
y(u,v) = Yu sinv (3) 
z(u,v) = u, (4) 


where u € [0, h], v € [0, 27r), and h is the height. 


The VOLUME of the paraboloid is 


h 
v= | zdz = inh’. (5) 
0 
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The weighted mean of z over the paraboloid is 


h 
E a z’ dz = inh’. (6) 
0 

The CENTROID is then given by 

y z 

z= El = 2h (7) 
(Beyer 1987). 
see also ELLIPTIC PARABOLOID, HYPERBOLIC 


PARABOLOID, PARABOLA 
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Paraboloid Geodesic 
A GEODESIC on a PARABOLOID has differential param- 
eters defined by 


_ (Ox y* dy y? ðz\? 
PA R) 


cos?v sin’? v 1 
=o ia + o 1+ de (1) 
Q= 0 zx 0? y + 07 z 
ðuðv ðuðv  0u0v 
= 0 + ucos’ v + usin’ v =u (2) 
sin v COS YU 1 
R=0- = — si ! 3 
Ya ET SN sinv). (3) 


The GEODESIC is then given by solving the EULER- 
LAGRANGE DIFFERENTIAL EQUATION 


oP 18 RƏR 
aP + Q'S PRE qg 


2./P+2Q0'+ Ry? du 


Q + Rv’ 


4/P + 2Qv' + Ru” 
(4) 


As given by Weinstock (1974), the solution simplifies to 


2 
u eg & 


= u(1 + 4c”) sin? {v — 2cln[k(2\/u — c? + V4u + 1))]}. 
(5) 


see also GEODESIC 
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Paraboloidal Coordinates 
see CONFOCAL PARABOLOIDAL COORDINATES 


Paradox 


Paracompact Space 

A paracompact space is a HAUSDORFF SPACE such that 
every open COVER has a LOCALLY FINITE open REFINE- 
MENT. Paracompactness is a very common property 
that TOPOLOGICAL SPACES satisfy. Paracompactness is 
similar to the compactness property, but generalized for 
slightly “bigger” SPACES. All MANIFOLDS (e.g, second 
countable and Hausdorff) are paracompact. 


see also HAUSDORFF SPACE, LOCALLY FINITE SPACE, 
MANIFOLD, TOPOLOGICAL SPACE 


Paracycle 
see ASTROID 


Paradox 

A statement which appears self-contradictory or con- 
trary to expectations, also known as an ANTINOMY. 
Bertrand Russell classified known logical paradoxes into 
seven categories. 


Ball and Coxeter (1987) give several examples of geo- 
metrical paradoxes. 


see also ALIAS’ PARADOX, ARISTOTLE’S WHEEL PARA- 
DOX, ARROW’S PARADOX, BANACH-TARSKI PARA- 
DOX, BARBER PARADOX, BERNOULLI’S PARADOX, 
BERRY PARADOX, BERTRAND’S PARADOX, CANTOR’S 
PARADOX, COASTLINE PARADOX, COIN PARADOX, 
ELEVATOR PARADOX, EPIMENIDES PARADOX, EU- 
BULIDES PARADOX, GRELLING’S PARADOX, HAUS- 
DORFF PARADOX, HEMPEL’S PARADOX, HETERO- 
LOGICAL PARADOX, LEONARDO’S PARADOX, LIAR’S 
PARADOX, LOGICAL PARADOX, POTATO PARADOX, 
RICHARD’S PARADOX, RUSSELL’S PARADOX, SAINT PE- 
TERSBURG PARADOX, SIEGEL’S PARADOX, SIMPSON’S 
PARADOX, SKOLEM PARADOX, SMARANDACHE PARA- 
DOX, SOCRATES’ PARADOX, SORITES PARADOX, THOM- 
SON LAMP PARADOX, UNEXPECTED HANGING PARA- 
DOX, ZEEMAN’S PARADOX, ZENO’S PARADOXES 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, pp. 84-86, 
1987. 

Bunch, B. Mathematical Fallacies and Paradores. New York: 
Dover, 1982. 

Carnap, R. Introduction to Symbolic Logic and Its Applica- 
tions. New York: Dover, 1958. 

Curry, H. B. Foundations of Mathematical Logic. New York: 
Dover, 1977. 

Kasner, E. and Newman, J. R. “Paradox Lost and Paradox 
Regained.” In Mathematics and the Imagination. Red- 
mond, WA: Tempus Books, pp. 193-222, 1989. 

Northrop, E. P. Riddles in Mathematics: A Book of Para- 
doxes. Princeton, NJ: Van Nostrand, 1944. 

O’Beirne, T. H. Puzzles and Paradoxes. New York: Oxford 
University Press, 1965. 

Quine, W. V. “Paradox.” Sci. Amer. 206, 84-96, Apr. 1962. 


Paradromic Rings 


Paradromic Rings 

Rings produced by cutting a strip that has been given 
m half twists and been re-attached into n equal strips 
(Ball and Coxeter 1987, pp. 127-128). 


see also MOBIUS STRIP 
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Paragyrate Diminished Rhombicosidodeca- 
hedron 
see JOHNSON SOLID 


Parallel 


Two lines in 2- dimensional EUCLIDEAN SPACE are said 
to be parallel if they do not intersect. In 3-dimensional 
EUCLIDEAN SPACE, parallel lines not only fail to inter- 
sect, but also maintain a constant separation between 
points closest to each other on the two lines. (Lines in 
3-space which are not parallel but do not intersect are 
called SKEW LINES.) 


In a NON-EUCLIDEAN GEOMETRY, the concept of par- 
allelism must be modified from its intuitive meaning. 
This is accomplished by changing the so-called PARAL- 
LEL POSTULATE. While this has counterintuitive re- 
sults, the geometries so defined are still completely self- 
consistent. 

see also ANTIPARALLEL, HYPERPARALLEL, LINE, NON- 
EUCLIDEAN GEOMETRY, PARALLEL CURVE, PARALLEL 
POSTULATE PERPENDICULAR, SKEW LINES 


Parallel Axiom 
see PARALLEL POSTULATE 


Parallel Class 

A set of blocks, also called a RESOLUTION CLASS, that 
partition the set V, where (V, B} is a balanced incom- 
plete BLOCK DESIGN. 


see also BLOCK DESIGN, RESOLVABLE 
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Parallel Curve 


Parallel Postulate 1313 


The two branches of the parallel curve a distance k away 
from a parametrically represented curve (f(t), g(t)) are 
oe! ee 
/ fr ok g’? 
k f 
y =g F sA 
/ pe + gr? 


The above figure shows the curves parallel to the EL- 
LIPSE. 


ee fl 
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Parallel Postulate 

Given any straight line and a point not on it, there “ex- 
ists one and only one straight line which passes” through 
that point and never intersects the first line, no matter 
how far they are extended. This statement is equivalent 
to the fifth of EUCLID’S POSTULATES, which Euclid him- 
self avoided using until proposition 29 in the Elements. 
For centuries, many mathematicians believed that this 
statement was not a true postulate, but rather a theorem 
which could be derived from the first four of EUCLID’S 
POSTULATES. (That part of geometry which could be 
derived using only postulates 1-4 came to be known as 
ABSOLUTE GEOMETRY.) 


Over the years, many purported proofs of the parallel 
postulate were published. However, none were correct, 
including the 28 “proofs” G. S. Klúgel analyzed in his 
dissertation of 1763 (Hofstadter 1989). In 1823, Janos 
Bolyai and Lobachevsky independently realized that en- 
tirely self-consistent “NON-EUCLIDEAN GEOMETRIES”. 
could be created in which the parallel postulate did not 
hold. (Gauss had also discovered but suppressed the 
existence of non-Euclidean geometries.) 7 


As stated above, the parallel postulate describes the 
type of geometry now known as PARABOLIC GEOME- 
TRY. If, however, the phrase “exists one and only one 
straight line which passes” is replace by “exist no line 
which passes,” or “exist at least two lines which pass,” 
the postulate describes equally valid (though less intu- 
itive) types of geometries known as ELLIPTIC and Hy- 
PERBOLIC GEOMETRIES, respectively. 


The parallel postulate is equivalent to the EQUIDIS- 
TANCE POSTULATE, PLAYFAIR’S AXIOM, PROCLUS’ AX- 
IOM, TRIANGLE POSTULATE. There is also a single par- 
allel axiom in HILBERT’S AXIOMS which is equivalent to 
Euclid's parallel postulate. 


1314 Parallel (Surface of Revolution) 


see also ABSOLUTE GEOMETRY, EUCLID’S AXIOMS, 
EUCLIDEAN GEOMETRY, HILBERT’S AXIOMS, NON- 
EUCLIDEAN GEOMETRY, PLAYFAIR’S AXIOM, TRIAN- 
GLE POSTULATE 
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Parallel (Surface of Revolution) 

A parallel of a SURFACE OF REVOLUTION is the inter- 
section of the surface with a PLANE orthogonal to the 
axis of revolution. 


see also MERIDIAN, SURFACE OF REVOLUTION 
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Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, p. 358, 1993. 


Parallelepiped 

In 3-D, a parallelepiped is a PRISM whose faces are all 
PARALLELOGRAMS. The volume of a 3-D parallelepiped 
is given by the SCALAR TRIPLE PRODUCT 


Vparallelepiped = |B i (B x C)| 
=|C-(A x B)| =|B-(C x A)|. 


In n-D, a parallelepiped is the POLYTOPE spanned by 
n VECTORS vi, ..., Wn in a VECTOR SPACE over the 
reals, 


span(v1,...,Vn) =fivit...+tnvVn, 


where t; € [0,1] for i = 1, ..., n. In the usual inter- 
pretation, the VECTOR SPACE is taken as EUCLIDEAN 
SPACE, and the CONTENT of this parallelepiped is given 
by 

abs(det(vi,. 


a) 


where the sign of the determinant is taken to be the 
“orientation” of the “oriented volume” of the parallele- 
piped. 

see also PRISMATOID, RECTANGULAR PARALLELE- 
PIPED, ZONOHEDRON 
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Phillips, A. W. and Fisher, I. Elements of Geometry. New 
York: Amer. Book Co., 1896. 


Parallelism 
see ANGLE OF PARALLELISM 


Parallelogram 


Parallelizable 

A sphere S” is parallelizable if there exist n cuts contain- 
ing linearly independent tangent vectors. There exist 
only three parallelizable spheres: S*, SŽ, and S” (Adams 
1962, Le Lionnais 1983). 


see also SPHERE 
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Adams, J. F. “On the Non-Existence of Elements of Hopf 
Invariant One.” Bull. Amer. Math. Soc. 64, 279-282, 
1958. 

Adams, J. F. “On the Non-Existence of Elements of Hopf 
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Parallelogram 


h a 
A b B 


A QUADRILATERAL with opposite sides parallel (and 
therefore opposite angles equal). A quadrilateral with 
equal sides is called a RHOMBUS, and a parallelogram 
whose ANGLES are all RIGHT ANGLES is called a RECT- 
ANGLE. 


A parallelogram of base b and height h has AREA 
A = bh = absin A = absin B. (1) 
The height of a parallelogram is 
h = asin A = asin B, (2) 


and the DIAGONALS are 


p= y a? + b? — 2ab cos A (3) 
q = y a? + b? — 2ab cos B (4) 
= y a? + b? + 2ab cos A (5) 


(Beyer 1987). 


The AREA of the parallelogram with sides formed by the 
VECTORS (a,c) and (b, d) is 


A=aet(]? Ay = lad — be}. (6) 


Given a parallelogram P with area A(P) and linear 
transformation T, the AREA of T(P) is 


A(T(P)) = 


a b 
A 5] a), (7) 
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Parallelogram Illusion 


As shown by Euclid, if lines parallel to the sides are 
drawn through any point on a diagonal of a parallelo- 
gram, then the parallelograms not containing segments 
of that diagonal are equal in AREA (and conversely), so 
in the above figure, A; = Az (Johnson 1929). 


see also DIAMOND, LOZENGE, PARALLELOGRAM ILLU- 
SION, RECTANGLE, RHOMBUS, VARIGNON PARALLELO- 
GRAM, WITTENBAUER’S PARALLELOGRAM 


References 
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Lo) 


The sides a and b have the same length, appearances to 
the contrary. 


Parallelogram Illusion 


Parallelogram Law 
Let |-| denote the NORM of a quantity. Then the quan- 
tities x and y satisfy the parallelogram law if 


lle + yl? + lle — yl? = ial? + 211yl. 


If the NORM is defined as |f| = ./(f|f) (the so-called 
L2-NORM), then the law will always hold. 


see also L2-NORM, NORM 


Parallelohedron 

A special class of ZONOHEDRON. There are five par- 

allelohedra with an infinity of equal and similarly sit- 

uated replicas which are SPACE-FILLING POLYHEDRA: 

the CUBE, ELONGATED DODECAHEDRON, hexagonal 

PRISM, RHOMBIC DODECAHEDRON, and TRUNCATED 
OCTAHEDRON. 


see also PARALLELOTOPE, SPACE-FILLING POLYHE- 
DRON 


References 
Coxeter, H. S. M. Regular Polytopes, 3rd ed. New York: 
Dover, p. 29, 1973. 
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Parallelotope 

Move a point Ilo along a LINE for an initial point to a 
final point. It traces out a LINE SEGMENT Il. When 
II, is translated from an initial position to a final po- 
sition, it traces out a PARALLELOGRAM lz. When Iz 
is translated, it traces out a PARALLELEPIPED I. The 
generalization of II, to n-D is then called a parallelo- 
tope. II, has 2” vertices and 


no) 


Ips, where (7) is a BINOMIAL COEFFICIENT and k = 0, 
1,..., n (Coxeter 1973). These are also the coefficients 
of (2k +1)”. 

see also HONEYCOMB, HYPERCUBE, ORTHOTOPE, PAR- 
ALLELOHEDRON 
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Paralogic Triangles 

At the points where a line cuts the sides of a TRIAN- 
GLE AA, A2A3, perpendiculars to the sides are drawn, 
forming a TRIANGLE AB,B2B3 similar to the given 
TRIANGLE. The two triangles are also in perspective. 
One point of intersection of their CIRCUMCIRCLES is the 
SIMILITUDE CENTER, and the other is the PERSPECTIVE 
CENTER. The CIRCUMCIRCLES meet ORTHOGONALLY. 


see also CIRCUMCIRCLE, ORTHOGONAL CIRCLES, PER- 
SPECTIVE CENTER, SIMILITUDE CENTER 
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Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
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Parameter 

A parameter m used in ELLIPTIC INTEGRALS defined 
to be m = k?, where k is the MODULUS. An ELLIPTIC 
INTEGRAL is written I(¢|m) when the parameter is used. 
The complementary parameter is defined by 


m =l-m, (1) 


where m is the parameter. Let q be the NOME, k the 
MODULUS, and m = k? the PARAMETER. Then 

a(m) = e7"K'(m)/K(m) (2) 
where K(m) is the complete ELLIPTIC INTEGRAL OF 
THE FIRST KIND. Then the inverse of g(m) is given by 


824 (q) (3) 
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where Y; is a THETA FUNCTION. 


see also AMPLITUDE, CHARACTERISTIC (ELLIPTIC IN- 
TEGRAL), ELLIPTIC INTEGRAL, ELLIPTIC INTEGRAL OF 
THE FIRST KIND, MODULAR ANGLE, MODULUS (EL- 
LIPTIC INTEGRAL), NOME, PARAMETER, THETA FUNC- 
TION 
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Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
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Parameter (Quadric) 
The number @ in the QUADRIC 
y? y 7? 


OS eee See ai 
ep po eae 


is called the parameter. 
see also QUADRIC 


Parameterization 

The specification of a curve, surface, etc., by means of 
one or more variables which are allowed to take on values 
in a given specified range. 

see also ISOTHERMAL PARAMETERIZATION, REGULAR 
PARAMETERIZATION, SURFACE PARAMETERIZATION 


Parametric Latitude 

An AUXILIARY LATITUDE also called the REDUCED 
LATITUDE and denoted 7 or @. It gives the LATITUDE 
on a SPHERE of RADIUS a for which the parallel has the 
same radius as the parallel of geodetic latitude @ and 
the ELLIPSOID through a given point. It is given by 


n =tan"*(y1-—e? tan d). 


In series form, 


n= 04 — e, sin(2ġ) + Ley? sin(4p) — Le? sin(6@)+..., 


where 
= 1— V1-e? 
= 1+/1—e. 


see also AUXILIARY LATITUDE, ELLIPSOID, LATITUDE, 
SPHERE 
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Adams, O. 8. “Latitude Developments Connected with 
Geodesy and Cartography with Tables, Including a Table 
for Lambert Equal-Area Meridional Projections.” Spec. 
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Parametric Test 
A STATISTICAL TEST in which assumptions are made 
about the underlying distribution of observed data. 


Parodi’s Theorem 


Pareto Distribution 
The distribution 


References 
von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, p. 252, 1993. 


Parity 

The parity of a number n is the sum of the bits in BI- 
NARY representation (mod 2). The parities of the first 
few integers (starting with 0) are 0, 1, 1, 0, 1, 0, 0, 1, 1, 
0,0,... (Sloane’s A010060) summarized in the following 
table. 


N Binary Parity [N Binary Parity 


1 1 1 1011 1 
2 10 1 1100 0 
3 11 0 1101 1 
4 100 1 1110 1 
5 101 0 1111 0 
6 110 0 10000 1 
7 111 1 10001 0 
8 1000 1 10010 0 
9 1001 0 10011 1 
10 1010 0 10100 0 


The constant generated by the sequence of parity digits 
is called the THUE-MORSE CONSTANT. 


see also BINARY, THUE-MORSE CONSTANT 


References 
Sloane, N. J. A. Sequence A010060 in “An On-Line Version 
of the Encyclopedia of Integer Sequences.” 


Parity Constant 
see THUE-MORSE CONSTANT 


Parking Constant 
see RENYI’S PARKING CONSTANTS 


Parodi’s Theorem 
The EIGENVALUES À satisfying P(A) = 0, where P(A) is 
the CHARACTERISTIC POLYNOMIAL, lie in the unions of 
the DISKS 

jz) < 1 


lz +b] < Y [bs]. 
i=l 
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Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, p. 1119, 1979. 


Parry Circle 


Parry Circle 

The CIRCLE passing through the ISODYNAMIC POINTS 
and the CENTROID of a TRIANGLE (Kimberling 1998, 
pp. 227-228). 


see also CENTROID (TRIANGLE), ISODYNAMIC POINTS, 
PARRY POINT 


References 
Kimberling, C. “Triangle Centers and Central Triangles.” 
Congr. Numer. 129, 1-295, 1998. 


Parry Point 

The intersection of the PARRY CIRCLE and the CIRCUM- 
CIRCLE of a TRIANGLE. The TRILINEAR COORDINATES 
of the Parry point are 


a b c 
2a? — b? — e2 ` 2b? — c? — a? 2ce? — a? — b? 
(Kimberling 1998, pp. 227-228). 
see also PARRY CIRCLE 


References | 

Kimberling, C. “Parry Point.” http: //www.evansville.edu/ 
-ck6/tcenters/recent/parry.html. 

Kimberling, C. “Triangle Centers and Central Triangles.” 
Congr. Numer. 129, 1-295, 1998. 


Parseval's Integral 
The POISSON INTEGRAL with n = 0. 


Jo(z) = z = | cos(z cos 9) dé, 
0 


[T(n +5) 


where Jo(z) is a BESSEL FUNCTION OF THE FIRST KIND 
and T(z) is a GAMMA FUNCTION. 


Parseval’s Relation 
Let F(v) and G(v) be the FOURIER TRANSFORMS of 
f(t) and g(t), respectively. Then 


J f(t)g" (t) dt 
= f / F(we *"** dy a Aaa dv’ 
=d rw) f G*(v' jsf — v) dv’ dv 


= / F(v)G” (v) dv, 


see also FOURIER TRANSFORM, PARSEVAL’S ‘THEOREM 


References 
Arfken, G. Mathematical Methods for Physicists, 3rd ed. Or- 
lando, FL: Academic Press, p. 425, 1985. 


Parseval’s Theorem 1317 


Parseval’s Theorem 
Let E(t) be a continuous function and E(t) and E, be 
FOURIER TRANSFORM pairs so that 


E(t) = f Ese “du (1) 
E" (t) = J i ENE (2) 
Then 
a |E(t)|? dt = f E(t)E* (t) dt 


=o / De 7 w f Bye" ay dt 


as ieee pS ~~ 
= J J EJE e" dvdv dt 


OO Oo Oo , : 
de J / f EJE, e") dt dy dv’ 
= J J ó(v' — v)E, Ey" dv dv’ 


=| BE dy = | [EL dv. (3) 


where 6(x — zo) is the DELTA FUNCTION. 


For finite FOURIER TRANSFORM pairs h; and Hn, 


N-1 


N-1 
2. 1 2 
hl? = 7 En. (4) 
n=0 
If a function has a FOURIER SERIES given by 


f(a) = 540 + de An cos(nx) + y bnsin(nz), (5) 


then BESSEL’S INEQUALITY becomes an equality known 
as Parseval’s theorem. From (5), 


oOo 


[f(x)|° = Lao” + ao N lan cos(nx) + bn sin(nz)| 


nmol 


4 y 3 [An Am cos(nx) cos(mx) 


n=1m=1 
+anbm cos(nz) sin(mz) + ambn sin(nz) cos(mz) 
+brbm sin(nx) sin(mz)). (6) 
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Integrating 


/ *[f(@)]? de = Bao” J : dz 


+40 | S Tan cos(nzx) + bn sin(nx)] dz 


n=l 


ste a > y [anam cos(nx) cos(mx) 


n=l m=l1 
+anbm cos(nz) sin(mx) + amb, sin(nz) cos(mx) 
+bnbm sin(nx) sin(mx)] de = tao’ (211) +0 
+ y ` [An am Tónm + 0 +0 + bnbmTÓónm), (7) 
n=1m=1 
SO 


oO 


> [ [f(x)}? dr = Lap” En > F bn) (8) 


n=1 


For a generalized FOURIER SERIES with a COMPLETE 
BASIS {@;}?21, an analogous relationship holds. For a 
COMPLEX FOURIER SERIES, 


OO 


IO 


n=-— oo 
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Part Metric 
A METRIC defined by 


d(z,w) = sup | a 


we Hy, 


where H* denotes the POSITIVE HARMONIC FUNC- 
TIONS on a DOMAIN. The part metric is invariant under 
CONFORMAL MAPS for any DOMAIN. 


References 
Bear, H. S. “Part Metric and Hyperbolic Metric.” Amer. 
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Partial Derivative 

Partial derivatives are defined as derivatives of a func- 
tion of multiple variables when all but the variable of 
interest are held fixed during the differentiation. 


A a A N SS AAA A 
CI EE: 


(1) 


Partial Derivative 


The above partial derivative is sometimes denoted fz,,, 
for brevity. For a “nice” 2-D function f(z, y) (i.e., one 
for which f, fz, fy, fey, fyx exist and are continuous 
in a NEIGHBORHOOD (a,b)), then fey(a,b) = fyx(a, b). 
Partial derivatives involving more than one variable are 
called MIXED PARTIAL DERIVATIVES. 


For nice functions, mixed partial derivatives must be 
equal regardless of the order in which the differentiation 
is performed so, for example, 


fey = fye (2) 
foxy = fzyz z fyza. (3) 
For an EXACT DIFFERENTIAL, 
_ (2 of 
a= (35), a+ (E) ay, (4) 


SO 


(5) 


If the continuity requirement for MIXED PARTIALS is 
dropped, it is possible to construct functions for which 
MIXED PARTIALS are not equal. An example is the func- 
tion 


zy(2?—y?) e 
109 [57 &ev=o — @ 
0 for (x,y) = 0, 
which has fzy(0,0) = —1 and fyz(0,0) = 1 (Wagon 


1991). This function is depicted above and by Fischer 
(1986). 


Abramowitz and Stegun (1972) give FINITE DIFFER- 
ENCE versions for partial derivatives. 


see also ABLOWITZ-RAMANI-SEGUR CONJECTURE, DE- 
RIVATIVE, MIXED PARTIAL DERIVATIVE, MONKEY SAD- 
DLE 
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Partial Differential Equation 


Partial Difterential Equation 

A partial differential equation (PDE) is an equation in- 
volving functions and their PARTIAL DERIVATIVES; for 
example, the WAVE EQUATION 


Py Py Oy IY y 
ðr? y? 8z? v2 ðt?’ 


In general, partial differential equations are much more 
difficult to solve analytically than are ORDINARY DIF- 
FERENTIAL EQUATIONS. They may sometimes be solved 
using a BACKLUND TRANSFORMATION, CHARACTERIS- 
TIC, GREEN’S FUNCTION, INTEGRAL TRANSFORM, LAX 
PAIR, SEPARATION OF VARIABLES, or—when all else 
fails (which it frequently does)—numerical methods. 


Fortunately, partial differential equations of second- 
order are often amenable to analytical solution. Such 
PDEs are of the form 


Auss + 2Buzy + Cuyy + Dus + Eu, + F=0. (2) 


Second-order PDEs are then classified according to the 
properties of the MATRIX 


A B 
z= 5 J (3) 


as ELLIPTIC, HYPERBOLIC, or PARABOLIC. 


If Z is a POSITIVE DEFINITE MATRIX, i.e., det(Z) > 0, 
the PDE is said to be ELLIPTIC. LAPLACE’S EQUATION 
and POISSON’S EQUATION are examples. Boundary con- 
ditions are used to give the constraint u(x, y) = g(z, y) 
on 012, where 


Ura + Uyy = f (uz, Uy, U, a, y) (4) 


holds in Q. 


If det(Z) < 0, the PDE is said to be HYPERBOLIC. The 
WAVE EQUATION is an example of a hyperbolic par- 
tial differential equation. Initial-boundary conditions 
are used to give 


u(z,y,t)=9(2,y,t) forr€d0,t>0 (5) 


u(z,y,0) = vo(z,y) in Q | (6) 
ur(z,y,0) = uil(z,y) in Q, (7) 
where 
Uszy = f (Uz, Ut, £, Y) (8) 
holds in Q. 


If det(Z) = 0, the PDE is said to be parabolic. The 
HEAT CONDUCTION EQUATION equation and other dif- 
fusion equations are examples. Initial-boundary condi- 
tions are used to give 


ulx,t) = g(x,t) forxrece00,t>0 (9) 
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u(x,0)= v(x) for EQ, (10) 
where 
Use = fluz, Uy, U, T, Y) (11) 
holds in 22. 


see also BACKLUND TRANSFORMATION, BOUNDARY 
CONDITIONS, CHARACTERISTIC (PARTIAL DIFFEREN- 
TIAL EQUATION), ELLIPTIC PARTIAL DIFFERENTIAL 
EQUATION, GREEN’S FUNCTION, HYPERBOLIC PAR- 
TIAL DIFFERENTIAL EQUATION, INTEGRAL TRANS- 
FORM, JOHNSON’S EQUATION, LAX PAIR, MONGE- 
AMPERE DIFFERENTIAL EQUATION, PARABOLIC PAR- 
TIAL DIFFERENTIAL EQUATION, SEPARATION OF VARI- 
ABLES 
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Partial Fraction Decomposition 

A RATIONAL FUNCTION P(z)/Q(z) can be rewritten 
using what is known as partial fraction decomposition. 
This procedure often allows integration to be performed 
on each term separately by inspection. For each factor 
of Q(x) the form (az + b)™, introduce terms 


Aj Ag Am 


ax + b Geo Grea (1) 


For each factor of the form (az? + bx + c)”, introduce 
terms 


Az + Bı Asz + Bo Amz+ Bm 
az?+be+ec (az? +bzr+e) `` (ax?t+bx4c)m 
(2) 
Then write 
P(x) a Aj Agr + Bə (3) 
Q(z) at+b  —— az?+br+e 


and solve for the A;s and Bs. 
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Partial Latin Square 

In a normal nxn LATIN SQUARE, the entries in each row 
and column are chosen from a “global” set of n objects. 
Like a Latin square, a partial Latin square has no two 
rows or columns which contain the same two symbols. 
However, in a partial Latin square, each cell is assigned 
one of its own set of n possible “local” (and distinct) 
symbols, chosen from an overall set of more than three 
distinct symbols, and these symbols may vary from lo- 
cation to location. For example, given the possible sym- 
bols {1, 2, ..., 6} which must be arranged as 


{1,2,3} {1,3,4} {2,5,6} 
{2,3,5} {1,2,3} {4,5,6} 
{4,3,6} {3,5,6} {2,3,5}, 


the 3 x 3 partial Latin square 


DN A 
ot a 0 
Go Ot be 


can be constructed. 
see also DINITZ PROBLEM, LATIN SQUARE 
References 
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Partial Order 

A RELATION “<” is a partial order on a SET S if it has: 
1. Reflexivity: a < a for all a € $. 

2. Antisymmetry: a < band b< a implies a = 6. 

3. Transitivity: a < b and b < c implies a < c. 


For a partial order, the size of the longest CHAIN (AN- 
TICHAIN) is called the LENGTH (WIDTH). A partially 
ordered set is also called a POSET. 

see also ANTICHAIN, CHAIN, FENCE POSET, IDEAL 
(PARTIAL ORDER), LENGTH (PARTIAL ORDER), LIN- 
EAR EXTENSION, PARTIALLY ORDERED SET, TOTAL 
ORDER, WIDTH (PARTIAL ORDER) 
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Partial Quotient 
If the SIMPLE CONTINUED FRACTION of a REAL NUM- 
BER z is given by 


x= a9 + ——_———_, 
ai + 
aza F... 


then the quantities a; are called partial quotients. 


see also CONTINUED FRACTION, CONVERGENT, SIMPLE 
CONTINUED FRACTION 


Partition 


Partially Ordered Set 

A partially ordered set (or POSET) is a SET taken to- 
gether with a PARTIAL ORDER on it. Formally, a par- 
tially ordered set is defined as an ordered pair P = 
(X,<), where X is called the GROUND SET of P and 
< is the PARTIAL ORDER of P. 


see also CIRCLE ORDER, COVER RELATION, DOMI- 
NANCE, GROUND SET, HASSE DIAGRAM, INTERVAL OR- 
DER, ISOMORPHIC POSETS, PARTIAL ORDER, POSET 
DIMENSION, REALIZER, RELATION 
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Particularly Well-Behaved Functions 
Functions which have DERIVATIVES of all orders at all 
points and which, together with their DERIVATIVES, fall 
off at least as rapidly as |z|~" as |z| — oo, no matter 
how large n is. — 


see also REGULAR SEQUENCE 


Partisan Game 

A GAME for which each player has a different set of 
moves in any position. Every position in an IMPARTIAL 
GAME has a NIM-VALUE. | 


Partition 

A partition is a way of writing an INTEGER n as a sum 
of POSITIVE INTEGERS without regard to order, possibly 
subject to one or more additional constraints. Particu- 
lar types of partition functions include the PARTITION 
FUNCTION P, giving the number of partitions of a num- 
ber without regard to order, and PARTITION FUNCTION 
Q, giving the number of ways of writing the INTEGER n 
as a sum of POSITIVE INTEGERS without regard to order 
with the constraint that all INTEGERS in each sum are 
distinct. 


see also AMENABLE NUMBER, DURFEE SQUARE, EL- 
DER’S THEOREM, FERRERS DIAGRAM, GRAPHICAL 
PARTITION, PARTITION FUNCTION P, Partition Func- 
tion Q, PERFECT PARTITION, PLANE PARTITION, SET 
PARTITION, SOLID PARTITION, STANLEY’S THEOREM 
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Partition Function P 

P(n) gives the number of ways of writing the INTEGER 
n as a sum of POSITIVE INTEGERS without regard to 
order. For example, since 4 can be written 


4=4 

=3+1 

= 2560 

=2+1+1 

=1+1+1+1, (1) 


so P(4) = 5. P(n) satisfies 
P(n) < ¿[P(n+ 1) + P(n — 1) (2) 


(Honsberger 1991). The values of P(n) for n = 1, 2, 
..., are 1, 2, 3, 5, 7, 11, 15, 22, 30, 42, ... (Sloane's 
A000041). The following table gives the value of P(n) 
for selected small n. 
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190569292 
3972999029388 
9253082936723602 
6727090051741041926 


2300165032574323995027 
458004788008144308553622 
60378285202834474611028659 
5733052172321422504456911979 
415873681190459054784114365430 

1000 | 24061467864032622473692149727991 


n for which P(n) is PRIME are 2, 3, 4, 5, 6, 13, 36, 
77, 132, 157, 168, 186, ... (Sloane’s A046063). Num- 
bers which cannot be written as a PRODUCT of P(n) are 
13, 17, 19, 23, 26, 29, 31, 34, 37, 38, 39, ... (Sloane’s 
A046064), corresponding to numbers of nonisomorphic 
ABELIAN GROUPS which are not possible for any group 
order. 


When explicitly listing the partitions of a number n, 
the simplest form is the so-called natural representation 
which simply gives the sequence of numbers in the rep- 
resentation (e.g., (2, 1, 1) for the number 4 = 2+1+1). 
The multiplicity representation instead gives the number 
of times each number occurs together with that number 
(e.g., (2, 1), (1, 2) for 4 = 2-1 + 1-2). The FERRERS 
DIAGRAM is a pictorial representation of a partition. 


Euler invented a GENERATING FUNCTION which gives 
rise to a POWER SERIES in P(n), 


P(n) = Y (DT [P(n — ¿m(3m — 1)) 


m=i 


+P(n — ¿m(3m+1))]. (3) 
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A RECURRENCE RELATION is 
n—l 
P(n) = 2 o(n—m)P(m), (4) 
m=0 


where o{n) is the DIVISOR FUNCTION (Berndt 1994, 
p. 108). Euler also showed that, for 


Oo ox 


G2" A paren (5) 


m=l n=— 00 


=1-gr-r +r’ +r aa +e” +e +..., (6) 


where the exponents are generalized PENTAGONAL 
NUMBERS 0, 1, 2, 5, 7, 12, 15, 22, 26, 35, ... (Sloane’s 
A001318) and the sign of the kth term (counting 0 as 
the Oth term) is (—1)!+)/2) (with |x] the FLOOR 
FUNCTION), the partition numbers P(n) are given by 
the GENERATING FUNCTION 


= Y P(n)". (7) 


MacMahon obtained the beautiful RECURRENCE RELA- 
TION 


P(n) —- P(n- 1) - P(n — 2) + P(n- 5) + P(n — 7) 
—Pín-12) — P(n—15)+...=0, (8) 
where the sum is over generalized PENTAGONAL NUM- 


BERS < n and the sign of the kth term is (—1).4+D/21, 
as above. 


In 1916-1917, Hardy and Ramanujan used the CIRCLE 
METHOD and elliptic MODULAR FUNCTIONS to obtain 
the approximate solution 


n) ~ : e7 V2n/3 
P(n) inJi . (9) 


Rademacher (1937) subsequently obtained an exact se- 
ries solution which yields the Hardy-Ramanujan FOR- 
MULA (9) as the first term: 


P(n) = X Lan). (n), (10) 
q=1 
where 

K-n? (11) 
L¿(n) = y apa E (12) 
T 2s (13) 

q-1 

al Hp Hp 1 

lea) os 
An =4/N— 33 (15) 


sinh (£2m 
AE ee , (16) 
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[z] is the FLOOR FUNCTION, and p runs through the 
INTEGERS less than and RELATIVELY PRIME to q (when 
q= 1, p=0). The remainder after Q terms is 


R(Q) < CQ? + Daj sint (=) , (17) 


where C and D are fixed constants. 


With f(x) as defined above, Ramanujan also showed 
that 


sf e >» P(5m + 4)z (18) 


Ramanujan also found numerous CONGRUENCES such as 


P(5m + 4) = 0 (mod 5) (19) 
P(7m +5) = 0 (mod 7) (20) 
P(llm+6)=0 (mod 11). (21) 


RAMANUJAN?S IDENTITY gives the first of these. 


Let Po(n) be the number of partitions of n containing 
ODD numbers only and Pp(n) be the number of parti- 
tions of n without duplication, then 


Po(n) = Ppí(n) = I] (1+ oP +r" +r? 4 en) 
k=1,3,... 


= [la+e' =1+et+a?+20°4+227+30°4+..., (22) 


as discovered by Euler (Honsberger 1985). The first few 
values of Po = Pp are 1, 1, 1, 2, 2, 3, 4, 5, 6, 8, 10, ... 
(Sloane's A000009). 


Let Pe(n) be the number of partitions of EVEN num- 
bers only, and let Pgo(n) (Ppo(n)) be the number of 
partitions in which the parts are all EVEN (ODD) and 
all different. The first few values of Ppo(n) are 1, 1, 0, 
1,1,1,1,1,2,2,2,2,3,3,3,4,... (Sloane's A000700). 
Some additional GENERATING FUNCTIONS are given by 
Honsberger (1985, pp. 241-242) 


> n 
Pao even part repeated (n)a 
n=1 
= LI paa gtk 3 
co 


T 
) Pao part occurs more than 3 times (n)x 


“*(14+a7") (23) 


n=l 
= [[a +g” +æ?" +r") (24) 
k=1 
oo , 1 — pik 
Y Pao part divisible by 4(N)T" = == (25) 


n=l k=1 
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oo 


y Pio part occurs more than d times (n)ja" 
n=1 
i y 1 — z(d+1)k 
=o = oe O 
k=1 i=O k=1 
oo 


n 
) Fevery part occurs 2, 3, or 5 times(N)T 


n=1 


en [ [(1 + 2? + 0% + 2%) 
k=1 
_ 4k 4 _ nők 
=TJa+e*)a4+e%) y H A 
k=1 


Lez 41 =x* 
k=1 


[de 
> | m 
Pao part occurs exactly once(NJL 


n=1 


1 + gê" 
=(1+ r’ +a” ) = I] (1 — w?*)(1 — 23*) (28) 


Some additional interesting theorems following from 
these (Honsberger 1985, pp. 64-68 and 143-146) are: 


1. The number of partitions of n in which no EVEN part 
is repeated is the same as the number of partitions of 
n in which no part occurs more than three times and 
also the same as the number of partitions in which 
no part is divisible by four. 


2. The number of partitions of n in which no part oc- 
curs more often than d times is the same as the num- 
ber of partitions in which no term is a multiple of 
d +1. 

3. The number of partitions of n in which each part ap- 
pears either 2, 3, or 5 times is the same as the number 
of partitions in which each part is CONGRUENT mod 
12 to either 2, 3, 6, 9, or 10. 


4. The number of partitions of n in which no part ap- 
pears exactly once is the same as the number of par- 
titions of n in which no part is CONGRUENT to 1 or 
5 mod 6. 


5. The number of partitions in which the parts are all 
EVEN and different is equal to the absolute differ- 
ence of the number of partitions with ODD and EVEN 
parts. 


P(n,k), also written P(n), is the number of ways of 
writing n as a sum of k terms, and can be computed 
from the RECURRENCE RELATION 


P(n,k) = P(n- 1,k-1)+P(n-— k,k) (29) 


(Ruskey). The number of partitions of n with largest 
part k is the same as P(n, k). 


The function P(n, k) can be given explicitly for the first 
few values of k, 


P(n,2) = |¿n]| (30) 
P(n,3) = [En”, (31) 


Partition Function Q 


where |x] is the FLOOR FUNCTION and [æ] is the NINT 
function (Honsberger 1985, pp. 40-45). 


see also ALCUIN’S SEQUENCE, ELDER’S THEOREM, EU- 
LER’S PENTAGONAL NUMBER THEOREM, FERRERS DI- 
AGRAM, PARTITION FUNCTION (2, PENTAGONAL NUM- 
BER, rx(n), ROGERS-RAMANUJAN IDENTITIES, STAN- 
LEY’S THEOREM 
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Partition Function Q 

Q(n) gives the number of ways of writing the INTEGER n 
as asum of POSITIVE INTEGERS without regard to order 
with the constraint that all INTEGERS in each sum are 
distinct. The values for n = 1, 2,... are 1, 1, 2, 2, 3, 4, 
5, 6, 8, 10, ... (Sloane’s A000009). The GENERATING 
FUNCTION for Q(n) is 


1 
IZo SS q2m+1) 


=1+20+232+20+2% + 3r +... 


(1 +z”) = 


ie 


The values of n for which Q(n) is PRIME are 3, 4, 5, 
7, 22, 70, 100, 495, 1247, 2072, ... (Sloane’s A046065), 
with no others for n < 15,000. 


The number of PARTITIONS of n with < k summands is 
denoted g(n,k) or qx(n). Therefore, g,(n) = P(n) and 


qr(n) = qx-1(n) + qr(n — k). 


see also PARTITION FUNCTION P 
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Party Problem 

Also known as the MAXIMUM CLIQUE PROBLEM. Find 
the minimum number of guests that must be invited so 
that at least m will know each other or at least n will not 
know each other. The solutions are known as RAMSEY 
NUMBERS. 


see also CLIQUE, RAMSEY NUMBER 


Parzen Apodization Function 
An APODIZATION FUNCTION similar to the BARTLETT 
FUNCTION. 


see also APODIZATION FUNCTION, BARTLETT FUNC- 
TION 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. Numerical Recipes in FORTRAN: The Art of 
Scientific Computing, 2nd ed. Cambridge, England: Cam- 
bridge University Press, p. 547, 1992. 


Pascal Distribution 
see NEGATIVE BINOMIAL DISTRIBUTION 


Pascal’s Formula 

Each subsequent row of PASCAL’S TRIANGLE is obtained 
by adding the two entries diagonally above. This follows 
immediately from the BINOMIAL COEFFICIENT identity 


n\ _ n! _ (n—1)n 
r] (n—r)lr! ~ (n-r)!r! 


_(n-ln—-"4 , (n- Ur 
~ (n—er)tr! (n—ryir! 
_ (n-1)! (n — 1)! 
= (n=r-—1)'r! (n-r)!(r-—1)! 


n—-l n—l 
+ 
r r— i 
see also BINOMIAL COEFFICIENT, PASCAL’S TRIANGLE 


Pascal’s Hexagrammum Mysticum 
see PASCAL’S THEOREM 


Pascal’s Limacon 
see LIMACON 


Pascal Line 
The line containing the three points of the intersection 
of the three pairs. of opposite sides of two TRIANGLES. 


see also PASCAL’S THEOREM 
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Pascal's Rule 
see PASCAL’S FORMULA 


Pascal’s Theorem 


The dual of BRIANCHON’S THEOREM. It states that, 
given a (not necessarily REGULAR, or even CONVEX) 
HEXAGON inscribed in a CONIC SECTION, the three 
pairs of the continuations of opposite sides meet on a 
straight LINE, called the PASCAL LINE. There are 6! 
(6! means 6 FACTORIAL, where 6! = 6-5-4-3-2-1) 
possible ways of taking all VERTICES in any order, but 
among these are six equivalent CYCLIC PERMUTATIONS 
and two possible orderings, so the total number of dif- 
ferent hexagons (not all simple) is 


There are therefore a total of 60 PASCAL LINES created 
by connecting VERTICES in any order. These intersect 
three by three in 20 STEINER POINTS. 


see also BRAIKENRIDGE-MACLAURIN CONSTRUCTION, 
BRIANCHON’S THEOREM, CAYLEY-BACHARACH THEO- 
REM, CONIC SECTION, DUALITY PRINCIPLE, HEXAGON, 
PAPPUS's HEXAGON THEOREM, PASCAL LINE, STEINER 
POINTS 
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Pascal’s Triangle 
A TRIANGLE of numbers arranged in staggered rows 


such that 
n! n 
—— = 1 
ri(n—r)! C) (1) 


where (7) is a BINOMIAL COEFFICIENT. The trian- 
gle was studied by B. Pascal, although it had been 
described centuries earlier by Chinese mathematician 


Anr = 


Pascal's Triangle 


Yanghui (about 500 years earlier, in fact) and the Ara- 
bian poet-mathematician Omar Khayyam. It is there- 
fore known as the YANGHUI TRIANGLE in China. Start- 
ing with n = 0, the TRIANGLE is 


1 3 3 1 
146 4 1 
1 5 10 10 5 1 
1 6 15 20 15 6 1 


(Sloane's A007318). PASCAL’s FORMULA shows that 
each subsequent row is obtained by adding the two en- 
tries diagonally above, 


In addition, the “SHALLOW DIAGONALS” of Pascal’s tri- 
angle sum to FIBONACCI NUMBERS, 


= £n+1) (3) 


where 3F2(a, b,c; d, e; z) is a GENERALIZED HYPERGEO- 
METRIC FUNCTION. 


Pascal’s triangle contains the FIGURATE NUMBERS 
along its diagonals. It can be shown that 


n 


n+1 
Y ais = AL = Aln+D),(3+1) (4) 


and 


“ey Y k™ + we Y pra 


dert ee Y k=(n+1)(n+1)" — 1]. (5) 
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Pascal's Triangle 


The “shallow diagonals” sum to the FIBONACCI SE- 
QUENCE, i.e., 


1=1 
1=1 

fai 

3=2+1 

5=1+3+1 

8=3+4+1. (6) 


In addition, 


i 


Y aj =2 1. (7) 


j=l 


It is also true that the first number after the 1 in each 
row divides all other numbers in that row IFF it is a 
PRIME. If P, is the number of ODD terms in the first n 
rows of the Pascal triangle, then 


0.812... < Pan 2/3 <1 (8) 


(Harborth 1976, Le Lionnais 1983). 


The BINOMIAL COEFFICIENT (™) mod 2 can be com- 
puted using the XOR operation n XOR m, making Pas- 
cal’s triangle mod 2 very easy to construct. Pascal’s tri- 
angle is unexpectedly connected with the construction 
of regular POLYGONS and with the SIERPINSKI SIEVE. 


see also BELL TRIANGLE, BINOMIAL COEFFICIENT, BI- 
NOMIAL THEOREM, BRIANCHON’S THEOREM, CATA- 
LAN’S TRIANGLE, CLARK’S TRIANGLE, EULER’S TRI- 
ANGLE, FIBONACCI NUMBER, FIGURATE NUMBER 
TRIANGLE, LEIBNIZ HARMONIC TRIANGLE, NUMBER 
TRIANGLE, PASCAL’S FORMULA, POLYGON, SEIDEL- 
ENTRINGER-ARNOLD TRIANGLE, SIERPINSKI SIEVE, 
TRINOMIAL TRIANGLE 
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Pascal’s Wager 

“God is or He is not... Let us weigh the gain and the 
loss in choosing. ..‘God is.’ If you gain, you gain all, if 
you lose, you lose nothing. Wager, then, unhesitatingly, 
that He is.” 


Pasch’s Axiom 

In the plane, if a line intersects one side of a TRIANGLE 
and misses the three VERTICES, then it must intersect 
one of the other two sides. This is a special case of the 
generalized MENELAUS’ THEOREM with n = 3. 


see also HELLY’S THEOREM, MENELAUS’ THEOREM, 
PASCH’S THEOREM 


Pasch’s Theorem 

A theorem stated in 1882 which cannot be derived from 
EUCLID’S POSTULATES. Given points a, b, c, and d on 
a LINE, if it is known that the points are ordered as 
(a,b,c) and (b, e, d), it is also true that (a, b, d). 

see also EUCLID’S POSTULATES, LINE, PASCH’S AXIOM 


Pass Equivalent 

Two KNOTS are pass equivalent if there exists a sequence 
of pass moves taking one to the other. Every KNOT 
is either pass equivalent to the UNKNOT or TREFOIL 
KNOT. These two knots are not pass equivalent to each 
other, but ‘the: ENANTIOMERS of the TREFOIL KNOT are 
pass equivalent. A KNOT has ARF INVARIANT 0 if the 
KNOT is pass equivalent to the UNKNOT and 1 if it is 
pass equivalent to the TREFOIL KNOT. 


see also ARF INVARIANT, KNOT, PASS MOVE, TREFOIL 
KNOT, UNKNOT 
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Pass Move 

A change in a knot projection such that a pair of oppo- 
sitely oriented strands are passed through another pair 
of oppositely oriented strands. 


see also PASS EQUIVALENT 


Patch 

A patch (also called a LOCAL SURFACE) is a differen- 
tiable mapping x : U + R”, where U is an open subset 
of R?. More generally, if A is any SUBSET of R°, then 
a map x : A > R” is a patch provided that x can be 
extended to a differentiable map from U into R”, where 
U is an open set containing 4. Here, x(U) (or more 
generally, x(A)) is called the TRACE of x. 

see also GAUSS MAP, INJECTIVE PATCH, MONGE 
PATCH, REGULAR PATCH, TRACE (MAP) 
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Path 

A path y is a continuous mapping y : [a,b] => C, where 
(a) is the initial point and y(b) is the final point. It is 
often written parametrically as o(t). 


Path Graph 

The path P,, is a TREE with two nodes of valency 1, and 
the other n — 2 nodes of valency 2. Path graphs P, are 
always GRACEFUL for n > 4. 


see also CHAIN (GRAPH), GRACEFUL GRAPH, HAMIL- 
TONIAN PATH, TREE 


Path Integral 
Let y be a PATH given parametrically by o(t). Let s 


denote ARC LENGTH from the initial point. Then 


J f(s) ds = | Ho(t) lo (1) at 


pa f F(w(t), y(t), z(t) lo (t)| dt. 


see also LINE [INTEGRAL 
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Pathwise-Connected 

A TOPOLOGICAL SPACE X is pathwise-connected IFF 
for every two points z, y € X, there is a CONTINUOUS 
FUNCTION f from [0,1] to X such that f(0) = x and 
f(1) = y. Roughly speaking, a SPACE X is pathwise- 
connected if, for every two points in X, there is a path 
connecting them. For LOCALLY PATHWISE-CONNECTED 
SPACES (which include most “interesting spaces” such as 
MANIFOLDS and CW-COMPLEXES), being CONNECTED 
and being pathwise-connected are equivalent, although 
there are connected spaces which are not pathwise con- 
nected. Pathwise-connected spaces are also called 0- 
connected. 


see also CONNECTED SPACE, CW-COMPLEX, LOCALLY 
PATHWISE-CONNECTED SPACE, TOPOLOGICAL SPACE 


Patriarchal Cross 
see GAULLIST CROSS 


Pauli Matrices 
Matrices which arise in Pauli’s treatment of spin in 
quantum mechanics. They are defined by 


0 1 
01 = Oz = P1 = : 4 (1) 
o» To : 


o=o =P= |) a (3) 


Peacock’s Tail 
The Pauli matrices plus the 2 x 2 IDENTITY MATRIX 
| form a complete set, so any 2 x 2 matrix Á can be 


expressed as 


A = col + c101 + 0203 + C303. (4) 


The associated matrices 


oe =2 | 5 (5) 
0-22! 4 (6) 
au 7 (7) 


can also be defined. The Pauli spin matrices satisfy the 
identities 
oi; = lij + €ijnion (8) 


C10; + 050; = 2055 (9) 


OxPr + OyPy F OzPz = y Pr? ag Dy? + pz’. (10) 


see also DIRAC MATRICES, QUATERNION 
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Pauli Spin Matrices 
see PAULI MATRICES 


Payoff Matrix 

A mx n MATRIX which gives the possible outcome of a 
two-person ZERO-SUM GAME when player A has m pos- 
sible strategies and player B n strategies. The analysis of 
the MATRIX in order to determine optimal strategies is 
the aim of GAME THEORY. The so-called “augmented” 
payoff matrix is defined as follows: 


Po P, Pa _ Px Pri Pate e Paim 
0 1 1 ... 0 0 0 noe 0 
—1 Qi aia aa Qin 1 0 are 0 
G = —1 431 32 Aan 0 1 0 
—1 Ami Ama Amn 0 0 1 


see also GAME THEORY, ZERO-SUM GAME 


Peacock’s Tail 
One name for the figure used by Euclid to prove the 
PYTHAGOREAN THEOREM. 


see also BRIDE’S CHAIR, WINDMILL 


Peano Arithmetic 


Peano Arithmetic 

The theory of NATURAL NUMBERS defined by the five 
PEANO’S AXIOMS. Any universal statement which is 
undecidable in Peano arithmetic is necessarily TRUE. 
Undecidable statements may be either TRUE or FALSE. 
Paris and Harrington (1977) gave the first “natural” ex- 
ample of a statement which is true for the integers but 
unprovable in Peano arithmetic (Spencer 1983). 


see also KREISEL CONJECTURE, NATURAL INDEPEN- 
DENCE PHENOMENON, NUMBER THEORY, PEANO’S AX- 
IOMS 
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Peano’s Axioms 

1. Zero is a number. 

2. If a is a number, the successor of a is a number. 
3. ZERO is not the successor of a number. 
4 


. Two numbers of which the successors are equal are 
themselves equal. 


5. (INDUCTION AXIOM.) If a set S of numbers contains 
ZERO and also the successor of every number in S, 
then every number is in S. 


Peano’s axioms are the basis for the version of NUMBER 
THEORY known as PEANO ARITHMETIC. 


see also INDUCTION AXIOM, PEANO ARITHMETIC 


Peano Curve 


A FRACTAL curve which can be written as a LINDEN- 
MAYER SYSTEM. 


see also DRAGON CURVE, HILBERT CURVE, LINDEN- 
MAYER SYSTEM, SIERPINSKI CURVE 
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Peano-Gosper Curve 


A PLANE-FILLING CURVE originally called a FLOW- 
SNAKE by R. W. Gosper and M. Gardner. Mandel- 
brot (1977) subsequently coined the name Peano-Gosper 
curve. The GOSPER ISLAND bounds the space that the 
Peano-Gosper curve fills. 


see also DRAGON CURVE, EXTERIOR SNOWFLAKE, 
GOSPER ISLAND, HILBERT CURVE, KOCH SNOWFLAKE, 
PEANO CURVE, SIERPINSKI ARROWHEAD CURVE, SIER- 
PINSKI CURVE 
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Peano Surface 


The function 


f(x,y) = (22° — y)(y — e”) 


which does not have a LOCAL MAXIMUM at (0, 0), de- 
spite criteria commonly touted in the second half of the 
1800s which indicated the contrary. 


see also LOCAL MAXIMUM 
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1328 Pear-Shaped Curve 


The LEMNISCATE L3 in the iteration towards the MAN- 
DELBROT SET. In CARTESIAN COORDINATES with a 
constant r, the equation is given by 


r? = (x? +y*)\(14 20452" + 62° +62 +40? +. 2° — 3y" 
—2ry? + 82*y" + 8x* y +32%y* + 2y* + duy* 
+30 "y" + y). 


see also PEAR-SHAPED CURVE 


Pear-Shaped Curve 


A curve given by the Cartesian equation 
boy" = z" (a— 2). 


see also PEAR CURVE, TEARDROP CURVE 
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Pearson's Correlation 
see CORRELATION COEFFICIENT 


Pearson-Cunningham Function 
see CUNNINGHAM FUNCTION 


Pearson’s Function 
Y x2 k23) ES St 


/2(k — ; 2 


where I(x) is the GAMMA FUNCTION. 
see also CHI-SQUARED TEST, GAMMA FUNCTION 


Pearson Kurtosis 

Let ja be the fourth MOMENT of a DISTRIBUTION and 
g its VARIANCE. Then the Pearson kurtosis is defined 
by 


see also FISHER KURTOSIS, KURTOSIS 


Pearson System 


Pearson Mode Skewness 
Given a DISTRIBUTION with measured MEAN, MODE, 
and STANDARD DEVIATION s, the Pearson mode skew- 


ness is 
mean — mode 


§ 


see also MEAN, MODE, PEARSON SKEWNESS, PEAR- 
SON’S SKEWNESS COEFFICIENTS, SKEWNESS 


Pearson Skewness | 
Let a DISTRIBUTION have third MOMENT ps and STAN- 
DARD DEVIATION øg, then the Pearson skewness is de- 


fined by 
2 
a= (63) 


see also FISHER SKEWNESS, PEARSON’S SKEWNESS CoO- 
EFFICIENTS, SKEWNESS 


Pearson’s Skewness Coefficients 

Given a DISTRIBUTION with measured MEAN, MEDIAN, 
MODE, and STANDARD DEVIATION s, Pearson’s first 
skewness coefficient is 


3[mean] — [mode] 
s , 


and the second coefficient is 


3[mean] — [median] 
E EE 


see also FISHER SKEWNESS, PEARSON SKEWNESS, 
SKEWNESS 


Pearson System 
Generalizes the differential equation for the GAUSSIAN 
DISTRIBUTION 


dy _ y(m-—zu) 
de a Z 
to 
dy = y(m = z) (2) 


de  a+ba+cxr? 


Let ci, c2 be the roots of a+bx+cx*. Then the possible 
types of curves are 


0.b=c=0,a> 0. E.g., NORMAL DISTRIBUTION. 
I. b?/4ac < 0, cı < x < cg. E.g., BETA DISTRIBU- 
TION. 
Il. b?/4ac = 0, c < 0, ~c1 < x < cı where cı = 
—c/a. 
Ill. b?/4ac = œ, c = 0, c1 < x < œ where cy = 


—a/b. E.g., GAMMA DISTRIBUTION. This case is 
intermediate to cases I and VI. 


IV. 0 < b?/4ac < 1, -œ < £ < œ. 


V. b? /4ac = 1, cr < x < œo where cx = —b/2a. 
Intermediate to cases IV and VI. 


Pearson System 


VI. b?/4ac > 1, c1 < x < œ where cı is the larger 
root. E.g., BETA PRIME DISTRIBUTION. 


VII. b?/4ac = 0, c > 0, ~œ < z < œ. E.g., STU- 
DENT?S t-DISTRIBUTION. 


Classes IX-XII are discussed in Pearson (1916). See also 
Craig (in Kenney and Keeping 1951). Ifa Pearson curve 
possesses a MODE, it will be at x = m. Let y(x) =0 at 
cı and cz, where these may be —oo or oo. If yz”** also 
vanishes at ci, cz, then the rth MOMENT and (r+ 1)th 
MOMENTS exist. 


c2 c2 
J dY ag" ba" tt4cn"t?) dz = / y(ma” —2"*") de 
cy 


dz 
(3) 


ci 


giving 
[y(axz" + brt! + cora 


1 


c2 
= J ylar"? +b(r + 1)” +c(r + 2)æ”t!] dx 


ci 


E / “gna? =a ae (4) 


C1 


c2 
0 — / ylara”* + b(r + 1)2" + c(r +2)2"**] de 


C1 


also, 


SO 


arvy-1 +b(r+1)0, +c[r + 2)0r41 = —my, +741. (7) 


For r = 0, 
b+ 2er = -m ++ n, (8) 
so ma 
m 
VET de (9) 
For r = 1, 
a + 2bv1 + 3cva = -mn +12, (10) 
so + (m +20) 
el a m 1/1 
a 1 — 3c l oH) 
Now let t = (x — 11)/0. Then 
y= 0 (12) 
v2 = paq = 1 (13) 


aeS im (14) 
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Hence b = —m, and a=1-—cso 
(1 — 3c)ra;_1 — mrar + [elr + 2) — Uary1 =0. (15) 


For r = 2, 
2m + (1 — 4c)a3 = 0. (16) 


For r = 3, 
3(1 — 3c) — 3maz — (1 — 5c)aqg = 0. (17) 


So the SKEWNESS and KURTOSIS are 


yı = a3 = pe (18) 
me a = FO ED, (19) 
So the parameters a, b, and c can be written 
a=1-3c (20) 
b= -m = NEN (21) 
C= m7 (22) 
where ; ane 
j= CEE (23) 
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Pearson Type ITI Distribution 

A skewed distribution which is similar to the BINOMIAL 
DISTRIBUTION when p # q (Abramowitz and Stegun 
1972, p. 930). 


y = k(t +A) T eTA, (1) 


for t € [0, 00) where 


A= 2/7 (2) 
A AA’ e74? 
aS TA s 


T(z) is the GAMMA FUNCTION, and t is a standardized 
variate. Another form is 


1 LIO or. TO 
Pte) = ary (25) exp ( 3 J (4) 
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For this distribution, the CHARACTERISTIC FUNCTION 
is 

plt) = (1 — ipt)?, (5) 
and the MEAN, VARIANCE, SKEWNESS, and KURTOSIS 
are 


w= at pB (6) 
a” = pp’ (7) 
eee (8) 
ae: 
_ § 
Y2 = a (9) 
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Pearls of Sluze 


y™ = kr” (a — 2). 


The curves with integral n, p, and m were studied by 
de Sluze between 1657 and 1698. The name “Pearls 
of Sluze” was given to these curves by Blaise Pascal 
(MacTutor Archive). 
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Peaucellier Cell 
see PEAUCELLIER INVERSOR 


Peaucellier Inversor 


A LINKAGE with six rods which draws the inverse of a 
given curve. When a pencil is placed at P, the inverse 
is drawn at P’ (or vice versa). If a seventh rod (dashed) 
is added (with an additional pivot), P is kept on a circle 
and the locus traced out by P’ is a straight line. It there- 
fore converts circular motion to linear motion without 


Pedal Circle 


sliding, and was discovered in 1864. Another LINKAGE 
which performs this feat using hinged squares had been 
published by Sarrus in 1853 but ignored. Coxeter (1969, 
p. 428) shows that 


OPxOP'=04*-PA?. 


see also HART'S INVERSOR, LINKAGE 
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Peaucellier?s Linkage 
see PEAUCELLIER INVERSOR 


Pedal 

The pedal of a curve with respect to a point P is the 
locus of the foot of the PERPENDICULAR from P to 
the TANGENT to the curve. When a CLOSED CURVE 
rolls on a straight line, the AREA between the line and 
ROULETTE after a complete revolution by any point on 
the curve is twice the AREA of the pedal (taken with 
respect to the generating point) of the rolling curve. 


Pedal Circle 

The pedal CIRCLE of a point P in a TRIANGLE is the 
CIRCLE through the feet of the perpendiculars from P 
to the sides of the TRIANGLE (the CIRCUMCIRCLE about 
the PEDAL TRIANGLE). When P is on a side of the 
TRIANGLE, the line between the two perpendiculars is 
called the PEDAL LINE. Given four points, no three of 
which are COLLINEAR, then the four PEDAL CIRCLES of 
each point for the TRIANGLE formed by the other three 
have a common point through which the NINE-POINT 
CIRCLES of the four TRIANGLES pass. The radius of the 
pedal circle of a point P is 


(Johnson 1929, p. 141). 


see also MIQUEL POINT, NINE-POINT CIRCLE, PEDAL 
TRIANGLE 
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Pedal Coordinates 


Pedal Coordinates 

The pedal coordinates of a point P with respect to the 
curve C and the PEDAL POINT O are the radial distant 
r from O to P and the PERPENDICULAR distance p from 
O to the line L tangent to C at P. 
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Pedal Curve 

Given a curve C, the pedal curve of C with respect to 
a fixed point O (the PEDAL POINT) is the locus of the 
point P of intersection of the PERPENDICULAR from O 
to a TANGENT to C. The parametric equations for a 
curve (f(t), g(t)) relative to the PEDAL POINT (Zo, yo) 
are 


_ of” + fg" + (yo DE 


Y 


Curve 


astroid 

cardioid 

central conic 
circle 

circle 

circle involute 
cissoid of Diocles 
deltoid 

deltoid 

deltoid 


deltoid 
epicycloid 
hypocycloid 

line 

logarithmic spiral 
parabola 
parabola 
parabola 
parabola 
parabola 
sinusoidal spiral 
Tschirnhausen 


cubic 


fi + g’? 


Jiga 


Pole 


center 

cusp 

focus 

any point 

on circumference 
center of circle 
focus 

center 

cusp 


on the curve 


vertex 

center 

center 

any point 

pole 

focus 

foot of directrix 
on directrix 


refi. of focus by dir. 


vertex 
pole 
focus of pedal 


see also NEGATIVE PEDAL CURVE 
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_ gf” + yog” + (zo - f)f'g' 


Pedal 


quadrifolium 

Cayley’s sextic 

circle 

limacon 

cardioid 

Archimedean spiral 

cardioid 

trifolium 

simple folium 

unsymmetrical 
double folium 

double folium 

rose 

rose 

point 

logarithmic spiral 

line 

right strophoid 

strophoid 

Maclaurin trisectrix 

cissoid of Diocles 

sinusoidal spiral 


parabola 
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Pedal Line 

Mark a point P on a side of a TRIANGLE and draw the 
perpendiculars from the point to the two other sides. 
The line between the feet of these two perpendiculars is 
called the pedal line. 


see also PEDAL TRIANGLE, SIMSON LINE 


Pedal Point | 
The fixed point with respect to which a PEDAL CURVE 
is drawn. 


Pedal Triangle 


Az 


Å] de 


Given a point P, the pedal triangle of P is the TRIANGLE 
whose VERTICES are the feet of the perpendiculars from 
P to the side lines. The pedal triangle of a TRIANGLE 
with TRILINEAR COORDINATES a: ĝ : y and angles A, 
B, and C has VERTICES with TRILINEAR COORDINATES 


0:B+acosC : y + acos B (1) 
a+ @cosC:0:y7y+8cosA (2) 
a+ycosB:B+ycosA:0. (3) 


The third pedal triangle is similar to the original one. 
This theorem can be generalized to: the nth pedal n- 
gon of any n-gon is similar to the original one. It is also 
true that 

PP = AiPsinayz (4) 


(Johnson 1929, pp. 135-136). The AREA A of the pedal 
triangle of a point P is proportional to the POWER of P 
with respect to the CIRCUMCIRCLE, 


a 
— R? — OP 
A= L(R” — OP’) sin a sin G2 sin 3 = ap A 
| (5) 
(Johnson 1929, pp. 139-141). 
see also ANTIPEDAL TRIANGLE, FAGNANO’S PROBLEM, 
PEDAL CIRCLE, PEDAL LINE, SCHWARZ’S TRIANGLE 


PROBLEM 
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Peg Knot 
see CLOVE HITCH 


Peg Solitaire 


E 3 

© © © 

4 5 6 

oe © 

9 10 11 
e 


A game played on a cross-shaped board with 33 holes. 
All holes but the middle one are initially filled with pegs. 
The goal is to remove all pegs but one by jumping pegs 
from one side of an occupied peg hole to an empty space, 
removing the peg which was jumped over. Strategies 
and symmetries are discussed in Beeler et al. (1972, Item 
75). A triangular version called HI-Q also exists (Beeler 
et al. 1972, Item 76). Kraitchik (1942) considers a board 
with one additional hole placed at the vertices of the 
central right angles. 


see also HI-Q 
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Peg Top 
see PIRIFORM 


Peirce’s Theorem 

The only linear associative algebra in which the coor- 
dinates are REAL NUMBERS and products vanish only 
if one factor is zero are the FIELD of REAL NUMBERS, 
the FIELD of COMPLEX NUMBERS, and the algebra of 
QUATERNIONS with REAL COEFFICIENTS. 


see also WEIERSTRAB's THEOREM 


Pell Equation 
A special case of the quadratic DIOPHANTINE EQUATION 


having the form 
r” — Dy’? = 1, (1) 


where D is a nonsquare NATURAL NUMBER. Dorrie 
(1965) defines the equation as 
a — Dy =4 (2) 


and calls it the FERMAT DIFFERENCE EQUATION. The 
general Pell equation was solved by the Indian mathe- 
matician Bhaskara. 


Pell Equation 


Pell equations, as well as the analogous equation with 
a minus sign on the right, can be solved by finding the 
CONTINUED FRACTION [a1, @2,...] for VD. (The triv- 
ial solution zs = 1, y = 0 is ignored in all subsequent 
discussion.) Let pr/gn denote the nth CONVERGENT 
[a1,@2,...,@n], then we are looking for a convergent 
which obeys the identity 


Pn = Dan” aie (=D, (3) 


which turns out to always be possible since the CONTIN- 
UED FRACTION of a QUADRATIC SURD always becomes 
periodic at some term a,41, where a, +1 = 2a1, i.e., 


VD = [a1,a2,..., ar, 2a1]. (4) 
Writing n = rk gives 
Prr — Dare? (ED (5) 
for k anPOSITIVE INTEGER. If r is ODD, solutions to 
2? — Dy’ = +1 (6) 


can be obtained if k is chosen to be EVEN or ODD, but 
if r is EVEN, there are no values of k which can make 
the exponent ODD. 


If r is EVEN, then (—1)” is POSITIVE and the solution 
in terms of smallest INTEGERS is  = Py and y = qr, 
where p,/qr is the rth CONVERGENT. If r is ODD, then 
(—1)" is NEGATIVE, but we can take k = 2 in this case, 
to obtain 

par” = Dar” = 1, (7) 


so the solution in smallest INTEGERS is x = par, Y = Qar- 
Summarizing, 


(x,y) = (pr, Gr) 


for r even 
(8) 


(por,per) for r odd. 


Given one solution (x, y) = (p,q) (which can be found 
as above), a whole family of solutions can be found by 
taking each side to the nth POWER, 


z? — Dy’ = (p — Dq’)” = 1. (9) 
Factoring gives 
(e+ VDy)(«-VDy) = (pt VDq)"(p— VDq)” (10) 
and 


r+VDy=(pt+vVDq)” (11) 
x—VDy=(p-VDq)", (12) 


Pell Equation 
which gives the family of solutions 


(p+qVD)" + (p—aqvD)" 


r= o aa A (13) 
_ (p+ qvD)" -(p-qvD)y” 
y = an (14) 
2/D 
These solutions also hold for 
z? — Dy? =-1, (15) 


except that n can take on only ODD values. 


The following table gives the smallest integer solutions 
(x, y) to the Pell equation with constant D < 102 (Beiler 
1966, p. 254). SQUARE D = d? are not included, since 
they would result in an equation of the form 


r? — dy? = r? — (dy)? = 2? — y? =1, (16) 


which has no solutions (since the difference of two 
SQUARES cannot be 1). 
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D Zz y | D g y 
2 3 2 | 54 485 66 
3 2 1 | 55 89 12 
5 9 4 | 56 15 2 
6 5 2 | 57 151 20 
7 8 3 | 58 19603 2574 
8 3 1 | 59 530 69 
10 19 6 | 60 31 4 
11 10 3 | 61 1766319049 226153980 
12 7 2 | 62 63 8 
13 649 180 | 63 8 1 
14 15 4 | 65 129 16 
15 4 1 | 66 65 8 
17 33 8 | 67 48842 5967 
18 17 4 | 68 33 4 
19 170 39 | 69 7775 936 
20 9 2 | 70 251 30 
21 55 12] 71 3480 413 
22 197 42 | 72 17 2 
23 24 5 | 73 2281249 267000 
24 5 1 | 74 3699 430 
26 51 10| 75 26 3 
27 26 5 | 76 57799 6630 
28 127 241 77 351 40 
29 9801 1820 | 78 53 6 
30 11 2 | 79 80 9 
31 1520 273 | 80 9 1 
32 17 3 | 82 163 18 
33 23 4 | 83 82 9 
34 35 6 | 84 55 6 
35 6 1 | 85 285769 30996 
37 73 12 | 86 10405 1122 
38 37 6 | 87 28 a 
39 25 4 | 88 197 21 
40 19 3 | 89 500001 . 53000 
41 2049 320 | 90 19 2 
42 13 2 | 91 1574 165 
43 3482 531 | 92 1151 120 
44 199 30 | 93 12151 1260 
45 161 24 | 94 2143295 221064 
46 24335 3588 | 95 39 4 
47 48 7 | 96 49 5 
48 7 1 | 97 62809633 6377352 
50 99 14 | 98 99 10 
51 50 7 | 99 10 1 
52 649 90 |101 201 20 
53 66249 9100 |102 101 10 


The first few minimal values of z and y for nonsquare D 
are 3, 2, 9, 5, 8, 3, 19, 10, 7, 649, ... (Sloane’s A033313) 
and 2, 1, 4, 2, 3, 1, 6, 3, 2, 180, ... (Sloane’s A033317), 
respectively. The values of D having x = 2, 3, ... are 
3, 2, 15, 6, 35, 12, 7, 5, 11, 30, ... (Sloane’s A033314) 
and the values of D having y = 1, 2, ... are 3, 2, 7, 5, 
23, 10, 47, 17, 79, 26, ... (Sloane's A033318). Values 
of the incrementally largest minimal z are 3, 9, 19, 649, 
9801, 24335, 66249, ... (Sloane's A033315) which occur 
at D = 2, 5, 10, 13, 29, 46, 53, 61, 109, 181,... (Sloane's 
A033316). Values of the incrementally largest minimal 
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y are 2, 4, 6, 180, 1820, 3588, 9100, 226153980, ... 
(Sloane’s A033319), which occur at D = 2, 5, 10, 13, 29, 
46, 53, 61,... (Sloane's A033320). 


see also DIOPHANTINE EQUATION, DIOPHANTINE 
EQUATION—QUADRATIC, LAGRANGE NUMBER (DIO- 
PHANTINE EQUATION) 
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Pell-Lucas Number 
see PELL NUMBER 


Pell-Lucas Polynomial 
see PELL POLYNOMIAL 


Pell Number 

The numbers obtained by the Uns in the LUCAS SE- 
QUENCE with P = 2 and Q = —1. They and the Pell- 
Lucas numbers (the Vas in the LUCAS SEQUENCE) sat- 
isfy the recurrence relation 


Pa =2Pn-1 + Pa-2. (1) 


Using P; to denote a Pell number and Q; to denote a 
Pell-Lucas number, 


Pnie bral as RA a (2) 

Pmin = 2PmQn ~ (-1)"Pm-n, (3) 

Potm = Pm(2Qm)(2Q2m)(2Qam)--+(2Qat-1m) (4) 
Qm” = 2Pm + (-1)” (5) 

Qam = 2Qm" — (-1)™. (6) 


The Pell numbers have Po = 0 and Pı = 1 and are 0, 
1, 2, 5, 12, 29, 70, 169, 408, 985, 2378, ... (Sloane’s 
A000129). The Pell-Lucas numbers have Qo = 2 and 
Qı = 2 and are 2, 2, 6, 14, 34, 82, 198, 478, 1154, 2786, 
6726, ... (Sloane’s A002203). 


The only TRIANGULAR Pell number is 1 (McDaniel 
1996). 


Pell Sequence 


see also BRAHMAGUPTA POLYNOMIAL, PELL POLYNOM- 
IAL 
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Pell Polynomial 

The Pell polynomials P(x) and Lucas-Pell polynomi- 
als Q(x) are generated by a LUCAS POLYNOMIAL SE- 
QUENCE using generator (2x,1). This gives recursive 
equations for P(x) from Po(z) = Pi(x) = 1 and 


Pa+2(£) = 2£Pa+1 (£) + Pr(z). (1) 


The first few are 


1 ae | 
Po = 27 

| P; = 4z? — 1 
Py = 82° — 4z 


Ps = 16z* — 122? + 1. 


The Pell-Lucas numbers are defined recursively by 
qgo(x) = 1, m1 () = z and 


Qn+2(Z) = 22Gn+41(Z) + qn(2), (2) 


together with 


Qn (2) = 24n(2). (3) 
The first few are | 

Qı = 2x 

Qe = 4r? —2 

Q; = 8z’ — 6z 


Qu = 162* — 162? + 2 
Qs = 324? — 402? + 102. 


see also LUCAS POLYNOMIAL SEQUENCE 
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Pell Sequence 
see PELL NUMBER 


U.S. Patent Aug. 23, 2011 Sheet 5 of 5 US 8,004,250 B2 


18 
UPS 


14 


GENERATOR 
GENERATOR 


SINEWAVE 


OSCILLOSCOPE 


Amp 


k 
ca 


6 


Aly 
k 
12 
2 


FIG. 5 


Pencil 


Pencil 
The set of all LINES through a point. Woods (1961), 
however, uses this term as a synonym for RANGE. 


see also NEAR-PENCIL, PERSPECTIVITY, RANGE (LINE 
SEGMENT), SECTION (PENCIL), SHEAF (GEOMETRY) 
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Penrose Stairway 


An IMPOSSIBLE FIGURE (also called the SCHROEDER 
STAIRS) in which a stairway in the shape of a square 
appears to circulate indefinitely while still possessing 
normal steps. The Dutch artist M. C. Escher included 
Penrose stairways in many of his mind-bending illustra- 
tions. 


see also IMPOSSIBLE FIGURE 
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Penrose Tiles 


A pair of shapes which tile the plane only aperiodically 
(when the markings are constrained to match at bor- 
ders). The two tiles, illustrated above, are called the 
“KITE” and “DART.” 


To see how the plane may be tiled aperiodically using 
the kite and dart, divide the kite into acute and obtuse 
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tiles, shown above. Now define “deflation” and “infla- 
tion” operations. The deflation operator takes an acute 
TRIANGLE to the union of two ACUTE TRIANGLES and 
one OBTUSE, and the OBTUSE TRIANGLE goes to an 
ACUTE and an OBTUSE TRIANGLE. These operations 
are illustrated below. 


When applied to a collection of tiles, the deflation op- 
erator leads to a more refined collection. The operators 
do not respect tile boundaries, but do respect the half 
tiles defined above. There are two ways to obtain aperi- 
odic TILINGS with 5-fold symmetry about a single point. 
They are known an the “star” and “sun” configurations, 
and are show below. 


z 


Higher order versions can then be obtained by deflation. 
For example, the following are third-order deflations: 
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Penrose Triangle 
see TRIBAR 


Penrose Tribar 
see TRIBAR 


Pentabolo 
A 5-POLYABOLO. 


Pentacle 
see PENTAGRAM 
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Pentacontagon 
A 50-sided POLYGON. 


Pentad 
A group of five elements. 


see also MONAD, PAIR, QUADRUPLET, QUINTUPLET, 
TETRAD, TRIAD, TRIPLET, TWINS 


Pentadecagon 


A 15-sided POLYGON, sometimes also called the PEN- 
TAKAIDECAGON. 


see also POLYGON, REGULAR POLYGON, TRIGONOME- 
TRY VALUES—z /15 


Pentaflake 


A FRACTAL with 5-fold symmetry. As illustrated above, 
five PENTAGONS can be arranged around an identical 
PENTAGON to form the first iteration of the pentaflake. 
This cluster of six pentagons has the shape of a pentagon 
with five triangular wedges removed. This construction 
was first noticed by Albrecht Diirer (Dixon 1991). 


For a pentagon of side length 1, the first ring of pen- 
tagons has centers at RADIUS 


dı = 2r = 1(14+- V5)R= OR, (1) 


2 


Pentaflake 


where @ is the GOLDEN RATIO. The INRADIUS r and 
CIRCUMRADIUS R are related by 


r = Roeos(im) = ¿(v5 + DR, (2) 


and these are related to the side length s by 


s = 24/ R? — r? = 1 RV 10 — 245. (3) 


The height A is 


h = ssin(27) = {sv 10+ 245 = iV5R, (4) 
giving a RADIUS of the second ring as 
dea = {R+ h) = (2+ V5 )R = QR. (5) 
Continuing, the nth pentagon ring is located at 


d: = gr: . (6) 


Now, the length of the side of the first pentagon com- 
pound is given by 


s2 = 24/ (2r + R)? — (h + R)? = RV 5 + 2V5, (7) 


so the ratio of side lengths of the original pentagon to 
that of the compound is 


S2 R 5 +275 


S IRy10-245 


=1+¢. (8) 


We can now calculate the dimension of the pentaflake 
fractal. Let Nn be the number of black pentagons and 
Ln the length of side of a pentagon after the n iteration, 


Nn = 6" (9) 
Ln = (1+). (10) 


The CAPACITY DIMENSION is therefore 


E N ln Na _ In 6 _In2+1n3 
pea © n—>0o00 In Ly, E In(1 + p) E la(1 + Q) 
=1.861715.... (11) 


see also PENTAGON 
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Pentagon 


Pentagon 


The regular convex 5-gon is called the pentagon. By 
SIMILAR TRIANGLES in the figure on the left, 


ele] = 


where d is the diagonal distance. But the dashed vertical 
line connecting two nonadjacent VERTICES is the same 
length as the diagonal one, so 


ó=1+3 (2) 

o-o-1 (3) 
ltV1I+4_ 1445 

EA (4) 


This number is the GOLDEN RATIO. The coordinates of 
the VERTICES relative to the center of the pentagon with 
unit sides, starting at the right VERTEX and moving 
clockwise, are (cos(n7), sin(2n7)) for n = 0, 1,..., 4, 
or 

(1, 0), (c1, s1), (c2, 52), (c2, —82), (c1, 81); (5) 


where 


For a regular POLYGON, the CIRCUMRADIUS, INRADIUS, 
SAGITTA, and AREA are given by 


Rn = żacsc (=) (10) 
An 
1 T 
ER 2 11 
r za cot (=) (11) 
Ln = Rn —Tn = jatan (=) (12) 
T 
Ån = ina’? cot (=) (13) 
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Plugging in n = 5 gives 


R = Jacsc(¿m) = Lav/50 + 10V5 (14) 
r= jacot(¿m) = 2 av/25 + 10V5 (15) 
z= bav 25 — 1045 (16) 
A = Ža? V 25 + 10V5. (17) 


Five pentagons can be arranged around an identical pen- 
tagon to form the first iteration of the “PENTAFLAKE,” 
which itself has the shape of a pentagon with five trian- 
gular wedges removed. For a pentagon of side length 1, 
the first ring of pentagons has centers at radius ġ, the 
second ring at $°, and the nth at ¢?"~°. 


In proposition 1V.11, Euclid showed how to inscribe a 
regular pentagon in a CIRCLE. Ptolemy also gave a 
RULER and COMPASS construction for the pentagon in 
his epoch-making work The Almagest. While Ptolemy’s 
construction has a SIMPLICITY of 16, a GEOMETRIC 
CONSTRUCTION using CARLYLE CIRCLES can be made 
with GEOMETROGRAPHY symbol 2.51 + 52 +8C1 +0C2+ 
4C3, which has SIMPLICITY 15 (De Temple 1991). 


vB 


Pentagon 


The following elegant construction for the pentagon is 
due to Richmond (1893). Given a point, a CIRCLE may 
be constructed of any desired RADIUS, and a DIAM- 
ETER drawn through the center. Call the center O, 
and the right end of the DIAMETER Py. The DIAME- 
TER PERPENDICULAR to the original DIAMETER may be 
constructed by finding the PERPENDICULAR BISECTOR. 
Call the upper endpoint of this PERPENDICULAR DIAM- 
ETER B. For the pentagon, find the MIDPOINT of OB 
and call it D. Draw DP», and BISECT LOD Po, calling 
the intersection point with OPp Ni. Draw N¡P, PAR- 
ALLEL to OB, and the first two points of the pentagon 
are Po and Pı (Coxeter 1969). 


Madachy (1979) illustrates how to construct a pentagon 
by folding and knotting a strip of paper. 
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see also CYCLIC PENTAGON, DECAGON, DISSECTION, 
Five Disks PROBLEM, HOME PLATE, PENTAFLAKE, 
PENTAGRAM, POLYGON, TRIGONOMETRY VALUES— 
T/5 
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Pentagonal Antiprism 


An ANTIPRISM and UNIFORM POLYHEDRON U77 whose 
DUAL POLYHEDRON is the PENTAGONAL DELTAHE- 
DRON. 


Pentagonal Cupola 


Pentagonal Dipyramid 


JOHNSON SOLID Js. The bottom 10 VERTICES are 


,Gtv5)v5 +75 lo 
4V2 9? H 


TERO an 


(0, +1(1+ v5),0) 


and the top five VERTICES are 


V5+v5 7 y5- v5 


v10 d V10 
(V5 -1)V5+v5 ı v5- v5 
AG £41 + V8), 7 | 
-(vV5+1)V5+ v5 „1 V5-Vv5 
a 2” A 


Pentagonal Deltahedron 
A DELTAHEDRON which is the DUAL POLYHEDRON of 
the PENTAGONAL ANTIPRISM. 


Pentagonal Dipyramid 


The pentagonal dipyramid is one of the convex DELTA- 
HEDRA, and JOHNSON SOLID Ji3. It is also the DUAL 
POLYHEDRON of the PENTAGONAL PRISM. The distance 
between two adjacent VERTICES on the base of the PEN- 
TAGON is 


dio” = [1 — cos(27)]? + sin? (27) 


EE 4 + 4) 


4/2 
a 3(5— v5), (1) 


Pentagonal Gyrobicupola 


and the distance between the apex and one of the base 
points is 


din" =(0-1)"+(0-0)+(h-0=1+H?. (2) 


But 
diz” = diz?” (3) 
2(5-vV5)=1+h? (4) 
h? = 1(3- V5), (5) 
and 


[3— v5 
h = q” (6) 


This root is of the form ,/a + b,/c, so applying SQUARE 
ROOT simplification gives 


h=i(¥5-1)=¢-1, (7) 


where q is the GOLDEN MEAN. 


see also DELTAHEDRON, DIPYRAMID, GOLDEN MEAN, 
ICOSAHEDRON, JOHNSON SOLID, TRIANGULAR DIPYR- 
AMID 


Pentagonal Gyrobicupola 
see JOHNSON SOLID 


Pentagonal Gyrocupolarotunda 
see JOHNSON SOLID 


Pentagonal Hexecontahedron 


The DUAL POLYHEDRON of the SNUB DODECAHEDRON. 
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Pentagonal Icositetrahedron 


The DUAL POLYHEDRON of the SNUB CUBE. 


Pentagonal Number 


A POLYGONAL NUMBER of the form n(3n — 1)/2. The 
first few are 1, 5, 12, 22, 35, 51, 70, ... (Sloane’s 
A000326). The GENERATING FUNCTION for the pen- 
tagonal numbers is 


2 
e(2e +1) 54120 42951 +... 
(1 — 2)? 


Every pentagonal number is 1/3 of a TRIANGULAR 
NUMBER. 


The so-called generalized pentagonal numbers are given 
by n(3n — 1)/2 with n = 0, +1, +2, ..., the first few of 
which are 0, 1, 2, 5, 7, 12, 15, 22, 26, 35, ... (Sloane's 
A001318). 

see also EULER'S PENTAGONAL NUMBER THEOREM, 
PARTITION FUNCTION P, POLYGONAL NUMBER, TRI- 
ANGULAR NUMBER 
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Pentagonal Orthobicupola 
see JOHNSON SOLID 


Pentagonal Orthobirotunda 
see JOHNSON SOLID 


Pentagonal Orthocupolarontunda 
see JOHNSON SOLID 


Pentagonal Prism 


A PRISM and UNIFORM POLYHEDRON Uzg whose DUAL 
POLYHEDRON is the PENTAGONAL DIPYRAMID. 


see also PENTAGRAMMIC PRISM 


Pentagonal Pyramid 
see JOHNSON SOLID 


Pentagonal Pyramidal Number 

A PYRAMIDAL NUMBER of the form n*(n + 1)/2. The 
first few are 1, 6, 18, 40, 75, ... (Sloane’s A002411). The 
GENERATING FUNCTION for the pentagonal pyramidal 
numbers is 


2 1 

A een E eee 
(oe = 1)? 
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Pentagonal Rotunda 


Half of an ICOSIDODECAHEDRON, denoted Rs. It has 10 
triangular and five pentagonal faces separating a PEN- 
TAGONAL ceiling and a DODECAHEDRAL floor. It is 
JOHNSON SOLID Je, and the only true ROTUNDA. 


see also ICOSIDODECAHEDRON, JOHNSON SOLID, Ro- 
TUNDA | 


Pentagrammic Crossed Antiprism 


Pentagonal Tiling 
see ‘TILING 


Pentagram 


The STAR POLYGON {3}, also called the PENTACLE, 
PENTALPHA, or PENTANGLE. 


see also DISSECTION, HEXAGRAM, HOEHN’S THEOREM, 
PENTAGON, STAR FIGURE, STAR OF LAKSHMI 
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Pentagrammic Antiprism 


An ANTIPRISM and UNIFORM POLYHEDRON Uzo whose 
DUAL POLYHEDRON is the PENTAGRAMMIC DELTAHE- 
DRON. 


Pentagrammic Concave Deltahedron 
The DUAL POLYHEDRON of the PENTAGRAMMIC 
CROSSED ANTIPRISM. 


Pentagrammic Crossed Antiprism 


Pentagrammic Deltahedron 


An ANTIPRISM and UNIFORM POLYHEDRON Ugo whose 


DUAL POLYHEDRON is the PENTAGRAMMIC CONCAVE — 


DELTAHEDRON. 


Pentagrammic Deltahedron 
The DUAL POLYHEDRON of the PENTAGRAMMIC ANTI- 
PRISM. 


Pentagrammic Dipyramid 
The DUAL POLYHEDRON of the PENTAGRAMMIC PRISM. 


Pentagrammic Prism 


A PRISM and UNIFORM POLYHEDRON Uzg whose DUAL 
POLYHEDRON is the PENTAGRAMMIC DIPYRAMID. 


see also PENTAGONAL PRISM 


Pentakaidecagon 
see PENTADECAGON 


Pentakis Dodecahedron 


The DUAL POLYHEDRON of the TRUNCATED ICOSAHE- 
DRON. 

see also ARCHIMEDEAN SOLID, DUAL POLYHEDRON, 
TRUNCATED ICOSAHEDRON 
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Pentalpha 
see PENTAGRAM 


Pentangle 
see PENTAGRAM 


Pentatope 
The simplest regular figure in 4-D. 


Pentatope Number 
A FIGURATE NUMBER which is given by 


Ptop,, = 4 Ten(n + 3) = n(n + 1)(n + 2)(n + 3), 


where Te, is the nth TETRAHEDRAL NUMBER. The 
first few pentatope numbers are 1, 5, 15, 35, 70, 126, 
... (Sloane’s A000332). The GENERATING FUNCTION 
for the pentatope numbers is 


da TEHON + 150° + 350" +... 


see also FIGURATE NUMBER, TETRAHEDRAL NUMBER 
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Pentomino 
f I LN P T U 


H EE PR he Hh 


LOO E 
The twelve 5-POLYOMINOES illustrated above and 
known by the letters of the alphabet they most 
closely resemble: f,1,L,N,P,T,U, V, W, X, y, Z (Gard- 
ner 1960). 


iT 
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Pépin’s Test 

A test for the PRIMALITY of FERMAT NUMBERS Fn = 
22” + 1, with n > 2 and k > 2. Then the two following 
conditions are equivalent: 


1. Fn is PRIME and k/F, = —1. 
2. keD = —1 (mod Fr). | 


k is usually taken as 3 as a first test. 
see also FERMAT NUMBER, PEPIN’S THEOREM 
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Pépin’s Theorem 
The FERMAT NUMBER Fn is PRIME IFF 


n 
92 =-1 


= —1 (mod Fa). 


see also FERMAT NUMBER, PEPIN’S TEST, SELFRIDGE- 
HURWITZ RESIDUE 


Percent 

The use of percentages is a way of expressing RATIOS in 
terms of whole numbers. Given a RATIO or FRACTION, 
it is converted to a percentage by multiplying by 100 
and appending a “percentage sign” %. For example, 
if an investment grows from a number P = 13.00 to 
a number A = 22.50, then A is 22.50/13.00 = 1.7308 
times as much as P, or 173.08%, and the investment 
has grown by 73.08%. 


see also PERCENTAGE ERROR, PERMIL 


Percentage Error 
The percentage error is 100% times the RELATIVE ER- 
ROR. 


see also ABSOLUTE ERROR, ERROR PROPAGATION, 
PERCENT, RELATIVE ERROR 
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Percolation Theory 


bond percolation site percolation 


Percolation theory deals with fluid flow (or any other 
similar process) in random media. If the medium is a set 
of regular LATTICE POINTS, then there are two types of 


Perfect Box 


percolation. A SITE PERCOLATION considers the lattice 
vertices as the relevant entities; a BOND PERCOLATION 
considers the lattice edges as the relevant entities. 


see also BOND PERCOLATION, CAYLEY TREE, CLUS- 
TER, CLUSTER PERIMETER, LATTICE ANIMAL, PERCO- 
LATION THRESHOLD, POLYOMINO, s-CLUSTER, s-RUN, 
SITE PERCOLATION 
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Percolation Threshold 
The critical fraction of lattice points which must be filled 
to create a continuous path of nearest neighbors from 
one side to another. The following table is from Stauffer 
and Aharony (1992, p. 17). 


Cubic (Body-Centered) | 0.246 0,1803 
Cubic (Face-Centered) | 0.198 0.119 
Cubic (Simple) 0.3116 0.2488 
Diamond 0.43 0.388 
Honeycomb 0.6962 0.65271 
0.1601 
0.1182 
0.0942 
0.0787 
0.592746 | 0.50000 
0.50000 | 0.34729 


The square bond value is 1/2 exactly, as is the triangu- 
lar site. pe = 2sin(7/18) for the triangular bond and 
Pe = 1 — 2sin(7 /18) for the honeycomb bond. An exact 
answer for the square site percolation threshold is not 
known. 


see also PERCOLATION THEORY 


4-Hypercubic 0.197 
5-Hypercubic 0.141 
6-Hypercubic  _ 0.107 
7-Hypercubic 0.089 


Square 
Triangular 
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Perfect Box 
see EULER BRICK 


Perfect Cubic 


Perfect Cubic 
A perfect cubic POLYNOMIAL can be factored into a lin- 
ear and a quadratic term, 


(a? — b?) = (a — b) (a? + ab + b°) 
(a? + b°) = (a + b) (a? — ab + b°). 


see also CUBIC EQUATION, PERFECT SQUARE, POLY- 
NOMIAL 


Perfect Cuboid 
see EULER BRICK 


Perfect Difference Set 

A SET of RESIDUES {a1,a2,...,ak+1} (mod n) such that 
every NONZERO RESIDUE can be uniquely expressed in 
the form a; — a;. Examples include {1, 2, 4} (mod 7) 
and {1, 2, 5, 7} (mod 13). A NECESSARY condition for a 
difference set to exist is that n be of the form k? +k +1. 
A SUFFICIENT condition is that k be a PRIME POWER. 
Perfect sets can be used in the construction of PERFECT 
RULERS. 


see also PERFECT RULER 
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Perfect Digital Invariant 
see NARCISSISTIC NUMBER 


Perfect Information 

A class of GAME in which players move alternately and 
each player is completely informed of previous moves. 
FINITE, ZERO-SUM, two-player GAMES with perfect in- 
formation (including checkers and chess) have a SADDLE 
POINT, and therefore one or more optimal strategies. 
However, the optimal strategy may be so difficult to 
compute as to be effectively impossible to determine (as 
in the game of CHESS). 


see also FINITE GAME, GAME, ZERO-SUM GAME 


Perfect Magic Cube 

A perfect magic cube is a MAGIC CUBE for which the 
cross-section diagonals, as well as the space diagonals, 
sum to the MAGIC CONSTANT. 


see also MAGIC CUBE, SEMIPERFECT MAGIC CUBE 
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Perfect Number 
Perfect numbers are INTEGERS n such that 


n=s(n), (1) 


where s(n) is the RESTRICTED DIVISOR FUNCTION (i.e., 
the Sum of PROPER DIVISORS of n), or equivalently 


a(n) = 2n, (2) 


where a(n) is the DIVISOR FUNCTION (i.e., the SUM of 
DIVISORS of n including n itself). The first few perfect 
numbers are 6, 28, 496, 8128, ... (Sloane’s A000396). 
This follows from the fact that 


be 123 
28= Y 1,2,4,7, 14 


496 = ` 1, 2, 4,8, 16, 31, 62, 124, 248, 


etc. 


Perfect numbers are intimately connected with a class 
of numbers known as MERSENNE PRIMES. This can be 
demonstrated by considering a perfect number P of the 
form P = q2?~* where q is PRIME. Then 


o(P) = 2P, (3) 
and using 
o(q)=q+1 (4) 
for q prime, and 
0(2%) =2%** —1 (5) 
gives 
o(q2?~*) = o(g)o(2?-*) = (q + 1)(2? — 1) 
= 2g2?~* = q2? (6) 
q(2? ~1) + 2? —1 = q2? (7) 
Ge 2 =i, (8) 


Therefore, if M, = q = 2? — 1 is PRIME, then 
P = i(M,+1)M, = 2°-*(2? — 1) (9) 


is a perfect number, as was stated in Proposition 1X.36 
of Euclid’s Elements (Dunham 1990). The first few per- 
fect numbers are summarized in the following table. 


496 


8128 

33550336 

8589869056 
137438691328 
2305843008139952128 


1344 Perfect Number 

All EVEN perfect numbers are of this form, as was proved 
by Euler in a posthumous paper. The only even perfect 
number of the form x* + 1 is 28 (Makowski 1962). 


It is not known if any ODD perfect numbers exist, al- 
though numbers up to 10°°° have been checked (Brent 
et al. 1991, Guy 1994) without success, improving the 
result of Tuckerman (1973), who checked odd numbers 
up to 10°°. Euler showed that an ODD perfect number, 
if it exists, must be of the form 


m=p**g?, (10) 


where p is an ODD PRIME RELATIVELY PRIME to Q. 
In 1887, Sylvester conjectured and in 1925, Gradshtein 
proved that any ODD perfect number must have at least 
six different prime aliquot factors (or eight if it is not 
divisible by 3; Ball and Coxeter 1987). Catalan (1888) 
proved that if an ODD perfect number is not divisible 
by 3, 5, or 7, it has at least 26 distinct prime aliquot 
factors. Stuyvaert (1896) proved that an ODD perfect 
number must be a sum of squares. All EVEN perfect 
numbers end in 16, 28, 36, 56, or 76 (Lucas 1891) and, 
with the exception of 6, have DIGITAL ROOT 1. 


Every perfect number of the form 2?(2?+! — 1) can be 


written 
p/2 


ar(aPt} - 1) =} (2% - 1). (11) 


k=1 


All perfect numbers are HEXAGONAL NUMBERS and 
therefore TRIANGULAR NUMBERS. It therefore follows 
that perfect numbers are always the sum of consecutive 
POSITIVE integers starting at 1, for example, 


6= Son (12) 
28= Y) n (13) 


31 
496 = Sn (14) 
n=1 


(Singh 1997). All EVEN perfect numbers P > 6 are of 
the form 


P+1+9T», (15) 


where Tn is a TRIANGULAR NUMBER 


Ta = ¿n(n+1) (16) 


2 


such that n = 8j + 2 (Eaton 1995, 1996). The sum of 
reciprocals of all the divisors of a perfect number is 2, 
since 


n+...+c+b+a= n | (17) 
— M 
n n 
— — a EA 1 
a E n (18) 


Perfect Number 
Tpit (19) 


If s(n) > n, n is said to be an ABUNDANT NUMBER. If 
s(n) < n, n is said to be a DEFICIENT NUMBER. And if 
s(n) = kn for a POSITIVE INTEGER k > 1, n is said to 
be a MULTIPERFECT NUMBER of order k. 


see also ABUNDANT NUMBER, ALIQUOT SEQUENCE, 
AMICABLE NUMBERS, DEFICIENT NUMBER, DIVISOR 
FUNCTION, e-PERFECT NUMBER, HARMONIC NUMBER, 
HYPERPERFECT NUMBER, INFINARY PERFECT NUM- 
BER, MERSENNE NUMBER, MERSENNE PRIME, MULTI- 
PERFECT NUMBER, MULTIPLICATIVE PERFECT NUM- 
BER, PLUPERFECT NUMBER, PSEUDOPERFECT NUM- 
BER, QUASIPERFECT NUMBER, SEMIPERFECT NUM- 
BER, SMITH NUMBER, SOCIABLE NUMBERS, SUBLIME 
NUMBER, SUPERPERFECT NUMBER, UNITARY PER- 
FECT NUMBER, WEIRD NUMBER 
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PYRAMID ELECTRIC GENERATOR 


CROSS-REFERENCES 


This application is a continuation-in-part of PCT Applica- 
tion Ser. No. PCT/US07/69804 by Grandics, entitled “An 
Electric Power Converter for Extraction of Atmospheric 
Electrical Energy,” designating the United States and filed on 
May 25, 2007, which in turn claimed priority from U.S. 
Provisional Application Ser. No. 60/818,360 by Grandics, 
also entitled “An Electric Power Converter for Extraction of 
Atmospheric Electrical Energy,” and filed on Jul. 3, 2006. The 
specifications of these two applications are incorporated 
herein in their entirety by this reference. 


BACKGROUND OF THE INVENTION 


This invention relates to the generation of electrical power 
by drawing energy from Earth’s electric field. Earth repre- 
sents a resonant system in which both atmospheric and tellu- 
ric electrical processes can be harvested. In U.S. Pat. No. 
6,974,110, we have provided an apparatus and method for 
converting the electrostatic potential energy of Earth’s atmo- 
sphere. The present invention aims to provide an electric 
generator that, in addition to tapping atmospheric electric 
processes, extracts electrical power from the vibrational 
energy of atomic oscillators by a novel resonant coupling 
method. 


SUMMARY OF THE INVENTION 


An electrical generator according to the present invention 
provides a new method of tapping Earth’s electric energy 
field. 

One aspect of the present invention is an apparatus for 
capturing both atmospheric and telluric electric energies, 
comprising: 

(1) an antenna/waveguide that is geometrically optimized, 
having a conducting surface; 

(2)aprimary coil wound with a conductor over a secondary 
coil, the coil being attached electrically to a driver operating 
in the LF radio band; and 

(3) a secondary coil smaller in diameter than the primary 
coil having a greater length and a greater number of turns than 
the primary coil and having a first lead and a second lead, the 
secondary coil being positioned coaxially within the first coil 
and acting as a resonant step-up transformer winding, induc- 
tively coupled with the primary coil and an external capacitor 
connected in parallel with the secondary coil to provide a 
specific resonant frequency; or 

(4) a secondary coil smaller in diameter than the primary 
coil, having a greater length and a greater number of turns 
than the primary coil and having a first lead and a second lead, 
the secondary coil being positioned coaxially within the first 
coil and acting as a resonant step-up transformer winding, 
inductively coupled with the primary coil and connected with 
the antenna/waveguide serving as a quasi-capacitive series 
element to provide a specific resonant frequency; 
wherein the conducting surface of the antenna/waveguide 1s 
configured such that the secondary coil is connected near the 
point at which the electric field contacts the antenna/ 
waveguide; 
wherein the generator absorbs electromagnetic impulses 
from Earth’s electric field; and wherein a high voltage sinu- 
soidal waveform is generated in the secondary coil represent- 
ing harvested atmospheric and telluric electrical energy and 
measurable on the leads of the secondary coil. 
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Preferably, the antenna/waveguide is of pyramidal shape. 
When the antenna/waveguide is of pyramidal shape, the sec- 
ondary coil is preferably connected near or at the apex of the 
antenna/waveguide. 
Another aspect of the present invention is an electric gen- 
erator for harvesting the electric emissions of atomic oscilla- 
tions comprising an oscillator. Typically, the oscillator oper- 
ates in the LF or ELF bands. 
Typically, in this aspect of the present invention, the gen- 
erator comprises: 
(1) a primary coil wound with a conductor over a secondary 
coil, the coil being connected electrically to a driver operating 
in the LF or ELF bands; and 
(2) a secondary coil of smaller diameter than the primary 
coil having a greater length and a greater number of turns than 
the primary coil, the secondary coil being positioned coax1- 
ally within the first coil and acting as a resonant step-up 
transformer winding inductively coupled with the primary; 
wherein said resonant step-up transformer’s output voltage 
exceeds 500 V pays; 
wherein the electric generator attracts impulses from Earth’s 
electric oscillations; and 

wherein the attracted energy manifests as high voltage sinu- 
soidal waveforms representing harvested electric energy of 
atomic oscillations in the secondary coil and measurable 
on leads of the secondary coil. 

Another aspect of the present invention is a method of 
tapping Earth’s electric energy field, comprising these steps: 

(1) positioning an electric generator according to the 
present invention as described above, so that it 1s exposed to 
a source of atmospheric and telluric electric energy; and 

(2) producing a high-voltage sinusoidal signal representing 
electrical energy harvested by the operation of the generator. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The following invention will be better understood with 
reference to the specification, appended claims, and accom- 
panying drawings, where: 

FIG. 11s a graph showing the formation of electric vortices 
across and around the pyramid. 

FIG. 2 is a graph showing the circuit diagram of the pyra- 
mid generator. 

FIG. 3 is a graph showing the power in the secondary coil 
vs. the power in the primary coil. 

FIG. 4 is a graph showing the power in the secondary coil 
vs. the apex voltage on the pyramid. 

FIG. 5 is a graph showing the circuit diagram of the pyra- 
mid generator with the measurement points. 


DETAILED DESCRIPTION OF THE INVENTION 


One aspect of the present invention is an electric generator 
for attracting the electric emissions of atomic oscillations by 
the use of high voltage, to harvest electric energy therefrom. 

One embodiment of this aspect of the invention is an appa- 
ratus for capturing atmospheric and telluric electric energies 
by harvesting the energies of atomic oscillators, comprising: 

(1) an antenna/waveguide that is geometrically optimized, 
having a conducting surface; 

(2) a primary coil wound with an insulated conductor, the 
coil being connected to an AC or AC-DC driver; and 

(3) a secondary coil smaller in diameter than the primary 
coil, having a greater length and a greater number of turns 
than the primary coil and having a first lead and a second lead, 
the secondary coil being positioned coaxially within the first 
coil and acting as a resonant step-up transformer winding, 


Perfect Partition 


Tuckerman, B. “A Search Procedure and Lower Bound for 
Odd Perfect Numbers.” Math. Comp. 27, 943-949, 1973. 

Zachariou, A. and Zachariou, E. “Perfect, Semi-Perfect and 
Ore Numbers.” Bull. Soc. Math. Gréce (New Ser.) 13, 
12-22, 1972. 


Perfect Partition 
A PARTITION of n which can generate any number 1, 2, 
sc Ws 


see also PARTITION 


References 

Cohen, D. I. A. Basic Techniques of Combinatorial Theory. 
New York: Wiley and Sons, p. 97, 1978. 

Honsberger, R. Mathematical Gems IHI. Washington, DC: 
Math. Assoc. Amer., pp. 140-143, 1985. 


Perfect Proportion 


Since 
2a  2ab (1) 
a+b  (a+b)b' 
it follows that E 
a ar 
a ES ? 2) 
> Y 
sO a" 
a 


where A and H are the ARITHMETIC MEAN and HAR- 
MONIC MEAN of a and b. This relationship was purport- 
edly discovered by Pythagoras. 


see also ARITHMETIC MEAN, HARMONIC MEAN 


Perfect Rectangle 

A RECTANGLE which cannot be built up of SQUARES 
all of different sizes is called an imperfect rectangle. A 
RECTANGLE which can be built up of SQUARES all of 
different sizes is called perfect. 


-——-$$$$ 56 S, 


A type of RULER considered by Guy (1994) which has k 
distinct marks spaced such that the distances between 
marks can be used to measure all the distances 1, 2, 3, 4, 
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. up to some maximum distance n > k. Such a ruler 
can be constructed from a PERFECT DIFFERENCE SET 
by subtracting one from each element. For example, the 
PERFECT DIFFERENCE SET {1, 2, 5, 7} gives 0, 1, 4, 
6, which can be used to measure 1 — 0 = 1, 6— 4 = 2, 
4—-1=3,4-0=4,6-—1=5, 6 —0 = 6 (so we get 6 
distances with only four marks). 


see also PERFECT DIFFERENCE SET 
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Perfect Set 
A SET P is called perfect if P = P’, where P’ is the 
DERIVED SET of P. 


see also DERIVED SET, SET 


Perfect Square 

The term perfect square is used to refer to a SQUARE 
NUMBER, a PERFECT SQUARE DISSECTION, or a fac- 
torable quadratic polynomial of the form a° — b? = 
(a — b)(a + b). 

see also PERFECT SQUARE DISSECTION, QUADRATIC 
EQUATION, SQUARE NUMBER, SQUAREFREE 


Perfect Square Dissection 


A SQUARE which can be DISSECTED into a number of 
smaller SQUARES with no two equal is called a PERFECT 
SQUARE DISSECTION (or a SQUARED SQUARE). Square 
dissections in which the squares need not be different 
sizes are called MRS. PERKINS’ QUILTS. If no subset 
of the SQUARES forms a RECTANGLE, then the perfect 
square is called “simple.” Lusin claimed that perfect 
squares were impossible to construct, but this assertion 


was proved erroneous when a 55-SQUARE perfect square 
was published by R. Sprague in 1939 (Wells 1991). 


There is a unique simple perfect square of order 21 
(the lowest possible order), discovered in 1978 by 
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A. J. W. Duijvestijn (Bouwkamp and Duijvestijn 1992). 
It is composed of 21 squares with total side length 112, 
and is illustrated above. There is a simple notation 
(sometimes called Bouwkamp code) used to describe 
perfect squares. In this notation, brackets are used to 
group adjacent squares with flush tops, and then the 
groups are sequentially placed in the highest (and left- 
most) possible slots. For example, the 21-square illus- 
trated above is denoted [50, 35, 27], (8, 19], [15, 17, 11], 
[6, 24], [29, 25, 9, 2], [7, 18], [16], (42], [4, 37], [33]. 


The number of simple perfect squares of order n for 
n > 21 are 1, 8, 12, 26, 160, 441, ... (Sloane's A006983). 
Duijvestijn's Table 1 gives a list of the 441 simple perfect 
squares of order 26, the smallest with side length 212 and 
the largest with side length 825. Skinner (1993) gives 
the smallest possible side length (and smallest order for 
each) as 110 (22), 112 (21), 120 (24), 139 (22), 140 (23), 

. for simple perfect squared squares, and 175 (24), 
235 (25), 288 (26), 324 (27), 325 (27), ... for compound 
perfect squared squares. 


There are actually three simple perfect squares having 
side length 110. They are [60, 50], [23, 27], [24, 22, 14], 
'7, 16), (8, 6), (12, 15], (13), (2, 28}, [26), [4, 21, 3), (18), 
[17] (order 22; discovered by A. J. W. Duijvestijn); [60, 
50], (27, 23], [24, 22, 14], [4, 19], [8, 6], [3, 12, 16], [9], 
(2, 28], [26], [21], [1, 18], [17] (order 22; discovered by 
T. H. Willcocks); and [44, 29, 37], (21, 8], [13, 32], [28, 
16], (15, 19], [12,4], (3, 1), (2, 14), [5], [10, 41), (38, 7) 
[31] (order 23; discovered by A. J. W. Duijvestijn). 


D. Sleator has developed an efficient ALGORITHM for 
finding non-simple perfect squares using what he calls 
rectangle and “ell” grow sequences. This algorithm finds 
a slew of compound perfect squares of orders 24-32. 
Weisstein gives a partial list of known simple and com- 
pound perfect squares (where the number of simple per- 
fect squares is exact for orders less than 27) as well as 
Mathematica? (Wolfram Research, Champaign, IL) al- 
gorithms for drawing them. 


Order # Simple # Compound 


21 1 0 
22 8 0 
23 12 0 
24 26 1 
25 160 1 
26 441 2 
21 Es 2 
28 ? 4 
29 ? 2 
30 ? 3 
31 ? 2 
32 ? 2 
38 1 0 
69 1 0 


see also MRS. PERKINS’ QUILT 


Periapsis 
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Periapsis 
ry r 


The smallest radial distance of an ELLIPSE as measured 
from a Focus. Taking v = 0 in the equation of an 
ELLIPSE 

_ a(1—e’) 

= l+ecosu 


gives the periapsis distance 
r_=a(l-e). 


Periapsis for an orbit around the Earth is called perigee, 
and periapsis for an orbit around the Sun is called per- 
ihelion. 


Perigon 
see also APOAPSIS, ECCENTRICITY, ELLIPSE, FOCUS 


Perigon 
An ANGLE of 27 radians = 360° corresponding to the 
CENTRAL ANGLE of an entire CIRCLE. 


Perimeter 

The ARC LENGTH along the boundary of a closed 2-D 
region. The perimeter of a CIRCLE is called the CIR- 
CUMFERENCE. 


see also CIRCUMFERENCE, 
SEMIPERIMETER 


CLUSTER PERIMETER, 


Perimeter Polynomial 
A sum over all CLUSTER PERIMETERS. 


Period Doubling 

A characteristic of some systems making a transition 
to CHAOS. Doubling is followed by quadrupling, etc. 
An example of a map displaying period doubling is the 
LOGISTIC MAP. 


see also CHAOS, LOGISTIC MAP 


Period Three Theorem 

Li and Yorke (1975) proved that any 1-D system which 
exhibits a regular CYCLE of period three will also dis- 
play regular CYCLES of every other length as well as 
completely CHAOTIC CYCLES. 


see also CHAOS, CYCLE (MAP) 
References 
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Periodic Function 


A FUNCTION f(z) is said to be periodic with period p 
if f(z) = f(x + np) for n = 1, 2,.... For example, the 
SINE function sinz is periodic with period 27 (as well 
as with period —27r, 4r, 67, etc.). 


The CONSTANT FUNCTION f(x) = 0 is periodic with 
any period R for all NONZERO REAL NUMBERS R, so 
there is no concept analogous to the LEAST PERIOD of 
a PERIODIC POINT for functions. 


see also PERIODIC POINT, PERIODIC SEQUENCE 


Permanence of Algebraic Form 1347 


References 

Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 425-427, 1953. 

Spanier, J. and Oldham, K. B. “Periodic Functions.” Ch. 36 
in An Atlas of Functions. Washington, DC: Hemisphere, 
pp. 343-349, 1987. 


Periodic Point 

A point 29 is said to be a periodic point of a FUNCTION 
f of period n if f” (zo) = Zo, where folx) = z and f”(x) 
is defined recursively by f"(x) = f(f"~*(z)). 

see also LEAST PERIOD, PERIODIC FUNCTION, PERI- 
ODIC SEQUENCE 


Periodic Sequence 

A SEQUENCE {a;} is said to be periodic with period p 
with if it satisfies a; = @ijnp for n = 1, 2, .... For 
example, {1, 2, 1, 2, 1, 2, 1, 2, 1, 2,1, 2,1, 2,...}isa 
periodic sequence with LEAST PERIOD 2. 

see also EVENTUALLY PERIODIC, PERIODIC FUNCTION, 
PERIODIC POINT 


Perkins’ Quilt 
see MRS. PERKINS’ QUILT 


Perko Pair 


The KNOTS 10161 and 10162 illustrated above. They 
are listed as separate knots in the pictorial enumeration 
of Rolfsen (1976, Appendix C), but were identified as 
identical by Perko (1974). 
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Permanence of Algebraic Form 

All ELEMENTARY FUNCTIONS can be extended to the 
COMPLEX PLANE. Such definitions agree with the REAL 
definitions on the z-AXIS and constitute an ANALYTIC 
CONTINUATION. 


see also ANALYTIC CONTINUATION, ELEMENTARY 
FUNCTION, PERMANENCE OF MATHEMATICAL RELA- 
TIONS PRINCIPLE 
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Permanence of Mathematical Relations 
Principle 

The metric properties discovered for a primitive fig- 
ure remain applicable, without modifications other than 
changes of signs, to all correlative figures which can be 
considered to arise from the first. 


This principle was formulated by Poncelet, and amounts 
to the statement that if an analytic identity in any finite 
number of variables holds for all real values of the vari- 
ables, then it also holds by ANALYTIC CONTINUATION 
for all complex values (Bell 1945). This principle is also 
called PONCELET’S CONTINUITY PRINCIPLE. 


see also ANALYTIC CONTINUATION, CONSERVATION OF 
NUMBER PRINCIPLE, DUALITY PRINCIPLE, PERMA- 
NENCE OF ALGEBRAIC FORM 
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Permanent 

An analog of a DETERMINANT where all the signs in 
the expansion by MINORS are taken as POSITIVE. The 
permanent of a MATRIX A is the coefficient of z1 --- Ln 


1 
n 


| | (01101 + 01222 +... + Gintn) 
¿=1 


(Vardi 1991). Another equation is the RYSER FORMULA 


perm(aij)=(~1)" Y (ALS as, 


sC(1,...,n) i=l jEs 


where the SUM is over all SUBSETS of {1, ..., n}, and 
ls is the number of elements in s (Vardi 1991). 


If M is a UNITARY MATRIX, then 
| perm(M)! < 1 


(Minc 1978, p. 25; Vardi 1991). 


see also DETERMINANT, FROBENIUS-KONIG THEOREM, 
IMMANANT, RYSER FORMULA, SCHUR MATRIX 
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Permil 

The use of percentages is a way of expressing RATIOS in 
terms of whole numbers. Given a RATIO or FRACTION, 
it is converted to a permil-age by multiplying by 1000 


and appending a “mil sign” %o. For example, if an: 


investment grows from a number P = 13.00 to a number 
A = 22.50, then A is 22.50/13.00 = 1.7308 times as 
much as P, or 1730.8 %o. 


see also PERCENT 


Permanence of Mathematical Relations Principle 


Permutation 


Permutation 


The rearrangement of elements in a set into a ONE- 


TO-ONE correspondence with itself, also called an AR- 
RANGEMENT or ORDER. The number of ways of obtain- 
ing r ordered outcomes from a permutation of n elements 
is 
n! n 

P, Se! 1 
"TT (nr)! i! (1) 
where n! is n FACTORIAL and (7) is a BINOMIAL Co- 
EFFICIENT. The total number of permutations for n 
elements is given by n!. 


A representation of a permutation as a product of CY- 
CLES is unique (up to the ordering of the cycles). An 
example of a cyclic decomposition is ({1, 3, 4}, {2}), cor- 
responding to the permutations (1 > 3, 3 > 4, 4 > 1) 
and (2 — 2), which combine to give (4, 2, 1, 3}. 


Any permutation is also a product of TRANSPOSI- 
TIONS. Permutations are commonly denoted in LEX- 
ICOGRAPHIC or TRANSPOSITION ORDER. There is a 
correspondence between a PERMUTATION and a pair of 
YOUNG TABLEAUX known as the SCHENSTED CORRE- 
SPONDENCE. 


The number of wrong permutations of n objects is [n!/e] 
where [z] is the NINT function. A permutation of n 
ordered objects in which no object is in its natural place 
is called a DERANGEMENT (or sometimes, a COMPLETE 
PERMUTATION) and the number of such permutations is 
given by the SUBFACTORIAL !n. 


Using 
ID (Mery (2) 


with z = y = 1 gives 


r=0 
so the number of ways of choosing 0, 1, ..., or nat a 
time is 2”. 
The set of all permutations of a set of elements 1, ..., n 
can be obtained using the following recursive procedure 
1 2 
j (4) 
2 1 
1 2 3 
/ 
1 3 2 
/ 
3 il 2 
| (5) 
3 2 1 
\ 
2 3 1 
\ 
2 1 3 


Permutation Group 


Let the set of INTEGERS 1, 2, ..., n be permuted and 
the resulting sequence be divided into increasing RUNS. 
As n approaches INFINITY, the average length of the nth 
RUN is denoted Ln. The first few values are 


Lı =e —1=1.7182818... (6) 
Lz =e” — 2e = 1.9524... (7) 
L3 = e° — 3e” + de = 1.9957..., (8) 


where e is the base of the NATURAL LOGARITHM (Knuth 
1973, Le Lionnais 1983). 


see also ALTERNATING PERMUTATION, BINOMIAL Co- 
EFFICIENT, CIRCULAR PERMUTATION, COMBINATION, 
COMPLETE PERMUTATION, DERANGEMENT, DISCOR- 
DANT PERMUTATION, EULERIAN NUMBER, LINEAR 
EXTENSION, PERMUTATION MATRIX, SUBFACTORIAL, 
TRANSPOSITION 
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Permutation Group 

A finite GROUP of substitutions of elements for each 
other. For instance, the order 4 permutation group (4, 
2, 1, 3) would rearrange the elements (4, B, C, D} in 
the order {D, B, A, C}. A SUBSTITUTION GROUP of 
two elements is called a TRANSPOSITION. Every SUB- 
STITUTION GROUP with > 2 elements can be written as 
a product of transpositions. For example, 


(abc) = (ab)(ac) 
(abcde) = (ab)(ac)(ad)(ae). 


CONJUGACY CLASSES of elements which are inter- 
changed are called CYCLES (in the above example, the 
CYCLES are {{1, 3, 4}, {2}}). 

see also CAYLEY’S GROUP THEOREM, CYCLE (PERMU- 


TATION), GROUP, SUBSTITUTION GROUP, TRANSPOSI- 
TION 
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Permutation Matrix 

A MATRIX p,; obtained by permuting the ith and jth 
rows of the IDENTITY MATRIX with 2 < J. Every row 
and column therefore contain precisely a single 1, and 
every permutation corresponds to a unique permutation 
matrix. The matrix is nonsingular, so the DETERMI- 
NANT is always NONZERO. It satisfies 


where | is the IDENTITY MATRIX. Applying to another 
MATRIX, p,;A gives A with the ith and jth rows inter- 
changed, and Ap,, gives A with the ith and jth columns 
interchanged. 


Interpreting the Is in an n x n permutation matrix as 
ROOKS gives an allowable configuration of nonattacking 
ROOKS on an n x n CHESSBOARD. 


see also ELEMENTARY MATRIX, IDENTITY, PERMUTA- 
TION, ROOK NUMBER 


Permutation Pseudotensor 
see PERMUTATION TENSOR 


Permutation Symbol 
A three-index object sometimes called the LEVI-CIVITA 
SYMBOL defined by 


0 fori=3) 3 =k,ok=21 


Eijk = 3 +1 for (1, 7, k) € {(1, 2, 3), (2, 3, 1), (3, 1, 2)} 
—1 for (i,j,k) € {(1, 3, 2), (3, 2,1), (2,1,3)}. 
(1) 

The permutation symbol satisfies 

ÎijEijk = 0 (2) 
Eipg€jpq = 206i; (3) 
Eijk Eijk = 6 (4) 
EijkEpgk = Oipdjq — digÓjp, (5) 


where 6;; is the KRONECKER DELTA. The symbol can be 
defined as the SCALAR TRIPLE PRODUCT of unit vectors 
in a right-handed coordinate system, 


Eijk = X; . (xX; x Xx). (6) 


The symbol can also be interpreted as a TENSOR, in 
which case it is called the PERMUTATION TENSOR. 


see also PERMUTATION TENSOR 
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Permutation Tensor 

A PSEUDOTENSOR which is ANTISYMMETRIC under the 
interchange of any two slots. Recalling the definition 
of the PERMUTATION SYMBOL in terms of a SCALAR 
TRIPLE PRODUCT of the Cartesian unit vectors, 


Eijk = Xi; . (x; x Xp) = [Xi, Xy, Xe], (1) 


the pseudotensor is a generalization to an arbitrary BA- 
SIS defined by 


cap = Vlgllo,B,..-, H] (2) 
exw SS Loe sent) (3) 
y lg! 
where 
[a, B,..., 1] = 
1 the arguments are an even permutation 
—1 the arguments are an odd permutation 
O two or more arguments are equal, 
(4) 
and g = det(gag), where gag is the METRIC TENSOR. 
e(X1,...,Xn) is NONZERO IFF the VECTORS are LIN- 


EARLY INDEPENDENT. 


see also PERMUTATION SYMBOL, SCALAR TRIPLE 
PRODUCT 


Peron Integral 
see DENJOY INTEGRAL 


Perpendicular 


A D B 
Two lines, vectors, planes, etc., are said to be perpen- 
dicular if they meet at a RIGHT ANGLE. In R”, two 
VECTORS A and B are PERPENDICULAR if their DOT 
PRODUCT 
A-B=0. 


In R?, a LINE with SLOPE ma = —1/m is PERPENDIC- 
ULAR to a LINE with SLOPE mı. Perpendicular objects 
are sometimes said to be “orthogonal.” 


In the above figure, the LINE SEGMENT AB is perpen- 
dicular to the LINE SEGMENT CD. This relationship is 
commonly denoted with a small SQUARE at the vertex 
where perpendicular objects meet, as shown above. 


see also ORTHOGONAL VECTORS, PARALLEL, PERPEN- 


DICULAR BISECTOR, PERPENDICULAR FOOT, RIGHT 
ANGLE 


Perrin Pseudoprime 


Perpendicular Bisector 


A A) 


The perpendicular bisectors of a TRIANGLE AA14243 
are lines passing through the MIDPOINT M; of each side 
which are PERPENDICULAR to the given side. A TRIAN- 
GLE'S three perpendicular bisectors meet at a point C 
known as the CIRCUMCENTER (which is also the center 
of the TRIANGLE’S CIRCUMCIRCLE). 


see also CIRCUMCENTER, MIDPOINT, PERPENDICULAR, 
PERPENDICULAR FOOT 


Perpendicular Foot 


perpendicular 

foot 
The Foot of the PERPENDICULAR is the point on the 
leg opposite a given vertex of a TRIANGLE at which the 
PERPENDICULAR passing through that vertex intersects 
the side. The length of the LINE SEGMENT front ver- 
tex to perpendicular foot is called the ALTITUDE of the 
TRIANGLE. 


see also ALTITUDE, FOOT, PERPENDICULAR, PERPEN- 
DICULAR BISECTOR 


Perrin Pseudoprime 

If p is PRIME, then p|P(p), where P(p) is a member of 
the PERRIN SEQUENCE 0, 2, 3, 2, 5, 5, 7, 10, 12, 17, ... 
(Sloane’s A001608). A Perrin pseudoprime is a COM- 
POSITE NUMBER n such that n|P(n). Several “unre- 
stricted” Perrin pseudoprimes are known, the smallest 
of which are 271441, 904631, 16532714, 24658561, ... 
(Sloane’s A013998). 


Adams and Shanks (1982) discovered the smallest unre- 
stricted Perrin pseudoprime after unsuccessful searches 
by Perrin (1899), Malo (1900), Escot (1901), and Jar- 
den (1966). (Stewart’s 1996 article stating no Perrin 
pseudoprimes were known was in error.) 


Grantham (1996) generalized the definition of Perrin 


pseudoprime with parameters (r,s) to be an ODD COM- 
POSITE NUMBER n for which either 


Perrin Sequence 


1. (A/n) = 1 and n has an S-SIGNATURE, or 
2. (A/n) =—1 and n has a Q-SIGNATURE, 


where (a/b) is the JACOBI SYMBOL. All the 55 Perrin 
pseudoprimes less than 50 x 10° have been computed 
by Kurtz et al. (1986). All have S-SIGNATURE, and 
form the sequence Sloane calls “restricted” Perrin pseu- 
doprimes: 27664033, 46672291, 102690901, ... (Sloane’s 
A018187). 


see also PERRIN SEQUENCE, PSEUDOPRIME 
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Perrin Sequence 
The INTEGER SEQUENCE defined by the recurrence 


P(n) = P(n — 2) + P(n — 3) (1) 
with the initial conditions P(0) = 3, P(1) = 0, PpS 
2. The first few terms are 0, 2, 3, 2, 5, 5, 7, 10, 12, 
17, ... (Sloane's A001608). P(n) is the solution of a 


third-order linear homogeneous DIFFERENCE EQUATION 
having characteristic equation 


or-1=0, (2) 


discriminant —23, and ROOTS 


a = 1.324717957 (3) 
B = —0.6623589786 + 0.56227951211 (4) 
y œ —0.6623589786 — 0.5622795121i. (5) 


The solution is then 


Aln) =a" +p" +7", (6) 
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where 


A(n) ~ a”. (7) 


Perrin (1899) investigated the sequence and noticed that 
if n is PRIME, then n|P(n). The first statement of this 
fact is attributed to E. Lucas in 1876 by Stewart (1996). 
Perrin also searched for but did not find any COMPOS- 
ITE NUMBER n in the sequence such that n|P(n). Such 
numbers are now known as PERRIN PSEUDOPRIMES. 
Malo (1900), Escot (1901), and Jarden (1966) subse- 
quently investigated the series and also found no PER- 
RIN PSEUDOPRIMES. Adams and Shanks (1982) subse- 
quently found that 271,441 is such a number. 


see also PADOVAN SEQUENCE, PERRIN PSEUDOPRIME, 
SIGNATURE (RECURRENCE RELATION) 
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Perron-Frobenius Operator 
An OPERATOR which describes the time evolution of — 
densities in PHASE SPACE. The OPERATOR can be de- 
fined by i 

Pn+1 = Lpn, 
where pn are the NATURAL DENSITIES after the nth 
iteri ion of a map f. This can be explicitly written as 


p(x) 
Ze Pe) 


ee f-l(y) 


Lp(y) = 
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Perron-Frobenius Theorem 

If all elements a;; of an IRREDUCIBLE MATRIX A are 
NONNEGATIVE, then R = min M) is an EIGENVALUE of 
A and all the EIGENVALUES of A lie on the Disk 


|z| < R, 


where, if A = (A1,A2,...,An) is a set of NONNEGATIVE 
numbers (which are not all zero), 


Ma = inf fu : As > Y lalà <is "| 


j=l 
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and R = minM). Furthermore, if A has exactly p 
EIGENVALUES (p < n) on the CIRCLE |z| = R, then the 
set of all its EIGENVALUES is invariant under rotations 
by 2r/p about the ORIGIN. 


see also WIELANDT’S THEOREM 
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Perron’s Theorem 

If pt = (ui, pa, ..., Hn) is an arbitrary set of POSITIVE 
numbers, then all EIGENVALUES A of the n x n MATRIX 
A = ai; lie on the DISK |z| < M,, where 


Tt 


i 
a [ial 
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Persistence 


see ADDITIVE PERSISTENCE, MULTIPLICATIVE PERSIS- 
TENCE, PERSISTENT NUMBER, PERSISTENT PROCESS 


Persistent Number 

An n-persistent number is a POSITIVE INTEGER k which 
contains the digits 0, 1, ..., 9, and for which 2k,..., nk 
also share this property. No oo-persistent numbers exist. 
However, the number k = 1234567890 is 2-persistent, 
since 2k = 2469135780 but 3k = 3703703670, and 
the number k = 526315789473684210 is 18-persistent. 
There exists at least one k-persistent number for each 
POSITIVE INTEGER k. 


see also ADDITIVE PERSISTENCE, MULTIPLICATIVE 
PERSISTENCE 
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Persistent Process 
A FRACTAL PROCESS for which H > 1/2, sor > 0. 


see also ANTIPERSISTENT PROCESS, FRACTAL PROCESS 


Perspective 
vanishing points 
oe A ~ 
P, Y 
Pd yet » 
/ / D 

Ze / ToS 
/ \ 

/ \ 

| i 
one-point two-point three-point 


perspective perspective persp i ctive 


Perspective Collineation 


Perspective is the art and mathematics of realistically 
depicting 3-D objects in a 2-D plane. The study of the 
projection of objects in a plane is called PROJECTIVE 
GEOMETRY. The principles of perspective drawing were 
elucidated by the Florentine architect F. Brunelleschi 
(1377-1446). These rules are summarized by Dixon 
(1991): 

1. The horizon appears as a line. 


2. Straight lines in space appear as straight lines in the 
image. 
3. Sets of PARALLEL lines meet at a VANISHING POINT. 


4. Lines PARALLEL to the picture plane appear PARAL- 
LEL and therefore have no VANISHING POINT. 


There is a graphical method for selecting vanishing 
points so that a CUBE or box appears to have the correct 
dimensions (Dixon 1991). 


see also. LEONARDO’S PARADOX, PERSPECTIVE AXIS, 
PERSPECTIVE CENTER, PERSPECTIVE COLLINEATION, 
PERSPECTIVE TRIANGLES, PERSPECTIVITY, PROJEC- 
TIVE GEOMETRY, VANISHING POINT, ZEEMAN’S PARA- 
DOX 


References 

de Vries, V. Perspective. New York: Dover, 1968. 

Dixon, R. “Perspective Drawings.” Ch. 3 in Mathographics. 
New York: Dover, pp. 79-88, 1991. 

Parramon, J. M. Perspective—How to Draw. Barcelona, 
Spain: Parramon Editions, 1984. 


Perspective Axis 

The line joining the three collinear points of intersection 
of the extensions of corresponding sides in PERSPECTIVE 
TRIANGLES. 


see also PERSPECTIVE CENTER, PERSPECTIVE TRIAN- 
GLES, SONDAT’S THEOREM 


Perspective Center 

The point at which the three LINES connecting the VER- 
TICES of PERSPECTIVE TRIANGLES (from a point) CON- 
CUR. 


Perspective Collineation 

A perspective collineation with center O and axis o is 
a COLLINEATION which leaves all lines through O and 
points of o invariant. Every perspective collineation is a 
PROJECTIVE COLLINEATION. 


see also COLLINEATION, ELATION, HOMOLOGY (GEOM- 
ETRY), PROJECTIVE COLLINEATION | 


References 
Coxeter, H. S. M. Introduction to Geometry, 2nd ed. New 
York: Wiley, pp. 247-248, 1969. 


Perspective Triangles 


Perspective Triangles 

Two TRIANGLES are perspective from a line if the ex- 
tensions of their three pairs of corresponding sides meet 
in COLLINEAR points. The line joining these points is 
called the PERSPECTIVE AXIS. Two TRIANGLES are per- 
spective from a point if their three pairs of correspond- 
ing VERTICES are joined by lines which meet in a point 
of CONCURRENCE. This point is called the PERSPEC- 
TIVE CENTER. DESARGUES’ THEOREM guarantees that 
if two TRIANGLES are perspective from a pomt they are 
perspective from a line. 


see also DESARGUES’ THEOREM, HOMOTHETIC TRI- 
ANGLES, PARALOGIC TRIANGLES, PERSPECTIVE AXIS, 
PERSPECTIVE CENTER 


Perspectivity 
A correspondence between two RANGES that are sec- 
tions of one PENCIL by two distinct lines. 


see also PENCIL, PROJECTIVITY, RANGE (LINE SEG- 
MENT) 


Pesin Theory 
A theory of linear HYPERBOLIC MAPS in which the lead- 
ing constants do depend on the variable z. 


Peter- Weyl Theorem 
Establishes completeness for a REPRESENTATION. 


References 
Knapp, A. W. “Group Representations and Harmonic Anal- 
ysis, Part 11.” Not. Amer. Math. Soc. 43, 537-049, 1996. 


Peters Projection 
A CYLINDRICAL equal-area projection that shifts the 
standard parallels to 45° or 47°. 


see also CYLINDRICAL PROJECTION 


References 
Dana, P. H. “Map Projections.” http://www.utexas.edu/ 
depts/grg/gcraft/notes/mapproj/mapproj.html. 


Petersen Graphs 


“The” Petersen graph is the GRAPH illustrated above 
possessing ten VERTICES all of whose nodes have DE- 
GREE 3 (Saaty and Kainen 1986). The Petersen graph 
is the only smallest-girth graph which has no Tait col- 
oring. 
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The seven graphs obtainable from the COMPLETE 
GRAPH Ke by repeated triangle-Y exchanges are also 
called Petersen graphs, where the three EDGES forming 
the TRIANGLE are replaced by three EDGES and a new 
VERTEX that form a Y, and the reverse operation is also 
permitted. A GRAPH is intrinsically linked IFF it con- 
tains one of the seven Petersen graphs (Robertson et al. 
1993). 


see also HOFFMAN-SINGLETON GRAPH 
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Adams, C. C. The Knot Book: An Elementary Introduction 
to the Mathematical Theory of Knots. New York: W. H. 
Freeman, pp. 221-222, 1994. 
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Petersen-Shoute Theorem 


1. If AABC and AA'B'C' are two directly similar tri- 
angles, while AAA' A”, ABB'B", and ACC’C” are 
three directly similar triangles, then A4”B"C" is 
directly similar to AABC. 


2. When all the points P on AB are related by a SIM- 
ILARITY TRANSFORMATION to all the points P’ on 
A'B', the points dividing the segment PP’ in a given 
ratio are distant and collinear, or else they coincide. 


References 
Coxeter, H. S. M. and Greitzer, S. L. Geometry Revisited. 
Washington, DC: Math. Assoc. Amer., pp. 95-100, 1967. 


des Polygon 
(3, 4] (3, 5) (4, 3) {5,3} 


5020000 


A skew POLYGON such that every two consecutive sides 
(but no three) belong to a face of a regular POLYHE- 
DRON. Every finite POLYHEDRON can be orthogonally 
projected onto a plane in such a way that one Petrie 
polygon becomes a REGULAR POLYGON with the re- 
mainder of the projection interior to it. The Petrie poly- 
gon of the POLYHEDRON {p,q} has A sides, where 


cos — } = cos — į + cos —}, 
h P q 
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The Petrie polygons shown above correspond to the 
PLATONIC SOLIDS. 


see also PLATONIC SOLID, REGULAR POLYGON 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, p. 135, 
1987. 

Coxeter, H. S. M. “Petrie Polygons.” $2.6 in Regular Poly- 
topes, 3rd ed. New York: Dover, pp.24-25, 1973. 


Petrov Notation 
A TENSOR notation which considers the RIEMANN TEN- 
SOR Ragvx as a matrix R(2 y) (1) With indices Au and vn. 


References 

Weinberg, S. Gravitation and Cosmology: Principles and 
Applications of the General Theory of Relativity. New 
York: Wiley, p. 142, 1972. 


Pfaffian Form 
A 1-FORM k 

¿=1 
such that 

w = 0. 
References 


Knuth, D. E. “Overlapping Pfaffians.” Electronic J. Com- 
binatorics 3, No. 2, R5, 1-13, 1996. http://www. 
combinatorics.org/Volume.3/volume3_2.htmltR5. 


Phase 
The angular position of a quantity. For example, the 
phase of a function cos(wt + ġo) as a function of time is 


p(t) = wt + do. 


The ARGUMENT of a COMPLEX NUMBER is sometimes 
also called the phase. 


see also ARGUMENT (COMPLEX NUMBER), COMPLEX 
NUMBER, PHASOR, RETARDANCE 


Phase Space 

For a function or object with n DEGREES OF FREEDOM, 
the n-D SPACE which is accessible to the function or 
object is called its phase space. 


see also WORLD LINE 


Phase Transition 
see RANDOM GRAPH 


Phasor 


Phasor 


The representation, beloved of engineers and physicists, 
of a COMPLEX NUMBER in terms of a COMPLEX expo- 
nential l 

x + iy = |z\e", (1) 


where i (called 7 by engineers) is the IMAGINARY NUM- 
BER and the MODULUS and ARGUMENT (also called 


PHASE) are 
|z| = yz? + y? (2) 
$ = tan”? (2) i (3) 


Here, ¢ is the counterclockwise ANGLE from the PosI- 
TIVE REAL axis. In the degenerate case when x = 0, 


-ir ify < 0 
@= < undefined if y=0 (4) 
57 if y > 0. 


It is trivially true that 


Y Rida] =R Y Wi | - (5) 
Now consider a SCALAR FUNCTION y = yoe‘. Then 
l= Ro) =[(0+v)P = iH 
= i (V +29" +y). (6) 
Look at the time averages of each term, 
(y?) = (poe) = wo? penes — 0 (7) 
(pp*) = (poe tpoe” +?) = yo” = Id)? (8) 
(pr?) = (bo7e~?**" = apo? (ente) — 0. (9) 


Therefore, 
| (D) = lvl’. (10) 
Consider now two scalar functions 
dr = Pape rte) (11) 
ba = voce erat, (12) 
Then 
I = Rp) + Rpa) = 3[( + da") + (Ha +02) 


Fla + 417)” + (2 + 027)" 
+ 2112 + dia” + Y a + 1 9 )] (13) 
(1) = iyiyi" + 2poe” + 2wiwe” + 212] 

= ifya (y + y2") + palh" + p”) 

= Hb +2) (01 * + 2%) = ¿lun + wal”. (14) 


In general, 


2 


(I) = 5 (15) 


ov 
1=1 


see also AFFIX, ARGUMENT (COMPLEX NUMBER), 
COMPLEX MULTIPLICATION, COMPLEX NUMBER, 
MODULUS (COMPLEX NUMBER), PHASE 
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inductively coupled with the first coil; and an external capaci- 
tor connected in parallel with the secondary coil to provide a 
specific resonant frequency; or 

(4) a secondary coil smaller in diameter than the primary 
coil, having a greater length and a greater number of turns 
than the primary coil and having a first lead and a second lead, 
the secondary coil being positioned coaxially within the first 
coil and acting as a resonant step-up transformer winding, 
inductively coupled with the first coil and connected with the 
antenna/waveguide serving as a quasi-capacitive series ele- 
ment to provide a specific resonant frequency, with the sec- 
ondary coil attached near the point at which the electric field 
contacts the antenna/waveguide; 
wherein the generator absorbs electromagnetic impulses 

from Earth’s electric field; and 
wherein a high-voltage, sinusoidal waveform is generated in 

the secondary coil representing harvested atmospheric and 
telluric electrical energy and measurable on leads of the 
secondary coil. 

Preferably, the antenna/waveguide is of pyramidal shape. 
However, any geometric shape can be used for the antenna/ 
waveguide. When it is of pyramidal shape, the secondary coil 
is preferably connected near or at the apex of the antenna/ 
waveguide. The shape and size of the antenna/waveguide can 
be optimized depending on the intended use of the generator. 
Preferably, the antenna/waveguide exhibits ratios of pi and 
the Fibonacci number (phi). 

Typically, the generator further comprises an insulated 
base on which the antenna/waveguide is placed. The size and 
shape of the insulated base can also be optimized, depending 
on the intended use of the generator. The second lead of the 
secondary coil is typically connected to earth ground. 

Typically, the output of the secondary coil is harvested. 
This can be done by connecting to a rectifier-capacitor-load 
resistance, or by a third coil inductively coupled with the 
secondary coil. In one alternative, the output of the secondary 
coil is coupled to a load for drawing power from the generator. 
The optimal circuit can be selected by one of ordinary skill in 
the art to optimize power extraction. The load draws power 
from the generator. The load can be a resistor, a rectifier or a 
storage capacitor powering a DC load. Typically, the antenna/ 
waveguide is at a high voltage during the operation of the 
generator. Typically, the antenna/waveguide voltage is 
greater than 500 V pags. The antenna/waveguide can be con- 
nected to an oscillator. The oscillator can comprise a resonant 
step-up transformer. 

Typically, the antenna/waveguide is in resonance with the 
secondary coil. Typically, the primary coil is inductively 
coupled to the secondary coil. 

Typically, the antenna/waveguide is positioned in a gener- 
ally north-south direction to tap atmospheric and telluric elec- 
tric energy. In this arrangement, when the antenna/waveguide 
is of pyramidal shape, the height of the pyramid can be from 
about 0.5 m to about 1000 m, more typically, from about 0.50 
m to about 150 m. The optimal pyramid size is a function of 
the power requirements. However, a pyramid can be built 
even 1 km in height. Typically, the base surface area of the 
pyramid ranges from about 0.25 m? to about 1,000,000 m; 
more typically, from about 0.25 m’ to about 25,000 m”. Natu- 
rally, other heights and base surface areas can be used for 
particular applications. The numbers of sides can also vary. 
When the pyramid is small (e.g., 6-feet base length described 
in this application), there is an insufficient atmospheric poten- 
tial on its apex to trigger the attraction of power. In such event, 
an AC or AC-DC driver is necessary to bring the pyramid to 
the electric potential necessary. A suitable voltage is typically 
greater than 500 V zas- 
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In one alternative, the primary coil is wound with a con- 
ductor over the secondary coil, the primary coil being con- 
nected electrically to a driver operating in the LF or ELF 
bands. 
Another aspect of the present invention is an electric gen- 
erator for harvesting the electric emissions of atomic oscilla- 
tions comprising an oscillator. Typically, the oscillator oper- 
ates in the LF or ELF bands. 
Typically, in this aspect of the present invention, the gen- 
erator comprises: 
(1) a primary coil wound with a conductor over a secondary 
coil, the coil being connected electrically to a driver operating 
in the LF or ELF bands; and 
(2) a secondary coil of smaller diameter than the primary 
coil having a greater length and a greater number of turns than 
the primary coil, the secondary coil being positioned coax1- 
ally within the first coil and acting as a resonant step-up 
transformer winding inductively coupled with the primary; 
wherein said resonant step-up transformer’s output voltage 
exceeds 500 V pays; 
wherein the electric generator attracts impulses from Earth’s 
electric oscillations; and 

wherein the attracted energy manifests as high voltage sinu- 
soidal waveforms representing harvested electric energy of 
atomic oscillations in the secondary coil and measurable 
on leads of the secondary coil. 

In this alternative, the output of the secondary coil can be 
coupled to a load for drawing power from the generator. 

Another aspect of the invention is a method of tapping 
Earth’s electric energy based on the following concepts: 

(1) utilizing a pyramidal antenna/waveguide designed 
based on the ratios of pi and phi; 

(2) using the antenna/waveguide to absorb and focus spe- 
cific frequencies of Earth’s electric field; 

(3) positioning a resonant coil system connected to said 
antenna/waveguide near or at its apex according to the present 
invention; and 

(4) generating a high-voltage sinusoidal signal, represent- 
ing harvested atmospheric and telluric electrical energy, by 
the operation of the coil system. 

Typically, in this method, the method comprises the steps 
of: 

(1) positioning an electric generator according to the 
present invention as described above such that it is exposed to 
Earth’s electric oscillations; and 

(2) generating a high voltage sinusoidal signal representing 
harvested electric energy of atomic oscillators by the opera- 
tion of the generator. 

Typically, the harvested electric energy can be fed into a 
power grid for distribution, but smaller units capable of dis- 
tributed power generation or for use as stand-alone generators 
are also feasible by the concept of this invention. 

The invention is described by the following Example. This 
Example is included for illustrative purposes only and is not 
intended to limit the invention. 


EXAMPLE 


We have introduced a new theory of space, energy and 
matter that predicted that electromagnetic interaction propa- 
gates through a carrier medium called the space lattice that is 
made up of pulsating, phi-based spiral vortices (STAR), the 
excitation of which generates propagating sinusoidal lines of 
force across the space lattice recorded as electromagnetic 
waves by our instruments [1,2]. We have also predicted that 
natural pressure gradients exist within the space lattice that 
can be used for power generation by inserting a capacitor into 


Phi Curve 


Phi Curve 
An ADJOINT CURVE which bears a special relation to 
the base curve. 


References 
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Phi Number System 
For every POSITIVE INTEGER n, there is a corresponding 
finite sequence of distinct INTEGERS ki, ..., km such 
that 

RP AS, 


where œ is the GOLDEN MEAN. 
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Phragmén-Lindélof Theorem 

Let f(z) be an ANALYTIC FUNCTION in an angular do- 
main W : |argz| < an/2. Suppose there is a constant 
M such that for each e > 0, each finite boundary point 
has a NEIGHBORHOOD such that |f(z)| < M +e on the 
intersection of D with this NEIGHBORHOOD, and that 
for some POSITIVE number ( > a for sufficiently large 
|z|, the INEQUALITY |f(z)| < exp({z|?/°) holds. Then 
f(2)| < M in D. 
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Phyllotaxis 

The beautiful arrangement of leaves in some plants, 
called phyllotaxis, obeys a number of subtle mathemat- 
ical relationships. For instance, the florets in the head 
of a sunflower form two oppositely directed spirals: 55 
of them clockwise and 34 counterclockwise. Surpris- 
ingly, these numbers are consecutive FIBONACCI NUM- 
BERS. The ratios of alternate FIBONACCI NUMBERS are 
given by the convergents to ¢ *, where ¢ is the GOLDEN 
RATIO, and are said to measure the fraction of a turn 
between successive leaves on the stalk of a plant: 1/2 
for elm and linden, 1/3 for beech and hazel, 2/5 for 
oak and apple, 3/8 for poplar and rose, 5/13 for willow 
and almond, etc. (Coxeter 1969, Ball and Coxeter 1987). 
A similar phenomenon occurs for DAISIES, pineapples, 
pinecones, cauliflowers, and so on. 


Lilies, irises, and the trillium have three petals; col- 
umbines, buttercups, larkspur, and wild rose have five 
petals; delphiniums, bloodroot, and cosmos have eight 
petals; corn marigolds have 13 petals; asters have 21 
petals; and daisies have 34, 55, or 84 petals—all Fi- 
BONACCI NUMBERS. 
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see also DAISY, FIBONACCI NUMBER, SPIRAL 
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Ny, 
A REAL NUMBER denoted m which is defined as the 


ratio of a CIRCLE’s CIRCUMFERENCE Č to its DIAMETER 
d= 2r, 


t= => = (1) 
It is equal to 


n = 3.141592653589793238462643383279502884197... 

(2) 
(Sloane's A000796). m has recently (August 1997) been 
computed to a world record 51,539,600,000 = 3. 254 
DECIMAL DIGITs by Y. Kanada. This calculation 
was done using Borwein’s fourth-order convergent al- 
gorithm and required 29 hours on a massively parallel 
1024-processor Hitachi SR2201 supercomputer. It was 
checked in 37 hours using the BRENT-SALAMIN FOR- 
MULA on the same machine. 


The SIMPLE CONTINUED FRACTION for n, which gives 
the “best” approximation of a given order, is [3, 7, 15, 


1356 Pi 


1, 292, 1, 1, 1, 2, 1, 3, 1, 14, 2, 1, 1, 2, 2, 2, 2, ...] 
(Sloane’s A001203). The very large term 292 means 
that the CONVERGENT 


[3, 7, 15, 1] = [3,7, 16] = 28 = 3.14159292... (3) 


is an extremely good approximation. The first few CON- 
VERGENTS are 22/7, 333/106, 355/113, 103993/33102, 
104348 /33215, ... (Sloane’s A002485 and A002486). 
The first occurrences of n in the CONTINUED FRAC- 
TION are 4, 9, 1, 30, 40, 32, 2, 44, 130, 100, ... (Sloane’s 
A032523). 


Gosper has computed 17,001,303 terms of m’s CONTIN- 
UED FRACTION (Gosper 1977, Ball and Coxeter 1987), 
although the computer on which the numbers are stored 
may no longer be functional (Gosper, pers. comm., 
1998). According to Gosper, a typical CONTINUED 
FRACTION term carries only slightly more significance 
than a decimal DIGIT. The sequence of increasing terms 
in the CONTINUED FRACTION is 3, 7, 15, 292, 436, 
20776, ... (Sloane's A033089), occurring at positions 
1, 2, 3, 5, 308, 432, ... (Sloane’s A033090). In the first 
26,491 terms of the CONTINUED FRACTION (counting 3 
as the Oth), the only five-DIGIT terms are 20,776 (the 
431st), 19,055 (15,543rd), and 19,308 (23,398th) (Beeler 
et al. 1972, Item 140). The first 6-DIGIT term is 528,210 
(the 267,314th), and the first 8-DIGIT term is 12,996,958 
(453,294th). The term having the largest known value 
is the whopping 9-DIGIT 87,878,3625 (the 11,504,931st 
term). 


The SIMPLE CONTINUED FRACTION for 7 does not show 
any obvious patterns, but clear patterns do emerge in 
the beautiful non-simple CONTINUED FRACTIONS 


(4) 


2 + 


2+... 


(Brouckner), giving convergents 1, 3/2, 15/13, 105/76, 
315/263, ... (Sloane’s A025547 and A007509) and 


TT 1 
nn A a A 5 
2 2.3 (5) 
e 
1.2 
1 — 
4-5 
3 — 
3-4 
ne 6-7 
3 
5-6 
1] — 
3 — 


(Stern 1833), giving convergents 1, 2/3, 4/3, 16/15, 
64/45, 128/105, ... (Sloane’s A001901 and A046126). 


Pi 


m crops up in all sorts of unexpected places in mathe- 
matics besides CIRCLES and SPHERES. For example, it 
occurs in the normalization of the GAUSSIAN DISTRI- 
BUTION, in the distribution of PRIMES, in the construc- 
tion of numbers which are very close to INTEGERS (the 
RAMANUJAN CONSTANT), and in the probability that 
a pin dropped on a set of PARALLEL lines intersects a 
line (BUFFON’S NEEDLE PROBLEM). Pi also appears as 
the average ratio of the actual length and the direct dis- 
tance between source and mouth in a meandering river 
(Støllum 1996, Singh 1997). 


A brief history of NOTATION for pi is given by Castel- 
lanos (1988). 7 is sometimes known as LUDOLPH’S CON- 
STANT after Ludolph van Ceulen (1539-1610), a Dutch 
mw calculator. The symbol r was first used by William 
Jones in 1706, and subsequently adopted by Euler. In 
Measurement of a Circle, Archimedes (ca. 225 BC) ob- 
tained the first rigorous approximation by INSCRIBING 
and CIRCUMSCRIBING 6-2”-gons on a CIRCLE using the 
ARCHIMEDES ALGORITHM. Using n = 4 (a 96-gon), 
Archimedes obtained 


B+ i <m<34+5 (6) 


(Shanks 1993, p. 140). 


The Bible contains two references (I Kings 7:23 and 
Chronicles 4:2) which give a value of 3 for m. It should 
be mentioned, however, that both instances refer to 
a value obtained from physical measurements and, as 
such, are probably well within the bounds of experi- 
mental uncertainty. I Kings 7:23 states, “Also he made 
a molten sea of ten Cubits from brim to brim, round 
in compass, and five cubits in height thereof; and a line 
thirty cubits did compass it round about.” This implies 
nx = C/d = 30/10 = 3. The Babylonians gave an esti- 
mate of m as 3+1/8 = 3.125. The Egyptians did better 
still, obtaining 2°/3* = 3.1605... in the Rhind papyrus, 
and 22/7 elsewhere. The Chinese geometers, however, 
did best of all, rigorously deriving 7 to 6 decimal places. 


A method similar to Archimedes’ can be used to esti- 
mate m by starting with an n-gon and then relating the 
AREA of subsequent 2n-gons. Let 8 be the ANGLE from 
the center of one of the POLYGON’s segments, 


= i(n — Y. (7) 
Then 


ei) A 
cos ĝ cos (5) cos (5) cos (5) zr 


(8) 
(Beckmann 1989, pp. 92-94). Viète (1593) was the first 
to give an exact expression for 7 by taking n = 4 in the 
above expression, giving 


= 3v2, (9) 


cos 3 = sin f = 


a 
V2 


P] 


which leads to an INFINITE PRODUCT of CONTINUED 
SQUARE ROOTS, 


2 fi a + ay (10) 


(Beckmann 1989, p. 95). However, this expression was 
not rigorously proved 7 converge until Rudio (1892). 
Another exact FORMULA is MACHIN’S FORMULA, which 
is 

“4(2) — tanzi). (11) 


There are three other MACHIN-LIKE FORMULAS, as well 
as other FORMULAS with more terms. An interesting 
INFINITE PRODUCT formula due to Euler which relates 
m end the nth PRIME Pr is 


= 4tan 


2 


SS TEEN Y > (12) 
oo sinl 5 TPn 
IL f + = | 


T= 
i=n 


2 


“e (—1)(Pn-1)/2 
Ten E ig Pn | 


(Blatner 1997, p. 119), plotted below as a function of 
the number of terms in the product. 
3.16 


(13) 


1000 2000 3000 4000 5000 


The AREA and CIRCUMFERENCE of the UNIT CIRCLE 
are given by 


me es (14) 
m — k? (15) 


= lim > 
moo n 


and 


C (16) 


=09=4 f 3 
ee SS Ja ve 


a4 f as (Eva) ae (17) 
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The SURFACE AREA and VOLUME of the unit SPHERE 
are 


S = 4r (18) 
V = $r. (19) 


m is known to be IRRATIONAL (Lambert 1761, Legendre 
1794) and even TRANSCENDENTAL (Lindemann 1882). 
Incidentally, Lindemann’s proof of the transcendence 
of m also proved that the GEOMETRIC PROBLEM OF 
ANTIQUITY known as CIRCLE SQUARING is impossible. 
A simplified, but still difficult, version of Lindemann’s 
proof is given by Klein (1955). 


It is also known that m is not a LIOUVILLE NUMBER 
(Mahler 1953). In 1974, M. Mignotte showed that 


<q” (20) 


has only a finite number of solutions in INTEGERS (Le 
Lionnais 1983, p. 50). This result was subsequently 
improved by Chudnovsky and Chudnovsky (1984) who 
showed that 


ee: 


> Ge (21) 


although it is likely that the exponent can be reduced to 
2 + e, where e is an infinitesimally small number (Bor- 
wein et al. 1989). It is not known if 7 is NORMAL (Wagon 
1985), although the first 30 million DIGITS are very UNI- 
FORMLY DISTRIBUTED (Bailey 1988). The following dis- 
tribution is found for the first n DIGITS of r—3. It shows 
no statistically SIGNIFICANT departure from a UNIFORM 
DISTRIBUTION (technically, in the CHI-SQUARED TEST, 
it has a value of xs? = 5.60 for the first 5 x 10% terms). 
digit 1x 10° 1x 10° 6 x 10° 5 x 10% 
9,999 99,959 599,963,005 5,000,012,647 
10,137 99,758 600,033,260 4,999,986,263 
9,908 100,026 599,999,169 5,000,020,237 
10,025 100,229 600,000,243 4,999,914,405 
9,971 100,230 599,957,439 5,000,023,598 
10,026 100,359 600,017,176 4,999,991,499 
10,029 99,548 600,016,588 4,999,928,368 
10,025 99,800 600,009,044 5,000,014,860 
9,978 99,985 599,987,038 5,000,117,637 
€,902 100,106 600,017,038' 4,999,990,486 
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The ldigits ¿f 1/m are also very uniformly distributed 
(xs? =7.04 shown in the following table. 
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digit 5 x 10 
4,999,969,955 
5,000,113,699 
4,999,987,893 
5,000,040,906 
4,999,985,863 
4,999,977 ,583 
4,999,990,916 
4,999,985,552 
4,999,881,183 
5,000,066,450 
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It is not known if 7 + e, w/e, or nr are IRRATIONAL. 
However, it is known that they cannot satisfy any POLY- 
NOMIAL equation of degree < 8 with INTEGER COEFFI- 
CIENTS of average size 10° (Bailey 1988, Borwein et al. 
1989). 


7 satisfies the INEQUALITY 


Beginning with any POSITIVE INTEGER n, round up to 
the nearest multiple of n — 1, then up to the nearest 
multiple of n — 2, and so on, up to the nearest multiple 
of 1. Let f(n) denote the result. Then the ratio 


= 3.14097 < x. (22) 


(Brown). David (1957) credits this result to Jabotinski 
and Erdos and gives the more precise asymptotic result 


2 
f(n) = — + O(n*/*). (24) 
The first few numbers in the sequence {f(n)} are 1, 2, 
4, 6, 10, 12, 18, 22, 30, 34, ... (Sloane’s A002491). 


A particular case of the WALLIS FORMULA gives 


-Ih  |=224466 
ai S 1-33:-55:7 - 


This formula can also be written 


i 2n =r lim rm. | 
lim = lim TG +n)P =T, (26) 


where (;) denotes a BINOMIAL COEFFICIENT and I(x) 
is the GAMMA FUNCTION (Knopp 1990). Euler obtained 


which follows from the special value of the RIEMANN 
ZETA FUNCTION Ç(2) = 77/6. Similar FORMULAS follow 


Pj 


from ¢(2n) for all POSITIVE INTEGERS n. Gregory and 
Leibniz found 


1 
sie e Toi (28) 


an| = 


T 

4 
which is sometimes known as GREGORY’S FORMULA. 
The error after the nth term of this series in GREGORY’S 
FORMULA is larger than (2n)~' so this sum converges 
so slowly that 300 terms are not sufficient to calculate 


m correctly to two decimal places! However, it can be 
transformed to 


en), (29) 


where ¢(z) is the RIEMANN ZETA FUNCTION (Vardi 
1991, pp. 157-158; Flajolet and Vardi 1996), so that 
the error after k terms is = (3/4)*. Newton used 


m= 3/3424 y z — a? dz (30) 
0 
_ 3v3 (5-53 EI Rp" ) 
4 12 5-25 28-27 72-29 `` 


(31) 


(Borwein et al. 1989). Using Euler's CONVERGENCE IM- 
PROVEMENT transformation gives 


Tr 16 (nipt = 
3D emt = Gari mm +i) 
1 1:2 1-2-3 
=1+5 2 
ER EEIEIE (32) 
1 3 
=1+5(1+2(1 1 
ars 50r>))) 
(33) 


(Beeler et al. 1972, Item 120). This corresponds to plug- 
ging x = 1/./2 into the POWER SERIES for the HYPER- 
GEOMETRIC FUNCTION 2F1 (a,b;c; x), 


sin””z (a) (51)? 
— S | TS ; 3; 
vl-—zx = 2(2i + 1)! 


Despite the convergence improvement, series (33) con- 
verges at only one bit/term. At the cost of a SQUARE 
Root, Gosper has noted that x = 1/2 gives 2 bits/term, 


La 15 (0) 
Vd (35) 


and g = sin(7/10) gives almost 3.39 bits/term, 


m _1 (i!) 
yin ame C9 
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where ġ is the GOLDEN RATIO. Gosper also obtained 


2-3 3-5 
= fae 1 ee 
ie 84+ 5 (8+ (+3 


x (18+ Su 303+..)))) (87) 


An infinite sum due to Ramanujan is 


oo 3 

1 2n\ 42n+5 

SL J 212n+4 oy 
n=0 


(Borwein et al. 1989). Further sums are given in Ra- 


manujan (1913-14), 


4 3 (—1)"(1123 + 21460n)(2n — 1)!!(4n — 1)!! 
To = 88227+1327(n1)3 

(39) 
and 


ew (1103 + 26390n)(2n — 1)!1(4n — 1)! 
= Ve 9947 +232" (91) 
A Ou) 


(n!)}43964" (40) 


(Beeler et al. 1972, Item 139; Borwein et al. 1989). 
Equation (40) is derived from a modular identity of or- 
der 58, although a first derivation was not presented 
prior to Borwein and Borwein (1987). The above series 
both give 


2206/2 
T Rs 


= 3.14159273001. 
980] 7 31415927300 (41) 


as the first approximation and provide, respectively, 
about 6 and 8 decimal places per term. Such series exist 
because of the rationality of various modular invariants. 
The general form of the series is 


Slats) + nb, a E. dj) 


2 myn GO e” 


where t is a QUADRATIC FORM DISCRIMINANT, ¿(t) is 
the ¡-FUNCTION, 


b(t) = 4/t[1728 — j(2)] (43) 


a(t) = Y fı = ae EG 5 = I, (44) 


and the E, are RAMANUJAN-EISENSTEIN SERIES. A 
CLASS NUMBER p field involves pth degree ALGEBRAIC 
INTEGERS of the constants A = a(t), B = b(t), and 
C = c(t). The fastest converging series that uses only 
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INTEGER terms corresponds to the largest CLASS NUM- 
BER 1 discriminant of d = —163 and was formulated 
by the Chudnovsky brothers (1987). The 163 appearing 


here is the same one appearing in the fact that e7Y 183 
(the RAMANUJAN CONSTANT) is very nearly an INTE- 


GER. The series is given by 
*_49 2 )"(6n)!( (13591409 + 545140134n) 
o (n!)3(3n)!(6403203)"+1/2 


B 163-8-27-7-11-19-127 


640320372 
13591409 
lara +”) 
(6n)!__(~1)" 


=o a AG 
(8) (ni? 6403203" (43) 


(Borwein and Borwein 1993). This series gives 14 digits 
accurately per term. The same equation in another form 
was given by the Chudnovsky brothers (1987) and is 
used by Mathematica® (Wolfram Research, Champaign, 
IL) to calculate r (Vardi 1991), 


a 426880410005 
AlsFe(3,3,351,1; B) — Cl gy ei) 2; p 
where 
A = 13591409 (47) 
B=- EEEE (48) 
a 30285563 
C= 1651969144908540723200" (49) 


The best formula for CLASS NUMBER 2 (largest discrim- 
inant —427) is 


(6n)'(A+ Bn 
= =12). Se dE OS = a (50) 


where 


A =212175710912V61 + 1657145277365 (51) 
B = 13773980892672V61 + 107578229802750 (52) 
C = [5280(236674 + 30303V61]}° (53) 


(Borwein and Borwein 1993). This series adds about 25 
digits for each additional term. The fastest converging 
series for CLASS NUMBER 3 corresponds to d = —907 
and gives 37-38 digits per term. The fastest converging 
CLASS NUMBER 4 series corresponds to d = —1555 and 
is 
/—-C3 — _(6n)! A+nB 
= Galea 


 C3n i (54) 


where 
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A = 63365028312971999585426220 
+ 28337702140800842046825600 V5 
+ 384V5(108917285511711782004674 - - - 
- - 36212395209160385656017 + 487902908657881022 - - - 
- -5077338534541688721351255040V5 )*/? (55) 
B = 7849910453496627210289749000 
+ 3510586678260932028965606400V5 
+ 2515968V3110(62602083237890016 - - - 
- - 36993322654444020882161 + 2799650273060444296 - - - 
-- 577206890718825190235V5 )*/” (56) 


C = —214772995063512240 — 96049403338648032V5 
— 1296V5(10985234579463550323713318473 


+ 4912746253692362754607395912V'5 )'/?. (57) 


This gives 50 digits per term. Borwein and Borwein 
(1993) have developed a general ALGORITHM for gener- 
ating such series for arbitrary CLASS NUMBER. Bellard 
gives the exotic formula 


1 A 3P(n) 
= 740025 Ann 7 203792 


where 


P(n) = —885673181n° + 3125347237n* — 2942969225n* 
+1031962795n* — 196882274n + 10996648. (59) 


A complete listing of Ramanujan's series for 1/7 found 
in his second and third notebooks is given by Berndt 
(1994, pp. 352-354), 


T (ome Qe | (50) 

E ER (42n + ‘core (61) 

; ls. y (62) 

fr = ete (ZY a 
(5 


15/43 S (33n + 4)(5)n(F)n(2)n / 4 y” 
277 Es (n!) Ge (64) 


(La + 1)($)n(S)n(2)n y 4 y” 
=>! i 7 (5) (65) 


a 

85/85 (133n + 8)(3)n(G)n(3)n (4 y” 
isrV3 -5 mie (gg) (68) 
4 —1)"(20n + 3)(4)n(4)n(2)n 

E E A EN In(3) (67) 
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wat 7 y CUR ee A (68) 
= Sona (69) 
ai y 2 ont (73) 
an 3 o a (74) 
a 7 3 eG (75) 
ica 7 2 ca (76) 


These equations were first proved by Borwein and 
Borwein (1987, pp. 177-187). Borwein and Borwein 
(1987b, 1988, 1993) proved other equations of this type, 
and Chudnovsky and Chudnovsky (1987) found similar 
equations for other transcendental constants. 


A SPIGOT ALGORITHM for v is given by Rabinowitz 
and Wagon (1995). Amazingly, a closed form expression 
giving a digit extraction algorithm which produces digits 
of n (or 7”) in base-16 was recently discovered by Bailey 
et al. (Bailey et al. 1995, Adamchik and Wagon 1997), 


(air aro) (is) 
~\8n+1 8n+4 8n+5 8n+6/ \16 

(77) 
which can also be written using the shorthand notation 


00 


Pi o 
mE de za P= 


i=1l 


{ 4, 0,0, =2; =l, =; 0,0 }, 


(78) 
where {p;} is given by the periodic sequence obtained by 
appending copies of {4,0,0, —2,—1,—1,0,0} (in other 
words, pi = Pi(i—1) (mod 8)]+1 for i > 8) and | a: | is the 
FLOOR FUNCTION. This expression was discovered us- 
ing the PSLQ ALGORITHM and is equivalent to 


1 

16y — 16 

r= | —— das (79) 
J y* — 2y? + 4y —4 


Pi 


A similar formula was subsequently discovered by Fergu- 
son, leading to a 2-D lattice of such formulas which can 
be generated by these two formulas. A related integral 


is 
14 4 
eRe” P r (1-zx) 
T= 5 / a dx (80) 


(Le Lionnais 1983, p. 22). F. Bellard found the more 
rapidly converging digit-extraction algorithm (in HEX- 
ADECIMAL) 


Oo 
1 07 95 1 95 
T= z y = Se ee a 
26 210n 4n + 1 4n4+ 3 10n +1 


n=0 

39 3 22 1 
-= — ——— A —— + —— |. (81) 
10n+3 10n+5 10n+7  10n+9 


More amazingly still, S. Plouffe has devised an algo- 
rithm to compute the nth DIGIT of 7 in any base in 
O(n*(log n)*) steps. 


Another identity is 
n’ = 36 Liz(4) — 36 Liz(4)— 12 Liz(Ł) +6 Liz(&), (82) 


where Ln is the POLYLOGARITHM. (82) is equivalent to 


= de {ai} = [1,-3,-2,-3,1,0] (83) 


T’ = 12L2(4) + 6(In2) (84) 
(Bailey et al. 1995). Furthermore 


22 15 10 [ 144 __ 26 __ 72 
8 L 64k |(6k+1)2 (6k+2)?  (6k+3)? 
54 9 
Fay? ORF =] (39) 
and 


A 216 oe —_ 8 
e 16* |(8k+1)2 (8k+2)2  (8k + 3)? 
16 4 4 2 


6107 7 (8k+5)2 (8k +6)? | (8k + 7) 
(86) 


(Bailey et al. 1995, Bailey and Plouffe). 


A slew of additional identities due to Ramanujan, Cata- 
lan, and Newton are given by Castellanos (1988, pp. 86- 
88), including several involving sums of FIBONACCI 
NUMBERS. 


Gasper quotes the result 


aa 
n = n l lim 21 F2(5;2, 3; a) | ; (87) 
3 La-rco 
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where 1 F> is a GENERALIZED HYPERGEOMETRIC FUNC- 
TION, and transforms it to 


m= lim 401 F2(3; 3,3; —z°). (88) 


T->+00 


Fascinating results due to Gosper include 


2n 
. T 1/7 
i — = 4 a ne 
lim L pate 554682275 (89) 
and 
a 
— cos {| ===> 
eer n? nr + Vn?r?-—9 
z? 
= = —0.040948 poii 
PE 0.040948222 (90) 


Gosper also gives the curious identity 
1 9 1 3n+1/2 
7 Ema 1) 
e I] (z T 
3 -31/24 /(Z)i 


= i 
95/6 exp E = ae 4 ea) = ae) = 1 77 5/6 
=1.012378552722912.... (91) 


Another curious fact is the ALMOST INTEGER 
e” — n =19.999099979..., (92) 
which can also be written as 
(n+ 20) = —0.9999999992 — 0.0000388927: = —1 (93) 


cos(In( + 20)) = —0.9999999992. (94) 


Applying COSINE a few more times gives 


cos(7 cos(r cos(In(r + 20)))) 
œ —1 + 3.9321609261 x 10%, (95) 


x may also be computed using iterative ALGORITHMS. 
A quadratically converging ALGORITHM due to Borwein 
is 


to = V2 (96) 
To = 2 + V2 (97) 
y =2% (98) 
and 
Cast = : Vin + > (99) 
n+l — 9 n Jin 

oT ee (100) 

si nia | 

Tn +1 


(101) 


de SR CEPAS 
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Tn decreases monotonically to a with 


Tn —T<10 (102) 
for n > 2. The BRENT-SALAMIN FORMULA is another 
quadratically converging algorithm which can be used 
to calculate 7. A quadratically convergent algorithm 
for 7/In2 based on an observation by Salamin is given 
by defining 


f(k) = k27*/4 Y 0) (103) 


then writing 


_ fín) 
90 = Hany (104) 
Now iterate 
1 1 

i= 5 (o: F =) (105) 

to obtain o 
T = 2(In2)f(n) | | ge. (106) 

k=1 


A cubically converging ALGORITHM which converges to 
the nearest multiple of z to fo is the simple iteration 


fa = fn—1 +sin(fn-1) (107) 


(Beeler et al. 1972). For example, applying to 23 gives 
the sequence 


{23, 22.1537796, 21.99186453, 21.99114858,...}, (108) 


which converges to 77 œ 21.99114858. 
A quartically converging ALGORITHM is obtained by let- 
ting 
yo = V2-1 (109) 
a = 6 — 4V2, (110) 
then defining 


1 (1 pnt)" 


aper e E 111 


Anyi = (1+ ynti) an — 2 ynya (l + Yn+1 + Ynyr) 
(112) 
Then ; 


x= lim — (113) 


and a, converges to 1/7 quartically with 


1 n — 2-4” 
On == <16-4e 77? (114) 
T 


Pi 


(Borwein and Borwein 1987, Bailey 1988, Borwein et al. 
1989). This ALGORITHM rests on a MODULAR EQUA- 
TION identity of order 4. 


A quintically converging ALGORITHM is obtained by let- 
ting 


so =5(V5 — 2) (115) 
ao = 3. (116) 
Then let 95 
Sn41 = tit ian’ (117) 
where 
t= = sj (118) 
y=(2-D?+7 (119) 


z= [daly + Y y? — 423 J]. (120) 


Finally, let 


ne ee eo 5" [2 an" — 5) + Y Sn[8n? — 28n + 5) l, 
(121) 


121 

then i 
decae”. (122) 

T 


(Borwein et al. 1989). This ALGORITHM rests on a 
MODULAR EQUATION identity of order 5. 


Another ALGORITHM is due to Woon (1995). Define 
a(0) = 1 and 


a(n) = (123) 
It can be proved by induction that 
T 
a(n) = csc (55) (124) 


For n = 0, the identity holds. If it holds for n < t, then 


Therefore, 


a(t +1) = csc (55) , (128) 


Pi 


so the identity holds for n = t+ 1 and, by induction, for 
all NONNEGATIVE n, and 


gn+l , ae x 
Gy (5) 
= lim gett Pl) (x) 
n-—>00 ges El 
. sind 
AR lim a (129) 


Other iterative ALGORITHMS are the ARCHIMEDES AL- 
GORITHM, which was derived by Pfaff in 1800, and the 
BRENT-SALAMIN FORMULA. Borwein et al. (1989) dis- 
cuss pth order iterative algorithms. 


KOCHANSKY’S APPROXIMATION is the ROOT of 


9a* — 2401” + 1492. (130) 
given by 
n ~ 4/40 — VIZ ~ 3.141533. (131) 


An approximation involving the GOLDEN MEAN is 


re lp — — (E) = 3(34+ v5) = 3.14164... 


(132) 
Some approximations due to Ramanujan 
19/7 
x —— 1 
T 16 (133) 
= 1(14 v3) (134) 
xta? (135) 
1/4 
2, 19 ( A 
E — = [102 — 
(s lor ) rey (136) 
x (97+ 3-4)“ = (974+ 2) 0 (137) 
83 (1741545 (138) 
DN PAYA 
355 0.0003 
pia E ta 
113 3533 ) ne) 
D (3 + V13)(V8 + v10) (140) 
130 2 
24 |v10+11y2+ y10+7v2 (141) 
V142 2 
12 
z In[(3 + V10)(V8 + v10 142 
507 [( )( )] (142) 
12 
x In [4(3 + V5)(2 + V2) (5 + 2V10 
+v 61+ 2010 ) | (143) 
4 5 
~ 3 In E (E a) (5/29 + 1146) 


od (238) J. as 
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which are accurate to 3, 4, 4, 8, 8, 9, 14, 15, 15, 18, 23, 
31 digits, respectively (Ramanujan 1913-1914; Hardy 
1952, p. 70; Berndt 1994, pp. 48—49 and 88-89). 


Castellanos (1988) gives a slew of curious formulas: 


mr (2 + eè) (145) 
553 y? 
= a En z) (146) 
(Ey (147) 
= ( 286)? (148) 
663 + 862 \* 

x a ) (149) 

= 1.09999901 - 1.19999911 - 1.39999931 - 1.69999961 
(150) 

47% + 203 
S - (151) 
=2+4/1+ (38)? (152) 
~ (2722 1/5 (153) 
1/3 
62? + 14 
~ E + re (154) 
1700? + 823 — 103 — 93 — 63 — 33 
Ae SK (155) 
934 + 3444 174 4 881 */* 

ye (ss + E) (156) 


(157) 


21253 + 2143 + 303 4 3721 ** 
~ | 100- LAS], 


which are accurate to 3, 4, 4, 5, 6, 7, 7, 8, 9, 10, 11, 
12, and 13 digits, respectively. An extremely accurate 
approximation due to Shanks (1982) is 


6 


v 3502 


where u is the product of four simple quartic units. A 
sequence of approximations due to Plouffe includes 


In(2u) + 7.37 x 107°, (158) 


TS 


m a 437/28 (159) 
~, 122198 (160) 
V6 
0 (13)1181/1216 (161) 
TN 4 
689 
ETT TEC (162) 
396 In (595) 
err il (163) 
~ 4/2 1n5280 (164) 
~ V 67 
~ (Sig)  +3+3(vV5+1) (165) 
E a 
S [arar a 
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a (938418 08 00 (167) 
28102 
1/158 
a 276694819753963 / SA, (169) 
Se In do (170) 
vies 


which are accurate to 4, 5, 7, 7, 8, 9, 10, 11, 11, 11, 23, 
and 30 digits, respectively. 


Ramanujan (1913-14) and Olds (1963) give geomet- 
ric constructions for 355/113. Gardner (1966, pp. 92- 
93) gives a geometric construction for 3 + 16/113 = 


3.1415929.... Dixon (1991) gives constructions for 
6/5(1 + 6) = 3.141640... and ,/4+ (3 — tan(30°)) = 
3.141533 .... Constructions for approximations of v are 


approximations to CIRCLE SQUARING (which is itself im- 
possible). 


A short mnemonic for remembering the first eight DEC- 
IMAL DIGITS of m is “May I have a large container of 
coffee?” giving 3.1415926 (Gardner 1959; Gardner 1966, 
p. 92; Eves 1990, p. 122, Davis 1993, p. 9). A more sub- 
stantial mnemonic giving 15 digits (3.14159265358979) 
is “How I want a drink, alcoholic of course, after the 
heavy lectures involving quantum mechanics,” originally 
due to Sir James Jeans (Gardner 1966, p. 92; Castellanos 
1988, p. 152; Eves 1990, p. 122; Davis 1993, p. 9; Blatner 
1997, p. 112). A slight extension of this adds the phrase 
“All of thy geometry, Herr Planck, is fairly hard,” giving 
24 digits in all (3.14159265358979323846264). 


An even more extensive rhyming mnemonic giving 31 
digits is “Now I will a rhyme construct, By chosen 
words the young instruct. Cunningly devised endeav- 
our, Con it and remember ever. Widths in circle here 
you see, Sketched out in strange obscurity.” (Note that 
the British spelling of “endeavour” is required here.) 


The following stanzas are the first part of a poem written 
by M. Keith based on Edgar Allen Poe’s “The Raven.” 
The entire poem gives 740 digits; the fragment below 
gives only the first 80 (Blatner 1997, p. 113). Words 
with ten letters represent the digit 0, and those with 11 
or more digits are taken to represent two digits. 


Poe, E.: Near a Raven. 


Midnights so dreary, tired and weary. 

Silently pondering volumes extolling all by-now obsolete 
lore. 

During my rather long nap-the weirdest tap! 

An ominous vibrating sound disturbing my chamber’s 
antedoor. 

‘This,’ I whispered quietly, ‘I ignore.” 

Perfectly, the intellect remembers: the ghostly fires, a 
glittering ember. 

Inflamed by lightning’s outbursts, windows cast penum- 
bras upon this floor. 


Pi 


Sorrowful, as one mistreated, unhappy thoughts I heed- 
ed: 

That inimitable lesson in elegance—Lenore— 

is delighting, exciting... nevermore. 


An extensive collection of 7 mnemonics in many lan- 
guages is maintained by A. P. Hatzipolakis. Other 
mnemonics in various languages are given by Castellanos 


(1988) and Blatner (1997, pp. 112-118). 


In the following, the word “digit” refers to decimal digit 
after the decimal point. J. H. Conway has shown that 
there is a sequence of fewer than 40 FRACTIONS Fi, Fo, 

. with the property that if you start with 2” and re- 
peatedly multiply by the first of the F; that gives an 
integral answer, then the next POWER of 2 to occur will 
be the 2”th decimal digit of z. 


The first occurrence of n Os appear at digits 32, 307, 
601, 13390, 17534, .... The sequence 9999998 occurs at 
decimal 762 (which is sometimes called the FEYNMAN 
POINT). This is the largest value of any seven digits 
in the first million decimals. The first time the BEAST 
NUMBER 666 appears is decimal 2440. The digits 314159 
appear at least six times in the first 10 million decimal 
places of m (Pickover 1995). In the following, “digit” 
means digit of m — 3. The sequence 0123456789 oc- 
curs beginning at digits 17,387,594,880, 26,852,899,245, 
30,243,957,439, 34,549,153,953, 41,952,536,161, and 
43,289,964,000. The sequence 9876543210 occurs 
beginning at digits 21,981,157,633, 29,832,636,867, 
39,232,573,648, 42,140,457,481, and 43,065,796,214. 
The sequence 27182818284 (the digits of e) occur be- 
ginning at digit 45,111,908,393. There are also in- 
teresting patterns for 1/7. 0123456789 occurs at 
6,214,876,462, 9876543210 occurs at 15,603,388,145 
and 51,507,034,812, and 999999999999 occurs at 
12,479,021,132 of 1/7. 


Scanning the decimal expansion of m until all n-digit 
numbers have occurred, the last 1-, 2-, ... digit num- 
bers appearing are 0, 68, 483, 6716, 33394, 569540, ... 
(Sloane's A032510). These end at digits 32, 606, 8555, 
99849, 1369564, 14118312, .... 


see also ALMOST INTEGER, ARCHIMEDES ALGORITHM, 
BRENT-SALAMIN FORMULA, BUFFON-LAPLACE NEE- 
DLE PROBLEM, BUFFON’S NEEDLE PROBLEM, CIR- 
CLE, DIRICHLET BETA FUNCTION, DIRICHLET ETA 
FUNCTION, DIRICHLET LAMBDA FUNCTION, e, EULER- 
MASCHERONI CONSTANT, GAUSSIAN DISTRIBUTION, 
MACLAURIN SERIES, MACHIN’S FORMULA, MACHIN- 
LIKE FORMULAS, RELATIVELY PRIME, RIEMANN ZETA 
FUNCTION, SPHERE, TRIGONOMETRY 
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such gradient. Furthermore, we proposed that a pyramid- 
shaped capacitor 1s an optimally shaped device for tapping the 
energy gradient of the space lattice that manifests in the form 
of an electrical potential gradient in Earth’s atmosphere. This 
was demonstrated subsequently [3-5]. We also found that the 
pyramid-shaped capacitor design should be based on ratios of 
pi and phi [5] because electrical energy propagates along a 
phi-based spiral [6]. 

We suggested that elemental particles are composed of 
STAR oscillators that make up the space lattice by electro- 
magnetic compression of its elemental cubes into pulsating 
conical/vortexual subunits that form the basis for all particles 
of matter [1,2]. We proposed that atomic and subatomic oscil- 
lators could vibrate in a very wide frequency range from 
sub-acoustic to extremely high EM frequencies [1,2]. This 
does not mean that material bodies can take or maintain a 
physical form at any energy level, but this allows the recycling 
of atoms into the space lattice as part of their natural evolution 
[2,6]. 

Atomic oscillators are constantly in motion, and such 
motion is electric because all motion and energy is fundamen- 
tally electric [2,6]. It is known that atomic bodies constantly 
exchange electric energy. Such energy flow can be harvested 
when the spiral physical nature of electric waves is recog- 
nized. Russell observed that energy always moves during its 
generative cycle in spirals towards the higher potential [7]; 
therefore, we reasoned that an “attractor” of high electric 
potential must be provided to pull in the random electromag- 
netic emissions of atomic oscillators. The “attractor” must 
function as a phi-based antenna/waveguide to focus the phi- 
based electric emissions of atomic bodies into the apex of a 
vortex, the same method Nature uses for power multiplication 
[6,7]. Therefore, a phi-based pyramidal antenna/waveguide 
must be at a high voltage in order to perform its attractor 
function. 

As all material manifestations are tonal [8], acoustic vibra- 
tions are always generated during the oscillations of atomic 
bodies, even though they are inaudible most of the time. 
Sometimes, however, they are detected; one such example is 
Earth’s hum [9-11]. Earth’s solid mass and its atmosphere 
represent a coupled resonant system, and is therefore our 
expanded target power source. Acoustic waves are also elec- 
trical [8] and can be harvested. To achieve this goal, the 
geometrically optimized pyramidal antenna/waveguide must 
be connected to an oscillator that operates at a high voltage 
and is tuned to a suitably selected frequency. 

The appropriate resonant frequency is dictated by practical 
considerations. Atomic oscillators can vibrate in a very wide 
frequency range [1,2,6-8] but short wavelength radiations are 
readily re-absorbed by atoms and are rapidly attenuated; 
therefore, long wavelength electromagnetic emissions must 
be targeted. The operation of the pyramid generator is feasible 
in the ELF to the LF range. As electric radiation propagates in 
a vortex [2,6-8], the emitted electric vortex over the pyram1- 
dal antenna (FIG. 1) increases its “size,” and so it is capable of 
funneling atmospheric electromagnetic emissions of the 
same frequency back into the antenna/receiver. Thus, the 
pyramid electric generator could capture the energy emitted 
by both telluric and atmospheric atomic oscillators. We have 
tested these assumptions and demonstrated the basic prin- 
ciples of an electric generator. 

Methods and Results 

In our previous papers, we reported that a pyramid-shaped 
capacitor/antenna converts atmospheric electrostatic dis- 
charge impulses (ESD) into a periodic high-frequency signal 
that can be detected in an insulated coil placed in proximity of 
the capacitor [3,4]. Here, we report on further developments 
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including a new design for the resonant coil system and an 
expanded range of energy sources targeted. A Tektronix TPS 
2024 digital oscilloscope was used for signal acquisition and 
analysis, and Tektronix A503 current amplifiers were used 
with the Tektronix A6302 and A6303 probes for current mea- 
surement. High voltage was measured using a Tektronix 
P6015 probe. An ENI-1140LA amplifier was used to activate 
the primary coil of the resonant coil system at the selected 
frequency. 

For the experiments, we used a geometrically optimized 
pyramid-shaped antenna/waveguide [3-5]. The pyramid 
expressed ratios of pi and phi and was approximately a 1:125 
scaled down replica of the Great Pyramid of Giza (GPF), 6 
feet base length. The pyramid was built of a wooden frame 
and covered with triangular copper sheets of 0.66 mm thick- 
ness on its sides that were electrically connected. It was 
placed on an insulating base and positioned in the general 
North-South direction. 

The secondary coil (coil 2) was wound with a 20 AWG 
insulated magnet wire with a monofilament nylon spacer 
(0.06 mm diameter) between the turns on a fiberglass cylin- 
drical coil form, and connected to the conducting surface of 
the pyramid near its apex. Thus, the secondary coil was con- 
nected with the pyramidal antenna/waveguide as a quasi- 
capacitive series element to provide a specific resonant fre- 
quency with coupling to the surrounding electromagnetic 
environment. The other lead of coil 2 was grounded (FIG. 2). 
The purpose of the monofilament spacer was to reduce inter- 
winding capacitance in coil 2 by increasing distance between 
wire turns of the coil. 

A primary coil of larger diameter (coil 1) was wound on or 
near the lower cylindrical volume of coil 2 with the lead 
connected to earth ground, and served as a driver coil induc- 
tively coupled with the secondary (coil 2). The secondary was 
isolated from the primary by layers of silicon rubber and 
foam. The two coils make a resonant step-up transformer, the 
parameters of which are shown in Table 1. 


TABLE 1 


Physical and Electrical Parameters of the Resonant Transformer 


Secondary turns of wire 840 turns 
Height 0.85 m 

Wire diameter 0.00081 m 
Primary turns of wire 5 + 9/10 turns 
Height 0.21 m 


Wire diameter Ya" O.D. copper pipe 


with .030” wall thickness 


Primary 

Inductance 98 uH 
Resistance 0.118 ohms 

Secondary 
Inductance 24.16 mH 
Resistance 24.42 ohms 
Capacitance 1040 nF 
Winding ratio 1:143 
Mutual inductance 6.13 mH 


In the experiment; the controlled variable was the voltage, 
which was increased in steps until the maximum voltage in 
the secondary (permitted by circuit components and test 
equipment) was achieved for the given resonant frequency. 
The objective was to “drive the atmosphere” by radiating a 
high voltage (~20 kV p-p), LF (40-120 kHz) signal developed 
by the high ratio step-up transformer and fed by a powerful 
signal generator at a resonant frequency either with an L-C 
resonant secondary coil, or a resonance determined by the 
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Pi Heptomino 


A HEPTOMINO in the shape of the Greek character 7. 


Picard 's Theorem 


Piano Mover’s Problem 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Given an open subset U in n-D space and two compact 
subsets Co and Cı of U, where C is derived from Co 
by a continuous motion, is it possible to move Co to Cı 
while remaining entirely inside U? 


see also MOVING LADDER CONSTANT, MOVING SOFA 
CONSTANT 
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Picard’s Existence Theorem 
If f is a continuous function that satisfies the LIPSCHITZ 
CONDITION 


|f(a,t) — fly, t)| < Liz — yl 


in a surrounding of (xo,to) E Q C R x R” = {(2,t) : 
|æ — zo| < b, |t — to| < a}, then the differential equation 


df 
dz = f(x,t) 


z(to) = Lo 


has a unique solution x(t) in the interval |t — to| < d, 
where d = min(a,b/B), min denotes the MINIMUM, B = 
sup |f(é,z)|, and sup denotes the SUPREMUM. 


see also ORDINARY DIFFERENTIAL EQUATION 


Picard’s Little Theorem 
Any ENTIRE ANALYTIC FUNCTION whose range omits 
two points must be a constant. 


Picard’s Theorem 

An ANALYTIC FUNCTION assumes every COMPLEX 
NUMBER, with possibly one exception, infinitely often 
in any NEIGHBORHOOD of an ESSENTIAL SINGULARITY. 


see also ANALYTIC FUNCTION, ESSENTIAL SINGULAR- 
ITY, NEIGHBORHOOD 


Picard Variety 


Picard Variety 

Let V be a VARIETY, and write G(V) for the set of di- 
visors, G:(V) for the set of divisors linearly equivalent 
to 0, and G,(V) for the group of divisors algebraically 
equal to 0. Then Ga(V)/Gi(V) is called the Picard va- 
riety. The ALBANESE VARIETY is dual to the Picard 
variety. 


see also ALBANESE VARIETY 
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Pick’s Formula 
see PICK’S THEOREM 


Pick’s Theorem 

Let A be the AREA of a simply closed POLYGON whose 
VERTICES are lattice points. Let B denote the number 
of LATTICE POINTS on the EDGES and J the number of 
points in the interior of the POLYGON. Then 


A=I+ 5B-1. 


The FORMULA has been generalized to 3-D and higher 
dimensions using EHRHART POLYNOMIALS. 


see also BLICHFELDT’S THEOREM, EHRHART POLY- 
NOMIAL, LATTICE POINT, MINKOWSKI CONVEX BODY 
THEOREM 
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Picone’s Theorem 

Let f(x) be integrable in [—1, 1], let (1 — x”) f(x) be of 
bounded variation in [—1, 1], let M’ denote the least up- 
per bound of |f(z)(1 — z*)| in [—1, 1], and let V’ denote 
the total variation of f(x)(1— x°) in [—1,1]. Given the 
function 


F(x) = F(-1) + J f(a) da 


then the terms of its LEGENDRE SERIES 


[ua e] 


F(z) ~ Y) anPa(z) 


n=0 


an = ¿(2n + of F(xz)P, (x) dz, 


Pinching Theorem 1367 


where P,(z) is a LEGENDRE POLYNOMIAL, satisfy the 
inequalities 


aapoy < {OVER mató 
2(M' + V")n— for |x| < 1 


for n > 1 (Sansone 1991). 
see also JACKSON’S THEOREM, LEGENDRE SERIES 
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Pie Cutting 
see CIRCLE CUTTING, CYLINDER CUTTING, PANCAKE 
THEOREM, PIZZA THEOREM 


Piecewise Circular Curve 

A curve composed exclusively of circular ARCS, e.g., the 
FLOWER OF LIFE, LENS, REULEAUX TRIANGLE, SEED 
OF LIFE, and YIN-YANG. 


see also ARC, REULEAUX TRIANGLE, YIN-YANG 
FLOWER OF LIFE, LENS, REULEAUX POLYGON, 
REULEAUX TRIANGLE, SALINON, SEED OF LIFE, TRI- 
ANGLE ARCS, YIN- YANG 
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Pigeonhole Principle 
see DIRICHLET’S BOX PRINCIPLE 


Pillai’s Conjecture 
For every k > 1, there exist only finite many pairs of 
POWERS (p,p') with p and p' PRIME and k = p' — p. 
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Pilot Vector 
see VECTOR SPHERICAL HARMONIC 


Pinch Point 

A singular point such that every NEIGHBORHOOD of the 
point intersects itself. Pinch points are also called Whit- 
ney singularities or branch points. 


Pinching Theorem 
Let g(x) < f(x) < h(x) for all x in some open interval 
containing a. If 


dene nese 


then limaz +a f(x) = 
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Pine Cone Number 
see FIBONACCI NUMBER 


Piriform 


A plane curve also called the PEG TOP and given by the 
CARTESIAN equation 


aty? = br" (2a — 2) (1) 
and the parametric curves 


z = a(1+sint) (2) 
y = bcost(1 + sint) (3) 


for t € [—7/2,7/2]. It was studied by G. de Longchamps 
in 1886. The generalization to a QUARTIC 3-D surface 


(et — r?) +y’ +27 =0, (4) 


is shown below (Nordstrand). 


see also BUTTERFLY CURVE, DUMBBELL CURVE, EIGHT 
CURVE, HEART SURFACE, PEAR CURVE 
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Pisot- Vijayaraghavan Constants 
Let 0 be a number greater than 1, Aa POSITIVE number, 


and 
(x) =x-— |z] (1) 


denote the fractional part of x. Then for a given A, the 
sequence of numbers (A9”) for n = 1, 2, ... is uniformly 
distributed in the interval (0, 1) when 6 does not be- 
long to a A-dependent exceptional set S of MEASURE 
zero (Koksma 1935). Pisot (1938) and Vijayaraghavan 
(1941) independently studied the exceptional values of 
9, and Salem (1943) proposed calling such values Pisot- 
Vijayaraghavan numbers. 


Pisot-Vijayaraghavan Constants 


Pisot (1938) proved that if 0 is such that there exists 
a A % 0 such that the series ) 7”, sin“(rA0)” con- 
verges, then 0 is an ALGEBRAIC INTEGER whose conju- 
gates all (except for itself) have modulus < 1, and X is 
an algebraic INTEGER of the FIELD K(@). Vijayaragha- 
van (1940) proved that the set of Pisot-Vijayaraghavan 
numbers has infinitely many limit points. Salem (1944) 
proved that the set of Pisot-Vijayaraghavan constants is 
closed. The proof of this theorem is based on the LEMMA 
that for a Pisot-Vijayaraghavan constant 0, there always 
exists a number A such that 1 < A < 6 and the following 
inequality is satisfied, 


En < pe (2) 


The smallest Pisot-Vijayaraghavan constant is given by 
the POSITIVE ROOT 6o of 


a —g-1=0. (3) 
This number was identified as the smallest known by 
Salem (1944), and proved to be the smallest possible by 


Siegel (1944). Siegel also identified the next smallest 
Pisot-Vijayaraghavan constant ĝı as the root of 


ci —a—1=0, (4) 


showed that 6, and 0, are isolated in S, and showed that 
the roots of each POLYNOMIAL 


"(2 —a—1)+e*-1 n=1,2,3,... (5) 
a | 
T A de Es EN EPA (6) 
ss grt | 
T AE o o CEA (7) 


belong to S, where 04 = ¢ (the GOLDEN MEAN) is the 
accumulation point of the set (in fact, the smallest; Le 
Lionnais 1983, p. 40). Some small Pisot-Vijayaraghavan 
constants and their POLYNOMIALS are given in the fol- 
lowing table. The latter two entries are from Boyd 
(1977). 


k Number Order Polynomial 
0 1.3247179572 3 10-1-1 
1 1.3802775691 4 1-100-1 


1.6216584885 16 1-22-32-21001 
-12-22-21-—1 


1.8374664495 20 1-201-101-10 
10-101-101-1 
0 1-1 


All the points in S less than ¢ are known (Dufresnoy 
and Pisot 1955). Each point of S is a limit point from 
both sides of the set T of SALEM CONSTANTS (Salem 
1945). 


Pistol 


see also SALEM CONSTANTS 
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A 4-POLYHEX. 
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Pitchfork Bifurcation 
Let f : R x R > R be a one-parameter family of C* 
map satisfying 


f(-x, u) = — f(x, pu) (1) 
H EEN (2) 
ae. a FI (3) 
EA An de (4) 
Ea DN (5) 


Then there are intervals having a single stable fixed 
point and three fixed points (two of which are stable 
and one of which is unstable). This BIFURCATION is 
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called a pitchfork bifurcation. An example of an equa- 
tion displaying a pitchfork bifurcation is 


t= pe — r| (6) 


(Guckenheimer and Holmes 1997, p. 145). 
see also BIFURCATION | 
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Pivot Theorem 

If the VERTICES A, B, and C of TRIANGLE AABC lie 
on sides QR, RP, and PQ of the TRIANGLE APQR, 
then the three CIRCLES CBP, ACQ, and BAR have a 
common point. In extended form, it is MIQUEL’S THE- 
OREM. 


see also MIQUEL’S THEOREM 
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Pivoting 

The element in the diagonal of a matrix by which other 
elements are divided in an algorithm such as GAUSS- 
JORDAN ELIMINATION is called the pivot element. Par- 
tial pivoting is the interchanging of rows and full piv- 
oting is the interchanging of both rows and columns in 
order to place a particularly “good” element in the di- 
agonal position prior to a particular operation. 


see also GAUSS-JORDAN ELIMINATION 


References 


Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. Numerical Recipes in FORTRAN: The Art of 
Scientific Computing, 2nd ed. Cambridge, England: Cam- 
bridge University Press, pp. 29-30, 1992. 


Pizza Theorem 

If a circular pizza is divided into 8, 12, 16, ...slices by 
making cuts at equal angles from an arbitrary point, 
then the sums of the areas of alternate slices are equal. 


Place (Digit) 
see DIGIT 


Place (Field) 

A place v of a number FIELD k is an ISOMORPHISM class 
of field maps k onto a dense subfield of a nondiscrete 
locally compact FIELD kvp. 


In the function field case, let F be a function field of al- 
gebraic functions of one variable over a FIELD K. Then 
by a place in F, we mean a subset p of F which is the 
IDEAL of nonunits of some VALUATION RING O over K. 
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Place (Game) 

For n players, n— 1 games are needed to fairly determine 
first place, and n — 1 + lg(n — 1) are needed to fairly 
determine first and second place. 


Planar Bubble Problem 
see BUBBLE 


Planar Distance 
For n points in the PLANE, there are at least 


= 38 
NM = 4/n-F-3 


different DISTANCES. The minimum DISTANCE can oc- 
cur only < 3n — 6 times, and the MAXIMUM DISTANCE 
can occur < n times. Furthermore, no DISTANCE can 
occur as often as 


3/2 
Na = in(14 V8n—7) < 7 


times. No set of n > 6 points in the PLANE can deter- 
mine only ISOSCELES TRIANGLES. 


TE 
4 


see also DISTANCE 
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Planar Graph 

A GRAPH is planar if it can be drawn in a PLANE 
without EDGES crossing (i.e., it has CROSSING NUM- 
BER 0). Only planar graphs have DUALS. If G is pla- 
nar, then G has VERTEX DEGREE < 5. COMPLETE 
GRAPHS are planar only for n < 4. The complete BI- 
PARTITE GRAPH K(3,3) in nonplanar. More generally, 
Kuratowski proved in 1930 that a graph is planar IFF it 
does not contain within it any graph which can be CON- 
TRACTED to the pentagonal graph K(5) or the hexago- 
nal graph K (3,3). Ks can be decomposed into a union of 
two planar graphs, giving it a “DEPTH” of E(Ks) = 2. 
Simple CRITERIA for determining the depth of graphs 
are not known. Beineke and Harary (1964, 1965) have 
shown that if n 4 4 (mod 6), then 


E(Kn) =|¿(n+7)|. 


The DEPTHS of the graphs Kn for n = 4, 10, 22, 28, 34, 
and 40 are 1, 3, 4, 5, 6, and 7 (Meyer 1970). 

see also COMPLETE GRAPH, FABRY IMBEDDING, INTE- 
GRAL DRAWING, PLANAR STRAIGHT LINE GRAPH 


Planar Space 
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Planar Point 

A point p on a REGULAR SURFACE M € R? is said to 
be planar if the GAUSSIAN CURVATURE K(p) = 0 and 
S(p) = 0 (where S is the SHAPE OPERATOR), or equiv- 
alently, both of the PRINCIPAL CURVATURES «xı and ke 
are 0. 

see also ANTICLASTIC, ELLIPTIC POINT, GAUSSIAN 
CURVATURE, HYPERBOLIC POINT, PARABOLIC POINT, 
SYNCLASTIC 
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Planar Space 
Let (£1,&2) be a locally EUCLIDEAN coordinate system. 
Then 

ds? = dé,” + dé”. (1) 


Now plug in 


déi = —=dx1 + — drə (2) 
1 2 


d&2 = —dx1 + — drz (3) 
1 
to obtain 
2 | (0&1 y (5$ y 2 
oe = ($ as Ox dey 


47 [26 06, 2 Oe 
Ox Ore O21 Ore 


(A ow 


Reading off the COEFFICIENTS from 


| dzı dt> 


ds? = gi dx1* + 2g12 day dee + g22 (de2)" (5) 


gives 
m= (58) + (55) © 
m= (58) + (Sez) - 8) 


Planar Straight Line Graph 


Making a change of coordinates (21,12) > (11,12) gives 


i 0&1 qn 0&2 : 
Ju = | Oat dx, 


7 (3 Or. 06; 3) 


Ax, Ox, | Ox Ox, 
OL: Oz} Ox» Ox} 
2 2 
B 021 0x1 Ox2 OL 
Ea ($2 Wed pat gay e (32) (9) 


poo ðE 0x1 0; Ore O£2 0x1 Ez 022 


912 — dx, Ox, Ox2 Ox | Ox; Ox, Ox2 


0x1 Ox, 022 02, 
0x1 Ox? 


~ 912 pgi Oar! 


2 2 
, 0x1 Ox, xə OL 
922 = 911 (2) + 2912 da, Da + g22 (2) 


Planar Straight Line Graph 

A PLANAR GRAPH in which only straight line segments 
are used to connect the VERTICES, where the EDGES 
may intersect. 


see also PLANAR GRAPH 


Plancherel’s Theorem 


/ i fle)g(e) de = | — F(s)G"(s) ds, 


oo 


where F(s) = F[f(x)] and F denotes a FOURIER 
TRANSFORM. If f and g are real 


/ - f(e)9(—2) de = / C F(s)G(s) ds. 


co 
see also FOURIER TRANSFORM, PARSEVAL’S THEOREM 


Planck’s Radiation Function 


The function 
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It has a MAXIMUM at x ~ 0.201405, where 


ma be —e*(5a—1) _ 
f (x) g a (el/2 = 1)? = 0, 
and inflection points at x œ 0.11842 and z = 0.283757, 
where 


f (2) 
geome: a Cil) ib Er La 


(el/z = 1)379 0. 
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Plane 

A plane is a 2-D SURFACE spanned by two linearly in- 
dependent vectors. The generalization of the plane to 
higher DIMENSIONS is called a HYPERPLANE. 


In intercept form, a plane passing through the points 
(a,0,0), (0,b,0) and (0,0,c) is given by 


sap oes ae (1) 
a C 


= 


x 


The equation of a plane PERPENDICULAR to the NON- 
ZERO VECTOR n = (a,b,c) through the point (Zo, yo, Zo) 


q : yo = a(x — zo) +b(y — yo) +c(2— zo) = 0, 
(2) 


ar+by+cz+d=0, (3) 


d = —azo — byo — czo. (4) 


1372 Plane 


A plane specified in this form therefore has z-, y-, and 
z-intercepts at 


s=- 65) 
y=-7 (6) 
z=-5, (7) 
and lies at a DISTANCE 
E (8) 


from the ORIGIN. 


The plane through Pı and parallel to (a1,b1,c1) and 
(az, bg, C2) is 


ai bı Cl ="0. (9) 


The plane through points P, and Pa parallel to direction 
(a, b,c) is 


L=t1 YY 2-21 
£2 — zı yoy 2z2-2|=0. (10) 
a b c 
The three-point form is 
de e E TL — z= z 
a y za 1 1 YY a 
= |T2 — 1 Yyo- Y z9 eae = 0. 
e t3 — Ti Y3 — yı 23 — 21 
Ta Y3 23 1 
(11) 
The DISTANCE from a point (21, yi, 21) to a plane 
Az + By+Cz+D=0 (12) 
i Ag, + By, +Cu +D 
ce T1 + Dy + O21 + . (13) 
+V A? + B? +C? 
The DIHEDRAL ANGLE between the planes 
Aıx + Bıy + Cız + Dı = 0 (14) 
Ag + Bəy + Coz+ Da = 0 (15) 
iS 
A2 + BiB 
A TEE 142 + B1B2 + C1C2 (16) 


VA? + Bi? + 012/42? + Bo? + Co? 


In order to specify the relative distances of n > 1 points 
in the plane, 1 + 2(n — 2) = 2n — 3 coordinates are 
needed, since the first can always be placed at (0, 0) 
and the second at (2,0), where it defines the x-AxIs. 


Plane Cutting 


The remaining n — 2 points need two coordinates each. 
However, the total number of distances is 


n n! 1 
nC2 = a = 2Mn — 2)! = zn(n = 1), (17) 


where (X) is a BINOMIAL COEFFICIENT, so the distances 
between points are subject to m relationships, where 


m = 3n(n-— 1) — (2n — 3) = i(n — 2)(n — 3). (18) 


For n = 2 and n = 3, there are no relationships. How- 
ever, for a QUADRILATERAL (with n = 4), there is one 
(Weinberg 1972). 


It is impossible to pick random variables which are uni- 
formly distributed in the plane (Eisenberg and Sullivan 
1996). In 4-D, it is possible for four planes to intersect in 
exactly one point. For every set of n points in the plane, 
there exists a point O in the plane having the property 
such that every straight line through O has at least 1/3 
of the points on each side of it (Honsberger 1985). 


Every RIGID motion of the plane is one of the following 
types (Singer 1995): 

1. ROTATION about a fixed point P. 

2. TRANSLATION in the direction of a line l. 

3. REFLECTION across a line I. 


4. Glide-reflections along a line l. 


Every RIGID motion of the hyperbolic plane is one of 
the previous types or a 


5. Horocycle rotation. 


see also ARGAND PLANE, COMPLEX PLANE, DIHEDRAL 
ANGLE, ELLIPTIC PLANE, FANO PLANE, HYPERPLANE, 
MOUFANG PLANE, NIRENBERG’S CONJECTURE, NOR- 
MAL SECTION, POINT-PLANE DISTANCE, PROJECTIVE 
PLANE 
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Plane Curve 
see CURVE 


Plane Cutting 
see CIRCLE CUTTING 


Plane Division 


Plane Division 

Consider n intersecting CIRCLES and ELLIPSES. The 
maximal number of regions in which these divide the 
PLANE are 


Naide n? -n +2 
Nellipse = on? — 2n + 2. 


see also ARRANGEMENT, CIRCLE, CUTTING, ELLIPSE, 
SPACE DIVISION 


Plane-Filling Curve 
see PLANE-FILLING FUNCTION 


Plane-Filling Function 


_A SPACE-FILLING FUNCTION which maps a 1-D INTER- 
VAL into a 2-D area. Plane-filling functions were thought 
to be impossible until Hilbert discovered the HILBERT 
CURVE in 1891. 


Plane-filling functions are often (imprecisely) defined to 
be the “limit” of an infinite sequence of specified curves 
which “fill” the PLANE without “HOLES,” hence the 
more popular term PLANE-FILLING CURVE. The term 
“plane-filling function” is preferable to “PLANE-FILLING 
CURVE” because “curve” informally connotes “GRAPH” 
(i.e., range) of some continuous function, but the GRAPH 
of a plane-filling function is a solid patch of 2-space with 
no evidence of the order in which it was traced (and, for 
a dense set, retraced). Actually, all that is needed to 
rigorously define a plane-filling function is an arbitrar- 
ily refinable correspondence between contiguous subin- 
tervals of the domain and contiguous subareas of the 
range. 


True plane-filling functions are not ONE-TO-ONE. In 
fact, because they map closed intervals onto closed ar- 
eas, they cannot help but overfill, revisiting at least 
twice a dense subset of the filled area. Thus, every point 
in the filled area has at least one inverse image. 


see also HILBERT CURVE, PEANO CURVE, PEANO- 
GOSPER CURVE, SIERPINSKI CURVE, SPACE-FILLING 
FUNCTION, SPACE-FILLING POLYHEDRON 


References | 

Bogomolny, A. “Plane Filling Curves.” http://www. cut- 
the-knot .com/do_you_know/hilbert .html. 

Wagon, S. “A Space-Filling Curve.” §6.3 in Mathematica in 
Action. New York: W. H. Freeman, pp. 196-209, 1991. 


Plane Partition 1373 


Plane Geometry 

That portion of GEOMETRY dealing with figures in a 
PLANE, as opposed to SOLID GEOMETRY. Plane geom- 
etry deals with the CIRCLE, LINE, POLYGON, etc. 


see also CONSTRUCTIBLE POLYGON, GEOMETRIC CON- 
STRUCTION, GEOMETRY, SOLID GEOMETRY, SPHERI- 
CAL GEOMETRY 
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Plane Partition 

A two-dimensional array of INTEGERS nonincreasing 
both left to right and top to bottom which add up to a 
given number, i.e., nij > Ni(¿+1) and Nij > N(i41)5- For 


example, a planar partition of 2 is given by 


The GENERATING FUNCTION for the number PL(n) of 
planar partitions of n is 


oo aa 1 
D = ICa rF y 


=14+x+32? + 62° +1324 + 242? +... 
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(Sloane's A000219, MacMahon 1912b, Beeler et al. 1972, 
Bender and Knuth 1972). The concept of planar parti- 
tions can also be generalized to cubic partitions. 


see also PARTITION, SOLID PARTITION 
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Plane Symmetry Groups 
see WALLPAPER GROUPS 


Planted Planar Tree 

A planted plane tree (V, E,v, a) is defined as a vertex 
set V, edges set E, ROOT v, and order relation a on V 
which satisfies | 


1. For x,y € V if p(x) < p(y), then xay, where p(x) is 
the length of the path from v to a, 

2. If {r,s}, {x,y} € E, plr) = p(x) = p(s)-1= ply)-1 
and raz, then say 

(Klarner 1969, Chorneyko and Mohanty 1975). The 

CATALAN NUMBERS give the number of planar trivalent 

planted trees. 


see also CATALAN NUMBER, TREE 
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Plastic Constant 
The limiting ratio of the successive terms of the PADO- 
VAN SEQUENCE, P = 1.32471795.... 


see also PADOVAN SEQUENCE 
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Plat 
A BRAID in which strands are intertwined in the center 
and are free in “handles” on either side of the diagram. 


Plateau’s Problem 


Plateau Curves 


A curve studied by the Belgian physicist and mathe- 
matician Joseph Plateau. It has Cartesian equation 


= asin[(m + n)t| 
sin[(m — n)t] 
_ 2a sin(mt) sin(nt) 
sin|(m — n)t] 


If m = 2n, the Plateau curve degenerates to a CIRCLE 
with center (1,0) and radius 2. 
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Plateau’s Laws 

BUBBLES can meet only at ANGLES of 120° (for two 
BUBBLES) and 109.5° (for three BUBBLES), where the 
exact value of 109.5° is the TETRAHEDRAL ANGLE. This 
was proved by Jean Taylor using MEASURE THEORY 
to study AREA minimization. The DOUBLE BUBBLE is 
AREA minimizing, but it is not known the triple BUBBLE 
is also AREA minimizing. It is also unknown if empty 
chambers trapped inside can minimize AREA for n > 3 
BUBBLES. 


see also BUBBLE, CALCULUS OF VARIATIONS, DOUBLE 
BUBBLE, PLATEAU’S PROBLEM 
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Plateau’s Problem 

The problem in CALCULUS OF VARIATIONS to find the 
MINIMAL SURFACE of a boundary with specified con- 
straints. In general, there may be one, multiple, or no 
MINIMAL SURFACES spanning a given closed curve in 
space. 


see also CALCULUS OF VARIATIONS, MINIMAL SURFACE 
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pyramid as a quasi-capacitive series element connected to the 
secondary coil of the transformer and radiating to the local 
atmosphere. The data are shown in Table 2. 

The experimental data are shown in Table 2. The current 
readings were also confirmed by using “current sensing” 
resistors (not shown). A apparent power gain of nearly 100- 
fold was achieved in the secondary coil relative to input power 
in the primary coil, and a linear increase of power in the 
secondary coil with the increase of input power into the 
primary coil (FIG. 3). The power in the secondary coil expo- 
nentially increases with the pyramid apex voltage (FIG. 4). 


TABLE 2 


Power Measurements in the Pyramid-Resonant Coil System 


Primary 

Frequency (kHz) 83.00 

VP RMS 3,97 6.38 9.86 20.3 26.7 33.8 

Ip rms (MA) 87.6 222 300 792 1117 1389 

P angle with respect to Vp 18° 24° 14° 22° 23° Pale 

Total power (VA) 0.35 1.42 2.95 16.02 29.70 46.77 

True power (W) 0.33 1.30 2.87 14.85 27.35 43.66 

Secondary 

Vs RMS 341 872 1150 3540 4670 6220 

Ly rms (MA) 62.2 148 193 438 579 728 

L; angle with respect to Vs 42° 43° 44° 327 52° 54° 

Total power (VA) 21.2 129.5 222.8 1552 2707.8 4530.2 

True power (W) 15.7 94.7 160.3 956 1668.1 2664.5 

Power sec/prim 61.1 91.4 75.4 96.9 91.2 96.9 
30 


A load may be connected to coil 2 to draw power from the 
system. The load may also be connected via a tertiary coil 
inductively coupled to the secondary coil. The load may be a 
resistor, a rectifier or storage capacitor powering a DC load. 

A graphic representation ofthe test system is shown in FIG. 
5. The pyramidal antenna/waveguide, placed on an insulating 
base, is coupled to the surrounding electromagnetic environ- 
ment and serves as an antenna/waveguide for the concentra- 
tion of atmospheric and telluric electromagnetic oscillations 
at resonance frequency. As the flow of electric energy is 
always balanced [6], two vortices may cross the pyramidal 
antenna: one from the direction of the ground concentrating 
into its apex, and another one from its apex propagating into 
the atmosphere (FIG. 1). The atmospheric electric vortex 
possibly acts as an ionic antenna pulling in EM radiations 
from a large atmospheric domain. In FIG. 5, the antenna/ 
waveguide 10 is attached to a coil 12. To drive the system, a 
RF generator 14 is connected to a signal amplifier 16. The 
signal amplifier 16 is also connected to an uninterruptible 
power supply (UPS) 18 through a sinewave generator 20 and 
a frequency counter 22. Outputs from the sinewave generator 
20 and frequency counter 22 are also connected to a first 
current amplifier 24. The output from the antenna/waveguide 
10 and coil 12 are also connected to a second current amplifier 
26. The sinewave generator 20, frequency counter 22, first 
current amplifier 24, and second current amplifier 26 are 
connected to a digital oscilloscope 28. Outputs from the 
antenna/waveguide 10 and coil 12 are also connected to the 
digital oscilloscope 28. A laptop computer 30 controls the 
sinewave generator 20 and frequency counter 22. 

The pyramid’s apex is attached to a coil of high turn num- 
ber (FIGS. 2 £ 4). This secondary coil wound on a noncon- 
ductive coil form serves as a step-up transformer, and forms a 
resonant circuit with the pyramid that acts as a quasi-capaci- 
tive series element. The secondary coil is activated by a signal 
from an RF generator via a primary coil of a few turn numbers 
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inductively coupled to coil 2. The measurement points are 
also indicated, displaying the positions of voltage and current 
probes. The data are captured by a digital oscilloscope and 
recorded on a laptop computer. 
Discussion 

This invention demonstrates a novel approach to harvest 
Earth’s electric energy. The masses of Earth and its atmo- 
sphere represent a coupled resonant system that is continually 
electrified by solar radiation. We have found that a pyramidal 
antenna designed based on the ratios of phi and pi is optimal 
for the capture of atmospheric electrostatic discharge (ESD) 


39 40.8 
1541 1838 
20° 28° 
59.95 74.75 
56.34 66.01 
7140 7710 
834 919 
53° 52° 
5957.5 7087.3 
3587.6 4366 
99.4 94.8 


impulses [3-5]. Atmospheric ESD is a product of solar radia- 
tion and is a wide bandwidth phenomenon. The pyramid as a 
wideband, non-resonant antenna is uniquely adapted to har- 
vest the energy of atmospheric ESD. 

This invention also points out an additional energizing 
mechanism at work during the operation of the pyramid elec- 
tric generator. The observation is derived from our theory on 
energy, matter and space [1,2] as well as that of Russell [6,7]. 
Both Russell and we observed that spiral motion is a funda- 
mental action of matter and that the vortex is the mechanism 
of power multiplication in Nature. A vortex concentrates 
power into its apex where the highest velocity of motion, the 
highest pressure and the highest electric potential resides 
[1,2,6,7]. As electricity propagates along a pulsating phi- 
based spiral [6,7], a phi-based antenna/waveguide is suitable 
to focus its energy into the apex ofa vortex inside the antenna. 
A phi-based pyramid is optimal for this purpose. 

As atomic bodies can oscillate in a very wide frequency 
range [1,2,6-8], a pyramidal antenna/waveguide coupled to 
an oscillator that is tuned to a suitable frequency can focus the 
“electric noise” from Earth’s atomic oscillators into the apex 
ofthe pyramid at a high voltage. Russell observed that energy 
moves towards the higher potential during its generative cycle 
[7]; therefore, it is essential that the pyramidal antenna be at 
a high potential. Our data corroborated this assumption. 

To select a suitable frequency range, one can begin with the 
observation that all material manifestations are tonal [8], and 
that acoustic frequencies are always generated during the 
oscillations of atomic bodies even though they remain inau- 
dible most of the time. Acoustic waves are also electric [8] 
and therefore Earth’s enormous mass and its atmosphere 
represent a coupled resonant system that offer a vast source of 
power. 

For practical reasons on our small pyramid, we have cho- 
sen a frequency above the audio range but below the radio 
frequency spectrum; our antenna was made to radiate at the 


Plato's Number 


Platos Number 
A number appearing in The Republic which involves 216 
and 12,960,000. 
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En ES RÍA A 


A solid with equivalent faces composed of congruent reg- 
ular convex POLYGONS. There are exactly five such 
solids: the CUBE, DODECAHEDRON, ICOSAHEDRON, 
OCTAHEDRON, and TETRAHEDRON, as was proved by 
Euclid in the last proposition of the Elements. 


Platonic Solid 


The Platonic solids were known to the ancient Greeks, 
and were described by Plato in his Timaeus ca. 350 BC. 
In this work, Plato equated the TETRAHEDRON with the 
“element” fire, the CUBE with earth, the ICOSAHEDRON 
with water, the OCTAHEDRON with air, and the DODEC- 
AHEDRON with the stuff of which the constellations and 
heavens were made (Cromwell 1997). 


The Platonic solids are sometimes also known as the 
REGULAR POLYHEDRA of COSMIC FIGURES (Cromwell 
1997), although the former term is sometimes used to re- 
fer collectively to both the Platonic solids and KEPLER- 
POINSOT SOLIDS (Coxeter 1973). 


If P is a POLYHEDRON with congruent (convex) regular 
polygonal faces, then Cromwell (1997, pp. 77-78) shows 
that the following statements are equivalent. 


1. The vertices of P all lie on a SPHERE. 
All the DIHEDRAL ANGLES are equal. 
All the VERTEX FIGURES are REGULAR POLYGONS. 
All the SOLID ANGLES are equivalent. 


a ies ee 


All the vertices are surrounded by the same number 
of FACES. 


Let v (sometimes denoted No) be the number of VER- 
TICES, e (or Ny) the number of EDGES, and f (or N2) 
the number of FACES. The following table gives the 
SCHLAFLI SYMBOL, WYTHOFF SYMBOL, and C&R sym- 
bol, the number of vertices v, edges e, and faces f, and 
the POINT GROUPS for the Platonic solids (Wenninger 
1989). 
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Solid [SAB] Wy. [CER |o] e] 7 [Gp 
O, 


{4,3} [3/24 
{5,3} 13125 
{3,5} |5|23 
{3,44 |4|23 
{3,3} |3|23 


cube 
dodecahedron 


icosahedron 
octahedron 
tetrahedron 


48 | 8 {12 | 6 

5% | 20 | 30 

3° |12 |30 

34 | 6112 | 8 
3 |} 4] 6] 4 


Let r be the INRADIUS, p the MIDRADIUS, and R the 
CIRCUMRADIUS. The following two tables give the ana- 
lytic and numerical values of these distances for Platonic 
solids with unit side length. 


cube 5 2/2 1/3 
dodecahedron | 2 1/250 + 110V5 | 2(3 + V5) | 1(V15+ V3) 
2 (3V3 + V15) | 4(1+ V5) | ¿4/10 + 2V5 


icosahedron 


octahedron z 6 A] 1/2 
tetrahedron 5 J/6 z /2 a J/6 


cube 0.70711 | 0.86603 
dodecahedron da 1.30902 | 1.40126 
icosahedron | 0.75576 | 0.80902 | 0.95106 
octahedron 0.40825 | 0.5 0.70711 
tetrahedron | 0.20412 | 0.35355 | 0.61237 


Finally, let A be the AREA of a single FACE, V be the 
VOLUME of the solid, the EDGES be of unit length on 
a side, and a be the DIHEDRAL ANGLE. The following 
table summarizes these quantities for the Platonic solids. 


cube 


25 + 10V5 | $(15+ 7V5) 
Ž (3+ V5) 


dodecahedron z 


icosahedron 7 Y 3 
octahedron A V3 
tetrahedron i v3 


The number of EDGES meeting at a VERTEX is 2e/v. 
The SCHLAFLI SYMBOL can be used to specify a Platonic 
solid. For the solid whose faces are p-gons (denoted {p}), 
with q touching at each VERTEX, the symbol is {p, q). 
Given p and q, the number of VERTICES, EDGES, and 
faces are given by 


4p 
Nya name o. 
-— 4—(p-2)lq-2) 
2pq 
Ni 
"4 (p-2)(q-2) 
Nz = 4q 


4 — (p — 2)(q — 2) 


MINIMAL SURFACES for Platonic solid frames are illus- 
trated in Isenberg (1992, pp. 82-83). 

see also ARCHIMEDEAN SOLID, CATALAN SOLID, JOHN- 
SON SOLID, KEPLER-POINSOT SOLID, QUASIREGULAR 
POLYHEDRON, UNIFORM POLYHEDRON 


1376 Platykurtic 
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Platykurtic 
A distribution with FISHER KURTOSIS y2 < 0 (and 
therefore having a flattened shape). 


see also FISHER KURTOSIS 


Playfair’s Axiom 

Through any point in space, there is exactly one straight 
line PARALLEL to a given straight line. This AXIOM is 
equivalent to the PARALLEL AXIOM. 


see also PARALLEL AXIOM 
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Plouffe's Constant 


Plethysm 

A group theoretic operation which is useful in the study 
of complex atomic spectra. A plethysm takes a set of 
functions of a given symmetry type {u} and forms from 
them symmetrized products of a given degree r and 
other symmetry type {v}. A plethysm 


(uy @ tu) = YY 
satisfies the rules 


A@(BC) =(A® B\(A®C)=A®BBAC, 


A@(B+C) 
(A@B)@C=A@(BEC) 


(4+B)8 (4) = X Tiuax(49 {u})(B 8 {v}), 
where Tuva is the coefficient of {A} in {uyv}, 


ay => (- 


where {0} is the partition of r conjugate to {v}, and 


=A@BtA®OC 


(A — B) 1)"Tyuva(A 8 {u})(B 9 {7}), 


(AB) 8 {A} = X gwa(A ® {u})(B 8 {v}, 


where gv. is the coefficient of {A} in the inner product 
{u} o {v} (Wybourne 1970). 
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Plot 
see GRAPH (FUNCTION) 


Plouffe’s Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Define the function 


Ge) f for z <0 


O forx>0. (1) 
Let 
sin 1 forn = 0 
an = sin(2”) = < 2aoV1 — ao? forn=1 (2) 


2an—1(1 — 2an-22) for n> 2, 


then 


eee (3) 


n=0 


Plouffe’s Constant 


For 
bn = cos(2") = [or 2 1 tornar, 
and = 
ye pen) = 0.4756260767.... (5) 
n=0 
Letting 
ai for n = 0 
Cn = tan(2") = l en for n > 1, (6) 
then a 
do = + (7) 


n=0 


Plouffe asked if the above processes could be “inverted.” 
He considered 


On = sin(2” sin”? 3) 


1 for n = 0 
- 313 for n = 1 (8) 
20 -1(1—20m-2*) forn > 2, 
glving 
A plan) 
> gnfi — ia (9) 
n=0 
and 
= 1 for n = 0 
a C08" 2) E —1 forn>1, 
(10) 
glving 
= p(Bn) _ i 
> gn+1 ~ 2? (11) 
n=0 
and 


1 = 
‘tage ten Dyes ae a) 
k 2 woe for n > 1, 


giving 


y pen) = ~ tan” *(2), (13) 


The latter is known as Plouffe’s constant (Plouffe 1997). 
The positions of the 1s in the BINARY expansion of this 
constant are 3, 6, 8, 9, 10, 13, 21, 23, ... (Sloane’s 
A004715). 


Pliicker’s Conoid 1377 


Borwein and Girgensohn (1995) extended Plouffe’s yn 
to arbitrary REAL x, showing that if 


T for n = 0 
mh forn> 1 

n =tan(2” tan * £) = and |€,-1| #1 
—00 forn > 1 


(14) 
then 


Y plEn) _ Ean for x > 0 (15) 


pi a for z < 0. 


Borwein and Girgensohn (1995) also give much more 
general recurrences and formulas. 
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Pliicker Characteristics 

The CLASS m, ORDER n, number of NODES 6, number of 
CUSPS k, number of STATIONARY TANGENTS (INFLEC- 
TION POINTS) ¿, number of BITANGENTS T, and GENUS 
p. 

see also ALGEBRAIC CURVE, BITANGENT, CUSP, GENUS 
(SURFACE), INFLECTION POINT, NODE (ALGEBRAIC 
CURVE), STATIONARY TANGENT 


Plúcker?s Conoid 


A RULED SURFACE sometimes also called the CYLIN- 
DROID. von Seggern (1993) gives the general functional 
form as 

ar? + by? — zz? — zy” =0, (1) 


whereas Fischer (1986) and Gray (1993) give 


2xry 
=, 2 
“(oF $y) de 
A polar parameterization therefore gives 
z(r,0) = rcos@ (3) 
y(r,0) = rsin@ (4) 


z(r,0) = 2cos@sin@. (5) 


Plúcker?s Equations 


A generalization of Plucker’s conoid to n folds is given 
by 


x(r,0) = rcos@ (6) 
y(r,0) =rsiné (7) 
z(r, 0) = sin(n6) (8) 


(Gray 1993). The cylindroid is the inversion of the 
Cross-CAP (Pinkall 1986). 


see also CROSS-CAP, RIGHT CONOID, RULED SURFACE 
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Plücker’s Equations 
Relationships between the number of SINGULARITIES of 
- plane algebraic curves. Given a PLANE CURVE, 


m = n(n — 1) — 26 — 3k (1) 
n=m(m-— 1) — 27 — 34 (2) 
te = 3n(n — 2) — 66 — 84 (3) 
K = 3m(m — 2) — ôr — g&u, (4) 


where m is the CLASS, n the ORDER, 6 the number of 
NODES, k the number of CUSPS, ¿ the number of STA- 
TIONARY TANGENTS (INFLECTION POINTS), and 7 the 
number of BITANGENTS. Only three of these equations 
are LINEARLY INDEPENDENT. 


see also ALGEBRAIC CURVE, BIOCHE’S THEOREM, 
BITANGENT, CuSP, GENUS (SURFACE), INFLEC- 
TION POINT, KLEIN’S EQUATION, NODE (ALGEBRAIC 
CURVE), STATIONARY TANGENT 
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Pliicker Relations 


see PLUCKER’S EQUATIONS 


Plus Sign 


Plumbing 

The plumbing of a p-sphere and a q-sphere is defined 
as the disjoint union of S x S? and D? x S? with their 
common D? x D*, identified via the identity homeomor- 
phism. 


see also HYPERSPHERE 
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Pluperfect Number 
see MULTIPLY PERFECT NUMBER 


Plurisubharmonic Function 

An upper semicontinuous function whose restrictions to 
all COMPLEX lines are subharmonic (where defined). 
These functions were introduced by P. Lelong and Oka 
in the early 1940s. Examples of such a function are the 
logarithms of moduli of holomorphic functions. 
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Plus 

The ADDITION of two quantities, i.e., a plus b. The 
operation is denoted a + b, and the symbol + is called 
the PLUS SIGN. Floating point ADDITION is sometimes 
denoted ©. 


see also ADDITION, MINUS, PLUS OR MINUS, TIMES 


Plus or Minus 

The symbol + is used to denote a quantity which should 
be both added and subtracted, as in a+ b. The symbol 
can be used to denote a range of uncertainty, or to de- 
note a pair of quantities, such as the roots given by the 
QUADRATIC FORMULA 


—b + yb? — 4ac 
4 == mm, 
2a 


When order is relevant, the symbol a + b is also used, 
so an expression of the form x + y F z is interpreted as 
x+y—zorxz—y+z. In contrast, the expression rt+y+z 
is interpreted to mean the set of four quantities z+y+z, 
Z-ytz,c+y—z, and I-y-2. 

see also MINUS, MINUS SIGN, PLUS, PLUS SIGN, SIGN 


Plus Perfect Number 
see ARMSTRONG NUMBER 


Plus Sign 
The symbol “+” which is used to denote a POSITIVE 
number or to indicate ADDITION. 


see also ADDITION, MINUS SIGN, SIGN 


Plutarch Numbers 


Plutarch Numbers 

In Moralia, the Greek biographer and philosopher 
Plutarch states “Chrysippus says that the number of 
compound propositions that can be made from only ten 
simple propositions exceeds a million. (Hipparchus, to 
be sure, refuted this by showing that on the affirmative 
side there are 103,049 compound statements, and on the 
negative side 310,952.)” These numbers are known as 
the Plutarch numbers. 103,049 can be interpreted as 
the number 510 of BRACKETINGS on ten letters (Stan- 
ley 1997), Habsieger et al. 1998). Similarly, Plutarch’s 
second number is given by (s10+811)/2 = 310, 954 (Hab- 
sieger et al. 1998). 
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Pochhammer Symbol 
A.k.a. RISING FACTORIAL. For an INTEGER n > 0, 


(on = EEE = ofa +1)---(a +n 2), (1) 


where T(z) is the GAMMA FUNCTION and 
(a)o = 1. | (2) 


The NOTATION conflicts with both that for g-SERIES and 
that for GAUSSIAN COEFFICIENTS, so context usually 
serves to distinguish the three. Additional identities are 


(aja = (a)a[Flat+n—1)-F(a-1)]) (3) 


(@)nte = (a + n)r (a)n, (4) 


where F is the DIGAMMA FUNCTION. The Pochhammer 
symbol arises in series expansions of HYPERGEOMET- 
RIC FUNCTIONS and GENERALIZED HYPERGEOMETRIC 
FUNCTIONS. | 

see also FACTORIAL, GENERALIZED HYPERGEOMETRIC 
FUNCTION, HARMONIC LOGARITHM, HYPERGEOMET- 
RIC FUNCTION 
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Pocklington’s Criterion 
Let p be an ODD PRIME, k be an INTEGER such that 
pik and 1 < k < 2(p + 1), and 


N = 2kp +1. 


Then the following are equivalent 

1. N is PRIME. 

2. GCD(a* +1, N) =1. 

This is a modified version of the original theorem due to 


Lehmer. 
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Pocklington-Lehmer Test 
see POCKLINGTON’S THEOREM 


Pocklington’s Theorem 
Let n—1 = FR where F is the factored part of a number 


F=p% p", (1) 


where (R, F) = 1, and R < yn. If there exists a b; for 


¿=1,..., r such that 
b,"7*= 1 (mod n) (2) 
GCD(5,;'°"—?/" —1,n) =1, (3) 


then n is a PRIME. 


Poggendorff Illusion 


The illusion that the two ends of a straight LINE SEG- 
MENT passing behind an obscuring RECTANGLE are off- 
set when, in fact, they are aligned. 


see also ILLUSION, MULLER-LYER ILLUSION, PONZO’S 
ILLUSION, VERTICAL-HORIZONTAL ILLUSION 
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Pohlke’s Theorem 

The principal theorem of AXONOMETRY. It states that 
three segments of arbitrary length a'z’, a'y”, and a'z’ 
which are drawn in a PLANE from a point a’ under arbi- 
trary ANGLES form a parallel projection of three equal 
segments az, ay, and az from the ORIGIN of three PER- 
PENDICULAR coordinate axes. However, only one of the 
segments or one of the ANGLES may vanish. 


see also AXONOMETRY 


Poincaré-Birkhoff Fixed Point Theorem 

For the rational curve of an unperturbed system with 
ROTATION NUMBER r/s under a map T (for which ev- 
ery point is a FIXED POINT of T°), only an even number 
of FIXED POINTS 2ks (k = 1, 2, ...) will remain under 
perturbation. These FIXED POINTS are alternately sta- 
ble (ELLIPTIC) and unstable (HYPERBOLIC). Around 
each elliptic fixed point there is a simultaneous appli- 
cation of the Poincaré-Birkhoff fixed point theorem and 
the KAM THEOREM, which leads to a self-similar struc- 
ture on all scales. 


The original formulation was: Given a CONFORMAL 
ONE-TO-ONE transformation from an ANNULUS to it- 
self that advances points on the outer edge positively 
and on the inner edge negatively, then there are at least 
two fixed points. 


It was conjectured by Poincaré from a consideration 
of the three-body problem in celestial mechanics and 
proved by Birkhoff. 


Poincaré Conjecture 

A SIMPLY CONNECTED 3-MANIFOLD is HOMEOMOR- 
PHIC to the 3-SPHERE. The generalized Poincaré con- 
jecture is that a COMPACT n-MANIFOLD is HOMOTOPY 
equivalent to the n-sphere IFF it is HOMEOMORPHIC to 
the n-SPHERE. This reduces to the original conjecture 
for n = 3. 


The n = 1 case of the generalized conjecture is trivial, 
the n = 2 case is classical, n = 3 remains open, n = 
4 was proved by Freedman (1982) (for which he was 
awarded the 1986 FIELDS MEDAL), n = 5 by Zeeman 
(1961), n = 6 by Stallings (1962), and n > 7 by Smale in 
1961 (Smale subsequently extended this proof to include 
n > 5.) 

see also COMPACT MANIFOLD, HOMEOMORPHIC, Ho- 
MOTOPY, MANIFOLD, SIMPLY CONNECTED, SPHERE, 
THURSTON’S GEOMETRIZATION CONJECTURE 


Poincaré-Hopf Index Theorem 
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Poincaré Duality 
The BETTI NUMBERS of a compact orientable n- 
MANIFOLD satisfy the relation 


see also BETTI NUMBER 


Poincaré Formula 
The POLYHEDRAL FORMULA generalized to a surface of 
GENUS p. | 

V-E+F=2-2p 


where V is the number of VERTICES, E is the number 
of EDGES, F is the number of faces, and 


x = 2 — 2p 


is called the EULER CHARACTERISTIC. 


see also EULER CHARACTERISTIC, GENUS (SURFACE), 
POLYHEDRAL FORMULA 
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Poincaré-Fuchs-Klein Automorphic Function 


fe) = art a) 


where S(z) > 0. 


see also AUTOMORPHIC FUNCTION 


Poincaré Group 
see LORENTZ GROUP 


Poincaré’s Holomorphic Lemma 

Solutions to HOLOMORPHIC differential equations are 
themselves HOLOMORPHIC FUNCTIONS of time, initial 
conditions, and parameters. 


Poincaré-Hopf Index Theorem 

The index of a VECTOR FIELD with finitely many zeros 
on a compact, oriented MANIFOLD is the same as the 
EULER CHARACTERISTIC of the MANIFOLD. 


see also GAUSS-BONNET FORMULA 


Poincaré Hyperbolic Disk 


Poincaré Hyperbolic Disk 

A 2-D space having HYPERBOLIC GEOMETRY defined 

as the 2-BALL {x € R? : |z| < 1}, with HYPERBOLIC 

METRIC | 
da? + dy? 


The Poincaré disk is a model for HYPERBOLIC GEOME- 
TRY, and there is an isomorphism between the Poincaré 
disk model and the KLEIN-BELTRAMI MODEL. 


see also ELLIPTIC PLANE, HYPERBOLIC GEOMETRY, 
HYPERBOLIC METRIC, KLEIN-BELTRAMI MODEL 


Poincaré’s Lemma 
Let A denote the WEDGE PRODUCT and D the EXTE- 
RIOR DERIVATIVE. Then 


eRe leak ine 
Dit= ¿A e = Dr ae AE = 0: 


see also DIFFERENTIAL FORM, EXTERIOR DERIVATIVE, 
POINCARE’S HOLOMORPHIC LEMMA, WEDGE PROD- 
UCT 


Poincaré Manifold 
A nonsimply connected 3-manifold also called a DODEC- 
AHEDRAL SPACE. 
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Poincaré Metric 
The METRIC 
2. dx? + dy? 


Ag aee 
> = jf2) 


of the POINCARE HYPERBOLIC DISK. 
see also POINCARE HYPERBOLIC DISK 


Poincaré Separation Theorem 
Let {y*} be a set of orthonormal vectors with k = 1, 


2,..., K, such that the INNER PRODUCT (y*,y*) =e 
Then set 
K 
x= 3. uy” (1) 
k=1 


so that for any SQUARE MATRIX Á for which the product 
Ax is defined, the corresponding QUADRATIC FORM is 


K 
(x, Ax) = Y uru(y", Ay’). (2) 
k,l=1 : 
. Then if 
Bi = (y*, Ay’) (3) 
for k,l = 1, 2,..., K, it follows that 


Ai(Bx) < Ai (A) (4) 
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AK-j(Bx) > Aw-3(A) (5) 
for i= 1, 2, ..., K and j = 0, 1,..., K- 1. 
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Poinsot Solid 
see KEPLER-POINSOT SOLID 


Poinsot’s Spirals 


rsinh(n@) = a. 


rcsch(né) = a. 
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Point 


o, 


A 0-DIMENSIONAL mathematical object which can be 
specified in n-D space using n coordinates. Although the 
notion of a point is intuitively rather clear, the mathe- 
matical machinery used to deal with points and point- 
like objects can be surprisingly slippery. This difficulty 
was encountered by none other than Euclid himself who, 
in his Elements, gave the vague definition of a point as 
“that which has no part.” 


The basic geometric structures of higher DIMEN- 
SIONAL geometry—the LINE, PLANE, SPACE, and 
HYPERSPACE—are all built up of infinite numbers of 
points arranged in particular ways. 


see also ACCUMULATION POINT, ANTIGONAL POINTS, 
ANTIHOMOLOGOUS POINTS, APOLLONIUS POINT, 
BOUNDARY POINT, BRANCH POINT, BRIANCHON 
POINT, BROCARD MIDPOINT, BROCARD POINTS, 
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CANTOR-DEDEKIND AXIOM, CENTER, CIRCLE LAT- 
TICE POINTS, CONCUR, CONCURRENT, CONGRU- 
ENT INCIRCLES POINT, CONGRUENT ISOSCELIZERS 
POINT, CONJUGATE POINTS, CRITICAL POINT, CRU- 
CIAL POINT, CUBE POINT PICKING, CUSP POINT, 
DE LONGCHAMPS POINT, DOUBLE POINT, ECKARDT 
POINT, ELKIES POINT, ELLIPTIC FIXED POINT (DIF- 
FERENTIAL EQUATIONS), ELLIPTIC FIXED POINT 
(MAP), ELLIPTIC POINT, EQUAL DETOUR POINT, 
EQUAL PARALLELIANS POINT, EQUICHORDAL POINT, 
EQUILIBRIUM POINT, EQUIPRODUCT POINT, EQUIRE- 
CIPROCAL POINT, EVANS POINT, EXETER POINT, EX- 
MEDIAN POINT, FAGNANO’S POINT, FAR-OUT POINT, 
FEJES TOTH’S PROBLEM, FERMAT POINT, FEUERBACH 
POINT, FEYNMAN POINT, FIXED POINT, FLETCHER 
POINT, GERGONNE POINT, GREBE POINT, GRIFFITHS 
POINTS, HARMONIC CONJUGATE POINTS, HERMIT 
POINT, HOFSTADTER POINT, HOMOLOGOUS POINTS, 
HYPERBOLIC FIXED POINT (DIFFERENTIAL EQUA- 
TIONS), HYPERBOLIC FIXED POINT (MAP), HYPER- 
BOLIC POINT, IDEAL POINT, IMAGINARY POINT, 
INVARIANT POINT, INVERSE POINTS, ISODYNAMIC 
POINTS, ISOLATED POINT, ISOPERIMETRIC POINT, ISO- 
TOMIC CONJUGATE POINT, LATTICE POINT, LEMOINE 
POINT, LIMIT POINT, MALFATTI POINTS, MEDIAN 
POINT, MID-ARC POINTS, MIDPOINT, MIQUEL POINT, 
NAGEL POINT, NAPOLEON POINTS, NOBBS POINTS, 
OLDKNOW POINTS, ONLY CRITICAL POINT IN TOWN 
TEST, ORDINARY POINT, PARABOLIC POINT, PARRY 
POINT, PEDAL POINT, PERIODIC POINT, PLANAR 
POINT, POINT AT INFINITY, POINT-LINE DISTANCE— 
2-D, POINT-LINE DISTANCE—3-D, POINT-QUADRATIC 
DISTANCE, POINT-PLANE DISTANCE, POINT-SET TO- 
POLOGY, POINTWISE DIMENSION, POLICEMAN ON 
POINT DUTY CURVE, POWER POINT, RADIAL POINT, 
RADIANT POINT, RATIONAL POINT, RIGBY POINTS, 
SADDLE POINT (GAME), SADDLE POINT (FUNC- 
TION), SALIENT POINT, SCHIFFLER POINT, SELF- 
HOMOLOGOUS POINT, SIMILARITY POINT, SINGULAR 
POINT (ALGEBRAIC CURVE), SINGULAR POINT (FUNC- 
TION), SODDY POINTS, SPECIAL POINT, STATIONARY 
POINT, STEINER POINTS, SYLVESTER'S FOUR-POINT 
PROBLEM, SYMMEDIAN POINT, SYMMETRIC POINTS, 
TARRY POINT, TORRICELLI POINT, TRISECTED PER- 
IMETER POINT, UMBILIC POINT, UNIT POINT, VAN- 
ISHING POINT, VISIBLE POINT, WEIERSTRA POINT, 
WILD POINT, YFF POINTS 
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Point Estimator 
An ESTIMATOR of the actual values of population. 


Point-Line Distance—2-D 


Point Groups 

The symmetry groups possible in a crystal lattice with- 
out the translation symmetry element. Although an iso- 
lated object may have an arbitrary SCHONFLIES SYM- 
BOL, the requirement that symmetry be present in a lat- 
tice requires that only 1, 2, 3, and 6-fold symmetry axes 
are possible (the CRYSTALLOGRAPHY RESTRICTION), 
which restricts the number of possible point groups to 
32: Ci, Cs, Ci, C2, C3, Ca, Co, Con, Can, Can, Con, 
Cov, C3v, Cav, Cev, Da, Ds, Da, De (the DIHEDRAL 
GROUPS), Den, D3h, Dar, Den, Daa, Daa; O, On (the. 
OCTAHEDRAL GROUP), Sa, Se, T, Th, and Ta (the TET- 
RAHEDRAL GROUP). 


see also CRYSTALLOGRAPHY RESTRICTION, DIHE- 
DRAL GROUP, GROUP, GROUP THEORY, HERMANN- 
MAUGUIN SYMBOL, LATTICE GROUPS, OCTAHEDRAL 
GROUP, SCHONFLIES SYMBOL, SPACE GROUPS, TET- 
RAHEDRAL GROUP 
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Point at Infinity 
P is the point on the line AB such that PA/PB = 1. 
It can also be thought of as the point of intersection of 
two PARALLEL lines. 


see also LINE AT INFINITY 
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Point-Line Distance—2-D 


Given a line az + by + c = 0 and a point (xo, yo), in 
slope-intercept form, the equation of the line is 


a 
fo E (1) 


so the line has SLOPE —a/b. Points on the line have the 
vector coordinates 


[só | y ES j 


Therefore, the VECTOR 
—b 
led (3) 


is PARALLEL to the line, and the VECTOR 


e 
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is PERPENDICULAR to it. Now, a VECTOR from the 
point to the line is given by 


LT — To 
r= . 5 
— Yo | (5) 
Projecting r onto v, 


Iver 
vi 


la(x — zo) + b(y — yo)| 
Ja? +B? 


_ lax + by — azo — byo| 

yal +b? 
_ jazo+byotecl . (6) 
Var bz ` 


If the line is represented by the endpoints of a VECTOR 
(v1, yi) and (22, y2), then the PERPENDICULAR VECTOR 


15 


|proj,,r| = 


= y2 — Y1 
= ma deal (7 
al Ya Y 
¡ie E (8) 
where 
s =|v|= y (22 — 21)? + (ya — y1)?, (9) 


so the distance is 


d=|%-r]= ya — y1)(zo — 21) — (z2 — 21) (yo — ya)! 


(10) 
The distance from a point (x1,yi) to the line y = a+ bx 
can be computed using VECTOR algebra. Let L be a 
VECTOR in the same direction as the line 


fetele] 


a 1 1 
El 0) 


A given point on the line is 


so the point-line distance is 


r=(x-L)L-x 


=) 1 “1 l 1 1 o Ly 

~ 1+% yı— a v b Y — a 

_ Tı +blyi — a) 1 21 

1+ 6? b Yi — a 

= 1 bly — a) — biz, 

146? | ba, +b*y, — ab? — yı + a— dy, + ab? 


1 | bl(y, — a) — bra] 
1+02 | —[(y1 — a) — bx1] 


Y -e e a l (14) 
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Therefore, 
_ a — ly — (a + b21)| _ ly — (a +bx1)| 
ta Raa ee Ma 
(15) 


This result can also be obtained much more simply by 
noting that the PERPENDICULAR distance is just cos @ 
times the vertical distance |y — (a + bx1)|. But the 
SLOPE b is just tan @, so 


1 
sin? 0 + cos” 0 = 1 => tan 0 +1 = —_, (16) 
os? 0 
and 
9 : : (17) 
cos Ó = ————m—z— = ——. 
Vict+tan?@  y1+b2 
The PERPENDICULAR distance is then 


VI+  ? 


the same result as before. 
see also LINE, POINT, POINT-LINE DISTANCE—3-D 


Point-Line Distance—3-D 
A line in 3-D is given by the parametric VECTOR 


Zo + at 
v= | y +bt]l. (1) 
zo + ct 


The distance between a point on the line with parameter 
t and the point (21, y1, 21) is therefore 


r? = (zı —zo—at) + (yı — yo — bt)” + (zı — zo —ct)?. (2) 


To minimize the distance, take 


= —2a(11 — Lo — at) — 2b(y1 — yo — bt) 
—2c(z1 — zo —ct)=0 (3) 


a(xz1—29)+b(y1 — yo) +¢(z1 20) —t(a” +b’ +c") = 0 (4) 


t= a(x1 — zo) + b(Ya = yo) + c(z1 ÓN zo) (5) 


a? +b? + e? 


so the minimum distance is found by plugging (5) into 
(2) and taking the SQUARE ROOT. 


see also LINE, POINT, POINT-LINE DISTANCE—2-D 


Point Picking 


see 18-POINT PROBLEM, BALL TRIANGLE PICKING, 
CUBE POINT PICKING, CUBE TRIANGLE PICKING, DIs- 
CREPANCY THEOREM, ISOSCELES TRIANGLE, OBTUSE 
TRIANGLE, PLANAR DISTANCE, SYLVESTER’S FOUR- 
POINT PROBLEM 
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Point-Plane Distance 
Given a PLANE 


ax+by+cz+d=0 (1) 


and a point (zo, yo, Zo), the NORMAL to the PLANE is 


given by 
a 
v= u (2) 
c 


and a VECTOR from the plane to the point is given by 


zt — Xo 
=|y-yo |. (3) 
Z— £0 
Projecting w onto v, 
proj,w| = 5 
i Mi 
_ Ja(w — zo) + b(y — yo) + e(2— 20) + dl 


_ jax + by + cz — azo — byo — cz! 
Vite 
_ lazo + byo + czo + dl 
ee ee 


Point-Point Distance—1-D 

Given a unit LINE SEGMENT [0,1], pick two points at 
random on it. Call the first point xı and the second 
point z2. Find the distribution of distances d between 
points. The probability of the points being a (POSI- 
TIVE) distance d apart (i.e., without regard to ordering) 
is given by 


h h ôa- 
i. E dx, dz2 


|£2 = zıl) dzı dí> 


P(d) = 


= (1-d)|H(1 — d) - H(d- 1) + H(d) — H(-d)) 
Sai for0<d<1 (1) 
0 otherwise, 


where 6 is the DIRAC DELTA FUNCTION and H is the 
HEAVISIDE STEP FUNCTION. The MOMENTS are then 


1 1 
w= f a" P(ayad=2 | d™(1—d)dd 
0 0 


m+i1 m+2 1 
-2| _d | 


m+1 m+2|, 
=2( 1 1 ) =2 (m+ 2) —(m+1) 
~ m+ m4+2/) — (m+ 1)(m + 2) 
E 2 
~~ (m+1)(m4 2) 
1 D 
CEEE] for m = 2n 4 1, 
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giving MOMENTS about 0 


py = 3 (3) 
a =$ (4) 
3 = 35 (5) 
Ha = 35 (6) 


The MOMENTS can also be computed directly without 
explicit knowledge of the distribution 


fo So lea — 


Ii I dzı dzz 


1 [ Ta = zıl dz£ı dx» 


3 


Z2—21>0 


x1|dx1 de> 
Hı = 


(£2 — £1) d21 dz2 


ME So (21 <= 22) ) dz1ı drə 


z%—r1 <0 


= / / (£2 z £1) dx: dx 
0 Ly 
1 £i 
+ f / (x2 _ £1) dx; dx2 
0 0 
1 


1 
El E2 - £102] | dzı 
0 
1 
+] ES — a dx: 
0 
1 
al (ers 
0 
1 
+f [te - $a) - 
0 


1 
= / (2 =z + 217) day = [571 = key” E 421° 6 
0 


= x1")| dx: 


(0—0)] dz, 


=(-1+3)-(0-0+0)=3 (7) 


1 1 
[bo = / / (|x2 = 211) dx2 dx1 
0 0 
1 1 
= / / (x2 = 21)? dx, dx2 
0 0 
1 1 
= / / (12 — 21112 + 217) dz, día 
0 0 


1 
1,, 3 2 2. 11 
al [3£2" — uta” + 21 alo day 

0 


1 
J (3-1 + 117) dx = [ha1* = kay” + TAN 
0 


= bird 4 (8) 
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target wavelength. The wavelength of the 50-120 kHz range is 
6 km to 25 km, thus allowing energy to be harvested over a 
large atmospheric domain. As electrical energy propagates in 
a vortex [6,7], the emitted electric vortex (ionic antenna) over 
the pyramidal antenna/waveguide increases its “size” and 
enables it to funnel the same frequency atmospheric electro- 
magnetic radiations back into the antenna. Thus, the pyramid 
electric generator captures at the selected frequency the 
energy emitted by Earth’s atomic oscillators. 

The presence of an electric (ionic) vortex was demon- 
strated by radar testing of the space over a 44 m tall fiberglass 
pyramid located near Moscow [12]. The Russians found that 
the large ionized column of air over the area of the vertical 
axis of the pyramid had a width of about 500 m and reached 
an altitude of 2 km. It is remarkable that this effect was 
induced by a nonconductive pyramid surface demonstrating a 
significant degree of atmospheric ionization even under fair 
weather conditions. Thus, a suitably sized large or an electri- 
cally activated small pyramid should open a low impedance 
path to higher elevations of relatively conductive atmospheric 
domains. 

In conclusion, the total power that can be extracted from 
Earth’s atomic oscillators must be extremely large, likely far 
exceeding current global electric generation capacity. In our 
experiment, we obtained over 7000 VA power at about 20 kV 
p-p pyramid voltage using a 6 feet base length pyramid. This 
power is nearly 100 times greater than the power necessary to 
drive the pyramid to the required operating voltage. By con- 
structing the pyramid generator from dedicated high voltage 
components and using higher drive voltages, a significant 
increase in power output is envisioned. The power extraction 
will also be enhanced by further optimization of the designs 
of both the pyramid and the coil system. 

The power output will also increase by employing larger 
pyramid structures and coils. As voltage is the primary factor 
in attracting power into the system, the necessary voltage can 
be provided by the vertical atmospheric potential on a tall 
pyramid. Since the atmospheric vertical potential gradient 
could go as high as 1200 V/m near Earth’s surface under fair 
weather conditions [13], a pyramid height of 80-150 m seems 
sufficient to provide the apex voltage for a self-sustaining 
power generator. As the pyramid scales up volumetrically, a 
power generator pyramid of the size range of the GPG could 
likely have an output in the hundreds to thousands of mega- 
watts range. Groups of several pyramid electric generators 
could be placed within specific geographical areas, thus com- 
bining their energy harvesting capacity. 
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ADVANTAGES OF THE INVENTION 


The present invention provides a new method of tapping 
Earth’s electric energy and providing usable power that can 
be fed into a power grid or supplied by stand-alone power 
generators. It does so without the need for mechanical energy 
or the consumption of fossil fuel or the long-term risks asso- 
ciated with power generated by nuclear fission, including the 
risk of diversion of fissionable material to terrorist aims or the 
risk posed by the required long-term storage of spent nuclear 
fuel. Devices according to the present invention can operate 
virtually continuously with little to no maintenance. 

With respect to ranges of values, the invention encom- 
passes each intervening value between the upper and lower 
limits of the range to at least a tenth of the lower limit’s unit, 
unless the context clearly indicates otherwise. Moreover, the 
invention encompasses any other stated intervening values 
and ranges including either or both of the upper and lower 
limits of the range, unless specifically excluded from the 
stated range. 

Unless defined otherwise, the meanings ofall technical and 
scientific terms used herein are those commonly understood 
by one of ordinary skill in the art to which this invention 
belongs. One of ordinary skill in the art will also appreciate 
that any methods and materials similar or equivalent to those 
described herein can also be used to practice or test this 
invention. 

The publications and patents discussed herein are provided 
solely for their disclosure prior to the filing date of the present 
application. Nothing herein is to be construed as an admission 
that the present invention is not entitled to antedate such 
publication by virtue of prior invention. Further the dates of 
publication provided may be different from the actual publi- 
cation dates which may need to be independently confirmed. 

All the publications cited are incorporated herein by refer- 
ence in their entireties, including all published patents, patent 
applications, and literature references, as well as those pub- 
lications that have been incorporated in those published docu- 
ments. However, to the extent that any publication incorpo- 
rated herein by reference refers to information to be 


Point-Point Distance—2-D 
The MOMENTS about the MEAN are therefore 
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The probability distribution of the distance between two 
points randomly picked on a LINE SEGMENT is germane 
to the problem of determining the access time of com- 
puter hard drives. In fact, the average access time for a 
hard drive is precisely the time required to seek across 
1/3 of the tracks (Benedict 1995). 


see also POINT-POINT DISTANCE—2-D, POINT-POINT 

DISTANCE—3-D, POINT-QUADRATIC DISTANCE, TET- 

RAHEDRON INSCRIBING, TRIANGLE INSCRIBING IN A 

CIRCLE 
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Point-Point Distance—-2-D 

Given two points in the PLANE, find the curve which 
minimizes the distance between them. The LINE ELE- 
MENT is given by 


ds = y dz? + dy’, | (1) 


so the ARC LENGTH between the points xı and za is 
x2 
= fás=/ y 1+y? dz, (2) 
T1 


where y’ = dy/dz and the quantity we are minimizin 
y g 


= Y 1+ y”. (3) 


Finding the derivatives gives 


Of _ 
3, =0 (4) 
pa a ma +y y Py), (5) 


so the EULER-LAGRANGE DIFFERENTIAL EQUATION be- 
comes 
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Integrating and rearranging, 
t 
= (7) 
y 1+y? 
P= ey’) (8) 
y l-t) (9) 
, c 
= ——— =a 10 
Y = Aia 09) 
The solution is therefore 
y =ax+b, (11) 


which is a straight LINE. Now verify that the ARC 
LENGTH is indeed the straight-line distance between the 
points. a and b are determined from 


yı = azı +b (12) 
yz = axe + b. (13) 


Writing (12) and (13) as a MATRIX EQUATION gives 


H - 2 l 4 (14) 


50 
ac yı Yya _ ¥2 — yı (16) 
T1 — Ta a — Pi 
T1 — Toa 


T2 
= | 1 + y? dy = (22 — z1) V 1 + a? 
TI 


= (x2 — 21) 1+ (22 ny) 


£2 — £1 
= y/ (z2 — x1)? + ea)", (18) 


as expected. 


The shortest distance between two points on a SPHERE 
is the so-called GREAT CIRCLE distance. 


see also CALCULUS OF VARIATIONS, GREAT CIR- 
CLE, POINT-POINT DISTANCE—1-D, POINT-POINT 
DISTANCE—3-D, POINT-QUADRATIC DISTANCE, TET- 
RAHEDRON INSCRIBING, TRIANGLE INSCRIBING IN A 
CIRCLE 
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Point-Point Distance—3-D 
The LINE ELEMENT is 


ds = y dz? + dy? + dz?, (1) 


so the ARC LENGTH between the points zı and 22 is 


T2 
r= fa=/ 1+ y? +2? dz (2) 
t1 


and the quantity we are minimizing is 
Lay! hz, (3) 


Finding the derivatives gives 
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so the EULER-LAGRANGE DIFFERENTIAL EQUATIONS 
become 
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Point-Quadratic Distance 
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2”? = (2) y? = E =HA (16) 
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Therefore, y' = as and z' = bı, so the solution is 


x T 
y| = |air+aol, (17) 
z biz + bo 


which is the parametric representation of a straight line 
with parameter x € [71,22]. Verifying the ARC LENGTH 


gives 
L= y 1+a? +b’? (£2 — 11) (18) 
1 L1 1 a1 
lola fe} % 
a1 1 1 by 
REIS 


see also POINT-POINT DISTANCE—1-D, POINT-POINT 
DISTANCE—2-D, POINT-QUADRATIC DISTANCE 


where 


Point Probability 
The portion of the probability distribution which has a 
P-VALUE equal to the observed P-VALUE. 


see also TAIL PROBABILITY 


Point-Quadratic Distance 
Find the minimum distance between a point in the plane 
(To, yo) and a quadratic PLANE CURVE 


y= ao taix + aga’. (1) 


The square of the distance is 


r? = (z — 20)" + (y — yo)” 


= (x = to)? + (ao + aiz + azr” — yo). (2) 
Minimizing the distance squared is the equivalent to 


minimizing the distance (since r? and |r| have minima 
at the same point), so take 


Or?) 
Ox 


= 2(2—20)+2(00+011+a22 —yo)(ar +2a22) = 0 
(3) 


£ — Lo + Agar + a” + a10491* — aryo + 2aoa2T£ 
42a,a227 + 2022 —2azyox =0 (4) 


2a2*2* + Zaar” + la” + 2aga2 — 2azyo + Dx 
+(a901 — @1Y0 — Lo) = 0. (5) 


Minimizing the distance therefore requires solution of a 
CUBIC EQUATION. 


see also POINT-POINT DISTANCE—1-D, POINT-POINT 
DISTANCE—-2-D, POINT-POINT DISTANCE—3-D 


Point-Set Topology 


Point-Set Topology 

The low-level language of TOPOLOGY, which is not really 
considered a separate “branch” of TOPOLOGY. Point-set 
topology, also called set-theoretic topology or general 
topology, is the study of the general abstract nature of 
continuity or “closeness” on SPACES. Basic point-set 
topological notions are ones like CONTINUITY, DIMEN- 
SION, COMPACTNESS, and CONNECTEDNESS. The IN- 
TERMEDIATE VALUE THEOREM (which states that if a 
path in the real line connects two numbers, then it passes 
over every point between the two) is a basic topological 
result. Others are that EUCLIDEAN n-space is HOMEO- 
MORPHIC to EUCLIDEAN m-space IFF m = n, and that 
REAL valued functions achieve maxima and minima on 
COMPACT SETS. 


Foundational point-set topological questions are ones 
like “when can a topology on a space be derived from 
a metric?” Point-set topology deals with differing no- 
tions of continuity and compares them, as well as deal- 
ing with their properties. Point-set topology is also the 
ground-level of inquiry into the geometrical properties 
of spaces and continuous functions between them, and 
in that sense, it is the foundation on which the remain- 
der of topology (ALGEBRAIC, DIFFERENTIAL, and Low- 
DIMENSIONAL) stands. 


see also ALGEBRAIC TOPOLOGY, DIFFERENTIAL To- 
POLOGY, LOW-DIMENSIONAL TOPOLOGY, TOPOLOGY 
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Points Problem 
see SHARING PROBLEM 


Pointwise Dimension 


where B.(x) is an n-D BALL of RADIUS e centered at x 
and u is the PROBABILITY MEASURE. 


see also BALL, PROBABILITY MEASURE 
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Poisson’s Bessel Function Formula 
For Riv] > —1/2, 


F 7/2 
JZ = (5) el cos(z cost) sin?” t dt, 


where J (z) is a BESSEL FUNCTION OF THE FIRST 
KIND, and I(z) is the GAMMA FUNCTION. 
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Poisson Bracket 
Let F and G be infinitely differentiable functions of x 
and p. Then the Poisson bracket is defined by 


(0FOG G OF 
Ca a) 


vol 


If F and G are functions of z and p only, then the LA- 
GRANGE BRACKET |F, G] collapses the Poisson bracket 
(F,G). 

see also LAGRANGE BRACKET, LIE BRACKET 
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Poisson-Charlier Function 


— 1Fi(-—n;l+v—n;2), 
nig” 


where (a)n is a POCHHAMMER SYMBOL and ¡Fi (a; b; z) 
is a CONFLUENT HYPERGEOMETRIC FUNCTION. 


Pnv, z) = 


see also POISSON-CHARLIER POLYNOMIAL 


Poisson-Charlier Polynomial 
Polynomials p,(x) which belong to the distribution 
da(x) where a(x) is a STEP FUNCTION with JUMP 


j(a) =e tata)” (1) 


atz=0,1,...fora> 0. 


Palo) = Anny e S" (") via” (z) (2) 


=a"? (n) (1 lT Aalen) (3) 
=a” Vn! LE" (a), (4) 


where (7) is a BINOMIAL COEFFICIENT, La(s) is an 
associated LAGUERRE POLYNOMIAL, and 

Af(z)= f(x +1) — f(z) (5) 
A” f(a) = AJA” f(2)] 

= Hern) (7) feta 4.4 CNG). © 


see also POISSON-CHARLIER FUNCTION 
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Poisson Distribution 


A Poisson distribution is a distribution with the follow- 

ing properties: 

1. The number of changes in nonoverlapping intervals 
are independent for all intervals. 

2. The probability of exactly one change in a sufficiently 
small interval h = 1/n is P = vh = v/n, where v is 
the probability of one change and n is the number of 
TRIALS. 

3. The probability of two or more changes in a suff- 
ciently small interval A is essentially 0. 


The probability of k changes in a given interval is then 
given by the limit of the BINOMIAL DISTRIBUTION 


Y 


as the number of trials becomes very large, 


lim P(k) = 

a ata — A | k n —k 
lim n(n—1)---(n—k ae (1 B 3 ( B x) 
noo nk k! n n 


This should be normalized so that the sum of probabil- 
ities equals 1. Indeed, 


oo oO k 

Y py Y _ —y 
Y P(k) =e A ote =1, (3) 
k=0 k=0 


as required. The ratio of probabilities is given by 


; ptl T” 
P(k=i+1) “Gayo v (4) 
Pk=0) 7 itl 


The MOMENT-GENERATING FUNCTION of this distribu- 
tion is 
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p=R'(0)=v (11) 
0? = R"(0) =v. (12) 


The MOMENTS about zero can also be computed directly 


uH =v(1 +v) (13) 
us =v(1+ 3v +r?) (14) 
py =v(1+7v +6? +r), (15) 


as can the MOMENTS about the MEAN. 


Hı =v (16) 
jig =v (17) 
H3 = Y (18) 
pa = V(1 + 31), (19) 


so the MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 


p=v (20) 
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The CHARACTERISTIC FUNCTION is 
p(t) = emer) (24) 


and the CUMULANT-GENERATING FUNCTION is 
K(h) = v(e"—1)=v(ht+ 4h? + 4h? 4+...), (25) 
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The Poisson distribution can also be expressed in terms 
of > 


the rate of changes, so that 
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The MOMENT-GENERATING FUNCTION of a Poisson dis- 
tribution in two variables is given by 


M(t) = ¿Uta Me 1) (29) 


Poisson’s Equation 


If the independent variables z1, 72, ..., ZN have Poisson 


distributions with parameters 11, H2, ..., Nn, then 
z 
X= Tj (30) 
j=1 
has a Poisson distribution with parameter 
N 
=> pj. (31) 
j=l 


This can be seen since the CUMULANT-GENERATING 
FUNCTION is 


qa LN 
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K;(h) = ps(e" — 1), (32) 
(e? — 1) AS - 1). (33) 


Poisson’s Equation 
A second-order PARTIAL DIFFERENTIAL EQUATION 
arising in physics: 


Vw = —4rp. 


If p = 0, it reduces LAPLACE’S EQUATION. It is also 
related to the HELMHOLTZ DIFFERENTIAL EQUATION 


Vi + k%Y=0. 


see also HELMHOLTZ DIFFERENTIAL EQUATION, LA- 
PLACE’S EQUATION 
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Poisson’s Harmonic Function Formula 
Let @(z) be a HARMONIC FUNCTION. Then 


1 27 f 
p{z0) = a / K(r, 0)¢(z0 + re”) dd, (1) 
0 


where R = |zof and K(r,@) is the POISSON KERNEL. 
For a CIRCLE, 
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For a SPHERE, 


a — R? 


dS 
— Ara IE (a? + R? — 2aRcos0)3/2 ~’ 


(3) 


cosh =x- é. (4) 
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where 


see also CIRCLE, HARMONIC FUNCTION, POISSON KER- 
NEL, SPHERE 
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Poisson Integral 
A.k.a. BESSEL'S SECOND INTEGRAL. 


Jie T / cos(z cos 0) sin?” 6 dð, 


T(n + 5)T 


where J,(z) is a BESSEL FUNCTION OF THE FIRST KIND 
and T'(x) isa GAMMA FUNCTION. It can be derived from 
SONINE’S INTEGRAL. With n = 0, the integral becomes 
PARSEVAL'S INTEGRAL. 


see also BESSEL FUNCTION OF THE FIRST KIND, PAR- 
SEVAL'S INTEGRAL, SONINE’S INTEGRAL 


Poisson Integral Representation 


n 


Ine) = aT f cos(z cos 0) sin?” t? 6 dé, 


where jn(z) is a SPHERICAL BESSEL FUNCTION OF THE 
FIRST KIND. 


Poisson Kernel 
In 2-D, 
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where a = |y| and 


R cos @sin Y 
cosy = y: | Rsin@sing |. (3) 
Reos@ | 
The Poisson kernel for the n-BALL is 
P(x,2) = (Davila), (4) 


where D, is the outward normal derivative at point z 
on a unit n-SPHERE and 


2-n 
v(z) = |z — x 97" — x? | = (5) 
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see also POISSON’S HARMONIC FUNCTION FORMULA 
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Poisson Manifold 
A smooth MANIFOLD with a POISSON BRACKET defined 


on its FUNCTION SPACE. 


Poisson Sum Formula 
A special case of the general result 


A f( r+n) 3 An Fl x1)e —2rikz de, 


n= — 00 k=—oo 
(1) 
with x = 0, yielding 
Y fía)= Y | Faye Pda. (2) 


An alternate form is 
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Another formula called the Poisson summation formula 
is 
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= 2 / w(t) cos(at) dt (5) 


af = 27. (6) 


where 
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Poke Move 


Poisson Trials 

A number s TRIALS in which the probability of success 
pi varies from trial to trial. Let x be the number of 
successes, then 


var(x) = spg — sop’, (1) 


where Tp? is the VARIANCE of p; and q = (1 — p). Us- 
pensky has shown that 


P(s, T) = pms > (2) 
where 
b = [1 — 49(z)Je" (3) 
_ (s—a)m* g’ 
az) 3(s -m)J?  2s(s-—2) (4) 
ha) = TE - Tilo a) - HD 


and @ € (0,1). The probability that the number of suc- 
cesses is at least x is given by 


Qmía) = NH. (6) 


Uspensky gives the true probability that there are at 
least x successes in s trials as 


Prs(2) = Qm(x) +A, (7) 
where 
(e* — )Qm(z +1) for Qm(z +1) > 7 
A] at xX — 1)[1 — Qní(z +1)] for Qm[zt +1) < 5 
(8) 
Ko tot Á 
Poke Move 
e 
ne op 
poke 


| unpoke 
The REIDEMEISTER MOVE of type II. 
see also REIDEMEISTER MOVES 


Poker 


Poker 

Poker is a CARD game played with a normal deck of 
52 CARDS. Sometimes, additional cards called “jokers” 
are also used. In straight or draw poker, each player is 
normally dealt a hand of five cards. Depending on the 
variant, players then discard and redraw CARDS, trying 
to improve their hands. Bets are placed at each discard 
step. The number of possible distinct five-card hands is 


N = (3) = 2,598,960, 


where (z) is a BINOMIAL COEFFICIENT. 


There are special names for specific types of hands. A 
royal flush is an ace, king, queen, jack, and 10, all of 
one suit. A straight flush is five consecutive cards all of 
the same suit (but not a royal flush), where an ace may 
count as either high or low. A full house is three-of-a- 
kind and a pair. A flush is five cards of the same suit 
(but not a royal flush or straight flush). A straight is 
five consecutive cards (but not a royal flush or straight 
flush), where an ace may again count as either high or 
low. 


The probabilities of being dealt five-card poker hands of 
a given type (before discarding and with no jokers) on 
the initial deal are given below (Packel 1981). As usual, 
for a hand with probability P, the ODDS against being 
dealt it are (1/r)— 1:1. 


Hand Exact Probability 
4 1 
royal flush ae 649,740 
straight flush > = ET 
four of a kind lo > mn. 
13(%12 6 
full house o = 0 
4 —36-—4 1,277 
flush : N — 549,740 
straight WO tt A = Soon 7 
13(4) GRD 
three of a kind —“,*— = Ge 
13(3)12(3) a 
two pair ES a ree 
18(2) (48)(44)(40) 
one pair SR * siz 
Hand Probability Odds 
O A aaa 
royal flush 1.54 x 10 649,739.0:1 
straight flush 1.39 x 107 72,192.3:1 
four of a kind 2.40 x 107 4,164.0:1 
full house 1.44 x 107° 693.2:1 
flush 1.97 x 107° 507.8:1 
straight 3.92 x 107° 253.8:1 
three of a kind 0.0211 46.3:1 
two pair 0.0475 20.0:1 
one pair 0.423 1.366:1 


Gadbois (1996) gives probabilities for hands if two jokers 
are included, and points out that it is impossible to rank 
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hands in any single way which is consistent with the 
relative frequency of the hands. 


see also BRIDGE CARD GAME, CARDS 
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Polar 


polar 
SS 


pole 
o, 


If two points A and A’ are INVERSE with respect to a 
CIRCLE (the INVERSION CIRCLE), then the straight line 
through A’ which is PERPENDICULAR to the line of the 
points AA’ is called the polar of A with respect to the 
CIRCLE, and A is called the POLE of the polar. 


see also APOLLONIUS’ PROBLEM, INVERSE POINTS, IN- 
VERSION CIRCLE, POLARITY, POLE, TRILINEAR POLAR 
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Polar Angle 
The ANGLE a point makes from the ORIGIN as measured 
from the z-AXIS. 


see also POLAR COORDINATES 


Polar Circle 

Given a TRIANGLE, the polar circle has center at the 
ORTHOCENTER H. Call A; the FEET of the ALTITUDE. 
Then the RADIUS is 


r? = HA HA, = HA: - HH: = HAs. HH: (1) 
— —4R? cos 1 COS @2 COS a3 (2) 
= £(a1” + a2? + a3”) — 4R”, (3) 


where R is the CIRCUMRADIUS, a; the VERTEX angles, 
and a; the corresponding side lengths. 
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A TRIANGLE is self-conjugate with respect to its polar 
circle. Also, the RADICAL AXIS of any two polar circles 
is the ALTITUDE from the third VERTEX. Any two po- 
lar circles of an ORTHOCENTRIC SYSTEM are orthogonal. 
The polar circles of the triangles of a COMPLETE QUAD- 
RILATERAL constitute a COAXAL SYSTEM conjugate to 
that of the circles on the diagonals. 


see also COAXAL SYSTEM, ORTHOCENTRIC SYSTEM, 
POLAR, POLE, RADICAL AXIS 
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Polar Coordinates 
The polar coordinates r and @ are defined by 


x = rcosé (1) 


y = rsinó. (2) 


In terms of z and y, 


r= yr? +y? (3) 
8 = tan”? (2) : (4) 


T 


The ARC LENGTH of a polar curve given by r = r(0) is 


02 2 
dr 
s 2 kea 
=/ 12 + (5) dé. (5) 


The LINE ELEMENT is given by 

ds? = r° dé”, (6) 
and the AREA element by 

dA = r dr dô. (7) 


The AREA enclosed by a polar curve r = r(0) is 


02 
A=} J r° dð. (8) 
91 
The SLOPE of a polar function r = r(@) at the point 
(r, 0) is given by 


r+ tan E 


m= ———_—_. (9) 


—rtané@ + dr 


The ANGLE between the tangent and radial line at the 


point (r, 0) is 
Y = tan”! (+) (10) 


Polar Line 


A polar curve is symmetric about the x-axis if replacing 
0 by —0 in its equation produces an equivalent equation, 
symmetric about the y-axis if replacing 0 by m — @ in its 
equation produces an equivalent equation, and symmet- 
ric about the origin if replacing r by —r in its equation 
produces an equivalent equation. 


In Cartesian coordinates, the POSITION VECTOR and its 
derivatives are 


r= yr? +y?’ (11) 


t= fyz? +y? +ê (2 +y) (22 +yy) (12) 


y ae (13) 
/ q? + y? 
e TX + YY 


q? + y? 
— 3(0 +y’)? (2) (we + yy) (ax + yy) 


In polar coordinates, the UNIT VECTORS and their 
derivatives are 


rcos@ 
= e (15) 
dr cos 0 
o US 
ig dr for] (16) 
; 20 sin 0 
_ dé E 
0 = a0 | cos O | (17) 
6 
= | aod | = 48 as 
à — cos 66 x 
0 = Ee —Of (19) 


—r sin 66 + cos 8r a. E 

| r cos 00 + sin 07 =r00 +f (20) 
i= 70047004 7604+ 78+ ri 

760 + 760 + r6(—68) + Fr + 760 

= (+ — r6”)# + (276 + r0)0 

ote A 1 d 2A\7 

= (fF -7rO°)F+ er (r*9)0. (21) 


see also CARDIOID, CIRCLE, CISSOID, CONCHOID, 
CURVILINEAR COORDINATES, CYLINDRICAL COORDI- 
NATES, EQUIANGULAR SPIRAL, LEMNISCATE, LIMACON, 
ROSE 


Polar Line 
see POLAR 


Polarity 


Polarity 
A projective CORRELATION of period two. In a polarity, 
a is called the POLAR of A, and A the POLE a. 


see also CHASLES’S THEOREM, CORRELATION, POLAR, 
POLE (GEOMETRY) 


Pole 

A COMPLEX function f has a pole of order m at zo if, in 
the LAURENT SERIES, a, = 0 for n < -m and am Æ 0. 
Equivalently, f has a pole of order n at zo if n is the 
smallest POSITIVE INTEGER for which (z — zo)" f(z) is 
differentiable at zo. If f(+00) Æ too, there is no pole 
at -too. Otherwise, the order of the pole is the greatest 
POSITIVE COEFFICIENT in the LAURENT SERIES. 


This is equivalent to finding the smallest n such that 


(z — zo)” 


f(z) 


is differentiable at 0. 


see also LAURENT SERIES, RESIDUE (COMPLEX ANAL- 
YSIS) 
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Pole (Geometry) 


polar Su 


ole 
P e, at 


If two points A and A’ are INVERSE with respect to a 
CIRCLE (the INVERSION CIRCLE), then the straight line 
through A’ which is PERPENDICULAR to the line of the 
points AA’ is called the POLAR of the A with respect to 
the CIRCLE, and A is called the pole of the POLAR. 


see also INVERSE POINTS, INVERSION CIRCLE, POLAR, 
POLARITY, TRILINEAR POLAR 
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Pole (Origin) 
see ORIGIN 
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Policeman on Point Duty Curve 
see CRUCIFORM 


Polignac’s Conjecture 


see DE POLIGNAC’S CONJECTURE 


Polish Space 

The HOMEOMORPHIC image of a so-called “complete 
separable” METRIC SPACE. The continuous image of 
a Polish space is called a SOUSLIN SET. 


see also DESCRIPTIVE SET THEORY, STANDARD SPACE 
Pollaczek Polynomial 
Let a > |b|, and write 


acos +b 
2sin@ ` (1) 


Then define P,,(z;a,b) by the GENERATING FUNCTION 


h() = 


f(z,w) = f(cos0,w) = Ss P,, (2; a, bjw” 


n=0 


Ese (1 _ we” SURAR] a we?) ee. (2) 


The GENERATING FUNCTION may also be written 


f(x, w) = (1 — 214 + wy) tl? 


O 


Mya 


exp | (az + b) 


m=i 


where Um(x) is a CHEBYSHEV POLYNOMIAL OF THE 
SECOND KIND. They satisfy the RECURRENCE RELA- 
TION 


nPa(x;a, b) = [(2n — 1 + 2a)x + 20|P,,-1(2; a, b) 
—(n — 1)Pa-2(z;a,b) (4) 


for n = 2, 3, ... with 


Po =1 (5) 
In terms of the HYPERGEOMETRIC FUNCTION 
oF (a, b; C; £); 


P,,(cos 6; a;b) = "f, Fi (n, ł+ih(0); 1; =D 
They obey the orthogonality relation 


1 
/ P,, (x; a, 6) Pr (a; a, bjw(x; a,b) dx 


= [n+ ¿(a+1))"8nm, (8) 


where nm is the KRONECKER DELTA, for n,m = 0, 1, 
..., with the WEIGHT FUNCTION 


w(cos 6; a, b) =e DO fcosh[rh()]}71. (9) 
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Pollard Monte Carlo Factorization Method 
see POLLARD p FACTORIZATION METHOD 


Pollard p — 1 Factorization Method 

A PRIME FACTORIZATION ALGORITHM which can be 
implemented in a single-step or double-step form. In 
the single-step version, PRIMES p are found if p— lisa 
product of small PRIMES by finding an m such that 


7 (mod n), 


m=c 
where p — 1|q, with q a large number and (c,n) = 1. 
Then since p — 1lq, m = 1 (mod p), so pjm — 1. There 
is therefore a good chance that n{m — 1, in which case 
GCD(m- 1,n) (where GCD is the GREATEST COMMON 
DIVISOR) will be a nontrivial divisor of n. 


In the double-step version, a PRIMES p can be factored 
if p—1 is a product of small PRIMES and a single larger 
PRIME. 


see also PRIME FACTORIZATION ALGORITHMS, WIL- 
LIAMS p +1 FACTORIZATION METHOD 
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Pollard p Factorization Method 

A PRIME FACTORIZATION ALGORITHM also known as 
POLLARD MONTE CARLO FACTORIZATION METHOD. 
Let to = 2, then compute 


Ti1 = i? —a+1 (mod n). 


If GCD(z2; — z; n) > 1, then n is COMPOSITE and its 
factors are found. In modified form, it becomes BRENT’S 
FACTORIZATION METHOD. In practice, almost any un- 
factorable POLYNOMIAL can be used for the iteration 
(x? — 2, however, cannot). Under worst conditions, the 
ALGORITHM can be very slow. 


see also BRENT’S FACTORIZATION METHOD, PRIME 
FACTORIZATION ALGORITHMS 
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Polya Distribution 


Poloidal Field 

A VECTOR FIELD resembling a magnetic multipole 
which has a component along the z-AXIS of a SPHERE 
and continues along lines of LONGITUDE. 


see also DIVERGENCELESS FIELD, TOROIDAL FIELD 
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Pólya-Burnside Lemma 
see POLYA ENUMERATION THEOREM 


Polya Conjecture 

Let n be a POSITIVE INTEGER and r(n) the number of 
(not necessarily distinct) PRIME FACTORS of n (with 
r(1) = 0). Let O(m) be the number of POSITIVE INTE- 
GERS < m with an ODD number of PRIME factors, and 
E(m) the number of POSITIVE INTEGERS < m with an 
EVEN number of PRIME factors. Pólya conjectured that 


TTL 


E(m) — O(m) = Y Aln) 


n=l 


L(m) 


is < 0, where A(n) is the LIOUVILLE FUNCTION. 


The conjecture was made in 1919, and disproven by 
Haselgrove (1958) using a method due to Ingham (1942). 
Lehman (1960) found the first explicit counterexample, 
L(906,180,359) = 1, and the smallest counterexample 
m = 906,150,257 was found by Tanaka (1980). The first 
n for which L(n) = 0 are n = 2, 4, 6, 10, 16, 26, 40, 96, 
586, 906150256, ... (Tanaka 1980, Sloane's A028488). It 
is unknown if L(x) changes sign infinitely often (Tanaka 
1980). 


see also ANDRICA’S CONJECTURE, LIOUVILLE FUNC- 
TION, PRIME FACTORS 
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Pólya Distribution 
see NEGATIVE BINOMIAL DISTRIBUTION 
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published, applicants do not admit that any such information 
published after the filing date of this application is to be 
considered prior art. 

As used in this specification and in the appended claims, 
the singular forms include the plural forms. For example the 
terms “a,” “an,” and “the” include plural references unless the 
content clearly dictates otherwise. Additionally, the term “at 
least” preceding a series of elements 1s to be understood as 
referring to every element in the series. The inventions illus- 
tratively described herein can suitably be practiced in the 
absence of any element or elements, limitation or limitations, 
not specifically disclosed herein. Thus, for example, the terms 
“comprising,” “including,” “containing,” etc. shall be read 
expansively and without limitation. Additionally, the terms 
and expressions employed herein have been used as terms of 
description and not of limitation, and there is no intention in 
the use of such terms and expressions of excluding any 
equivalents of the future shown and described or any portion 
thereof, and it 1s recognized that various modifications are 
possible within the scope of the invention claimed. Thus, it 
should be understood that although the present invention has 
been specifically disclosed by preferred embodiments and 
optional features, modification and variation of the inventions 
herein disclosed can be resorted to by those skilled in the art, 
and that such modifications and variations are considered to 
be within the scope of the inventions disclosed herein. The 
inventions have been described broadly and generically 
herein. Each of the narrower species and subgeneric group- 
ings falling within the scope of the generic disclosure also 
form part of these inventions. This includes the generic 
description of each invention with a proviso or negative limi- 
tation removing any subject matter from the genus, regardless 
of whether or not the excised materials specifically resided 
therein. In addition, where features or aspects of an invention 
are described in terms of the Markush group, those schooled 
in the art will recognize that the invention is also thereby 
described in terms of any individual member or subgroup of 
members of the Markush group. It is also to be understood 
that the above description is intended to be illustrative and not 
restrictive. Many embodiments will be apparent to those of in 
the art upon reviewing the above description. The scope of the 
invention should therefore, be determined not with reference 
to the above description, but should instead be determined 
with reference to the appended claims, along with the full 
scope of equivalents to which such claims are entitled. Those 
skilled in the art will recognize, or will be able to ascertain 
using no more than routine experimentation, many equiva- 
lents to the specific embodiments of the invention described. 
Such equivalents are intended to be encompassed by the 
following claims. 

I claim: 

1. An electric generator for harvesting the energies of 
atomic oscillators comprising: 

(a) an antenna/waveguide that is geometrically optimized 

having a conducting surface; 
(b) a primary coil wound with an insulated conductor over 
a secondary coil, the coil being connected to an AC or 
AC-DC driver; and 

(c) a secondary coil of smaller diameter than the primary 
coil having a greater length and a greater number of turns 
than the primary coil and having a first lead and a second 
lead, the secondary coil being positioned coaxially 
within the first coil and acting as a resonant step-up 
transformer winding inductively coupled with the pri- 
mary and an external capacitor connected in parallel 
with the secondary coil to provide a specific resonant 
frequency; or 
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(d) a secondary coil of smaller diameter than the primary 
coil having a greater length and a greater number of turns 
than the primary coil and having a first lead and a second 
lead, the secondary coil being positioned coaxially 
within the first coil and acting as a resonant step-up 
transformer winding inductively coupled with the pri- 
mary and connected with the antenna/waveguide serv- 
ing as a quasi-capacitive series element to provide a 
specific resonant frequency; 

wherein the conducting surface of the antenna/waveguide 
is configured such that the secondary coil is attached 
near the point at which the electric field contacts the 
antenna/waveguide; 

wherein the generator absorbs impulses from Earth’s elec- 
tric oscillations; and wherein the attracted energy mani- 
fests as high voltage sinusoidal waveforms in the sec- 
ondary coil, representing harvested atmospheric and 
telluric electrical energy and measurable on the leads of 
the secondary coil. 

2. The electric generator of claim 1, wherein a suitable 

voltage is greater than 500 V pags- 

3. The electric generator of claim 1, wherein the antenna/ 
waveguide is designed based on ratios of pi and phi. 

4. The electric generator of claim 1, wherein the antenna/ 
waveguide is of pyramidal shape. 

5. The electric generator of claim 1, wherein the antenna/ 
waveguide is placed on an insulated base. 

6. The electric generator of claim 1, wherein the antenna/ 
waveguide is at a high voltage during the operation of the 
generator. 

7. The electric generator of claim 6, wherein the antenna/ 
waveguide voltage is greater than 500 V pyss 

8. The electric generator of claim 1, wherein the antenna/ 
waveguide is connected to an oscillator. 

9. The electric generator of claim 8, wherein the oscillator 
comprises a resonant step-up transformer. 

10. The electric generator of claim 4, wherein the second- 
ary coil of the transformer is connected near the apex of the 
antenna/waveguide. 

11. The electric generator of claim 1 wherein the second 
lead of the secondary coil is connected to earth ground. 

12. The electric generator of claim 1 wherein the primary 
coil is wound with a conductor over the secondary coil, the 
primary coil being connected electrically to a driver operating 
in the LF or ELF bands. 

13. The electric generator of claim 1, wherein the primary 
coil is inductively coupled to the secondary coil. 

14. An electric generator for harvesting the electric emis- 
sions of atomic oscillations of claim 1 comprising an oscilla- 
tor. 

15. The electric generator of claim 14, wherein said oscil- 
lator operates in the LF or ELF bands. 

16. The electric generator of claim 14 wherein the genera- 
tor comprises: 

(a) a primary coil wound with a conductor over a secondary 
coil, the coil being connected electrically to a driver 
operating in the LF or ELF bands; and 

(b) a secondary coil of smaller diameter than the primary 
coil having a greater length and a greater number of turns 
than the primary coil, the secondary coil being posi- 
tioned coaxially within the first coil and acting as a 
resonant step-up transformer winding inductively 
coupled with the primary; wherein said resonant step-up 
transformer’s output voltage exceeds 500V pags; 

wherein the electric generator attracts impulses from 
Earth’s electric oscillations; and 


Pólya Enumeration Theorem 


Pélya Enumeration Theorem 

A very general theorem which allows the number of dis- 
crete combinatorial objects of a given type to be enu- 
merated (counted) as a function of their “order.” The 
most common application is in the counting of the num- 
ber of GRAPHS of n nodes, TREES and ROOTED TREES 
with n branches, GROUPS of order n, etc. The theorem 
is an extension of BURNSIDE’S LEMMA and is sometimes 
also called the POLYA-BURNSIDE LEMMA. 


see also BURNSIDE’S LEMMA, GRAPH (GRAPH THE- 
ORY), GROUP, ROOTED TREE, TREE 
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Pólya Polynomial 

The POLYNOMIAL giving the number of colorings, with 
m colors, of a structure defined by a PERMUTATION 
GROUP. 


see also PERMUTATION GROUP, PÓLYA ENUMERATION 
THEOREM 


Pélya’s Random Walk Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let p(d) be the probability that a RANDOM WALK on 
a d-D lattice returns to the origin. Pólya (1921) proved 
that 
p(1) = p(2) = 1, (1) 
but 
p(d) < 1 (2) 


for d > 2. Watson (1939), McCrea and Whipple (1940), 
Domb (1954), and Glasser and Zucker (1977) showed 
that 


1 
p(3)=1 3) 0.3405373296..., (3) 


AR 


= (18 + 1242 — 1043 — 746) 


 dedydz č 
3 — COST — COS Y — COS 2 


(4) 


x {K[(2- v3)(v3 - V2)]Y 65) 
= 3(18 + 1242 — 10V3 — 7V6) 

x E + 2 y exp(—k*rvV6 ] (6) 
= EI (7) 


= 1.5163860592..., (8) 


Pólya- Vinogradov Inequality 1395 
where K(k) is a complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND and I (z) is the GAMMA FUNCTION. Closed 
forms for d > 3 are not known, but Montroll (1956) 
showed that 


p(d) =1-[u(a)]7, (9) 
where 
u(d) = sal S ¿ona j 


x dí: dx2 E dxa 
oO t d 
- | [1 ($) de, (10) 
a d 


and Io(z) is a MODIFIED BESSEL FUNCTION OF THE 
FIRST KIND. Numerical values from Montroll (1956) 
and Flajolet (Finch) are 


d p(d) 
4 0.20 
5 0.136 
6 0.105 
7 0.0858 
8 0.0729 


see also RANDOM WALK 
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Pólya-Vinogradov Inequality 
Let y be a nonprincipal character (mod q). Then 


MN 


Y x(n) « Valng, 


n= M+1 


where < indicates MUCH LESS than. 
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Polyabolo 

An analog of the POLYOMINO composed of n ISOSCE- 
LES RIGHT TRIANGLES joined along edges of the same 
length. The number of polyaboloes composed of n trian- 
gles are 1, 3, 4, 14, 30, 107, 318, 1106, 3671, ... (Sloane’s 
A006074). 

see also DIABOLO, HEXABOLO, PENTABOLO, TETRA- 
BOLO, TRIABOLO 
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Polyconic Projection 


= cot psin E (1) 
= ($ — do) + cot (1 — cos E), (2) 

where 
E=(A-»Mo)sing. © (3) 


The inverse FORMULAS are 


sin”*(x tan ġ) 


ds sin $ 


+ Ao, (4) 


and ¢ is determined from 


— h— ilg? 
(Oo ae glad ska (5) 
tan @ 
where do = A and 
A=Qo+y (6) 
B=2x* +A". (7) 
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Polygamma Function 


Polycube 


Sa 
SU e 
PS 


3-D generalization of the POLYOMINOES to n-D. The 
number of polycubes N(n) composed of n CUBES are 1, 
1, 2, 8, 29, 166, 1023, ... (Sloane's A000162, Ball and 
Coxeter 1987). 

see also CONWAY PUZZLE, CUBE DISSECTION, DIABOL- 
ICAL CUBE, SLOTHOUBER-GRAATSMA PUZZLE, SOMA 
CUBE 
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Polydisk 
Let c = (c1,...,Cn) be a point in C”, then the open 
polydisk is defined by 

S = {z : |z; = c| < l2 — cjl} 


PGJ S Leai 
see also DISK, OPEN DISK 
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Polygamma Function 
The polygamma function is sometimes denoted Fm(2), 
and sometimes Ym(z). In Fm(z) notation, 

Fm(z) = —— lnz! (1) 


AS © 


= (-1)"*mic(m + 1,2), (3) 


Polygamma Function 


where ((a,z) is the Hurwitz ZETA FUNCTION. 


In the Ym NOTATION (the form returned by the 


PolyGamma [m,z] function in Mathematica®; Wolfram 


Research, Champaign, IL), 


m+1 


ValzZ) = is 


pe A m+l 


r'(z) _ 
= f> T(z) == ve, (4) 


where T(z) is the GAMMA FUNCTION and W(z) is the 
DIGAMMA FUNCTION. Ym(z) is therefore related to 


Fm(z) by 
Wm(z) = Fm(z — 1). (5) 


The function Yo (2) is equivalent to the DIGAMMA FUNC- 
TION (z). Note that Morse and Feshbach (1953) adopt 
a notation no longer in standard use in which Morse and 
Feshbach’s Ym(2) is equal to the above Ym-1(2). 


The polygamma function obeys the RECURRENCE RE- 
LATION 


Palz+ 1) = pnlz) + CI nlt, (6) 


the reflection FORMULA 


n 


n ad l 
Pnl = 2) + (=1)° "Yn (2) = (1) Ta cot(mz), (7) 
and the multiplication FORMULA, 
ie k 
Un(mz) = dno lnm + — S| dn (z+ $), (8) 
k=1 


where mn is the KRONECKER DELTA. 


In general, special values for integral indices are given 
by 


Pn(1) = (-1)""n!c(n + 1) (9) 
wn ($) = (11) H n2} —1e(n +1), (10) 
giving 
y(i) = ir’ (11) 
p (1) = ¢(2) = in” (12) 
v2(1) = —2¢(3), (13) 
pli) =ar" (14) 
and so on. 


R. Manzoni has shown that the polygamma function 
can be expressed in terms of CLAUSEN FUNCTIONS for 
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RATIONAL arguments and integer index. Special cases 
are given by 


pi (4) = im? + $ V3[Ch (2r) — CL (Fr) (15) 
Mar * — ¿v3[Cl (Fm) — Cl2($7) (16) 
pil) =m +4[Cl2(37) — Cl2($r)] (17) 
y (8) = n? — 4[Cl (4r) — Cla(37r)]. (18) 
wa(5) = —8[Cl; (0) — Cla(7)]. (19) 
va(3) = on — res ) + 9[Cl (27) + Cl3(27)] 
(20) 
va(3)= = — 18 Cl (0) + 9[Cl3 (2r) + Cla ($r)] 
(21) 
wo(1) = —27* — 32[Cls(0) — Cls (7)] (22) 
pa (3) = 27° — 32[Cl3(0) — Cla(m)] (23) 
w3(4) = En* + 81V3[Cl (2r) — CU(Em)] (24) 
bs (2) = Fm? — 81V3[CL (4r) — Cla ($7)] (25) 
pa (4) = 874 + 384[Cl4 (Pr) — Cla(3m)] (26) 
ba(3) = 8r* — 384[CL (4r) — Ch (2r). (27) 


see also CLAUSEN FUNCTION, DIGAMMA FUNCTION, 
GAMMA FUNCTION, STIRLING'S SERIES 
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Polygenic Function 
A function which has infinitely many DERIVATIVES at a 
point. [f a function is not polygenic, it is MONOGENIC. 


see also MONOGENIC FUNCTION 
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Polygon 

A closed plane figure with n sides. If all sides and angles 
are equivalent, the polygon is called regular. Regular 
polygons can be CONVEX or STAR. The word derives 
from the Greek poly (many) and gonu (knee). 
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The AREA of a polygon with VERTICES (21,41), ..., 


(En, Yn) is 


1 
(1) 


which can be written 


Tı Yi 
T2 Y2 


T2 Y2 
T3 Y3 


Ln Yn 
Tti Yı 


A= 5 (2142 + 241 +... + Tn-1Yn t TnY1 — Y1T2 
—=Y2al3 — ... — Yn4+1Un — Yn T1), (2) 


where the signs can be found from the following diagram. 


+ + + + + 


The AREA of a polygon is defined to be POSITIVE if 
the points are arranged in a counterclockwise order, and 
NEGATIVE if they are in clockwise order (Beyer 1987). 


Y4 


By 


The sum I of internal angles in the above diagram of a 
dissected PENTAGON is 


Ay 


n 


1= (ait B)= (a+ Bt) Dd y (8) 


i=1 
But 7 
Y yi = 360° (4) 
i=l 


and the sum of ANGLES of the n TRIANGLES is 


Y (as + Bi + yi) = X (180%) = n(180°). (5) 


Therefore, 


I = n(180°) — 360° = (n — 2)180°. (6) 


Let n be the number of sides. The regular n-gon is then 
denoted {n}. 


Polygon 
{n} 


digon 
equilateral triangle (trigon) 
square (quadrilateral, tetragon) 
pentagon 
hexagon 
heptagon 
octagon 
nonagon (enneagon) 
10 decagon 
11 undecagon (hendecagon) 
12 dodecagon | 
13 tridecagon (triskaidecagon) 
14 tetradecagon (tetrakaidecagon) 
15 pentadecagon (pentakaidecagon) 
16 hexadecagon (hexakaidecagon) 
17 heptadecagon (heptakaidecagon) 
18 octadecagon (octakaidecagon) 
19 enneadecagon (enneakaidecagon) 
20 icosagon 
30 triacontagon 
40 tetracontagon 
50 pentacontagon 
60 hexacontagon 
70 heptacontagon 
80 octacontagon 
90 enneacontagon 
100 hectogon 
10000 myriagon 


SO 00 20 oh w |] 3 


n=5 


Let s be the side length, r be the INRADIUS, and R the 
CIRCUMRADIUS. Then 


s = 2rtan (=) = 2Rsin (=) (7) 
r= scot (z) (8) 
R = Łscsc 8 (9) 
A = Ins? cot (=) (10) 
— nr? tan (=) (11) 
= inR* sin Es ' (12) 


If the number of sides is doubled, then 


SIn = 2 R? -R 
n 4rA, 
Ir + VAr? + sn? 


4R? — Sn? (13) 


Aan 


Polygon 


Furthermore, if p and Pk are the PERIMETERS of the 
regular polygons inscribed in and circumscribed around 
a given CIRCLE and ax and A, their areas, then 


and 
242n Ån 
Aon = —-—_ 18 
: Gan + An ( ) 


(Beyer 1987, p. 125). 


COMPASS and STRAIGHTEDGE constructions dating 
back to Euclid were capable of inscribing regular poly- 
gons of 3, 4, 5, 6, 8, 10, 12, 16, 20, 24, 32, 40, 48, 64,..., 
sides. However, this listing is not a complete enumera- 
tion of “constructible” polygons. In fact, a regular n-gon 
is constructible only if p(n) is a POWER of 2, where ¢ 
is the TOTIENT FUNCTION (this is a NECESSARY but 
not SUFFICIENT condition). More specifically, a regular 
n-gon (n > 3) can be constructed by STRAIGHTEDGE 
and COMPASS (i.e., can have trigonometric functions of 
its ANGLES expressed in terms of finite SQUARE ROOT 
extractions) IFF 


n = 2P1P2 Ds, (19) 


where k is in INTEGER > 0 and the p; are distinct FER- 
MAT PRIMES. FERMAT NUMBERS are of the form 


Fm = 2" +1, (20) 


where m is an INTEGER > 0. The only known PRIMES 
of this form are 3, 5, 17, 257, and 65537. 


The fact that this condition was SUFFICIENT was first 
proved by Gauss in 1796 when he was 19 years old, and 
it relies on the property of IRREDUCIBLE POLYNOMIALS 
that ROOTS composed of a finite number of SQUARE 
ROOT extractions exist only if the order of the equation 
is of the form 2”. That this condition was also NECES- 
SARY was not explicitly proven by Gauss, and the first 
proof of this fact is credited to Wantzel (1836). 


Constructible values of n for n < 300 were given by 
Gauss (Smith 1994), and the first few are 2, 3, 4, 5, 6, 
8, 10, 12, 15, 16, 17, 20, 24, 30, 32, 34, 40, 48, 51, 60, 
64, 68, 80, 85, 96, 102, 120, 128, 136, 160, 170, 192, 

. (Sloane's A003401). Gardner (1977) and indepen- 
dently Watkins (Conway and Guy 1996) noticed that 
the number of sides for constructible polygons with an 
ODD number of sides is given by the first 32 rows of PAS- 
CAL'S TRIANGLE (mod 2) interpreted as BINARY num- 
bers, giving 1, 3, 5, 15, 17, 51, 85, 255, ... (Sloane’s 
A004729, Conway and Guy 1996, p. 140). 
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] l 1 
11 11 3 
121 101 5 
1331 1111 15 
14641 10001 17 
15101051 110011 51 


1010101 85 
11111111. 255 
100000001 257 


1615 20 1561 
17 21 35 35 21 7 1 
1 8 28 56 70 56 28 8 1 


Although constructions for the regular TRIANGLE, 
SQUARE, PENTAGON, and their derivatives had been 
given by Euclid, constructions based on the FERMAT 
PRIMES > 17 were unknown to the ancients. The 
first explicit construction of a HEPTADECAGON (17-gon) 
was given by Erchinger in about 1800. Richelot and 
Schwendenwein found constructions for the 257-GON in 
1832, and Hermes spent 10 years on the construction 
of the 65537-GON at Göttingen around 1900 (Coxeter 
1969). Constructions for the EQUILATERAL TRIANGLE 
and SQUARE are trivial (top figures below). Elegant con- 
structions for the PENTAGON and HEPTADECAGON are 
due to Richmond (1893) (bottom figures below). 


B 


Py P, 


Py 0 Po 


Equilateral Triangle Square 


Pentagon 
Given a point, a CIRCLE may be constructed of any 
desired RADIUS, and a DIAMETER drawn through the 
center. Call the center O, and the right end of the DI- 
AMETER Pp. The DIAMETER PERPENDICULAR to the 
original DIAMETER may be constructed by finding the 
PERPENDICULAR BISECTOR. Call the upper endpoint 
of this PERPENDICULAR DIAMETER B. For the PEN- 
TAGON, find the MIDPOINT of OB and call it D. Draw 
DP, and BISECT ZODPo, calling the intersection point 
with OP. Ni. Draw N¡P, PARALLEL to OB, and the 
first two points of the PENTAGON are Py and Pı. The 
construction for the HEPTADECAGON is more compli- 
cated, but can be accomplished in 17 relatively simple 
steps. The construction problem has now been auto- 
mated (Bishop 1978). 


see also 257-GON, 65537-GON, ANTHROPOMORPHIC 
POLYGON, BICENTRIC POLYGON, CARNOT’S PoLY- 
GON THEOREM, CHAOS GAME, CONVEX POLYGON, 
CYCLIC POLYGON, DE MOIVRE NUMBER, DIAGONAL 
(POLYGON), EQUILATERAL TRIANGLE, EULER’S POLY- 
GON DIVISION PROBLEM, HEPTADECAGON, HEXAGON, 
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HEXAGRAM, ILLUMINATION PROBLEM, JORDAN POLY- 
GON, LOZENGE, OCTAGON, PARALLELOGRAM, PAS- 
CAL’S THEOREM, PENTAGON, PENTAGRAM, PETRIE 
POLYGON, POLYGON CIRCUMSCRIBING CONSTANT, 
POLYGON INSCRIBING CONSTANT, POLYGONAL KNOT, 
POLYGONAL NUMBER, POLYGONAL SPIRAL, POLYGON 
TRIANGULATION, POLYGRAM, POLYHEDRAL FORMULA, 
POLYHEDRON, POLYTOPE, QUADRANGLE, QUADRI- 
LATERAL, REGULAR POLYGON, REULEAUX POLY- 
GON, RHOMBUS, ROTOR, SIMPLE POLYGON, SIMPLIC- 
ITY, SQUARE, STAR POLYGON, TRAPEZIUM, TRAPE- 
ZOID, TRIANGLE, VISIBILITY, VORONOI POLYGON, 
WALLACE-BOLYAI-GERWEIN THEOREM 
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Polygon Circumscribing Constant 


EE 


If a TRIANGLE is CIRCUMSCRIBED about a CIRCLE, an- 
other CIRCLE around the TRIANGLE, a SQUARE outside 
the CIRCLE, another CIRCLE outside the SQUARE, and 
so on. From POLYGONS, the CIRCUMRADIUS and INRA- 
DIUS for an n-gon are 


R= 38csc (=) (1) 
ot) : 
r=>3scot( >), (2) 
where s is the side length. Therefore, 
== sse (2), (3) 
r eos (y 


and an infinitely nested set of circumscribed polygons 
and circles has 


Tfinal circle T T T 
K = Tinel cele. = sec (T) sec (F) sec (=) + 4 
Tinitial circle 3 4 5 (4) 


Kasner and Newman (1989) and Haber (1964) state that 
K = 12, but this is incorrect. Write 


1 
K = — 5 
Il cos (=) ( ) 
n=3 n 
In K =-— >» In(cosg). (6) 
n=3 
Define 
yo(z) = —In(cosz) = le + Lat tas o. 
(7) 
Now define 
yı (x) = lar 3 (8) 
with 
yi(3)= yo(F) (9) 
2 
la (=) = In2, (10) 
3 
50 


a=2(2) m2, (11) 
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and 
9 In 2 


g? 


g”. (12) 


y2(x) = 


But ya(2) > yı(x) for x € (0,7/3), so 


n= n=3 
= r\ 91n2wr/n\? | 
ETA 
n=3 n=3 n=3 
a | 
= = 5 
= 91n2 (È = ` 3) = 9 In 2[¢(2) — $5] 
n=l n=l 
2 
T 5 
= 9ln2 | — — — | = 2.4637 14 
9ln ( 6 3 (14) 
Ka" = 11.75. (15) 
If the next term is included, 
yo (1) = a(t’ + tzt). (16) 
As before, 
y2(3) = yo(3) (17) 
9721n 2 
= —— 18 
72(54 + m2)” (48) 
di 972 1n 2 
RS n 12 1,4 


= And 13 a) 8] +B lso 2) 


_ 92 [1 fm 5) weft yd 
(54 4+n7)/2\ 6 4 12 \ 90 24 


9(87° — 457? — 5400)In2 _ 
80(7? + 54) 7 


and 
K < e?” = 9.535. (21) 


The process can be automated using computer algebra, 
and the first few bounds are 11.7485, 9.53528, 8.98034, 
8.8016, 8.73832, 8.71483, 8.70585, 8.70235, 8.70097, and 
8.70042. In order to obtain this accuracy by direct mul- 
tiplication of the terms, more than 10,000 terms are 
needed. The limit is 


K = 8.700036625.... (22) 
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Bouwkamp (1965) produced the following INFINITE 
PRODUCT formulas 


MI mer] a 


m=1 n=1 


aes (E A(2K) — 1]2? (24) =1- q | | 


(24) 


where ((x) is the RIEMANN ZETA FUNCTION and A(z) is 
the DIRICHLET LAMBDA FUNCTION. Bouwkamp (1965) 
also produced the formula with accelerated convergence 


K = Vör (1 30 + gem \(L— gm + agan) 


esc E csc E JE B, (25 
i ( E) (| si 


where 


O r? at T 
lla seo(=) (2) 


(cited in Pickover 1995). 
see also POLYGON INSCRIBING CONSTANT 
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Polygon Construction 


see GEOMETRIC CONSTRUCTION, GEOMETROGRAPHY, 
POLYGON, SIMPLICITY 


Polygon Division Problem 
see EULER’S POLYGON DIVISION PROBLEM 


Polygon Fractal 
see CHAOS GAME 
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Polygon Inscribing Constant 

If a TRIANGLE is inscribed in a CIRCLE, another CIR- 
CLE inside the TRIANGLE, a SQUARE inside the CIRCLE, 
another CIRCLE inside the SQUARE, and so on, 


; _ Tfinal circle T T TT 
K = ———— = cos | + ¡cos| —]cos|-—]:: 
Tinitial circle 3 4 5 


Numerically, 


1 1 


K = & = 37000366252... 


= 0.1149420448..., 
where K is the POLYGON CIRCUMSCRIBING CONSTANT. 
Kasner and Newman’s (1989) assertion that K = 1/12 
is incorrect. 


Let a convex POLYGON be inscribed in a CIRCLE and 
divided into TRIANGLES from diagonals from one VER- 
TEX. The sum of the RADII of the CIRCLES inscribed in 
these TRIANGLES is the same independent of the VER- 
TEX chosen (Johnson 1929, p. 193). 


see also POLYGON CIRCUMSCRIBING CONSTANT 
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Polygon Triangulation 
see EULER’S POLYGON DIVISION PROBLEM 


Polygonal Knot 

A KNOT equivalent to a POLYGON in R*, also called 

a TAME KNOT. For a polygonal knot K, there exists 

a PLANE such that the orthogonal projection 7 on it 

satisfies the following conditions: 

1. The image 7(K) has no multiple points other than 
a FINITE number of double points. 


2. The projections of the vertices of K are not double 
points of 7(K). 

Such a projection 7(K) is called a regular knot projec- 

tion. 
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Polygonal Number 


Polygonal Number 


ODE 


A type of FIGURATE NUMBER which is a generalization 
of TRIANGULAR, SQUARE, etc., numbers to an arbitrary 
n-gonal number. The above diagrams graphically illus- 
trate the process by which the polygonal numbers are 
built up. Starting with the nth TRIANGULAR NUMBER 
Tn, then 

Tested PE JA (1) 


Now note that 
n+2Tn-1 =N? = Sn (2) 
gives the nth SQUARE NUMBER, 
n + 3T,-1 = ¿n(3n =1)= Pu (3) 


gives the nth PENTAGONAL NUMBER, and so on. The 
general polygonal number can be written in the form 


p? = in((r-1)n—2r-2)] = irí(n—2)r-(n-4)), (4) 


where p; is the rth n-gonal number. For example, tak- 
ing n = 3 in (4) gives a TRIANGULAR NUMBER, n = 4 
gives a SQUARE NUMBER, etc. 


Fermat proposed that every number is expressible as at 
most k k-gonal numbers (FERMAT’S POLYGONAL NUM- 
BER THEOREM). Fermat claimed to have a proof of this 
result, although this proof has never been found. Ja- 
cobi, Lagrange (1772), and Euler all proved the square 
case, and Gauss proved the triangular case in 1796. In 
1813, Cauchy proved the proposition in its entirety. 


An arbitrary number N can be checked to see if it is a 
n-gonal number as follows. Note the identity 


8(n — 2)p;, + (n — 4)? = 4r(n — 2)[(r — 1)n — 2(r — 2)] 
+(n — 4)? = 4r(r — 1)n? + r[—8(r — 1) — 8(r — 2)]n 
+16r(r — 2) + (n? — 8n + 16) 
= (4r? — 4r + 1)n? + (-16r? + 24r — 8)n 
+(16r* — 32r + 16) 
= (2r —1)*n? — 8(2r? — 3r + 1)n + 16(r? — 2r + 1) 
= (2rn — 4r —n +4)’, (5) 
so 8(n — 2)N + (n — 4)? = S? must be a PERFECT 
SQUARE. Therefore, if it is not, the number cannot be 


n-gonal. If it is a PERFECT SQUARE, then solving 


S=2rn—4r—n+4 (6) 


Polygonal Spiral 


for the rank r gives 


a S+n— 4 (7) 

2(n — 2) 
An n-gonal number is equal to the sum of the (n — 1)- 
gonal number of the same RANK and the TRIANGULAR 
NUMBER of the previous RANK. 


see also CENTERED POLYGONAL NUMBER, DECAGONAL 
NUMBER, FERMAT’S POLYGONAL NUMBER THEOREM, 
FIGURATE NUMBER, HEPTAGONAL NUMBER, HEXAG- 
ONAL NUMBER, NONAGONAL NUMBER, OCTAGONAL 
NUMBER, PENTAGONAL NUMBER, PYRAMIDAL NUM- 
BER, SQUARE NUMBER, TRIANGULAR NUMBER 
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Polygonal Spiral 


The length of the polygonal spiral is found by noting 
that the ratio of INRADIUS to CIRCUMRADIUS of a regu- 
lar POLYGON of n sides is 


f= Set = con (2). a) 
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The total length of the spiral for an n-gon with side 
length s is therefore 


EI 


ME 
AGR ` b 
quent triangles which the spiral encloses. The AREA of 


í IMSS à 
¿EN 
(O) 
SZ 
D 
UA 
Consider the solid region obtained by filling in subse- 
this region, illustrated above for n-gons of side length s, 
is 


A= Ls cot (=) : (3) 
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Polygram 
A self-intersecting STAR FIGURE such as the PENTA- 
GRAM or HEXAGRAM. 

n symbol polygram 


5 {5/2} pentagram 
6 {6/2} hexagram 
7 {7/2}  heptagram 
8 {8/3}  octagram 
{8/4} star of Lakshmi 
10 {10/3} decagram 


Polyhedral Formula 

A formula relating the number of VERTICES, FACES, and 
EDGES of a POLYHEDRON (or POLYGON). It was discov- 
ered independently by Euler and Descartes, so it is also 
known as the DESCARTES-EULER POLYHEDRAL FOR- 
MULA. The polyhedron need not be CONVEX, but the 
FORMULA does not hold for STELLATED POLYHEDRA. 


V+F-E=2, (1) 
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where V = No is the number of VERTICES, E = Nı is 
the number of EDGES, and F = Na is the number of 
FACES. For a proof, see Courant and Robbins (1978, 
pp. 239-240). The FORMULA can be generalized to n-D 
POLYTOPES. 


TI, : No =2 (2) 
Iz : No — Ni =0 (3) 
Il; : No-Ni+ No =2 (4) 
Ma : No — Ni + No — N3 = 0 (5) 
Hn: No—Ni+No—...+(-1)" Na (-1)”. 

(6) 


For a proof of this, see Coxeter (1973, pp. 166-171). 


see also DEHN INVARIANT, DESCARTES TOTAL ANGU- 
LAR DEFECT 
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The graphs corresponding to the skeletons of PLATONIC 
SOLIDS. They are special cases of SCHLEGEL GRAPHS. 
see also CUBICAL GRAPH, DODECAHEDRAL GRAPH, 
ICOSAHEDRAL GRAPH, OCTAHEDRAL GRAPH, SCHLE- 
GEL GRAPH, TETRAHEDRAL GRAPH 


Polyhedral Graph 


Polyhedron 

A 3-D solid which consists of a collection of POLYGONS, 
usually joined at their EDGES. The word derives from 
the Greek poly (many) plus the Indo-European hedron 
(seat). A polyhedron is the 3-D version of the more 
general POLYTOPE, which can be defined on arbitrary 
dimensions. 


Polyhedron 


A CONVEX POLYHEDRON can be defined as the set of 
solutions to a system of linear inequalities 


mx < b, 


where m is a real 5x3 MATRIX and b is a real s- VECTOR. 
An example is illustrated above. The more simple Do- 
DECAHEDRON is given by a system with s = 12. In gen- 
eral, given the MATRICES, the VERTICES (and FACES) 
can be found using VERTEX ENUMERATION. 


A polyhedron is said to be regular if its FACES and 
VERTEX FIGURES are REGULAR (not necessarily CON- 
VEX) polygons (Coxeter 1973, p. 16). Using this defi- 
nition, there are a total of nine REGULAR POLYHEDRA, 
five being the CONVEX PLATONIC SOLIDS and four be- 
ing the CONCAVE (stellated) KEPLER-POINSOT SOLIDS. 
However, the term “regular polyhedra” is sometimes 
also used to refer exclusively to the PLATONIC SOLIDS 
(Cromwell 1997, p. 53). The DUAL POLYHEDRA of the 
PLATONIC SOLIDS are not new polyhedra, but are them- 
selves PLATONIC SOLIDS. 


A CONVEX polyhedron is called SEMIREGULAR if its 
FACES have a similar arrangement of nonintersecting 
regular plane CONVEX polygons of two or more dif- 
ferent types about each VERTEX (Holden 1991, p. 41). 
These solids are more commonly called the ARCHIMED- 
EAN SOLIDS, and there are 13 of them. The DUAL 
POLYHEDRA of the ARCHIMEDEAN SOLIDS are 13 new 
(and beautiful) solids, sometimes called the CATALAN 
SOLIDS. 


A QUASIREGULAR POLYHEDRON is the solid region inte- 
rior to two DUAL REGULAR POLYHEDRA (Coxeter 1973, 
pp. 17-20). There are only two CONVEX QUASIREGU- 
LAR POLYHEDRA: the CUBOCTAHEDRON and ICOSIDO- 
DECAHEDRON. There are also infinite families of PRISMS 
and ANTIPRISMS. 


There exist exactly 92 CONVEX POLYHEDRA with REG- 
ULAR POLYGONAL faces (and not necessary equivalent 
vertices). They are known as the JOHNSON SOLIDS. 
Polyhedra with identical VERTICES related by a sym- 
metry operation are known as UNIFORM POLYHEDRA. 
There are 75 such polyhedra in which only two faces 
may meet at an EDGE, and 76 in which any EVEN num- 
ber of faces may meet. Of these, 37 were discovered 
by Badoureau in 1881 and 12 by Coxeter and Miller 
ca. 1930. 


Polyhedra can be superposed on each other (with the 
sides allowed to pass through each other) to yield ad- 
ditional POLYHEDRON COMPOUNDS. Those made from 
REGULAR POLYHEDRA have symmetries which are espe- 
cially aesthetically pleasing. The graphs corresponding 
to polyhedra skeletons are called SCHLEGEL GRAPHS. 


Behnke et al. (1974) have determined the symmetry 
groups of all polyhedra symmetric with respect to their 
VERTICES. 


US 8,004,250 B2 


13 14 
wherein the attracted energy manifests as high voltage 18. The electric generator of claim 4, wherein the base 
sinusoidal waveforms representing harvested electric surface area of the pyramid is from about 0.25 m? to about 
energy of atomic oscillations in the secondary coil and 1,000,000 m’. 
measurable on leads of the secondary coil. 19. The electric generator of claim 1, wherein the generator 


17. The electric generator of claim 4, wherein the height of 5 is positioned in a generally north-south direction. 
the pyramidal electric generator 1s from about 0.50 m to about 
1000 m. E 


Polyhedron 


see also ACOPTIC POLYHEDRON, APEIROGON, ARCHI- 
MEDEAN SOLID, CANONICAL POLYHEDRON, CATALAN 
SOLID, CUBE, DICE, DIGON, DODECAHEDRON, DUAL 
POLYHEDRON, ECHIDNAHEDRON, FLEXIBLE POLY- 
HEDRON, HEXAHEDRON, HYPERBOLIC POLYHEDRON, 
ICOSAHEDRON, ISOHEDRON, JOHNSON SOLID, KEPLER- 
POINSOT SOLID, NOLID, OCTAHEDRON, PETRIE POLY- 
GON, PLATONIC SOLID, POLYHEDRON COLORING, 
POLYHEDRON COMPOUND, PRISMATOID, QUADRICORN, 
QUASIREGULAR POLYHEDRON, RIGIDITY THEOREM, 
SEMIREGULAR POLYHEDRON, SKELETON, T'ETRAHE- 
DRON, UNIFORM POLYHEDRON, ZONOHEDRON 
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Polyhedron Coloring 

Define a valid “coloring” to occur when no two faces 
with a common EDGE share the same color. Given two 
colors, there is a single way to color an OCTAHEDRON. 
Given three colors, there is one way to color a CUBE and 
144 ways to color an ICOSAHEDRON. Given four-colors, 
there are two distinct ways to color a TETRAHEDRON 
and 4 ways to color a DODECAHEDRON. Given five col- 
ors, there are four ways to color an ICOSAHEDRON. 


see also COLORING, POLYHEDRON 
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Polyhedron Compound 


Solid Vertices Symbol 
cube-octahedron both 

dodec.+icos. both 

two cubes 


three cubes 
four cubes 
five cubes dodecahedron 2{5,3}(5{4, 3}] 
icosidodeca. [5{3, 4}]2{3, 5} 
five tetrahedra dodecahedron § {5,3}[5{3, 3}]2{3, 5} 
two dodecahedra both 
great dodecahedron- 

small stellated dodec. 


great icosahedron- both 


five octahedra 


great stellated dodec. 


{4,3} [2{3, 3}]{3, 4} 
dodecahedron 2{5,3}[10{3, 3}]2{3, 5} 


stella octangula cube 
ten tetrahedra 


The above table gives some common polyhedron com- 
pounds. In Coxeter’s NOTATION, d distinct VERTICES 
of {m,n} taken c times are denoted 


c{m,n}[d{p, q)), 


or faces of {s,t} e times 


[d(p, aplets, t}, 


or both 


c{m, n}[d{p, a}lets, t}. 


The five TETRAHEDRA can be arranged in a laevo or 
dextro configuration. 


see also CUBE-OCTAHEDRON COMPOUND, DODECA- 
HEDRON-ICOSAHEDRON COMPOUND, OCTAHEDRON 5- 
COMPOUND, STELLA OCTANGULA, TETRAHEDRON 5- 
COMPOUND 
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Polyhedron Dissection 
A DISSECTION of one or more polyhedra into other 
shapes. 


see also CUBE DISSECTION, DIABOLICAL CUBE, POLY- 
CUBE, SOMA CUBE, WALLACE-BOLYAI-GERWEIN THE- 
OREM 
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Polyhedron Dual 
see DUAL POLYHEDRON 


Polyhedron Hinging 
see RIGIDITY THEOREM 


Polyhedron Packing 


see KELVIN’S CONJECTURE, SPACE-FILLING POLYHE- 
DRON 


Polyhex 


3 BAP 


An analog of the POLYOMINOES and POLYIAMONDS in 
which collections of regular hexagons are arranged with 
adjacent sides. They are also called HEXES and HEXAS. 
The number of polyhexes of n hexagons are 1, 1, 2, 
7, 22, 82, 333, 1448, 6572, 30490, 143552, 683101, ... 
(Sloane’s A014558). For the 4-hexes (tetrahexes), the 
possible arrangements are known as the BEE, BAR, PIS- 
TOL, PROPELLER, WORM, ARCH, and WAVE. 
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Polyiamond 

LOA 

2 X 

3 AA 

4 DAA 

> AM Av A Y 
6 


ann Oy Wy Axa 7 KX 
cA’ BY AN Y XK 


A generalization of the POLYOMINOES using a collec- 
tion of equal-sized EQUILATERAL TRIANGLES (instead of 
SQUARES) arranged with coincident sides. Polyiamonds 
are sometimes simply known as IAMONDS. 


The number of two-sided (i.e., can be picked up and 
flipped, so MIRROR IMAGE pieces are considered iden- 
tical) polyiamonds made up of n triangles are 1, 1, 1, 
3, 4, 12, 24, 66, 160, 448, ... (Sloane’s A000577). The 
number of one-sided polyiamonds composed of n trian- 
gles are 1, 1, 1, 4, 6, 19, 43, 121, ... (Sloane’s A006534). 
No HOLES are possible with fewer than seven triangles. 


The top row of 6-polyiamonds in the above figure are 
known as the BAR, CROOK, CROWN, SPHINX, SNAKE, 
and YACHT. The bottom row of 6-polyiamonds are 
known as the CHEVRON, SIGNPOST, LOBSTER, HOOK, 
HEXAGON, and BUTTERFLY. 


see also POLYABOLO, POLYHEX, POLYOMINO 
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Polyking 


see POLYPLET 


Polylogarithm 


Polylogarithm 
The function 


Lin(z) = Y a (1) 


Also known as JONQUIERE’S FUNCTION. (Note that the 
NOTATION Li(z) is also used for the LOGARITHMIC IN- 
TEGRAL.) The polylogarithm arises in Feynman Dia- 
gram integrals, and the special case n = 2 is called the 
DILOGARITHM. The polylogarithm of NEGATIVE INTE- 
GER order arises in sums of the form 


200 n 


eo NO 


n k _ T: _ 
Sk ir Shia) = a 
k=1 i=l 


where (7Y is an EULERIAN NUMBER. 


The polylogarithm satisfies the fundamental identities 
== 2 sne (3) 


~~ 2*=°)¢(s), (4) 


where ((s) is the RIEMANN ZETA FUNCTION. The de- 
rivative is therefore given by 


Lis(—1) = -(1 


E Lis(-1) = -2—*¢(e)In2 — (1-2: (8), (5) 


or in the special case s = 0, by 


É Lis(-1) 


7s = In2+¢'(0) = In2 — 5 In(2z) 


-i ( 2) (6) 


This latter fact provides a remarkable proof of the WAL- 
LIS FORMULA. 


The polylogarithm identities lead to remarkable expres- 


sions. Ramanujan gave the polylogarithm identities 


Liz(}) — 4 Liz(4) = Ln” — 3 (m3)? (7) 


Liz(— 3) + i Li2(5) 


= —~17* +4 In2In3 — 2 (In 2)” — 


1 (m3)? (8) 


1 
3 


(9) 
Lig(—+) — 4 Lig(4) = — Jr” + ¿(In3) (10) 
Li(—3) + Liz(5) = —3(In 3)” (11) 

(Berndt 1994), and Bailey et al. show that 
T? = 36 Li2(4) — 36 Lie($) — 12 Lio(4) + 6 Liz(&) (12) 


12 Li2(2) = 2? — 6(In 2)* (13) 
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35 (3) — r° In2 


2 
= 36 Lis(4) — 18Lig(4) — 4Lig(2) +Lis(4,) (14) 


2(In 2)? — 7¢(3) 
= —24Lis($) + 18 Lis(4) + 4Lis(5) — Lis(77) (15) 


10(In 2)? — 27° In 2 = —48 Lis (4) + 54 Lis (4) 
+12 Li3(5) — 3Lis(¿), (16) 


and 
Lim(+3) Lim(3) 2Lim(3)  4Lim(3) 5(-1n2)” 
6m=1 o gm1 — m- gmt 
m? (—ln2)®7? *(-In277*  403¢(5)(— ln 2)”"* 
54(m—2)!  486(m—4)!  1296(m — 5)! 
= 0. (17) 


No general ALGORITHM is know for the integration of 
polylogarithms of functions. 


see also DILOGARITHM, EULERIAN NUMBER, LEG- 
ENDRE’S CHI-FUNCTION, LOGARITHMIC INTEGRAL, 
NIELSEN-RAMANUJAN CONSTANTS 
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Polymorph 

An INTEGER which is expressible in more than one way 
in the form «7+ Dy? or z?— Dy? where x* is RELATIVELY 
PRIME to Dy’. If the INTEGER is expressible in only one 
way, it is called a MONOMORPH. 


see also ANTIMORPH, IDONEAL NUMBER, MONOMORPH 


Polynomial 

A POLYNOMIAL is a mathematical expression involving 
a series of POWERS in one or more variables multiplied 
by COEFFICIENTS. A POLYNOMIAL in one variable with 
constant COEFFICIENTS is given by 


ant” +...+a22*+a12+00. (1) 
The highest POWER in a one-variable POLYNOMIAL is 
called its ORDER. A POLYNOMIAL in two variables with 


constant COEFFICIENTS is given by 


n. m 2 2 2 2 
AnmT Y + az2£ Y +021T Y + 0121Y 


+a11%Yy + aioz + a01y + aoo. (2) 
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Exchanging the COEFFICIENTS of a one-variable POLY- 
NOMIAL end-to-end produces a POLYNOMIAL 
aoz” +ajr 14+... +an-1£ + an = 0 (3) 


whose ROOTS are RECIPROCALS 1/x; of the original 
ROOTS zi. 


The following table gives special names given to poly- 
nomials of low orders. 
Order Polynomial Name 


linear equation 
quadratic equation 
cubic equation 
quartic equation 
quintic equation 
sextic equation 


a of Q0 Na 


Polynomials of fourth degree may be computed using 
three multiplications and five additions if a few quanti- 
ties are calculated first (Press et al. 1989): 


ao + ait + azr? + aga + asa” 
= [(Az +B)’ + As +C][(Ar+ B}? +D]+E, (4) 


where 
A = (as) (5) 
B= a A (6) 
D = 3B + 8p° 4 UL 700 (7) 
C= = -2B- 6B? — D (8) 
E = œ — B* — B?’ (C + D) - CD. (9) 


Similarly, a POLYNOMIAL of fifth degree may be com- 
puted with four multiplications and five additions, and 
a POLYNOMIAL of sixth degree may be computed with 
four multiplications and seven additions. 


Polynomials of orders 1 to 4 are solvable using only 
algebraic functions and finite square root extraction. 
A first-order equation is trivially solvable. A second- 
order equation is soluble using the QUADRATIC EQUA- 
TION. A third-order equation is solvable using the Cu- 
BIC EQUATION. A fourth-order equation is solvable us- 
ing the QUARTIC EQUATION. It was proved by Abel 
using GROUP THEORY that higher order equations can- 
not be solved by finite root extraction. 


However, the general QUINTIC EQUATION may be given 
in terms of the THETA FUNCTIONS, or HYPERGEOMET- 
RIC FUNCTIONS in one variable. Hermite and Kronecker 
proved that higher order POLYNOMIALS are not soluble 
in the same manner. Klein showed that the work of 
Hermite was implicit in the GROUP properties of the 
ICOSAHEDRON. Klein’s method of solving the quintic 


Polynomial 


in terms of HYPERGEOMETRIC FUNCTIONS in one vari- 
able can be extended to the sextic, but for higher order 
POLYNOMIALS, either HYPERGEOMETRIC FUNCTIONS in 
several variables or “Siegel functions” must be used. In 
the 1880s, Poincaré created functions which give the so- 
lution to the nth order POLYNOMIAL equation in finite 
form. These functions turned out to be “natural” gen- 
eralizations of the ELLIPTIC FUNCTIONS. 


Given an nth degree POLYNOMIAL, the ROOTS can be 
found by finding the EIGENVALUES of the MATRIX 


—a9/an —a1/an —a2/An eee, mel 
1 0 0 a | 
0 1 0 0 (10) 
0 0 0 0 


This method can be computationally expensive, but is 
fairly robust at finding close and multiple roots. 


Polynomial identities involving sums and differences of 
like POWERS include 


2? — y? =(2— yla + y) (11) 
z? — y? =(2-y)la? + 2y + y”) (12) 
ety = (x +y)” — 2y + y”) (13) 
zt — yf =(2-yle+yle +y") (14) 
zÍ + dy* = (x? + Qry + 2y Ma? — 2zy + 24”) (15) 
z’ — yř =(e-y)(2*t+a°yt+a2°y ray +y) (16) 
ety =(2+ yla -ayr ay -ay +y) (17) 
y =(2-yle+ yla +2y +y’)? — ry +y’) 
(18) 

qe + ye ea (x? a y Na? = 2 y + y). 
(19) 


Further identities include 


ray = (2? + ryty (e? —ay+y) (20) 
(21? — Dy’) (£2? — Dyz’) 

= (2122 + Dyiyo)? — D(zıy2 + 221)" (21) 
(£1? + Dy1*)u2? + Dy2”) 

= (#122 + Dyiya)” + D(zı1y2 F £241). (22) 


The identity 


(X+Y +Z -—(X74+Y742") =(X+Y)XX+Z)(Y +2) 
x(X? +Y? +Z? +XY+XZ+YZ) +XYZ(X+Y+Z]) 
(23) 


was used by Lamé in his proof that FERMAT’S LAST 
THEOREM was true for n = 7. 


Polynomial Bar Norm 


see also APPELL POLYNOMIAL, BERNSTEIN POLY- 
NOMIAL, BESSEL POLYNOMIAL, BEZOUT’S THEO- 
REM, BINOMIAL, BOMBIERI INNER PRODUCT, BOM- 
BIERI NORM, CHEBYSHEV POLYNOMIAL OF THE 
FIRST KIND, CHEBYSHEV POLYNOMIAL OF THE SEC- 
OND KIND, CHRISTOFFEL-DARBOUX FORMULA, CHRIS- 
TOFFEL NUMBER, COMPLEX NUMBER, CYCLOTOMIC 
POLYNOMIAL, DESCARTES” SIGN RULE, DISCRIMI- 
NANT (POLYNOMIAL), DURFEE POLYNOMIAL, EHR- 
HART POLYNOMIAL, EULER FOUR-SQUARE IDENTITY, 
FIBONACCI IDENTITY, FUNDAMENTAL THEOREM OF 
ALGEBRA, FUNDAMENTAL THEOREM OF SYMMETRIC 
FUNCTIONS, GAUSS-JACOBI MECHANICAL QUADRA- 
TURE, GEGENBAUER POLYNOMIAL, GRAM-SCHMIDT 
ORTHONORMALIZATION, GREATEST LOWER BOUND, 
HERMITE POLYNOMIAL, HILBERT POLYNOMIAL, IRRE- 
DUCIBLE POLYNOMIAL, ISOBARIC POLYNOMIAL, ISO- 
GRAPH, JENSEN POLYNOMIAL, KERNEL POLYNOMIAL, 
KRAWTCHOUK POLYNOMIAL, LAGUERRE POLYNOMIAL, 
LEAST UPPER BOUND, LEGENDRE POLYNOMIAL, LIOU- 
VILLE POLYNOMIAL IDENTITY, LOMMEL POLYNOM- 
IAL, LUKÁCS THEOREM, MONOMIAL, ORTHOGONAL 
POLYNOMIALS, PERIMETER POLYNOMIAL, POISSON- 
CHARLIER POLYNOMIAL, POLLACZEK POLYNOMIAL, 
POLYNOMIAL BAR NORM, QUARTER SQUARES RULE, 
RAMANUJAN 6-10-8 IDENTITY, ROOT, RUNGE-WALSH 
THEOREM, SCHLAFLI POLYNOMIAL, SEPARATION THE- 
OREM, STIELTJES-WIGERT POLYNOMIAL, TRINOMIAL, 
TRINOMIAL IDENTITY, WEIERSTRAB'S POLYNOMIAL 
THEOREM, ZERNIKE POLYNOMIAL 
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Polynomial Bar Norm 
For p = > ajz?, define 


27 
ih = f P(e) Al 
o 277 j 
27 dé 
pone AOy|2 2%” 
Let =4/ [Pers 
IIP] = max|.j=11P(2) 


Polynomial Norm 1409 


where the ||P||; norms are functions on the UNIT CIRCLE 
and the |P|; norms refer to the COEFFICIENTS ao, ..., 
An. 


see also BOMBIERI NORM, NORM, UNIT CIRCLE 
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Polynomial Bracket Norm 
see BOMBIERI NORM 


Polynomial Curve 


A curve obtained by fitting POLYNOMIALS to each ordi- 
nate of an ordered sequence of points. The above plots 
show POLYNOMIAL curves where the order of the fitting 


POLYNOMIAL varies from p — 3 to p — 1, where p is the 
number of points. 


Polynomial curves have several undesirable features, in- 
cluding a nonintuitive variation of fitting curve with 
varying COEFFICIENTS, and numerical instability for 
high orders. SPLINES such as the BEZIER CURVE are 
therefore used more commonly. 


see also BEZIER CURVE, POLYNOMIAL, SPLINE 


Polynomial Factor 

A FACTOR of a POLYNOMIAL P(x) of degree n is a POLY- 
NOMIAL Q(x) of degree less than n which can be multi- 
plied by another POLYNOMIAL R(x) of degree less than 
n to yield P(x), i.e., a POLYNOMIAL Q(z) such that 


Plz) = Q(x) R(x). 
For example, since 
2 —1=(£+1)(x—1), 


both z — 1 and z + 1 are FACTORS of x? — 1. The COEF- 
FICIENTS of factor POLYNOMIALS are often required to 
be REAL NUMBERS or INTEGERS but could, in general, 
be COMPLEX NUMBERS. 


see also FACTOR, FACTORIZATION, PRIME FACTORIZA- 
TION 


Polynomial Norm 


see BOMBIERI NORM, MATRIX NORM, POLYNOMIAL 
BAR NORM, VECTOR NORM 
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Polynomial Remainder Theorem 
If the COEFFICIENTS of the POLYNOMIAL 


dna” + da1a rr”? +...+do =:0 (1) 


are specified to be INTEGERS, then integral ROOTS must 
have a NUMERATOR which is a factor of dy and a DE- 
NOMINATOR which is a factor of dn (with either sign 
possible). This follows since a POLYNOMIAL of ORDER 
n with k integral ROOTS can be expressed as 


(aix + bı (azz +b2)- + (ane + br)enrt 7" +... + co) 

=0, (2) 

where the ROOTS are zı = —bı/a1, 22 = —b2/a2,..., 

and x, = —bx/ax. Factoring out the a;s, 
(2-2) (2-2) (2-2) 

q102*:*0x11- — A A 164 
a1 a2 Qk 

la” + -} Co) =Q. (3) 


Now, multiplying through, 
a102 "OC" +... +bib2 -breo =0, (4) 


where we have not bothered with the other terms. Since 
the first and last COEFFICIENTS are dn and do, all the in- 
tegral roots of (1) are of the form [factors of do|/{factors 
of dn]. 


Polynomial Ring 
The RING R[x] of POLYNOMIALS in a variable z. 


see also POLYNOMIAL, RING 


Polynomial Root 
If the COEFFICIENTS of the POLYNOMIAL 


dnt” + dai0” +...+do =0 (1) 


are specified to be INTEGERS, then integral roots must 
have a NUMERATOR which is a factor of do and a DE- 
NOMINATOR which is a factor of d, (with either sign 
possible). This is known as the POLYNOMIAL REMAIN- 
DER ‘THEOREM. 


Let the ROOTS of the polynomial 
P(x) = anz” +an-12"7' +... +a +ao (2) 


be denoted 71, 72, ..., fn. Then NEWTON’S RELATIONS 


are 


ee (3) 
a= (4) 
rro Tk = Gi (5) 


n 


Polynomial Root 


These can be derived by writing 


(a — a)( —b) =0 (6) 
EDESA 
Za? (- 7)o+1= (8) 

Similarly, 
E e 
Serato o 


Any POLYNOMIAL can be numerically factored, al- 
though different ALGORITHMS have different strengths 
and weaknesses. 


If there are no NEGATIVE ROOTS of a POLYNOMIAL (as 
can be determined by DESCARTES” SIGN RULE), then 
the GREATEST LOWER BOUND is 0. Otherwise, write 
out the COEFFICIENTS, let n = —1, and compute the 
next line. Now, if any COEFFICIENTS are 0, set them to 
minus the sign of the next higher COEFFICIENT, starting 
with the second highest order COEFFICIENT. If all the 
signs alternate, n is the greatest lower bound. If not, 
then subtract 1 from n, and compute another line. For 
example, consider the POLYNOMIAL 


y = 20° +20 — 72? +2 T. (11) 


Performing the above ALGORITHM then gives 


so the greatest lower bound is —3. 


If there are no POSITIVE ROOTS of a POLYNOMIAL (as 
can be determined by DESCARTES’ SIGN RULE), the 
LEAST UPPER BOUND is 0. Otherwise, write out the 
COEFFICIENTS of the POLYNOMIALS, including zeros as 
necessary. Let n = 1. On the line below, write the 
highest order COEFFICIENT. Starting with the second- 
highest COEFFICIENT, add n-times the number just writ- 
ten to the original second COEFFICIENT, and write it be- 
low the second COEFFICIENT. Continue through order 
zero. If all the COEFFICIENTS are NONNEGATIVE, the 
least upper bound is n. If not, add one to z and repeat 
the process again. For example, take the POLYNOMIAL 


y = 20° — g? — Tr’ + 2-7. (12) 


Performing the above ALGORITHM gives 


Polynomial Series 


so the LEAST UPPER BOUND is 3. 


see also BAIRSTOW’S METHOD, DESCARTES?” 
SIGN RULE, JENKINS-TRAUB METHOD, LAGUERRE'S 
METHOD, LEHMER-SCHUR METHOD, MAEHLY’S PRO- 
CEDURE, MULLER’S METHOD, ROOT, ZASSENHAUS- 
BERLEKAMP ÁLGORITHM 


Polynomial Series 
see MULTINOMIAL SERIES 


Polyomino 

A generalization of the DOMINO. Án n-omino is defined 
as a collection of n squares of equal size arranged with 
coincident sides. FREE polyominoes can be picked up 
and flipped, so mirror image pieces are considered iden- 
tical, whereas FIXED polyominoes are distinct if they 
have different chirality or orientation. FIXED polyomi- 
noes are also called LATTICE ANIMALS. 


Redelmeier (1981) computed the number of FREE and 
FIXED polyominoes for n < 24, and Mertens (1990) gives 
a simple computer program. The sequence giving the 
number of FREE polyominoes of each order (Sloane’s 
A000105, Ball and Coxeter 1987) is shown in the second 
column below, and that for FIXED polyominoes in the 


third column (Sloane’s A014559). 


1 1 


1 0 
2 1 2 0 
3 0 
4 19 0 
5 12 63 0 
6 35 216 0 
T 108 T60 1 
8 369 2725 6 
9 1285 9910 37 
10 4655 39446 
11 17073 135268 
12 63600 505861 
13 238591 1903890 
14 901971 7204874 
15 3426576 27394666 
16 13079255 104592937 
17 50107909 400795844 
18 192622052 1540820542 
19 742624232 5940738676 
20 2870671950 22964779660 
21 | 11123060678 88983512783 
22 | 43191857688 | 345532572678 


168047007728 | 1344372335524 
654999700403 | 5239988770268 


bo 
te 


bho 
Ha 


Polyomino 1411 
The best currently known bounds on the number of n- 
polyominoes are 


3.72” < P(n) < 4.65” 


(Eden 1961, Klarner 1967, Klarner and Rivest 1973, Ball 
and Coxeter 1987). For n = 4, the quartominoes are 
called STRAIGHT, L, T, SQUARE, and SKEW. For n = 5, 
the pentominoes are called f, I, L, N, P, T, U, V, W, 
X, y, and Z (Golomb 1995). 


l 
2 


F 
‘EP & & & 


+ PAA cBEPEPEGE., kig 


see also DOMINO, HEXOMINO, MONOMINO, PEN- 
TOMINO, POLYABOLO, POLYCUBE, POLYHEX, POLYIA- 
MOND, POLYKING, POLYPLET, TETROMINO, TRIOMINO 


u 
[] GL 
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Polyomino Tiling 

A TILING of the PLANE by specified types of POLYOMI- 
NOES. Interestingly, the FIBONACCI NUMBER F, +1 gives 
the number of ways for 2 x 1 dominoes to cover a 2 x n 
checkerboard. 


see also FIBONACCI NUMBER 
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Polyplet 


A POLYOMINO-like object made by attaching squares 
joined either at sides or corners. Because neighboring 
squares can be in relation to one another as KINGS may 
move on a CHESSBOARD, polyplets are sometimes also 
called POLYKINGS. The number of n-polyplets (with 
holes allowed) are 1, 2, 5, 22, 94, 524, 3031, ... (Sloane’s 
A030222). The number of n-polyplets having bilateral 
symmetry are 1, 2, 4, 10, 22, 57, 131, ... (Sloane's 
A030234). The number of n-polyplets not having bilat- 
eral symmetry are 0, 0, 1, 12, 72, 467, 2900, ... (Sloane's 
A030235). The number of fixed n-polyplets are 1, 4, 20, 
110, 638, 3832, ... (Sloane's A030232). The number 
of one-sided n-polyplets are 1, 2, 6, 34, 166, 991, ... 
(Sloane's A030233). 


see also POLYIAMOND, POLYOMINO 
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Polytope 

A convex polytope may be defined as the CONVEX HULL 
of a finite set of points (which are always bounded), or as 
the intersection of a finite set of half-spaces. Explicitly, 
a d-dimensional polytope may be specified as the set of 
solutions to a system of linear inequalities 


mx < b, 


where m is a real s xd MATRIX and b is a real s- VECTOR. 
The positions of the vertices given by the above equa- 
tions may be found using a process called VERTEX ENU- 
MERATION. 


A regular polytope is a generalization of the PLATONIC 
SOLIDS to an arbitrary DIMENSION. The NECESSARY 
condition for the figure with SCHLAFLI SYMBOL (p, q,r} 
to be a finite polytope is 


SUFFICIENCY can be established by consideration of the 
six figures satisfying this condition. The table below 
enumerates the six regular polytopes in 4-D (Coxeter 
1969, p. 414). 


regular simplex 
hypercube 
16-cell 
24-cell 
120-cell 
600-cell 


Here, No is the number of VERTICES, Ni the number of 
EDGES, N2 the number of FACES, and N3 the number 
of cells. These quantities satisfy the identity 


{5,3,3} | 600 
{3,3,5} | 120 


No — Ni + No — N3 = 0, 


which is a version of the POLYHEDRAL FORMULA. 


For n-D with n > 5, there are only three regular poly- 
topes, the MEASURE POLYTOPE, CROSS POLYTOPE, 
and regular SIMPLEX (which are analogs of the CUBE, 
OCTAHEDRON, and TETRAHEDRON). 


see also 16-CELL, 24-CELL, 120-CELL, 600-CELL, 
CROSS POLYTOPE, EDGE (POLYTOPE), FACE, FACET, 
HYPERCUBE, INCIDENCE MATRIX, MEASURE POLY- 
TOPE, RIDGE, SIMPLEX, TESSERACT, VERTEX (POLY- 
HEDRON) 
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Poncelet’s Closure Theorem 

If an n-sided PONCELET TRANSVERSE constructed for 
two given CONIC SECTIONS is closed for one point of 
origin, it is closed for any position of the point of origin. 
Specifically, given one ELLIPSE inside another, if there 
exists one CIRCUMINSCRIBED (simultaneously inscribed 
in the outer and circumscribed on the inner) n-gon, then 
any point on the boundary of the outer ELLIPSE is the 
VERTEX of some CIRCUMINSCRIBED n-gon. 
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Poncelet’s Continuity Principle 


see PERMANENCE OF MATHEMATICAL RELATIONS 
PRINCIPLE 


Poncelet-Steiner Theorem 

All Euclidean GEOMETRIC CONSTRUCTIONS can be car- 
ried out with a STRAIGHTEDGE alone if, in addition, 
one is given the RADIUS of a single CIRCLE and its cen- 
ter. The theorem was suggested by Poncelet in 1822 
and proved by Steiner in 1833. A construction using 
STRAIGHTEDGE alone is called a STEINER CONSTRUC- 
TION. 


see also GEOMETRIC CONSTRUCTION, STEINER CON- 
' STRUCTION 
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Poncelet’s Theorem 
see PONCELET’S CLOSURE THEOREM 


Poncelet Transform 
see PONCELET TRANSVERSE 


Poncelet Transverse 

Let a CIRCLE Ci lie inside another CIRCLE Co. From 
any point on C2, draw a tangent to Cı and extend it 
to C2. From the point, draw another tangent, etc. For 


n tangents, the result is called an n-sided PONCELET 


TRANSFORM. 
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Pong Hau K’i 
A Chinese Tic-TAc-TOE-like game. 


see also TIC-TAC-TOE 
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Pons Asinorum 

An elementary theorem in geometry whose name means 
“ass’s bridge.” The theorem states that the ANGLES 
at the base of an ISOSCELES TRIANGLE (defined as a 
TRIANGLE with two legs of equal length) are equal. 


see also ISOSCELES TRIANGLE, PYTHAGOREAN THEO- 
REM 
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Pontryagin Class 

The ith Pontryagin class of a VECTOR BUNDLE is (—1)' 
times the ¿th CHERN CLASS of the complexification of 
the VECTOR BUNDLE. It is also in the 42th cohomology 
group of the base SPACE involved. 


see also CHERN CLASS, STIEFEL-WHITNEY CLASS 


Pontryagin Duality 

Let G be a locally compact ABELIAN GROUP. Let G* 
be the group of all homeomorphisms G > R/Z, in the 
compact open topology. Then G* is also a locally com- 
pact ABELIAN GROUP, where the asterisk defines a con- 
travariant equivalence of the category of locally com- 
pact Abelian groups with itself. The natural mapping 
G > (G")*, sending g to G, where G(f) = f(g), is 
an isomorphism and a HOMEOMORPHISM. Under this 
equivalence, compact groups are sent to discrete groups 
and vice versa. 


see also ABELIAN GROUP, HOMEOMORPHISM 


Pontryagin Maximum Principle 
A result is CONTROL THEORY. Define 


H(%,x,u) = (0, f(a, u)) = Y ya f° (2,0). 


a=0 


Then in order for a control u(t) and a trajectory x(t) 
to be optimal, it is NECESSARY that there exist NON- 
ZERO absolutely continuous vector function y(t) = 
(Wolt), v1 (t),...,%n(t)) corresponding to the functions 
u(t) and x(t) such that 

1. The function A(Y(t), z(t), u) attains its maximum at 


the point u = u(t) almost everywhere in the interval 
to StS tı, 


H(w(t), c(t), u(t)) = max H (Y(t), e(t), u). 
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2. At the terminal time tı, the relations Yo(t1) < 0 and 
H(w(t1), 2(t1), u(t1)) = 0 are satisfied. 


References 

lyanaga, S. and Kawada, Y. (Eds.). “Pontrjagin's Maximum 
Principle.” §88C in Encyclopedic Dictionary of Mathemat- 
ics. Cambridge, MA: MIT Press, p. 295-296, 1980. 


Pontryagin Number 

The Pontryagin number is defined in terms of the PON- 
TRYAGIN CLASS of a MANIFOLD as follows. For any 
collection of PONTRYAGIN CLASSES such that their cup 
product has the same DIMENSION as the MANIFOLD, 
this cup product can be evaluated on the MANIFOLD’s 
FUNDAMENTAL CLASS. The resulting number is called 
the Pontryagin number for that combination of Pontrya- 
gin classes. The most important aspect of Pontryagin 
numbers is that they are COBORDISM invariant. To- 
gether, Pontryagin and STIEFEL- WHITNEY NUMBERS 
determine an oriented manifold’s oriented COBORDISM 
class. 


see also CHERN NUMBER, STIEFEL- WHITNEY NUMBER 


Ponzo’s Illusion 


The upper HORIZONTAL line segment in the above figure 
appears to be longer than the lower line segment despite 
the fact that both are the same length. 


see also ILLUSION, MULLER-LYER ILLUSION, POGGEN- 
DORFF ILLUSION, VERTICAL-HORIZONTAL ILLUSION 


References 
Fineman, M. The Nature of Visual Illusion. New York: 
Dover, p. 153, 1996. 


Pop 

An action which removes a single element from the top 
of a QUEUE or STACK, turning the LIST (a1, 42, ..., Gn) 
into (az, ..., An) and yielding the element ay. 


see also PUSH, STACK 


Population Comparison 
Let zı and z2 be the number of successes in variates 
taken from two populations. Define 


w T1 

=e 1 
pa (1) 
5, — Ya 
b= 7 (2) 


The ESTIMATOR of the difference is then pı — P2. Doing 
a z- TRANSFORM, 


¿a P2) OA (3) 


Obi —Ho 


Population Growth 


where 
Oói-p2 = V Op” T Op”. (4) 
The STANDARD ERROR is 
pi(l—pi) , po(1 — po) 
SEs, —pa T na Ne (5) 
$1? 82? 
a == 4 => RES 6 
A (6) 
za es] 
pe _ (nı )s1 + (n2 )82 (7) 


see also z-TRANSFORM 


Population Growth 
The differential equation describing exponential growth 
is 
dN N 
oe 1 
dt T (1) 


This can be integrated directly 


[ aN _ [ dt (2) 
Na N ae 
N t 
Exponentiating, 
N(t) = Noe’’’. (4) 
Defining N(t = 1) = Noe” gives r = 1/a in (4), so 
N(t) = Noe®’. (5) 


The quantity a in this equation is sometimes known as 
the MALTHUSIAN PARAMETER. 


Consider a more complicated growth law 


dN at—1 
ee es N 
dt ( t ) ' (6) 
where a > 1 is a constant. This can also be integrated 
directly 
dN 1 
w= (e-7) 4 (7) 
InN =at—Int+C (8) 
Ce“ 
N(t) = —. (9) 


Note that this expression blows up at t = 0. We are 
given the INITIAL CONDITION that N(t = 1) = Noe”, 
SO C = No. 


at 


N(t) = No. (10) 


The t in the DENOMINATOR of (10) greatly suppresses 
the growth in the long run compared to the simple 
growth law. 
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Radio a cristallo e dintorni - Le Radio di Sophie - Crystal sets 


Un ottimo ricevitore FM a cristallo 


Carlo Bramanti 


Vi comunico gli ultimi risultati che ho raggiunto dopo molte intense ricerche per la miglior soluzione per la galena 
FM. La J antenna andava egregiamente, ma sopportava solo un collegamento brevissimo. Quando mi sono deciso di 
appendere verticalmente un dipolo di piattina, invece del classico posizionamento di detto, ho scoperto un mondo 
nuovo. Funziona egregiamente anche con una discesa, in piattina, di 6,5 metri. Solo in quel modo sono riuscito ad 
ascoltare costantemente e confortevolmente anche senza amplificazione. Ma non mi sono fermato li: vista la forte 
corrente che si ricava da un diodo collegato al dipolo (oltre 50 microampere) ne ho usato uno per alimentare un 
EPAD. Cio vale per PFM ed anche per il Kit che ho fatto per la SANDIT. 


http://www.leradiodisophie.it/RX-FM-dipolo-verticale.html 1/5 


Porism 
The LoGIsTIC GROWTH CURVE, defined by 


dN  r(K-N) 
SA (11) 


is another growth law which frequently arises in biology. 
It has a rather complicated solution for N (t). 


see also GOMPERTZ CURVE, LIFE EXPECTANCY, LOGIS- 
TIC GROWTH CURVE, LOTKA-VOLTERRA EQUATIONS, 
MAKEHAM CURVE, MALTHUSIAN PARAMETER, SUR- 
VIVORSHIP CURVE 


Porism 

An archaic type of mathematical proposition whose pur- 
pose is not entirely known. 

see also AXIOM, LEMMA, POSTULATE, PRINCIPLE, 
STEINER’S PORISM, ‘THEOREM 


Porter’s Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


The constant appearing in FORMULAS for the efficiency 
of the EUCLIDEAN ALGORITHM, 


6 in 2 24 1 
aera; [sin2 + 4y— 20 (2)-2| - 5 


= 1.4670780794..., 


C 


where y is the EULER-MASCHERONI CONSTANT and C(z) 

is the RIEMANN ZETA FUNCTION. 

see also EUCLIDEAN ALGORITHM 
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Porter, J. W. “On a Theorem of Heilbronn.” Mathematika 
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Pésa’s Theorem | 
Let G be a SIMPLE GRAPH with n VERTICES. 


1. If, for every k in 1 < k < (n —1)/2, the number of 
VERTICES of VALENCY not exceeding k is less than 
k, and 


2. If, for n ODD, the number of VERTICES with VA- 
LENCY not exceeding (n — 1)/2 is less than or equal 
to (n — 1)/2, 

then G contains a HAMILTONIAN CIRCUIT. 

see also HAMILTONIAN CIRCUIT 


Poset 
see PARTIALLY ORDERED SET 


Positive Definite Matrix 1415 
Poset Dimension 

The DIMENSION of a POSET P = (X, <) is the size of the 
smallest REALIZER of P. Equivalently, it is the smallest 
INTEGER d such that P is ISOMORPHIC to a DOMINANCE 
order in RÊ. 


see also DIMENSION, 
POSETS, REALIZER 


DOMINANCE, ISOMORPHIC 
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Dushnik, B. and Miller, E. W. “Partially Ordered Sets.” 
Amer. J. Math. 63, 600-610, 1941. 

Trotter, W. T. Combinatorics and Partially Ordered Sets: 
Dimension Theory. Baltimore, MD: Johns Hopkins Uni- 
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Position Four- Vector 
The CONTRAVARIANT FOUR-VECTOR arising in special 
and general relativity, 


x? ct 
y |x |_|e 
TtT = 2 == ) 

T y 

q? Z 


where c is the speed of light and t is time. Multiplication 
of two four-vectors gives the spacetime interval 


I = guvz” z” = (2°)? — (£1)? — (2?) — (23)? 


= (ct)? ~ (2)? - (2°)? — (2°)? 


see also FOUR-VECTOR, LORENTZ ‘TRANSFORMATION, 
QUATERNION 


Position Vector 
see RADIUS VECTOR 


Positive 
A quantity xz > 0, which may be written with an explicit 
PLUS SIGN for emphasis, +2. 


see also NEGATIVE, NONNEGATIVE, PLUS SIGN, ZERO 


Positive Definite Function 

A POSITIVE definite FUNCTION f on a GROUP G is a 
FUNCTION for which the MATRIX { f(ziz;~*)} is always 
POSITIVE SEMIDEFINITE HERMITIAN. 


References 
Knapp, A. W. “Group Representations and Harmonic Anal- 
ysis, Part II.” Not. Amer. Math. Soc. 43, 537-549, 1996. 


Positive Definite Matrix 
A MATRIX A is positive definite if 


(Av)-v>0 (1) 


for all VECTORS v # 0. All EIGENVALUES of a posi- 
tive definite matrix are POSITIVE (or, equivalently, the 
DETERMINANTS associated with all upper-left SUBMA- 
TRICES are POSITIVE). 
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The DETERMINANT of a positive definite matrix is Pos- 
ITIVE, but the converse is not necessarily true (i.e., a 
matrix with a POSITIVE DETERMINANT is not necessar- 
ily positive definite). 


A REAL SYMMETRIC MATRIX A is positive definite IFF 
there exists a REAL nonsingular MATRIX M such that 


A = MM’, (2) 


A 2 x 2 SYMMETRIC MATRIX 
a b 
l d (3) 


avı” + 2bvivz + cuz? > 0 (4) 


is positive definite if 


for all v = (v1, v2) Æ 0. 


A HERMITIAN MATRIX Á is positive definite if 

1. aii > 0 for all 2, 

2. QiQij > las] for i £ j, 

3. The element of largest modulus must lie on the lead- 
ing diagonal, 

4. JA} > 0. 

see also DETERMINANT, EIGENVALUE, HERMITIAN MA- 

TRIX, MATRIX, POSITIVE SEMIDEFINITE MATRIX 
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Positive Definite Quadratic Form 

A QUADRATIC FORM Q(x) is said to be positive definite 
if Q(x) > 0 for x 4 0. A REAL QUADRATIC FORM inn 
variables is positive definite IFF its canonical form is 


Q(z) = 21° + 227 +... + n. (1) 


A BINARY QUADRATIC FORM 
F(x,y) = az” + 2a192y + azy’ (2) 


of two REAL variables is positive definite if it is > 0 for 
any (1, y) Æ (0,0), therefore if ai; > 0 and the DISCRIM- 
INANT a = 411422 — 012 > 0. A BINARY QUADRATIC 
FORM is positive definite if there exist NONZERO gz and 
y such that 


(ax? + 2bxy + cy)? < jac — b”| (3) 


(Le Lionnais 1983). 


A QUADRATIC FORM (x,Ax) is positive definite IFF 
every EIGENVALUE of A is POSITIVE. A QUADRATIC 
FORM @ = (x,Ax) with A a HERMITIAN MATRIX is 


Postage Stamp Problem 


positive definite if all the principal minors in the top- 
left corner of A are POSITIVE, in other words 


ai1 > 0 (4) 
411 012 50 (5) 
a21 0a22 


411 @12 4013 
G21 23 23 | > 0. (6) 
d31 @32 033 


see also INDEFINITE QUADRATIC FORM, POSITIVE 
SEMIDEFINITE QUADRATIC FORM 
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Positive Definite Tensor 
A TENSOR g whose discriminant satisfies 


9 = 911922 — g2” >0. 


Positive Integer 
see Z* 


Positive Semidefinite Matrix 
A MATRIX Á is positive semidefinite if 


(Av) -v>0 


for all v 4 0. 
see also POSITIVE DEFINITE MATRIX 


Positive Semidefinite Quadratic Form 

A QUADRATIC FORM Q(x) is positive semidefinite if it 
is never < 0, but is 0 for some x 4 0. The QUADRATIC 
FORM, written in the form (x, Ax), is positive semidefi- 
nite IFF every EIGENVALUE of A is NONNEGATIVE. 


see also INDEFINITE QUADRATIC FORM, POSITIVE DEF- 
INITE QUADRATIC FORM 
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Postage Stamp Problem 

Consider a SET Ax = {@1,@2,...,ax} of INTEGER de- 
nomination postage stamps with 1 = a, < az <... < 
Gx. Suppose they are to be used on an envelope with 
room for no more than h stamps. The postage stamp 
problem then consists of determining the smallest INTE- 
GER N(h, Ax) which cannot be represented by a linear 
combination ee ria; with z; > 0 and Ns ni < h. 


Posterior Distribution 


Exact solutions exist for arbitrary Az for k = 2 and 3. 
The k = 2 solution is 


n(h, A2) = (h + 3 — a2)a2 — 2 
for h > az — 2. The general problem consists of finding 


n(h, k) = maxn(h, Ax). 
Ak 


It is known that 
n(h,2) = |$(h° +6h+1)|, 


(Stöhr 1955, Guy 1994), where |x| is the FLOOR FUNC- 
TION, the first few values of which are 2, 4, 7, 10, 14, 18, 
23, 28, 34, 40, ... (Sloane’s A014616). 


see also HARMONIOUS GRAPH, STAMP FOLDING 
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Posterior Distribution 
see BAYESIAN ANALYSIS 


Postnikov System 

An iterated FIBRATION of EILENBERG-MAC LANE 
SPACES. Every TOPOLOGICAL SPACE has this HOMO- 
TOPY type. 


see also EILENBERG-MAC LANE SPACE, FIBRATION, 
HOMOTOPY 


Postulate 

A statement, also known as an AXIOM, which is taken 
to be true without PROOF. Postulates are the basic 
structure from which LEMMAS and THEOREMS are de- 
rived. The whole of EUCLIDEAN GEOMETRY, for ex- 
ample, is based on five postulates known as EUCLID’S 
POSTULATES. 


see also ARCHIMEDES’ POSTULATE, AXIOM, BER- 
TRAND’S POSTULATE, CONJECTURE, EQUIDISTANCE 
POSTULATE, EUCLID’S FIFTH POSTULATE, EUCLID’S 
POSTULATES, LEMMA, PARALLEL POSTULATE, PORISM, 
PROOF, THEOREM, TRIANGLE POSTULATE 


Potato Paradox 

You buy 100 pounds of potatoes and are told that they 
are 99% water. After leaving them outside, you discover 
that they are now 98% water. The weight of the dehy- 
drated potatoes is then a surprising 50 pounds! 


References 
Paulos, J. A. A Mathematician Reads the Newspaper. New 
York: BasicBooks, p. 81, 1995. 
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Potential Function 

The term used in physics and engineering for a HAR- 
MONIC FUNCTION. Potential functions are extremely 
useful, for example, in electromagnetism, where they re- 
duce the study of a 3-component VECTOR FIELD to a 
1-component SCALAR FUNCTION. 


see also HARMONIC FUNCTION, LAPLACE’S EQUATION, 
SCALAR POTENTIAL, VECTOR POTENTIAL 


Potential Theory 
The study of HARMONIC FUNCTIONS (also called Po- 
TENTIAL FUNCTIONS). 


see also HARMONIC FUNCTION, SCALAR POTENTIAL, 
VECTOR POTENTIAL 


References 

Kellogg, O. D. Foundations of Potential Theory. New York: 
Dover, 1953. 

MacMillan, W. D. The Theory of the Potential. New York: 
Dover, 1958. 


Pothenot Problem 
see SNELLIUS-POTHENOT PROBLEM 


Poulet Number 
A FERMAT PSEUDOPRIME to base 2, denoted psp(2), 
i.e., a COMPOSITE ODD INTEGER such that 


277*=1 (mod n). 


The first few Poulet numbers are 341, 561, 645, 1105, 
1387, ... (Sloane’s A001567). Pomerance et al. (1980) 
computed all 21,853 Poulet numbers less than 25 x 10°. 


Pomerance has shown that the number of Poulet num- 
bers less than gz for sufficiently large x satisfy 


eee 


exp[(Inz)°/"*] < Po(x) < xexp (- 2InInz 


(Guy 1994). 


A Poulet number all of whose DIVISORS d satisfy d|2%-—2 
is called a SUPER-POULET NUMBER. There are an in- 
finite number of Poulet numbers which are not SUPER- 
POULET NUMBERS. Shanks (1993) calls any integer sat- 
isfying 2"~' = 1 (mod n) (i.e., not limited to ODD com- 
posite numbers) a FERMATIAN. 

see also FERMAT PSEUDOPRIME, PSEUDOPRIME, SU- 
PER-POULET NUMBER 
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Power 


The exponent to which a given quantity is raised is 
known as its POWER. The expression zx” is therefore 
known as “x to the ath POWER.” The rules for com- 
bining quantities containing powers are called the Ex- 
PONENT LAWS. 


Special names given to various powers are listed in the 
following table. 


Power Name 


1/2 square root 
1/3 cube root 
2 squared 

3 cubed 


The SUM of pth POWERS of the first n POSITIVE INTE- 
GERS is given by FAULHABER’S FORMULA, 


n p+1 

1 + 1 
DO ag Doe” bi k ) Beant, 
k=1 


k=1 


where dp is the KRONECKER DELTA, (7) is a BINOMIAL 
COEFFICIENT, and Bx is a BERNOULLI NUMBER. 


Let s, be the largest INTEGER that is not the SUM of 
distinct nth powers of POSITIVE INTEGERS (Guy 1994). 
The first few values for n = 2, 3, ... are 128, 12758, 
5134240, 67898771, ... (Sloane's A001661). 


CATALAN'S CONJECTURE states that 8 and 9 (2% and 
3%) are the only consecutive POWERS (excluding 0 and 
1), i.e., the only solution to CATALAN’S DIOPHANTINE 
PROBLEM. This CONJECTURE has not yet been proved 
or refuted, although R. Tijdeman has proved that there 
can be only a finite number of exceptions should the 
CONJECTURE not hold. It is also known that 8 and 9 are 
the only consecutive CUBIC and SQUARE NUMBERS (in 
either order). Hyyró and Makowski proved that there do 
not exist three consecutive POWERS (Ribenboim 1996). 


© Very few numbers of the form n?” + 1 are PRIME (where 
composite powers p = kb need not be considered, since 
nikb) +1 = (n*) +1). The only PRIME NUMBERS of 
the form n?” — 1 for n < 100 and PRIME 2 < p < 10 
correspond to n = 2, i.e., 22-1=3,2%-1=7, 
2°—1=31,.... The only PRIME NUMBERS of the form 


Power (Circle) 


n? + 1 for n < 100 and PRIME 2 < p < 10 correspond 
to p = 2 with n= 1, 2, 4, 6, 10, 14, 16, 20, 24, 26,... 
(Sloane’s A005574). 


There are no nontrivial solutions to the equation 
142 +...4m" =(m+1)” 


for m < 10%0,00 (Guy 1994, p. 153). 


see also APOCALYPTIC NUMBER, BIQUADRATIC NUM- 
BER, CATALANS CONJECTURE, CATALAN’S DIOPHAN- 
TINE PROBLEM, CUBE ROOT, CUBED, CUBIC NUM- 
BER, EXPONENT, EXPONENT LAWS, FAULHABER’S FOR- 
MULA, FIGURATE NUMBER, MOESSNER’S THEOREM, 
NARCISSISTIC NUMBER, POWER RULE, SQUARE NUM- 
BER, SQUARE ROOT, SQUARED, SUM, WARING’S PROB- 
LEM 
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Power Center 
see RADICAL CENTER 


Power (Circle) 


The POWER of the two points P and Q with respect to 
a CIRCLE is defined by 


p=OPx PQ. 


Let R be the RADIUS of a CIRCLE and d be the distance 
between a point P and the circle’s center. Then the 
POWER of the point P relative to the circle is 


p= d’ — R?. 


Power Curve 


If P is outside the CIRCLE, its POWER is POSITIVE and 
equal to the square of the length of the segment from P 
to the tangent to the CIRCLE through P. If P is inside 
the CIRCLE, then the POWER is NEGATIVE and equal to 
the product of the DIAMETERS through P. 


The Locus of points having POWER k with regard to a 


fixed CIRCLE of RADIUS r is a CONCENTRIC CIRCLE of 


RADIUS yr? +k. The CHORDAL THEOREM states that 
the Locus of points having equal POWER with respect 
to two given nonconcentric CIRCLES is a line called the 
RADICAL LINE (or CHORDAL; Dorrie 1965). 


see also CHORDAL THEOREM, COAXAL CIRCLES, IN- 
VERSE POINTS, INVERSION CIRCLE, INVERSION RA- 
DIUS, INVERSIVE DISTANCE, RADICAL LINE 
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Power Curve 
The curve with TRILINEAR COORDINATES a! : b : œ for 
a given POWER t. 


see also POWER 
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Power Line 
see RADICAL AXIS 


Power Point 

TRIANGLE centers with TRIANGLE CENTER FUNCTIONS 
of the form a = a” are called nth POWER points. The 
Oth power point is the INCENTER, with TRIANGLE CEN- 
TER FUNCTION a = 1. 


see also INCENTER, TRIANGLE CENTER FUNCTION 
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Power Rule 
The DERIVATIVE of the POWER zx” is given by 


d n—1 


—(2) =nz 


see also CHAIN RULE, DERIVATIVE, EXPONENT LAWS, 
PRODUCT RULE 
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Power Series 
A power series in a variable z is an infinite SUM of the 


form 
oo 


` aiz’, (1) 


TL 


where n > 0 and a; are INTEGERS, REAL NUMBERS, 
COMPLEX NUMBERS, or any other quantities of a given 


type. 


A CONJECTURE of Pólya is that if a FUNCTION has a 
POWER series with INTEGER COEFFICIENTS and RA- 
DIUS OF CONVERGENCE 1, then either the FUNCTION is 
RATIONAL or the UNIT CIRCLE is a natural boundary. 


A generalized POWER sum a(h) for h = 0, 1,... 
by 


is given 


m 
a(h) = Y As(h)ax”, (2) 

¿=1 
with distinct NONZERO ROOTS a;, COEFFICIENTS A; (h) 
which are POLYNOMIALS of degree n; — 1 for POSITIVE 
INTEGERS n;, and i € |1, m]. The generalized POWER 


sum has order A 
n= a Ti. (3) 


For any power series, one of the following is true: 
1. The series converges only for x = 0. 
2. The series converges absolutely for all z. 


3. The series converges absolutely for all x in some finite 
open interval (—R, R) and diverges if z < —R or 
x > R. At the points xz = R and « = —R, the series 
may converge absolutely, converge conditionally, or 
diverge. 


To determine the interval of convergence, apply the RA- 
TIO TEST for ABSOLUTE CONVERGENCE and solve for 
xz. A POWER series may be differentiated or integrated 
within the interval of convergence. Convergent power 
series may be multiplied and divided (if there is no di- 


vision by zero). 
Sr (4) 
k=1 


CONVERGES if p > 1 and DIVERGES if 0 < p< 1. 
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see also BINOMIAL SERIES, CONVERGENCE TESTS, 
LAURENT SERIES, MACLAURIN SERIES, MULTINO- 
MIAL SERIES, p-SERIES, POLYNOMIAL, POWER SET, 
QUOTIENT-DIFFERENCE ALGORITHM, RECURRENCE 
SEQUENCE, SERIES, SERIES REVERSION, TAYLOR SE- 
RIES 
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Power Set 

Given a SET S, the POWER SET of S is the SET of all 
SUBSETS of S. The order of a POWER set of a SET 
of order n is 2”. Power sets are larger than the SETS 
associated with them. 


see also SET, SUBSET 


Power Spectrum 

For a given signal, the power spectrum gives a plot of the 
portion of a signal’s power (energy per unit time) falling 
within given frequency bins. The most common way 
of generating a power spectrum is by using a FOURIER 
TRANSFORM, but other techniques such as the MAXI- 
MUM ENTROPY METHOD can also be used. 
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Power (Statistics) 
The probability of getting a positive result for a given 
test which should produce a positive result. 


see also PREDICTIVE VALUE, SENSITIVITY, SPECI- 
FICITY, STATISTICAL TEST 


Power Tower 


k= a? 
a tt a 
k 


where t is Knuth's (1976) ARROW NOTATION. 


atin=at""" [a 1" (n — 1). 


The infinite power tower x ff oo = qa converges IFF 
et <a <e? (0.0659 < a < 1.4446). 


Powerful Number 


see also ACKERMANN FUNCTION, FERMAT NUMBER, 
MILLS’ CONSTANT 
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Power (Triangle) 
The total POWER of a TRIANGLE is defined by 


P = 3(a1 +a + as’), (1) 


where a; are the side lengths, and the “partial power” 
is defined by 


pı = L(a” + as” = a1*). (2) 


Then 
Pı = 4243 cos ay 


( 

P = pi + p2 + p3 ( 
p? + pi" + po + p3* = ax" +F a2" F as” (5) 

( 

( 


Ae REN 6) 

Pl = A; Hp - Aj Az 7) 

soem = 4142403 =4AR 8) 

pı tana, = pz tan 2 = p3 tanas, (9) 


where A is the AREA of the TRIANGLE and H; are the 
FEET of the ALTITUDES. Finally, if a side of the TRIAN- 
GLE and the value of any partial power are given, then 
the Locus of the third VERTEX is a CIRCLE or straight 
line. 


see also ALTITUDE, FOOT, TRIANGLE 
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Powerfree 


see BIQUADRATEFREE, CUBEFREE, PRIME NUMBER, 
SQUAREFREE 


Powerful Number 

An INTEGER m such that if pim, then p*|m, is called a 
powerful number. The first few are 1, 4, 8, 9, 16, 25, 27, 
32, 36, 49, ... (Sloane’s A001694). Powerful numbers 


are always of the form a76° for a,b > 1. 


Not every NATURAL NUMBER is the sum of two powerful 
numbers, but Heath-Brown (1988) has shown that every 
sufficiently large NATURAL NUMBER is the sum of at 
most three powerful numbers. There are infinitely many 
pairs of consecutive powerful numbers, but Erdós has 


Practical Number 


conjectured that there do not exist three consecutive 
powerful numbers. The CONJECTURE that there are no 
powerful number triples implies that there are infinitely 
many Wieferich primes (Granville 1986, Vardi 1991). 


A separate usage of the term powerful number is for 
numbers which are the sums of the positive powers of 
their digits. The first few are 1, 2, 3, 4, 5, 6,.7, 8, 9, 24, 
43, 63, 89,... (Sloane's A007532). 


References 

Granville, A. “Powerful Numbers and Fermat's Last Theo- 
rem.” C. R. Math. Rep. Acad. Sci. Canada 8, 215-218, 
1986. 

Guy, R. K. “Powerful Numbers.” §B16 in Unsolved Problems 
in Number Theory, 2nd ed. New York: Springer-Verlag, 
pp. 67-73, 1994. 

Heath-Brown, D. R. “Ternary Quadratic Forms and Sums of 
Three Square-Full Numbers.” In Séminaire de Theorie des 
Nombres, Paris 1986-87 (Ed. C. Goldstein). Boston, MA: 
Birkháuser, pp. 137-163, 1988. 

Ribenboim, P. “Catalan's Conjecture.” 
Monthly 103, 529-538, 1996. 

Sloane, N. J. A. Sequences A001694/M3325 and A007532/ 
M0487 in “An On-Line Version of the Encyclopedia of In- 
teger Sequences.” 

Vardi, I. Computational Recreations in Mathematica. Read- 
ing, MA: Addison-Wesley, pp. 59-62, 1991. 


Amer. Math. 


Practical Number 
A number n is practical if for all k < n, k is the sum 


of distinct proper divisors of n. Defined in 1948 by 
A. K. Srinivasen. All even PERFECT NUMBERS are prac-. 


tical. The number 


mo 20 (OF — 1) 


is practical for all n = 2, 3,.... The first few practical ' 
numbers are 1, 2, 4, 6, 8, 12, 16, 18, 20, 24, 28, 30, 32, 


36, 40, 42, 48, 54, 56, ... (Sloane's A005153). G. Melfi 
has computed twins, triplets, and 5-tuples of practical 
numbers. The first few 5-tuples are 12, 18, 30, 198, 306, 
462, 1482, 2550, 4422, .... 
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Pratt Certificate 

A primality certificate based on FERMAT’S LITTLE THE- 
OREM CONVERSE. Although the general idea had been 
well-established for some time, Pratt became the first to 
prove that the certificate tree was of polynomial size and 
could also be verified in polynomial time. He was also 
the first to observe that the tree implies that PRIMES 
are in the complexity class NP. 


To generate a Pratt certificate, assume that n is a POs- 
ITIVE INTEGER and {p;} is the set of PRIME FACTORS 
of n — 1. Suppose there exists an INTEGER z (called a 
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“WITNESS”) such that z”! = 1 (mod n) but 2° Æ 1 
(mod n) whenever e is one of (n — 1)/p;. Then FER- 
MAT’S LITTLE THEOREM CONVERSE states that n is 
PRIME (Wagon 1991, pp. 278-279). 


By applying FERMAT’S LITTLE THEOREM CONVERSE 
to n and recursively to each purported factor of n—1, a 
certificate for a given PRIME NUMBER can be generated. 
Stated another way, the Pratt certificate gives a proof 
that a number a is a PRIMITIVE ROOT of the multiplica- 
tive GROUP (mod p) which, along with the fact that a 
has order p — 1, proves that p is a PRIME. 


1919 7 
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The figure above gives a certificate for the primality of 
n = 7919. The numbers to the right of the dashes are 
WITNESSES to the numbers to left. The set {p:} for 
n — 1 = 7918 is given by {2,37,107}. Since 779% = 
1 (mod 7919) but 77918/2 77918/37 7918/107 % 1 (mod 
7919), 7 is a WITNESS for 7919. The PRIME divisors of 
7918 = 7919 — 1 are 2, 37, and 107. 2 is a so-called 
“self- WITNESS” (i.e., it is recognized as a PRIME with- 
out.further:ado), and the remainder of the witnesses are 
shown as a nested tree. Together, they certify that 7919 
is indeed PRIME. Because it requires the FACTORIZA- 
TION of n + 1, the METHOD of Pratt certificates is best 
applied to small numbers (or those numbers n known to 
have easily. factorable n — 1). 


A "Pratt certificate is quicker to generate for small 
numbérs than are other types of primality certificates. 
The Mathematica (Wolfram Research, Champaign, IL) 
task ProvablePrime[n] therefore generates an ATKIN- 
GOLDWASSER-KILIAN-MORAIN CERTIFICATE only for 
numbers above a certain limit (10*% by default), and 
a Pratt certificate for smaller numbers. 


see also ATKIN-GOLDWASSER-KILIAN-MORAIN CER- 
TIFICATE, FERMAT’S LITTLE THEOREM CONVERSE, 
PRIMALITY CERTIFICATE, WITNESS 
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Pratt-Kasapi Theorem 
see HOEHN’S THEOREM 
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Precedes 
The relationship x precedes y is written x < y. The 
relation x precedes or is equal to y is written x < y. 


see also SUCCEEDS 


Precession 
see CURVE OF CONSTANT PRECESSION 


Precisely Unless 

If A is true precisely unless B, then B implies not-A and 
not-B implies A. J. H. Conway has suggested the term 
“UNLESSS” for this state of affairs, by analogy with IFF. 


see also IFF, UNLESS 


Predicate 
A function whose value is either TRUE or FALSE. 


see also AND, FALSE, OR, PREDICATE CALCULUS, 
TRUE, XOR 


Predicate Calculus 

The branch of formal Locic dealing with representing 
the logical connections between statements as well as 
the statements themselves. 


see also GODEL’S INCOMPLETENESS THEOREM, LOGIC, 
PREDICATE 


Predictability 
Predictability at a time 7 in the future is defined by 


R(x(t), c(t +7)) 
H(x(t))  ” 


and linear predictability by 


? 


L(x(t), e(t+7)) 
H (2 (t)) 


where R and L are the REDUNDANCY and LINEAR RE- 
DUNDANCY, and H is the ENTROPY. 


Prediction Paradox 
see UNEXPECTED HANGING PARADOX 


Predictive Value 

The POSITIVE predictive value is the probability that a 
test gives a true result for a true statistic. The negative 
predictive value is the probability that a test gives a 
false result for a false statistic. 


see also POWER (STATISTICS), SENSITIVITY, SPECI- 
FICITY, STATISTICAL TEST 


Primality Certificate 


Predictor-Corrector Methods 

A general method of integrating ORDINARY DIFFEREN- 
TIAL EQUATIONS. It proceeds by extrapolating a poly- 
nomial fit to the derivative from the previous points to 
the new point (the predictor step), then using this to 
interpolate the derivative (the corrector step). Press 
et al. (1992) opine that predictor-corrector methods 
have been largely supplanted by the BULIRSCH-STOER 
and RUNGE-KUTTA METHODS, but predictor-corrector 
schemes are still in common use. 


see also ADAMS’ METHOD, GILL’S METHOD, MILNE’S 
METHOD, RUNGE-KUTTA METHOD 
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Pretzel Curve 
see KNOT CURVE 


Pretzel Knot 


A KNOT obtained from a TANGLE which can be repre- 
sented by a FINITE sequence of INTEGERS. 


see also TANGLE 
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Primality Certificate 

A short set of data that proves the primality of a num- 
ber. A certificate can, in general, be checked much 
more quickly than the time required to generate the 
certificate. Varieties of primality certificates include 
the PRATT CERTIFICATE and ATKIN-GOLDWASSER- 
KILIAN-MORAIN CERTIFICATE. 


see also ATKIN-GOLDWASSER-KILIAN-MORAIN CER- 
TIFICATE, COMPOSITENESS CERTIFICATE, PRATT CER- 
TIFICATE 


References 
Wagon, S. “Prime Certificates.” §8.7 in Mathematica in Ac- 
tion. New York: W. H. Freeman, pp. 277-285, 1991. 


Primality Test 


Primality Test 

A test to determine whether or not a given number is 
PRIME. The RABIN-MILLER STRONG PSEUDOPRIME 
TEST is a particularly efficient ALGORITHM used by 
Mathematica® version 2.2 (Wolfram Research, Cham- 
paign, IL). Like many such algorithms, it is a proba- 
bilistic test using PSEUDOPRIMES, and can potentially 
(although with very small probability) falsely identify 
a COMPOSITE NUMBER as PRIME (although not vice 
versa). Unlike PRIME FACTORIZATION, primality test- 
ing is believed to be a P-PROBLEM (Wagon 1991). In 
order to guarantee primality, an almost certainly slower 
algorithm capable of generating a PRIMALITY CERTIFI- 
CATE must be used. 


see also ADLEMAN-POMERANCE-RUMELY PRIMALITY 
TEST, FERMAT’S LITTLE THEOREM CONVERSE, FER- 
MAT’S PRIMALITY TEST, FERMAT’S THEOREM, LUCAS- 
LEHMER TEST, MILLER’S PRIMALITY TEST, PEPIN’S 
TEST, POCKLINGTON’S THEOREM, PROTH’S ‘THEOREM, 
PSEUDOPRIME, RABIN-MILLER STRONG PSEUDOPRIME 
TEST, WARD’S PRIMALITY TEST, WILSON’S THEOREM 


References 

Beauchemin, P.; Brassard, G.; Crépeau, C.; Goutier, C.; and 
Pomerance, C. “The Generation of Random Numbers that 
are Probably Prime.” J. Crypt. 1, 53-64, 1988. 

Brillhart, J.; Lehmer, D. H.; Selfridge, J.; Wagstaff, S. 5. Jr.; 
and Tuckerman, B. Factorizations of b” +1, b = 2, 
3,5,6,7,10,11,12 Up to High Powers, rev. ed. Providence, 
RI: Amer. Math. Soc., pp. lviii-lxv, 1988. 

Cohen, H. and Lenstra, A. K. “Primality Testing and Jacobi 
Sums.” Math. Comput. 42, 297-330, 1984. 

Knuth, D. E. The Art of Computer Programming, Vol. 2: 
Seminumerical Algorithms, nd ed. Reading, MA: 
Addison-Wesley, 1981. 

Riesel, H. Prime Numbers and Computer Methods for Fac- 
torization, 2nd ed. Boston, MA: Birkhauser, 1994. 

Wagon, S. Mathematica in Action. New York: W. H. Free- 
man, pp. 15-17, 1991. 


Primary 
Each factor p;%™ in an INTEGER’s PRIME DECOMPOSI- 
TION is called a primary. 


Primary Representation 

Let r be a unitary REPRESENTATION of a GROUP G on 
a separable HILBERT SPACE, and let R(7) be the small- 
est weakly closed algebra of bounded linear operators 
containing all r(g) for g € G. Then 7 is primary if the 
center of R(7) consists of only scalar operations. 
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Prime 

A symbol used to distinguish one quantity x’ (“zx 
prime”) from another related x. Primes are most com- 
monly used to denote transformed coordinates, conju- 
gate points, and DERIVATIVES. 


see also PRIME ALGEBRAIC NUMBER, PRIME NUMBER 
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Prime Algebraic Number 

An irreducible ALGEBRAIC INTEGER which has the 
property that, if it divides the product of two algebraic 
INTEGERS, then it DIVIDES at least one of the factors. 
1 and —1 are the only INTEGERS which DIVIDE every 
INTEGER. They are therefore called the PRIME UNITS. 


see also ALGEBRAIC INTEGER, PRIME UNIT 


Prime Arithmetic Progression 
Let the number of PRIMES of the form mk +n less than 
x be denoted tmjn(xz). Then 


im Ta p(z) = EA 
=>% Life) pa)” 


where Li(x) is the LOGARITHMIC INTEGRAL and p(x) is 
the TOTIENT FUNCTION. 


Let P be an increasing arithmetic progression of n 
PRIMES with minimal difference d > 0. If a PRIME 
p < n does not divide d, then the elements of P must 
assume all residues modulo p, specifically, some element 
of P must be divisible by p. Whereas P contains only 
primes, this element must be equal to p. 


If d < n# (where n# is the PRIMORIAL of n), then some 
prime p < n does not divide d, and that prime pis in P. 
Thus, in order to determine if P has d < n#, we need 
only check a finite number of possible P (those with d < 
n# and containing prime p < n) to see if they contain 
only primes. If not, then d > n#. If d = n#, then 
the elements of P cannot be made to cover all residues 
of any prime p. The PRIME PATTERNS CONJECTURE 
then asserts that there are infinitely many arithmetic 
progressions of primes with difference d. 


A computation shows that the smallest possible common 
difference for a set of n or more PRIMES in arithmetic 
progression for n = 1, 2, 3,... is 0, 1, 2, 6, 6, 30, 150, 
210, 210, 210, 2310, 2310, 30030, 510510, ... (Sloane’s 
A033188, Ribenboim 1989, Dubner and Nelson 1997, 
Wilson). The values up to n = 13 are rigorous, while the 
remainder are lower bounds which assume the validity 
of the PRIME PATTERNS CONJECTURE and are simply 
given by pn_7#, where p; is the ith PRIME. The smallest 
first terms of arithmetic progressions of n primes with 
minimal differences are 2, 2, 3, 5, 5, 7, 7, 199, 199, 
199, 60858179, 147692845283, 14933623, ... (Sloane's 
A033189; Wilson). 


Smaller first terms are possible for nonminimal n-term 
progressions. Examples include the 8-term progression 
11 + 1210230k for k = 0, 1, ..., 7, the 12-term pro- 
gression 23143 + 30030k for k = 0, 1, ..., 11 (Golubev 
1969, Guy 1994), and the 13-term arithmetic progres- 
sion 766439 + 510510k for k = 0, 1, ..., 12 (Guy 1994). 


The largest known set of primes in ARITHMETIC SE- 
QUENCE is 22, 


11,410,337,850,553 + 4, 609, 098, 694, 200k 
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fork =0,1,..., 21 (Pritchard et al. 1995, UTS School 
of Mathematical Sciences). 


The largest known sequence of consecutive PRIMES in 
ARITHMETIC PROGRESSION (i.e., all the numbers be- 
tween the first and last term in the progression, except 
for the members themselves, are composite) is ten, given 


by 


100, 996, 972, 469, 714, 247, 637, 786, 655, 587, 969, 
840, 329, 509, 324, 689, 190, 041, 803, 603, 417, 758, 
904, 341, 703, 348, 882, 159, 067, 229,719 + 210k 


for k = 0,1, ..., 9, discovered by Harvey Dubner, Tony 
Forbes, Manfred Toplic, et al. on March 2, 1998. This 
beats the record of nine set on January 15, 1998 by the 
same investigators, 


99,679, 432, 066, 701, 086, 484, 490, 653, 695, 853, 
561, 638, 982, 364, 080, 991, 618, 395, 774, 048, 585, 
529, 071,475, 461, 114, 799, 677, 694, 651 + 210k 


for k = 0, 1, ..., 8 (two sequences of nine are now 
known), the progression of eight consecutive primes 
given by 


43, 804, 034, 644, 029, 893, 325, 717, 710, 709, 965, 
599, 930, 101, 479, 007, 432, 825, 862, 362, 446, 333, 
961, 919, 524, 977, 985, 103, 251, 510, 661 + 210k 


for k = 0,1, ..., 7, discovered by Harvey Dubner, Tony 
Forbes, et al. on November 7, 1997 (several are now 
known), and the progression of seven given by 


1,089,533, 431, 247, 059, 310, 875, 780, 378, 922, 957, 732, 
908, 036, 492, 993, 138, 195, 385, 213, 105, 561, 742, 150, 
447, 308, 967, 213, 141, 717, 486, 151 + 210k, 


for k = 0, 1, ..., 6, discovered by H. Dubner and 
H. K. Nelson on Aug. 29, 1995 (Peterson 1995, Dubner 
and Nelson 1997). The smallest sequence of six consec- 
utive PRIMES in arithmetic progression is 


121,174, 811+ 30k 


for k = 0,1,..., 5 (Lander and Parkin 1967, Dubner and 
Nelson 1997). According to Dubner et al., a trillion-fold 
increase in computer speed is needed before the search 
for a sequence of 11 consecutive primes is practical, so 
they expect the ten-primes record to stand for a long 
time to come. 


It is conjectured that there are arbitrarily long sequences 
of PRIMES in ARITHMETIC PROGRESSION (Guy 1994). 


see also ARITHMETIC PROGRESSION, CUNNINGHAM 
CHAIN, DIRICHLET’S THEOREM, LINNIK’S THEOREM, 


Prime Array 


PRIME CONSTELLATION, PRIME-GENERATING POLY- 
NOMIAL, PRIME NUMBER THEOREM, PRIME PATTERNS 
CONJECTURE, PRIME QUADRUPLET 
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Prime Array 

Find the m x n ARRAY of single digits which contains 
the maximum possible number of PRIMES, where allow- 
able PRIMES may lie along any horizontal, vertical, or 
diagonal line. For m = n = 2, 11 PRIMES are maximal 
and are contained in the two distinct arrays 


ao= 4 3].[7 5). 


5/18/2018 Ricevitore FM con dipolo verticale - Carlo Bramanti 


10 mega 
5 ai 
o- | al aara hia 
əN3725 | 
CE 
In sostituzione dell'EPAD: fa ml variaba 


fortissimo ma occorre una pila 


ERRTFTT 
aka peice 


10 mega 
one il 


| 
In sostituzione dell'EPAD, 
ma richiede almeno 1 Y 
di alimentazione rubata 


piattina da 300 ohm 
cortocircuitata 

sopra e sotto 

(144 cm per 100 MHz) 2 spire 
appesa verticalmente | 


=D 
p 


18 pf == 


AA143 


| 82 pf T 
| diodo a 
2-15 pf 3.5 apie 


GALENA PER FM AD ALIMENTAZIONE RUBATA 
L'EPAD si puó trovare presso la MOUSER USA, 
Monaco, Milano 


la piattina € lunga 0,96 lambda ovvero 144 cm per 100 MHz 


http://www.leradiodisophie.it/RX-FM-dipolo-verticale.html 


A4LD110800vista dal sotto 


NOTA 
con un buon segnale 
funziona senza amplificatore 


Tenendo 

staccata la cuffia, 
col condensatore 
da 0,1 F si raddop 
pia la Y di aliment. 


anche 
a distanza 


tenendo staccata 
la cuffia 


0,1 Ta -482 of A 


La calata puo essere 
di piattina oppure il 
diodo subito al dipolo 
e poi due normali 
conduttori 


2/5 


Prime Array 


giving the PRIMES (3, 7, 13, 17, 31, 37, 41, 43, 47, 71, 73) 
and (3, 7, 13, 17, 19, 31, 37, 71, 73, 79, 97), respectively. 
For the 3 x 2 array, 18 PRIMES are maximal and are 
contained in the arrays 


1 1 3 1 7 2 1 7 2 
aaefa zahle s apli so] 
1 7 5 1 7 9 1 7 9 
4 3 9|°|3 2 5|*/|4 3 2? 
1 7 9 3 1 6 3 7 6 
4 3 4|°|4 7 9|*|4 1 9| 


The best 3 x 3, 4x4, and 5 x 5 prime arrays known were 
found by C. Rivera and J. Ayala in 1998. They are 


1 1 3 
A(3,3)= |7 5 41, 
9 3 7 
which contains 30 PRIMES, 


1 1 3 9 
6 4 5 1 
A(4,4)=)7 3 9 71> 
3 92 9 
which contains 63 PRIMES, and 
119 3 8 
9 9 5 6 3 
A(5,5)= |8 9 4 1 7], 
Se “Oe i > | 
3 29 3 9 
which contains 116 PRIMES. $. C. Root found the a 6 x6 
array containing 187 primes: 
3 17 3 3 3 
9 9 5 6 3 9 
1 18 1 4 2 
ANO 0) = 13 63 7 8 
3 49 19 9 
3 7 9 3 7 09 
In 1998, M. Oswald found five new 6 x 6 arrays with 187 
primes: 
13 9 19 9 13 9 199 
3 17 2 3 4 9 17 2 3 4 
9 9 47 9 3 69 4 7 9 8 
9 15 7 1 3?’ TL &. TIAS 
9 8 3 6 1 7 9 8 3 6 1 7 
9 17 3 3 3 9 17 3 3 3 
3 17 3 3 3 Oia OF Be Be 
9 9 5 6 3 9 9 9 5 6 3 9 
118 1 4 2 l1 1 8&8 1 4 2 
di 3 6 3 T 37 1 3 6 3 7 3’ 
3 49 1 9 9 3 4 9 1 9 9 
3 79 9 3 9 9 79 3 7 9 
3 1 7 3 3 3 
9 9 5 6 3 Q 
1 1 8 1 4 5 
1 3 63 7 3 
3 4 9 199 
9 9 9 2 3 3 
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Rivera and Ayala conjecture that the 30-prime solution 
for A(3,3) is maximal and unique. The following in- 
tervals have been completely searched without finding 
another 30-prime or better 3 x 3 array: [1, 67 x 10°], 
[100 x 10°, 133 x 10%], [200 x 10%, 228 x 10°], [300 x 10°, 
325 x 10°], and [400 x 10°, 418 x 10%]. 


Heuristic arguments by Rivera and Ayala suggest that 
the maximum possible number of primes in 4 x 4, 5 x 
5, and 6 x 6 arrays are 58-63, 112-121, and 205-218, 
respectively. 


see also ARRAY, PRIME ARITHMETIC PROGRESSION, 
PRIME CONSTELLATION, PRIME STRING 
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Prime Circle 

A prime circle of order 2m is a CIRCULAR PERMUTA- 
TION of the numbers from 1 to 2m with adjacent PAIRS 
summing to a PRIME. The number of prime circles for 
m = 1, 2,..., are 1, 1, 1, 2, AS) ss 
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Prime Cluster 
see PRIME CONSTELLATION 


Prime Constellation 

A prime constellation, also called a PRIME k-TUPLE or 
PRIME k-TUPLET, is a sequence of k consecutive num- 
bers such that the difference between the first and last 
is, in some sense, the least possible. More precisely, 
a prime k-tuplet is a sequence of consecutive PRIMES 
(pi, P2, ..., Pr) With px — pı = s(k), where s(k) is 
the smallest number s for which there exist k integers 
bi < bo <... < bx, bx — bı = s and, for every PRIME q, 
not all the residues modulo q are represented by bı, b2, 
..., by (Forbes). For each k, this definition excludes a 
finite number of clusters at the beginning of the prime 
number sequence. For example, (97, 101, 103, 107, 109) 
satisfies the conditions of the definition of a prime 5- 
tuplet, but (3, 5, 7, 11, 13) does not because all three 
residues modulo 3 are represented (Forbes). 


A prime double with s(2) = 2 is of the form (p, p + 2) 
and is called a pair of TWIN PRIMES. Prime doubles of 
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the form (p, p + 6) are called SEXY PRIMES. A prime 
triplet has s(3) = 6. However, the constellation (p, p+2, 
p+ 4) cannot exist, since both p+ 2 and p+ 4 cannot 
be PRIME. However, there are several types of prime 
triplets which can exist: (p, p+ 2, p+ 6), (p, p+ 4, 
p+ 6), (p, p+ 6, p +12). A PRIME QUADRUPLET is 
a constellation of four successive PRIMES with minimal 
distance s(4) = 8, and is of the form (p, p+ 2, p+ 6, 
p+ 8). The sequence s(n) therefore begins 2, 6, 8, and 
continues 12, 16, 20, 26, 30, ... (Sloane’s A008407). 
Another quadruplet constellation is (p, p + 6, p + 12, 
p + 18). 


The first FIRST HARDY-LITTLEWOOD CONJECTURE 
states that the number of constellations < x are asymp- 
totically given by 


” de 
Pol (p, p +2) y (In x’)? 


I 


~ 1.320323632 | Y 
, Unz')? 


plp ” dr 
cite GD, mer 


7 dr 
= 1.320323632 —— 2 
ve | (In x’)? (2) 


P, (p, p Ea 6) ~ 4 II a J Tea 


= 2640647264 | —2=_— 
A oe 


>T] 
zll reel a ae 


i 


— 2858248596 Tie 
o (nz)? 


dd 1 y a i ae 


Pz(p,p + 2,p + 6) ~ 


= 2.858248596 f is (5) 


p*(p — 4) dz’ 
Po(p,p + 2,7 + 6,p +8) y taey 
2 


i 


= 4.151180864 | qn 
2 (l 


nz')* 
3 T ! 
p’ (p — 4) de 
G), Gey 
* dæ 
= 8.302361728 —, 
/ (In x’)4 (7) 


These numbers are sometimes called the HARDY- 
LITTLEWOOD CONSTANTS. (1) is sometimes called the 
extended TWIN PRIME CONJECTURE, and 


Co,p+2 = 2112, (8) 


Hardy-Littlewood 


Prime Constellation 


where Il is the TWIN PRIMES CONSTANT. Riesel (1994) 
remarks that the HARDY-LITTLEWOOD CONSTANTS can 
be computed to arbitrary accuracy without needing the 
infinite sequence of primes. 


The integrals above have the analytic forms 


J y = Li(x) + = =a (9) 
ca: ann ee {1 + Ina) 1 1 
J (Inery3 2 ae (In x)? = In 2 úl (In 2)? 
(10) 
” d 1f.. 2[2 + In 2 + (In 2)*] 
/ a uo Be 
_n[2+ eae | | (41) 


where Li(x) is the LOGARITHMIC INTEGRAL. 


The following table gives the number of prime constel- 
lations < 10°, and the second table gives the values pre- 
dicted by the Hardy-Littlewood formulas. 


(p,p + 2) 1224 58980 440312 
(p,p +4) 1216 8144 58622 440258 
(p,p + 6) 2447 16386 117207 879908 
(p,p + 2,p+ 6) 259 1393 8543 55600 
(p,p+4,p+6) 248 1444 8677 55556 


38 166 899 4768 
79 9330 


(p, p+2,p+6,p+8) 
(p,p + 6,p+ 12,p +18) 


(p,p + 2) 1249 8248 58754 440368 
(p,p+4) 1249 8248 58754 440368 
(p,p + 8) 2497 16496 117508 880736 
(p,p+2,p+6) 279 1446 8591 55491 
(p,p+4,p+6) 279 1446 8591 55491 
(p,p+2,p+6,p+8) 53 184 863 4735 
(p, p+6,p+12,p+ 18) 


Consider prime constellations in which each term is of 
the form n* +1. Hardy and Littlewood showed that the 
number of prime constellations of this form < x is given 
by 


P(e) ~ CVE (Ine), (12) 
where 
B 7 (er 7 
c= || f x = 1.3727... (13) 
p>2 a 
p prime 


(Le Lionnais 1983). 


Forbes gives a list of the “top ten” prime k-tuples for 
2<k < 17. The largest known 14-constellations are 
(11319107721272355839 + 0, 2, 8, 14, 18, 20, 24, 30, 
32, 38, 42, 44, 48, 50), (10756418345074847279 + 0, 
2, 8, 14, 18, 20, 24, 30, 32, 38, 42, 44, 48, 50), 
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(6808488664768715759 + 0, 2, 8, 14, 18, 20, 24, 30, 
32, 38, 42, 44, 48, 50), (6120794469172998449 + 0, 
2, 8, 14, 18, 20, 24, 30, 32, 38, 42, 44, 48, 50), 
(5009128141636113611 + 0, 2, 6, 8, 12, 18, 20, 26, 30, 
32, 36, 42, 48, 50). 


The largest known prime  15-constellations are 
(84244343639633356306067 + 0, 2, 6, 12, 14, 20, 24, 26, 
30, 36, 42, 44, 50, 54, 56), (8985208997951457604337-+-0, 
2, 6, 12, 14, 20, 26, 30, 32, 36, 42, 44, 50, 54, 56), 
(3594585413466972694697 + 0, 2, 6, 12, 14, 20, 26, 30, 
32, 36, 42, 44, 50, 54, 56), (3514383375461541232577-+0, 
2, 6, 12, 14, 20, 26, 30, 32, 36, 42, 44, 50, 54, 56), 
(3493864509985912609487 + 0, 2, 6, 12, 14, 20, 24, 26, 
30, 36, 42, 44, 50, 54, 56). 


The largest known prime 16-constellations are 
(32591256905574403366374-0, 2, 6, 12, 14, 20, 26, 30, 32, 
36, 42, 44, 50, 54, 56, 60), (1522014304823128379267+0, 
2, 6, 12, 14, 20, 26, 30, 32, 36, 42, 44, 50, 54, 56, 60), 
(47710850533373130107 +0, 2, 6, 12, 14, 20, 26, 30, 32, 
36, 42, 44, 50, 54, 56, 60), (13, 17, 19, 23, 29, 31, 37, 41, 
43, 47, 53, 59, 61, 67, 71, 73). 


The largest known prime  17-constellations are 
(3259125690557440336631 + 0, 6, 8, 12, 18, 20, 26, 32, 
36, 38, 42, 48, 50, 56, 60, 62, 66), (17, 19, 23, 29, 31, 37, 
41, 43, 47, 53, 59, 61, 67, 71, 73, 79, 83) (13, 17, 19, 23, 
29, 31, 37, 41, 43, 47, 53, 59, 61, 67, 71, 73, 79). 


see also COMPOSITE RUNS, PRIME ARITHMETIC PRO- 
GRESSION, k-TUPLE CONJECTURE, PRIME k-TUPLES 
CONJECTURE, PRIME QUADRUPLET, SEXY PRIMES, 
TWIN PRIMES 
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Prime Counting Function 


o 50 100 150 200 
The function r(n) giving the number of PRIMES less 
than n (Shanks 1993, p. 15). The first few values are 0, 1, 
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2,2,3,3,4,4,4,4,5,5,6,6,6,... (Sloane's A000720). 
The following table gives the values of m(n) for powers 
of 10 (Sloane's A006880; Hardy and Wright 1979, p. 4; 
Shanks 1993, pp. 242-243; Ribenboim 1996, p. 237). 
Deleglise and Rivat (1996) have computed (10%). 


(10%) = 168 
(10%) = 1,229 
x(10°) = 9,592 


(10%) = 78, 498 

(10) = 664,579 

(10%) = 5,761, 455 

(10%) = 50, 847, 534 

m(10°°) = 455, 052, 511 
n(10°) = 4,118, 054, 813 
x(10°*) = 37, 607, 912, 018 
(10%?) = 346, 065, 536, 839 
(10%) = 3, 204, 941, 750, 802 
m(10°°) = 29, 844, 570, 422, 669 
x(10°°) = 279, 238, 341, 033, 925 
(107) = 2, 623, 557, 157, 654, 233 
(101%) = 24, 739, 954, 287, 740, 860 
(101%) = 234, 057, 667, 276, 344, 607, 


m(10°) is incorrectly given as 50,847,478 in Hardy and 
Wright (1979). The prime counting function can be 


expressed by LEGENDRE’S FORMULA, LEHMER’S FOR- 
MULA, MAPES’ METHOD, or MEISSEL’S FORMULA. A 
brief history of attempts to calculate a(n) is given by 
Berndt (1994). The following table is taken from Riesel 
(1994). 


Legendre 
Meissel 
Lehmer 


O(=/ (In 2)3) 
O(x/(Inz)4) 


O(a'/? /In 7) 
O(a’? /Inz) 


Mapes’ O(x%?) Olz”) 
Lagarias-Miller-Odlyzko | O(w?/3+s) O(x1/3ts) 
Lagarias-Odlyzko 1 O(x?/F +) O(x*) 


Lagarias-Odlyzko 2 O(a1/?+s) O(27/4t¢) 


A modified version of the prime counting function is 
given by 


TT for p composite 
molp) ={ (p) P p 


m(p)— 5 for p prime 


ala) (e/”) 
mlp) =} A, 
n=1 
where p(n) is the MOBiUS FUNCTION and f(x) is the 
RIEMANN-MANGOLDT FUNCTION. 


The notation 7,5 is also used to denote the number of 
PRIMES of the form ak + b (Shanks 1993, pp. 21-22). 
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Groups of EQUINUMEROUS values of 74,5 include (73,1, 
3,2); (41, 74,3), (75,1, 5,25 75,3; 15,4), (76,1, 6,5); 
(17,1, 17,2, 77,3, 77,45 77,55 77,6), (78,1, 78,3, 78,5, 78,7); 
(19,1; 79,2, 79,4, 79,5, 79,7; 79,8), and so on. The values 
of Ta, k for small n are given in the following table for 
the first few powers of ten (Shanks 1993). 


Tt 73,1(7) 773,2(1) Ta, 1(n) Tra,3(n) 
10 1 2 1 2 
10? 11 13 11 13 
10* 80 87 80 87 


10* 611 617 609 619 
10° A784 A807 A783 4808 
10% | 39231 39266 | 39175 39322 
332194 332384 | 332180 332398 


n Tmsiln) Tms2ln) 75,3(n) msa(n) 
0 2 1 0 
5 T 7 5 
40 47 42 38 

306 309 310 303 
2387 2412 2402 2390 
19617 19622 19665 19593 
166104 166212 166230 166032 


10° 


n T6,1 (n) 76,5 (n) 

10 1 1 

10? 11 12 

10° 80 86 

10* 611 616 

10° 4784 4806 

10% | 39231 39265 
n 7,1 717,2 7,3 7,4 77,5 7,6 
1 1 0 
10? 3 4 5 3 5 4 


28 27 30 26 29 27 
203 203 209 202 211 200 
1593 1584 1613 1601 1604 1596 
13063 13065 13105 13069 13105 13090 


n Ts ,1(n) mg s(n) megs (n) Ta 7(n) 


5 
37 44 43 43 

295 311 314 308 
2384 2409 2399 2399 
19552 19653 19623 19669 
165976 166161 166204 166237 


Note that since 73,1(7), 78,3(7), 78,5(n), and ma 7(n) are 
EQUINUMEROUS, 


na ln) = 18,1(n) + 78,5 


Ta,3(n) = rsg, (n) + 78,7 


are also equinumerous. 


Erdós proved that there exist at least one PRIME of the 
form 4k + 1 and at least one PRIME of the form 4k + 3 
between n and 2n for all n > 6. 


Prime Cut 


The smallest x such that x > nr(x) for n = 2, 3,... 
are 2, 27, 96, 330, 1008, ... (Sloane’s A038625), and the 
corresponding n(x) are 1, 9, 24, 24, 66, 168, ... (Sloane's 
A038626). The number of solutions of x > nr(x) for 
n=2,3,... are4,3,3,6,7,6,... (Sloane's A038627). 


see also BERTELSEN’S NUMBER, EQUINUMEROUS, 
PRIME ARITHMETIC PROGRESSION, PRIME NUM- 
BER THEOREM, RIEMANN WEIGHTED PRIME-POWER 
COUNTING FUNCTION 
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Prime Cut 

Find two numbers such that z? = y? (mod n). If you 
know the GREATEST COMMON DIVISOR of n and z — y, 
there exists a high probability of determining a PRIME 
factor. Taking small numbers x which additionally give 
small PRIMES z? = p (mod n) further increases the 
chances of finding a PRIME factor. 


Prime Decomposition 


Prime Decomposition 
Given an INTEGER n, the prime decomposition is written 


2. n 


TE a1, Q a 
n = pı p2 Pn > 


where p; are the n PRIME factors, each of order a;. Each 
factor p;*? is called a PRIMARY. 


see also PRIMARY, PRIME FACTORIZATION ALGO- 
RITHMS, PRIME NUMBER 


Prime Difference Function 


30 


25 


20 
15 


10 


100 200 300 400 500 
dn = Pn+1 — Pn. 


The first few values are 1, 2, 2, 4, 2, 4, 2, 4, 6, 2, 6, 4, 2, 
4, 6, 6, ... (Sloane's A001223). Rankin has shown that 


clonnIinIinnInInInInn 


dn 
r (IninInn)? 


for infinitely many n and for some constant c (Guy 
1994). 


An integer n is called a JUMPING CHAMPION if n is the 
most frequently occurring difference between consecu- 
tive primes n < N for some N (Odlyzko et al. ). 


see also ANDRICA’S CONJECTURE, GOOD PRIME, JUMP- 
ING CHAMPION, PÓLYA CONJECTURE, PRIME GAPS, 
SHANKS’ CONJECTURE, TWIN PEAKS | 
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Prime Diophantine Equations 
k +2 is PRIME IFF the 14 DIOPHANTINE EQUATIONS in 
26 variables 


wzth+j—q=0 (1) 
(gk +29 +k+1)(h+j)+h—z=0 (2) 
16(k+1)?(k+2)(n+1)?+1-—f* =0 (3) 
2nt+p+q+z-q=0 (4) 
e*(e+2)(a+1)?+1-07? =0 (5) 
(a —1)y?+1-—27=0 (6) 
16r°y (a? —1)+1—u* =0 (7) 
nt+liv—y=0 (8) 
(a? —-1)? +1—m’?=0 (9) 
ai+k+1-—-l-i=0 (10) 
{la +u? (u? — a)? — 1}(n + 4dy)? + 1 — (z + cu)? =0 

(11) 
p+l(a—n-—1)+b(2an+2a—n*—2n-2)-m=0 

(12) 
q+y(a—p—1)+s(2ap+ 2a — p° — 2p — 2)—- z = 0 

(13) 
z + pl(a — p) + t(2ap — p° - 1)- pm = 0 (14) 


have a POSITIVE integral solution. 
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Prime Factorization 


see FACTORIZATION, PRIME DECOMPOSITION, PRIME 
FACTORIZATION ALGORITHMS, PRIME FACTORS 


Prime Factorization Algorithms 

Many ALGORITHMS have been devised for determining 
the PRIME factors of a given number. They vary quite a 
bit in sophistication and complexity. It is very difficult 
to build a general-purpose algorithm for this computa- 
tionally “hard” problem, so any additional information 
which is known about the number in question or its fac- 
tors can often be used to save a large amount of time. 


The simplest method of finding factors is so-called “DI- 
RECT SEARCH FACTORIZATION” (a.k.a. TRIAL DIVI- 
SION). In this method, all possible factors are system- 
atically tested using trial division to see if they actually 
DIVIDE the given number. It is practical only for very 
small numbers. 


see also BRENT’S FACTORIZATION METHOD, CON- 
TINUED FRACTION FACTORIZATION ALGORITHM, DI- 
RECT SEARCH FACTORIZATION, DIXON’S FACTOR- 
IZATION METHOD, ELLIPTIC CURVE FACTORIZATION 
METHOD, EULER’S FACTORIZATION METHOD, EX- 
CLUDENT FACTORIZATION METHOD, FERMAT’S FAC- 
TORIZATION METHOD, LEGENDRE’S FACTORIZATION 
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METHOD, LENSTRA ELLIPTIC CURVE METHOD, NUM- 
BER FIELD SIEVE FACTORIZATION METHOD, POLLARD 
p — 1 FACTORIZATION METHOD, POLLARD p FACTOR- 
IZATION ALGORITHM, QUADRATIC SIEVE FACTORIZA- 
TION METHOD, TRIAL DIVISION, WILLIAMS p+ 1 FAC- 
TORIZATION METHOD 
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The number of DISTINCT PRIME FACTORS of a number 
n is denoted w(n). The first few values for n = 1, 2, 

„are 0,1-1; Me de Den de de do 2 de Zo da 2,2,1,1; 2, 
1,2,... (Sloane's A001221; top figure). The number of 
not necessarily distinct prime factors of a number n is 
denoted r(n). The first few values for n = 1, 2, ... are 
0, 1, 1, 2, 1, 2, 1, 3, 2, 2, 1, 3, 1, 2, 2, 4, 1, 3, 1,3,... 
(Sloane’s A001222; bottom figure). 


Prime Gaps 


see also DISTINCT PRIME FACTORS, DIVISOR FUNC- 
TION, GREATEST PRIME FACTOR, LEAST PRIME FAC- 
TOR, LIOUVILLE FUNCTION, POLYA CONJECTURE, 
PRIME FACTORIZATION ALGORITHMS 
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Prime Field 
A GALOIS FIELD GF(p) where p is PRIME. 


Prime Gaps 
Letting 
dn = Pn+1 7 Pn 


be the PRIME DIFFERENCE FUNCTION, Rankin has 
showed that 


cln n 1n In n 1n in In ln n 
dn > 
(In In Inn)? 


for infinitely many n are for some constant c (Guy 1994). 


Let p(d) be the smallest PRIME following d or more con- 
secutive COMPOSITE NUMBERS. The largest known is 


p(804) = 90, 874, 329, 412, 297. 


The largest known prime gap is of length 4247, occur- 
ring following 10%** — 1929 (Baugh and O'Hara 1992), 
although this gap is almost certainly not maximal (i.e., 
there probably exists a smaller number having a gap of 
the same length following it). 


Let c(n) be the smallest starting INTEGER c(n) for a 
run of n consecutive COMPOSITE NUMBERS, also called 
a COMPOSITE RUN. No general method other than ex- 
haustive searching is known for determining the first oc- 
currence for a maximal gap, although arbitrarily large 
gaps exist (Nicely 1998). Cramér (1937) and Shanks 
(1964) conjectured that a maximal gap of length n ap- 
pears at approximately exp(,/n ). Wolf conjectures that 
the maximal gap of length n appears approximately at 


n 


r(n)[2lnr(n) — Inn + In(2C2)]’ 


where m(n) is the PRIME COUNTING FUNCTION and C2 
is the TWIN PRIMES CONSTANT. 


The first few c(n) for n = 1, 2, ... are 4, 8, 8, 24, 
24, 90, 90, 114, ... (Sloane’s A030296). The following 
table gives the same sequence omitting degenerate runs 
which are part of arun with greater n, and is a complete 
list of smallest maximal runs up to 10%. e(n) in this 
table is given by Sloane’s A008950, and n by Sloane’s 
A008996. The ending integers for the run corresponding 
to c(n) are given by Sloane’s A008995. Young and Potler 
(1989) determined the first occurrences of prime gaps up 
to 72,635,119,999,997, with all first occurrences found 


Prime Gaps 


between 1 and 673. Nicely (1998) extended the list of 
maximal prime gaps to a length of 915, denoting gap 
lengths by the difference of bounding PRIMES, c(n) — 1. 


n c(n) n c(n) 


2,300,942,550 


3 8 |335 3,842,610,774 
5 24 1353 4,302,407,360 
7 90 | 381 10,726,904,660 
13 114 | 383 20,678,048,298 
17 524 | 393 22,367,084,960 
19 888 | 455 25,056,082,088 
21 1,130 |463 42,652,618,344 
33 1,328 |467 127,976,334,672 
35 9,552 1473 182,226,896,240 
43 15,684 | 485 241,160,024,144 
51 19,610 | 489 297,501,075,800 
71 31,398 | 499 303,371,455,242 
85 155,922 1513 304,599,508,538 
95 360,654 |515 416,608,695,822 
111 370,262 |531 461,690,510,012 
113 492,114 |533 614,487,453,424 
117 1,349,534 |539 738,832,927,928 
131 1,357,202 |581 1,346,294,310,750 
147 2,010,734 | 587 1,408,695,493,610 
153 4,652,354 | 601 1,968,188,556,461 


179 17,051,708 | 651 
209 20,831,324 | 673 
219 47,326,694 | 715 
221 122,164,748 | 765 
233 189,695,660 | 777 
247 191,912,784 | 803 
249 387,096,134 | 805 
281 436,273,010 | 905 


2,614,941,710,599 
7,177,162,611,713 
13,828,048,559,701 
19,581,334,192,423 
42,842,283,925,352 
90,874,329,411,493 
171,231,342,420,521 
218,209,405,436,543 


287 1,294,268,492 |915 1,189,459,969,825,483 
291 1,453,168,142 


see also JUMPING CHAMPION, PRIME CONSTELLATION, 
PRIME DIFFERENCE FUNCTION, SHANKS’ CONJECTURE 
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Prime-Generating Polynomial 

Legendre showed that there is no RATIONAL algebraic 
function which always gives PRIMES. In 1752, Goldbach 
showed that no POLYNOMIAL with INTEGER COEFFI- 
CIENTS can give a PRIME for all integral values. How- 
ever, there exists a POLYNOMIAL in 10 variables with 
INTEGER COEFFICIENTS such that the set of PRIMES 
equals the set of POSITIVE values of this POLYNOMIAL 
obtained as the variables run through all NONNEGATIVE 
INTEGERS, although it is really a set of DIOPHANTINE 
EQUATIONS in disguise (Ribenboim 1991). 


Pa pp TEE 


36n* — 810n + 2753 
47n? — 1701n + 10181 
ni —n+41 


5 | Fung and Ruby 
Fung and Ruby 
Euler 

Legendre 
Legendre 


2n? + 29 

n+n+17 

2n* + 11 

n? +n? +17 
The above table gives some low-order polynomials which 
generate only PRIMES for the first few NONNEGATIVE 
values (Mollin and Williams 1990). The best-known of 
these formulas is that due to Euler (Euler 1772, Ball 
and Coxeter 1987). Le Lionnais (1983) has christened 
numbers p such that the Euler-like polynomial 


n’ =n+p (1) 


is PRIME for p = 0, 1, ..., p— 2 as LUCKY NUMBERS 
OF EULER (where the case p = 41 corresponds to Eu- 
ler’s formula). Rabinovitch (1913) showed that for a 
PRIME p > 0, Euler’s polynomial represents a PRIME 
for n € [0,p — 2] ea: the trivial case p = 3) IFF 
the FIELD Q(y1 — 4p) has CLASS NUMBER h = 1 (Rabi- 
nowitz 1913, Le Lionnais 1983, Conway and Guy 1996). 
As established by Stark (1967), there are only nine num- 
bers —d such that h(—d) = 1 (the HEEGNER NUMBERS 
—2, -3, —7, —11, —19, -43, —67, and —163), and of 
these, only 7, 11, 19, 43, 67, and 163 are of the re- 
quired form. Therefore, the only LUCKY NUMBERS OF 
EULER are 2, 3, 5, 11, 17, and 41 (Le Lionnais 1983, 
Sloane’s A014556), and there does not exist a better 
prime-generating polynomial of Euler’s form. 


Euler also considered quadratics of the form 


227 +p (2) 
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and showed this gives PRIMES for æ € [0, p— 1] for PRIME 
p > 0 IFF Q(./—2p) has CLAss NUMBER 2, which per- 
mits only p = 3, 5, 11, and 29. Baker (1971) and Stark 
(1971) showed that there are so such FIELDS for p > 29. 
Similar results have been found for POLYNOMIALS of the 


form 
pa" +pr+n (3) 


(Hendy 1974). 


see also CLASS NUMBER, HEEGNER NUMBER, LUCKY 
NUMBER OF EULER, PRIME ARITHMETIC PROGRES- 
SION, PRIME DIOPHANTINE EQUATIONS, SCHINZEL'S 
HYPOTHESIS 
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Prime Group 

When the ORDER A of a finite GROUP is a PRIME num- 
ber, there is only one possible GROUP of ORDER h. Fur- 
thermore, the GROUP is CYCLIC. 


see also p-GROUP 


Prime Ideal 
An IDEAL I such that if ab € J, then either a € I or 
bel. 


see also DEDEKIND RING, IDEAL, KRULL DIMENSION, 
MAXIMAL IDEAL, STICKELBERGER RELATION, STONE 
SPACE 


Prime Knot 

A KNOT other than the UNKNOT which cannot be ex- 
pressed as a sum of two other KNOTS, neither of which 
is unknotted. A KNOT which is not prime is called a 
COMPOSITE KNOT. It is often possible to combine two 
prime knots to create two different COMPOSITE KNOTS, 
depending on the orientation of the two. 


There is no known FORMULA for giving the number of 
distinct prime knots as a functions of number of cross- 
ings. For the first few n crossings, the numbers of prime 
knots are 0, 0, 1, 2, 3, 7, 21, 49, 165, 552, 2176, 9988, 
... (Sloane’s A002863). 


see also COMPOSITE KNOT, KNOT 
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Prime k-Tuple 
see PRIME CONSTELLATION 


Prime k-Tuples Conjecture 
see also k-TUPLE CONJECTURE 


Prime k-Tuplet 
see PRIME CONSTELLATION 


Prime Manifold 
An n-MANIFOLD which cannot be “nontrivially” decom- 
posed into other n-MANIFOLDS. 


Prime Number 

A prime number is a POSITIVE INTEGER p which has 
no DIVISORS other than 1 and p itself. Although the 
number 1 used to be considered a prime, it requires spe- 
cial treatment in so many definitions and applications 
involving primes greater than or equal to 2 that it is 
usually placed into a class of its own. Since 2 is the 
only EVEN prime, it is also somewhat special, so the set 
of all primes excluding 2 is called the “ODD PRIMES.” 
The first few primes are 2, 3, 5, 7, 11, 13, 17, 19, 23, 29, 
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31, 37, ... (Sloane's A000040, Hardy and Wright 1979, 
p. 3). POSITIVE INTEGERS other than 1 which are not 
prime are called COMPOSITE. 


The function which gives the number of primes less than 
a number n is denoted a(n) and is called the PRIME 
COUNTING FUNCTION. The theorem giving an asymp- 
totic form for m(n) is called the PRIME NUMBER THE- 
OREM. 


Prime numbers can be generated by sieving processes 
(such as the ERATOSTHENES SIEVE), and Lucky NUM- 
BERS, which are also generated by sieving, appear to 
share some interesting asymptotic properties with the 
primes. 


Many PRIME FACTORIZATION ALGORITHMS have been 
devised for determining the prime factors of a given IN- 
TEGER. They vary quite a bit in sophistication and com- 
plexity. It is very difficult to build a general-purpose 
algorithm for this computationally “hard” problem, so 
any additional information which is known about the 
number in question or its factors can often be used to 
save a large amount of time. The simplest method of 
finding factors is so-called “DIRECT SEARCH FACTOR- 
IZATION” (a.k.a. TRIAL DIVISION). In this method, all 
possible factors are systematically tested using trial di- 
vision to see if they actually DIVIDE the given number. 
It is practical only for very small numbers. 


Because of their importance in encryption algorithms 
such as RSA ENCRYPTION, prime numbers can be 
important commercial commodities. In fact, Roger 
Schlafly has obtained U.S. Patent 5,373,560 (12/13/94) 
on the following two primes (expressed in hexadecimal 
notation): 


98A3DF52AEAE9799325CB258D767EBD1F4630E9B 
9E2173244AFB1624BA6DF91 1466AD8DA960586F4 
AOD5E3C36AF0O99660BDDC1577E54A9F402334433 
ACB14BCB 


and 


93E8965DAFDODFECFDOOB466B68F90EAG8AF5DC9 
FED915278D1B3A13747 1E65596C37FEDOC7829FF 
8F8331F81A2700438ECDCC09447DC397C685F397 
294F722BCC484AEDF28BED25AAAB35D35A65DB1F 
D62C9D7BA55844FEB1F9401E671340933EE43C54 
E4DC459400D7AD61248B83A2624835B31FFF2D95 
95A5B90B276E44F9. 


The FUNDAMENTAL THEOREM OF ARITHMETIC States 
that any POSITIVE INTEGER can be represented in ex- 
actly one way as a PRODUCT of primes. EUCLID’S SEC- 
OND THEOREM demonstrated that there are an infinite 
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number of primes. However, it is not known if there are 
an infinite number of primes of the form z? +1, whether 
there are an INFINITE number of TWIN PRIMES, or if a 
prime can always be found between n? and (n+ 1). 


Prime numbers satisfy many strange and wonderful 
properties. For example, there exists a CONSTANT 
6 = 1.3064 known as MILLS’ CONSTANT such that 


al o 


where |x|] is the FLOOR FUNCTION, is prime for all n > 
1. However, it is not known if O is IRRATIONAL. There 
also exists a CONSTANT w  1.9287800 such that 


2 | 2 
a, (2) 
(Ribenboim 1996, p. 186) is prime for every n > 1. 


Explicit FORMULAS exist for the nth prime both as a 
function of n and in terms of the primes 2, ..., Pn-1 
(Hardy and Wright 1979, pp. 5-6; Guy 1994, pp. 36- 


41). Let 
FG) = cos ni — al 28 al (3) 


for integral 7 > 1, and define F(1) = 1, where |x| is 
again the FLOOR FUNCTION. Then 


2” 1/n 
aman real (4) 
2” 1/n 
ES | (5) 


where r(m) is the PRIME COUNTING FUNCTION. It is 
also true that 


Pn+1 = 14+ pn + F (pn +1) 


+F (pn + 1)F(pn + 2) + lI F(pn +3) (6) 


j=1 


(Ribenboim 1996, pp. 180-182). Note that the number 
of terms in the summation to obtain the nth prime is 
2”, so these formulas turn out not to be practical in 
the study of primes. An interesting INFINITE PRODUCT 
formula due to Euler which relates 7 and the nth PRIME 
Dn 18 

a A | (7) 
ne. p+ 


i=n Pn 


mp € 
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(Blatner 1997). Conway (Guy 1983, Conway and Guy 
1996, p. 147) gives an algorithm for generating primes 
based on 14 fractions, but it is actually just a concealed 
version of a SIEVE. 


Some curious identities satisfied by primes p are 


Y E] _@-DP-DP+D O py) 


k=1 P : 
(p—-1)(p-2) 
Y [KF] = 3p -5)(p—2)(P-1) (10) 
k=1 


(Doster 1993), 


pti _ 5 
Mi (11) 


p prime 


(Le Lionnais 1983, p. 46), 


Sat lnk= y 3 E (12) 
k=1 


p prime k=1 


and 


Y (yr Ink 


k=1 
=-m2) == Gs 2 A (13) 


odd ie 


(Berndt 1994, p. 114). 


It has been proven that the set of prime numbers is 
a DIOPHANTINE SET (Ribenboim 1991, pp. 106-107). 
Ramanujan also showed that 


dr(x) i p(n)_1/n 
a ae O TRSNE 14 
dx zlnz 2 E. (14) 


where a(x) is the PRIME COUNTING FUNCTION and 
u(n) is the MOBIUS FUNCTION (Berndt 1994, p. 117). 
B. M. Bredihin proved that 


fa y) =0"+y +1 (15) 
takes prime values for infinitely many integral pairs 


(x,y) (Honsberger 1976, p. 30). In addition, the func- 


tion 


f(z, y) = $(y — 1) | |B? (a, y) — 1| — (B? (z, y) — 1)] +2, 
(16) 

where 
(y! +1), (17) 


B(2,y) = z(y + 1) -— 
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y! is the FACTORIAL, and |x| is the FLOOR FUNCTION, 
generates only prime numbers for POSITIVE integral ar- 
guments. It not only generates every prime number, but 
generates ODD primes exactly once each, with all other 
values being 2 (Honsberger 1976, p. 33). For example, 


f(1,2) =3 (18) 
f(5,4) =5 (19) 


with no new primes generated for x,y < 1000. 


For n an INTEGER > 2, n is prime IFF 
n—1 k 
k} = (-1)* (mod n) (21) 


jor =D is 


Cheng (1979) showed that for x sufficiently large, there 
always exist at least two prime factors between (x — x“) 
and x for a > 0.477... (Le Lionnais 1983, p. 26). Let 
fín) be the number of decompositions of n into two or 
more consecutive primes. Then 


n — 1 (Deutsch 1996). 


lim ~~ f(n) =In2 (22) 


(Moser 1963, Le Lionnais 1983, p. 30). Euler showed 
that the sum of the inverses of primes is infinite 


Ss 5 =o (23) 


p prime 


(Hardy and Wright 1979, p. 17), although it diverges 
very slowly. The sum exceeds 1, 2, 3, ... after 3, 59, 
361139, ... (Sloane’s A046024) primes, änd its asymp- 
totic sonaia is 


T 


1 
Y = =InIne +B, + o(1), (24) 


p=2 
p prime 


where Bı is MERTENS CONSTANT (Hardy and Wright 
1979, p. 351). Dirichlet showed the even stronger result 


that 
Se aS (25) 


prime p=b (mod a) 
(a,b)=1 


(Davenport 1980, p. 34). 
Despite the fact that $ 1/p diverges, Brun showed that 


> ==B<00, (26) 


P 
p+2 prime 


5/18/2018 Ricevitore FM con dipolo verticale - Carlo Bramanti 


La realizzazione con la semplice bobina illustrata mi ha dato intensita maggiore che con la cavita, anche se un poco 
piu di rumore. Una realizzazione fatta usando per bobina un anello di tubo di ottone da 6 mm e 11 cm di diametro, 
che teoricamente ha un Q 4 volte maggiore di quella classica, mi ha deluso. Dunque avanti con la semplice bobina 
raccomandandomi di osservare attentamente il disegno allegato, seguirlo a lettera e non arrendersi quando alle prime 
prove non funziona:capita sempre cosi. 


http: //www.leradiodisophie.it/RX-FM-dipolo-verticale.html 
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where B is BRUN’S CONSTANT. The function defined by 
_ 1 
P(n) = Y a (27) 
P 


taken over the primes converges for n > 1 and is a gen- 
eralization of the RIEMANN ZETA FUNCTION known as 
the PRIME ZETA FUNCTION. 


The probability that the largest prime factor of a RAN- 
DOM NUMBER xz is less than yz is ln 2 (Beeler et al. 
1972, Item 29). The probability that two INTEGERS 
picked at random are RELATIVELY PRIME is [¢(2)]~* = 
6/11*, where C(x) is the RIEMANN ZETA FUNCTION (Ce- 
saro and Sylvester 1883). Given three INTEGERS chosen 
at random, the probability that no common factor will 
divide them all is 


[c(3)* = 1.2027* = 0.832..., (28) 


where ((3) is APERY’S CONSTANT. In general, the prob- 
ability that n random numbers lack a pth POWER com- 
mon divisor is [¢(np)]~* (Beeler et al. 1972, Item 53). 


Large primes include the large MERSENNE PRIMES, 
FERRIER’S PRIME, and 391581(27"°'%* —1) (Cipra 1989). 
The largest known prime as of 1998, is the MERSENNE 
PRIME 2922377 _ 1, 


Primes consisting of consecutive DIGITS (counting 0 as 
coming after 9) include 2, 3, 5, 7, 23, 67, 89, 4567, 78901, 
... (Sloane’s A006510). 


see also ADLEMAN-POMERANCE-RUMELY PRIMAL- 
ITY TEST, ALMOST PRIME, ANDRICA’S CONJEC- 
TURE, BERTRAND’S POSTULATE, BROCARD’S CONJEC- 
TURE, BRUN’S CONSTANT, CARMICHAEL’S CONJEC- 
TURE, CARMICHAEL FUNCTION, CARMICHAEL NUM- 
BER, CHEBYSHEV FUNCTION, CHEBYSHEV-SYLVESTER 
CONSTANT, CHEN’S THEOREM, CHINESE HYPOTHESIS, 
COMPOSITE NUMBER, COMPOSITE RUNS, COPELAND- 
ERDOS CONSTANT, CRAMER CONJECTURE, CUNNING- 
HAM CHAIN, CYCLOTOMIC POLYNOMIAL, DE POLIG- 
NAC’S CONJECTURE, DIRICHLET’S THEOREM, DIVI- 
SOR, ERDOS-KAC THEOREM, EUCLID’S THEOREMS, 
FEIT-THOMPSON CONJECTURE, FERMAT NUMBER, 
FERMAT QUOTIENT, FERRIER’S PRIME, FORTUNATE 
PRIME, FUNDAMENTAL THEOREM OF ARITHMETIC, 
GIGANTIC PRIME, GIUGA’S CONJECTURE, GOLDBACH 
CONJECTURE, GOOD PRIME, GRIMM’S CONJECTURE, 
HARDY-RAMANUJAN THEOREM, IRREGULAR PRIME, 
KUMMER’S CONJECTURE, LEHMER’S PROBLEM, LIN- 
NIK’S THEOREM, LONG PRIME, MERSENNE NUMBER, 
MERTENS FUNCTION, MILLER’S PRIMALITY TEST, MI- 
RIMANOFF’S CONGRUENCE, MOBIUS FUNCTION, PALIN- 
DROMIC NUMBER, PEPIN’S TEST, PILLAI’S CONJEC- 
TURE, POULET NUMBER, PRIMARY, PRIME ARRAY, 
PRIME CIRCLE, PRIME FACTORIZATION ALGORITHMS, 
PRIME NUMBER OF MEASUREMENT, PRIME NUMBER 
THEOREM, PRIME POWER SYMBOL, PRIME STRING, 
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PRIME TRIANGLE, PRIME ZETA FUNCTION, PRIMI- 
TIVE PRIME FACTOR, PRIMORIAL, PROBABLE PRIME, 
PSEUDOPRIME, REGULAR PRIME, RIEMANN FUNCTION, 
ROTKIEWICZ THEOREM, SCHNIRELMANN’S THEOREM, 
SELFRIDGE’S CONJECTURE, SEMIPRIME, SHAH- WILSON 
CONSTANT, SIERPINSKI’S COMPOSITE NUMBER THE- 
OREM, SIERPINSKI’S PRIME SEQUENCE THEOREM, 
SMOOTH NUMBER, SOLDNER’S CONSTANT, SOPHIE 
GERMAIN PRIME, TITANIC PRIME, TOTIENT FUNC- 
TION, TOTIENT VALENCE FUNCTION, TWIN PRIMES, 
TWIN PRIMES CONSTANT, VINOGRADOV’S THEOREM, 
VON MANGOLDT FUNCTION, WARING’S CONJECTURE, 
WIEFERICH PRIME, WILSON PRIME, WILSON QUO- 
TIENT, WILSON’S THEOREM, WITNESS, WOLSTEN- 
HOLME’S THEOREM, ZSIGMONDY THEOREM 
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Prime Number of Measurement 

The set of numbers generated by excluding the SUMS of 
two or more consecutive earlier members is called the 
prime numbers of measurement, or sometimes the SEG- 
MENTED NUMBERS. The first few terms are 1, 2, 4, 5, 
8, 10, 14, 15, 16, 21, ... (Sloane’s A002048). Excluding 
two and three terms gives the sequence 1, 2, 4, 5, 8, 10, 
14, 15, 16, 19, 20, 21, ... (Sloane's A005242). 
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Prime Number Theorem 
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The theorem giving an asymptotic form for the PRIME 
COUNTING FUNCTION r(n) for number of PRIMES less 
than some INTEGER n. Legendre (1808) suggested that, 
for large n, 


n 
m(n) ~ == 1 
e al (1) 
with A = 1 and B = —1.08366 (where B is sometimes 


called LEGENDRE’S CONSTANT), a formula which is cor- 
rect in the leading term only (Wagon 1991, pp. 28-29). 
In 1791, Gauss became the first to suggest instead 


nna (2) 


Prime Number Theorem 
Gauss later refined his estimate to 
r(n) ~ Li(n), (3) 


where Li(n) is the LOGARITHMIC INTEGRAL. This func- 
tion has n/ Inn as the leading term and has been shown 
to be a better estimate than n/Inn alone. The state- 
ment (3) is often known as “the” prime number theorem 
and was proved independently by Hadamard and Vallée 
Poussin in 1896. A plot of r(n) (lower curve) and Li(n) 
is shown above for n < 1000. 


For small n, it has been checked and always found that 
a(n) < Li(n). However, Skewes proved that the first 


crossing of n(n) — Li(n) = 0 occurs before 1010 (the 
SKEWES NUMBER). The upper bound for the crossing 
has subsequently been reduced to 10%?, Littlewood 
(1914) proved that the INEQUALITY reverses infinitely 
often for sufficiently large n (Ball and Coxeter 1987). 
Lehman (1966) proved that at least 10% reversals oc- 
cur for numbers with 1166 or 1167 DECIMAL DIGITS. 


Chebyshev (Rubinstein and Sarnak 1994) put limits on 
the RATIO i in) 9 
a(n 
ee ee 4 
8 < n < g’ ( ) 


Inn 


and showed that if the LIMIT 


lim Et) (5) 
n= hn 


existed, then it would be 1. This is, in fact, the prime 
number theorem. 


Hadamard and Vallée Poussin proved the prime number 
theorem by showing that the RIEMANN ZETA FUNCTION 
((z) has no zeros of the form 1 +it (Smith 1994, p. 128). 
In particular, Vallée Poussin showed that 


sT TT —av In z 
a(x) = Li(x)+ 0 (e ) (6) 
for some constant a. A simplified proof was found by 


Selberg and Erdós (1949) (Ball and Coxeter 1987, p. 63). 


Riemann estimated the PRIME COUNTING FUNCTION 
with 
n(n) ~ Li(n) — 1 Li(n'/?), (7) 


which is a better approximation than Li(n) for n < 107. 
Riemann (1859) also suggested the RIEMANN FUNCTION 


R(z) = >> A rifa, (8) 


where y is the MOBIUS FUNCTION (Wagon 1991, p. 29). 
An even better approximation for small n (by a factor 
of 10 for n < 10°) is the GRAM SERIES. 


Prime Number Theorem 


The prime number theorem is equivalent to 


= 1, (9) 


where p(x) is the SUMMATORY MANGOLDT FUNCTION. 


The RIEMANN HYPOTHESIS is equivalent to the asser- 
tion that 
| Li(z) — r(x)| < evz Ine = (10) 


for some value of c (Ingham 1932, Ball and Coxeter 
1987). Some limits obtained without assuming the RIE- 
MANN HYPOTHESIS are 


n(x) = Li(a) + Ofae me)? /15) (11) 
a(x) = Li(x) + Olze 0009" ae [eis aa. (12) 


Ramanujan showed that for sufficiently large z, 
w(x) < ae (=) (13) 


The largest known PRIME for which the inequality fails is 
38,358,837,677 (Berndt 1994, pp. 112-113). The related 
inequality 


Li? (a) < — Li (=) | (14) 


is true for x > 2418 (Berndt 1994, p. 114). 


see also BERTRAND’S POSTULATE, DIRICHLET’S THE- 
OREM, GRAM SERIES, PRIME COUNTING FUNCTION, 
RIEMANN’S FORMULA, RIEMANN FUNCTION, RIE- 
MANN-MANGOLDT FUNCTION, RIEMANN WEIGHTED 
PRIME-POWER COUNTING FUNCTION, SKEWES NUM- 
BER 
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Prime Pairs 
see TWIN PRIMES 


Prime Patterns Conjecture 
see k-TUPLE CONJECTURE 


Prime Polynomial 
see PRIME-GENERATING POLYNOMIAL 


Prime Power Conjecture 

An Abelian planar DIFFERENCE SET of order n exists 
only for n a PRIME POWER. Gordon (1994) has verified 
it to be true for n < 2,000,000. 


see also DIFFERENCE SET 
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Prime Power Symbol 
The symbol p*||n means, for p a PRIME, that p*|n, but 


pun, 


Prime Quadratic Effect 

Let mm, n(x) denote the number of PRIMES < x which 
are congruent to n modulo m. Then one might expect 
that 


A(x) = 74,3(x) — ma 1 (0) ~ Lat?) >0 


(Berndt 1994). Although this is true for small numbers, 
Hardy and Littlewood showed that A(z) changes sign 
infinitely often. (The first number for which it is false is 
26861.) The effect was first noted by Chebyshev in 1853, 
and is sometimes called the CHEBYSHEV PHENOMENON. 
It was subsequently studied by Shanks (1959), Hudson 
(1980), and Bays and Hudson (1977, 1978, 1979). The 
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effect was also noted by Ramanujan, who incorrectly 
claimed that limz-,.. A(z) = 00 (Berndt 1994). 
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Prime Quadruplet 

A PRIME CONSTELLATION of four successive PRIMES 
with minimal distance (p,p+2,p+6,p+8). The quad- 
ruplet (2, 3, 5, 7) has smaller minimal distance, but it 
is an exceptional special case. With the exception of 
(5, 7, 11, 13), a prime quadruple must be of the form 
(30n + 11, 30n + 13, 30n + 17, 30n + 19). The first few 
values of n which give prime quadruples are n = 0, 3, 6, 
27, 49, 62, 69, 108, 115, ... (Sloane's A014561), and the 
first few values of p are 5 (the exceptional case), 11, 101, 
191, 821, 1481, 1871, 2081, 3251, 3461, .... The asymp- 
totic FORMULA for the frequency of prime quadruples is 
analogous to that for other PRIME CONSTELLATIONS, 


(In 2)” 


where c = 4.15118... is the Hardy-Littlewood con- 
stant for prime quadruplets. Roonguthai found the large 
prime quadruplets with 


p = 10% + 349781731 
p=10** + 21156403891 

p = 10?” + 140159459341 
p = 10% + 34993836001 

p = 10°°° + 883750143961 
p = 10%" + 1394283756151 
p = 10%? + 547634621251 


(Roonguthai). 

see also PRIME ARITHMETIC PROGRESSION, PRIME 
CONSTELLATION, PRIME k-TUPLES CONJECTURE, 
SEXY PRIMES, TWIN PRIMES 


Prime Ring 
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Prime Representation 
Let a £ b, A, and B denote POSITIVE INTEGERS satis- 
fying 


(a,b)=1 (A,B)=1, 


(i.e., both pairs are RELATIVELY PRIME), and suppose 
every PRIME p = B (mod A) with (p, 2ab) = 1 is expres- 
sible if the form az” — by? for some INTEGERS z and y. 
Then every PRIME q such that q = —B (mod A) and 
(q,2ab) = 1 is expressible in the form bX? — aY* for 
some INTEGERS X and Y (Halter-Koch 1993, Williams 
1991). 


Prime Form Representation 
4n +1 x+y" 
8n+1,8n +3 r? + 2y* 

8n +1 r? — 2y? 

6n + 1 r? + 3y* 

12n + 1 q? — 3y? 

20n + 1,20n +9 r? + By? 

10n + 1, 10n +9 a” — 5y? 


lán +1,14n+9,14n +25 274 7y’ 
28n + 1,28n + 9,28n +25 r? -— Ty? 


30n + 1, 30n + 49 a? + 15y? 
60n + 1,60n + 49 q? — 15y? 
30n — 7,30n + 17 5a* + 3y? 
60n — 7,60n + 17 5g? — 3y? 
24n + 1, 24n + 7 r? + 6y? 

24n + 1, 24n + 19 a” — 6y* 

24n +5,24n + 11 21? + 3y? 
24n +5, 24n — 1 227 — 3y’ 
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Prime Ring 

A RING for which the product of any pair of IDEALS is 
zero only if one of the two IDEALS is zero. All SIMPLE 
RINGS are prime. 


see also IDEAL, RING, SEMIPRIME RING, SIMPLE RING 


Prime Sequence 


Prime Sequence 

see PRIME ARITHMETIC PROGRESSION, PRIME AR- 
RAY, PRIME-GENERATING POLYNOMIAL, SIERPINSKI’S 
PRIME SEQUENCE THEOREM 


Prime Spiral 


with PRIMES indicated in black, as first drawn by 
S. Ulam. Unexpected patterns of diagonal lines are ap- 
parent in such a plot, as illustrated in the above 199 x 199 
grid. 
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Prime String 

Call a number n a prime string from the left if n and all 
numbers obtained by successively removing the right- 
most DIGIT are PRIME. There are 83 left prime strings 
in base 10. The first few are 2, 3, 5, 7, 23, 29, 31, 37, 
53, 59, 71, 73, 79, 233, 239, 293, 311, 313, 317, 373, 
379, 593, 599, ... (Sloane’s A024770), the largest being 
73,939,133. Similarly, call a number n a prime string 
from the right if n and all numbers obtained by suc- 
cessively removing the left-most DIGIT are PRIME. The 
first few are 2, 3, 5, 7, 13, 17, 23, 37, 43, 47, 53, 67, 
73, 83, 97, 103, 107, 113, 137, 167, 173, ... (Sloane’s 
A033664). A large right prime string is 933,739,397. 


see also PRIME ARRAY, PRIME NUMBER 
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Prime Sum 
Let 


2(n) = Sp, 


be the sum of the first n PRIMES. The first few terms 
are 2, 5, 10, 17, 28, 41, 58, 77, ... (Sloane's A007504). 
Bach and Shallit (1996) show that 


n? 


D(n) 


~ 2logn’ 


and provide a general technique for estimating such 

sums. 

see also PRIMORIAL 
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Prime Theta Function | 
The prime theta function is defined as 


0(n) = 3 ln pi, 
i=1 


where p; is the ith PRIME. As shown by Bach and Shallit 
(1996), 
O(n) ~n. 
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Prime Triangle 


1 2 3 
12 3 4 
143 2 5 
143 2 5 6 


This triangle has rows beginning with 1 and ending with 
n, with the SUM of each two consecutive entries being a 
PRIME. 


see also PASCAL’S TRIANGLE 
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Prime Unit 
1 and —1 are the only INTEGERS which divide every 
INTEGER. They are therefore called the prime units. 


see also INTEGER, PRIME NUMBER, UNIT 


Prime Zeta Function 
The prime zeta function 


BaS (1) 


where the sum is taken over PRIMES is a generalization 
of the RIEMANN ZETA FUNCTION 


Di (2) 
k=1 


where the sum is over all integers. The prime zeta func- 
tion can be expressed in terms of the RIEMANN ZETA 
FUNCTION by 


¢(n) 


—kn 
Inc(n) =- )ln(1 =p") = YE, 

p>2 p>2 k=1 

i lin <~ Plkn 
= DE: p kn ` le ) (3) 

k=1  p>2 k=1 
Inverting then gives 
p(k 

Pin) = Y> EE melen), (4) 


where p(k) is the MOBIUS FUNCTION. The values for 
the first few integers starting with two are 


P(2) = 0.452247 (5) 
P(3) = 0.174763 (6) 
P(4) = 0.0769931 (7) 
P(5) ~ 0.035755. (8) 


see also MOBIUS FUNCTION, RIEMANN ZETA FUNC- 
TION, ZETA FUNCTION 
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Primequad 
see PRIME QUADRUPLET 


Primitive Recursive Function 


Primitive Abundant Number 

An ABUNDANT NUMBER for which all PROPER DI- 
VISORS are DEFICIENT is called a primitive abundant 
number (Guy 1994, p. 46). The first few ODD primi- 
tive abundant numbers are 945, 1575, 2205, 3465, ... 
(Sloane’s A006038). 


see also ABUNDANT NUMBER, DEFICIENT NUMBER, 
HIGHLY ABUNDANT NUMBER, SUPERABUNDANT NUM- 
BER, WEIRD NUMBER 
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Primitive Function 
see INTEGRAL 


Primitive [rreducible Polynomial 

An IRREDUCIBLE POLYNOMIAL which generates all ele- 
ments of an extension field from a base field. For any 
PRIME or PRIME POWER g and any POSITIVE INTEGER 
n, there exists a primitive irreducible POLYNOMIAL of 
degree n over GF(q). 


see also GALOIS FIELD, IRREDUCIBLE POLYNOMIAL 


Primitive Polynomial Modulo 2 

A special type of POLYNOMIAL of which a subclass has 
COEFFICIENTS of only 0 or 1. Such POLYNOMIALS define 
a RECURRENCE RELATION which can be used to obtain 
a new RANDOM bit from the n preceding ones. 


Primitive Prime Factor 
If n > 1 is the smallest INTEGER such that pla” — b” (or 
a” +b”), then p is a primitive prime factor. 


Primitive Pseudoperfect Number 
see PRIMITIVE SEMIPERFECT NUMBER 


Primitive Recursive Function 

For-loops (which have a fixed iteration limit) are a spe- 
cial case of while-loops. A function which can be imple- 
mented using only for-loops is called primitive recursive. 
(In contrast, a COMPUTABLE FUNCTION can be coded 
using a combination of for- and while-loops, or while- 
loops only.) 


The ACKERMANN FUNCTION is the simplest example of 
a well-defined TOTAL FUNCTION which is COMPUTABLE 
but not primitive recursive, providing a counterexample 
to the belief in the early 1900s that every COMPUTABLE 
FUNCTION was also primitive recursive (Dótzel 1991). 
see also ACKERMANN FUNCTION, COMPUTABLE FUNC- 
TION, TOTAL FUNCTION 
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Primitive Root 
A number g is a primitive root of m if 


g #1 (mod m) (1) 

for 1< k < mand 
g” =1 (mod m). (2) 
Only m = 2, 4, p”, and 2p° have primitive roots (where 


p > 2 and a is an INTEGER). For composite m, there 
may be more than one primitive root (both 3 and 7 


are primitive roots mod 10), but for prime p, there is 


only one primitive root. It is the INTEGER g satisfying 
1<g<p-— 1 such that g (mod p) has ORDER p — 1. 


The primitive root of m can also be defined as a cyclic 
generator of the multiplicative group (mod m) when m 
is a prime POWER or twice a PRIME POWER. Let p be 
any ODD PRIME k > 1, and let 


p-1 
s= Sr: (3) 
j=1 
Then 
_ J —1 (mod p) for p—1|k (4) 
= 10 (mod p) for p— 1tk. 


For numbers m with primitive roots, all y satisfying 
(p, y) = 1 are representable as | 


y =g" (mod m), (5) 


where t = 0, 1, ..., ġ(m)—1, t is known as the index, and 
y is an INTEGER. Kearnes showed that for any POSITIVE 
INTEGER m, there exist infinitely many PRIMES p such 
that 

M < gp <p m. (6) 


Call the least primitive root gp. Burgess (1962) proved 
that 
Ip < Crpi/4te (7) 


for C and e POSITIVE constants and p sufficiently large. 


The table below gives the primitive roots (for prime 
m = p; Sloane's A001918) and least primitive roots (for 
composite m) for the first few INTEGERS 
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Primitive Root of Unity 

A number r is an nth ROOT OF UNITY if r” = 1 and 
a primitive nth root of unity if, in addition, n is the 
smallest INTEGER of k = 1,..., n for which r° = 1. 


see also ROOT OF UNITY 


Primitive Semiperfect Number 

A SEMIPERFECT NUMBER for which none of its PROPER 
DIVISORS are pseudoperfect (Guy 1994, p. 46). The first 
few are 6, 20, 28, 88, 104, 272 ... (Sloane’s A006036). 
Primitive pseudoperfect numbers are also called IRRE- 
DUCIBLE SEMIPERFECT NUMBERS. There are infinitely 
many primitive pseudoperfect numbers which are not 
HARMONIC DIVISOR NUMBERS, and infinitely many 
ODD primitive semiperfect numbers. 
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see also HARMONIC DIVISOR NUMBER, SEMIPERFECT 
NUMBER 
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Primitive Sequence 
A SEQUENCE in which no term DIVIDES any other. 


References 
Guy, R. K. Unsolved Problems in Number Theory, 2nd ed. 
New York: Springer-Verlag, p. 202, 1994. 


Primorial 
For a PRIME p, 


primorial(p;) = p: # = IEZ 
j=1 


where p; is the ith PRIME. The first few values for p;3f, 
are 2, 6, 30, 210, 2310, 30030, 510510, ... 
A002110). 


p# — 1 is PRIME for PRIMES p = 3, 5, 11, 41, 89, 317, 
337, 991, 1873, 2053, 2377, 4093, 4297, ... (Sloane's 
A014563; Guy 1994), or pn for n = 2, 3, 5, 13, 24, 66, 
68, 167, 287, 310, 352, 564, 590, .... p# + 1 is known 
to be PRIME for the PRIMES p = 2, 3, 5, 7, 11, 31, 379, 
1019, 1021, 2657, 3229, 4547, 4787, 11549, ... (Sloane's 
A005234; Guy 1994, Mudge 1997), or pp for n = 1, 2, 3, 
4,5,11,75, 171, 172, 384, 457, 616, 643, 1391,.... Both 
forms have been tested to p = 25000 (Caldwell 1995). It 
is not known if there are an infinite number of PRIMES 
for which p# + 1 is PRIME or COMPOSITE (Ribenboim 
1989). 


see also FACTORIAL, FORTUNATE PRIME, PRIME 
SUM SMARANDACHE NEAR-TO-PRIMORIAL FUNCTION, 
TWIN PEAKS 


References 

Borning, A. “Some Results for k! + 1 and 2-3-5-p41.” 
Math. Comput. 26, 567-570, 1972. 

Buhler, J. P.; Crandall, R. E.; and Penk, M. A. “Primes of 
the form M!+1 and -3-5-p+1.” Math. Comput. 38, 
639-643, 1982. 

Caldwell, C. “On The Primality of n!+1 and 2:3-5---p+1.” 
Math. Comput. 64, 889-890, 1995. 

Dubner, H. “Factorial and Primorial Primes.” J. Rec. Math. 
19, 197-203, 1987. 

Dubner, H. “A New Primorial Prime.” J. Rec. Math. 21, 
276, 1989. 

Guy, R. K. Unsolved Problems in Number Theory, 2nd ed. 
New York: Springer-Verlag, pp. 7-8, 1994. 

Leyland, P. ftp:// sable. ox. ac. uk / pub / math / factors / 
primorial-.Z and primorial+.Z. 

Mudge, M. “Not Numerology but Numeralogy!” Personal 
Computer World, 279-280, 1997. 

Ribenboim, P. The Book of Prime Number Records, 2nd ed. 
New York: Springer-Verlag, p. 4, 1989. 


(Sloane’s 


Principal Curvatures 
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Prince Rupert’s Cube 

The largest CUBE which can be made to pass through 
a given CUBE. (In other words, the CUBE having 
a side length equal to the side length of the largest 
HOLE of a SQUARE CROSS-SECTION which can be cut 
through a unit CUBE without splitting it into two 
pieces.) The Prince Rupert's cube has side length 
3,/2/4 = 1.06065..., and any CUBE this size or smaller 
can be made to pass through the original CUBE. 


see also CUBE, SQUARE 
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Principal 
The original amount borrowed or lent on which INTER- 
EST is then paid or given. 


see also INTEREST 


Principal Curvatures 

The MAXIMUM and MINIMUM of the NORMAL CURVA- 
TURE «Kı and «2 at a given point on a surface are called 
the principal curvatures. The principal curvatures mea- 
sure the MAXIMUM and MINIMUM bending of a REG- 
ULAR SURFACE at each point. The GAUSSIAN CURVA- 
TURE K and MEAN CURVATURE A are related to xı and 
K2 by 


K = k1Ko (1) 
H = L(11 +42). (2) 
This can be written as a QUADRATIC EQUATION 
kK —- 2H. +K =0, (3) 
which has solutions 


ki = H+ /H?-K (4) 


Ko = H — H? - K. (5) 


see also GAUSSIAN CURVATURE, MEAN CURVATURE, 
NORMAL CURVATURE, NORMAL SECTION, PRINCIPAL 
DIRECTION, PRINCIPAL RADIUS OF CURVATURE, RO- 
DRIGUES’S CURVATURE FORMULA 
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Principal Curve 

A curve œ on a REGULAR SURFACE M is a principal 
curve IFF the velocity a’ always points in a PRINCIPAL 
DIRECTION, i.e., 


S(a’) = kia’, 


where S is the SHAPE OPERATOR and k; is a PRINCI- 
PAL CURVATURE. If a SURFACE OF REVOLUTION gener- 
ated by a plane curve is a REGULAR SURFACE, then the 
MERIDIANS and PARALLELS are principal curves. 
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Principal Direction 
The directions in which the PRINCIPAL CURVATURES oc- 
cur. 


see also PRINCIPAL DIRECTION 
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Principal Ideal 
An IDEAL I of a RING R is called principal if there is an 
element a of R such that 


IT=aR={ar:re€ R}. 


In other words, the IDEAL is generated by the element 
a. For example, the IDEALS nZ of the RING of INTE- 
GERS Z are all principal, and in fact all IDEALS of Z are 
principal. 

see also IDEAL, RING 


Principal Normal Vector 
see NORMAL VECTOR 


Principal Quintic Form 
A general QUINTIC EQUATION 


asa’ + ar +agx°+agz*+aix+a9=0 (1) 
can be reduced to one of the form 
y + bey” + biy + bo = 0, (2) 


called the principal quintic form. 


NEWTON’S RELATIONS for the ROOTS y; in terms of 
the bjs is a linear system in the 6;, and solving for the 
b;s expresses them in terms of the POWER sums Sn (y;). 
These POWER sums can be expressed in terms of the 
ajs, so the bjs can be expressed in terms of the ajs. For 
a quintic to have no quartic or cubic term, the sums of 
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the ROOTS and the sums of the SQUARES of the ROOTS 
vanish, so 


si(y;) = 0 (3) 
s2(y;) = 0. (4) 


Assume that the ROOTS y; of the new quintic are related 
to the ROOTS xj of the original quintic by 


yj = 2; + az; +6. (5) 


Substituting this into (1) then yields two equations for 
a and 8 which can be multiplied out, simplified by us- 
ing NEWTON’S RELATIONS for the POWER sums in the 
zj, and finally solved. Therefore, a and @ can be ex- 
pressed using RADICALS in terms of the COEFFICIENTS 
aj. Again by substitution into (4), we can calculate 
s3(y;), sa(y;) and ss(y;) in terms of a and 8 and the 
zj. By the previous solution for a and ĝ and again by 
using NEWTON’S RELATIONS for the POWER sums in 
the zj, we can ultimately express these POWER sums in 
terms of the aj. 


see also BRING QUINTIC FORM, NEWTON’S RELATIONS, 
QUINTIC EQUATION 


Principal Radius of Curvature 

Given a 2-D SURFACE, there are two “principal” RADII 
OF CURVATURE. The larger is denoted Ri, and the 
smaller Ra. These are PERPENDICULAR to each other, 
and both PERPENDICULAR to the tangent PLANE of the 
surface. 


see also GAUSSIAN CURVATURE, MEAN CURVATURE, 
RADIUS OF CURVATURE 


Principal Value 
see CAUCHY PRINCIPAL VALUE 


Principal Vector 
A tangent vector Vp = U1Xu + v2Xzy is a principal vector 
IFF 


va? — V1 V2 v1" 
det | E F G | =0, 
e Í g 


where e, f, and g are coefficients of the first FUNDAMEN- 
TAL FORM and E, F, G of the second FUNDAMENTAL 
FORM. 


see also FUNDAMENTAL FORMS, PRINCIPAL CURVE 
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Principal Vertex 

A VERTEX gz; of a SIMPLE POLYGON P is a princi- 
pal VERTEX if the diagonal [z;~1, 2:41] intersects the 
boundary of P only at 2;-1 and 2:41. 


see also EAR, MOUTH 
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Principle 
A loose term for a true statement which may be a Pos- 
TULATE, THEOREM, etc. 


see also AREA PRINCIPLE, ARGUMENT PRINCIPLE, AX- 
IOM, CAVALIERI’S PRINCIPLE, CONJECTURE, CONTI- 
NUITY PRINCIPLE, COUNTING GENERALIZED PRINCI- 
PLE, DIRICHLET’S BOX PRINCIPLE, DUALITY PRIN- 
CIPLE, DUHAMEL’S CONVOLUTION PRINCIPLE, EU- 
CLID’S PRINCIPLE, FUBINI PRINCIPLE, HASSE PRIN- 
CIPLE, INCLUSION-EXCLUSION PRINCIPLE, INDIFFER- 
ENCE PRINCIPLE, INDUCTION PRINCIPLE, INSUFFI- 
CIENT REASON PRINCIPLE, LEMMA, LOCAL-GLOBAL 
PRINCIPLE, MULTIPLICATION PRINCIPLE, PERMA- 
NENCE OF MATHEMATICAL RELATIONS PRINCIPLE, 
PONCELET’S CONTINUITY PRINCIPLE, PONTRYAGIN 
MAXIMUM PRINCIPLE, PORISM, POSTULATE, SCHWARZ 
REFLECTION PRINCIPLE, SUPERPOSITION PRINCI- 
PLE, SYMMETRY PRINCIPLE, THEOREM, T'HOMSON?S 
PRINCIPLE, TRIANGLE TRANSFORMATION PRINCIPLE, 
WELL-ORDERING PRINCIPLE 


Pringsheim’s Theorem 

Let C” (I) be the set of real ANALYTIC FUNCTIONS on J. 
Then C” (I) is a SUBALGEBRA of C” (1). A NECESSARY 
and SUFFICIENT condition for a function f € C™(L) to 
belong to C“ (1) is that 


FM (x)| < kn! 
for n = 0, 1, ... for a suitable constant k. 
see also ANALYTIC FUNCTION, SUBALGEBRA 
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Printer’s Errors 

Typesetting “errors” in which exponents or multiplica- 
tion signs are omitted but the resulting expression is 
equivalent to the original one. Examples include 


259? — 2592 


3%425 = 34425 
317325 = 312325 


Prismatic Ring 
5 25 _ 025 
2 23 = 20573 
where a whole number followed by a fraction is inter- 
preted as addition (e.g., 15 =1+ 5 =- 2). 
see also ANOMALOUS CANCELLATION 
References 
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Prior Distribution 
see BAYESIAN ANALYSIS 


Prism 


A POLYHEDRON with two congruent POLYGONAL faces 
and all remaining faces PARALLELOGRAMS. ‘The 3- 
prism is simply the CUBE. The simple prisms and an- 
tiprisms include: decagonal antiprism, decagonal prism, 
hexagonal antiprism, hexagonal prism, octagonal anti- 
prism, octagonal prism, pentagonal antiprism, pentago- 
nal prism, square antiprism, and triangular prism. The 
DUAL POLYHEDRON of a simple (Archimedean) prism is 
a BIPYRAMID. 


The triangular prism, square prism (cube), and hexag- 


onal prism are all SPACE-FILLING POLYHEDRA. 


see also ANTIPRISM, AUGMENTED HEXAGONAL PRISM, 
AUGMENTED PENTAGONAL PRISM, AUGMENTED TRI- 
ANGULAR PRISM, BIAUGMENTED PENTAGONAL PRISM, 
BIAUGMENTED TRIANGULAR PRISM, CUBE, METABI- 
AUGMENTED HEXAGONAL PRISM, PARABIAUGMENTED 
HEXAGONAL PRISM, PRISMATOID, PRISMOID, TRAPE- 
ZOHEDRON, TRIAUGMENTED HEXAGONAL PRISM, TRI- 
AUGMENTED TRIANGULAR PRISM 
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Prismatic Ring 
A MOBIUS STRIP with finite width. 


see also MOBIUS STRIP 


References 


Gardner, M. “Twisted Prismatic Rings.” Ch. 5 in Fractal 
Music, Hypercards, and More Mathematical Recreations 
from Scientific American Magazine. New York: W. H. 
Freeman, 1992. 


11/13/2017 FM Crystal Radio 


FM Crystal Radios? 


I have heard, even from a physicist, that it is impossible to build FM crystal radios. On the other hand some experimenters 
claim that they have built them. This argument intrigued me to try and build an FM crystal radio, which I have done 
successfully. To my surprise, the result is an astounding performer, pulling in four local stations in Tucson. When 
connected as a receiver to a good sound system the sound fidelity is as good or better than more expensive AM radios. In 
fact, it sounds "high-fidelity". 


This picture shows the Solomon FM Crystal Set in an acrylic display case. I made the set specifically to fit inside this case 
(the case came first). 


My definition of a crystal radio is one that is not powered, except by the radio transmission itself and employs a crystal 
detector. So, 1t should work without any batteries or AC power. An FM crystal receiver must be able to detect and receive 
FM signals well enough to be heard in earphones without any such extra power. 


This FM receiver is an amazing performer. It has crystal clear reception (pun intended), good sensitivity, but only 
fair selectivity. This set was a discovery for me. I started out by designing and building the normal AM sets. Then 
one day while testing the "Mystery" set (see my other web links), to my surprise, in addition to the expected 
panoply of AM stations, I heard a very faint signal that I could not tune out. At first, it seemed too weak to identify. 
When I tuned out all the AM stations, I was astonished to hear the announcement "KiiM FM, 99.5"! This is a 


http://solomonsmusic.net/FM_CrystalRadio.html 1/12 
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Prismatoid 

A POLYHEDRON having two POLYGONS in PARALLEL 
planes as bases and ‘TRIANGULAR or TRAPEZOIDAL lat- 
eral faces with one side lying in one base and the oppo- 
site VERTEX or side lying in the other base. Examples 
include the CUBE, PYRAMIDAL FRUSTUM, RECTANGU- 
LAR PARALLELEPIPED, PRISM, and PYRAMID. Let A, 
be the AREA of the lower base, A the AREA of the 
upper base, M the AREA of the midsection, and h the 
ALTITUDE. Then 


V = ah( Ai +4M + Az). 


see also GENERAL PRISMATOID, PRISMOID 


References 
Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, pp. 128 and 132, 1987. 


Prismoid 

A PRISMATOID having planar sides and the same num- 
ber of vertices in both of its parallel planes. The faces 
of a prismoid are therefore either TRAPEZOIDS or PAR- 
ALLELOGRAMS. Ball and Coxeter (1987) use the term 
to describe an ANTIPRISM. 


see also ANTIPRISM, PRISM, PRISMATOID 
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Prisoner’s Dilemma 

A problem in GAME THEORY first discussed by 
A. Tucker. Suppose each of two prisoners A and B, 
who are not allowed to communicate with each other, 
is offered to be set free if he implicates the other. If 
neither implicates the other, both will receive the usual 
sentence. However, if the prisoners implicate each other, 
then both are presumed guilty and granted harsh sen- 
tences. 


A DILEMMA arises in deciding the best course of action 
in the absence of knowledge of the other prisoner’s deci- 
sion. Each prisoner’s best strategy would appear to be 
to turn the other in (since if A makes the worst-case as- 
sumption that B will turn him in, then B will walk free 
and A will be stuck in jail if he remains silent). How- 
ever, if the prisoners turn each other in, they obtain the 
worst possible outcome for both. 

see also DILEMMA, TIT-FOR-TAT 
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Prizes 
see MATHEMATICS PRIZES 
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Probability 

Probability is the branch of mathematics which studies 
the possible outcomes of given events together with their 
relative likelihoods and distributions. In common usage, 
the word “probability” is used to mean the chance that 
a particular event (or set of events) will occur expressed 
on a linear scale from 0 (impossibility) to 1 (certainty), 


also expressed as a PERCENTAGE between 0 and 100%. 


The analysis of events governed by probability is called 
STATISTICS. 


There are several competing interpretations of the ac- 
tual “meaning” of probabilities. Frequentists view prob- 
ability simply as a measure of the frequency of out- 
comes (the more conventional interpretation), while 
BAYESIANS treat probability more subjectively as a sta- 
tistical procedure which endeavors to estimate parame- 
ters of an underlying distribution based on the observed 
distribution. 


A properly normalized function which assigns a proba- 
bility “density” to each possible outcome within some 
interval is called a PROBABILITY FUNCTION, and its cu- 
mulative value (integral for a continuous distribution or 
sum for a discrete distribution) is called a DISTRIBUTION 
FUNCTION. 


Probabilities are defined to obey certain assumptions, 
called the PROBABILITY AXIOMS. Let a SAMPLE SPACE 
contain the UNION (U) of all possible events E;, so 


Jz i (1) 


and let E and F denote subsets of S. Further, let F’ = 
not-F' be the complement of F, so that 


FUF'=S. (2) 
Then the set E can be written as 
E=ENS=EN(FUF')=(ENF)U(ENF'), (3) 


where N denotes the intersection. Then 


P(E) = P(ENF)+ P(ENF'’) - eka N(EN F’)) 
= P(EA F) + P(ENF')—-Pl(FOF)N(ENE) 
= P(EN F) + P(EN F')-— P(ØN E) 
= P(ENF)+P(ENF’)- oar 
= P(ENF)+P(ENF’, (4) 


where Y is the EMPTY SET. 


1446 Probability Axioms 


Let P(E|F) denote the CONDITIONAL PROBABILITY of 
E given that F has already occurred, then 


P(E) = P(E|F)P(F) + P(E|F')P(F’) 
= P(E|F)P(F) + P(E|F’)[1 — P(F)] (6 
P(AN B) = P(A)P(BIA) 


= P(B)P(A|B) 8 
P(A'N B) = P(AD)P(B|A') 9 
P(E|F) = Sa (10 

A very important result states that 
P(EUF)=P(E)+P(F) -P(ENF), (11) 


which can be generalized to 


P (Üa) = Y P(A) — Y) PU: U As) 


ij 


+ Y P(N ANA Ag) -+ (1P (A 4) | 


(12) 


see also BAYES’ FORMULA, CONDITIONAL PROBABIL- 
ITY, DISTRIBUTION, DISTRIBUTION FUNCTION, LIKE- 
LIHOOD, PROBABILITY AXIOMS, PROBABILITY FUNC- 
TION, PROBABILITY INEQUALITY, STATISTICS 


Probability Axioms 

Given an event E in a SAMPLE SPACE £ which is either 
finite with N elements or countably infinite with N = co 
elements, then we can write 


mie 


and a quantity P(E;), called the PROBABILITY of event 
E;, is defined such that 


1. 0< P(E;) < 1. 

2 P(S)=L 

3. Additivity: P(E U E2) = P(E1) + P(E2), where Er 
and Ez are mutually exclusive. 


4. Countable additivity: P (Uf, Es) = ;_, P(Es) for 
n=1,2,..., N where Ex, Ez, ...are mutually 
exclusive (i.e., Ey N E2 = Ø). 


see also SAMPLE SPACE, UNION 


Probability Density Function 
see PROBABILITY FUNCTION 


Probability Distribution Function 
see PROBABILITY FUNCTION 


Probability Function 
Probability Function 
The probability density function P(x) (also called the 
PROBABILITY DENSITY FUNCTION) of a continuous dis- 
tribution is defined as the derivative of the (cumulative) 
DISTRIBUTION FUNCTION D(z), 
D' (x) = [Pai = Plz) — P(-co) = P(z), (1) 


sO 


T 


Dia)=P(X<a)=f Pai O 


— 00 


A probability density function satisfies 
P(z € B) = / P(x) dx (3) 
B 
and is constrained by the normalization condition, 
P-o <r co)= / P(x) dz = 1. (4) 
Special cases are 
b 
P(a<x<b)= J P(x) dx (5) 
ATEA 
P(a < x < a+ da) = / P(x) dx = P(a) da (6) 
Pea) = J P(x) de = 0. (7) 


If u = u(x, y) and v = v(z, y), then 


a(x, y) 
O(u,v) | 


Pu, (u, v) = Pe,y(2, Y) (8) 


Given the MOMENTS of a distribution (u, o, and the 
GAMMA STATISTICS yr), the asymptotic probability 
function is given by 


P(x) = Z(x) 
[14,2% (2)] ad [Ly Z (x) + An Z)(2)| 
2 (e) + nnz (a) + dan 2 (0) 
Hz (2) + (ar? + ann) ZO (2) 
+ az) gan Z (e)... (9) 


where i 
2 2 
e (24) /20 (10) 
ov2r 


Z(x)= 


is the NORMAL DISTRIBUTION, and 


Kr 


= ort2 (11) 


Probability Inequality 


for r > 1 (with xr CUMULANTS and o the STANDARD 
DEVIATION; Abramowitz and Stegun 1972, p. 935). 


see also CONTINUOUS DISTRIBUTION, CORNISH-FISHER 
ASYMPTOTIC EXPANSION, DISCRETE DISTRIBUTION, 
DISTRIBUTION FUNCTION, JOINT DISTRIBUTION FUNC- 
TION 
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Probability Inequality | 
If B > A (Bis a superset of A), then P(A) < P(B). 


Probability Integral 


fe ee a ae 
ae a 
- 

Lie - 
* 


"4 
y 


“AN 


als) = 5 A 212 ay (1) 
==] “Pas (2) 
=26(2) 3) 
- at (3), (4) 


where (x) is the NORMAL DISTRIBUTION FUNCTION 
and ERF is the error function. 


see also ERF, NORMAL DISTRIBUTION FUNCTION 


Probability Measure 

Consider a PROBABILITY SPACE (S,S, P) where (5, S) 
is a MEASURABLE SPACE and P is a MEASURE on S 
with P(S) = 1. Then the MEASURE P is said to be 
a probability measure. Equivalently, P is said to be 
normalized. 

see also MEASURABLE SPACE, MEASURE, PROBABILITY, 
PROBABILITY SPACE, STATE SPACE 
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Probability Space 
A triple (S,S, P), where (S,S) is a measurable space 
and P is a MEASURE on S with P(S) = 1. 


see also MEASURABLE SPACE, MEASURE, PROBABILITY, 
PROBABILITY MEASURE, RANDOM VARIABLE, STATE 
SPACE 


Probable Error 
The first QUARTILE of a standard NORMAL DISTRIBU- 


TION occurs when 
t 
1 
f b(z) dz = 3- 
0 


The solution is t = 0.6745.... The value of t giving 
1/4 is known as the probable error of a NORMALLY DIS- 
TRIBUTED variate. However, the number 6 correspond- 
ing to the 50% CONFIDENCE INTERVAL, 


16 
P(6)=1-2 o(t) dt = 5, 


0 


is sometimes also called the probable error. 


see also SIGNIFICANCE 


Probable Prime 

A number satisfying FERMAT’S LITTLE THEOREM (or 
some other primality test) for some nontrivial base. A 
probable prime which is shown to be COMPOSITE is 
called a PSEUDOPRIME (otherwise, of course, it is a 
PRIME). 


see also PRIME NUMBER, PSEUDOPRIME 


Problem 


An exercise whose solution is desired. 


see also ALHAZEN’S BILLIARD PROBLEM, ALHAZEN’S 
PROBLEM, ANDRE’S PROBLEM, APOLLONIUS’ PROB- 
LEM, APOLLONIUS PURSUIT PROBLEM, ARCHIMEDES’ 
CATTLE PROBLEM, ARCHIMEDES’ PROBLEM, BALLOT 
PROBLEM, BASLER PROBLEM, BERTRAND’S PROB- 
LEM, BILLIARD TABLE PROBLEM, BIRTHDAY PROB- 
LEM, BISHOPS PROBLEM, BOLZA PROBLEM, BOOK 
STACKING PROBLEM, BOUNDARY VALUE PROBLEM, 
BOVINUM PROBLEMA, BRACHISTOCHRONE PROBLEM, 
BRAHMAGUPTA’S PROBLEM, BROCARD’S PROBLEM, 
BUFFON-LAPLACE NEEDLE PROBLEM, BUFFON’S NEE- 
DLE PROBLEM, BURNSIDE PROBLEM, BUSEMANN- 
PETTY PROBLEM, CANNONBALL PROBLEM, CASTIL- 
LON’S PROBLEM, CATALAN’S DIOPHANTINE PROB- 
LEM, CATALAN’S PROBLEM, CATTLE PROBLEM OF 
ARCHIMEDES, CAUCHY PROBLEM, CHECKER-JUMPING 
PROBLEM, CLOSED CURVE PROBLEM, COIN PROB- 
LEM, COLLATZ PROBLEM, CONDOM PROBLEM, CON- 
GRUUM PROBLEM, CONSTANT PROBLEM, COUPON 
COLLECTOR’S PROBLEM, CROSSED LADDERS PROB- 
LEM, CUBE DOVETAILING PROBLEM, DECISION PROB- 
LEM, DEDEKIND’S PROBLEM, DELIAN PROBLEM, DE 
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MERE’S PROBLEM, DIAGONALS PROBLEM, DIDO’S 
PROBLEM, DILEMMA, DINITZ PROBLEM, DIRICHLET 
DIVISOR PROBLEM, DISK COVERING PROBLEM, EQUI- 
CHORDAL PROBLEM, EXTENSION PROBLEM, FAG- 
NANO’S PROBLEM, FEJES TOTH’S PROBLEM, FER- 
MAT’S PROBLEM, FERMAT’S SIGMA PROBLEM, FISHER- 
BEHRENS PROBLEM, FIVE DISKS PROBLEM, FOUR 
COINS PROBLEM, FOUR TRAVELERS PROBLEM, FUSS’S 
PROBLEM, GAUSS’S CIRCLE PROBLEM, GAUSS’S CLASS 
NUMBER PROBLEM, GLOVE PROBLEM, GUTHRIE’S 
PROBLEM, HABERDASHER’S PROBLEM, HADWIGER 
PROBLEM, HALTING PROBLEM, HANSEN’S PROBLEM, 
HEESCH’S PROBLEM, HEILBRONN TRIANGLE PROBLEM, 
HILBERT’S PROBLEMS, ILLUMINATION PROBLEM, INDE- 
TERMINATE PROBLEMS, INITIAL VALUE PROBLEM, IN- 
TERNAL BISECTORS PROBLEM, ISOPERIMETRIC PROB- 
LEM, ISOVOLUME PROBLEM, JEEP PROBLEM, JOSEPHUS 
PROBLEM, KAKEYA NEEDLE PROBLEM, KAKUTANI’S 
PROBLEM, KATONA’S PROBLEM, KEPLER PROBLEM, 
KINGS PROBLEM, KIRKMAN’S SCHOOLGIRL PROB- 
LEM, KISSING CIRCLES PROBLEM, KNAPSACK PROB- 
LEM, KNOT PROBLEM, KONIGSBERG BRIDGE PROB- 
LEM, KURATOWSKI'S CLOSURE-COMPONENT PROB- 
LEM, LAM’S PROBLEM, LANGFORD’S PROBLEM, LEBES- 
GUE MEASURABILITY PROBLEM, LEBESGUE MINIMAL 
PROBLEM, LEHMER’S PROBLEM, LEMOINE’S PROB- 
LEM, LIFTING PROBLEM, LUCAS’ MARRIED COUPLES 
PROBLEM, MALFATTI’S RIGHT TRIANGLE PROBLEM, 
MALFATTI'S TANGENT TRIANGLE PROBLEM, MAR- 
RIED COUPLES PROBLEM, MATCH PROBLEM, MAx- 
IMUM CLIQUE PROBLEM, MENAGE PROBLEM, MET- 
RIC EQUIVALENCE PROBLEM, MICE PROBLEM, MI- 
KUSINSKI’S PROBLEM, MOBIUS PROBLEM, MONEY- 
CHANGING PROBLEM, MONKEY AND COCONUT PROB- 
LEM, MONTY HALL PROBLEM, MORTALITY PROB- 
LEM, MOSER’S CIRCLE PROBLEM, NAPOLEON’S PROB- 
LEM, NAVIGATION PROBLEM, NEAREST NEIGHBOR 
PROBLEM, NP-COMPLETE PROBLEM, NP-PROBLEM, 
ORCHARD-PLANTING PROBLEM, ORCHARD VISIBIL- 
ITY PROBLEM, P-PROBLEM, PARTY PROBLEM, PI- 
ANO MOVER’S PROBLEM, PLANAR BUBBLE PROBLEM, 
PLATEAU’S PROBLEM, POINTS PROBLEM, POSTAGE 
STAMP PROBLEM, POTHENOT PROBLEM, PROUHET’S 
PROBLEM, QUEENS PROBLEM, RAILROAD TRACK 
PROBLEM, RIEMANN’S MODULI PROBLEM, SATISFI- 
ABILITY PROBLEM, SCHOOLGIRL PROBLEM, SCHUR’S 
PROBLEM, SCHWARZ’S TRIANGLE PROBLEM, SHAR- 
ING PROBLEM, SHEPHARD’S PROBLEM, SINCLAIR’S 
SOAP FILM PROBLEM, SMALL WORLD PROBLEM, 
SNELLIUS-POTHENOT PROBLEM, STEENROD’S REAL- 
IZATION PROBLEM, STEINER’S PROBLEM, STEINER’S 
SEGMENT PROBLEM, SURVEYING PROBLEMS, SYL- 
VESTER’S FOUR-POINT PROBLEM, SYLVESTER’S LINE 
PROBLEM, SYLVESTER’S TRIANGLE PROBLEM, SYRA- 
CUSE PROBLEM, SYZYGIES PROBLEM, TARRY-ESCOTT 
PROBLEM, TAUTOCHRONE PROBLEM, THOMSON PROB- 
LEM, THREE JUG PROBLEM, TRAVELING SALESMAN 
PROBLEM, TRAWLER PROBLEM, ULAM’S PROBLEM, 


Problem 


UTILITY PROBLEM, VIBRATION PROBLEM, WALLIS’S 
PROBLEM, WARING’S PROBLEM 
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Procedure 

A specific prescription for carrying out a task or solving 
a problem. Also called an ALGORITHM, METHOD, or 
TECHNIQUE 


see also BISECTION PROCEDURE, MAEHLY’S PROCE- 
DURE 


Proclus’ Axiom 
If a line intersects one of two parallel lines, it must in- 
tersect the other also. This AXIOM is equivalent to the 
PARALLEL AXIOM. 
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Procrustian Stretch 
see HYPERBOLIC ROTATION 


Product 

The term “product” refers to the result of one or more 
MULTIPLICATIONS. For example, the mathematical 
statement a x b = c would be read “a TIMES b EQUALS 


c,” where c is the product. 


The product symbol is defined by 


n 


[AE htta 


¿=1 


Useful product identities include 


ln II al ES a fi 
i=l i=1 


IE = exp Y nf 
i=1 i=1 


For 0 < a; < 1, then the products IS (1 + a;) and 
 (1—a;) con d diver pa 
>j ai) converge and diverge a ¿—1 i 
see also CROSS PRODUCT, DOT PRODUCT, INNER 
PRODUCT, MATRIX PRODUCT, MULTIPLICATION, NON- 
ASSOCIATIVE PRODUCT, OUTER PRODUCT, SUM, TEN- 


SOR PRODUCT, TIMES, VECTOR TRIPLE PRODUCT 
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Product Formula 

Let a be a NONZERO RATIONAL NUMBER a@ = 
+pı%1 p2? ---p “Ll, where pi, ..., pr are distinct 
PRIMES, a; € Z and œ; 4 0. Then 


al [[ lalo = pp -pr 


p prime 


xpi p2 pp oF = 1. 
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Product-Moment Coefficient of Correlation 
see CORRELATION COEFFICIENT 


Product Neighborhood 
see TUBULAR NEIGHBORHOOD 


Product Rule 
The DERIVATIVE identity 


se E + hole +h) — f(x +h)g(2) 
h—=0 h 


m fx + nat») — f(x)g(x) 
g(x + h) — g(x) 
h 


= lim 16 +h) 


= f(x)g (x) + g(x) f (2). 


see also CHAIN RULE, EXPONENT LAWS, QUOTIENT 
RULE 
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Product Space 

A Cartesian product equipped with a “product topol- 
ogy” is called a product space (or product topological 
space, or direct product). 
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Projection Operator 


Program 

A precise sequence of instructions designed to accom- 
plish a given task. The implementation of an ALGO- 
RITHM on a computer using a programming language is 
an example of a program. 


see also ALGORITHM 


Projection 


A projection is the transformation of POINTS and LINES 
in one PLANE onto another PLANE by connecting corre- 
sponding points on the two planes with PARALLEL lines. 
This can be visualized as shining a (point) light source 
(located at infinity) through a translucent sheet of paper 
and making an image of whatever is drawn on it on a 
second sheet of paper. The branch of geometry dealing 
with the properties and invariants of geometric figures 
under projection is called PROJECTIVE GEOMETRY. 


The projection of a VECTOR a onto a VECTOR u is given 
by 

proj,,a = jae 
and the length of this projection is 


|proj,,al = aei 
Ñ ju] 


General projections are considered by Foley and Van- 
Dam (1983). 


see also MAP PROJECTION, POINT-PLANE DISTANCE, 
PROJECTIVE GEOMETRY, REFLECTION 
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Projection Operator 
P = |Pi(x)) (bi Ct) 
BY cslós(t)) = cildi(2)) 


Projective Collineation 


Y ló:(2))(6:(2)] = 1. 


see also BRA, KET 


Projective Collineation 

A COLLINEATION which transforms every 1-D form pro- 
jectively. Any COLLINEATION which transforms one 
range into a projectively related range is a projective 
collineation. Every PERSPECTIVE COLLINEATION is a 
projective collineation. 


see also COLLINEATION, ELATION, HOMOLOGY (GEOM- 
ETRY), PERSPECTIVE COLLINEATION 
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Projective General Linear Group 

The projective general linear group PGL,(q) is the 
GROUP obtained from the GENERAL LINEAR GROUP 
GEL. (q) on factoring the scalar MATRICES contained in 
that group. 


see also GENERAL LINEAR GROUP, PROJECTIVE GEN- 
ERAL ORTHOGONAL GROUP, PROJECTIVE GENERAL 
UNITARY GROUP 
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Projective General Orthogonal Group 

The projective general orthogonal group PGO,(q) is 
the GROUP obtained from the GENERAL ORTHOGONAL 
GROUP GOn(q) on factoring the scalar MATRICES con- 
tained in that group. 


see also GENERAL ORTHOGONAL GROUP, PROJECTIVE 
GENERAL LINEAR GROUP, PROJECTIVE GENERAL UNI- 
TARY GROUP 
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Projective General Unitary Group 

The projective general unitary group PGU,(q) is the 
GROUP obtained from the GENERAL UNITARY GROUP 
GU n(q) on factoring the scalar MATRICES contained in 
that group. 


see also GENERAL UNITARY GROUP, PROJECTIVE GEN- 
ERAL LINEAR GROUP, PROJECTIVE GENERAL OR- 
THOGONAL GROUP, PROJECTIVE GENERAL UNITARY 
GROUP 
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Projective Geometry 

The branch of geometry dealing with the properties and 
invariants of geometric figures under PROJECTION. The 
most amazing result arising in projective geometry is 
the DUALITY PRINCIPLE, which states that a duality 
exists between theorems such as PASCAL’S THEOREM 
and BRIANCHON’S THEOREM which allows one to be in- 
stantly transformed into the other. More generally, all 
the propositions in projective geometry occur in dual 
pairs, which have the property that, starting from ei- 
ther proposition of a pair, the other can be immediately 
inferred by interchanging the parts played by the words 
“POINT” and “LINE.” | 


The AXIOMS of projective geometry are: 


1. If A and B are distinct points on a PLANE, there is 
at least one LINE containing both A and B. 


2. If A and B are distinct points on a PLANE, there is 
not more than one LINE containing both A and B. 


3. Any two LINES on a PLANE have at least one point 
of the PLANE in common. 


4. There is at least one LINE on a PLANE. 


5. Every LINE contains at least three points of the 
PLANE. 


6. All the points of the PLANE do not belong to the 
same LINE 


(Veblin and Young 1910-18, Kasner and Newman 1989). 


see also COLLINEATION, DESARGUES’ THEOREM, FUN- 
DAMENTAL THEOREM OF PROJECTIVE GEOMETRY, IN- 
VOLUTION (LINE), PENCIL, PERSPECTIVITY, PROJEC- 
TIVITY, RANGE (LINE SEGMENT), SECTION (PENCIL) 
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Projective Plane 

A projective plane is derived from a usual PLANE by 
addition of a LINE AT INFINITY. A projective plane of 
order. n is a set of n? +n+1 POINTS with the properties 
that: 


1. Any two POINTS determine a LINE, 
2. Any two LINES determine a POINT, 
3. Every POINT has n + 1 LINES on it, and 
4. Every LINE contains n + 1 POINTS. 


(Note that some of these properties are redundant.) A 
projective plane is therefore a SYMMETRIC (n? +n+1, 
n +1, 1) BLOCK DESIGN. An AFFINE PLANE of order 
n exists IFF a projective plane of order n exists. 


A finite projective plane exists when the order n is a 
POWER of a PRIME, i.e., n = p° for a > 1. It is conjec- 
tured that these are the only possible projective planes, 
but proving this remains one of the most important un- 
solved problems in COMBINATORICS. The first few or- 
ders which are not of this form are 6, 10, 12, 14, 15, 


It has been proven analytically that there are no pro- 
jective planes of order 6. By answering LAM’S PROB- 
LEM in the negative using massive computer calculations 
on top of some mathematics, it has been proved that 
there are no finite projective planes of order 10 (Lam 
1991). The status of the order 12 projective plane re- 
mains open. The remarkable BRUCK-RYSER-CHOWLA 
THEOREM says that if a projective plane of order n ex- 
ists, and n = 1 or 2 (mod 4), then n is the sum of two 
SQUARES. This rules out n = 6. 


The projective plane of order 2, also known as the FANO 
PLANE, is denoted PG(2, 2). It has INCIDENCE MATRIX 


OOOO A 
ÓO RFK CoO Fe 
h A OOo CO OF 
O PORO oO 
= O POOo 
ROO RA OO 
O PAR O 1:00 


Every row and column contains 3 1s, and any pair of 
rows/columns has a single 1 in common. 


The projective plane has EULER CHARACTERISTIC 1, 
and the HEAWOOD CONJECTURE therefore shows that 


Projective Special Linear Group 


any set of regions on it can be colored using six colors 
only (Saaty 1986). 


see also AFFINE PLANE, BRUCK-RYSER-CHOWLA THE- 
OREM, FANO PLANE, LAM’S PROBLEM, MAP COL- 
ORING, MOUFANG PLANE, PROJECTIVE PLANE PK?, 
REAL PROJECTIVE PLANE 
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Projective Plane PK? 
The 2-D SPACE consisting of the set of TRIPLES 


{(a, b,c): a,b,c € K, not all zero}, 


where triples which are SCALAR multiples of each other 
are identified. 


Projective Space 

A SPACE which is invariant under the GROUP G of 
all general LINEAR homogeneous transformation in the 
SPACE concerned, but not under all the transformations 
of any GROUP containing G as a SUBGROUP. 


A projective space is the space of 1-D VECTOR SUB- 
SPACES of a given VECTOR SPACE. For REAL VECTOR 
SPACES, the NOTATION RP” or P” denotes the REAL 
projective space of dimension n (i.e., the SPACE of 1- 
D VECTOR SUBSPACES of R”**) and CP” denotes the 
COMPLEX projective space of COMPLEX dimension n 
(i.e., the space of 1-D COMPLEX VECTOR SUBSPACES 
of C”**). P” can also be viewed as the set consisting of 
R” together with its POINTS AT INFINITY. 


Projective Special Linear Group 

The projective special linear group PSL.(q) is the 
GROUP obtained from the SPECIAL LINEAR GROUP 
SIn(q) on factoring by the SCALAR MATRICES contained 
in that GROUP. It is SIMPLE for n > 2 except for 


PSL2(2) = S3 
PSL» (3) = Aa, 


and is therefore also denoted Ln (GQ). 

see also PROJECTIVE SPECIAL ORTHOGONAL GROUP, 
PROJECTIVE SPECIAL UNITARY GROUP, SPECIAL LIN- 
EAR GROUP 


Projective Special Orthogonal Group 
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Projective Special Orthogonal Group 

The projective special orthogonal group PSO,(q) is 
the GROUP obtained from the SPECIAL ORTHOGONAL 
GROUP SO,(q) on factoring by the SCALAR MATRICES 
contained in that GROUP. In general, this GROUP is not 
SIMPLE. 


see also PROJECTIVE SPECIAL LINEAR GROUP, PRO- 
JECTIVE SPECIAL UNITARY GROUP, SPECIAL ORTHOG- 
ONAL GROUP 
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Projective Special Unitary Group 

The projective special unitary group PSU,(q) is the 
GROUP obtained from the SPECIAL UNITARY GROUP 
SUn(q) on factoring by the SCALAR MATRICES con- 
tained in that GROUP. PSU,,(q) is SIMPLE except for 


PSU2(2) = S3 
PSU2(3) = Aa 
PSU3(2) = 3? : Qs, 


so it is given the simpler name U,(q), with Uz(q) = 
La(g). 
see also PROJECTIVE SPECIAL LINEAR GROUP, PRO- 


JECTIVE SPECIAL ORTHOGONAL GROUP, SPECIAL UNI- 
TARY GROUP 
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Projective Symplectic Group 

The projective symplectic group PSp, (q) is the GROUP 
obtained from the SYMPLECTIC GROUP Sp, (q) on fac- 
toring by the SCALAR MATRICES contained in that 
GROUP. PSp,,,,(q) is SIMPLE except for 


PSp.(2) = S3 
PSp2(3) = As 
PSp,(2) ae Se, 


so it is given the simpler name S2m(q), with Se(q) = 
L2(q). 


Prolate Cycloid 1453 


References 

Conway, J. H.; Curtis, R. T.; Norton, S. P.; Parker, R. A.; 
and Wilson, R. A. “The Groups Sp, (q) and PSp,(q) = 
Sn(q).” §2.3 in Atlas of Finite Groups: Mazimal Sub- 
groups and Ordinary Characters for Simple Groups. Ox- 
ford, England: Clarendon Press, pp. x-xi, 1985. 


Projectivity 
The product of any number of PERSPECTIVITIES. 


see also INVOLUTION (TRANSFORMATION), PERSPEC- 
TIVITY 


Prolate Cycloid 


>. + 
4 4 


The path traced out by a fixed point at a RADIUS 6 > a, 
where a is the RADIUS of a rolling CIRCLE, also some- 
times called an EXTENDED CYCLOID. The prolate cy- 
cloid contains loops, and has parametric equations 


z = aġ — bsin ġ (1) 
y =a-—bcosg. (2) 


The ARC LENGTH from ¢ = 0 is 


s = 2(a + b)E(u), (3) 
where 
sin($¢) = snu (4) 
2 4ab 
k = Gio? tor (5) 


see also CURTATE CYCLOID, CYCLOID 
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Prolate Cycloid Evolute 


The EVOLUTE of the PROLATE CYCLOID is given by 
a|—2b¢@ + 2aġ cos $ — 2a sin ¢ + bsin(2¢)| 
L= Oo => 
2(a cos ġ — b) 
_ ala—bcosg) 
a b(acos ¢@ — b) ` 


Prolate Spheroid 


a A Lae 


AS 


A SPHEROID which is “pointy” instead of “squashed,” 
i.e., one for which the polar radius c is greater than the 
equatorial radius a, so c > a. A prolate spheroid has 
Cartesian equations 


2 2 2 
"a Zz” o 
Ta taat 0) 


The ELLIPTICITY of the prolate spheroid is defined by 


c? — a? Jc? — a? a? 
e = 7 = 1 — E (2) 
c c c 
so that R 
1 — e? == EN (3) 
Then 
e? a —1/2 | 
ra (14 Eg si 5) i (4) 
The SURFACE AREA and VOLUME are 
S = 2ra’ + on sinte (5) 
v= imac. (6) 


see also DARWIN-DE SITTER SPHEROID, ELLIPSOID, 
OBLATE SPHEROID, PROLATE SPHEROIDAL COORDI- 
NATES, SPHERE, SPHEROID 
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Prolate Spheroidal Coordinates 


A system of CURVILINEAR COORDINATES in which two 
sets of coordinate surfaces are obtained by revolving 
the curves of the ELLIPTIC CYLINDRICAL COORDI- 
NATES about the x-AXIS, which is relabeled the z-AXIs. 
The third set of coordinates consists of planes passing 
through this axis. 


x = asinh€ sin ņ cos ġ (1) 
y = asinh £ sin ņ sin ġ (2) 
z = a cosh £ cos n, (3) 


where € E [0,co), 7 € [0,7), and @ € [0,27). Arf- 
ken (1970) uses (u,v, p) instead of (£, y, 2). The SCALE 
FACTORS are 


he = ay sinh? £ + sin? y 
h, = ay sinh? £ + sin? y 


hg = asinh € sin 7. 


n o E 
DD A b 
Nee ee S” 


The LAPLACIAN is 


2p 1 A ce BOF 
v a? (sinh? £ + sin? y) | sare 0 (sine 3 


B 1 2 sa 
nato es n + csch” €) ap? 


ð 8? 0 8? 
lia] e aa ME 
cota + | Se + cot ht gal (8) 


An alternate form useful for “two-center” problems is 
defined by 


É, = cosh £ (9) 
E2 = cos y (10) 
E3 = Q, (11) 


11/13/2017 FM Crystal Radio 


country music FM station here in Tucson. It was all over the dial, untunable, but the much louder AM signals 
masked it when they were tuned in. 


I set myself the task of trying to improve the FM reception. I tried some simple circuit modifications that did not 
seem to improve anything. Then I connected a dipole antenna instead of the AM antenna I normally use. Suddenly, 
the FM signal was much clearer, although still weak. By using the audio output and sound system amplifier, I was 
even more amazed that four different FM stations came in loud (or rather medium) and clear. I found that changing 
the telescoping antenna length and position I could tune the stations in and out. They were KRQ, KLPX, KiiM, and 
KHYT all local FM stations with transmitters nearby. Their reception was also affected by the length and position 
of the audio output cable. 


After doing some research, I discovered that there was a physical theory that claimed that FM reception was 
possible and even probable using the same circuit as an AM receiver. The theory is called "slope detection". So, I set 
out to find circuit improvements. A web search yielded little, mostly theory. But there was enough information that 
I thought I could make some modifications to the AM circuits to make them more tunable to FM signals and less 
tunable to AM. Since FM operates at higher frequencies, all I had to do, I thought, was make the coil and caps 
smaller. After much "tinkering" I arrived at the current circuit. 


The circuit looks identical to a classic AM crystal circuit but is even simpler to build. The components were reduced in 
dimension to resonate at higher frequencies. This was done by experimenting with smaller and smaller coils and capacitors. 
The antenna is also much reduced in size (from that of AM) to resonate at higher frequencies (the antenna is crucial). The 
air variable capacitor I used has two trimmers in it which should be adjusted for best reception.I have found that a 
commonly available vernier dial and knob will fit the capacitor nicely. See end of article for a picture of the variable. C3 1s 
a ceramic capacitor of 18 pf, but may be anywhere from 10 to 50pf. A detected FM signal is converted to AM due to an 
effect called slope detection that modulates amplitude. 


This FM Crystal Set works best near the transmitter (I have not tested it beyond about 10 miles). Secondly, the sound level 
is quiet, especially without an amplifier. A quiet room is needed for listening with earphones. One must be willing to move 
the set around to find a location for the best reception of signals. However, in addition to listening with high impedance 
earphones (crystal or otherwise), the set can be connected directly to an audio amplifier's low level magnetic input which 
can then play amplified through a sound system at any volume -- sounds GREAT. In fact, I recommend starting tests with 
the FM crystal set by connecting it to the low-level phono inputs of a receiver or preamplifier. (Nowadays, many receivers 
don't even have a phono input!) That way you can crank up the volume, which makes it more likely to find the FM stations. 
If no signals are detected, I also recommend connecting an external "rabbit ear" antenna or hanging a short wire (12 inches 
Or SO) in various positions next to the internal antenna. The variable length of rabbitt ears can help to tune in stations. 


No additional wiring or antenna is necessary (the antenna is optimized in length for FM.) 


http://solomonsmusic.net/FM_CrystalRadio.html 2/12 


Prolate Spheroidal Wave Function 


where é& € [l,oo], €2 € [-1,1], and €3 € [0,27) 
(Abramowitz and Stegun 1972). In these coordinates, 


go ati Ez (12) 
x = ay (1° — 1)(1 — 2°) cos és (13) 
y = ay (€1* — 1)(1 — €2*) sings. (14) 


In terms of the distances from the two FOCI, 


_ Titre 
f= Do | (15) 
Trion 
& = Sa (16) 
2a = T12- (17) 
The SCALE FACTORS are 
2  ¢2 
he, =a E £ (18) 
10 02 
he, a = — = (19) 
he, = ay (€1* — 1)(1 — 2°), (20) 
and the LAPLACIAN is 
2 1)_1 2 | _ OF 
V Í => a? E oe z? DE; O 1) 2 
1 O 2, Of 
Ed ( ? Ka 
1 O° f 
aaa) EE 


The HELMHOLTZ DIFFERENTIAL EQUATION is separable 
in prolate spheroidal coordinates. 


see also HELMHOLTZ DIFFERENTIAL EQUATION— 
PROLATE SPHEROIDAL COORDINATES, LATITUDE, LON- 
GITUDE, OBLATE SPHEROIDAL COORDINATES, SPHERI- 
CAL COORDINATES 
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Prolate Spheroidal Wave Function 
The WAVE EQUATION in PROLATE SPHEROIDAL COOR- 
DINATES is 


A hee n2], 2 fa e322 
T (e Da a 62 | 
E? — éa? O° sm 


id eet: 
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where 
c= žak. (2) 
Substitute in a trial solution 
B =Remnlc,E1)Smnle,E2) (mo) (3) 


ĉi Rmn (c, El ) 


= (Ann a CE? + 


te = DE 
35) Rmnlc,€1) =0. (4) 


The radial differential equation is 


d 2 d 
des le = 1) Fg Fn e) 
- (Amo = Cet + oF) mnlosta)=0, (5) 


and the angular differential equation is 


d 


2 d 
des a — 2”) = Smn (C, 3 


d&2 


2 

= an == cE 3 + = 

( TAS 

Note that these are identical (except for a sign change). 


The prolate angular function of the first kind is given 
by 


sa) — f Ls dr(c)Pm+r(7) for n— m odd 
= >rzo.2,... dr(c)Pm+r (1) for n — m even, 
(7) 
where PX (7) is an associated LEGENDRE POLYNOMIAL. 
The prolate angular function of the second kind is given 


) Rmn(c,€2) =0. (6) 


by 
` dr (c)Qm4r(0) for n—m odd 
g@) = J EEE 
oe y dr(c)Qm+r(m) for n— m even, 
PS = AA 


(8) 
where Qg (n) is an associated LEGENDRE FUNCTION OF 
THE SECOND KIND and the COEFFICIENTS d, satisfy 
the RECURRENCE RELATION 


ardg42 + (Be — Amn)dx + Ykrdk-2 = 0, (9) 
with 
(Qm+k+2)(Qn+k+ De? 
ee i E a Ba (10) 
(2m + 2k + 3)(2m + 2k + 5) 
Br =(m+k)(m+k + 1) 
een ma BS ae 1. aa 
(Q2m + 2k—1)(Qm+2k+3) © 
za, 2 
k(k — Dc (12) 


Y = m + 2k — 3)(2m + 2k — 1) 
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Various normalization schemes are used for the ds 
(Abramowitz and Stegun 1972, p. 758). Meixner and 
Schafke (1954) use 


1 
2 2 (n+m)! 
mir Cy = awe eae 13 
A re a 03) 
Stratton et al. (1956) use 
(n +m)! nn Ad, for n — m odd 
(nm)! o +2) d, for n—m even. 
(14) 
Flammer (1957) uses 
Sea) = J BRO) for n-m odd (15) 
al es PEO) for n — m even. 


see also OBLATE SPHEROIDAL WAVE FUNCTION 
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Pronic Number 

A FIGURATE NUMBER of the form P, = 2T, = n(n+1), 
where Thn is the nth TRIANGULAR NUMBER. The first 
few are 2, 6, 12, 20, 30, 42, 56, 72, 90, 110, ... (Sloane’s 
A002378). The GENERATING FUNCTION of the pronic 
numbers is 


aoo ea 


The first few n for which P,, are PALINDROMIC are 1, 2, 
16, 77, 538, 1621, ... (Sloane's A028336), and the first 
few PALINDROMIC NUMBERS which are pronic are 2, 6, 
272, 6006, 289982, ... (Sloane’s A028337). 
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Proof 

A rigorous mathematical argument which unequivocally 
demonstrates the truth of a given PROPOSITION. A 
mathematical statement which has been proven is called 
a ‘THEOREM. 


There is some debate among mathematicians as to just 
what constitutes a proof. The FOUR-COLOR THEOREM 
is an example of this debate, since its “proof” relies on 
an exhaustive computer testing of many individual cases 
which cannot be verified “by hand.” While many mathe- 
maticians regard computer-assisted proofs as valid, some 
purists do not. 


see also PARADOX, PROPOSITION, THEOREM 
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Proofreading Mistakes 

If proofreader A finds a mistakes and proofreader B 
finds b mistakes, c of which were also found by A, how 
many mistakes were missed by both A and B? Assume 
there are a total of m mistakes, so proofreader A finds a 
FRACTION a/m of all mistakes, and also a FRACTION c/b 
of the mistakes found by B. Assuming these fractions 
are the same, then solving for m gives 


The number of mistakes missed by both is therefore ap- 
proximately 


TT gee 


References 
Pólya, G. “Probabilities in Proofreading.” 
Monthly, 83, 42, 1976. 
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Propeller 


A 4-POLYHEX. 


References 

Gardner, M. Mathematical Magic Show: More Puzzles, 
Games, Diversions, Illusions and Other Mathematical 
Sleight-of-Mind from Scientific American. New York: 
Vintage, p. 147, 1978. 


Proper Cover 
see COVER 


Proper Divisor 


Proper Divisor 
A DIVISOR of a number n excluding n itself. 


see also ALIQUANT DIVISOR, ALIQUOT DIVISOR, DIVI- 
SOR 


Proper Fraction 
A FRACTION p/q < 1. 


see also FRACTION, REDUCED FRACTION 


Proper Integral | 

An INTEGRAL which has neither limit INFINITE and from 
which the INTEGRAND does not approach INFINITY at 
any point in the range of integration. 


see also IMPROPER INTEGRAL, INTEGRAL 


Proper k-Coloring 
see k- COLORING 


Proper Subset 

A SUBSET which is not the entire SET. For example, 
consider a SET {1, 2, 3, 4, 5}. Then {1, 2, 4} and {1} 
are proper subsets, while {1, 2, 6} and {1, 2, 3, 4, 5} 
are not. 


see also SET, SUBSET 


Proper Superset 
A SUPERSET which is not the entire SET. 


see also SET, SUPERSET 


Proportional 
If a is proportional to b, then a/b is a constant. The 
relationship is written a œ b, which implies 


a= cb, 
for some constant c. 


Proposition 
A statement which is to be proved. 


Propositional Calculus 

The formal basis of LOGIC dealing with the notion and 
usage of words such as “NoT,” “OR,” “AND,” and “Im- 
PLIES.” Many systems of propositional calculus have 
been devised which attempt to achieve consistency, com- 
pleteness, and independence of AXIOMS. 


see also LOGIC, P-SYMBOL 


References 

Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., pp. 254-255, 1989. 

Nidditch, P. H. Propositional Calculus. New York: Free 
Press of Glencoe, 1962. 


Prosthaphaeresis Formulas 
TRIGONOMETRY formulas which convert a product of 
functions into a sum or difference. 
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Proth’s Theorem 

For N = h- 2” +1 with ODD h and 2” > h, if there 
exists an INTEGER a such that 


ANP = _1 (mod N), 


then N is PRIME. 


Protractor 
A ruled SEMICIRCLE used for measuring and drawing 
ANGLES. 


Prouhet’s Problem 
A generalization of the TARRY-ESCOTT PROBLEM to 
three or more sets of INTEGERS. 


see also TARRY-ESCOTT PROBLEM 


References 

Wright, E. M. “Prouhet’s 1851 Solution of the Tarry-Escott 
Problem of 1910.” Amer. Math. Monthly 102, 199-210, 
1959. 


Priifer Ring 

A metric space Z, in which the closure of a congruence 
class B(j, m) is the corresponding congruence class {x € 
Z\x = j (mod m)}. 


References 

Fried, M. D. and Jarden, M. Field Arithmetic. New York: 
Springer-Verlag, pp. 7-11, 1986. 

Postnikov, A. G. Introduction to Analytic Number Theory. 
Providence, RI: Amer. Math. Soc., 1988. 


Prussian Hat 
A device used in the Cornwell smoothness stabilized 
modification of the CLEAN ALGORITHM. 


see also CLEAN ALGORITHM 


Pseudoanalytic Function 

A pseudoanalytic function is a function defined using 
generalized CAUCHY-RIEMANN EQUATIONS. Pseudo- 
analytic functions come as close as possible to having 
COMPLEX derivatives and are nonsingular “quasiregu- 
lar” functions. 


see also ANALYTIC FUNCTION, SEMIANALYTIC, SUBAN- 
ALYTIC 


Pseudocrosscap 
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A surface constructed by placing a family of figure-eight 
curves into R? such that the first and last curves reduce 
to points. The surface has parametric equations 


z(u,v) = (1—u*) sino 
y(u,v) = (1 — u’) sin(2v) 


z(u,v) = 4. 


References 
Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, pp. 247-248, 1993. 


Pseudocylindrical Projection 
A projection in which latitude lines are parallel but 
meridians are curves. 


see also CYLINDRICAL PROJECTION, ECKERT IV PRO- 
JECTION, ECKERT VI PROJECTION, MOLLWEIDE PRO- 
JECTION, ROBINSON PROJECTION, SINUSOIDAL PRO- 
JECTION 


References 
Dana, P. H. “Map Projections.” http://www.utexas.edu/ 
depts/grg/gcraft/notes/mapproj/mapproj.html. 


Pseudogroup 

An algebraic structure whose elements consist of se- 
lected HOMEOMORPHISMS between open subsets of a 
SPACE, with the composition of two transformations de- 
fined on the largest possible domain. The “germs” of the 
elements of a pseudogroup form a GROUPOID (Weinstein 
1996). 


see also GROUP, GROUPOID, INVERSE SEMIGROUP 
References 


Weinstein, A. “Groupoids: Unifying Internal and External 
Symmetry.” Not. Amer. Math. Soc. 48, 744-752, 1996. 


Pseudolemniscate Case 
The case of the WEIERSTRAS ELLIPTIC FUNCTION with 
invariants g2 = —1 and g3 = 0. 


see also EQUIANHARMONIC CASE, LEMNISCATE CASE 


References 
Abramowitz, M. and Stegun, C. A. (Eds.). “Pseudo- 
Lemniscate Case (gg = —1, ga = 0).” $18.15 in Hand- 


book of Mathematical Functions with Formulas, Graphs, 
and Mathematical Tables, 9th printing. New York: Dover, 
pp. 662-663, 1972. 


Pseudoperfect Number 
see SEMIPERFECT NUMBER 


Pseudorandom Number 


Pseudoprime 

A pseudoprime is a COMPOSITE number which passes a 
test or sequence of tests which fail for most COMPOSITE 
numbers. Unfortunately, some authors drop the “Com- 
POSITE” requirement, calling any number which passes 
the specified tests a pseudoprime even if it is PRIME. 
Pomerance, Selfridge, and Wagstaff (1980) restrict their 
use of “pseudoprime” to ODD COMPOSITE numbers. 
“Pseudoprime” used without qualification means FER- 
MAT PSEUDOPRIME. 


CARMICHAEL NUMBERS are ODD COMPOSITE numbers 
which are pseudoprimes to every base; they are some- 
times called ABSOLUTE PSEUDOPRIMES. The follow- 
ing table gives the number of FERMAT PSEUDOPRIMES 
psp, EULER PSEUDOPRIMES epsp, and STRONG PSEU- 
DOPRIMES spsp to the base 2, as well as CARMICHAEL 
NuMBERS ON which are less the first few powers of 10 
(Guy 1994). 


103 10% 105 10% 107 10% 10° 10% 


3 22 78 245 750 2057 5597 14884 
1 12 36 114 375 1071 2939 7706 
0 
1 


psp(2) 
epsp(2) 
spsp(2) 
CN 


5 16 46 162 488 1282 3291 


7 16 43 105 255 646 1547 


see also CARMICHAEL NUMBER, ELLIPTIC PSEUDO- 
PRIME, EULER PSEUDOPRIME, EULER-JACOBI PSEU- 
DOPRIME, EXTRA STRONG LUCAS PSEUDOPRIME, 
FERMAT PSEUDOPRIME, FIBONACCI PSEUDOPRIME, 
FROBENIUS PSEUDOPRIME, LUCAS PSEUDOPRIME, 
PERRIN PSEUDOPRIME, PROBABLE PRIME, SOMER- 
LUCAS PSEUDOPRIME, STRONG ELLIPTIC PSEUDO- 
PRIME, STRONG FROBENIUS PSEUDOPRIME, STRONG 
LUCAS PSEUDOPRIME, STRONG PSEUDOPRIME 


References 

Grantham, J. “Frobenius Pseudoprimes.” 
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Grantham, J. “Pseudoprimes/Probable Primes.” http:// 
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Pseudorandom Number 

A slightly archaic term for a computer-generated RAN- 
DOM NUMBER. The prefix pseudo- is used to distinguish 
this type of number from a “truly” RANDOM NUMBER 
generated by a random physical process such as radioac- 
tive decay. 


see also RANDOM NUMBER 


References 

Luby, M. Pseudorandomness and Cryptographic Applica- 
tions. Princeton, NJ: Princeton University Press, 1996. 

Press, W. H.; Flannery, B. P.; Teukolsky, 5. A.; and Vetter- 
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Pseudorhombicuboctahedron 


Scientific Computing, 2nd ed. Cambridge, England: Cam- 
bridge University Press, p. 266, 1992. 


Pseudorhombicuboctahedron 
see ELONGATED SQUARE GYROBICUPOLA 


Pseudoscalar 
A SCALAR which reverses sign under inversion is called 
a pseudoscalar. The SCALAR TRIPLE PRODUCT 


A-(BxC) 
is a pseudoscalar. Given a transformation MATRIX A, 
S' = det |AIS, 


where det is the DETERMINANT. 
see also PSEUDOTENSOR, PSEUDOVECTOR, SCALAR 


References 

Arfken, G. “Pseudotensors, Dual Tensors.” §3.4 in Mathe- 
matical Methods for Physicists, 3rd ed. Orlando, FL: Aca- 
demic Press, pp. 128-137, 1985. 


Pseudosmarandache Function 
The pseudosmarandache function Z(n) is the smallest 
integer such that 


is divisible by n. The values for n = 1, 2,... are 1, 3, 


2, 7, 4, 3, 6, 15, 8, 4, ... (Sloane’s A011772). 
see also SMARANDACHE FUNCTION 
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Ashbacher, C. “Problem 514.” Pentagon 57, 36, 1997. 
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tions and Problems.” Vail: Erhus University Press, 1996. 
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Pseudosphere 


Half the SURFACE OF REVOLUTION generated by a 
TRACTRIX about its ASYMPTOTE to form a TRAC- 
TROID. The Cartesian parametric equations are 


x = sech u cos v (1) 
y = sech usin v (2) 
z = u — tanh u (3) 
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for u > 0. 


It has constant NEGATIVE CURVATURE, and so is called 
a pseudosphere by analogy with the SPHERE, which has 
constant POSITIVE curvature. An equation for the GEO- 
DESICS is 

cosh? u + (v + c)? =k’. (4) 


see also FUNNEL, GABRIEL’S HORN, TRACTRIX 
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Fischer, G. (Ed.). Plate 82 in Mathematische Mod- 
elle/Mathematical Models, Bildband/Photograph Volume. 
Braunschweig, Germany: Vieweg, p. 77, 1986. 
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faces. Boca Raton, FL: CRC Press, pp. 383-384, 1993. 


Pseudosquare 

Given an ODD PRIME p, a SQUARE NUMBER n satisfies 
(n/p) = 0 or 1 for all p < n, where (n/p) is the LEG- 
ENDRE SYMBOL. Á number n > 2 which satisfies this 
relationship but is not a SQUARE NUMBER is called a 
pseudosquare. The only pseudoprimes less than 10° are 
3 and 6. 


see also SQUARE NUMBER 


Pseudotensor 
A TENSOR-like object which reverses sign under inver- 
sion. Given a transformation MATRIX A, 


Aij = det | Ala;xaj: Anz, 


where det is the DETERMINANT. A pseudotensor is 
sometimes also called a TENSOR DENSITY. 


see also PSEUDOSCALAR, PSEUDOVECTOR, SCALAR, 
TENSOR DENSITY 


References 

Arfken, G. “Pseudotensors, Dual Tensors.” §3.4 in Mathe- 
matical Methods for Physicists, 8rd ed. Orlando, FL: Aca- 
demic Press, pp. 128-137, 1985. 


Pseudovector 

A typical VECTOR is transformed to its NEGATIVE un- 
der inversion. A VECTOR which is invariant under in- 
version is called a pseudovector, also called an AXIAL 
VECTOR in older literature (Morse and Feshbach 1953). 
The Cross PRODUCT 


AxB (1) 


‘Is a pseudovector, whereas the VECTOR TRIPLE PROD- 


UCT 
A x (B x ©) (2) 
is a VECTOR. 
[pseudovector] x [pseudovector] = [pseudovector] (3) 
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[vector] x [pseudovector] = [vector]. (4) 


Given a transformation MATRIX A, 
Ce = det|A]ai;C;. (5) 


see also PSEUDOSCALAR, TENSOR, VECTOR 
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Psi Function 


V(z,s,v) = >, e 


for |z| < 1 and v 4 0,—1,... (Gradshteyn and Ryzhik 
1980, pp. 1075-1076). 


see also HURWITZ ZETA FUNCTION, RAMANUJAN PSI 
SuM, THETA FUNCTION 
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ries, and Products, 5th ed. San Diego, CA: Academic 
Press, 1979. 


PSLO Algorithm 
An ALGORITHM which finds INTEGER RELATIONS be- 
tween real numbers 21, ..., £n such that 


0121 + ae%2 +... + anza = 0, 


with not all a; = 0. This algorithm terminates after 
a number of iterations bounded by a polynomial in n 
and uses a numerically stable matrix reduction proce- 
dure (Ferguson and Bailey 1992), thus improving upon 


the FERGUSON-FORCADE ALGORITHM. It is based on ~ 


a partial sum of squares scheme (like the PSOS ALGO- 
RITHM) implemented using LQ decomposition. A much 
simplified version of the algorithm was developed by Fer- 
guson et al. and extended to complex numbers. 


see also FERGUSON-FORCADE ALGORITHM, INTEGER 
RELATION, LLL ALGORITHM, PSOS ALGORITHM 
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Public-Key Cryptography 


PSOS Algorithm 
An INTEGER-RELATION algorithm which is based on a 
partial sum of squares approach, from which the algo- 
rithm takes its name. 


see also FERGUSON-FORCADE ALGORITHM, HJLS AL- 
GORITHM, INTEGER RELATION, LLL ALGORITHM, 
PSLQ ALGORITHM 
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Ptolemy Inequality 


For a QUADRILATERAL which is not CYCLIC, PTOL- 
EMY’S THEOREM becomes an INEQUALITY: 


ABxCD+4+BC x DA > AC x BD. 


see also PTOLEMY’S THEOREM, QUADRILATERAL 


Ptolemy’s Theorem 


B 


> 


D 


If a QUADRILATERAL is inscribed in a circle (i.e., for 
a cyclic quadrilateral), the sum of the products of the 
two pairs of opposite sides equals the product of the 
diagonals 


AB x CD + BC x DA = AC x BD. 


This fact can be used to derive the TRIGONOMETRY ad- 
dition formulas. 


see also FUHRMANN’S ‘THEOREM, PTOLEMY INEQUAL- 
ITY 
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Public-Key Cryptography 

A type of CRYPTOGRAPHY in which the encoding key 
is revealed without compromising the encoded message. 
The two best-known methods are the KNAPSACK PROB- 
LEM and RSA ENCRYPTION. 


see also KNAPSACK PROBLEM, RSA ENCRYPTION 
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Puiseaux’s Theorem 


Puiseaux’s Theorem 

The whole neighborhood of any point y; of an alge- 
braic PLANE CURVE may be uniformly represented by 
a certain finite number of convergent developments in 
POWER SERIES, 


Ti = PvYi + Avitt, + ata? da 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, p. 207, 1959. 


Pullback Map 

A puliback is a general CATEGORICAL operation appear- 
ing in a number of mathematical contexts, sometimes 
going under a different name. HT: V > W isa 
linear transformation between VECTOR SPACES, then 
T* : W* > V* (usually called TRANSPOSE MAP or 
DUAL MAP because its associated matrix is the MATRIX 
TRANSPOSE of T) is an example of a pullback map. 


In the case of a DIFFEOMORPHISM and DIFFERENTIABLE 
MANIFOLD, a very explicit definition can be formu- 
lated. Given an r-form a on a MANIFOLD Mo, de- 


fine the r-form T*(a) on Mi by its action on an r- 


tuple of tangent vectors (X1,...,X,) as the number 
T*(a)(X1,...,Xr) = a(T,X1,...,T.X,). This defines 
a map on r-forms and is the pullback map. 


see also CATEGORY 


Pulse Function 


see RECTANGLE FUNCTION 


Purser’s Theorem 


Let t, u, and v be the lengths of the tangents to a CIRCLE 
C from the vertices of a TRIANGLE with sides of lengths 


a, b, and c. Then the condition that C is tangent to the 


CIRCUMCIRCLE of the TRIANGLE is that 
tat + but cv = 0. 


The theorem was discovered by Casey prior to Purser’s 
independent discovery. 


see also CASEY’S THEOREM, CIRCUMCIRCLE 
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Pursuit Curve 


If A moves along a known curve, then P describes a pur- 
suit curve if P is always directed toward A and A and P 
move with uniform velocities. These were considered in 
general by the French scientist Pierre Bouguer in 1732. 
The case restricting A to a straight line was studied by 
Arthur Bernhart (MacTutor Archive). It has CARTE- 
SIAN COORDINATES equation 


y=cx—Inz. 


see also APOLLONIUS PURSUIT PROBLEM, MICE PROB- 
LEM 
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Push 

An action which adds a single element to the top of a 
STACK, turning the STACK (a1, @2, ..., an) into (ao, a1, 
A2, -3 An). 


see also POKE MOVE, POP, STACK 


Puzzle 

A mathematical PROBLEM, usually not requiring ad- 
vanced mathematics, to which a solution is desired. 
Puzzles frequently require the rearrangement of exist- 
ing pieces (e.g., 15 PUZZLE) or the filling in of blanks 
(e.g., crossword puzzle). 


see also 15 PUZZLE, BAGUENAUDIER, CALIBAN PUZZLE, 
CONWAY PUZZLE, CRYPTARITHMETIC, DISSECTION 
PUZZLES, ICOSIAN GAME, PYTHAGOREAN SQUARE 
PUZZLE, RUBIK’S CUBE, SLOTHOUBER-GRAATSMA 
PUZZLE, T-PUZZLE 
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Pyramid 

A POLYHEDRON with one face a POLYGON and all the 
other faces TRIANGLES with a common VERTEX. An n- 
gonal regular pyramid (denoted Y,) has EQUILATERAL 
TRIANGLES, and is possible only for n = 3, 4, 5. These 
correspond to the TETRAHEDRON, SQUARE PYRAMID, 
and PENTAGONAL PYRAMID, respectively. A pyramid 
therefore has a single cross-sectional shape in which the 
length scale of the CROSS-SECTION scales linearly with 
height. The AREA at a height z is given by 


Ate) = As (5), 0) 


where Ay is the base AREA and h is the pyramid height. 
The VOLUME is therefore given by 


i ý z Ap 3 
(2) 


These results also hold for the CONE, TETRAHEDRON 
(triangular pyramid), SQUARE PYRAMID, etc. 


The CENTROID is the same as for the CONE, given by 


h. (3) 


AA 


Z= 
The SURFACE AREA of a pyramid is 
>= ips, (4) 


where s is the SLANT HEIGHT and p is the base PERI- 
METER. Joining two PYRAMIDS together at their bases 
gives a BIPYRAMID, also called a DIPYRAMID. 


see also BIPYRAMID, ELONGATED PYRAMID, GYRO- 
ELONGATED PYRAMID, PENTAGONAL PYRAMID, PYRA- 
MID, PYRAMIDAL FRUSTUM, SQUARE PYRAMID, TET- 
RAHEDRON, TRUNCATED SQUARE PYRAMID 
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Pyramidal Number 


Pyramidal Frustum 


Let s be the slant height, p; the top and bottom base 
PERIMETERS, and A; the top and bottom AREAS. Then 
the SURFACE AREA and VOLUME of the pyramidal frus- 
tum are given by 


S = 5(p1 + p2)s 
Ve ih(Aı + Á + VAA? ). 


see also CONICAL FRUSTUM, FRUSTUM, PYRAMID, 
SPHERICAL SEGMENT, TRUNCATED SQUARE PYRAMID 
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Pyramidal Number 

A FIGURATE NUMBER corresponding to a configuration 
of points which form a pyramid with r-sided REGULAR 
POLYGON bases can be thought of as a generalized pyra- 
midal number, and has the form 


PL = Un +1)(2p% +n) = in(n+ V(r —2)n+ (5 a) 
l 1 


The first few cases are therefore 


Ph = in(n+1)(n + 2) (2) 
Pi = in(n+1)(2n +1) (3) 
Pa = 3n (n+1), (4) 


so r = 3 corresponds to a TETRAHEDRAL NUMBER Ten, 
and r = 4 to a SQUARE PYRAMIDAL NUMBER Pr. 


The pyramidal numbers can also be generalized to 4-D 
and higher dimensions (Sloane and Plouffe 1995). 


see also HEPTAGONAL PYRAMIDAL NUMBER, HEXAGO- 
NAL PYRAMIDAL NUMBER, PENTAGONAL PYRAMIDAL 
NUMBER, SQUARE PYRAMIDAL NUMBER, TETRAHE- 
DRAL NUMBER 
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Pyritohedron 


Pyritohedron 


An irregular DODECAHEDRON composed of identical ir- 
regular PENTAGONS. 


see also DODECAHEDRON, RHOMBIC DODECAHEDRON, 
TRIGONAL DODECAHEDRON 
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Pythagoras’s Constant 
The number 


V2 = 1.4142135623..., 


which the Pythagoreans proved to be IRRATIONAL. The 
Babylonians gave the impressive approximation 


24 5l 10 
22 14+ +t- t ae = 1.41421296296296... 
v2 7 60 = 60? i 603 


(Guy 1990, Conway and Guy 1996, pp. 181-182). 


see also IRRATIONAL NUMBER, OCTAGON, PYTHAGO- 
RAS’S THEOREM, SQUARE 
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Pythagoras’s Theorem 

Proves that the DIAGONAL d of a SQUARE with sides of 
integral length s cannot be RATIONAL. Assume d/s is 
rational and equal to p/q where p and q are INTEGERS 
with no common factors. Then 


SO 


and p? = 2g*, so p° is even. But if p° is EVEN, then p 
is EVEN. Since p/q is defined to be expressed in lowest 
terms, q must be ODD; otherwise p and q would have the 
common factor 2. Since p is EVEN, we can let. p = 2r, 
then 4r? = 2q?. Therefore, q? = 2r?, and q”, so q must 
be EVEN. But q cannot be both EVEN and ODD, so 
there are no d and s such that d/s is RATIONAL, and 
d/s must be IRRATIONAL. 
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In particular, PYTHAGORAS’S CONSTANT /2 is IRRA- 
TIONAL. Conway and Guy (1996) give a proof of this 
fact using paper folding, as well as similar proofs for $ 
(the GOLDEN RATIO) and V3 using a PENTAGON and 
HEXAGON. 


see also IRRATIONAL NUMBER, PYTHAGORAS’S CON- 
STANT, PYTHAGOREAN THEOREM 
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Pythagoras Tree 
A FRACTAL with symmetric 
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Pythagorean Fraction 

Given a PYTHAGOREAN TRIPLE (a,b,c), the fractions 
a/b and b/a are called Pythagorean fractions. Diophan- 
tus showed that the Pythagorean fractions consist pre- 
cisely of fractions of the form (p° — q?) /(2pg). 
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Conway, J. H. and Guy, R. K. “Pythagorean Fractions.” 
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1464 Pythagorean Quadruple 
Pythagorean Quadruple 
POSITIVE INTEGERS a, b, c, and d which satisfy 


tb Heg. (1) 


For POSITIVE EVEN a and b, there exist such INTEGERS 
c and d; for POSITIVE ODD a and b, no such INTEGERS 
exist (Oliverio 1996). Oliverio (1996) gives the following 
generalization of this result. Let S = (@1,...,@n-2), 
where a; are INTEGERS, and let T be the number of 
ODD INTEGERS in S. Then IFF T % 2 (mod 4), there 
exist INTEGERS a,-1 and a, such that 


Gis A E a — an’. (2) 


A set of Pythagorean quadruples is given by 


a = 2mp (3) 
b = 2np (4) 
c=p" —(m* +n’) (5) 
d=p +(m* +n’), (6) 

where m, n, and p are INTEGERS, 
m+n+p=1 (mod 2), (7) 

and 

(m,n,p) = 1 (8) 


(Mordell 1969). This does not, however, generate all so- 
lutions. For instance, it excludes (36, 8, 3, 37). Another 
set of solutions can be obtained from 


a = 2mp + 2ng (9) 
b = 2np — 2mq (10) 
oe ee: 2 2 

c=p+q — (m +n’) (11) 

d=p +g +(m +n’) (12) 


(Carmichael 1915). 
see also EULER BRICK, PYTHAGOREAN TRIPLE 
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Pythagorean Square Puzzle 


gr 


Combine the two above squares on the left into the single 
large square on the right. 


see also DISSECTION, T-PUZZLE 


Pythagorean Theorem 


Pythagorean Theorem 
For a RIGHT TRIANGLE with legs a and b and Hy- 
POTENUSE C, 

a +b =’. (1) 


Many different proofs exist for this most fundamental of 
all geometric theorems. 


A clever proof by DISSECTION which reassembles two 
small squares into one larger one was given by the Ara- 
bian mathematician Thabit Ibn Qurra (Ogilvy 1994, 
Frederickson 1997). 


\ 


Another proof by DISSECTION is due to Perigal (Pergial 
1873, Dudeney 1970, Madachy 1979, Ball and Coxeter 
1987). 


The Indian mathematician Bhaskara constructed a 
proof using the following figure. 


ba 


a b-a a 


Several similar proofs are shown below. 


b É | 


c° + 4(Lab) = (a +b)’ (2) 


11/13/2017 FM Crystal Radio 


Out 


L - 4 turns #18 copper or silver wire, 12mm inside diameter, tapped at 2.5 turns 
Ant - 7 inches of #18 bare copper wire 

Cl - 18 pf ceramic capacitor 

C2 - 50 pf air variable capacitor 

D - 1N34 diode or rock crystal 

R - 150K resistor 


The diode is tapped directly to the antenna. The vernier dial fits directly on the tuning capacitor. The antenna parallels the 
perimeter of the acrylic face plate. "Military style" #18 AWG wiring is used without any insulation. It is important to keep 
the components physically close together. The component specifications are the same as in circuit #2. The coil 1s silver 
rather than copper, but copper does just as well. I think that the contrast of the silver and copper is beautiful. The coil was 
wrapped around a Sharpie Permanent Marker, then slipped off and expanded slightly. The wooden base is made from 
lacquered, polyurethane padouk. 


I consider this set a work of art as well as science and think it 1s the most elegant crystal receiver I have created. I love the 
contrast of the silver coil, the copper antenna, the clear acrylic faceplate, the black vernier dial, the white and 

transparent variable capacitor, and the subtle colorings on the resistor, the diode, and the lucite base. Yet the circuit is so 
ridiculously simple that some will not believe it is possible without building it themselves. No shielding is necessary, and 
there is no problem with hand capacitance. However, the output cable position may affect reception sensitivity. 


Photos of wired circuit 


http://solomonsmusic.net/FM_CrystalRadio.html 3/12 


Pythagorean Theorem 


ce? + 2ab = a? + 2ab + 0° (3) 
e =a? +0. (4) 


In the above figure, the AREA of the large SQUARE is 
four times the AREA of one of the TRIANGLES plus the 
AREA of the interior SQUARE. From the figure, d = b—a, 
so 


A = 4(4ab) + d’ = 2ab + (b — a)? = 2ab + b’ — 2ab + a” 
= a? + b? = c. (5) 


Perhaps the most famous proof of all times is Euclid’s 
geometric proof. Euclid’s proof used the figure below, 
which is sometimes known variously as the BRIDE’S 
CHAIR, PEACOCK’S TAIL, or WINDMILL. 


Let AABC be a RIGHT TRIANGLE, LICAFG, 
UCBKH, and DABED be squares, and CL||BD. The 
TRIANGLES AF AB and ACAD are equivalent except 
for rotation, so 


2AFAB =2ACAD. (6) 


Shearing these TRIANGLES gives two more equivalent 
TRIANGLES 
2ACAD =LJIADLIM. (7) 


Therefore, 
OACGF =LIADLM. (8) 
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Similarly, 
OBC = 2AABK = 2ABCE =LIBL (9) 


so | 
a +b =crt+e(c—2) =’. (10) 


Heron proved that AK, CL, and BF intersect in a point 
(Dunham 1990, pp. 48-53). 


HERON’S FORMULA for the AREA of the TRIANGLE, con- 
tains the Pythagorean theorem implicitly. Using the 
form 


2a7b? + 2a?c? + abc? — (at + bt + ct) (11) 
and equating to the AREA 
K = gab (12) 
gives 
lab? = 2a7b? + 2a? + ab’? — (a* +b t ct). (13) 
Rearranging and simplifying gives 
a +b e, (14) 
the Pythagorean theorem, where K is the AREA of 


a TRIANGLE with sides a, b, and c (Dunham 1990, 
pp. 128-129). 


A novel proof using a TRAPEZOID was discovered by 
James Garfield (1876), later president of the United 
States, while serving in the House of Representatives 
(Pappas 1989, pp. 200-201; Bogomolny). 


a 


Auera == y [bases] - [altitude] 


= ¿(a + b)(a +b) 
we | 1 1,2 
Rearranging, 
l(a? + 2ab +b’) = ab+ ¿e (16) 
a? + 2ab + b? = 2ab4 ce? (17) 


a? +b? = ce’. | (18) 
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An algebraic proof (which would not have been accepted 
by the Greeks) uses the EULER FORMULA. Let the sides 
of a TRIANGLE be a, b, and c, and the PERPENDICULAR 
legs of RIGHT TRIANGLE be aligned along the real and 
imaginary axes. Then 


a+ bi = ce”. (19) 
Taking the COMPLEX CONJUGATE gives 

a—bi=ce"*. (20) 
Multiplying (19) by (20) gives 


a +b=c. i (21) 


It is a property of RIGHT TRIANGLES, such as the one 
shown in the above left figure, that the RIGHT TRIAN- 
GLE with sides z, a, and d (small triangle in the left 
figure; reproduced in the right figure) is similar to the 
RIGHT TRIANGLE with sides d, b, and y (large trian- 
gle in the left figure; reproduced in the middle figure), 
giving 


r a y b 
a c b cœ 22) 

a? b? 
eae a 23 
x q (23) 

dd 2 2 2 2 
ia ge = (24) 
C €c Cc 

=a? +b. (25) 


Because this proof depends on proportions of poten- 
tially IRRATIONAL NUMBERS and cannot be translated 
directly into a GEOMETRIC CONSTRUCTION, it was not 
considered valid by Euclid. 


see also BRIDE’S CHAIR, COSINES LAW, PEACOCK’S 
TAIL, PYTHAGORAS’S THEOREM, WINDMILL 
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Pythagorean Triad 
see PYTHAGOREAN TRIPLE 


Pythagorean Triangle 
see PYTHAGOREAN TRIPLE, RIGHT TRIANGLE 


Pythagorean Triple 

A Pythagorean triple is a TRIPLE of POSITIVE INTE- 
GERS a, b, and c such that a RIGHT TRIANGLE exists 
with legs a,b and HYPOTENUSE c. By the PYTHAGO- 
REAN THEOREM, this is equivalent to finding POSITIVE 
INTEGERS a, b, and c satisfying 


+H Se, (1) 


The smallest and best-known Pythagorean triple is 
(a,b,c) = (3,4,5). 


It is usual to consider only “reduced” (or “primitive”) 
solutions in which a and b are RELATIVELY PRIME, since 
other solutions can be generated trivially from the prim- 
itive ones. For primitive solutions, one of a or b must be 
EVEN, and the other ODD (Shanks 1993, p. 141), with 
c always ODD. In addition, in every primitive Pythag- 
orean triple, one side is always DIVISIBLE by 3 and one 
by 5. 


Pythagorean Triple 


Given a primitive triple (ao, bo, co), three new primitive 
triples are obtained from 


(a1,b1,c1) = (ao, bo, co) U (2) 
(as, b2, C2) = (ao, bo, co) A (3) 
(az, b3,cC3) = (ao, bo, co)D, (4) 
where 
1 2 2 
U= E —1 a (5) 
2 2 3 
1 2 2 
A= E 1 ] (6) 
2 2 8 
—1 —2 -2 
D= | 2 1 2 | ; (7) 
2 2 3 


Roberts (1977) proves that (a,b,c) is a primitive Py- 
thagorean triple IFF 


(a,b,c) = (3,4,5)M, (8) 


where M is a FINITE PRODUCT of the MATRICES U, A, 
D. It therefore follows that every primitive Pythagorean 
triple must be a member of the INFINITE array 


( 7, 24, 25) 
(5, 12, 13) ( 55, 48, 73) 
(45, 28, 53) 
(39, 80, 89) 
(3, 4, 5) (21, 20, 29) (119, 120, 169). (9) 
(77, 36, 85) 
(33, 56, 65) 
(15, 8, 17) (65, 72, 97) 
(35, 12, 37) 


For any Pythagorean triple, the PRODUCT of the two 
nonhypotenuse LEGS (i.e., the two smaller numbers) is 
always DIVISIBLE by 12, and the PRODUCT of all three 
sides is DIVISIBLE by 60. It is not known if there are 
two distinct triples having the same PRODUCT. The 
existence of two such triples corresponds to a NONZERO 
solution to the DIOPHANTINE EQUATION 


sy(at — y) = zw(z* — w) (10) 


(Guy 1994, p. 188). 


Pythagoras and the Babylonians gave a formula for gen- 
erating (not necessarily primitive) triples: 


(2m, (m? — 1), (m? + 1)), (11) 
and Plato gave 


(2m?, (m? — 1)”, (m? + 1)’). (12) 
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A general reduced solution (known to the early Greeks) 
is 
(v? — yu? 2uv,u* +"), (13) 
where u and v are RELATIVELY PRIME (Shanks 1993, 
p. 141). Let Fn be a FIBONACCI NUMBER. Then 
(Fn Fn+3,2Fa+1 Pate, Fapa + Fage) (14) 


is also a Pythagorean triple. 


For a Pythagorean triple (a, b, c), 
P3(a) + Ps(b) = Ps(c), (15) 


where P is the PARTITION FUNCTION P (Garfunkel 
1981, Honsberger 1985). Every three-term progression 
of SQUARES r’, s?, t? can be associated with a Pythag- 
orean triple (X, Y, Z) by 


r=X-Y (16) 
GZ (17) 
t=X+Y (18) 


(Robertson 1996). 


The AREA of a TRIANGLE corresponding to the Pythag- 
orean triple (u? — v?, 2uv, u? + v?) is 

A= Zu — v?) (Quu) = uv(u” — v’). (19) 
Fermat proved that a number of this form can never be 
a SQUARE NUMBER. 


To find the number L,(s) of possible primitive TRI- 
ANGLES which may have a LEG (other than the Hy- 
POTENUSE) of length s, factor s into the form 


S = pi erp," (20) 


The number of such TRIANGLES is then 


0 for s = 2 (mod 4 
Lp(s) = { z= cea i ey) 
i.e., O for SINGLY EVEN s and 2 to the power one less 
than the number of distinct prime factors of s otherwise 
(Beiler 1966, pp. 115-116). The first few numbers for 
s=1,2,...,are 0, 0, 1, 1, 1, 0, 1, 1, 1, 0, 1, 2, 1, 0, 
2, ... (Sloane’s A024361). To find the number of ways 
L(s) in which a number s can be the LEG (other than 
the HYPOTENUSE) of a primitive or nonprimitive RIGHT 
TRIANGLE, write the factorization of s as 


s = 2°, l pp". (22) 


Then 


1468 Pythagorean Triple 
> [(2a1 + 1)(2a2 + 1)-+- (Qa, +1) - 1] 
L(s) = for ag = 0 
> [(2a9 — 1)(Qa1 + 1)(2a2 + 1)+++(2an +1) — 1] 
for ag > 2 


(23) 
(Beiler 1966, p. 116). The first few numbers for s = 1, 
2,... are0,0,1,1,1,1,1,2,2,1,1,4,1,... (Sloane's 
A046079). 


To find the number of ways H,(s) in which.a number s 
can be the HYPOTENUSE of a primitive RIGHT TRIAN- 
GLE, write its factorization as 


s = 2% (p1% <- - pn") (qr? aae (24) 


where the ps are of the form 4g — 1 and the qs are of the 

form 4z + 1. The number of possible primitive RIGHT 

TRIANGLES is then 

271 for n = 0 and ao =0 

H = ; 25 
p(s) l 0 otherwise, (25) 


The first few PRIMES of the form 4x + 1 are 5, 13, 17, 
29, 37, 41, 53, 61, 73, 89, 97, 101, 109, 113, 137, ... 
(Sloane’s A002144), so the smallest side lengths which 
are the hypotenuses of 1, 2, 4, 8, 16, ... primitive right 
triangles are 5, 65, 1105, 32045, 1185665, 48612265, ... 
(Sloane’s A006278). The number of possible primitive 
or nonprimitive RIGHT TRIANGLES having s as a Hy- 
POTENUSE is 


H(s) = 3[(2b1 + 1)(2b2 + 1)--- (2b. +1)— 1] (26) 


(Beiler 1966, p. 117). The first few numbers for s = 1, 
2,... are 0, 0, 0, 0, 1, 0, 0, 0,0, 1, 0, 0, 1, O, 1, 0, 1, 0, 
0, ... (Sloane's A046080). 


Therefore, the total number of ways in which s may be 
either a LEG or HYPOTENUSE of a RIGHT TRIANGLE is 
given by 

T(s) = L(s) + H(s). (27) 


The values for s = 1, 2,... are 0, 0, 1, 1, 2, 1, 1, 2, 2, 
2, 1, 4, 2, 1, 5, 3,... (Sloane’s A046081). The smallest 
numbers s which may be the sides of T' general RIGHT 
TRIANGLES for T = 1, 2,... are 3, 5, 16, 12, 15, 125, 
24, 40, ... (Sloane’s A006593; Beiler 1966, p. 114). 


There are 50 Pythagorean triples with HYPOTENUSE 
less than 100, the first few of which, sorted 
by increasing c, are (3,4,5), (6,8,10), (5,12,13), 
(9, 12,15), (8, 15, 17), (12, 16, 20), (15, 20, 25), (7, 24, 25), 


(10,24,26), (20,21,29), (18,24,30), (16, 30, 34), 
(21, 28, 35), (Sloane’s A046083, A046084, and 
A046085). Of these, only 16 are primitive triplets 


with HYPOTENUSE less than 100: (3,4,5), (5,12, 13), 
(8, 15, 17), (7, 24, 25), (20, 21, 29), (12, 35, 37), (9, 40, 41), 
(28,45,53), (11,60,61), (33,56,65), (16,63,65), 
(48,55,73), (36,77,85), (13,84,85), (39,80,89), and 
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(65,72,97) (Sloane’s A046086, A046087, and A046088). 
Of these 16 primitive triplets, seven are twin triplets (de- 
fined as triplets for which two members are consecutive 
integers). The first few twin triplets, sorted by increas- 
ing c, are (3,4,5), (5,12,13), (7,24,25), (20,21,29), 
(9, 40, 41), (11,60,61), (13, 84,85), (15,112,113), .... 


Let the number of triples with HYPOTENUSE less than N 
be denoted A(N), and the number of twin triplets with 
HYPOTENUSE less than N be denoted A2(N). Then, as 
the following table suggests and Lehmer (1900) proved, 
the number of primitive solutions with HYPOTENUSE 
less than N satisfies 


AWN) _ 1 0.159155.... (28) 
27 


7 
17 
24 
34 


Al 
47 
52 
74 


Considering twin triplets in which the LEGS are consecu- 
tive, a closed form is available for the rth such pair. Con- 
sider the general reduced solution (u? — v7, 2uv, u? +”), 
then the requirement that the LEGS be consecutive in- 
tegers is 


u? —u = Quv +1. (29) 
Rearranging gives 
(u—v)? — 20 = 41. (30) 
Defining 
u=ax2t+y (31) 
v=y (32) 


then gives the PELL EQUATION 
r? — 2y? =1. (33) 
Solutions to the PELL EQUATION are given by 


ya A (34) 


y (+2) (1- vay" 


2/2 (85) 
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so the lengths of the legs X, and Y, and the HY- 
POTENUSE Žr are 


X- =u ~v =r +22y 
B V2 ats pa — (2 > DoT 
7 4 
Y, = 2uv = 2xry + 2y? 
vI Te T N a E 
= AAN AE = >(-1) (37) 
ul + = r? +2xy + 2y* 
(2 E por J (/2 = D 


AR E a (38) 


2/2 


Denoting the length of the shortest LEG by A, then gives 


+ 5(-1)” (36) 


Lr 


pa TRES g 
_ (V2 + D ae ale (/2 — Den 
E a (40) 


(Beiler 1966, pp. 124-125 and 256-257), which cannot be 
solved exactly to give r as a function of Z,. However, the 
approximate number of leg-leg twin triplets AZ(N) =r 
less than a given value of Z, = N can be found by noting 
that the second term in the DENOMINATOR of Z, is a 
small number to the power 1 + 2r and can therefore be 
dropped, leaving 


1 1+27 
VA SO il ) 


N = Z, W (41) 
N > (1+ 2r) In(V2 + 1) — In(2v2). (42) 

Solving for r = Az (n) gives 

In N + In(2V/2) — In(V2 + 1) 
A2(N) < 2 In(/2 + 1) 

In N 
: ar at a 
æ 0.567 In N. (44) 


The first few LEG-LEG triplets are (3, 4, 5), (20, 21, 29), 
(119, 120, 169), (696, 697, 985), ... (Sloane’s A046089, 
A046090, and A046091). 


LEG-HYPOTENUSE twin triples (a,b,c) = (v? — 
u’, 2uv, u? + v?) occur whenever 
24. <8 
u +v’ = 2uv + 1 (45) 
(u-v) =1, (46) 


that is to say when v = u + 1, in which case the HY- 
POTENUSE exceeds the EvEN LEG by unity and the twin 
triplet is given by (1 + 2u, 2u(1 + u), 1+ 2u(1 + u)). The 
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number of leg-hypotenuse triplets with hypotenuse less 
than N is therefore given by 


Az (N) = |$(V2N -1 - 1)|, (47) 


where |x| is the FLOOR FUNCTION. The first few LEG- 
HYPOTENUSE triples are (3, 4, 5), (5, 12, 13), (7, 24, 
25), (9, 40, 41), (11, 60, 61), (13, 84, 85), ... (Sloane's 
A005408, A046092, and A046093). 


The total number of twin triples A2(N) less than N is 
therefore approximately given by 


A2(N) = AZ (N) + Az(N) — 1 (48) 
~ |3vV2N — 1 +0.567l1n N —1.5|, (49) 


where one has been subtracted to avoid double counting 
of the leg-leg-hypotenuse double-twin (3,4,5). 


There is a general method for obtaining triplets of Py- 
thagorean triangles with equal AREAS. Take the three 
sets of generators as 


mi =r +rs +3? (50) 

ni =r" — s’ (51) 
2 2 

Mm =r"+rs+s (52) 

na = 2rs +s? (53) 

m3 =r° + 2rs (54) 

ng =r +rs+ s". (55) 


Then the RIGHT TRIANGLE generated by each triple 
(mi — ni, 2mini, mi? + n;*) has common AREA 


A=rs(2r+s)(r+2s)(r+s)(r —s)(r? +rs+s*) (56) 


(Beiler 1966, pp. 126-127). The only EXTREMUM of this 
function occurs at (r,s) = (0,0). Since A(r,s) = 0 for 
r = s, the smallest AREA shared by three nonprimitive 
RIGHT TRIANGLES is given by (r,s) = (1, 2), which re- 
sults in an area of 840 and corresponds to the triplets 
(24, 70, 74), (40, 42, 58), and (15, 112, 113) (Beiler 1966, 
p. 126). The smallest AREA shared by three primitive 
RIGHT TRIANGLES is 13123110, corresponding to the 
triples (4485, 5852, 7373), (1380, 19019, 19069), and 
(3059, 8580, 9109) (Beiler 1966, p. 127). 


One can also find quartets of RIGHT TRIANGLES with 
the same AREA. The QUARTET having smallest known 
area is (111, 6160, 6161), (231, 2960, 2969), (518, 1320, 
1418), (280, 2442, 2458), with AREA 341,880 (Beiler 
1966, p. 127). Guy (1994) gives additional information. 


It is also possible to find sets of three and four Pythago- 
rean triplets having the same PERIMETER (Beiler 1966, 
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pp. 131-132). Lehmer (1900) showed that the number 
of primitive triples N(p) with PERIMETER less than p is 


_ plin2 
a 


lim N(p) 


pce 


= 0.070230.... (57) 


In 1643, Fermat challenged Mersenne to find a Pythag- 
orean triplet whose HYPOTENUSE and Sum of the LEGS 
were SQUARES. Fermat found the smallest such solu- 
tion: 


X = 4565486027761 (58) 
Y = 1061652293520 (59) 
Z = 4687298610289, (60) 
with 
Z = 2165017" (61) 
X + Y = 2372159". (62) 


A related problem is to determine if a specified INTEGER 
N can be the AREA of a RIGHT TRIANGLE with rational 
sides. 1, 2, 3, and 4 are not the AREAS of any RATIONAL- 
sided RIGHT TRIANGLES, but 5 is (3/2, 20/3, 41/6), as 
is 6 (3, 4, 5). The solution to the problem involves the 
ELLIPTIC CURVE 


y = 7? — N?z. (63) 


A solution (a, b, c) exists if (63) has a RATIONAL solu- 
tion, in which case 


t = 


AS 


y = ¿(a — bó)e (65) 


(Koblitz 1993). There is no known general method for 
determining if there is a solution for arbitrary N, but a 
technique devised by J. Tunnell in 1983 allows certain 
values to be ruled out (Cipra 1996). 


see also HERONIAN TRIANGLE, PYTHAGOREAN QUAD- 
RUPLE, RIGHT TRIANGLE 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, pp. 57-59, 
1987. 

Beiler, A H. “The Eternal Triangle.” Ch. 14 in Recreations 
in the Theory of Numbers: The Queen of Mathematics 
Entertains. New York: Dover, 1966. 

Cipra, B. “A Proof to Please Pythagoras.” Science 271, 
1669, 1996. 

Courant, R. and Robbins, H. “Pythagorean Numbers and 
Fermat's Last Theorem.” §2.3 in Supplement to Ch. 1 in 
What is Mathematics?: An Elementary Approach to Ideas 
and Methods, 2nd ed. Oxford, England: Oxford University 
Press, pp. 40-42, 1996. 

Dickson, L. E. “Rational Right Triangles.” Ch. 4 in History 
of the Theory of Numbers, Vol. 2: Diophantine Analysis. 
New York: Chelsea, pp. 165-190, 1952. 

Dixon, R. Mathographics. New York: Dover, p. 94, 1991. 


Pythagorean Triple 


Garfunkel, J. Pi Mu Epsilon J., p. 31, 1981. 

Guy, R. K. “Triangles with Integer Sides, Medians, and 
Area.” $D21 in Unsolved Problems in Number Theory, 
2nd ed. New York: Springer-Verlag, pp. 188-190, 1994. 

Hindin, H. “Stars, Hexes, Triangular Numbers, and Pythag- 
orean Triples.” J. Recr. Math. 16, 191-193, 1983-1984. 

Honsberger, R. Mathematical Gems IIT. Washington, DC: 
Math. Assoc. Amer., p. 47, 1985. 

Koblitz, N. Introduction to Elliptic Curves and Modular 
Forms, 2nd ed. New York: Springer-Verlag, pp. 1-50, 
1993. 

Kraitchik, M. Mathematical Recreations. 
W. W. Norton, pp. 95-104, 1942. 

Kramer, K. and Tunnell, J. “Elliptic Curves and Local Ep- 
silon Factors.” Comp. Math. 46, 307-352, 1982. 

Lehmer, D. N. “Asymptotic Evaluation of Certain Totient 
Sums.” Amer. J. Math. 22, 294-335, 1900. 

Roberts, J. Elementary Number Theory: A Problem Ori- 
ented Approach. Cambridge, MA: MIT Press, 1977. 

Robertson, J. P. “Magic Squares of Squares.” Math. Mag. 
69, 289-293, 1996. 

Shanks, D. Solved and Unsolved Problems in Number Theory, 
4th ed. New York: Chelsea, pp. 121 and 141, 1993. 

Sloane, N. J. A. Sequences A006278, A046079, A002144/ 
M3823, and A006593/M2499 in “An On-Line Version of 
the Encyclopedia of Integer Sequences.” 

Taussky-Todd, O. “The Many Aspects of the Pythagorean 
Triangles.” Linear Algebra and Appl. 43, 285-295, 1982. 


New York: 


Q 


Q 


The FIELD of RATIONAL NUMBERS. 
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g-Analog 

A q-analog, also called a q-EXTENSION or q- 
GENERALIZATION, is a mathematical expression param- 
eterized by a quantity q which generalizes a known ex- 
pression and reduces to the known expression in the 
limit q —> 1. There are g-analogs of the FACTORIAL, 
BINOMIAL COEFFICIENT, DERIVATIVE, INTEGRAL, FI- 
BONACCI NUMBERS, and so on. Koornwinder, Suslov, 
and Bustoz, have even managed some kind of g-Fourier 
analysis. 


The g-analog of a mathematical object is generally called 
the “g-object”, hence g-BINOMIAL COEFFICIENT, q- 
FACTORIAL, etc. There are generally several g-analogs 
if there is one, and there is sometimes even a multibasic 
analog with independent qi, g2,... 


see also d-ANALOG, g-BETA FUNCTION, g-BINOMIAL 
COEFFICIENT, g-BINOMIAL THEOREM, q-COSINE, q- 
DERIVATIVE, q-FACTORIAL, g-GAMMA FUNCTION, q- 
SERIES, g-SINE, g- VANDERMONDE SUM 
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q-Beta Function 
A q-ANALOG of the BETA FUNCTION 


naar [oa ez 
0 


where T(z) is a GAMMA FUNCTION, is given by 


1 
a rala) 
B,(a,b) = gt; q)a~1 d(a,t) = HAT 
o(a.8) = | Eater alae) = BOT 
where I',(a) is a gGAMMA FUNCTION and (a; q), is a 
q-SERIES coefficient (Andrews 1986, pp. 11-12). 


see also q-FACTORIAL, g-GAMMA FUNCTION 
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q-Binomial Coefficient 
A q-ANALOG for the BINOMIAL COEFFICIENT, also 
called the GAUSSIAN COEFFICIENT. It is given by 


where = 
z Lag" 
(Qe = I] 1 — gktm (2) 
m=i 
For example, the first few q-binomial coefficients are 
2 1 — gq? 
(7) mara (3) 
q 
3Y  f3\ _ 1- q = 2 
DO Ear o 
q q 
4 4 l- q 2 3 
a (5) er +q+q +9 (5) 


(3) = LED atott © 


From the definition, it follows that 


O Er 


In the LIMIT q > 1, the g-binomial coefficient collapses 
to the usual BINOMIAL COEFFICIENT. 


see also CAUCHY BINOMIAL THEOREM, GAUSSIAN 
POLYNOMIAL 


q-Binomial Theorem 
The g-ANALOG of the BINOMIAL THEOREM 


-1 -Dn-2 
(1-2)"” =1-—n2+ M A 


is given by 


eala) 


1—-g 1- q? gnt(n—1) 
z” 


grin+1)/2 j 


Written as a q-SERIES, the identity becomes 


(ai g)n n 
D (Gan 


_ (az; g)oo 
(239) * 
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where 
_(1 — ag™) | 
= Ila (1 — agm+*) 


(Heine 1847, p. 303; Andrews 1986). The CAUCHY BI- 
NOMIAL THEOREM is a special case of this general the- 
orem. | 


see also BINOMIAL SERIES, BINOMIAL THEOREM, CAU- 
CHY BINOMIAL THEOREM, HEINE HYPERGEOMETRIC 
SERIES, RAMANUJAN PSI SUM 
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Heine, E. “Untersuchungen über die Reihe 1 + arial 


1— ii Le 22-275) 2 


£+ Gat can +...” J. reine angew. 


a)(1—q?)(1—q7)(1—9q7t}) 


Math. 34, 285-328, 1847. 


q-Cosine 
The g-ANALOG of the COSINE function, as advocated by 
R. W. Gosper, is defined by 


Ya (2, p) 

cos,_(z,q) = —=——, 
al q) Yo (0, p) 
where 32{z,p) is a THETA FUNCTION and p is defined 
via 
(In p)(Ing) = r°. 
This is a period 27, EVEN FUNCTION of unit ampli- 
tude with double and triple angle formulas and addition 
formulas which are analogous to ordinary SINE and Co- 
SINE. For example, 
cosg(2z, q) = cos, (z, q) E sing (z, q), 

where sin¿(z,a) is the g-SINE, and mq is q-PI. The q- 
cosine also satisfies 


09 n (n+a)? 
A 
cos_ (ra) = Se (age? 


n= — 00 


see also q-FACTORIAL, q-SINE 


References 
Gosper, R. W. “Experiments and Discoveries in q- 
Trigonometry.” Unpublished manuscript. 


g-Derivative 
The g- ANALOG of the DERIVATIVE, defined by 


(4). fa = fiaz) 


dx £ ~ qT 


q-Dimension 


For example, 


( d ) ; sin x — sin(qz) 
—} sing = ———————— 
re x — qT 


(=) ing — wea nae) _ In (2) 


dx T — qu (1 - gjz 
d q? T 
Coire tee 
q 
d Aaga 
(ae) A tate? 
q 


In the LIMIT q > 1, the q-derivative reduces to the usual 
DERIVATIVE. 


see also DERIVATIVE 


q-Dimension 


<A ln (q, e) 
D, = — 1 1 
a 1 — q e—0 In (2), (1) 
where A 
Ige) => ms’, (2) 
i=1 


e is the box size, and pu; is the NATURAL MEASURE. If 
qı > q2, then 

Dek De (3) 
The CAPACITY DIMENSION (a.k.a. BOX COUNTING DI- 
MENSION) is given by g = 0, 


[5 o anes ee 
ie Se | er ee oo; e 


(4) 


If all is are equal, then the CAPACITY DIMENSION is 
obtained for any g. The INFORMATION DIMENSION is 
defined by 


[y tu! 


D, = lim D, = lim limeo — In e 
In ba yi") 
Eo O (5) 
But 
N(e) N(e) 


lim In 


: q 
Hi 
heh De 
i=1 


= 11 Sp =Inl=0, (6) 
i=1 


so use L’HOSPITAL’S RULE 


> Hi? 
Therefore, 
Dios ma ln pa 
D, = lim = . (8) 
e>0 ln e 
Dz is called the CORRELATION DIMENSION. The q- 
dimensions satisfy 
Da+ı < Da- (9) 


see also FRACTAL DIMENSION 


Q.E.D. 


Q.E.D. 

An abbreviation for the Latin phrase “quod erat demon- 
strandum” (“that which was to be demonstrated”), a 
NOTATION which is often placed at the end of a mathe- 
matical proof to indicate its completion. 


q-Extension 
see g- ANALOG 


q-Factorial 
The g-ANALOG of the FACTORIAL (by analogy with the 
g-GAMMA FUNCTION). For a an integer, the g-factorial 
is defined by 


fag(a, q) =11+9(1+9+9)-(1+4q+...+q**). 


A reflection formula analogous to the GAMMA FUNC- 
TION reflection formula is given by 


cosg(ra) =sin¿[r(5 — a)] 


7, q(e—1/2X(041/2) 


- faq(a — ¿,q2) faq(—(a + 3), q?) 


where cos¿(z) is the g-COSINE, sin¿(2) is the g-SINE, and 


Tg is q-Pl. 
see also q-BETA FUNCTION, q-COSINE, q-GAMMA 
FUNCTION, q-PI, q-SINE 
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Q-Function 
Let 
q= e "K /K _ grits, (1) 
then 
Qo= jja q”) (2) 
Q=|[G +24”) (3) 
n=1 
Q2 = [ [0 +) (4) 
n=l 
Q3 = | [(1- 4”) (5) 
n=l 


The Q-functions are sometimes written using a lower- 
case q instead of a capital Q. The Q-functions also sat- 
isfy the identities 


Q0Q1 = Qola’) (6) 
QoQ: = Qo(q'’”) (7) 
Q2Q3 = Qs(q°) (8) 


Q1Q2 = Qı (g). | (9) 
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see also JACOBI IDENTITIES, q-SERIES 
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q-Gamma Function 
A g-ANALOG of the GAMMA FUNCTION defined by 


mer cane ga, (1) 


where (z,q)əæ is a g-SERIES. The g-gamma function 
satisfies 
lim T(x) =T(x) (2) 
q>ol” 
(Andrews 1986). 
A curious identity for the functional equation 


fla—b)fla—c)fla— d)fla— e) — f(b) fe) fa) Fle) 
= q°f(a)f(a- b- c)f(a-b-d)f(a-b-e), (3) 


where 
b+c+d+e=2a (4) 
is given by 
sin(ka) forg=1 
a) = 1 9 
OJOS fur E PO 


for any k. 

see also q-BETA FUNCTION, g-FACTORIAL 
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q-Generalization 
see g- ANALOG 


q-Hypergeometric Series 
see HEINE HYPERGEOMETRIC SERIES 


Q-Matrix 
see FIBONACCI Q-MATRIX 
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(-Number 
see HOFSTADTER'S Q-SEQUENCE 


q-Pi 
The g-ANALOG of PI Tr, can be defined by taking a = 0 
in the q-FACTORIAL 


fagía, q) =11+gDU1+a+ 90) (1+q+...+4%7), 


giving 
™q 


ta 
where sin,(z) is the g-SINE. Gosper has developed an 


iterative algorithm for computing a based on the alge- 
braic RECURRENCE RELATION 


1 = sina( 47) 


Anga = (q T 1)*r? = (q TE 1),2* 


a+to Tq? Ts 


(2-Polynomial 
see BLM/Ho POLYNOMIAL 


g-Product 
see (2-FUNCTION 


g-Series 
A SERIES involving coefficients of the form 


a ry (1 —ag*) 
(a)n = (a; 9)n = l aa (1) 
= |[G- ag”) (2) 
k=0' 


E (3) 
[n]! = [n][n — 1] - -- [2] (4) 


are sometimes also used when discussing q-series. 


There are a great many beautiful identities involving 
q-series, some of which follow directly by taking the q- 
ANALOG of standard combinatorial identities, e.g., the 
g- BINOMIAL THEOREM 


y (a; nz" _ (az; q)oo (5) 
— (adn (50 
(z| < 1, |g] < 1; Andrews 1986, p. 10) and q- 
VANDERMONDE SUM 


a” (c/a, q) 6 


2¢1(a,q ";c;q,q) = CT 


q-Sine 


where 201 (a, b; c; q, 2) is a HEINE HYPERGEOMETRIC SE- 
RIES. Other q-series identities, e.g., the JACOBI IDEN- 
TITIES, ROGERS-RAMANUJAN IDENTITIES, and HEINE 
HYPERGEOMETRIC IDENTITY 


201(a,b;c;q,2) = O a, (c/b, a; az; q, b), 
(7) 


seem to arise out of the blue. 


see also BORWEIN CONJECTURES, FINE’S EQUATION, 
GAUSSIAN COEFFICIENT, HEINE HYPERGEOMETRIC 
SERIES, JACKSON’S IDENTITY, JACOBI IDENTITIES, 
Mock THETA FUNCTION, g-ANALOG, q-BINOMIAL 
THEOREM, q-COSINE, q-FACTORIAL, Q-FUNCTION, q- 
GAMMA FUNCTION, q-SINE, RAMANUJAN PSI SUM, RA- 
MANUJAN THETA FUNCTIONS, ROGERS-RAMANUJAN 
IDENTITIES 
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Q-Signature 
see SIGNATURE (RECURRENCE RELATION) 


q-Sine 
The g-ANALOG of the. SINE function, as advocated by 
R. W. Gosper, is defined by 


Vi (z, p) 


2 H 


where 9,(2,p) is a THETA FUNCTION and p is defined 
via 

(In p) (In q) = x”. 
This is a period 27, ODD FUNCTION of unit amplitude 
with double and triple angle formulas and addition for- 


mulas which are analogous to ordinary SINE and Co- 
SINE. For example, 


Tr | 
sing(2z,q) = (q + Dea COS, (Zz, q”) sing (2, dq), 
q 


where cos¿(z,a) is the g-COSINE, and mq is q-Pl. 
see also q-COSINE, g-FACTORIAL 
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11/13/2017 FM Crystal Radio 


A hand is included in this photograph to show scale. Note the military style wiring, diode, and antenna. I wanted the wiring 
to create a modern design similar to a Mondrian painting. Not only is this set beautiful, 1t works! No power and no long 
antenna! It looks like a work of fiction. 
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q-Vandermonde Sum 


g- Vandermonde Sum 


a” (c/a, q)n 
(5 a 
where 291 (a, b; c; q, 2) is a HEINE HYPERGEOMETRIC SE- 

RIES. 
see also CHU- VANDERMONDE IDENTITY, HEINE HYPER- 
GEOMETRIC SERIES 


2P1(a, q ";c,q,q) = 


3 
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QR Decomposition 
Given a MATRIX A, its QR-decomposition is of the form 


A = QR, 


where R is an upper TRIANGULAR MATRIX and Q is an 
ORTHOGONAL MATRIX, i.e., one satisfying 


QQ =I, 


where | is the IDENTITY MATRIX. This matrix decom- 
position can be used to solve linear systems of equations. 


see also CHOLESKY DECOMPOSITION, LU DECOMPOSI- 
TION, SINGULAR VALUE DECOMPOSITION 
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Quadrable 
A plane figure for which QUADRATURE is possible is said 
to be quadrable. 


Quadrangle 


A plane figure consisting of four points, each of which is 
joined to two other points by a LINE SEGMENT (where 
the line segments may intersect). A quadrangle may 
therefore be CONCAVE or CONVEX; if it is CONVEX, it 
is called a QUADRILATERAL. 


see also COMPLETE QUADRANGLE, CYCLIC QUADRAN- 
GLE, QUADRILATERAL 
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Quadratic Curve 
Quadrant 
x<0,y>0 x>0,y>0 
Quadrant 2 Quadrant | 
Quadrant 3 Quadrant 4 
x<0,y<0 x>0,y<0 


One of the four regions of the PLANE defined by the four 
possible combinations of SIGNS (+, +), (+,—), (—, +), 
and (—,—) for (x,y). 

see also OCTANT, x-AXIS, y-AXIS 
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Quadratfrei 
see SQUAREFREE 


Quadratic Congruence 
A CONGRUENCE of the form 


ax’ + br +c =0 (mod m), 


where a, b, and c are INTEGERS. A general quadratic 
congruence can be reduced to the congruence 


x? = q (mod p) 


and can be solved using EXCLUDENTS, although solution 
of the general polynomial congruence 


ant? ¿at + a+ 00 =0 (mod n) 


is intractable. 


see also CONGRUENCE, EXCLUDENT, LINEAR CONGRU- 
ENCE 


Quadratic Curve 
The general 2-variable quadratic equation can be writ- 
ten | 

az? + 2bry + cy" + 2dz + 2fy +g = 0. (1) 


Define the following quantities: 


a b d 
A=|b c f (2) 
d f g 
a b 
SIGE. ok (3) 
I=a+e (4) 
ja d c f 
K= |; 2| + E (5) 
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Then the quadratics are classified into the types sum- 
marized in the following table (Beyer 1987). The real 
(nondegenerate) quadratics (the ELLIPSE, HYPERBOLA, 
and PARABOLA) correspond to the curves which can be 
created by the intersection of a PLANE with a (two- 
NAPPES) CONE, and are therefore known as CONIC SEC- 
TIONS. 


Curve A J A/I K 
coincident lines 0 0 0 
ellipse (imaginary) 40 >0 >0 
ellipse (real) F0 >0 <0 
hyperbola Z0 <0 

intersecting lines (imaginary) 0 > 0 

intersecting lines (real) 0 <0 

parabola 40 0 

parallel lines (imaginary) 0 0 >0 
parallel lines (real) 0 0 <0 


It is always possible to eliminate the zy cross term by a 
suitable ROTATION of the axes. To see this, consider ro- 
tation by an arbitrary angle 0. The ROTATION MATRIX 


is 
z| | cos@ sin@| | a’ 
y|  [|—sin9 cos@} | y 


_ | 2’ cosé+y' sinó (6) 
~ | -a’sin@ + y' cos |” 
SO 
z = x' cos + y sinó (7) 
y =-2 sinó + y cosÓ (8) 
xy = —=* cosO sind + x'y (cos? 0 — sin” 0) 
+ y” cos @sin 6 (9) 


2 


x” = x” cos? 0 + 2x'y' cossin +y” sin? 9 (10) 
y? = =r” sin? 9 — 2x'y' sin@ cos + y”? cos? 8. (11) 


Plugging these into (1) gives 


a(x’? cos” 0 + 22'y' cosb + y” sin” 0) 
+2b(2' cos@ + y' sin @)(—2’ sin O + y' cos @) 
+e(x” sin? 6 — 22'y' cos O sin O + y” cos” 6) 
+2d(x2' cos 8 + y' sin 0) 
+2f(—z' sin + y' cosé) +g =0. (12) 


Rewriting, 


alx? cos? 9 +2x'y' cosé + y” sin” 0) 

+2b(—x* cos” O sin 0— zy sin? O+xy cos” 0+y* cos @ sin 9) 
+e(x” sin? 8 — 22'y' cos 0 sin 6 + y” cos” 8) 
+2d(x' cos O + y' sin 6) 
4+2f(—z' sin9 + y' cos) + g =0. (13) 


Quadratic Curve 
Grouping terms, 


x” (acos? @ + csin” 6 — 2bcos 8 sin 0) 
+x'y'[2a cos 8 sin 9 — 2csin 8 cos 6 + 2b(cos” 0 — sin? 4)| 
+y” (asin? 0 + ccos” 8 + 2bcos 6 sin 0) 
+z'(2dcos 0 — 2f sinf) + y (—2d sinó + 2f cos 0) 
+g =0. (14) 


Comparing the COEFFICIENTS with (1) gives an equa- 
tion of the form 


i ef f 


a'z? + Way + cy’ + 2d'z' + 2f'y’ +g =0, (15) 


where the new COEFFICIENTS are 


al = acos? 9 — 2bcos 6 sin 6 + csin? 6 (16) 
b' = b(cos’ 0 — sin? 0) + (a—c)sin@cos@ (17)- 
c’ = asin” 9 + 2bsin @ cos 8 + ecos” 0 (18) 
d' = dcos@ — f sin@ (19) 
f = —dsin 6 + fcosó | (20) 
g = 9. (21) 


The cross term 2b'x'y' can therefore be made to vanish 
by setting 


b' = b(cos” 6 — sin? 6) — (c — a) sin @ cos 8 


= bcos(20) — $(c — a) sin(26) = 0. (22) 


For b' to be zero, it must be true that 


c—@ 


cot(20) = 7 


= K. (23) 


The other components are then given with the aid of the 
identity 


z 
cos[cot”*(2)] = === 24 
by defining 
pa 2. (25) 
1+ K? 
so 
O ee (26) 
2 
cos O = A (27) 
2 
Rotating by an angle 
s —1 c= 0 
0 = 5 cot ( ob ) (28) 


therefore transforms (1) into 


aa? + cy? + 9d' x! + 2f'y' + g' =). (29) 


Quadratic Curve 


COMPLETING THE SQUARE, 


2d' 2f' 
a’ (2 + ata) +e G + Ly) +g =0 (30) 


2 2 
d' j dr? #2 
Defining z” = 2’ +d /a, y” = y + f'/c, and g” = 
—g' +d/a + f'*/c' gives 
alg"? me dy” oe gr. (32) 


If g” 4 0, then divide both sides by g”. Defining a” = 
a'/g" and c” =c'/g" then gives 


Give es cy? al (33) 


Therefore, in an appropriate coordinate system, the 
general CONIC SECTION can be written (dropping the 
primes) as 


art +cy*=1 a,c,g #0 (34) 
2 es = 
art +cy=0 a,c#0,g=0. 


Consider an equation of the form ax? + 2bxy + cy? = 1 
where b Æ 0. Re-express this using tı and tz in the form 
ar” +2bxy + cy” = tig” + tay”. (35) 


Therefore, rotate the COORDINATE SYSTEM 


a’ cosó sin@ | |z 
[d 7 E a ae (36) 


50 


az? + 2bry + cy? = tir? + toy” 
= tı (x? cos? 8 + 2xy cos O sin 8 + y” sin? 6) 
+ to(z* sin? 0 — 2zy sin 0 cos 6 + y’ cos? 0) 
= £’ (tı cos” 0 + tz sin” 0) + 2zy cos 0 sin 8 (tı — ta) 


+ y” (tı sin? O + to cos” 8) (37) 
and 

a = tı cos” 0 + tz sin’ 0 (38) 

b= (ti = t2) COS 0 sin @ = 5 (ty = t2) sin(20) (39) 

c = tı sin? 6 + tacos” 8. (40) 
Therefore, 


a +c = (tı cos” O + ta sin? 6) + (tı sin? 6 + tz cos” 0) 
=t +t (41) 
a — c = tı cos? 0 + tz sin” 6 — ti sin? 0 + te cos” 6 
= (tı — t2)(cos? 8 — sin” 6) = (tı — t2) cos(28). 
(42) 
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From (41) and (42), 


a=c (tı — tz) cos(20) 


S 1 (ty = ta) sin(28) ~ ty) sin(28) = 2 cot(20), (43) 


the same angle as before. But 


cos(20) = cos [cot a — 3] 


2b 
[tan (=) 
= cos |tan 
a-—c 
= me (44) 
Ee 
so i 7 
oia SE (45) 
1+ (2) 


Rewriting and copying (41), 


ti — t2 = (a—ce)q/1+ ES 


y (a — c}? + 4b? (46) 


titt: =a+c. (47) 


Adding (46) and (47) gives 


tı = tja +c + y (a — c)? + 4b?] (48) 


t2 =a +c- tı = jja +c- y (a -— c)? + 4b?]. 


(49) 
Note that these ROOTS can also be found from 


(t-t)t-t)=é-tt+to)+tit2=0 (50) 


t—t(a +) + H(a +0) — [(a — c)? + 407} 
=t —t(a+c) 
+ ha? + 2ac+c" — a” + 2ac — c’ — 40°] 
=P —t(a+c)+(ac—b*) = (a—t)(e—t)-—0° 


a—t b 
b c—t 


=(a-—t)(c—t)-—b? =0. (51) 


The original problem is therefore equivalent to looking 
for a solution to 


Ea. e 
la e 


which gives the simultaneous equations 


ax? + bay = tr? (54) 
bey + cy? = ty’. 
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Let X be any point (x,y) with old coordinates and 
(x', y') be its new coordinates. Then 


ax? + Qbey + cy? = tyr? +ty*=1 (55) 


and 
t=}. bl (56) 
y =X_. ml (57) 


If t+ and t- are both > 0, the curve is an ELLIPSE. If 
t, and t are both < 0, the curve is empty. If t, and 
t_ have opposite SIGNS, the curve is a HYPERBOLA. If 
either is 0, the curve is a PARABOLA. 


To find the general form of a quadratic curve in POLAR 
COORDINATES (as given, for example, in Moulton 1970), 
plug « = rcos@ and y = rsin@ into (1) to obtain 


ar? cos’ 6 + 2br? cos O sin 8 + cr’ sin? 0 


+2drcos9 + 2frsinód+g=0 (58) 
(acos? 6 + 2bcos 8 sin @ + csin? 8) 
2 
+=(dcos 6 + f sind) + 5 =0. (59) 
Define u = 1/r. For g 4 0,we can divide through by 2g, 


tu” + | (dcos + fsin6)u 


+5-(a cos? 0 + 2bcos8 sin 8 + csin” 9) =0. (60) 


Applying the QUADRATIC FORMULA gives 


den ai A (61) 
9 g 
where 
_ (dcos@ + f sin 0}? 
E a 
1 1 2 . » 2 
-4(5) — | (acos” 6+ 2bcos Ó sin ð + csin“ 0) 
2 29 | 
2 2 
= © cos? 0 + 2d cos 0 sin 8 + ~ sin’ 9 
g g g 
- = (acos? 8 + 2bcos8 sin 8 + csin? 9). (62) 


Using the trigonometric identities 


sin? 9 = 1 — cos? 8 (63) 
sin(2@) = 2sin @ cos ð, (64) 


Quadratic Curve 


it follows that 


Qi. £2 
siie] o I 


+ sin(28) (E 22) MN da 


_de-ag-f+09 


cos(20) + 1 bg sin(20) 


29? 2 
y Ë- ag- fi +ceg+2f’ ~ 2cg (65) 
2g? l 
Defining 
ee 
A=-2 66 
F (66) 
d 
DE 67 
7 (67) 
_ df — bg 
C= > (68) 
g 
_ @ — f? +cg-ag 
_ +f’ -ag-cg 


then gives the equation 


e Asin + B cos 0 + y/C sin(20) + D cos(20) + E 
(71) 


(Moulton 1970). If g = 0, then (59) becomes instead 


u = 


acos’ 6 + 2bcos @ sin @ + csin? 6 


2(dcos@ + f sin) (ra 


E dh 
i - = 
T 


Therefore, the general form of a quadratic curve in polar 
coordinates is given by 


Asin + B cos for g #0 
ga +,/C sin(28) + D caa 0) +E 
a cos? 0+2b cos 8 sin O+csin* 6 _ 
g de 6+f no) for g= 0. 
(73) 


see also CONIC SECTION, DISCRIMINANT (QUADRATIC 
CURVE), ELLIPTIC CURVE 
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Quadratic Effect 


Quadratic Effect 
see PRIME QUADRATIC EFFECT 


Quadratic Equation 
A quadratic equation is a second-order POLYNOMIAL 


az? +br+c=0, (1) 


with a 4 0. The roots x can be found by COMPLETING 
THE SQUARE: 


2 b Cc 
o ee 9 
a + ¿E 3 (2) 
by? C b? b? — 4ac 
(2 ay =) = a 4@2 4a? (3) 
b +v b? — 4ac 
rege! 4 
z+ 2a Za ( ) 
Solving for æ then gives 
—b + yb? — 4ac 


This is the QUADRATIC FORMULA. 


An alternate form is given by dividing (1) through by 


g’: 


apo O (6) 
1 BN. 
c(=+2)+0=0 (7) 


AR EE 
eV” 90) "Ne de 4e 4e ` 
(8) 


Therefore, 


1 
= aa A ee 
x F 2c 2c (9) 
1 —b + yb? — 4ac (10) 
T 2c 
2c 

paa 11 

—b + yb? — 4ac (11) 


This form is helpful if b? > 4ac, in which case the usual 
form of the QUADRATIC FORMULA can give inaccurate 
numerical results for one of the Roots. This can be 
avoided by defining 


q=-1 |b + sgn (b) V? — dac | (12) 


so that b and the term under the SQUARE ROOT sign 
always have the same sign. Now, if b > 0, then 


q=-3(b+ yb? — dac) (13) 


—2 b — vb? — 4ac  —2(b— Vb? — dac) 
b+ Vb? — 4ac b — yb? — 4ac b? — (b? — dac) 
—2(b — Vb? — 4ac)  —b + vb? — 4ac 


4ac 2ac 


|e 


(14) 


Quadratic Field 1479 
sO | 
—h = 2 
= 1 HA (15) 
e —b+ Vb? -— 4ac 
ji SA (16) 
q 20 


Similarly, if b < 0, then 


q = -1 (b — yb? — 4ac ) = 3(—b + yb? —4ac) (17) 


r 2 b+ vb? — 4ac  2(b+ Vb? — 4ac) 
q  —b+yb?—4acb+ vb? —4ac  —b? + (b? — 4ac) 
_b4+vyb?—4ac _ —b — Vb? — 4ac 


= 1 
—2ac 2ac i (18) 
SO 
= 2 —_ 
OE ae a (19) 
a 2a 
c  =b-— yb? — 4ac 


Therefore, the ROOTS are always given by 11 = q/a and 
T2 = c/q. 

see also CARLYLE CIRCLE, CONIC SECTION, CUBIC 
EQUATION, QUARTIC EQUATION, QUINTIC EQUATION, 
SEXTIC EQUATION 
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Quadratic Field 

An ALGEBRAIC INTEGER of the form a+bVD where D 
is SQUAREFREE forms a quadratic field and is denoted 
Q(VD). If D > 0, the field is called a REAL QUAD- 
RATIC FIELD, and if D < 0, it is called an IMAGINARY 
QUADRATIC FIELD. The integers in Q(V1) are sim- 
ply called “the” INTEGERS. The integers in Q(/—1) 
are called GAUSSIAN INTEGERS, and the integers in 
Q(V=3) are called EISENSTEIN INTEGERS. The AL- 
GEBRAIC INTEGERS in an arbitrary quadratic field do 
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not necessarily have unique factorizations. For exam- 


ple, the fields Q(vV—5) and Q(vV—6) are not uniquely 
factorable, since 


21=3-7=(1+24-5)(1- 24-5) (1) 
6=-v6(V-6)=2-3, (2) 


although the above factors are all primes within these 
fields. All other quadratic fields Q(VD ) with |D| < 7 
are uniquely factorable. 


Quadratic fields obey the identities 
(a+bVD)+(c+dVD) =(atc)+(b+d)VD, (3) 


(a+bVD)(c+dvVD) = (ac+ bdD) + (ad+be)VD, (4) 


and 


ea ED ee be-ad 5, (5) 
etd/D c?-@D œ- æD 


The INTEGERS in the real field Q(VD) are of the form 


r+ sp, where 


=> for D = 2 or D= 3 (mod 4) 


2(-1+ VD) for D=1 (mod 4). (6) 


There exist 22 quadratic fields in which there is a Eu- 
CLIDEAN ALGORITHM (Inkeri 1947). 


see also ALGEBRAIC INTEGER, EISENSTEIN INTEGER, 
GAUSSIAN INTEGER, IMAGINARY QUADRATIC FIELD, 
INTEGER, NUMBER FIELD, REAL QUADRATIC FIELD 
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Quadratic Form 

A quadratic form involving n REAL variables 11, 22, ..., 
Zn associated with the n x n MATRIX A = aij; is given 
by 


Q(21,12,..., Tn) = QijLil;j, (1) 


where EINSTEIN SUMMATION has been used. Letting 
x be a VECTOR made up of 21, ..., Zn and x! the 
TRANSPOSE, then 


Q(x) = x" Ax, (2) 


equivalent to 

Q(x) = (x, Ax) (3) 
in INNER PRODUCT notation. A BINARY QUADRATIC 
FORM has the form 


Q(x, y) = aia + 2a120y + a224". (4) 


Quadratic Formula 


It is always possible to express an arbitrary quadratic 
form 


Q(x) = 0:52:15 (5) 


in the form 


Q(x) = (x, Ax), (6) 


where A = as; is a SYMMETRIC MATRIX given by 


3 = A Š T 
va | Sa +05) 1%]. (7) 


Any REAL quadratic form in n variables may be reduced 
to the diagonal form 


Q(x) = Arai? + Agwe? +...+ Anan? (8) 


with A1 > A2 > ... > An by a suitable orthogonal 
point-transformation. Also, two real quadratic forms 
are equivalent under the group of linear transformations 
IFF they have the same RANK and SIGNATURE. 


see also DISCONNECTED FORM, INDEFINITE QUAD- 
RATIC FORM, INNER PRODUCT, INTEGER-MATRIX 
FORM, POSITIVE DEFINITE QUADRATIC FORM, POSI- 
TIVE SEMIDEFINITE QUADRATIC FORM, RANK (QUAD- 
RATIC FORM), SIGNATURE (QUADRATIC FORM), SYL- 
VESTER’S INERTIA LAW 
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Quadratic Formula 
The formula giving the ROOTS of a QUADRATIC EQUA- 
TION 

ar +ba+c=0 (1) 


as 
e —b + yb? — dac 


2a 


An alternate form is given by 


(2) 


2c 


= —b+vyb?—4ac. 


£ 


(3) 


see also QUADRATIC EQUATION 


Quadratic Integral 


Quadratic Integral 
To compute integral of the form 


dx 
A 1 
[ai (1) 


COMPLETE THE SQUARE in the DENOMINATOR to ob- 
tain 


dx _1 dx (2) 
a+br+c? c Gee) IN 


Let u = x +b/2c. Then define 


2_a b ç A Juen Dl 
m c 4e 4c? acca dE 4c? 2? (3) 
where 
q = 4ac — b’ (4) 


is the NEGATIVE of the DISCRIMINANT. If q < 0, then 


A 
Le 


A V—4. (5) 


Now use PARTIAL FRACTION DECOMPOSITION, 


tf opera (at a) e 


( Aj A» E PERERA 

utA  u—A) u? — A? 
T (Az + Azu + A(A2 aa Aj) 7 
ap ae 


so A: + Ay = 0 > A» = —A, and A(A2 — Ai) = 
2441 = 1 > A; = -1/(24). Plugging these in, 


Md 
c 2Au+tA 24u-A 
1 


ao —In(u+ A) + In(u — A)] 


a e la E — 5) 
=- 2Ae u+ A 
b 1 

2(L) y=qc Le+ tAv 
o 1l In 2cz +b — ./-q (8) 
A 2cr +b+ /-q 
for q < 0. Note that this integral is also tabulated in 
Gradshteyn and Ryzhik (1979, equation 2.172), where 
it is given with a sign flipped. 
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Quadratic Invariant 
Given the BINARY QUADRATIC FORM 
2 2 
az” + 2bxy + cy (1) 
with DISCRIMINANT b* — ac, let 
z= pX +qY (2) 
y = rX + sY. (3) 


Then 


a(pX +qY Y + 2b(pX + qY)(rX + sY)+ec(rX +sY) 
= AX? +2BXY + CY’, (4) 


where 
A = ap” + 2bpr + er” (5) 
B = apq + blps + gr) +crs (6) 
C = ag + 2bgs + cs’, (7) 
SO 


B? — AC = [aè pg? +b? ps + gr)? + rs? 
+ 2abpq(ps + gr) + 2acpgrs + 2bcrs(ps + qr)] 
— (ap? + 2bpr + cr?)(aq” + 2bqs + cs”) 
= ap? +b? ps? + 2 pgrs + ret 
+ 2abp*gs + 2abpq’r + 2acpgrs + 2beprs* + 2bcqr?s 


— a° p’ g — 2abp* qs — acp’ s* — 2abpq’r — 4b*pqrs 
— 2bcprs* — acg*r® — 2begr*s — c*r*s” 
= b°p*s” — 2b’ pgrs + bg r? + 2acpgrs — acp? s? 


— acg’r? 
= p?s* (b? — ac) + g?r’? (b? — ac) — 2pgrs(b” — ac) 
= (0? — ac)(p*s” — 2pqrs + q 1? 
= (ps — rq) (b — ac). (8) 


Surprisingly, this is the same discriminant as before, but 
multiplied by the factor (ps — rq)”. The quantity ps —rq 
is called the MODULUS. 


see also ALGEBRAIC INVARIANT 


Quadratic Irrational Number 
An IRRATIONAL NUMBER of the form 


PtivJD 
Q q 


where P and Q are INTEGERS and D is a SQUARE- 
FREE INTEGER. Quadratic irrational numbers are some- 
times also called QUADRATIC SURDS. In 1770, Lagrange 
proved that that any quadratic irrational has a CONTIN- 
UED FRACTION which is periodic after some point. 


see also CONTINUED FRACTION, QUADRATIC SURD 
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Quadratic Map 
A 1-D MAP often called “the” quadratic map is defined 
by 
n+l = Tn? +c. (1) 


This is the real version of the complex map defining 
the MANDELBROT SET. The quadratic map is called 
attracting if the JACOBIAN J < 1, and repelling if J > 1. 
FIXED POINTS occur when 


a) = [r] +. ¢ (2) 
(a)? -r +e=0 (3) 
a) =1(1+y1- 4e). (4) 


Period two FIXED POINTS occur when 


Ln+2 = En41 te= (an +0) +e 
= En + 2er + (c? iC) =e (5) 


ot +207 —~2+(cx* +c) = (a? -a2+c)(2*+24+1+c) =0 
| (6) 
2? = H+ y1-4(14+0)]= i114 V-3-4c). (7) 


Period three FIXED POINTS occur when 


a+ (3c4 12% + (2c + 1)2% + (c? +3c+ 1)2* 
+(e+ 1)? + (cP +2c? +c4+1)=0. (8) 


The most general second-order 2-D MAP with an elliptic 


fixed point at the origin has the form 


' = gcosa — ysin a + azz + angry +a0y (9) 


i 


y = zsina+ ycosa+ boon? + b112y + boozy”. (10) 
The map must have a DETERMINANT of 1 in order to be 
AREA preserving, reducing the number of independent 


parameters from seven to three. The map can then be 
put in a standard form by scaling and rotating to obtain 


t . 2 +. 
© = rcosa — ysina + zr’ sina (11) 


y = sino + ycosa — 2* cosa. (12) 
The inverse map is 


T=x cosa+y sina (13) 


y =-2 sina + y' cosa + (2 cosa + y sina)’. (14) 
The FIXED POINTS are given by 
zi sina + 22; cosa — Ti-1 — Zipi = 0 (15) 
fori=0,...,n-— 1. | 


see also BOGDANOV MAP, HENON Map, LOGISTIC 
MAP, Lozi MAP, MANDELBROT SET 


Quadratic Reciprocity Theorem 


Quadratic Mean 
see ROOT-MEAN-SQUARE 


Quadratic Reciprocity Law 
see QUADRATIC RECIPROCITY THEOREM 


Quadratic Reciprocity Relations 


(+) =e a) 
(2) = ¡Ene (2) 


Pp 


(2) = (2) (Aa, (3) 


where (2) is the LEGENDRE SYMBOL. 
see also QUADRATIC RECIPROCITY THEOREM 


Quadratic Reciprocity Theorem 

Also called the AUREUM THEOREMA (GOLDEN THEO- 
REM) by Gauss. If p and q are distinct ODD PRIMES, 
then the CONGRUENCES 


a? =q (mod p) 
r? =p (mod q) 


are both solvable or both unsolvable unless both p and q 
leave the remainder 3 when divided by 4 (in which case 
one of the CONGRUENCES is solvable and the other is 
not). Written symbolically, 


PA {4 \ _ (_qye-DG-D/A 
(5) Eneas 


(2) _ 1 for z? =p (mod q) solvable for z 


| —1 for x? =p (mod q) not solvable for x 


is known as a LEGENDRE SYMBOL. Legendre was the 
first to publish a proof, but it was fallacious. Gauss 
was the first to publish a correct proof. The quadratic 
reciprocity theorem was Gauss’s favorite theorem from 
NUMBER THEORY, and he devised many proofs of it over 
his lifetime. 

see also JACOBI SYMBOL, KRONECKER SYMBOL, LEG- 
ENDRE SYMBOL, QUADRATIC RESIDUE, RECIPROCITY 
THEOREM 
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Quadratic Recurrence 


Quadratic Recurrence 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


A quadratic recurrence is a RECURRENCE RELATION on 
a SEQUENCE of numbers {z,} expressing £n as a second 
degree polynomial in £z with k < n. For example, 


Tn = Ln-1%n-2 (1) 
is a quadratic recurrence. Another simple example is 
Ln = (an—1)° (2) 


with xy = 2, which has solution £n = 22” Another ex- 
ample is the number of “strongly” binary trees of height 
< n, given by 


Yn = (Yn-1)* +1 (3) 
with yo = 1. This has solution 
Yn = cal ) (4) 


c = exp bs 27571 (1 + w) = 1.502836801... 


j=0 

(5) 
and |x] is the FLOOR FUNCTION (Aho and Sloane 1973). 
A third example is the closest strict underapproximation 
of the number 1, 


1 


S, = =, 6 

n=} > (6) 
¿=1 

where 1 < 21 < ... < Zn are integers. The solution is 

given by the recurrence 


with z1 = 2. This has a closed solution as 
an = |" +3 (8) 


where 


d = 5 6 exp Na In[1 + (2z; — | 


j=l 


= 1.2640847353... (9) 


(Aho and Sloane 1973). A final example is the well- 
known recurrence 


Cn = (en-1) — (10) 


with co = 0 used to generate the MANDELBROT SET. 
see also MANDELBROT SET, RECURRENCE RELATION 
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Quadratic Residue 
If there is an INTEGER z such that 

x’ =q (mod p), (1) 


then q is said to be a quadratic residue of x mod p. If 
not, q is said to be a quadratic nonresidue of z mod 
p. For example, 4% = 6 (mod 10), so 6 is a quadratic 
residue (mod 10). The entire set of quadratic residues 
(mod 10) are given by 1, 4, 5, 6, and 9, since 

3? =9 (mod 10) 


17=1 (mod 10) 27 =4 (mod 10) 


*=5 (mod 10) = 6 (mod 10) 


5 6° 
2 = 9 (mod 10) 8° =4 (mod 10) 9% =1 (mod 10) 


making the numbers 2, 3, 7, and 8 the quadratic non- 
residues (mod 10). 


A list of quadratic residues for p < 29 is given below 
(Sloane's A046071), with those numbers < p not in the 
list being quadratic nonresidues of p. 


p Quadratic Residues 
1 (none) 
2 1 
3 1 
4 1 
5 1,4 
6 1,3,4 
7 1,2,4 
8 1,4 
9 1,4, 7 
10 1,4, 5, 6,9 
11 1,3, 4, 5,9 
12 1,4,9 
13 1,3, 4,9, 10, 12 
14 1,2,4,7,8,9, 11 
15 1,4,6,9,10 
16 1,4,9 
17 1,2, 4, 8, 9, 13, 15, 16 
18 1, 4, 7, 9, 10, 13, 16 
19 1,4, 5,6, 7,9, 11, 16, 17 
20 1,4,5,9,16 


~+ 


1 


~ 


The UNITS in the integers (mod n), Zn, which are 
SQUARES are the quadratic residues. 


Given an ODD PRIME p and an INTEGER a, then the 
LEGENDRE SYMBOL is given by 


ax _ f 1 ifa is a quadratic residue mod p (2) 
pj} |-1 otherwise. 


If 
p\P~1)/2 = +1 (mod p), (3) 
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then r is a quadratic residue (+) or nonresidue (—). This 
can be seen since if r is a quadratic residue of p, then 
there exists a square x” such that r = z? (mod p), so 


pP-D/2 = (20-012 = q 


P=] (mod p), (4) 
and xP”? is congruent to 1 (mod p) by FERMAT’S LITTLE 
THEOREM. zis given by 
q*** (mod p) 
for p = 4k +3 
q (mod p) (5) 
for p = 8k +5 and q***! = 1 (mod p) 
(4q)**# (2%) (mod p) 
for p = 8k + 5 and q**** = —1 (mod p). 


More generally, let g be a quadratic residue modulo an 
ODD PRIME p. Choose h such that the LEGENDRE SYM- 
BOL (h? — 4q/p) = —1. Then defining 


Vi=h (6) 
Va = hee 2q (7) 
Vi = AVi-1 — qVi-2 for 1 > 3, (8) 
gives 
Voi = Vi? — 2g (9) 
Vairi = ViVi41 — hn’, (10) 


and a solution to the quadratic CONGRUENCE is 
p+1 
r =Viesa)ya (=) (mod p). (11) 


The following table gives the PRIMES which have a given 
number d as a quadratic residue. 


d Primes 
—6 24k+1,5,7,11 
—5 20k+ 1,3,7,9 


-3 6k+1 
-2 8k+1,3 
=] 4k+1 
2 8k+1 
3 12k+1 
5 10k+1 
6 24k+1,5 


Finding the CONTINUED FRACTION of a SQUARE ROOT 
VD and using the relationship 


_ D-P,? 


Qn = “Daa (12) 


for the nth CONVERGENT P,,/Qn gives 


Pa” = —QnQn-1 (mod D). (13) 


Quadratic Sieve Factorization Method 


Therefore, -QnQn-1 is a quadratic residue of D. But 
since Qı = 1, —Qa is a quadratic residue, as must be 
—Q2Q3. But since —Q2 is a quadratic residue, so is Qs, 
and we see that (—1)"~*Qn are all quadratic residues 
of D. This method is not guaranteed to produce all 
quadratic residues, but can often produce several small 
ones in the case of large D, enabling D to be factored. 


The number of SQUARES s(n) in Z, is related to the 
number g(n) of quadratic residues in Zn by 


a(p") = s(p") — s(p"~*) (14) 


for n > 3 (Stangl 1996). Both g and s are MULTIPLICA- 
TIVE FUNCTIONS. 


see also EULER’S CRITERION, MULTIPLICATIVE FUNC- 
TION, QUADRATIC RECIPROCITY THEOREM, RIEMANN 
HYPOTHESIS 
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Quadratic Sieve Factorization Method 
A procedure used in conjunction with DIXON's FACTOR- 
IZATION METHOD to factor large numbers. The rs are 


chosen as 
| vn] +k, (1) 


where k = 1, 2,... and |x] is the FLOOR FUNCTION. 
We are then looking for factors p such that 


n =r? (mod p), (2) 


which means that only numbers with LEGENDRE SYM- 
BOL (n/p) = 1 (less than N = r(d) for trial divisor d) 
need be considered. The set of PRIMES for which this 
is true is known as the FACTOR BASE. Next, the CoN- 
GRUENCES 


z? =n (mod p) (3) 


must be solved for each p in the FACTOR BASE. Fi- 


nally, a sieve is applied to find values of f(r) = r? —n 


11/13/2017 FM Crystal Radio 


Is this thing imaginary -- science fiction? Well, imagination did play a part, but it is definitely not science fiction. This shot 
shows the elegance of the FM set best, I think. There 1s only one resistor and one fixed capacitor. 


http://solomonsmusic.net/FM_CrystalRadio.html 5/12 
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which can be factored completely using only the FAC- 
TOR BASE. GAUSSIAN ELIMINATION is then used as in 
DIXON’S FACTORIZATION METHOD in order to find a 
product of the f(r)s, yielding a PERFECT SQUARE. 


The method requires about exp(vlog nlog log n ) steps, 
improving on the CONTINUED FRACTION FACTORIZA- 


TION ALGORITHM by removing the 2 under the SQUARE 
RooT (Pomerance 1996). The use of multiple POLYNO- 
MIALS gives a better chance of factorization, requires a 
shorter sieve interval, and is well-suited to parallel pro- 
cessing. 


see also PRIME FACTORIZATION ALGORITHMS, SMOOTH 
NUMBER 
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Quadratic Surd 
see QUADRATIC IRRATIONAL NUMBER 


Quadratic Surface 
There are 17 standard-form quadratic surfaces. The 
general quadratic is written 


az? + by? +cz* + 2fyz + 2gza + 2hxy 
4+2p2+2qy+2rz+d=0. (1) 


Define 
ah g 
e=|h b f (2) 

gf c 
a hgp 
h b 

mre Neat F i s (3) 
p q r d 

Pa = rank e (4) 

pa = rank E (5) 

A = det E, (6) 


Quadratrix of Hippias 1485 
and ki, k2, as k3 are the roots of 
a-x h g 
h b-av f |=0. (7) 
g f css 


Also define 


= f 1 ifthe signs of nonzero ks are the same (8) 
© (O otherwise. 


sgn 
Surface Equation p3 pa (A) k 
coincident planes a? — 0 1 1 
ellipsoid ($) e+e +e =-13 4 + 1 
ellipsoid (R) = + z + ae =1 3 4 — 1 
2 2 

elliptic cone ($) #+4-4=0 3 3 1o 
elliptic cone (RR) 2 = x + ve 3 3 0 
elliptic cylinder (3) 2 + ve ==] 2 3 1 
elliptic cylinder (R) a + > = 1 2 3 1 
elliptic paraboloid z= = + i 2 4 — 1 
hyperbolic cylinder =} — y = —1 2 3 0 
hyperbolic paraboloid = ve — a 2 4 + 0 
hyperboloid of one sheet z + x — x = 1 3 4 + 0 
hyperboloid of two sheets £5 + i — 5 =-13 4 — 0 
intersecting planes (S) 2z + x = 0 2: 2 1 
intersecting planes (R) = — ve = 0 2 2 0 
parabolic cylinder a*+2rz=0 1 3 

parallel planes (S) a? = ~a’ 1 2 

parallel planes (R) a? = a? 1 2 


see also CUBIC SURFACE, ELLIPSOID, ELLIPTIC CONE, 
ELLIPTIC CYLINDER, ELLIPTIC PARABOLOID, HYPER- 
BOLIC CYLINDER, HYPERBOLIC PARABOLOID, HYPER- 
BOLOID, PLANE, QUARTIC SURFACE, SURFACE 
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Quadratrix of Hippias 


The quadratrix was discovered by Hippias of Elias in 430 
BC, and later studied by Dinostratus in 350 BC (Mac- 
Tutor Archive). It can be used for ANGLE TRISECTION 
or, more generally, division of an ANGLE into any inte- 
gral number of equal parts, and CIRCLE SQUARING. In 
POLAR COORDINATES, 


Tp = 2r0 csc 0, 


so 
_ parsing 
q 3 


0 
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which is proportional to the COCHLEOID. 
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Quadrature 

The word quadrature has (at least) three incompati- 
ble meanings. Integration by quadrature either means 
solving an INTEGRAL analytically (i.e., symbolically in 
terms of known functions), or solving of an integral 
numerically (e.g., GAUSSIAN QUADRATURE, QUADRA- 
TURE FORMULAS). The word quadrature is also used 
to mean SQUARING: the construction of a square using 
only COMPASS and STRAIGHTEDGE which has the same 
AREA as a given geometric figure. If quadrature is pos- 
sible for a PLANE figure, it is said to be QUADRABLE. 


For a function tabulated at given values z; (so the AB- 
SCISSAS cannot be chosen at will), write the function $ 
as a sum of ORTHONORMAL FUNCTIONS p; satisfying 


b 
f POEWE) de = 6, a) 
ó(x) = X ajps(o), (2) 


and plug into 


= Y wf (as), (3) 
giving 
| Van wd = Sw | Parse]. @ 
a j=0 i=l j= 


But we wish this to hold for all degrees of approximation, 
SO 


os | ri(@)W(e)de =a; Swale) © 


b n 
f| nawed- Sune). ®© 


Setting ¿ = 0 in (1) gives 


| Dre (7) 


Quadricorn 


The zeroth order orthonormal function can always be 
taken as po(x) = 1, so (7) becomes 


| a TN (8) 
=> wip; (xs), (9) 


where (6) has been used in the last step. We therefore 
have the MATRIX equation 


polx1) pol tn) w1 1 
Pi (x1) pi(tn) We 
; = , (10) 
E E P E Wn 0 


which can be inverted to solve for the wis (Press et al. 
1992). 


see also CALCULUS, CHEBYSHEV-GAUSS QUADRATURE, 
CHEBYSHEV QUADRATURE, DERIVATIVE, FUNDAMEN- 
TAL THEOREM OF GAUSSIAN QUADRATURE, GAUSS- 
JACOBI MECHANICAL QUADRATURE, GAUSSIAN QUAD- 
RATURE, HERMITE-GAUSS QUADRATURE, HERMITE 
QUADRATURE, JACOBI-GAUSS QUADRATURE, JACOBI 
QUADRATURE, LAGUERRE-GAUSS QUADRATURE, LA- 
GUERRE QUADRATURE, LEGENDRE-GAUSS QUADRA- 
TURE, LEGENDRE QUADRATURE, LOBATTO QUADRA- 
TURE, MECHANICAL QUADRATURE, MEHLER QUADRA- 
TURE, NEWTON-COTES FORMULAS, NUMERICAL INTE- 
GRATION, RADAU QUADRATURE, RECURSIVE MONO- 
TONE STABLE QUADRATURE 
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Quadrature Formulas 
see NEWTON-COTES FORMULAS 


Quadric 


An equation of the form 


q? 2 ze 


y 
A ee ae E | 
ange? Pio’ 248 


where @ is said to be the parameter of the quadric. 


Quadricorn 

A FLEXIBLE POLYHEDRON due to C. Schwabe (with the 
appearance of having four horns) which flexes from one 
totally flat configuration to another, passing through in- 
termediate configurations of positive VOLUME. 


see also FLEXIBLE POLYHEDRON 


Quadrifolium | 


Quadrifolium 


The ROSE with n = 2. It has polar equation 
r = asin(20), 
and Cartesian form 
(a? + y?)? = 4r. 


see also BIFOLIUM, FOLIUM, ROSE, TRIFOLIUM 


Quadrilateral 


B 


A four-sided POLYGON sometimes (but not very often) 
also known as a TETRAGON. If not explicitly stated, all 
four VERTICES are generally taken to lie in a PLANE. If 
the points do not lie in a PLANE, the quadrilateral is 
called a SKEW QUADRILATERAL. 


For a planar convex quadrilateral (left figure above), 
let the lengths of the sides be a, b, c, and d, the 
SEMIPERIMETER s, and the DIAGONALS p and q. The 
DIAGONALS are PERPENDICULAR IFF a? +c? = b? +g’. 
An equation for the sum of the squares of side lengths 
iS 

a tb HHE Hd =p’ Hg +42’, (1) 
where z is the length of the line joining the MIDPOINTS 
of the DIAGONALS. The AREA of a quadrilateral is given 
by 


K = >5pq sin 0 (2) 
f 

= Hb" + d* — a° — c’) tanb (3) 

= 1./4p?2g? — (b? + d2 — a? — c?)? (4) 


= 4/ (s — a)(s — b)(s — c)(s — d) — abcd cos? [1 (A + B)), 


(5) 
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where (4) is known as BRETSCHNEIDER'S FORMULA 
(Beyer 1987). 


A special type of quadrilateral is the CYCLIC QUADRI- 
LATERAL, for which a CIRCLE can be circumscribed so 
that it touches each VERTEX. For BICENTRIC quadri- 
laterals, the CIRCUMCIRCLE and INCIRCLE satisfy 


2r?(R? — 8°) = (R? — 8°)” — 4r*s’, (6) 


where R is the CIRCUMRADIUS, r in the INRADIUS, and 
s is the separation of centers. A quadrilateral with two 
sides PARALLEL is called a TRAPEZOID. 


There is a relationship between the six distances dia, 
di3, di4, dez, dea, and d34 between the four points of a 
quadrilateral (Weinberg 1972): 


O=di2 das? + dis da tda da + des dia? 
+ diadiz + d34di2 
+ diadagd31 + dîad24d41 + disd3ad4i 
Edisdsadas =diadisdas = disda 
— diad24d43 — diadi2dz3 — dizd3adao 
— di4da3d32 — d23d31d14 — d21d13d34 
— dasdar dia — d21d14d43 — din di2 daa 


— dido dia. (7) 


see also BIMEDIAN, BRAHMAGUPTA'S FORMULA, BRET- 
SCHNEIDER’S FORMULA, COMPLETE QUADRILATERAL, 
CYCLIC-INSCRIPTABLE QUADRILATERAL, CYCLIC 
QUADRILATERAL, DIAMOND, EIGHT-POINT CIRCLE 
THEOREM, EQUILIC QUADRILATERAL, FANO’S AXIOM, 
LEON ANNE’S THEOREM, LOZENGE, ORTHOCENTRIC 
QUADRILATERAL, PARALLELOGRAM, PTOLEMY’S THE- 
OREM, RATIONAL QUADRILATERAL, RHOMBUS, SKEW 
QUADRILATERAL, TRAPEZOID, VARIGNON’S THEOREM, 
VON AUBEL’S THEOREM, WITTENBAUER’S PARALLEL- 
OGRAM 
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Quadrillion 
In the American system, 107°. 


see also LARGE NUMBER 


Quadriplanar Coordinates 
The analog of TRILINEAR COORDINATES for TETRAHE- 
DRA. 


see also ‘TETRAHEDRON, TRILINEAR COORDINATES 
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Quadruple 
A group of four elements, also called a QUADRUPLET or 
TETRAD. 


see also AMICABLE QUADRUPLE, DIOPHANTINE QUAD- 
RUPLE, MONAD, PAIR, PRIME QUADRUPLET, PY- 
THAGOREAN QUADRUPLE, QUADRUPLET, QUINTUPLET, 
TETRAD, TRIAD, TRIPLE, TWINS, VECTOR QUADRU- 
PLE PRODUCT 


Quadruple Point 


A point where a curve intersects itself along four arcs. 
The above plot shows the quadruple saa at the ORIGIN 
of the QUADRIFOLIUM (1? + y?)? — 42*y? = 0. 


see also DOUBLE POINT, TRIPLE eae 
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Quadruplet 
see QUADRUPLE 


Quadtree 

A TREE having four branches at each node. Quadtrees 
are used in the construction of some multidimensional 
databases (e.g., cartography, computer graphics, and 
image processing). For a d-D tree, the expected num- 
ber of comparisons over all pairs of integers for success- 
ful and unsuccessful searches are given analytically for 
d = 2 and numerically for d > 3 by Finch. 
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Quarter 


Quantic 

An m-ary n-ic polynomial (i.e., a HOMOGENEOUS POLY- 
NOMIAL with constant COEFFICIENTS of degree n in m 
independent variables). 


see also ALGEBRAIC INVARIANT, FUNDAMENTAL SYS- 
TEM, p-ADIC NUMBER, SYZYGIES PROBLEM 


Quantifier 
One of the operations EXISTS J or For ALL V. 


see also BOUND, EXISTS, FOR ALL, FREE 


Quantization Efficiency 

Quantization is a nonlinear process which generates ad- 
ditional frequency components (Thompson et al. 1986). 
This means that the signal is no longer band-limited, so 
the SAMPLING THEOREM no longer holds. If a signal is 
sampled at the NYQUIST FREQUENCY, information will 
be lost. Therefore, sampling faster than the NYQUIST 
FREQUENCY results in detection of more of the signal 
and a lower signal-to-noise ratio [SNR]. Let 8 be the 
OVERSAMPLING ratio and define 


= SNRauant 
te 7 SNRunquant 


Then the following table gives values of no for a number 
of parameters. 


“The Very Large Array of 27 radio telescopes in Socorro, 


New Mexico uses three-level quantization at G = 1, so 
na = 0.81. 
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Quantum Chaos 
The study of the implications of CHAOS for a system 
in the semiclassical (i.e., between classical and quantum 
mechanical) regime. 
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Quarter 
The UNIT FRACTION 1/4, also called one-fourth. It is 
the value of KOEBE’S CONSTANT. 


see also HALF, QUARTILE 


Quarter Squares Rule 


Quarter Squares Rule 
2 px 2 
(F) - (A) = 
Quartet 


A SET of four, also called a TETRAD. 
see also HEXAD, MONAD, QUINTET, TETRAD, TRIAD 


Quartic Curve 
A general plane quartic curve is a curve of the form 
Azt + By? + Cay + Day’ + Ery? + Fa? + Gy? 
+Ha’yt+laey’?+Je*+Ky? + Leyt+Mae+Ny+0O=0. 
(1) 
The incidence relations of the 28 bitangents of the gen- 
eral quartic curve can be put into a ONE-TO-ONE cor- 
respondence with the vertices of a particular POLYTOPE 
in 7-D space (Coxeter 1928, Du Val 1931). This fact is 
essentially similar to the discovery by Schoutte (1910) 
that the 27 SOLOMON’s SEAL LINES on a CUBIC SUR- 
FACE can be connected with a POLYTOPE in 6-D space 
(Du Val 1931). A similar but less complete relation ex- 
ists between the tritangent planes of the canonical curve 
of genus 4 and an 8-D POLYTOPE (Du Val 1931). 


The maximum number of DOUBLE POINTS for a nonde- 
generate quartic curve is three. 


A quartic curve of the form 
y = (w—a)(x — €) — y) (x — ô) (2) 


can be written 
2 _ _ _ 
(45) (ED 0-728) a) 
TA TQ T=aQ TQ 
(3) 
and so is CUBIC in the coordinates 
= (4) 
y 
-— (5) 


This transformation is a BIRATIONAL TRANSFORMA- 
TION. 


(a) 


(c) (d) 
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Let P and Q be the INFLECTION POINTS and R and S 


the intersections of the line PQ with the curve in Figure 
(a) above. Then 


A=C (6) 
B=2A. (7) 


In Figure (b), let UV be the double tangent, and T' the 
point on the curve whose z coordinate is the average of 
the x coordinates of U and V. Then UV||PQ||RS and 


D=F (8) 
E=vV2D. (9) 


In Figure (c), the tangent at P intersects the curve at 
W. Then 
G = 8B. (10) 


Finally, in Figure (d), the intersections of the tangents 
at P and Q are W and X. Then 


H =27B (11) 


(Honsberger 1991). 


see also CUBIC SURFACE, PEAR-SHAPED CURVE, 
SOLOMON’S SEAL LINES 
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Quartic Equation 
A general quartic equation (also called a BIQUADRATIC 
EQUATION) is a fourth-order POLYNOMIAL of the form 


zí + azz? + asz* + 412 +40 = 0. (1) 


The ROOTS of this equation satisfy NEWTON’S RELA- 
TIONS: 


11 +22 + T3 + £4 = —az (2) 
T12 +0103 + 0104+ 203 + L2£4 + 304 = 07 (3) 
£10203 + L234 + L124 + Eiza = —aı (A) 


L1T2T3T4 = Ao; (5) 


where the denominators on the right side are all as = 1. 


Ferrari was the first to develop an algebraic technique 
for solving the general quartic. He applied his technique 


1490 Quartic Equation 


(which was stolen and published by Cardano) to the 


equation 
z’ + 6x" — 601 +36=0 (6) 


(Smith 1994, p. 207). 


The z? term can be eliminated from the general quartic 
(1) by making a substitution of the form 


2=x-A, (7) 
SO 


2* + (as — 4AJx? + (as — 3a3A + 6X) x” 
+(a1 — 2a2 À + 3a3A” — 4°) 
+(a0 — a1A + as A? — az À” + A. (8) 


Letting À = a3/4 so 


z=a- 5A (9) 
then gives 
g + pa +qr +r, (10) 
where 
p=a2 — 3 a3” | (11) 
q = a1 — 50203 + Lag (12) 
r = ao — 34103 + 20203" — 5030. (13) 


Adding and subtracting 1%u + u7/4 to (10) gives 


u — tu’ +p’ +qz+r=0, (14) 


4 2 2 
x +r u+ tu — T 
which can be rewritten 


(x? — hu)” — [(u —p)x* — qz + (ju —r)]=0 (15) 


(Birkhoff and Mac Lane 1965). The first term is a per- 
fect square P*, and the second term is a perfect square 
Q? for those u such that 


q? =4(u-p)(Gu —r). (16) 


This is the resolvent CUBIC, and plugging a solution u1 
back in gives 


P? - Q° =(P+Q)(P- Q), (17) 
o (15) becomes 
(£? + 3u +Qlé + zu Q), (18) 
where 
Q=Ar-B (19) 
A = Yui — p (20) 
B=-—. (21) 


Quartic Equation 


Let yı be a REAL ROOT of the resolvent CUBIC EQUA- 
TION 


y? — aay’ + (aiaz — 4a0)y + (4a2a0 — a1” — az*a9) = 0. 

(22) 
The four ROOTS are then given by the Roots of the 
equation 


x” + Las + y as? — 4a2 + 4y1) 
+3(y F yy? —4a0)=90, (23) 


which are 
zı =-—jag+ 3R+3D (24) 
z2 = —403 + ¿R-3D (25) 
23> — a3 — iR+ ¿E (26) 
24 = —Fa3 — ¿R — E, (27) 
where 


R= 4/403? -a +m (28) 


žag? — R? — 2a2 + 1 (4a3a2 — 8a; — a3°)R-} 


RAHO 
D= 
$43? — 2a2 + 24/ y1? — 4a0 
R=0 
(29) 
3 a3? — R? — 242 — + (4a3a2 — 801 — a3*)R-} 
RZ0 
E = 
Ž a3? — 242 — 21/y1? — 4ao 
R=0. 
(30) 


Another approach to solving the quartic (10) defines 


o = (41 +22) (03 + 24) = —(@1 + 22) (31) 
B = (a1 + 23)(02 + 24) = (91 + 23) (32) 
y = (a1 + z4)(£2 +23) = (z2 + 23), (33) 


where use has been made of 
T1 + T2 + £3 + x4 = 0 (34) 


(which follows since az = 0), and 


h(x) = (x — a)(x — B)(z — y) (35) 
= £? — (a + B+ yz" + (aß + ay + By)a — abr. 
(36) 


Quartic Reciprocity Theorem 
Comparing with 


Pla) = z? +pa +qgz +r (37) 


= (x — zı )(x — x2)(x —123)(1— x4) (38) 


2 
z” + | [ 2.2, x 


i£ 
+ (£1 + z2)(z1 + z3)(£2 + 23)x 
— £10203 (£1 + La + 23), (39) 
gives 
A(x) = 2° — 2px* = (p —r)z+q". (40) 


Solving this CUBIC EQUATION gives a, 8, and y, which 
can then be solved for the roots of the quartic z; 
(Faucette 1996). 


see also CUBIC EQUATION, DISCRIMINANT (POLYNOM- 
IAL), QUINTIC EQUATION 
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Quartic Reciprocity Theorem 
Gauss stated the case n = 4 using the GAUSSIAN INTE- 
GERS. 


see also RECIPROCITY THEOREM 
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Quartic Surface 

An ALGEBRAIC SURFACE of ORDER 4. Unlike CUBIC 
SURFACES, quartic surfaces have not been fully classi- 
fied. 


see also BOHEMIAN DOME, BURKHARDT QUARTIC, 
CASSINI SURFACE, CUSHION, CYCLIDE, DESMIC SUR- 
FACE, KUMMER SURFACE, MITER SURFACE, PIRI- 
FORM, ROMAN SURFACE, SYMMETROID, TETRAHE- 
DROID, TOOTH SURFACE 
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Quartile 

One of the four divisions of observations which have 
been grouped into four equal-sized sets based on their 
RANK. The quartile including the top RANKED mem- 
bers is called the first quartile and denoted Qı. The 
other quartiles are similarly denoted Q2, Q3, and Qa. 
For N data points with N of the form 4n +5 (for n = 0, 
1, ...), the HINGES are identical to the first and third 
quartiles. 


see also HINGE, INTERQUARTILE RANGE, QUARTILE 
DEVIATION, QUARTILE VARIATION COEFFICIENT 


Quartile Deviation 


1 
= 5. ae 1), 
QD = 3(Q3 — Qi) 
where Qı and Q2 are INTERQUARTILE RANGES. 
see also QUARTILE VARIATION COEFFICIENT 


Quartile Range 
see INTERQUARTILE RANGE 


Quartile Skewness Coefficient 
see BOWLEY SKEWNESS 


Quartile Variation Coefficient 


V= 10083 28: 


Qs + Qı’ 


where Q; and Q2 are INTERQUARTILE RANGES. 


Quasiamicable Pair 
Let o(m) be the DIVISOR FUNCTION of m. Then two 
numbers m and n are a quasiamicable pair if 


o(m)=0o(n)=m+n+l1. 


The first few are (48, 75), (140, 195), (1050, 1925), 
(1575, 1648), ... (Sloane's A005276). Quasiamicable 
numbers are sometimes called BETROTHED NUMBERS 
or REDUCED AMICABLE PAIRS. 


see also AMICABLE PAIR 
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Quasiconformal Map _ 
A generalized CONFORMAL Map. 


see also BELTRAMI DIFFERENTIAL EQUATION 
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Quasigroup 
A GROUPOID S such that for all a,b € S, there exist 
unique x,y € S such that 


ar = 


ya =b. 


No other restrictions are applied; thus a quasigroup need 
not have an IDENTITY ELEMENT, not be associative, etc. 
Quasigroups are precisely GROUPOIDS whose multiplica- 
tion tables are LATIN SQUARES. A quasigroup can be 
empty. 

see also BINARY OPERATOR, GROUPOID, LATIN 
SQUARE, LOOP (ALGEBRA), MONOID, SEMIGROUP 
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Quasiperfect Number 
A least ABUNDANT NUMBER, i.e., one such that 


a(n) =2n+ 1. 


Quasiperfect numbers are therefore the sum of their non- 
trivial DIVISORS. No quasiperfect numbers are known, 
although if any exist, they must be greater than 10% 
and have seven or more DIVISORS. Singh (1997) called 
quasiperfect numbers SLIGHTLY EXCESSIVE NUMBERS. 


see also ABUNDANT NUMBER, ALMOST PERFECT NUM- 
BER, PERFECT NUMBER 
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Quasiperiodic Function 


see WEIERSTRABR SIGMA FUNCTION, WEIERSTRAS 
ZETA FUNCTION 


Quasiregular Polyhedron 


Quasiperiodic Motion 
The type of motion executed by a DYNAMICAL SYSTEM 
containing two incommensurate frequencies. 


Quasirandom Sequence 

A sequence of n-tuples that fills n-space more uniformly 
than uncorrelated random points. Such a sequence is 
extremely useful in computational problems where num- 
bers are computed on a grid, but it is not known in ad- 
vance how fine the grid must be to obtain accurate re- 
sults. Using a quasirandom sequence allows stopping at 
any point where convergence is observed, whereas the 
usual approach of halving the interval between subse- 
quent computations requires a huge number of compu- 
tations between stopping points. 


see also PSEUDORANDOM NUMBER, RANDOM NUMBER 
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Quasiregular Polyhedron 

A quasiregular polyhedron is the solid region inte- 
rior to two DUAL regular polyhedra with SCHLAFLI 
SYMBOLS{p, q} and {q, p}. Quasiregular polyhedra are 
denoted using a SCHLAFLI SYMBOL of the form {7}, 


“feb e 


Quasiregular polyhedra have two kinds of regular faces 
with each entirely surrounded by faces of the other kind, 
equal sides, and equal dihedral angles. They must sat- 
isfy the Diophantine inequality 


1 1 1 
~+-+->1. (2) 
P q fT 


But p,q > 3, so r must be 2. This means that the possi- 
ble quasiregular polyhedra have symbols { > i, E i, and 


{3}. Now 
{3} = 4 (3) 


is the OCTAHEDRON, which is a regular PLATONIC SOLID 
and not considered quasiregular. This leaves only two 
convex quasiregular polyhedra: the CUBOCTAHEDRON 
{3} and the ICOSIDODECAHEDRON { }. 


If nonconvex polyhedra are allowed, then additional 
quasiregular polyhedra are the GREAT DODECAHEDRON 
{5,2} and the GREAT ICOSIDODECAHEDRON {3, 3 
(Hart). 


For faces to be equatorial {h}, 


h=wV4N¡+1-1. (4) 


Quasirhombicosidodecahedron 


The EDGES of quasiregular polyhedra form a system 
of GREAT CIRCLES: the OCTAHEDRON forms three 
SQUARES, the CUBOCTAHEDRON four HEXAGONS, and 
the ICOSIDODECAHEDRON six DECAGONS. The VER- 
TEX FIGURES of quasiregular polyhedra are RHOMBUSES 
(Hart). The EDGES are also all equivalent, a prop- 
erty shared only with the completely regular PLATONIC 
SOLIDS. 


see also CUBOCTAHEDRON, GREAT DODECAHEDRON, 
GREAT ICOSIDODECAHEDRON, ICOSIDODECAHEDRON, 
PLATONIC SOLID 
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Quasirhombicosidodecahedron 
see GREAT RHOMBICOSIDODECAHEDRON (UNIFORM) 


Quasirhombicuboctahedron 
see GREAT RHOMBICUBOCTAHEDRON (UNIFORM) 


Quasisimple Group | 
A FINITE GROUP L is quasisimple if L = [L, L] and 
L/Z(L) is a SIMPLE GROUP. 


see also COMPONENT, FINITE GROUP, SIMPLE GROUP 


Quasithin Theorem 

In the classical quasithin case of the QUASI-UNIPOTENT 
PROBLEM, if G does not have a “strongly embedded” 
SUBGROUP, then G is a GROUP of LIE-TYPE in charac- 
teristic 2 of Lie RANK 2 generated by a pair of parabolic 
SUBGROUPS P, and P», or G is one of a short list of 
exceptions. 


see also LIE-TYPE GROUP, QUASI-UNIPOTENT PROB- 
LEM 


Quasitruncated Cuboctahedron 
see GREAT TRUNCATED CUBOCTAHEDRON 


Quasitruncated Dodecadocahedron 
see TRUNCATED DODECADODECAHEDRON 


Quasitruncated Dodecahedron 
see TRUNCATED DODECAHEDRON 


Quasitruncated Great Stellated 
Dodecahedron 


see GREAT STELLATED TRUNCATED DODECAHEDRON 
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Quasitruncated Hexahedron 
see STELLATED TRUNCATED HEXAHEDRON 


Quasitruncated Small Stellated 
Dodecahedron 


see SMALL STELLATED TRUNCATED DODECAHEDRON 


Quasi-Unipotent Group 

A GROUP G is quasi-unipotent if every element of G of 
order p is UNIPOTENT for all PRIMES p such that G has 
p-RANK > 3. 


Quasi-Unipotent Problem 
see QUASITHIN THEOREM 


Quaternary 

The BASE 4 method of counting in which only the DIG- 
ITS 0, 1, 2, and 3 are used. These DIGITS have the 
following multiplication table. 


see also BASE (NUMBER), BINARY, DECIMAL, HEXA- 
DECIMAL, OCTAL, TERNARY 
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Quaternary Tree 
see QUADTREE 


Quaternion 

A member of a noncommutative DIVISION ALGEBRA 
first invented by William Rowan Hamilton. The quater- 
nions are sometimes also known as HYPERCOMPLEX 
NUMBERS and denoted H. While the quaternions are 
not commutative, they are associative. 


The quaternions can be represented using complex 2 x 2 
MATRICES 


_ z wj] | a+ib c+id 
a=| i, ajf eta a (1) 


where z and w are COMPLEX NUMBERS, a, b, c, and 
d are REAL, and z* is the COMPLEX CONJUGATE of 
z. By analogy with the COMPLEX NUMBERS being rep- 
resentable as a sum of REAL and IMAGINARY PARTS, 
a: 1+ bi, a quaternion can also be written as a linear 
combination 


H=aU+bl+cJ+dK (2) 
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of the four matrices 


us [> 3] o 
=l; 2 (4) 
=|, j (5) 
K=|: AF (6) 


(Note that here, U is used to denote the IDENTITY MA- 
TRIX, not |.) The matrices are closely related to the 
PAULI SPIN MATRICES oz, dy, Cz, combined with the 
IDENTITY MATRIX. From the above definitions, it fol- 
lows that 


I? = —U (7) 
J? = —U (8) 
K? = —U. (9) 


Therefore |, J, and K are three essentially different so- 
lutions of the matrix equation 


x? =-U, (10) 


which could be considered the square roots of the nega- 
tive identity matrix. 


In R*, the basis of the quaternions can be given by 


0 1 0 0 
_}]-1 0 0 0 
0 0 -1 0 
00 0 -i 
__]|0 0 -1 0 
J=10 1 0 0 (12) 
10 0 0 
0 0 -1 0 
_|0 0 0 1 
k=, 0 0 0 (13) 
0 -1 0 0 
1000 
_|0 10 0 
1=]5 010 (14) 
0001 


The quaternions satisfy the following identities, some- 
times known as HAMILTON’S RULES, 


i? = j° = k? = -1 (15) 
ij=—ji=k (16) 
jk=-—kj=i (17) 


Quaternion 


ki = —ik = j. (18) 


They have the following multiplication table. 


The quaternions +1, +i, +j, and +k form a non-Abelian 
GROUP of order eight (with multiplication as the group 
operation) known as Qs. 


The quaternions can be written in the form 
a = 01 + azi + 033 + ask. (19) 


The conjugate quaternion is given by 


a” = aj — azi = a3j = aak. (20) 


The sum of two quaternions is then 
a+b = (a1+b1)+(a2+b2)i+(a3+b3)j+(04+b4)k, (21) 
and the product of two quaternions is 


ab = (aıbı — agbe — azbz — a4b4) 
+ (aıbz2 + a2bi + agb4 — asb3)i 
+ (aıb3 — azba + a3bı + a4b2)j 
+ (a1b4 + az2b3 — agbz + a4bı)k, (22) 


so the norm is 


nía) = Vaa* = vVa*a = Vai? + a2? + as? + a4?. 
(23) 
In this notation, the quaternions are closely related to 


FOUR- VECTORS. 
Quaternions can be interpreted as a SCALAR plus a VEC- 
TOR by writing 


a = aı + azi + azj + ask = (a1,a), (24) 


where a = [a2 az a4]. In this notation, quaternion mul- 
tiplication has the particularly simple form 


qıq2 = (s1, V1): (s2, va) 


= ($182 — V1 :V2,81V2 + S2V1 + V1 X V2). (25) 


Division is uniquely defined (except by zero), so quater- 
nions form a DIVISION ALGEBRA. The inverse of a 
quaternion is given by 


—1 a 
= — 26 
—, (26) 

and the norm is multiplicative 
n(ab) = n(a)jn(b). (27) 


11/13/2017 FM Crystal Radio 


The inside of the tuning capacitor and the phono jack/output can be seen here. Can you spot the fixed ceramic capacitor? 
Note the polished edge of the face plate and the reflection in the wooden base. 
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Quaternion 


In fact, the product of two quaternion norms immedi- 
ately gives the EULER FOUR-SQUARE IDENTITY. 


A rotation about the UNIT VECTOR hi by an angle @ can 
be computing using the quaternion 


q = (s, v) = (cos( 40), fisin(46)) (28) 


(Arvo 1994, Hearn and Baker 1996). The components of 
this quaternion are called EULER PARAMETERS. After 
rotation, a point p = (0, p) is then given by 


p'=qpq * = pq", (29) 


since n(q) = 1. A concatenation of two rotations, first 
qı and then q2, can be computed using the identity 


go(qipgi )g2 = (q2q1)p(g192) = (azq1)p(q2q1)" (30) 


(Goldstein 1980). 


see also BIQUATERNION, CAYLEY-KLEIN PARAMETERS, 
COMPLEX NUMBER, DIVISION ALGEBRA, EULER PA- 
RAMETERS, FOUR- VECTOR, OCTONION 
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Quattuordecillion 
In the American system, 10%, 


see also LARGE NUMBER 


Queens Problem 


What is the maximum number of queens which can be 
placed on an n xn CHESSBOARD such that no two attack 
one another? The answer is n queens, which gives eight 
queens for the usual 8 x 8 board (Madachy 1979). The 
number of different ways the n queens can be placed on 
an n x n chessboard so that no two queens may attack 
each other for the first few n are 1, 0, 0, 2, 10, 4, 40, 92, 
... (Sloane’s A000170, Madachy 1979). The number of 
rotationally and reflectively distinct solutions are 1, 0, 
0, 1, 2, 1, 6, 12, 46, 92, ... (Sloane’s A002562; Dudeney 
1970; p. 96). The 12 distinct solutions for n = 8 are 
illustrated above, and the remaining 80 are generated 
by ROTATION and REFLECTION (Madachy 1979). 


1496 Queens Problem 


The minimum number of queens needed to occupy or 
attack all squares of an 8 x 8 board is 5. Dudeney (1970, 
pp. 95-96) gave the following results for the number of 
distinct arrangements N,(k,n) of k queens attacking or 
occupying every square of an nxn board for which every 
queen is attacked (“protected”) by at least one other. 


k Queens nxn Np(k,n) 


2 4 3 
3 5 37 
3 6 1 
4 7 9 


Dudeney (1970, pp. 95-96) also gave the following re- 
sults for the number of distinct arrangements N,(k, n) 
of k queens attacking or occupying every square of an 
n xn board for which no two queens attack one another 
(they are “not protected”). 


Nee 


k Queens nxn Nuy(k,n 


1 2 1 
1 3 1 
3 4 2 
3 5 2 
4 6 17 
4 7 1 
5 8 91 


Vardi (1991) generalizes the problem from a square 
chessboard to one with the topology of the ToRus. The 
number of solutions for n queens with n ODD are 1, 0, 
10, 28, 0, 88, ... (Sloane’s A007705). Vardi (1991) also 
considers the toroidal “semiqueens” problem, in which 
a semiqueen can move like a rook or bishop, but only on 
POSITIVE broken diagonals. The number of solutions to 
this problem for n queens with n ODD are 1, 3, 15, 133, 
2025, 37851, ... (Sloane's A006717), and 0 for EVEN n. 


Chow and Velucchi give the solution to the question, 
“How many different arrangements of k queens are pos- 
sible on an order n chessboard?” as 1/8th of the COEF- 


2 C 
FICIENT of atb” —* in the POLYNOMIAL 


(a +b)” + 2(a + b)"(a? 4 62) (0 =m)/2 
+3(a? 4 42) 0/2 + 2(a! 4 ptyn'/4 
n even 
(a +b)” +2(a + b)(at + bt) -D/4 
+(a + b)(a? 4920 4-D/2 
+4(a+b)"(a* + p2)(n*—n)/2 n odd. 


p(a,b,n) = 


Velucchi also considers the nondominating queens prob- 
lem, which consists of placing n queens on an order 
n chessboard to leave a maximum number U(n) of 
unattacked vacant cells. The first few values are 0, 0, 0, 
1, 3, 5, 7, 11, 18, 22, 30, 36, 47, 56, 72, 82, ... (Sloane’s 
A001366). The results can be generalized to k queens 
on an n x n board. 


Queue 


see also BISHOPS PROBLEM, CHESS, KINGS PROBLEM, 
KNIGHTS PROBLEM, KNIGHT’S TOUR, ROOKS PROB- 
LEM 
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Queue 

A queue is a special kind of LIST in which elements 
may only be removed from the bottom by a POP action 
or added to the top using a PUSH action. Examples 
of queues include people waiting in line, and submitted 
jobs waiting to be printed on a printer. The study of 
queues is called QUEUING THEORY. 


see also LIST, QUEUING THEORY, STACK 


Queuing Theory 


Queuing Theory 
The study of the waiting times, lengths, and other prop- 
erties of QUEUES. 
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Quicksort 

The fastest known SORTING ALGORITHM (on average, 
and for a large number of elements), requiring O(n lg n) 
steps. Quicksort is a recursive algorithm which first 
partitions an array {a;}j., according to several rules 
(Sedgewick 1978): 


1. Some key v is in its final position in the array (i.e., 
if it is the ¡th smallest, it is in position a;). 


2. All the elements to the left of a; are less than or equal 
to aj. The elements ai, a2, ..., aj-1 are called the 
“left subfile.” 


3. All the elements to the right of a; are greater than 
or equal to a;. The elements aj+1, ..., An are called 
the “right subfile.” 


Quicksort was invented by Hoare (1961, 1962), has 
undergone extensive analysis and scrutiny (Sedgewick 
1975, 1977, 1978), and is known to be about twice as 
fast as the next fastest SORTING algorithm. In the worst 
case, however, quicksort is a slow n? algorithm (and for 
quicksort, “worst case” corresponds to already sorted). 


see also HEAPSORT, SORTING 
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Quillen-Lichtenbaum Conjecture 

A technical CONJECTURE which connects algebraic k- 
THEORY to Étale cohomology. The conjecture was made 
more precise by Dwyer and Friedlander (1982). Thoma- 
son (1985) established the first half of this conjecture, 
but the entire conjecture has not yet been established. 
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Quincunx 
The pattern ¿+ of dots on the “5” side of a 6-sided DIE. 
The word derives from the Latin words for both one and 


five. 


see also DICE 
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Quindecillion 
In the American system, 1 


see also LARGE NUMBER 


0%. 


Quintet 
A SET of five. 


see also HEXAD, MONAD, QUARTET, TETRAD, TRIAD 


Quintic Equation 

A general quintic cannot be solved algebraically in terms 
of finite additions, multiplications, and root extractions, 
as rigorously demonstrated by Abel and Galois. 


Euler reduced the general quintic to 
x” — 10gx* — p = 0. (1) 


A quintic also can be algebraically reduced to PRINCIPAL 
QUINTIC FORM 


r” + azz’ + az + ao =0. (2) 


By solving a quartic, a quintic can be algebraically re- 
duced to the BRING QUINTIC FORM 


—e«—a=0, (3) 


as was first done by Jerrard. 
Consider the quintic 


4 


| [tz — (wi ur + w*) u2)] = 0, (4) 


j=0 


where w = e27*/® and u and us are COMPLEX NUM- 
BERS. This is called DE MOIVRE’S QUINTIC. Generalize 
it to 


4 
[[l — (Wu + w uz +w*ug +w ua) =0. (5) 


j=0 
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Expanding, 


(du +w uz +w us + wu)? 
—5U (wur + w” uz +w uz + wus)" 
-5V (we +w u +w us +w ua)? 
+5W (wur +w” uz +w us +w ua) 
+[5(X -Y)-Z]=0, (6) 


where 
U = uiu, + u2uz (7) 
V = uu? + uzus + usu + usus” (8) 


2 2 2 2 3 3 3 
W = u1 ua" + U2 U3 — U1 U2 — U2 U4 — Ug u 
3 
— Ua UZ — Uu1U2U3Ua (9) 
3 3 3 3 
X = u1"ugua + uz urug + Uz uzus + Ua uuz (10) 
2 2 2 2 2 2 2 2 
Y = uug ua + uu Ug” + U3U2 Us + UU] U2 
(11) 
5 5 5 5 , 
Z = u1 +u +u3 Fus. (12) 


The u;s satisfy 


uiua + u9U3 = 0 (13) 
2 2 2 2 
u ua” + Ugua” + Ugur. + uaug” = 0 (14) 
2 2 2 2 3 3 3 3 
ui U4 + U2 UZ — U1 U2 — U2 U4 — UZ U1 — U4 U3 
a 
— U1U2U3U4 = Fa (15) 
3 3 3 3 
S[(u1 uzus + uo urus + Ug Usa + Uy uuz) 
2 2 2 2 2 2 2 2 
— (ujuz ua” + Uzu Us + Uguz Ug + usui uo) 
5 5 5 5 
— (ui + us” + ug + U4 ) = b, (16) 


Spearman and Williams (1994) show that an irreducible 
quintic i 
a +ar+b=0 (17) 


with RATIONAL COEFFICIENTS is solvable by radicals 
IFF there exist rational numbers e = +1, c > 0, and 
e Æ 0 such that 


4 
—4 
y ÉE (3 — 4ec) 


1 
c? +1 (18) 
—4e*(11e + 2c) 
b = ———. 19 
c? +1 (19) 
The ROOTS are then 
2; =e(wu +w” ue + uz + wua), (20) 


Quintic Equation 


where 
v 2y 1/5 
1 3 
ui = ( p2 ) (21) 
vota 1/5 
uz = oe | (22) 
v 2y 1/5 
u3 = or | (23) 
9 1/5 
u4 = (> 2) (24) 


v =VD+ VD -evVD (25) 
v2 =-VD-VD+evD (26) 
va = -VD+VD+evD (27) 
va = VD- VD -VD (28) 


D=c+1. (29) 


The general quintic can be solved in terms of THETA 
FUNCTIONS, as was first done by Hermite in 1858. Kron- 
ecker subsequently obtained the same solution more sim- 
ply, and Brioshi also derived the equation. To do so, 
reduce the general quintic 


asr? + a4z* + as + aon’ +aixz+ao = 0 (30) 


into BRING QUINTIC FORM 


Then define 
= 1 sin”? _ 16 
_ J -sgn(S{p]) for R[p] = 0 
5 l sgn(R[p]) for R[p] #0 (33) 
pa E 00 
2. 55/4/k(1 — k?) 
q= q(k?) — ME) (35) 


where k is the MODULUS, m = k? is the PARAMETER, 
and q is the NOME. Solving 


for m gives the inverse parameter 


_ 02 (g) 
m(q) = Daila) (37) 


Quintic Equation 


The ROOTS are then given by 


Di Hime grey 


Hime Pg 


x[[m(e7 7/52/57 1/8 4 fn (e2™#/5 gi /5) 11/8) 

CS P(g?) °F OA (38) 
to = b{- [mg + e?" tim(e?™ g5) 
x {e737 /4 pp (097818 1/5)]1/8 4 


zı = (— 


¿[me Bye 


x fifm(e tg + ae )~ /8im(q?)}'/8} 
(39) 
La = ble 3**/4im(e7 2747/5 gh/5y)1/8 
im t 5 AH- y 
im 
[einer + tay mg 
(40) 
za = Amin 
x {8/4 (6274/5 g 1/5) )1/8 O ijm(et7/5 gt/®) 1/8} 
x fe (e 27/5 g 1/5y]1/8 
+) mA) (41) 


ds = bI[m(g 3/8 _ oe tH/4 im (7 28/8 g1/5y)1/8y 
x {e time? gN + ilm(e747* 5g] 
CN YE + a CO ma) 
(42) 


Felix Klein used a TSCHIRNHAUSEN TRANSFORMATION 
to reduce the general quintic to the form 


z+ 5az° + 5bz +c = 0. (43) 
He then solved the related ICOSAHEDRAL EQUATION 


I(z,1,Z) = (1411 +2") 
— [1 + 2% — 10005(z7° + 27°) + 522(—z° + 2”)? Z = 0, 
(44) 


where Z is a function of radicals of a, b, and c. The 


solution of this equation can be given in terms of HY- 
PERGEOMETRIC FUNCTIONS as 


Z7 1/60 oF (— 5 
ER 


n, 2, 17282) 
7 1728Z) — (45) 
> $0 15? ) 
Another possible approach uses a series expansion, 
which gives one root (the first one in the list below) 
of 
t? —t—p. (46) 
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All five roots can be derived using differential equations 
(Cockle 1860, Harley 1862). Let 


Fi(p) = F(p) (47) 
F2(p) = aF (4, 2,3,4; 4,3,5; 32504) (48) 


F3(p) = 4F3 20? 20? 29 20i 4» 4» 25 256 *) (49) 


11 13,5 3 7, 3125 4 
Falp) = 4F3(¢ L piopi, 3134 356 P P), (50) 
then the ROOTS are 


— 1 2 3 4,1 3 5, 3125 4 
tı = —p 4 F3 51555) 31 434? 256 P p) (51) 


to = —Fi(p) + 4pF2(p) + Se Fa(p) + He Falo) 
(52) 
ta = —Fi(p) + hpFa(p) — He Falp) + HP Falo) 
(53) 
ta = —¿Fi(p) + 3pFa(p) — ¿zip Falo) — Fo" Falo) 
(54) 
ts = iFi(p) + jpFalo) + ¿zip Fa(e) — Sp Falp). 
(55) 


This technique gives closed form solutions in terms of 
HYPERGEOMETRIC FUNCTIONS in one variable for any 
POLYNOMIAL equation which can be written in the form 


r” + br? +c. (56) 


Cadenhad, Young, and Runge showed in 1885 that all 
irreducible solvable quintics with COEFFICIENTS of zf, 


a, and zx” missing have the following form 


5  5u*(4v +3) 


5 
24 4p (2v + 1)(4y + 3) 
vi+1 


T+ v? +1 


where p and y are RATIONAL. 


see also BRING QUINTIC FORM, BRING-JERRARD QUIN- 
TIC FORM, CUBIC EQUATION, DE MOIVRE'S QUIN- 
TIC, PRINCIPAL QUINTIC FORM, QUADRATIC EQUA- 
TION, QUARTIC EQUATION, SEXTIC EQUATION 
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Quintic Surface 

A quintic surface is an ALGEBRAIC SURFACE of degree 
5. Togliatti (1940, 1949) showed that quintic surfaces 
having 31 ORDINARY DOUBLE POINTS exist, although 
he did not explicitly derive equations for such surfaces. 
Beauville (1978) subsequently proved that 31 double 
points was the maximum possible, and quintic surfaces 
having 31 ORDINARY DOUBLE POINTS are therefore 
sometimes called TOGLIATTI SURFACES. van Straten 
(1993) subsequently constructed a 3-D family of solu- 
tions and in 1994, Barth derived the example known as 
the DERVISH. 


see also ALGEBRAIC SURFACE, DERVISH, KISS SUR- 
FACE, ORDINARY DOUBLE POINT 
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Quintillion 
In the American system, 1079. 


see also LARGE NUMBER 


Quintuple 
A group of five elements, also called a QUINTUPLET or 
PENTAD. 


see also MONAD, PAIR, PENTAD, QUADRUPLE, QUAD- 
RUPLET, QUINTUPLET, TETRAD, TRIAD, TRIPLET, 
TWINS 


Quintuplet 


Quintuple Product Identity 
A.k.a. the WATSON QUINTUPLE PRODUCT IDENTITY. 


[[@- a )@- ga 278g") = 27g?) 
n=l ; 
x(1 _ Zn?) — ` (227 O Y A 
m=- 
(1) 
It can also be written 
[[a-20a- ¿ya ge") 
n=1 
x(1 tn—3 27) (1 _ gantz?) 
— ` gÈ TR (¿Bn 4 8M) (¿8024 (802) (2) 
or 
S epua a 
k=-—oo 


=][a- ar ey +20) 
x(1+27°g TNL + 2°). (3) 


Using the NOTATION of the RAMANUJAN THETA FUNC- 
TION (Berndt, p. 83), 


f(B°/q,q°/B°) — B*f(q/B*, B* g") 
l | ~ B?, __ 72 B? 
f(Ba,q/B) 
see also JACOBI TRIPLE PRODUCT, RAMANUJAN THETA 
FUNCTIONS 
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Quintuplet 
A group of five elements, also called a QUINTUPLE or 
PENTAD. 


see also MONAD, PAIR, PENTAD, QUADRUPLE, QUAD- 
RUPLET, QUINTUPLET, TETRAD, TRIAD, TRIPLET, 
TWINS 


Quota Rule 


Quota Rule 
A RECURRENCE RELATION between the function Q aris- 
ing in QUOTA SYSTEMS, 


Q(n,r) = Q(n—-1,r-1) + Q(n-1,r). 
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Quota System 

A generalization of simple majority voting in which a list 
of quotas {go,..-,;@n} specifies, according to the number 
of votes, how many votes an alternative needs to win 
(Taylor 1995). The quota system declares a tie unless 
for some k, there are exactly k tie votes in the profile 
and one of the alternatives has at least q; votes, in which 
case the alternative is the choice. 


Let Q(n) be the number of quota systems for n voters 
and Q(n, r) the number of quota systems for which go = 
r+ l1, so 


Qn)= Y» om = (E) 


r=|n/2| 


where |x| is the FLOOR FUNCTION. This produces the 
sequence of CENTRAL BINOMIAL COEFFICIENTS 1, 2, 3, 
6, 10, 20, 35, 70, 126, ... (Sloane's A001405). It may 
be defined recursively by Q(0) = 1 and 


2Q(n) for n even 


Q(n +1) = 2Q(n) — Cin+1)/2 for n odd, 


where Ck is a CATALAN NUMBER (Young et al. 1995). 
The function Q(n, r) satisfies 


{n+l n +1 
for r > n/2—1 (Young et al. 1995). Q(n, r) satisfies the 
QUOTA RULE. | 


see also BINOMIAL COEFFICIENT, CENTRAL BINOMIAL 
COEFFICIENT 
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Quotient 
The ratio q = r/s of two quantities r and s, where s Æ 0. 


see also DIVISION, QUOTIENT GROUP, QUOTIENT RING, 
QUOTIENT SPACE 


Quotient-Difference Table 1501 


Quotient-Difference Algorithm 

The ALGORITHM of constructing and interpreting a 
QUOTIENT-DIFFERENCE TABLE which allows intercon- 
version of CONTINUED FRACTIONS, POWER SERIES, and 
RATIONAL FUNCTIONS approximations. 


see also QUOTIENT-DIFFERENCE TABLE 


Quotient-Difference Table 


s- REW LOD, 
N i 


“sq 1 -17 at 


A quotient-difference table is a triangular ARRAY of 
numbers constructed by drawing a sequence of n num- 
bers in a horizontal row and placing a 1 above each. An 
additional “1” is then placed at the beginning and end 
of the row of 1s, and the value «of rows underneath the 
original row is then determined by looking at groups of 
adjacent numbers 


and computing 
S = 


for the elements falling within a triangle formed by the 
diagonals extended from the first and last “1,” as illus- 
trated above. 


Os in quotient-difference tables form square “windows” 


which are bordered by GEOMETRIC PROGRESSIONS. 
Quotient-difference tables eventually yield a row of 0s 
IFF the starting sequence is defined by a linear RECUR- 
RENCE RELATION. For example, continuing the above 
example generated by the FIBONACCI NUMBERS 


1 i 2 5 
—1 1 -1 
0 
1 1 1 1 1 1 1 1 
1 i 2 3 5 8 
o-1 1 —1 1 
0 0 
1 1 1 1 1 2 1 1 1 
1 1 2 3 5 8 18 
-1 1 —1 1 -1 
0 0 0 
0 


1502 Quotient Group 
1 1 1 1 1 1 1 1 1 1 
1 1 2 5 8 13 21 
-1 1 -1 1-1 1 
0 0 0 0 
0 0 


and it can be seen that a row of Os emerges (and fur- 
thermore that an attempt to extend the table will result 
in division by zero). This verifies that the FIBONACCI 
NUMBERS satisfy a linear recurrence, which is in fact 
given by the well-known formula 


Pr — Pn-1 + Fn-2. 


However, construction of a quotient-difference table for 
the CATALAN NUMBERS, MOTZKIN NUMBERS, etc., does 
not lead to a row of zeros, suggesting that these numbers 
cannot be generated using a linear recurrence. 


see also DIFFERENCE TABLE, FINITE DIFFERENCE 
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Quotient Group 

The quotient group of G with respect to a SUBGROUP H 
is denoted G/H and is read “G modulo H.” The slash 
NOTATION conflicts with that for a FIELD EXTENSION, 
but the meaning can be determined based on context. 


see also ABHYANKAR’S CONJECTURE, FIELD EXTEN- 
SION, OUTER AUTOMORPHISM GROUP, SUBGROUP 


Quotient Ring 

The quotient ring of R with respect to a RING modulo 
some INTEGER n is denoted R/nR and is read “the ring 
R modulo n.” If n is a PRIME p, then Z/pZ is the 
FINITE FIELD F,. For COMPOSITE 


k 
n = IE 
i=l 


with distinct p;, Z/pZ is ISOMORPHIC to the DIRECT 
SUM 7 
L/pZ = Fp, ® Fp, Q: @F,,. 


see also FINITE FIELD, RING 


Quotient Rule 
The DERIVATIVE rule 


d Hal _ g(x) f'(x) — f(x)g' (2) 
dx | g(x) [9(x)]? 


see also CHAIN RULE, DERIVATIVE, POWER RULE, 
PRODUCT RULE 
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Quotient Space 


Quotient Space 

The quotient space X/~ of a TOPOLOGICAL SPACE X 
and an EQUIVALENCE RELATION ~ on X is the set 
of EQUIVALENCE CLASSES of points in X (under the 
EQUIVALENCE RELATION ~) together with the topol- 
ogy given by a SUBSET U of X/~. U of X/~ is open 
IFF Useva is open in X. | 


This can be stated in terms of MAPS as follows: if q : 
X — X/~ denotes the MAP that sends each point to 
its EQUIVALENCE CLASS in X/~, the topology on X/~ 
can be specified by prescribing that a subset of X/~ is 
open IFF q *[the set] is open. 


In general, quotient spaces are not well behaved, and lit- 
tle is known about them. However, it is known that any 
compact metrizable space is a quotient of the CANTOR 
SET, any compact connected n-dimensional MANIFOLD 
for n > 0 is a quotient of any other, and a function out 
of a quotient space f : X/~— Y is continuous IFF the 
function fog: X — Y is continuous. 


Let D” be the closed n-D DISK and S”~* its bound- 
ary, the (n — 1)-D sphere. Then D"/S"~* (which is 
homeomorphic to S”), provides an example of a quo- 
tient space. Here, D”/S”~* is interpreted as the space 
obtained when the boundary of the n-DIsk is collapsed 
to a point, and is formally the “quotient space by the 
equivalence relation generated by the relations that all 
points in S”~* are equivalent.” 


see also EQUIVALENCE RELATION, 'TOPOLOGICAL 


SPACE 
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R 


R 
The FIELD of REAL NUMBERS. 


see also C, C*, I, N, Q, R7, Rt, Z 


R- 
The REAL NEGATIVE numbers. 
see also R, R* 


Rt 
The REAL POSITIVE numbers. 
see also R, R` 


re(n) 

The number of representations of n by k squares is de- 
noted rz(n). The Mathematica? (Wolfram Research, 
Champaign, IL) function NumberTheory ‘NumberTheory 


Functions ‘Sum0fSquaresR[k,n] gives r;(n). 


ra(n) is often simply written r(n). Jacobi solved the 
problem for k = 2, 4, 6, and 8. The first cases k = 
2, 4, and 6 were found by equating COEFFICIENTS of 
the THETA FUNCTION V(x), 93*(2), and 93*(x). The 
solutions for k = 10 and 12 were found by Liouville and 
Eisenstein, and Glaisher (1907) gives a table of r;,(n) for 
k = 2s = 18. ra(n) was found as a finite sum involving 
quadratic reciprocity symbols by Dirichlet. rs(n) and 
rz(n) were found by Eisenstein, Smith, and Minkowski. 


r(n) = ra(n) is 0 whenever n has a PRIME divisor of the 
form 4k+3 to an ODD POWER; it doubles upon reaching 
a new PRIME of the form 4k + 1. It is given explicitly 
by 


r(n)=4 Y. (YA 


d=1,3,...|n 


= 4[di(n) — da(n)), (1) 


where d;(n) is the number of DIVISORS of n of the form 
åm + k. The first few values are 4, 4, 0, 4, 8, 0, 0, 4, 
4, 8, 0, 0, 8, 0, 0, 4, 8, 4, 0, 8, 0, 0, 0, 0, 12, 8, 0, 
0, ... (Sloane’s A004018). The first few values of the 
summatory function 


n 


R(n) => r(n), (2) 


k=1 


where are 0, 4, 8, 8, 12, 20, 20, 20, 24, 28, 36, 
... (Sloane’s A014198). Shanks (1993) defines instead 
R'(n) = 1+ R(n), with R'(0) = 1. A LAMBERT SERIES 
for r(n) is 


oo 1)+z n 


A + 


= => r(nja” (3) 


(Hardy and Wright 1979). 


1000 2000 3000 4000 5000 


Asymptotic results include 


Tt 


` r2(k) =rn+0(vn) (4) 
k=1 
` ratk) =K+rinn+ O(n 2), (5) 


where K is a constant known as the SIERPINSKI CON- 
STANT. The left plot above 


Y z — TN, (6) 


k=1 


with +,/n illustrated by the dashed curve, and the right 


plot shows 
Y = —arlnn, (7) 


k=1 


with the value of K indicated as the solid horizontal line. 
The number of solutions of 
ety tz n (8) 


for a given n without restriction on the signs or rela- 
tive sizes of x, y, and z is given by r3(n). If n > 4 is 
SQUAREFREE, then Gauss proved that 


24h(—n) for n=3 (mod 8) 
r3(n) = < 12h(-4n) for n=1,2,5,6 (mod 8) (9) 
0 for n =7 (mod 8) 


(Arno 1992), where h(x) is the CLASS NUMBER of z. 


Additional higher-order identities are given by 


ra(n) = 8 y d = 80(n) (10) 
d|n 
=24 Y  d=2400(m) (11) 
d=1,3,...|n 
rio(n) = 4[Ea(n) + 16E4(n) + 8x4(n)] (12) 


T24 (n) = = p24 (n) 
+ BE [(-1)"7*259r(n) — 5127(4n)]}, (13) 


691 
where 
Ea(n)= Y. aeaa (14) 
d=1,3,...|n 
Ex(my= Y), CDEP (a5) 
d/=1,3,...|n 
xa(n) = TDD (a + bi), (16) 
ere 


1504 R-Estimate 


d' = n/d, dx(n) is the number of divisors of n of the 
form 4m + k, p24(n) is a SINGULAR SERIES, o(n) is the 
DIVISOR FUNCTION, oo(n) is the DIVISOR FUNCTION of 
order 0 (i.e., the number of DIVISORS), and 7 is the TAU 
FUNCTION. 


Similar expressions exist for larger EVEN k, but they 
quickly become extremely complicated and can be writ- 
ten simply only in terms of expansions of modular func- 
tions. 


see also CLASS NUMBER, LANDAU-RAMANUJAN CON- 
STANT, PRIME FACTORS, SIERPINSKI CONSTANT, TAU 
FUNCTION 
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R-Estimate 

A ROBUST ESTIMATION based on RANK tests. Ex- 
amples include the statistic of the KOLMOGOROV- 
SMIRNOV TEST, SPEARMAN RANK CORRELATION, and 
WILCOXON SIGNED RANK 'TEST. 


see also L-ESTIMATE, M-ESTIMATE, ROBUST ESTIMA- 
TION 
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Raabe’s Test 
Given a SERIES of POSITIVE terms u; and a SEQUENCE 
of POSITIVE constants {ai}, use KUMMER’S TEST 


loa Un 
p = lim | a, — Qn+1 |. 
n—00 Un+1 


Rabbit Constant 


with an = n, giving 


Defining 


p=p+1= lim al Un -1)], 
n-—>+00 Un+1 


then gives Raabe's test: 

1. If p > 1, the SERIES CONVERGES. 

2. If p < 1, the SERIES DIVERGES. 

3. If p= 1, the SERIES may CONVERGE or DIVERGE. 


see also CONVERGENT SERIES, CONVERGENCE TESTS, 
DIVERGENT SERIES, KUMMER’S TEST 
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Rabbit Constant 

The limiting RABBIT SEQUENCE written as a BINARY 
FRACTION 0.1011010110110...2 (Sloane's A005614), 
where bz denotes a BINARY number (a number in base- 
2). The DECIMAL value is 


R = 0.7098034428612913146... 


(Sloane's A014565). 


Amazingly, the rabbit constant is also given by the CON- 
TINUED FRACTION [0, 2%, 2%, 2%, 283, ...], where Fn 
are FIBONACCI NUMBERS with Fo taken as 0 (Gard- 
ner 1989, Schroeder 1991). Another amazing connec- 
tion was discovered by S. Plouffe. Define the BEATTY 
SEQUENCE (a; | by 


a= Lig] ’ 


where |z] is the FLOOR FUNCTION and @ is the GOLDEN 
RATIO. The first few terms are 1, 3, 4, 6, 8, 9, 11, ... 
(Sloane’s A000201). Then 


i=l 


see also RABBIT SEQUENCE, THUE CONSTANT, THUE- 
MORSE CONSTANT 
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11/13/2017 FM Crystal Radio 


A quarter-inch piece of lucite was fitted under the tuning capacitor to anchor it. Note the two tiny trimmers on the back of 
the tuning capacitor. Brass screws were used to enhance appearance. 


http://solomonsmusic.net/FM_CrystalRadio.html 7/12 


Rabbit-Duck Illusion 
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Return of Dr. Matrix, reissue ed. New York: W. H. Free- 
man, pp. 21-22, 1989. 
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Schroeder, M. Fractals, Chaos, Power Laws: Minutes from 
an Infinite Paradise. New York: W. H. Freeman, p. 55, 
1991. 
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Rabbit-Duck Illusion 


A perception ILLUSION in which the brain switches be- 
tween seeing a rabbit and a duck. 


see also YOUNG GIRL-OLD WOMAN ILLUSION 


Rabbit Sequence 

A SEQUENCE which arises in the hypothetical repro- 
duction of a population of rabbits. Let the SUBSTITU- 
TION MAP 0 — 1 correspond to young rabbits grow- 
ing old, and 1 — 10 correspond to old rabbits produc- 
ing young rabbits. Starting with O and iterating using 
STRING REWRITING gives the terms 1, 10, 101, 10110, 
10110101, 1011010110110, .... The limiting sequence 
written as a BINARY FRACTION 0.1011010110110...2 
(Sloane’s A005614), where b2 denotes a BINARY number 
(a number in base-2) is called the RABBIT CONSTANT. 


see also RABBIT CONSTANT, THUE-MORSE SEQUENCE 
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Rabdology 
see NAPIER’S BONES 


Rabin-Miller Strong Pseudoprime Test 

A PRIMALITY TEST which provides an efficient proba- 
bilistic ALGORITHM for determining if a given number is 
PRIME. It is based on the properties of STRONG PSEU- 
DOPRIMES. Given an ODD INTEGER n, let n = 278+ 1 
with s ODD. Then choose a random integer a with 
1<a<n-1. Ifa* =1 (mod n) ora” = ~1 (mod n) 
for some 0 < 7 < r—1, then n passes the test. A PRIME 
will pass the test for all a. 


Racah V -Coefficient 1505 


The test is very fast and requires no more than (1 + 
o(1)) lg n multiplications (mod n), where LG is the Loc- 
ARITHM base 2. Unfortunately, a number which passes 
the test is not necessarily PRIME. Monier (1980) and 
Rabin (1980) have shown that a COMPOSITE NUMBER 
passes the test for at most 1/4 of the possible bases a.. 


The Rabin-Miller test (combined with a LUCAS PSEU- 
DOPRIME test) is the PRIMALITY TEST used by 
Mathematica® versions 2.2 and later (Wolfram Re- © 
search, Champaign, IL). As of 1991, the combined test 
had been proven correct for all n < 2.5 x 101°, but not 
beyond. The test potentially could therefore incorrectly 
identify a large COMPOSITE NUMBER as PRIME (but not 
vice versa). STRONG PSEUDOPRIME tests have been sub- 
sequently proved valid for every number up to 3.4x 10**. 


see also LUCAS-LEHMER TEST, MILLER'S PRIMALITY 
TEsT, PSEUDOPRIME, STRONG PSEUDOPRIME 
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Rabinovich-Fabrikant Equation 
The 3-D MAP 


¿=y2-1+2)+y12 
y=x(32+1-2%)+ y 
z= —2z(a + xy) 


(Rabinovich and Fabrikant 1979). The parameters are 
most commonly taken as y = 0.87 and a = 1.1. It has 
a CORRELATION EXPONENT of 2.19 + 0.01. 
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Racah V-Coefficient 
The Racah V-COEFFICIENTS are written 


V (j1j2j; mimam) (1) 


and are sometimes expressed using the related 
CLEBSCH-GORDON COEFFICIENTS 


. 


Cr = (jijamima ljijajm), (2) 


1506 Racah W -Coefficient 


or WIGNER 3j-SYMBOLS. Connections among the three 
are 


(jijomimalj1jam) 


— {_1\ Hitj2m . Ji J2 J 
=(-1) vara, a ) 6) 


(jjamimaljijajm) 


= (-1) "4/27 +1V(jijoj;mima =m) (4) 


os e a E R2 h 
V(ij2j; mmm) = (1) E A e 
(5) 
see also CLEBSCH-GORDON COEFFICIENT, RACAH 
W-COEFFICIENT, WIGNER 37-SYMBOL, WIGNER 6)- 
SYMBOL, WIGNER 9j-SYMBOL 
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Racah W-Coefficient 
Related to the CLEBSCH-GORDON COEFFICIENTS by 


(11421133131, JoJ3[J"]) 


= VOI + DOI +1) W(J hJ J; S'S") 


and 


(Jy Jo[J'] J3|J1 J3[J"]J2) 
(2J! +1)(20" +1) W( J, J3JeJ"; JJa). 


see also CLEBSCH-GORDON COEFFICIENT, RACAH 
V-COEFFICIENT, WIGNER 3j-SYMBOL, WIGNER 6j- 
SYMBOL, WIGNER 97-SYMBOL 
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Radau Quadrature 

A GAUSSIAN QUADRATURE-like formula for numerical 
estimation of integrals. It requires m + 1 points and 
fits all POLYNOMIALS to degree 2m, so it effectively fits 
exactly all POLYNOMIALS of degree 2m — 1. It uses a 
WEIGHTING FUNCTION W(x) = 1 in which the end- 
point —1 in the interval [—1,1] is included in a total 
of n ABSCISSAS, giving r = n — 1 free abscissas. The 
general formula is 


f f(a) dx = wi f(— 


) + Sow Li). (1) 


Radau Quadrature 


The free abscissas x; for i = 2, ..., n are the roots of 


the POLYNOMIAL 


Pa—ı1 (a) + P,,(2) 


l+ f (2) 


where P(x) is a LEGENDRE POLYNOMIAL. The weights 
of the free abscissas are 


1 — Ti = 1 
Pato)? Ara © 


Wi = 


and of the endpoint 


The error term is given by 


_ 2 *nl(n = DI sen-a) 
Ba ADO (5) 
for £ € (-1,1). 

E; Wi 

2 -—1 0.5 
0.333333 1.5 

3 —1 0.222222 
—0.289898 1.02497 
0.689898 0.752806 

4 -—1 0.125 
—0.575319 0.657689 
0.181066 0.776387 
0.822824 0.440924 

5 —1 0.08 
—0.72048 0.446208 
—0.167181 0.623653 
0.446314 0.562712 
0.885792 0.287427 


The ABSCISSAS and weights can be computed analyti- 
cally for small n. 


n Ti Wi 

2 -1 3 

3-1 2 
1(1-Y6) L(16+v6) 
(1446) 3(16- v6) 


see also CHEBYSHEV QUADRATURE, LOBATTO QUAD- 
RATURE 
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Rademacher Function 


Rademacher Function 
see SQUARE WAVE 


Radial Curve 

Let C be a curve and let O be a fixed point. Let P be 
on C and let Q be the CURVATURE CENTER at P. Let 
P, be the point with P,O a line segment PARALLEL and 
of equal length to PQ. Then the curve traced by Pı is 
the radial curve of C. It was studied by Robert Tucker 
in 1864. The parametric equations of a curve (f, g) with 
RADIAL POINT (xo, yo) are 


te £12 12 
-+ 
p= m — S Z ) 
f'g" —$f"g 
te pt2 #2 
+ 
Y = Yo + fits) 
fig" — f"g 
Curve Radial Curve 
astroid quadrifolium 
catenary kampyle of Eudoxus 
cycloid circle 
deltoid trifolium 
logarithmic spiral logarithmic spiral 
tractrix kappa curve 
References 
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York: Dover, pp. 40 and 202, 1972. 

Yates, R. C. “Radial Curves.” A Handbook on Curves and 
Their Properties. Ann Arbor, MI: J. W. Edwards, pp. 172- 
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Radial Point 
The point with respect to which a RADIAL CURVE is 
computed. 


see also RADIANT POINT 


Radian | 

A unit of angular measure in which the ANGLE of an 
entire CIRCLE is 27 radians. There are therefore 360° 
per 27 radians, equal to 180/71 or 57.29577951° /radian. 
A RIGHT ANGLE is 7/2 radians. 


see also ANGLE, ARC MINUTE, ARC SECOND, DEGREE, 
GRADIAN, STERADIAN 


Radiant Point 
The point of illumination for a CAUSTIC. 


see also CAUSTIC, RADIAL POINT 


Radical 

The symbol %/z used to indicate a root is called a radi- 
cal. The expression {x is therefore read “xz radical n,” 
or “the nth ROOT of g.” n = 2 is written yz and is 
called the SQUARE ROOT of z. n = 3 corresponds to 
the CUBE Root. The quantity under the root is called 
the RADICAND. 
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Some interesting radical identities are due to Ramanu- 
jan, and include the equivalent forms 


(21/3 $ Da 7 py — 31/3 
and 
(21/3 _ 1)" = (94 _ (2943 4 aye, 
Another such identity is 


see also CUBE ROOT, NESTED RADICAL, POWER, RAD- 
ICAL INTEGER, RADICAND, ROOT (RADICAL), SQUARE 
ROOT, VINCULUM 


Radical Axis 
see RADICAL LINE 


Radical Center 


The RADICAL LINES of three CIRCLES are CONCURRENT 
in a point known as the radical center (also called the 
POWER CENTER). This theorem was originally demon- 
strated by Monge (Dorrie 1965, p. 153). 


see also APOLLONIUS’ PROBLEM, 
MONGE's PROBLEM, RADICAL LINE 


CONCURRENT, 
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Radical Integer 

A radical integer is a number obtained by closing the IN- 
TEGERS under ADDITION, DIVISION, MULTIPLICATION, 
SUBTRACTION, and ROOT extraction. An example of 
such a number is Y7 + /—2 — V3 + V1 + V2. The 
radical integers are a subring of the ALGEBRAIC INTE- 
GERS. If there are ALGEBRAIC INTEGERS which are not 
radical integers, they must at least be cubic. 


see also ALGEBRAIC INTEGER, ALGEBRAIC NUMBER, 
EUCLIDEAN NUMBER 
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Radical Line 


N 
NA É NY 

The Locus of points of equal POWER with respect to 
two nonconcentric CIRCLES which is PERPENDICULAR 
to the line of centers (the CHORDAL THEOREM; Dorrie 
1965). Let the circles have RADII rı and r2 and their 
centers be separated by a distance d. If the CIRCLES 
intersect in two points, then the radical line is the line 
passing through the points of intersection. If not, then 
draw any two CIRCLES which cut each original CIRCLE 
twice. Draw lines through each pair of points of inter- 
section of each CIRCLE. The line connecting their two 
points of intersection is then the radical line. 


The radical line is located at distances 


d 1 

* 2d (1) 
Da d? + po? — rı? 

da = -— a (2) 


along the line of centers from Cı and C2, respectively, 
where 


d=dı — da. (3) 


The radical line of any two POLAR CIRCLES is the AL- 
TITUDE from the third vertex. 


see also CHORDAL THEOREM, COAXAL CIRCLES, IN- 
VERSE POINTS, INVERSION, POWER (CIRCLE), RADI- 
CAL CENTER 
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Radicand 
The quantity under a RADICAL sign. 


see also RADICAL, VINCULUM 


Radius 


Radius of Gyration 


The distance from the center of a CIRCLE to its PERI- 
METER, or from the center of a SPHERE to its surface. 
The radius is equal to half the DIAMETER. 

see also BERTRAND’S PROBLEM, CIRCLE, CIRCUMFER- 
ENCE, DIAMETER, EXTENT, INVERSION RADIUS, KIN- 
NEY’S SET, PI, RADIUS OF CONVERGENCE, RADIUS OF 
CURVATURE, RADIUS (GRAPH), RADIUS OF GYRATION, 
RADIUS OF TORSION, RADIUS VECTOR, SPHERE 


Radius of Convergence 
The RADIUS (or 1-D distance in the 1-D case) over which 
series expansion CONVERGES. 


Radius of Curvature 
The radius of curvature is given by 


=Ł, (1) 


K 


where « is the CURVATURE. At a given point on a curve, 
Ris the radius of the OSCULATING CIRCLE. The symbol 
p is sometimes used instead of R to denote the radius of 
curvature. 


Let x and y be given parametrically by 

x = x(t) | (2) 

y= y(t), (3) 
then , 2,3/2 

(x +y") 

= xy" — yz" 3 

where x’ = dx/dt and y' = dy/dt. Similarly, if the 
curve is written in the form y = f(x), then the radius 
of curvature is given by 

h+ (2) 


R= =— (5) 


see also BEND (CURVATURE), CURVATURE, OSCULAT- 
ING CIRCLE, TORSION (DIFFERENTIAL GEOMETRY) 


References 


Kreyszig, E. Differential Geometry. New York: Dover, p. 34, 
1991. 


Radius (Graph) 
The minimum ECCENTRICITY of any VERTEX of a 
GRAPH. 


Radius of Gyration 
A function quantifying the spatial extent of the structure 
of a curve. It is defined by 


f r2p(r) dr 
2 i p(r)dr ” 


where p(r) is the LENGTH DISTRIBUTION FUNCTION. 
Small compact patterns have small R,. 


Ry = 


References 


Pickover, C. A. Keys to Infinity. New York: W. H. Freeman, 
pp. 204-206, 1995. 


Radius of Torsion 


Radius of Torsion 


where 7 is the TORSION. The symbol ¢ is also sometimes 
used instead of ø. 


see also TORSION (DIFFERENTIAL GEOMETRY) 


References 
Kreyszig, E. Differential Geometry. New York: Dover, p. 39, 
1991. 


Radius Vector 

The VECTOR r from the ORIGIN to the current position. 
It is also called the POSITION VECTOR. The derivative 
of r satisfies 


p = 
dt 


_ild _ 2 dr _ 
ETT = am 


where v is the magnitude of the VELOCITY (i.e., the 
SPEED). 


Radix 

The BASE of a number system, i.e., 2 for BINARY, 8 
for OCTAL, 10 for DECIMAL, and 16 for HEXADECIMAL. 
The radix is sometimes called the BASE or SCALE. 


see also BASE (NUMBER) 


Rado’s Sigma Function 
see BUSY BEAVER 


Radon-Nikodym Theorem 

A THEOREM which gives NECESSARY and SUFFICIENT 
conditions for a countably additive function of sets can 
be expressed as an integral over the set. 
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Radon Transform 

An INTEGRAL TRANSFORM whose inverse is used to re- 
construct images from medical CT scans. A technique 
for using Radon transforms to reconstruct a map of a 
planet’s polar regions using a spacecraft in a polar orbit 
has also been devised (Roulston and Muhleman 1997). 


The Radon transform can be defined by 
Romi =f fler+ pe) de 
= J J f(z, wóly—([(T+px)] dy de = U(p, T), (1) 


where p is the SLOPE of a line and 7 is its intercept. The 
inverse Radon transform is 


fæ = | ¿HU (0) 
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where H is a HILBERT TRANSFORM. The transform can 
also be defined by 


R' (r, a)[f(z, y) 
= J J f(z, y)6(r — x cosa — ysin a) de dy, (3) 
where r is the PERPENDICULAR distance from a line to 


the origin and a is the ANGLE formed by the distance 
VECTOR. 


Using the identity 
F[R[f(w, a)l] = F*[f(u, v)], (4) 


where F is the FOURIER TRANSFORM, gives the inver- 
sion formula 


fx, y) = 
e| J F[R|f (w, a)l] wle” cosatysina) dw da. 
0 — 00 
(5) 


The FOURIER TRANSFORM can be eliminated by writing 
fu, y) = / / Rif (r,a)|W(r,a,2,y)drda, (6) 
0 —oo 


where W is a WEIGHTING FUNCTION such as 


W(r,a,2,y) = h(zcosa + ysina — r) =F *||w|]. (7) 
Nievergelt (1986) uses the inverse formula 


1 
f(z, y) = — lim 
N c>0 


f f RÍf(r + xzcosa + ysina,a)|G.(r)drda, (8) 
0 — 00 


where 

y for |r| <c 
G.(r) = 9 
(r) ar (1- ses) for |r| >c. (9) 


LUDWIG’S INVERSION FORMULA expresses a function in 
terms of its Radon transform. R'(r,a) and R(p,7) are 
related by 


p= cota T=rcsca (10) 
= A — cot! 
r=3 Tp &œ& =cot p. (11) 


The Radon transform satisfies superposition 


R(p, T)[filz, y) + falx, y)] =U; (p, T) + U2(p, T), (12) 


1510 Radon Transform 
linearity 

R(p, 7) [af (x, y)] = aU (p, 7), (13) 
scaling 


R(p,T) E (3, 3) lajU (pf, = , (14) 
ROTATION, with Rẹ ROTATION by ANGLE Q 


1 
R(p,T)[Ref(z ram 


y (as 75) (15) 


1+ ptand’ coso + psing 
and skewing 


R(p,7)[f(az + by, cx + dy)| 


1 c+ dp d-—b(c+ bd) 
= 0 | 7 (16 
la + bp| ete. a + bp (16) 
(Durrani and Bisset 1984). 
The line integral along p,7 is 
I=wy1+p?U(p,7). (17) 


The analog of the 1-D CONVOLUTION THEOREM is 


R(p,T)[f(e, y) *9(y)] =U(p,T)* g(r), (18) 


the analog of PLANCHEREL’S THEOREM is 


| vone- f f(z,y)dzdy, (19) 


and the analog of PARSEVAL'S THEOREM is 


J Rp r)lf(e, y) dr = f J — Ple, y) de dy. 
— 00 —co Y —oo (20) 


If f is a continuous function on C, integrable with re- 
spect to a plane LEBESGUE MEASURE, and 


[tas=0 (21) 


for every (doubly) infinite line ? where s is the length 
measure, then f must be identically zero. However, if 
the global integrability condition is removed, this result 
fails (Zaleman 1982, Goldstein 1993). 


see also TOMOGRAPHY 
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Radon Transform—Cylinder 


Let the 2-D cylinder function be defined by 


1 for<R (1) 


He, y) = O forr>R. 


Then the Radon transform is given by 


R(p,7) = f j f ” fælu- (7 +pr)]dydz, (2) 


oO 


where 


5(a) = = / - ¿ika (3) 


is the DELTA FUNCTION. 


1 an R E —ik(r sin 9 —pr cos 0) 
R(p,T) = 57 e r dr d0 dk 
0 0 — 00 


1 o 2r R , l 
— x | of f e ikr(sin 0—p cos 8) dy dé dk. 
27 — 00 0 0 


(4) 


Radon Transform—Cylinder 


Now write 


sin9 — pcos@ = 4/1 + p? cos(8 + ¢) = y 1+p? cosb’, 
(5) 
with $ a phase shift. Then 


R(p,T) = 
1 oo R 2r , 3 , 
al en | ( e ŻE V itp rcos@ as ) r dr dk 
27 —00 0 0 
1 oo R 
= =J et *T 20 Jo(ki/1 + p? r)r dr dk 
27 e o 
o. R 
-/ cf Jo(k\/1+p?r)rdrdk. (6) 
—00 0 
Then use 


J tt Jn (t) dt = 07 Jn+1 (2), (7) 
0 


which, with n = 0, becomes 


z 
/ tJo(t) dt = ZJı (z). (8) | 
0 
Define 
t=kyl+pr (9) 
dt = ky/1 + p? dr (10) 
t di 
rdr = k2(1 + p2)” (11) 


so the inner integral is 


2 


Rif/i+p 
t dt 
| Yo) a + pF) 
0 (1 + p*) 
= Bate 1 +peA(kRy 1 +p?) 
Jı(kR4/1 2 
_ ARVI tP) p (12) 


k4/1 +p? 


and the Radon transform becomes 


ET Ji (kR4/1 +p?) tk 


Rp] 
T} = === a $<—___. 
p 1 + p? Lco k 
2R  cos(kT)H(kRa/1+p?) dk 


E v1+p? Jo k 
_ { y R*(1+p?) —7? for r? <R*Y(1+p*) 
0 


for 7? > R*(1 + p’). 
(13) 
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Converting to R' using p = cota, 


2 
/1+ cot? a 
2 
= y csc? aR? — r? csc? a 
CSC a 


= 2,/R? — 2, (14) 


which could have been derived more simply by 


VR2-r2 
R'(r, a) -j i Y. (15) 


R'(r,a) = (1 + cot? a) R? — r? csc? a 


Radon Transform—Delta Function 
For a DELTA FUNCTION at (Zo, yo), 


R(p,r) = J / 5(«—20)5(y—yo)ély—(r-+p2)] dy dz 


= 1 f° f” iky- 
=> J J fs (x — zo)ó(y — yo) 


x dk dy dí 
1 > ikT > —2 
== e p e "Y 5(y — yo) dy 


oo 


«| eP? 5(~ — 29) dx| dk 


"00 


1 S o, , , 
— ¿7 eT thyo ¿ikpzo dk 
27 
— 00 
1 fP; _ 
=> ¿¿HT+PTO—YO) dk = Ô(T + pao — yo). 
TT 


— 00 


Radon Transform——Gaussian 


+ 
DA 


tr, 


ti 


oO OO 1 la > 
R(p,7) -/ / ee eae (2?-+y")/2 i 


xd[y — (T + px)] dy dz 
__1 J o- l2?+(7+p2)?]/20°] Jy 


12/2140 
1 +p? 
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Radon Transform—Square Railroad Track Problem 
S(+AD 
d 
dl R 


Given a straight segment of track of length l, add a small 
segment Al so that the track bows into a circular ARC. 
Find the maximum displacement d of the bowed track. 
The PYTHAGOREAN THEOREM gives 


R(p, Tr) = ia J fía, y)ôly — (T + pa) dydx, (1) Rè =r + GD, (1) 


Da 
a, gar AS 
LL or 
ag ae i ay 
oa a 
27 


But R is simply x + d, so 


where E | | 
= or z, y € |—-a,a 
fe, y) = O otherwise (2) R? = (z +d}? =a" + 2ad+d’. (2) 
and 1 fe .. Solving (1) and (2) for x gives 
—ikx 
T f 172 _ d? 
23 
is the DELTA FUNCTION. aa Y AE (3) 
R(p,r) = i f a a eu +re)] dk dy de Expressing the length of the ARC in terms of the central 
271 ME EE ee angle, 
1 2 ikr e —ky i ikpzr 4j? = d* 
=D Ik yj e de oe + al) = 0(d-+2)=6 (a+ EE 7 ) 
Lote A O A 2,132 2 2, 172 
= >e ——[e “M2, ett, dk 2d°4+ ¿1d d+ al 
27 — —tik k = 4 = 4 l 
i oo 1 i i 2d i 2d a 
ikT os LES 
== e" —_[—2isin(ka)||2z sin(kpa)| dk 
27 J k?p. (kall (kpa)| : But 0 is given by 
2 [ sin(ka)sin(kpaje'*” 
= 2 O y path Hed) a 5 
TP J oo ca B-P P-a’ 
4 f7 sin(ka) sin(kpa) cos(kr) 
= zp s E a dk so plugging @ in gives 
2 f°” sin[k(r + a)] — sin[k(r — a)] . ar dl 
= — _ _ _—— ae kpa) dk 1 TEN n ao PIM y A 
=| 72 sin(kpa) ¿U+ Al) = ( F ) tan (7) (6) 
2 if sin[k(7 + a)] sin(kpa) dk j 
Fo B OS - 
° sin[k(r — a)] sin(kpa) 
z / O > ae dk p . (4) For | > d, 
From Gradshteyn and Ryzhik (1979, equation 3.741.3), dl _ 4d i 4N Ad (1 4 =) 
ee . (1-2) l [2 GN [2 
sin(ax)sin(bx 4 417 
f sinter) sinhe) dx = ¿rsgn(ab) min(ja|, bl), (5) (8) 
o Therefore, 
SO. 
d(l + Al) 


R(p,7) = ~ {sgn[(r + a)pa] min(|r + al, |pal) 
i 3 ia, | 4d 4d?\ 1 [4d 4d? 
— sgn[(r — a)pa] min(|r — al, |pal)}. (68). =(P + 3P) 9 T (i + T) -7 E € 4 3) 


References salda. 164 1 74d\* 4d* 
Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- = (de + ae ) T + B 3 (+) 1+ 377 . 
ries, and Products, 5th ed. San Diego, CA: Academic | 
Press, 1979. (9) 


Ramanujan 6-10-8 Identity 


Keeping only terms to order (d/1)*, 


3 3 3 
R ET |e teas (10) 
l l 3 1l 
d è 24-16d4 8@ 
y — 1G) —_ an pa 
Al (8- $) 5 a E (11) 
50 
2 
d* = ŠA (12) 
and 
d= 4,/31Al = 1V6IAL (13) 


If we take 1 = 1 mile = 5280 feet and Al = 1 foot, then 
d = 44.450 feet. 


Ramanujan 6-10-8 Identity 
Let ad = bc, then 


64{(a +b + c)? + (b+ c+ d)? — (c+ d+ a)? 
~(d+a+b)° + (a — d)? — (b — cy] 
+ (b+e+d)°—(e+d+a)" 
—(d+a+6)" + (a — d)” (60) 
= 45[(a +b + c)? + (b+c +d)? -— (c+d+a)? 
-(d+a +b)? + (a-d)? —(b~c)*}*. (1) 


x[(a +b +c)? 


This can also be expressed by defining 


Famía,b, c,d) = (a+b+c)*” a (b+c+d)*™ 
Haro)" = dat)” ha-da =(b=c)"" (2) 


famla, y) = (1+0 +y)" +(2+y+2y)"" —(ytey+1)™ 
~(zy+ 14a)?" + (1-2y)" -(2-y”. (3) 
Then 
Fzm(a, b,c, d) = a” fam(z, y), (4) 
and identity (1) can then be written 
64 fe(x, y)fio(z, y) = 45 fg” (x,y). (5) 
Incidentally, 
falx, y) = 0 (6) 
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Ramanujan Constant 
The IRRATIONAL constant 


R=e"Y1% — 262537412640768743.99999999999925... 


which is very close to an INTEGER. Numbers such as the 
Ramanujan constant can be found using the theory of 
MODULAR FUNCTIONS. A few rather spectacular exam- 
ples are given by Ramanujan (1913-14), including the 
one above, and can be generated using some amazing 
properties of the 7-FUNCTION. 


M. Gardner (Apr. 1975) played an April Fool's joke on 
the readers of Scientific American by claiming that this 
number was exactly an INTEGER. He admitted the hoax 
a few months later (Gardner, July 1975). 


see also ALMOST INTEGER, CLASS NUMBER, j- 
FUNCTION 
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Ramanujan Continued Fraction 
Let f(a,b) be a RAMANUJAN THETA FUNCTION. Then 


lag q 


14+ 14 14 1+...” 


f(-4, —q*) 
HET =g") 


where the quantity on the right is a CONTINUED FRAC- 
TION. 


see also RAMANUJAN THETA FUNCTIONS 


Ramanujan Cos/Cosh Identity 


<9 —2 
_cos(n@) cosh(n@) 
1 
ie = cosh(n7r) Pose 2o cosh(nr) 
_ 214) 
AT i 


where I'(z) is the GAMMA FUNCTION. 
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Ramanujan-Eisenstein Series 
Let t be a discriminant, 


q=-e "Y, (1) 
then 

B4(q) = L(g) =1- OS 

- EY (1 — 2k?) (2) 
E4(q) = M(q) = 

- es) (1 — ea) (3) 
Es(q) = N(q)=1- sot > E a _ 

= EN (1-23(1+1?k"). (4) 


see also KLEIN’S ABSOLUTE INVARIANT, PI 
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Ramanujan Function 


o(a, A a 


ọla) = lim (a, n) a 


n—00 


— 


The values of ¢(n) for n = 2, 3,... are 


(2) = 21n2 

¢(3) =1n3 

¢(4) = ¿1n2 

$(6) = ¿In3+3In4. 


Ramanujan g- and G-Functions 
Following Ramanujan (1913-14), write 


oo 


(1 + era) — 91/4¿ TVA, (1) 


k=1,3,5,... 


I] (1 _ e hrvn) — 91/4 eT TVA on. (2) 


Ramanujan g- and G-Functions 


These satisfy the equalities 


Jan = 2" gnGn (3) 
Gn = Gin (4) 
Jn = Iajn (5) 
a = (9nGn) (Gn? — gn"). (6) 


_G, and gn can be derived using the theory of MODULAR 


FUNCTIONS and can always be expressed as roots of al- 
gebraic equations when n is RATIONAL. For simplicity, 
Ramanujan tabulated g, for n EVEN and G, for n ODD. 
However, (6) allows Gn and gn to be solved for in terms 
of gn and Gy, giving 


1/8 
1 G + / Ga 16 _ Ga~ ) (7) 


Gn = 3 


i 8 5 1/8 
Gn = 37 (9, + Gn** + Gon ) . (8) 


Using (3) and the above two equations allows gan to be 
computed in terms of gn or Gn 


1/8 8 a 16 —8 1/8 
for n even (9) 
21/86, (Gn + Gr, +? — Gn? 
for n odd. 


Ján = 


In terms of the PARAMETER k and complementary PA- 
RAMETER k’, 


Gn = (2knk ) UP (10) 
p2 1/12 
Here, 
kn = à (n) (12) 


is the ELLIPTIC LAMBDA FUNCTION, which gives the 
value of k for which 
K'(k) 
K(k) 
Solving for A*(n) gives 


n) = [V1 + Gn? — V1- G, *] (14) 
n) = gn [y Gn** + gn — gn]. (15) 


Analytic values for small values of n can be found in Ra- 
manujan (1913-1914) and Borwein and Borwein (1987), 
and have been compiled in Weisstein (1996). Ramanu- 
jan (1913-1914) contains a typographical error labeling 
Gaos as Goes. 


see also G-FUNCTION 


= Yn. (13) 
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11/13/2017 FM Crystal Radio 
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AN 


The vernier dial is large to accomodate ease of tuning, and the vernier makes it easy to separate stations. Two golden 
(brass) wood screws fix the face plate to the base. Holes for the face plate were made with special plastic drills, but 
ordinary drills may be used if drilled very SLOWLY. The knob is removable. 


FM Crystal Circuit #2 


http://solomonsmusic.net/FM_CrystalRadio.html 8/12 


Ramanujan's Hypergeometric Identity 


Ramanujan’s Hypergeometric Identity 


= jr: (a)l = pee 
mr 


where 2F, (a, b;c;x) is a HYPERGEOMETRIC FUNCTION, 
3Fa(a,b,c; d; e; x) is a GENERALIZED HYPERGEOMETRIC 
FUNCTION, and T'(2) is a GAMMA FUNCTION. 


References 

Hardy, G. H. Ramanujan: Twelve Lectures on Subjects Sug- 
gested by His Life and Work, 3rd ed. New York: Chelsea, 
p. 106, 1959. 


Ramanujan’s Hypothesis 
see TAU CONJECTURE 


Ramanujan’s Identity 


poa?) ji 
TES 2 P(5m+4)x", 
where = 
gl) = [[ a-2”) 


and P(n) is the PARTITION FUNCTION P. 
see also RAMANUJAN’S SUM IDENTITY 


Ramanujan’s Integral 


puté yy —§ 


P Jute (x) J,-¿(y) eité de 


2 cos (42) EEA 


ze 1t/2 4 y2eit/2 


It | 2 cos (3t) (12e-it/2 ever”) er a 


where Jn(z) is a BESSEL FUNCTION OF THE FIRST 
KIND. 
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Ramanujan’s Interpolation Formula 


7(—S) 
sin({s7) (1) 


[ ao” S_(—1)*2* (k) dx = 

0 k=0 

Po we (2) 
0 k=0 


where A(z) is the DIRICHLET LAMBDA FUNCTION and 
I'(z) is the GAMMA FUNCTION. Equation (2) is obtained 
from (1) by defining 


glu) = AW) (3) 


(1+u) 


These formulas give valid results only for certain classes 
of functions. 
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Hardy, G. H. Ramanujan: Twelve Lectures on Subjects Sug- 
gested by His Life and Work, 3rd ed. New York: Chelsea, 
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Ramanujan's Master Theorem 
Suppose that in some NEIGHBORHOOD of x = 0, 


F(x) = y a 


Then 


oO 


2”~* F(x) de = T(n)d(—n). 


References 
Berndt, B. C. Ramanujan’s Notebooks: Part I. New York: 
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Ramanujan-Petersson Conjecture 
A CONJECTURE for the EIGENVALUES of modular forms 
under HECKE OPERATORS. 


Ramanujan Psi Sum 

A sum which includes both the JACOBI TRIPLE PROD- 
UCT and the g-BINOMIAL THEOREM as special cases. 
Ramanujan's sum is 


(a)n n _ (az)o(g/ax)o(q)æœ (b/a) 
2 Dr (Jo lb/ardoolg/ado ' 


n = — OO 


where the NOTATION (q), denotes g-SERIES. For b = q, 
this becomes the g-BINOMIAL THEOREM. 


see also JACOBI TRIPLE PRODUCT, q-BINOMIAL THEO- 
REM, q-SERIES 
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Ramanujan’s Square Equation 
It has been proved that the only solutions to the DIO- 
PHANTINE EQUATION 


2° -7=ag* 
are n = 3, 4, 5, 7, and 15 (Beeler et al. 1972, Item 31). 
References 
Beeler, M.; Gosper, R. W.; and Schroeppel, R. HAKMEM. 


Cambridge, MA: MIT Artificial Intelligence Laboratory, 
Memo AIM-239, Feb. 1972. 


Ramanujan”s Sum 
The sum 
calm) — ` erminm/a (1) 
h* (a) 


where h runs through the residues RELATIVELY PRIME 
to q, which is important in the representation of numbers 


by the sums of squares. If (q,q') = 1 (i.e., q and q’ are 


RELATIVELY PRIME), then 


Cag (M) = ca(m)cg' (M). (2) 
For argument 1, 
co(1) = (b), (3) 
where p is the MOBIUS FUNCTION, and for general m, 
b p(b) 
olm) = p (a AL, (4) 
(b, m) h ( E ) 


see also MÖBIUS FUNCTION, WEYL’S CRITERION 
References 


Vardi, I. Computational Recreations in Mathematica. Red- 
wood City, CA: Addison-Wesley, p. 254, 1991. 


Ramanujan’s Sum Identity 


If 
145324 92? n 
O trI . 1 
1— 82a — 8227 + 23 dane 1) 
2— 26g — 122? = 
la x” 2 
1 — 822 — 822? + 23 200 (2) 
“2 + 89 — 102? ~ n 
_ Are nt”, 3 
1 — 822 — 822? + 23 2 z (3) 
then 
an + da = en® +(-1)”. (4) 


Hirschhorn (1995) showed that 


an = ¿[(64 + 8V/85)a” + (64 — 8/85 )8” — 43(-1)] 


(5) 
bn = E1(77+74V85)a” + (77 — 7V85)8” + 16(-1)”] 
(6) 


Cn = $ [(93 + 9485 Ja” + (93 — 985 )8” — 16(-1)”], 
(7) 


Ramanujan Theta Functions 


where 
a = 1(83 + 9V85) (8) 
8 = 1(83 — 9V85). (9) 


Hirschhorn (1996) showed that checking the first seven 
cases n = 0 to 6 is sufficient to prove the result. 
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Amazing Identity of Ramanujan.” Math. Mag. 69, 267- 
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Ramanujan’s Tau-Dirichlet Series 
see TAU-DIRICHLET SERIES 


Ramanujan’s Tau Function 
see TAU FUNCTION 


Ramanujan Theta Functions 
Ramanujan’s one-variable theta function is defined by 


p(a)= Y ar. (1) 


m=—co 


It is equal to the function in the JACOBI TRIPLE PROD- 
UCT with z = 1, 


p(x) = G) = | [(1 +2" (1-a?") 


n=1 
= y 142 Yer. (2) 
m2 — oo m=0 


Special values include 


ple" 2) TÉ) 91/47 (3) 
„1/4 

oe") = Tx (4) 

pet) = OE (5) 


Ramanujan's two-variable theta function is defined by 


oo 


f(a,b) = ` gtitth)/2pn(n—1)/2 (6) 


for |ab| < 1. It satisfies 
f(-1,a) =0 (7) 


f(a,b) = f(b, a) = (~a; ab) (—b; ab)oo(ab; ab) (8) 


Ramp Function 


— (Dem? + II 
k=0 k=1 


= (4 UD), (9) 


where (g)oo are q-SERIES. 


see also JACOBI TRIPLE PRODUCT, SCHROTER’S FOR- 
MULA, q-SERIES 


Ramp Function 


R(x) = H (1) (1) 
= f x H(x') dz’ (2) 

J.. H(x')H(z — 2') dx' (3) 

(x) + Hz), (4) 


where H(z) is the HEAVISIDE STEP FUNCTION and x is 
the CONVOLUTION. The DERIVATIVE is 


R' (x)= —H(z). (5) 


The FOURIER TRANSFORM of the ramp function is given 
by 


4r? k2’ 
(6) 
where (x) is the DELTA FUNCTION and ĝ'(x) its DE- 
RIVATIVE. 
see also FOURIER TRANSFORM—-RAMP FUNCTION, 
HEAVISIDE STEP FUNCTION, RECTANGLE FUNCTION, 
SGN, SQUARE WAVE 


F[R(x)| = J 7272 R(x) de = nið (2rk) — l 


Ramphoid Cusp 


Ramsey Number 1517 


A type of CusP as illustrated above for the curve 2? + 
gy? — 2a*y — ay? + y? =0. 
see also CUSP 
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Ramsey Number 

The Ramsey number R(m, n) gives the solution to the 
PARTY PROBLEM, which asks the minimum number of 
guests R(m,n) that must be invited so that at least m 
will know each other (i.e., there exists a CLIQUE of order 
m) or at least n will not know each other (i.e., there 
exists an independent set of order n). By symmetry, it 
is true that 


R(m,n) = R(n,m). (1) 


It also must be true that 
R(2,m) =m. (2) 
A generalized Ramsey number is written 


R(mi,...,Mx;,N) (3) 
and is the smallest INTEGER R such’ that, no matter 
how each n-element SUBSET of an r-element SET are 
colored with k colors, there exists an ¿ such that there is 
a SUBSET of size m;, all of whose n-element SUBSETS are 
color ¿. The usual Ramsey numbers are-then equivalent 
to R(m,n) = R(m, n; 2). 


Bounds are given by 


R(k-1,0+R(k,1-1)-1 
for R(k — 1,1) and 


R(k,1) < R(k,l—1) even (4) 
R(k — 1,1) + R(k,l — 1) 
otherwise 
and 
R(k,k) < 4R(k — 2,k) +2 (5) 


(Chung and Grinstead 1983). Erdós proved that for 
diagonal Ramsey numbers R(k, k), 


po9*/2 
eV/2 


This result was subsequently improved by a factor of 2 
by Spencer (1975). R(3,k) was known since 1980 to be 
bounded from above by c2k?/Ink, and Griggs (1983) 
showed that cz = 5/12 was an acceptable limit. J.-H. 
Kim (Cipra 1995) subsequently bounded R(3,k) by a 


similar expression from below, so 


< R(k,k). (6) 


2 


k 
C1 < R(3,k) < ik (7) 


2 
Ink 


1518 Ramsey Number 


Burr (1983) gives Ramsey numbers for all 113 graphs 
with no more than 6 EDGES and no isolated points. 


A summary of known results up to 1983 for R(m,n) 
is given in Chung and Grinstead (1983). Radziszowski 
maintains an up-to-date list of the best current bounds, 
reproduced in part in the following table for R(m, n; 2). 


[112, 291 
[119, 349 
[128, 417 


[122, 497 
[153, 784 


Ramsey Number 


(282, 1874] 
[1, 3597] 


9 |[565, 6680] 
10 | [1, 12795] 


522, oo] 


Known values for generalized Ramsey numbers are given 
in the following table. 


17 
[30, 32] 
[45, 59] 
[55, 81] 

> 80 


[128, 242] 
[51, 64] 
(87, 159] 
[162, 317] 
(1, 500] 


(14, 15] 


see also CLIQUE, COMPLETE GRAPH, EXTREMAL 
GRAPH, IRREDUNDANT RAMSEY NUMBER, SCHUR 
NUMBER 


References 

Burr, S. A. “Generalized Ramsey Theory for Graphs—A Sur- 
vey.” In Graphs and Combinatorics (Ed. R. A. Bari and 
F. Harary). New York: Springer-Verlag, pp. 52-75, 1964. 

Burr, S. A. “Diagonal Ramsey Numbers for Small Graphs.” 
J. Graph Th. 7, 57-69, 1983. 

Chartrand, G. “The Problem of the Eccentric Hosts: An 
Introduction to Ramsey Numbers.” §5.1 in Introductory 
Graph Theory. New York: Dover, pp. 108-115, 1985. 

Chung, F. R. K. “On the Ramsey Numbers N(3,3,...,3;2).” 
Discrete Math. 5, 317-321, 1973. 

Chung, F. and Grinstead, C. G. “A Survey of Bounds for 
Classical Ramsey Numbers.” J. Graph. Th. 7, 25-37, 
1983. 

Cipra, B. “A Visit to Asymptopia Yields Insights into Set 
Structures.” Science 267, 964-965, 1995. 

Exoo, G. “On Two Classical Ramsey Numbers of the Form 
R(3,n).” SIAM J. Discrete Math. 2, 488-490, 1989. 

Exoo, G. “Announcement: On the Ramsey Numbers R(4, 6), 
R(5,6) and R(3,12).” Ars Combin. 35, 85, 1993. 


Ramsey 's Theorem 


Exoo, G. “Some New Ramsey Colorings.” Electronic J. 
Combinatorics 5, No. 1, R29, 1-5, 1998. http://www. 
combinatorics.org/Volume.5/v5iltoc.html. 

Folkmann, J. “Notes on the Ramsey Number N(3, 3, 3, 3).” 
J. Combinat. Theory. Ser. A 16, 371-379, 1974. 

Gardner, M. “Mathematical Games: In Which Joining Sets of 
Points by Lines Leads into Diverse (and Diverting) Paths.” 
Sci. Amer. 237, 18-28, 1977. 

Gardner, M. Penrose Tiles and Trapdoor Ciphers... and the 
Return of Dr. Matriz, reissue ed. New York: W. H. Free- 
man, pp. 240-241, 1989. 

Giraud, G. “Une minoration du nombre de quadrangles uni- 
colores et son application a la majoration des nombres de 
Ramsey binaires bicolors.” C. R. Acad. Sci. Paris A 276, 
1173-1175, 1973. 

Graham, R. L.; Rothschild, B. L.; and Spencer, J. H. Ramsey 
Theory, 2nd ed. New York: Wiley, 1990. 

Graver, J. E. and Yackel, J. “Some Graph Theoretic Results 
Associated with Ramsey’s Theorem.” J. Combin. Th. 4, 
125-175, 1968. 

Greenwood, R. E. and Gleason, A. M. “Combinatorial Rela- 
tions and Chromatic Graphs.” Canad. J. Math. T, 1-7, 
1955. 

Griggs, J. R. “An Upper Bound on the Ramsey Numbers 
R(3,k).” J. Comb. Th. A 35, 145-153, 1983. 

Grinstead, C. M. and Roberts, S. M. “On the Ramsey Num- 
bers R(3,8) and R(3,9).” J. Combinat. Th. Ser. B 33, 
27-51, 1982. 

Guldan, F. and Tomasta, P. “New Lower Bounds of Some 
Diagonal Ramsey Numbers.” J. Graph. Th. 7, 149-151, 
1983. 

Hanson, D. “Sum-Free Sets and Ramsey Numbers.” Discrete 
Math. 14, 57-61, 1976. 

Harary, F. “Recent Results on Generalized Ramsey Theory 
for Graphs.” Graph Theory and Applications (Ed. Y. Alai, 
D. R. Lick, and A. T. White). New York: Springer-Verlag, 
pp. 125-138, 1972. 

Hill, R. and Irving, R. W. “On Group Partitions Associated 
with Lower Bounds for Symmetric Ramsey Numbers.” Eu- 
ropean J. Combin. 3, 35-50, 1982. 

Kalbfleisch, J. G. Chromatic Graphs and Ramsey’s Theorem. 
Ph.D. thesis, University of Waterloo, January 1966. 

McKay, B. D. and Min, Z. K. “The Value of the Ramsey 
Number R(3,8).” J. Graph Th. 16, 99-105, 1992. 

McKay, B. D. and Radziszowski, S$. P. “R(4,5) = 25.” J. 
Graph. Th 19, 309-322, 1995. 

Piwakowski, K. “Applying Tabu Search to Determine New 
Ramsey Numbers.” Electronic J. Combinatorics 3, R6, 
1-4, 1996. http://www.combinatorics.org/Volume 3/ 
volume3 .html#R6. 

Radziszowski, 5. P. “Small Ramsey Numbers.” Electronic J. 
Combin. 1, DS1 1-29, Rev. Mar. 25, 1996. http://ejc. 
math.gatech.edu:8080/Journal/Surveys/ds1.ps. 

Radziszowski, S. and Kreher, D. L. “Upper Bounds for Some 
Ramsey Numbers R(3,k).” J. Combinat. Math. Combin. 
Comput. 4, 207-212, 1988. 

Spencer, J. H. “Ramsey’s Theorem—A New Lower Bound.” 
J. Combinat. Theory Ser. A 18, 108-115, 1975. 

Wang, Q. and Wang, G. “New Lower Bounds for the Ramsey 
Numbers R(3,q).” Beijing Darue Xuebao 25, 117-121, 
1989. 

Whitehead, E. G. “The Ramsey Number N(3, 3,3, 3; 2).” 
Discrete Math. 4, 389-396, 1973. 


Ramsey’s Theorem 

A generalization of DILWORTH’Ss LEMMA. For each 
m,n € N with m,n > 2, there exists a least INTEGER 
R(m,n) (the RAMSEY NUMBER) such that no matter 
how the COMPLETE GRAPH Kr(m,n) is two-colored, it 
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will contain a green SUBGRAPH Km or a red subgroup 
Kn. Furthermore, 


R(m,n) < R(m—1,n)+ R(m,n — 1) 


if m,n > 3. The theorem can be equivalently stated 
that, for all € N, there exists an n € N such that any 
complete DIGRAPH on n VERTICES contains a complete 
transitive SUBGRAPH of m VERTICES. Ramsey’s theo- 
rem is a generalization of the PIGEONHOLE PRINCIPLE 
since 


R(2,2,...,2) =t4+1. 
ed 
t 


see also DILWORTH’S LEMMA, NATURAL INDEPEN- 
DENCE PHENOMENON, PIGEONHOLE PRINCIPLE, RAM- 
SEY NUMBER 
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Randelbrot Set 


The FRACTAL-like figure obtained by performing the 
same iteration as for the MANDELBROT SET, but adding 
a random component R, 


In the above plot, R = Raz + ¿R,, where Ry, Ry € 
[—0.05, 0.05]. | 


see also MANDELBROT SET 
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Random Distribution 

A DISTRIBUTION in which the variates occur with PROB- 
ABILITIES asymptotically matching their “true” under- 
lying DISTRIBUTION is said to be random. 


see also DISTRIBUTION, RANDOM NUMBER 
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Random Dot Stereogram 
see STEREOGRAM 


Random Graph 

A random graph is a GRAPH in which properties such 
as the number of NODES, EDGES, and connections be- 
tween them are determined in some random way. Erdós 
and Rényi showed that for many monotone-increasing 
properties of random graphs, graphs of a size slightly 
less than a certain threshold are very unlikely to have 
the property, whereas graphs with a few more EDGES 
are almost certain to have it. This is known as a PHASE 
TRANSITION. 


see also GRAPH (GRAPH THEORY), GRAPH THEORY 
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Random Matrix 

A random matrix is a MATRIX of given type and size 
whose entries consist of random numbers from some 
specified distribution. 


see also MATRIX 


Random Number 

Computer-generated random numbers are sometimes 
called PSEUDORANDOM NUMBERS, while the term “ran- 
dom” is reserved for the output of unpredictable physi- 
cal processes. It is impossible to produce an arbitrarily 
long string of random digits and prove it is random. 
Strangely, it is very difficult for humans to produce a 
string of random digits, and computer programs can be 
written which, on average, actually predict some of the 
digits humans will write down based on previous ones. 


The LINEAR CONGRUENCE METHOD is one algorithm 
for generating PSEUDORANDOM NUMBERS. The initial 
number used as the starting point in a random number 
generating algorithm is known as the SEED. The good- 
ness of random numbers generated by a given ALGO- 
RITHM can be analyzed by examining its NOISE SPHERE. 


see also BAYS’ SHUFFLE, CLIFF RANDOM NUMBER 
GENERATOR, QUASIRANDOM SEQUENCE, SCHRAGE’S 
ALGORITHM, STOCHASTIC 
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Random Percolation 
see PERCOLATION THEORY 


Random Polynomial 
A POLYNOMIAL having random COEFFICIENTS. 


see also KAC FORMULA 


Random Variable 

A random variable is a measurable function from a 
PROBABILITY SPACE (S,S,P) into a MEASURABLE 
SPACE (S',S') known as the STATE SPACE. 


see also PROBABILITY SPACE, RANDOM DISTRIBUTION, 
RANDOM NUMBER, STATE SPACE, VARIATE 
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Random Walk 

A random process consisting of a sequence of discrete 
steps of fixed length. The random thermal perturba- 
tions in a liquid are responsible for a random walk phe- 
nomenon known as Brownian motion, and the collisions 
of molecules in a gas are a random walk responsible for 
diffusion. Random walks have interesting mathematical 
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properties that vary greatly depending on the dimension 
in which the walk occurs and whether it is confined to 
a lattice. 


see also RANDOM WALK—1-D, RANDOM WALK—2-D, 
RANDOM WALK—3-D, SELF-AVOIDING WALK 
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Random Walk—1-D 
Let N steps of equal length be taken along a LINE. Let 
p be the probability of taking a step to the right, q the 
probability of taking a step to the left, nı the number 
of steps taken to the right, and nz the number of steps 
taken to the left. The quantities p, q, nı, n2, and N are 
related by 

ptq=1 (1) 


and 
ni + na = N. (2) 


Now examine the probability of taking exactly nı steps 
out of N to the right. There are ( a ) = = (mina) ways 
of taking ni steps to the right and na to the left, where 
(3) is a BINOMIAL COEFFICIENT. The probability of 
taking a particular ordered sequence of nı and nz steps 


is p"1q"?. Therefore, 
(nı + n2) n3_n N! ni N-n 
P — 1,2 — 1 1 
(nı) niina! nıl( N — ni)!” q 


(3) 
where n! is a FACTORIAL. This is a BINOMIAL DISTRI- 
BUTION and satisfies 


y P(n1) = 


ni=0 


(p+9*=1% =1. (4) 
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The MEAN number of steps nı to the right is then 


N N 
— N! Thy N-nj 
)= 2 mP nı Ss miN—n iP q n1, 
ny n]= 

(5) 

but 
mip pp", (6) 

Op 
SO 


~ N! ð n \ N-n 
e= D aw (PP) 


ny] =0 


N 
ð N! ni N-ni 
Pap >, mMUN m)! q 


n3=0 


=p (p+ 9% =pN(p+q)* *=pN. (7) 


From the BINOMIAL THEOREM, 


(n2) = N — (ni) = N(1 — p) = qN. (8) 
The VARIANCE is given by 
= (m°) — (m1) (9) 
But 
N 
(n°) 7 2 IN — aye gm (10) 
sO 


= (2) (p+q)* = 5 Np +4)N - 1] 


= p[N(p+q)" 7} +pN(N — 1)(p+q)"~7] 
= p[N + pN(N — 1)] 


= pN[1+ pN — p) = (Np)? + Npq 
= (nı) + Npq. | (11) 
Therefore, 
= (ni*) — (ni)? = Noa, (12) 


and the ROOT-MEAN-SQUARE deviation is 


Oni F Y Npq. (13) 
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For a large number of total steps N, the BINOMIAL DIS- 
TRIBUTION Characterizing the distribution approaches a 
GAUSSIAN DISTRIBUTION. 


EF © 100 150 200 


-40 
-60 
-80 
-1090 


50 100 150 200 
Consider now the distribution of the distances dy trav- 
eled after a given number of steps, 


dN = ni — n = 2m — N, (14) 


as opposed to the number of steps in a given direction. 
The above plots show dy (p) for N = 200 and three val- 
ues p = 0.1, p = 0.5, and p = 0.9, respectively. Clearly, 
weighting the steps toward one direction or the other in- 
fluences the overall trend, but there is still a great deal of 
random scatter, as emphasized by the plot below, which 
shows three random walks all with p = 0.5. 
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20 
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Surprisingly, the most probable number of sign changes 
in a walk is 0, followed by 1, then 2, etc. 


For a random walk with p = 1/2, the probability Py (d) 
of traveling a given distance d after N steps is given in 
the following table. 


ESSE CAE ES E e 


In this table, subsequent rows are found by adding HALF 
of each cell in a given row to each of the two cells diago- 
nally below it. In fact, it is simply PASCAL’S TRIANGLE 
padded with intervening zeros and with each row multi- 
plied by an additional factor of 1/2. The COEFFICIENTS 
in this triangle are given by 


Ogle Dan OF 


oo em ON A 
O ale O ple 


blo O eu O vi 
pe 
Slo O elo O vin 


Sle O ele 
O gl O em 
Ble O ole 

O ale 


w 
sj- 


Py (d) = 
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The expectation value of the distance after N steps is 
therefore 


N 
m= > 
d=-N,-(N-2),... 


EN ~ di N! 
A e o. 


[dl Pn (d) 


(16) 


This sum can be done symbolically by separately con- 
sidering the cases N EvEN and N ODD. First, consider 
EVEN N so that N = 2J. Then 


-2 


N! ld 
(daz) = ON `o (22t); ET 
ones : 


eee | a A eee 
+5 (2748); (ala a) + (2744), (22533 = 


O N [2d] 


d=—J,—(J~1),... 


” a | 
a 2 (24424) ) (2322) 
d=1,2,. 2 A 
J O FO osama 
NY 
=r Gea — d)! (En 


But this sum can be evaluated analytically as 


J 
d J 
Laa 


which, when combined with N = 2J and plugged back 
in, glves 


T(2J +1)J r(2J) 


92J- 172(1 de J) ~ 925-272( 7) . (19) 


(doz) = 


But the LEGENDRE DUPLICATION FORMULA gives 


-MANTNI + 3) 


r(2J) = Jon oe 
oe HPA + 3) _ 2 r(J + 3) 
(doz) = ATADO CT Va TU) 
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Now consider N ODD, so N =2J — 1. Then 


—1 


N! d 
(d23-1) = on > T (Sy 


d=—(2J-1), 
(2341)... 


2-1 ld] 

+ la E 144); en 

E N! 2J—1 d 

Cana 5 2 EE ler 
oul << d-1 

= JN a 25-244) (2242) (#24)! 2) ar ae 


ras) |< = i 

~ 227-2 Duna (J +d- oat a 

1+J-2F\(1,-J;J;1) 
INEU + J) 

=P + 1/2) 


ie 


-ron [EI Ia , 1 


mn 1/2 


= SS J=2Fi(1,-3;,J;-1)]+1. (22) 


But the HYPERGEOMETRIC FUNCTION 2F; has the spe- 
cial value 


A EE (23) 


F,(1,-J; J; —1) = 
i = T(J +3) 


so a rs a 1) 
vr TU) 


Summarizing the EVEN and ODD solutions, 


(daj—1) = (24) 


(dy) = (25) 


where 
for N even 


J=iN 
P = LN +1) for N odd. G 


Written explicitly in terms of N, 


1 1 
e E g 
A a or N even 
(dy) = (27) 
PCS 1 41) 


a for N odd. 


VT pł 3N+3) 
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The first few values of (dy) are then 


(do) =0 
(di) = (d2) =1 
(ds) = (da) = $ 
(ds) = (de) = E 
(d7) = (de) = 3% 
(dg) = (dio) = Le 
(di1) = (diz) = 255 
(dis) = (dia) = Jozi 


Now, examine the asymptotic behavior of (dy). The 
asymptotic expansion of the GAMMA FUNCTION ratio is 


op aI ink 1 


T(J) a7! 128727 ) (28) 


(Graham et al. 1994), so plugging in the expression for 
(dy) gives the asymptotic series 


2N 1 1 5 
(dN) = Var (1 Fan + 327 + 12803 


__ 21 
2048N4 + 


J (29) 


where the top signs are taken for N EVEN and the bot- 
tom signs for N ODD. Therefore, for large N, 


A eos, (30) 


T 


which is also shown in Mosteller et al. (1961, p. 14). 


see also BINOMIAL DISTRIBUTION, CATALAN NUMBER, 
p-GooD PATH, P6LYA’s RANDOM WALK CONSTANTS, 
RANDOM WALK—2-D, RANDOM WALK—3-D, SELF- 
AVOIDING WALK 
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-15 -10 -5 
In a PLANE, consider a sum of N 2-D VECTORS with 
random orientations. Use PHASOR notation, and let the 
phase of each VECTOR be RANDOM. Assume N unit 
steps are taken in an arbitrary direction (i.e., with the 
angle 0 uniformly distributed in [0,27) and not on a 
LATTICE), as illustrated above. The position z in the 
COMPLEX PLANE after N steps is then given by 


N 
z= ye (1) 
j=l 


which has ABSOLUTE SQUARE 


j=l k=1 j=l k=1 
N 
=N+ Ss e (2) 
jyk=1 
KA] 


Therefore, 


N 
(lel) =N + ( » plena) . (3) 


j,k=1 
kj 


Each step is likely to be in any direction, so both 6; 
and 0, are RANDOM VARIABLES with identical MEANS 
of zero, and their difference is also a random variable. 
Averaging over this distribution, which has equally likely 
POSITIVE and NEGATIVE values yields an expectation 


value of 0, so 
H =N: (4) 


The root-mean-square distance after N unit steps is 
therefore 


|zleme = VN, (5) 


so with a step size of [, this becomes 
dims = IVN. (6) 


In order to travel a distance d 


Range (Image) 


steps are therefore required. 


Amazingly, it has been proven that on a 2-D LATTICE, 
a random walk has unity probability of reaching any 
point (including the starting point) as the number of 
steps approaches INFINITY. 


see also POLYA’S RANDOM WALK CONSTANTS, RAN- 
DOM WALK—1-D, RANDOM WaALk—-3-D 
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68 


On a 3-D LATTICE, a random walk has less than unity 
probability of reaching any point (including the start- 
ing point) as the number of steps approaches infinity. 
The probability of reaching the starting point again 
is 0.3405373296.... This is one of POLYA’S RANDOM 
WALK CONSTANTS. 


see also POLYA’S RANDOM WALK CONSTANTS, RAN- 
DOM WALK—1-D, RANDOM WALK—2-D 


Range (Image) 
If T is MAP over a DOMAIN D, then the range of T' is 
defined as 

Range(T) = T(D) = {T(X): X € D}. 


The range T(D) is also called the IMAGE of D under T. 
see also DOMAIN, MAP 


11/13/2017 FM Crystal Radio 


AE 


175mm (7 inch) antenna 


C3 
C2 


«e 
L = ©} Out 


C1 


L - 5 turns AWG#18 bare copper or silver wire, 12mm inside diameter, tapped at 2.5 turns 
D - 1N34 or rock crystal diode 

Cl - 82 pf capacitor 

C2 - 80 pf air variable capacitor 

C3 - 18 pf capacitor 

R - 150K resistor 


The following photographs show the circuit wired with the handmade Saturn Dial. and knob. It is perhaps not as visually 
striking as set No. 1, but 1t works just as well. In fact, this set was the original version. Notice that all the wiring and coil 
are copper. 


http://solomonsmusic.net/FM_CrystalRadio.html 9/12 
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Range (Line Segment) 

The set of all points on a LINE SEGMENT, also called a 
PENCIL. 

see also PERSPECTIVITY, SECTION (PENCIL) 
References 

Woods, F. S. Higher Geometry: An Introduction to Advanced 


Methods in Analytic Geometry. New York: Dover, p. 8, 
1961. 


Range (Statistics) 


R = max(2;) — min(x;). (1) 


For small samples, the range is a good estimator of the 
population STANDARD DEVIATION (Kenney and Keep- 
ing 1962, pp. 213-214). For a continuous UNIFORM DIS- 
TRIBUTION 


+ for0<2<C 
mee es: 
oF 13 for |x| < C, (2) 


the distribution of the range is given by 


D(R) =N (De Ni ey (3) 


Given two samples with sizes m and n and ranges Rı 
and Ro, let u = Ri/R2. Then 


m(m—1)n(n—-1) 
(m4+n)(m+n—-—1)}(m+n—2) 
<[(m + nju”? — (m+n — 2)u™*) 


forO<u<l 
D(u) = m(m—1)n(n—-1) en (4) 
(m+n)(m+n—-1}(m+n—2) 
xi(m+ nju” — (m+n — 2)u 7”! 
for 1 < u < œ. 
The MEAN is 
(m — l)n 
= oe a A D 
Pu = m+ 1)(n — 2) (5) 
and the MODE is 
(m—2)(m+n) = 
A C E E) form—n<2 (6) 
a onir-D for m -n > 2. 
References 


Kenney, J. F. and Keeping, E. S. Mathematics of Statistics, 
Pt. 1, 8rd ed. Princeton, NJ: Van Nostrand, pp. 213-214, 
1962. 


Rank 

In a total generality, the “rank” of a mathematical ob- 
ject is defined whenever that object is FREE. In gen- 
eral, the rank of a FREE object is the CARDINALITY of 
the FREE generating SUBSET G. The word “rank” also 
refers to several unrelated concepts in mathematics in- 
volving groups, quadratic forms, sequences, statistics, 
and tensors. 

see also RANK (GROUP), RANK (QUADRATIC FORM), 
RANK (SEQUENCE), RANK (STATISTICS), RANK (TEN- 
SOR) 
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Rank (Group) 

For an arbitrary finitely generated ABELIAN GROUP G, 
the rank of G is defined to be the rank of the FREE 
generating SUBSET G modulo its TORSION SUBGROUP. 
For a finitely generated GROUP, the rank is defined to 
be the rank of its “Abelianization.” 


see also ABELIAN GROUP, BETTI NUMBER, BURNSIDE 
PROBLEM, QUASITHIN THEOREM, QUASI-UNIPOTENT 
GROUP, TORSION (GROUP THEORY) 


Rank (Quadratic Form) 
For a QUADRATIC FORM Q in the canonical form 


Q =y? tye? +... + yp) — Ypti” — Yp? Y, 


the rank is the total number r of square terms (both 
POSITIVE and NEGATIVE). 


see also SIGNATURE (QUADRATIC FORM) 
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Rank (Sequence) 

The position of a RATIONAL NUMBER in the SEQUENCE 
1 1 1 2 3 1 . 

1, 5, 2, 3,3 g 3» 3» 4, 5» ---, ordered in terms of 

increasing NUMERATOR+DENOMINATOR. 


see also ENCODING, FAREY SERIES 


Rank (Statistics) 
The ORDINAL NUMBER of a value in a list arranged in 
a specified order (usually decreasing). 


see also SPEARMAN RANK CORRELATION, WILCOXON 
RANK SUM TEST, WILCOXON SIGNED RANK TEST, 
ZIPF’S LAW 


Rank (Tensor) 

The total number of CONTRAVARIANT and COVARIANT 

indices of a TENSOR. The rank of a TENSOR is indepen- 

dent of the number of DIMENSIONS of the SPACE. 
Rank Object 


0 scalar 
1 vector 
> 2 tensor 


see also CONTRAVARIANT TENSOR, COVARIANT TEN- 
SOR, SCALAR, TENSOR, VECTOR 


Ranunculoid 


E, 
Na 
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An EPICYCLOID with n = 5 cusps, named after the but- 
tercup genus Ranunculus (Madachy 1979). 


see also EPICYCLOID. 
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RAT-Free Set 

A RAT-free set is a set of points, no three of which 
determine a RIGHT TRIANGLE. Let f(n) be the smallest 
RAT-free subset guaranteed to be contained in a planar 
set of n points, then the function f(n) is bounded by 


Vn < f(n) < 2yn. 
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Ratio 

The ratio of two numbers r and s is written r/s, where 
r is the NUMERATOR and s is the DENOMINATOR. The 
ratio of r to s is equivalent to the QUOTIENT r/s. Bet- 
ting ODDS written as r : s correspond to s/(r + s). A 
number which can be expressed as a ratio of INTEGERS 
is called a RATIONAL NUMBER. 


see also DENOMINATOR, FRACTION, NUMERATOR, 
ODDS, QUOTIENT, RATIONAL NUMBER 


Ratio Distribution 

Given two distributions Y and X with joint probabil- 
ity density function f(x,y), let U = Y/X be the ratio 
distribution. Then the distribution function of u is 


D(u) = P(U < u) 
= P(Y < uX|X > 0) + P(Y > uX|X < 0) 


00 ur 0 0 
a / f(x,y) dy de + | f(x,y) dy dz. 
0 0 —oo Y uz 
(1) 


The probability function is then 


0 


P(u) = D'(u) = | as / cf (a, ux) de 


Ooo 


=| ads (2) 


OO 


Rational Approximation 


For variates with a standard NORMAL DISTRIBUTION, 
the ratio distribution is a CAUCHY DISTRIBUTION. For 
a UNIFORM DISTRIBUTION 


_ f1 for z,y € [0,1] 
Hey) = do otherwise, (3) 


0. u<0 
P(u) = fy cde = [52°] = 3 for0<u<l 
fr cde = (30% = 2 foru> 1 


(4) 


see also CAUCHY DISTRIBUTION 


Ratio Test 
Let ux be a SERIES with POSITIVE terms and suppose 


ny Uk+4+1 
= lim —. 
E. iy 
Then 
1. If p < 1, the SERIES CONVERGES. 
2. If p > 1 or p= œ, the SERIES DIVERGES. 
3. If p = 1, the SERIES may CONVERGE or DIVERGE. 


The test is also called the CAUCHY RATIO TEST or 
D’ALEMBERT RATIO TEST. 


see also CONVERGENCE TESTS 
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Rational Approximation 
If r is any number and n is any INTEGER, then there is 
a RATIONAL NUMBER m/n for which 
m 1 
O<r-—<-. (1) 
n n 
If r is IRRATIONAL and k is any WHOLE NUMBER, there 
is a FRACTION m/n with n < k and for which 
m 1 
0<r-— < —. (2) 
n nk 
Furthermore, there are an infinite number of FRACTIONS 
m/n for which 


iS N (3) 
n 


Hurwitz has shown that for an IRRATIONAL NUMBER ¢ 
k-žl < (4) 


there are infinitely RATIONAL NUMBERS h/kif0<c< 
V5, but if c > v5, there are some ¢ for which this 
approximation holds for only finitely many h/k. 


Rational Canonical Form 


Rational Canonical Form 
There is an invertible matrix Q such that 


Q-*TQ = diag[L(1p1), Lye), Berig L(ps)), 


where L(f) is the companion MATRIX for any MONIC 
POLYNOMIAL 


FOA) = fot At... fnd” 


with fa = 1. The POLYNOMIALS 7, are called the “in- 
variant factors” of T, and satisfy Yi+1|W; for i = s — 1, 
..., 1 (Hartwig 1996). 
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Rational Cuboid 
see EULER BRICK 


Rational Distances 

It is possible to find six points in the PLANE, no three on 
a LINE and no four on a CIRCLE (i.e., none of which are 
COLLINEAR or CONCYCLIC), such that all the mutual 
distances are RATIONAL. An example is illustrated by 
Guy (1994, p. 185). 


It is not known if a TRIANGLE with INTEGER sides, ME- 
DIANS, and AREA exists (although there are incorrect 
PROOFS of the impossibility in the literature). How- 
ever, R. L. Rathbun, A. Kemnitz, and R. H. Buchholz 
have showed that there are infinitely many triangles with 
RATIONAL sides (HERONIAN TRIANGLES) with two Ra- 
TIONAL MEDIANS (Guy 1994, p. 188). 


see also COLLINEAR, CONCYCLIC, CYCLIC QUADRILAT- 
ERAL, EQUILATERAL TRIANGLE, EULER BRICK, HERO- 
NIAN TRIANGLE, RATIONAL QUADRILATERAL, RATIO- 
NAL TRIANGLE, SQUARE, TRIANGLE 
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Rational Domain 
see FIELD 
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Rational Double Point 

There are nine possible types of ISOLATED SINGULARI- 
TIES on a CUBIC SURFACE, eight of them rational double 
points. Each type of ISOLATED SINGULARITY has an as- 
sociated normal form and COXETER-DYNKIN DIAGRAM 
(Ar, Az, Az, Aa, As, Da, Ds, Es and Eg). 


The eight types of rational double points (the Eg type 
being the one excluded) can occur in only 20 combi- 
nations on a CUBIC SURFACE (of which Fischer 1986 
glves 19): Al, 241, 3A1, 441, Aza, (A2, Ai), 242, 
(242, A1), 342, Az, (Az, Ax), (Az, 241), Ag, (As, A1), 
As, (45,41), Da, Ds, and Es (Looijenga 1978, Bruce 
and Wall 1979, Fischer 1986). 


In particular, on a CUBIC SURFACE, precisely those con- 
figurations of rational double points occur for which the 
disjoint union of the COXETER-DYNKIN DIAGRAM is 
a SUBGRAPH of the COXETER-DYNKIN DIAGRAM Ese. 
Also, a surface specializes to a more complicated one 
precisely when its graph is contained in the graph of the 
other one (Fischer 1986). 


see also COXETER-DYNKIN DIAGRAM, CUBIC SURFACE, 
ISOLATED SINGULARITY 
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Rational Function 
A quotient of two polynomials P(z) and Q(z), 


P 
R(z)= Ae) 
Q(z) 
is called a rational function. More generally, if P and Q 
are POLYNOMIALS in multiple variables, their quotient 
is a rational function. 


see also ABEL’S CURVE THEOREM, CLOSED FORM, 
FUNDAMENTAL THEOREM OF SYMMETRIC FUNCTIONS, 
QUOTIENT-DIFFERENCE ALGORITHM, RATIONAL INTE- 
GER, RATIONAL NUMBER, RIEMANN CURVE THEOREM 


Rational Integer 

A synonym for INTEGER. The word “rational” is some- 
times used for emphasis to distinguish it from other 
types of “integers” such as CYCLOTOMIC INTEGERS, 
EISENSTEIN INTEGERS, and GAUSSIAN INTEGERS. 


see also CYCLOTOMIC INTEGER, EISENSTEIN INTEGER, 
GAUSSIAN INTEGER, INTEGER, RATIONAL NUMBER 


1528 Rational Number 


References 

Hardy, G. H. and Wright, E. M. An Introduction to the The- 
ory of Numbers, 5th ed. Oxford, England: Clarendon 
Press, p. 1, 1979. 


Rational Number 

A number that can be expressed as a FRACTION p/q 
where p and q are INTEGERS, is called a rational num- 
ber with NUMERATOR p and DENOMINATOR q. Num- 
bers which are not rational are called IRRATIONAL NUM- 
BERS. Any rational number is trivially also an ÁLGE- 
BRAIC NUMBER. 


For a, b, and c any different rational numbers, then 


1 1 1 
(a—b? * =e? * (ea) 
is the SQUARE of a rational number (Honsberger 1991). 
The probability that a random rational number has an 
EVEN DENOMINATOR is 1/3 (Beeler et al. 1972, Item 
54). 
see also ALGEBRAIC INTEGER, ALGEBRAIC NUMBER, 
ANOMALOUS CANCELLATION, DENOMINATOR, DIRICH- 
LET FUNCTION, FRACTION, INTEGER, IRRATIONAL 
NUMBER, NUMERATOR, QUOTIENT, TRANSCENDENTAL 
NUMBER 
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Rational Point 
A K-rational point is a point (X,Y) on an ALGEBRAIC 
CURVE, where X and Y are in a FIELD K. 


The rational point may also be a POINT AT INFINITY. 
For example, take the ELLIPTIC CURVE 


Y?=X"+4+X+42 


and homogenize it by introducing a third variable Z so 
that each term has degree 3 as follows: 


ZY? = X? 4+ XZ? +Z. 


Now, find the points at infinity by setting Z = 0, ob- 
taining 


0=X?. 


Solving gives X = 0, Y equal to any value, and (by 
. definition) Z = 0. Despite freedom in the choice of Y, 
there is only a single POINT AT INFINITY because the 
two triples (X1, Yi, Z1), (Xe, Yo, Z2) are considered 
to be equivalent (or identified) only if one is a scalar 


Ray 


multiple of the other. Here, (0, 0, 0) is not considered 
to be a valid point. The triples (a, b, 1) correspond 
to the ordinary points (a, b), and the triples (a, b, 0) 
correspond to the POINTS AT INFINITY, usually called 
the LINE AT INFINITY. 


The rational points on ELLIPTIC CURVES over the GA- 
LOIS FIELD GF (q) are 5, 7, 9, 10, 13, 14, 16,... (Sloane’s 
A005523). 


see also ELLIPTIC CURVE, LINE AT INFINITY, POINT AT 
INFINITY 
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Rational Quadrilateral 

A rational quadrilateral is a QUADRILATERAL for which 
the sides, DIAGONALS, and ÁREA are RATIONAL. The 
simplest case has sides a = 52, b = 25, c = 39, and 
d = 60 and DIAGONALS of length p = 63 and q = 56. 


see also AREA, DIAGONAL (POLYGON), RATIONAL 
QUADRILATERAL 


Rational Triangle 

A rational triangle is a TRIANGLE all of whose sides are 
RATIONAL NUMBERS and all of whose ANGLES are RA- 
TIONAL numbers of DEGREES. The only such triangle is 
the EQUILATERAL TRIANGLE (Conway and Guy 1996). 


see also EQUILATERAL TRIANGLE, FERMAT’S RIGHT 
TRIANGLE THEOREM, RIGHT TRIANGLE 
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RATS Sequence 

A sequence produced by the instructions “reverse, add, 
then sort the digits,” where zeros are suppressed. For 
example, after 668 we get 


668 + 866 = 1534, 


so the next term is 1345. Applied to 1, the sequence 
gives 1, 2, 4, 8, 16, 77, 145, 668, 1345, 6677, 13444, 
55778, ... (Sloane’s A004000) 

see also 196-ALGORITHM, KAPREKAR ROUTINE, RE- 
VERSAL, SORT-THEN-ADD SEQUENCE 
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Ray 

oo r 

A B 
A Vector AB from a point A to a point B. In GEOM- 
ETRY, a ray is usually taken as a half-infinite LINE with 
one of the two points A and B taken to be at INFINITY. 


see also LINE, VECTOR 


Rayleigh Distribution 


Rayleigh Distribution 


Pir) 
Dir} 


Yr r 


The distribution with PROBABILITY FUNCTION 


2 jo ed 
re? (28 


P(r) = (1) 


s2 


for r € [0, 00). The MOMENTS about 0 are given by 


0 
1 
-2 
=s Imii (—-), 2 
S + (53) (2) 


where I(x) is a GAUSSIAN INTEGRAL. The first few of 
these are 


I,(a7*)= la (3) 
L2(a7?) = tayar (4) 
la(a >) = la? | (5) 
lala?) = ¿a? yar (6) 
Is(a~*) =a, (7) 
so 
uo = 83 (28°) = (8) 
pi Va aV2m=s/5 (9) 
pa = s”?*1 (25?) = 2s” (10) 
u3 = s7? 2 (28°)? V 2827 = 3/27 = 35 > (11) 
pa =s *(25%)? = 8s". | (12) 
The MOMENTS about the MEAN are | 
p2 = p — (m) = Le | (13) 
po = ps — Bap + (mi)? = 4/5 (03) (14) 
pa = pa — Aus + Gua (w1)” — 3 1) 
= 2 a (15) 


so the MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 


T 
p= m= s/o (16) 


0 = p= 3s (17) 
_ a _ 2Ar—3)y/7 

yı = =e (4 — my3/2 (18) 
pa. 2(-30* + 120 — 8) 

Y2 — gå 3 => (7 — 4)? * (19) 


Rayleigh-Ritz Variational Technique 
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Rayleigh Differential Equation 


y” — u(1- yy +y=0, 


where u > 0. Differentiating and setting y = y' gives 
the VAN DER POL EQUATION. 


see also VAN DER POL EQUATION 


Rayleigh’s Formulas 
The formulas 


jn(z) = 2" (-==) sin z 


z dz Z 
e=- (LLY ez 
Yn 7 zdz zZ 


for n = 0, 1, 2,..., where j,(z) is a SPHERICAL BESSEL 
FUNCTION OF THE FIRST KIND and yn(z) is a SPHERI- 
CAL BESSEL FUNCTION OF THE SECOND KIND. 
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Rayleigh-Ritz Variational Technique 
A technique for computing EIGENFUNCTIONS and 
EIGENVALUES. It proceeds by requiring 


J= J p(x) ye? — q(2)y?] de (1) 


to have a STATIONARY VALUE subject to the normaliza- 


tion condition , 


y w(x) dx =1 | (2) 


a 


and the boundary conditions 


b 
pye yl. = 0. (3) 
This leads to the STURM-LIOUVILLE EQUATION 


d 


dy | 
da (952) + qy + Awy =0, (4) 


which gives the stationary values of 


f? (Pya? — ay?) de 


Fly(e)] = oda 


(5) 


as 


Flyn(2)] =An, (6) 


where A, are the EIGENVALUES corresponding to the 
EIGENFUNCTION Yn. 
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Rayleigh’s Theorem 
see PARSEVAL’S THEOREM 


Re-Entrant Circuit 

A CYCLE in a GRAPH which terminates at the starting 
point. 

see also CYCLE (GRAPH), EULERIAN CIRCUIT, HAMIL- 
TONIAN CYCLE 


Real Analysis 

That portion of mathematics dealing with functions of 
real variables. While this includes some portions of To- 
POLOGY, it is most commonly used to distinguish that 
portion of CALCULUS dealing with real as opposed to 
COMPLEX NUMBERS. 


Real Axis 
see REAL LINE 


Real Function 
A FUNCTION whose RANGE is in the REAL NUMBERS is 
said to be a real function. 


see also COMPLEX FUNCTION, SCALAR FUNCTION, 
VECTOR FUNCTION 


Real Line 
172 +2 n 


-101234 


A LINE with a fixed scale so that every REAL NUMBER 
corresponds to a unique POINT on the LINE. The gen- 
eralization of the real line to 2-D is called the COMPLEX 
PLANE. 


see also ABSCISSA, COMPLEX PLANE 
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Real Matrix 
A MATRIX whose elements consist entirely of REAL 
NUMBERS. 


Real Number 

The set of all RATIONAL and IRRATIONAL numbers is 
called the real numbers, or simply the “reals,” and de- 
noted R. The set of real numbers is also called the 
CONTINUUM, denoted C. 


The real numbers can be extended with the addition of 
the IMAGINARY NUMBER i, equal to 1. Numbers of 
the form x + iy, where x and y are both real, are then 
called COMPLEX NUMBERS. Another extension which 
includes both the real numbers and the infinite ORDINAL 
NUMBERS of Georg Cantor is the SURREAL NUMBERS. 


Real Part 


Pick two real numbers z and y at random in (0,1) with 
a UNIFORM DISTRIBUTION. What is the PROBABILITY 
Peven that [x/y], where [r] denotes NINT, the nearest 
INTEGER to r, is EVEN? The answer may be found as 
follows (Putnam Exam). 


T Play < x < by) 
P <b] = f > 
(=<3<») ios 
Jo $. da dy = 4(b - a) forO0<a<b<l 


1 pzfa 
do z/b dydz = 3-3 forl<a<b 


(1) 


n=1 
=1(1-0+ ——— — A 
ala ~ 9) 2, 2(2n— 1) 2(2n+1) 
l1 wii 1 
=4* LU (mtm) 
-4+ -+-+ =C- tan) 
= 2 T = 15m) ~ 46.460%. (2) 


Plouffe’s “Inverse Symbolic Calculator” includes a huge 
database of 54 million real numbers which are algebraic- 
ally related to fundamental mathematical constants and 
functions. 


see also COMPLEX NUMBER, CONTINUUM, ¿, IMAGI- 
NARY NUMBER, INTEGER RELATION, RATIONAL NUM- 
BER, REAL PART, SURREAL NUMBER 
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pi/. 
Putnam Exam. Problem B-3 in the 54th Putnam Exam. 


Real Part 

The real part R of a COMPLEX NUMBER z = g + ty is 
the REAL NUMBER not multiplying i, so R[x + iy] = z. 
In terms of z itself, 


R[z] = ¿(2+2), 


where z* is the COMPLEX CONJUGATE of z. 


see also ABSOLUTE SQUARE, COMPLEX CONJUGATE, 
IMAGINARY PART 
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Real Polynomial 


Real Polynomial 
A POLYNOMIAL having only REAL NUMBERS as COEF- 
FICIENTS. 


see also POLYNOMIAL 


Real Projective Plane 

The closed topological MANIFOLD, denoted RP?, which 
is obtained by projecting the points of a plane E from 
a fixed point P (not on the plane), with the addition 
of the LINE AT INFINITY, is called the real projective 
plane. There is then a one-to-one correspondence be- 
tween points in E and lines through P. Since each line 
through P intersects the sphere S? centered at P and 
tangent to E in two ANTIPODAL POINTS, RP? can be 
described as a QUOTIENT SPACE of S” by identifying any 
two such points. The real projective plane is a NONORI- 
ENTABLE SURFACE. 


The Boy SURFACE, CROSS-CAP, and ROMAN SURFACE 
are all homeomorphic to the real projective plane and, 


because RP? is nonorientable, these surfaces contain 
self-intersections (Kuiper 1961, Pinkall 1986). 


see also BOY SURFACE, CROSS-CAP, NONORIENTABLE 
SURFACE, PROJECTIVE PLANE, ROMAN SURFACE 
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Real Quadratic Field 
A QUADRATIC FIELD Q(VD) with D > 0. 


see also QUADRATIC FIELD 


Realizer 

A SET of R of LINEAR EXTENSIONS of a POSET P = 
(X,<) is a realizer of P (and is said to realize P) pro- 
vided that for all z,y € X, x < y IFF z is below y in 
every member of R. 


see also DOMINANCE, LINEAR EXTENSION, PARTIALLY 
ORDERED SET, POSET DIMENSION 


Rearrangement Theorem 

Each row and each column in the GROUP multiplication 
table lists each of the GROUP elements once and only 
once. From this, it follows that no two elements may 
be in the identical location in two rows or two columns. 
Thus, each row and each column is a rearranged list of 
the GROUP elements. Stated otherwise, given a GROUP 
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of n distinct elements (1, a,b,c,...,n), the set of prod- 
ucts (al, a*,ab,ac,..., an) reproduces the n original dis- 
tinct elements in a new order. 


see also GROUP 


Reciprocal 

The reciprocal of a REAL or COMPLEX NUMBER z is 
its MULTIPLICATIVE INVERSE 1/z. The reciprocal of a 
COMPLEX NUMBER z = z + îy is given by 


l1  @-ty | x © Y i 
atiy a2+y ry r? +y? 


Reciprocal Difference 
The reciprocal differences are closely related to the DI- 
VIDED DIFFERENCE. The first few are explicitly given 
by 
Zo — T1 
zo, 21) = == 1 
p(Zo, £1) A (1) 


To — £2 + 
p(Lo, 21) — p(x1, £2) 


fi (2) 


p2(zo, T1, 12) = 


LQ — £3 
p2(Zo, Ti, £2) — p2 (21, T2, T3) 
+p(x1, £2) (3) 


pa (zo, £1, £2, £3) = 


PníLo, T1,...,Tn) 


— Pa-ilLo,-..,Tn-1) — Pn-1[%1,..., Tn) 
+pn-2(%1,..., Un—1). (4) 


see also BACKWARD DIFFERENCE, CENTRAL DIFFER- 
ENCE, DIVIDED DIFFERENCE, FINITE DIFFERENCE, 
FORWARD DIFFERENCE 
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Reciprocal Polyhedron 
see DUAL POLYHEDRON 


Reciprocating Sphere 
see MIDSPHERE 


Reciprocation 

An incidence-preserving transformation in which points 
and lines are transformed into their poles and polars. 
A PROJECTIVE GEOMETRY-like DUALITY PRINCIPLE 
holds for reciprocation. 


References 


Coxeter, H. S. M. and Greitzer, S. L. “Reciprocation.” $6.1 
in Geometry Revisited. Washington, DC: Math. Assoc. 
Amer., pp. 132-136, 1967. 


1532 Reciprocity Theorem 


Reciprocity Theorem 
If there exists a RATIONAL INTEGER zx such that, when 
n, p, and q are POSITIVE INTEGERS, 


n 


xz” =q (mod p), 


then q is the n-adic reside of p, 1.e., q is an n-adic residue 
of p IFF z” = q (mod p) is solvable for z. 


The first case to be considered was n = 2 (the QUADRA- 
TIC RECIPROCITY THEOREM), of which Gauss gave the 
first correct proof. Gauss also solved the case n = 3 
(CUBIC RECIPROCITY THEOREM) using INTEGERS of 
the form a + bp, when pis a root if 27 +2+1=0 
and a, 6 are rational INTEGERS. Gauss stated the case 
n = 4 (QUARTIC RECIPROCITY THEOREM) using the 
GAUSSIAN INTEGERS. 


Proof of n-adic reciprocity for PRIME n was given by 
Eisenstein in 1844-50 and by Kummer in 1850-61. 
In the 1920s, Artin formulated ARTIN’S RECIPROCITY 
THEOREM, a general reciprocity law for all orders. 


see also ARTIN RECIPROCITY, CUBIC RECIPROCITY 
THEOREM, LANGLANDS RECIPROCITY, QUADRATIC 
RECIPROCITY THEOREM, QUARTIC RECIPROCITY THE- 
OREM, ROOK RECIPROCITY THEOREM 


Rectangle 


a 
A closed planar QUADRILATERAL with opposite sides of 
equal lengths a and b, and with four RIGHT ANGLES. 
The AREA of the rectangle is 


A = ab, 


and its DIAGONALS are of length 


p,q = ya +b. 


A SQUARE is a degenerate rectangle with a = b. 


see also GOLDEN RECTANGLE, PERFECT RECTANGLE, 
SQUARE 
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Rectangle Function 

The rectangle function Il(x) is a function which is 0 
outside the interval [—1,1] and unity inside it. It is 
also called the GATE FUNCTION, PULSE FUNCTION, or 
WINDOW FUNCTION, and is defined by 


O for |x| > 
II(z) = l i for |x| = (1) 


2 
1 for |x| < 


No] bo |b [a 


The function f(x) = hIK(x — c)/b) has height h, center 
c, and full-width b. Identities satisfied by the rectangle 
function include 


M(x) = H(« + 3) — He — )) (2) 
=H(3+%)+4+H(3 - 2) -1 (3) 
= H(i — 2”) (4) 
= 5 [sgn(z + =) — sgn(z — alk (5) 


where H(z) is the HEAVISIDE STEP FUNCTION. The 
FOURIER TRANSFORM of the rectangle function is given 
by | 


FU 1 e *"ETI(2) de = sinc(rk), (6) 


oo 


where sinc(x) is the SINC FUNCTION. 


see also FOURIER TRANSFORM— RECTANGLE FUNC- 
TION, HEAVISIDE STEP FUNCTION, RAMP FUNCTION 


Rectangle Squaring 


Given a RECTANGLE LIBCDE, draw EF = DE onan 
extension of BE. Bisect BF and call the MIDPOINT G. 
Now draw a SEMICIRCLE centered at G, and construct 
the extension of ED which passes through the SEMI- 
CIRCLE at H. Then LIEKLH has the same AREA as 
LUBCDE. This can be shown as follows: 


A(UBCDE)= BE-ED= BE-EF 
=(a+bl(a-b)=a*-b=c. 
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Rectangular Coordinates 


Rectangular Coordinates 
see CARTESIAN COORDINATES 


Rectangular Distribution 
see UNIFORM DISTRIBUTION 


Rectangular Hyperbola 


A RIGHT HYPERBOLA of the special form 
ry = ab, 


so that the ASYMPTOTES are the lines x = 0 and y = 0. 
The rectangular hyperbola is sometimes also called an 
EQUILATERAL HYPERBOLA. 


see also HYPERBOLA, RIGHT HYPERBOLA 
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Rectangular Parallelepiped 


A closed box composed of 3 pairs of rectangular faces 
placed opposite each other and joined at RIGHT AN- 
GLES to each other. This PARALLELEPIPED therefore 
corresponds to a rectangular “box.” If the lengths of 
the sides are denoted a, b, and c, then the VOLUME is 


V = abc, (1) 
the total SURFACE AREA is 
A= 2(ab+ bc + ca), (2) 


and the length of the “space” DIAGONAL is 


dabe = Va? + b? +e. (3) 


If a = b = c, then the rectangular parallelepiped is a 
CUBE. 


see also CUBE, EULER BRICK, PARALLELEPIPED 
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Rectangular Projection 
see EQUIRECTANGULAR PROJECTION 


Rectifiable Current 

The space of currents arising from rectifiable sets by in- 
tegrating a differential form is called the space of 2-D 
rectifiable currents. For C a closed bounded rectifiable 
curve of a number of components in R*, C bounds a rec- 
tifiable current of least AREA. The theory of rectifiable 
currents generalizes to m-D surfaces in R”. 


see also INTEGRAL CURRENT, REGULARITY THEOREM 
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Morgan, F. “What is a Surface?” Amer. Math. Monthly 103, 
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Rectifiable Set 

The rectifiable sets include the image of any LIPSCHITZ 
FUNCTION f from planar domains into RË. The full set 
is obtained by allowing arbitrary measurable subsets of 
countable unions of such images of Lipschitz functions as 
long as the total AREA remains finite. Rectifiable sets 
have an “approximate” tangent plane at almost every 
point. 

References 
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Rectification 
Rectification is the determination of the length of a 
curve. | 


see also QUADRABLE, SQUARING 


Rectifying Latitude 

An AUXILIARY LATITUDE which gives a sphere having 
correct distances along the meridians. It is denoted y 
(or w) and is given by 


STA (1) 


M, is evaluated for M at the north pole (4 = 90°), and 
M is given by 


$ 
wiee T] a a 
M =a(l—e ) | (1 — e? sin? )3/2 


= Vita - nose 
0 


1 — e? sin? $ 


(2) 
A series for M is 


4 
M =af(1— 4e? —- ġe’ -— SB e®-...)¢ 
- (Ge + Geet e +...) sin(29) 
i . 
de (Le A e +...)sin(4¢) 


~ (e° +...) sin(64) + ...], (3) 
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and a series for p is 
p= - (fa — Ze” +...) sin(2¢) 
+ Ie? — 15 e,4 +...)sin(4p) 


— (e,° —...) sin(6d) + (e14 — ...) sin(8¢)+..., 


(4) 
where 
_1-yvyl-e? 
e = — 24. (5) 
1+ y1- e? 
The inverse formula is 
p=Hu=w+ Ge = Te? +...) sin(24) 
+ (Le? — Bet +...) sin(4p) 
a (Be? —...)sin(6p) 
+ (Te, %—...)sin(8u)+.... (6) 


see also LATITUDE 
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Rectifying Plane 
The PLANE spanned by the TANGENT VECTOR T and 
BINORMAL VECTOR B. 


see also BINORMAL VECTOR, TANGENT VECTOR 


Recurrence Relation 

A mathematical relationship expressing fn as some com- 
bination of f; with i < n. The solutions to linear recur- 
rence can be computed straightforwardly, but QUAD- 
RATIC RECURRENCES are not so well understood. The 
sequence generated by a recurrence relation is called a 
RECURRENCE SEQUENCE. Perhaps the most famous ex- 
ample of a recurrence relation is the one defining the 
FIBONACCI NUMBERS, 


Fn = Ln-2 + Fr-1 


for n > 3 and with Fy = F3=1. 
see also ARGUMENT ADDITION RELATION, ARGU- 


MENT MULTIPLICATION RELATION, CLENSHAW RECUR- . 


RENCE FORMULA, QUADRATIC RECURRENCE, RECUR- 
RENCE SEQUENCE, REFLECTION RELATION, TRANSLA- 
TION RELATION 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. “Recurrence Relations and Clenshaw’s Recur- 
rence Formula.” §5.5 in Numerical Recipes in FORTRAN: 
The Art of Scientific Computing, 2nd ed. Cambridge, Eng- 
land: Cambridge University Press, pp. 172-178, 1992. 


Recurrence Sequence 


Recurrence Sequence 

A sequence of numbers generated by a RECURRENCE 
RELATION is called a recurrence sequence. Perhaps 
the most famous recurrence sequence is the FIBONACCI 
NUMBERS. | 


If a sequence {zn} with zı = zz = 1 is described by a 
two-term linear recurrence relation of the form 


Ln = ADs + BIn-2 (1) 


for n > 3 and A and B constants, then the closed form 
for £n is given by 
ar a2. 8” 
n= 2 
2 = 2E (2) 
where a and @ are the ROOTS of the QUADRATIC EQUA- 
TION 


z’ — Ar—B=0, (3) 
= (A+ VA? + 4B) (4) 
= }(A — y A? + 4B). (5) 


The general second-order linear recurrence 
TEn = ÁLn-1 + BEn-2 (6) 


for constants A and B with arbitrary zı and gzz has 
terms 


ti = £1 
T2 = £2 

x3 = Bx, + Axe 

za = Bro + ABzx1 + A’ 22 

es = B?x, +2ABx2+ A’ Bri + 4x, 

ag =B “xo +2A4B*"x1 + 34° Bzr: + A Bo, + A'r. 


Dropping zı, £2, and A, this can be written 


1 
1 

B 1 

B B 1 

B? 2B B 1 
B? 2B? 3B B 1, 


which is simply PASCAL’S TRIANGLE on its side. An 
arbitrary term can therefore be written as 


n-—2 1 
5(n +k — 2) n—k— 
a= (4 Dar k-1)/2| 


xg inte (mod lp REEL (mod 2)1 (7) 


n—2 
= —( Axı pe 22) ae E (, 7 Ñ 7 ,) 


k=0 


n-—1 
+21 IARR ai (, E 7 a (8) 


k=0 


11/13/2017 FM Crystal Radio 


The Saturn dial and knob were fashioned from a "doll's head" from Michael's Arts and Crafts, a piece of lucite cut with 
two circle cutters, and a brass paper fastener. The knob is fixed to the tuning capacitor with a small machine screw that fits 
in the hole below the brass fastener. The most difficult part of this was fashioning "Saturn's rings". This must be done very 
carefully and slowly. The inside edge should be cut slightly undersized and then sanded with a drum sander to fit snugly. 
The outside edges can be sanded with fine sandpaper and polished with a plastic polisher. 


http://solomonsmusic.net/FM_CrystalRadio.html 10/12 


Recurrence Sequence 


The general linear third-order recurrence 
Ln = Åtn—ı + BtIn-2 + Cln-3 (9) 


has solution 


a” gm 
ie (ars + A+ 26B + 380 


i = Meee 
A+ 2yB + 377C 
gir gem 


Ea + 2aB + 3020  A+26B+30°B 


l-n 
g Y 
A+2yC + 770) 
2=n 


a 
A+ 2aB + 3a2C 


ger y?n 
4 _ _A 10 
+A+26B +380  A427B 4370 y 00) 


—(Bx1 + Are — x3) ( 


where a, 4, and y are the roots of the polynomial 


Cr? + Ba? + Ar =1. (11) 


A QUOTIENT-DIFFERENCE TABLE eventually yields a 
line of Os IFF the starting sequence is defined by a linear 
recurrence relation. 


A linear second-order recurrence 
fnti = Tfn t+ yfn-1 (12) 
can be solved rapidly using a “rate doubling,” 
fasa = (2° + 2y) fa — y fn-2, (13) 
“rate tripling” 
fn+3 = (2° + 32y)fn + Y fn-3, (14) 


or in general, “rate k-tupling” formula 


faith = Pk fn + qk fn-k, (15) 
where 


po = 2 (16) 
pi =x (17) 
pk = 2(—y)*"Tr(2/(2/y )) (18) 
Pk+1 = TPk + YPk-1 (19) 


(here, T(z) is a CHEBYSHEV POLYNOMIAL OF THE 
FIRST KIND) and 


go = —1 (20) 
qı =y (21) 
gk = —(—y)" (22) 
dk+1 = —Yqk (23) 


Recurrence Sequence 1535 
(Beeler et al. 1972, Item 14). 
Let 
s(X) = [[(1- aX)" =1-51X-...—8nX”, (24) 


where the generalized POWER sum a(h) for h = 0, 1,... 
is given by | 


a(h) = Y As(hjas”, (25) 
¿=1 
with distinct NONZERO roots a;, COEFFICIENTS A;(h) 
which are POLYNOMIALS of degree n; — 1 for POSITIVE 
INTEGERS n;, and i € [1,m]. Then the sequence {an} 
with a, = a(h) satisfies the RECURRENCE RELATION 


GQhin = Silh+n=1 +... + SnQn (26) 
(Meyerson and van der Poorten 1995). 


The terms in a general recurrence sequence belong to a 
finitely generated RING over the INTEGERS, so it is im- 
possible for every RATIONAL NUMBER to occur in any 
finitely generated recurrence sequence. If a recurrence 
sequence vanishes infinitely often, then it vanishes on 
an arithmetic progression with a common difference 1 
that depends only on the roots. The number of values 
that a recurrence sequence can take on infinitely often 
is bounded. by some INTEGER l that depends only on 
the roots. There is no recurrence sequence in which 
each INTEGER occurs infinitely often, or in which ev- 
ery GAUSSIAN INTEGER occurs (Myerson and van der 
Poorten 1995). 


Let u(n) be a bound so that a nondegenerate INTEGER 
recurrence sequence of order n takes the value zero at 
least u(n) times. Then (2) = 1, u(3) = 6, and (4) > 9 
(Myerson and van der Poorten 1995). The maximal case 
for (3) is 


an+3 = 24n+2 — 4a4n+1 + 4a, (27) 

with 
ag = a1 = 0 (28) 
at (29) 


The zeros are 
40 = 41 = Q4 = Ag = a13 = Q52 = O (30) 


(Beukers 1991). 


see also BINET FORMS, BINET’S FORMULA, FAST FI- 
BONACCI TRANSFORM, FIBONACCI SEQUENCE, LUCAS 
SEQUENCE, QUOTIENT-DIFFERENCE TABLE, SKOLEM- 
MAHLER-LERCH THEOREM 
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Recurring Digital Invariant 

To define a recurring digital invariant of order k, com- 
pute the sum of the kth powers of the digits of a number 
n. If this number n' is equal to the original number n, 
then n = n' is called a k-NARCISSISTIC NUMBER. If 
not, compute the sums of the kth powers of the digits 
of n', and so on. If this process eventually leads back 
to the original number n, the smallest number in the se- 
quence {n,n',n",...} is said to be a k-recurring digital 
invariant. For example, 


55 : 5% + 5% = 250 
250: 2° + 5% 40% = 133 
133:1 43 43° =55, 
so 55 is an order 3 recurring digital invariant. The fol- 


lowing table gives recurring digital invariants of orders 
2 to 10 (Madachy 1979). 


Order RDIs Cycle Lengths 
2 4 8 
3 55, 136, 160, 919 3, 2, 3, 2 
4 1138, 2178 7, 2 
5 244, 8294, 8299, 9044, 9045, 28, 10, 6, 10, 22, 
10933,24584, 58618, 89883 4, 12, 2, 2 
6 17148, 63804, 93531, 239459, 30, 2, 4, 10, 3 


282595 

7 80441, 86874, 253074, 376762, 92, 56, 27, 30, 14, 21 
922428, 982108, five more 

8 6822, 7973187, 8616804 

9 322219, 2274831, 20700388, 
eleven more 

10 20818070, five more 


see also 196-ALGORITHM, ADDITIVE PERSISTENCE, 
DIGITAL ROOT, DIGITADITION, HAPPY NUMBER, 
KAPREKAR NUMBER, NARCISSISTIC NUMBER, VAM- 
PIRE NUMBER 


References 
Madachy, J. S. Madachy’s Mathematical Recreations. New 
York: Dover, pp. 163-165, 1979. 


Recursion 

A recursive process is one in which objects are defined in 
terms of other objects of the same type. Using some sort 
of RECURRENCE RELATION, the entire class of objects 
can then be built up from a few initial values and a small 
number of rules. The FIBONACCI NUMBERS are most 
commonly defined recursively. Care, however, must be 
taken to avoid SELF-RECURSION, in which an object is 
defined in terms of itself, leading to an infinite nesting. 


see also ACKERMANN FUNCTION, PRIMITIVE RECUR- 
SIVE FUNCTION, RECURRENCE RELATION, RECUR- 
RENCE SEQUENCE, RICHARDSON’S THEOREM, SELF- 
RECURSION, SELF-SIMILARITY, TAK FUNCTION 


References 
Buck, R. C. “Mathematical Induction and Recursive Defini- 
tions.” Amer. Math. Monthly 70, 128-135, 1963. 


Red-Black Tree 


Knuth, D. E. “Textbook Examples of Recursion.” In Ar- 
tificial Intelligence and Mathematical Theory of Compu- 
tation, Papers in Honor of John McCarthy (Ed. V. Lif- 
schitz). Boston, MA: Academic Press, pp. 207-229, 1991. 

Péter, R. Rekursive Funktionen. Budapest: Akad. Kiado, 
1951. 


Recursive Function 

A recursive function is a function generated by (1) ADDI- 
TION, (2) MULTIPLICATION, (3) selection of an element 
from a list, and (4) determination of the truth or fal- 
sity of the INEQUALITY a < 6 according to the technical 
rules: 


1. If F and the sequence of functions Gi, ..., Gn are 


recursive, then so is F(Gi,...,G,). 


2. If F is a recursive function such that there is an x 
for each a with H(a, x) = 0, then the smallest x can 
be obtained recursively. 


A TURING MACHINE is capable of computing recursive 
functions. 


see also TURING MACHINE 


References 
Kleene, S. C. Introduction to Metamathematics. Princeton, 
NJ: Van Nostrand, 1952. 


Recursive Monotone Stable Quadrature 
A QUADRATURE (NUMERICAL INTEGRATION) algorithm 
which has a number of desirable properties. 


References 

Favati, P.; Lotti, G.; and Romani, F. “Interpolary Integration 
Formulas for Optimal Composition.” ACM Trans. Math. 
Software 17, 207-217, 1991. 

Favati, P.; Lotti, G.; and Romani, F. “Algorithm 691: Im- 
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Red-Black Tree 

An extended BINARY TREE satisfying the following con- 

ditions: 

1. Every node has two CHILDREN, each colored either 
red or black. 


2. Every LEAF node is colored black. 


3. Every red node has both of its CHILDREN colored 
black. 


4. Every path from the ROOT to a LEAF contains the 
same number (the “black-height”) of black nodes. 


Let n be the number of internal nodes of a red-black 
tree. Then the number of red-black trees for n = 1, 
2, ... is 2, 2, 3, 8, 14, 20, 35, 64, 122, ... (Sloane’s 
A001131). The number of trees with black roots and 
red roots are given by Sloane's A001137 and Sloane's 
A001138, respectively. 


Let Th be the GENERATING FUNCTION for the number of 
red-black trees of black-height h indexed by the number 
of LEAVES. Then 


Th+i(x) = [Tr(0)1P + [Tatoyó (1) 


Red Net 


where T(x) = 2+2*. If T(x) is the GENERATING FUNC- 
TION for the number of red-black trees, then 


T(x) =a2+27+T(27(1+2)") (2) 


(Ruskey). Let rb(n) be the number of red-black trees 
with n LEAVES, r(n) the number of red-rooted trees, 
and b(n) the number of black-rooted trees. All three of 
the quantities satisfy the RECURRENCE RELATION 


2m 
R(n)= y (o on) RO) (3) 
n/4<n<n/2 
where (7) is a BINOMIAL COEFFICIENT, rb(1) = 1, 


rb(2) = 2 for R(n) = rb(n), r(1) = r(3) =0, r(2) = 1 
for R(n) = r(n), and b(1) = 1 for R(n) = b(n) (Ruskey). 


References 

Beyer, R. “Symmetric Binary B-Trees: Data Structures and 
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Red Net 

The coloring red of two COMPLETE SUBGRAPHS of n/2 
points (for EVEN n) in order to generate a BLUE-EMPTY 
GRAPH. 


see also BLUE-EMPTY GRAPH, COMPLETE GRAPH 


Reduced Amicable Pair 
see QUASIAMICABLE PAIR 


Reduced Fraction 

A FRACTION a/b written in lowest terms, i.e., by divid- 
ing NUMERATOR and DENOMINATOR through by their 
GREATEST COMMON DIVISOR (a,b). For example, 2/3 
is the reduced fraction of 8/12. 


see also FRACTION, PROPER FRACTION 


Reduced Latitude 
see PARAMETRIC LATITUDE 


Reducible Crossing 

A crossing in a LINK projection which can be removed 
by rotating part of the LINK, also called REMOVABLE 
CROSSING. 


see also ALTERNATING KNOT 


Reducible Representation 
see IRREDUCIBLE REPRESENTATION 


Reeb Foliation 1537 
Reducible Matrix 
A SQUARE n x n matrix A = ai; is called reducible if 
the indices 1, 2, ..., n can be divided into two disjoint 
nonempty sets i1, i2, ..., ip and ji, je, ..-, jv (with 
+v = n) such that 


Qixjg = 0 


for a = 1, 2,..., wand G=1, 2,...,v. A SQUARE MA- 
TRIX which is not reducible is said to be IRREDUCIBLE. 


see also SQUARE MATRIX 


References 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, p. 1103, 1979. 


Reduction of Order 


see ORDINARY DIFFERENTIAL EQUATION—SECOND- 
ORDER 


Reduction Theorem 
If a fixed point is added to each group of a special com- 
plete series, then the resulting series is complete. 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, p. 253, 1959. 


Redundancy 


R(X1,...Xn) = Y H(X:) — H(X1,...,Xn), 
t=] 
where H(z;) is the ENTROPY and H(X1,...,Xn) is the 
joint ENTROPY. Linear redundancy is defined as 


L(X1,...,Xn) = —§ S Ing, 
i=1 


where o; are EIGENVALUES of the correlation matrix. 


see also PREDICTABILITY 
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Criteria.” Phys. D 34, 391-404, 1989. 
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Past (Ed. A. S. Weigend and N. A. Gerschenfeld). Proc. 
NATO Advanced Research Workshop on Comparative 
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1992. Reading, MA: Addison-Wesley, pp. 387-413, 1994. 


Reeb Foliation 

The Reeb foliation of the HYPERSPHERE S° is a FOLIA- 
TION constructed as the UNION of two solid TORI with 
common boundary. 

see also FOLIATION 

References 


Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, pp. 287-288, 1976. 
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Reef Knot 
see SQUARE KNOT 


Refinement 
A refinement X of a COVER Y is a COVER such that 
every element x € X is a SUBSET of an element y € Y. 


see also COVER 


Reflection 

The operation of exchanging all points of a mathemati- 
cal object with their MIRROR IMAGES (i.e., reflections in 
a mirror). Objects which do not change HANDEDNESS 
under reflection are said to be AMPHICHIRAL; those that 
do are said to be CHIRAL. 


If the PLANE of reflection is taken as the yz-PLANE, 
the reflection in 2- or 3-D SPACE consists of making the 
transformation x — —x for each point. Consider an ar- 
bitrary point xo and a PLANE specified by the equation 


axr+by+az+d=0. (1) 


This PLANE has NORMAL VECTOR 


and the POINT-PLANE DISTANCE is 


_ lazo + byo + czo + d| 


The position of the point reflected in the given plane is 
therefore given by 


D (3) 


i M 
Xo = Xo — 2 Dû 


LO a 
= | yo | — 2ļazo + byo + czo +d| |b}. (4) 
20 c 


see also AMPHICHIRAL, CHIRAL, DILATION, ENAN- 
TIOMER, EXPANSION, GLIDE, HANDEDNESS, IMPROPER 
ROTATION, INVERSION OPERATION, MIRROR IMAGE, 
PROJECTION, REFLECTION PROPERTY, REFLECTION 
RELATION, REFLEXIBLE, ROTATION, ROTOINVERSION, 
TRANSLATION 


Reflection Property 
In the plane, the reflection property can be stated as 
three theorems (Ogilvy 1990, pp. 73-77): 


1. The LOCUS of the center of a variable CIRCLE, tan- 
gent to a fixed CIRCLE and passing through a fixed 
point inside that CIRCLE, is an ELLIPSE. 


2. If a variable CIRCLE is tangent to a fixed CIRCLE 
and also passes through a fixed point outside the 
CIRCLE, then the LOCUS of its moving center is a 
HYPERBOLA. 


Reflection Property 


3. Ifa variable CIRCLE is tangent to a fixed straight line 
and also passes through a fixed point not on the line, 
then the LOCUS of its moving center is a PARABOLA. 


Let a : I > R? be a smooth regular parameterized 
curve in R? defined on an OPEN INTERVAL J, and let 
F, and F; be points in P*\a(I), where P” is an n-D 
PROJECTIVE SPACE. Then a has a reflection property 
with Foci F, and F; if, for each point P € a(J), 


1. Any vector normal to the curve a at P lies in the 
SPAN of the vectors Fy P and F> P. 


2. The line normal to a at P bisects one of the pairs of 
opposite ANGLES formed by the intersection of the 
lines joining Fy and Fh to P. 


A smooth connected plane curve has a reflection 
property IFF it is part of an ELLIPSE, HYPERBOLA, 
PARABOLA, CIRCLE, or straight LINE. 


Foci Sign Both foci finite One focus Both foci 
finite 00 
distinct + confocal ellipses confocal || lines 
parabolas 
distinct  — confocal hyperbola confocal || lines 
and L bisector parabolas 
of interfoci line 
segment 
equal concentric circles || lines 


Let S € R? be a smooth connected surface, and let Fi 
and Fa be points in PAS, where P” is an n-D PRO- 
JECTIVE SPACE. Then S has a reflection property with 
Foci F, and F; if, for each point P € S, 


1. Any vector normal to S at P lies in the SPAN of the 
vectors EP and Fa P. 


2. The line normal to S at P bisects one of the pairs 
of opposite angles formed by the intersection of the 
lines joining Fı and F; to P. | 


A smooth connected surface has a reflection property 
IFF it is part of an ELLIPSOID of revolution, a HYPER- 
BOLOID of revolution, a PARABOLOID of revolution, a 
SPHERE, or PLANE. 


Foci Sign Both foci finite One focus Both foci 
finite 00 
distinct + confocal ellipsoids confocal || planes 
paraboloids 
distinct — confocal hyperboloids confocal || planes 
and plane L bisector paraboloids 
of interfoci line 
segment 
equal concentric spheres || planes 


see also BILLIARDS 
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Reflection Relation 
A mathematical relationship relating f(—x) to f(z). 


see also ARGUMENT ADDITION RELATION, ARGUMENT 
MULTIPLICATION RELATION, RECURRENCE RELATION, 
TRANSLATION RELATION 


Reflexible 


An object is reflexible if it is superposable with its image 
in a plane mirror. Also called AMPHICHIRAL. — 


see also AMPHICHIRAL, CHIRAL, ENANTIOMER, HAND- 
EDNESS, MIRROR IMAGE, REFLECTION 


References 

Ball, W. W. R. and Coxeter, H. S. M. “Polyhedra.” Ch. 5 in 
Mathematical Recreations and Essays, 13th ed. New York: 
Dover, p. 130, 1987. 


Reflexible Map 

An AUTOMORPHISM which interchanges the two vertices 
of a regular map at each edge without interchanging the 
vertices. 


see also EDMONDS’ MAP 


Reflexive Closure 

The reflexive closure of a binary RELATION R on a SET 
X is the minimal REFLEXIVE RELATION R’ on X that 
contains R. Thus aR'a for every element a of X and 
aR'b for distinct elements a and b, provided that aRb. 


see also REFLEXIVE REDUCTION, REFLEXIVE RELA- 
TION, RELATION, TRANSITIVE CLOSURE 


Reflexive Graph 
see DIRECTED GRAPH 


Reflexive Reduction 

The reflexive reduction of a binary RELATION R on a 
SET X is the minimum relation R' on X with the same 
REFLEXIVE CLOSURE as R. Thus aR'b for any elements 
a and b of X, provided that a and b are distinct and 
aRb. 


see also REFLEXIVE CLOSURE, RELATION, TRANSITIVE 
REDUCTION 


Reflexive Relation 
A RELATION R on a SET S is reflexive provided that 
Rx for every x in S. 


see also RELATION 
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Reflexivity 
A REFLEXIVE RELATION. 


Region 
An open connected set is called a region (sometimes also 
called a DOMAIN). 


Regression 

A method for fitting a curve (not necessarily a straight 
line) through a set of points using some goodness-of- 
fit criterion. The most common type of regression is 
LINEAR REGRESSION. 


see also LEAST SQUARES FITTING, LINEAR REGRES- 
SION, MULTIPLE REGRESSION, NONLINEAR LEAST 
SQUARES FITTING, REGRESSION COEFFICIENT 


References 

Kleinbaum, D. G. and Kupper, L. L. Applied Regression 
Analysis and Other Multivariable Methods. North Scit- 
uate, MA: Duxbury Press, 1978. 


Regression Coefficient 
The slope b of a line obtained using linear LEAST 
SQUARES FITTING is called the regression coefficient. 


see also CORRELATION COEFFICIENT, LEAST SQUARES 
FITTING 


References 
Kenney, J. F. and Keeping, E. S. Mathematics of Statistics, 
Pt. 2, 2nd ed. Princeton, NJ: Van Nostrand, p. 254, 1951. 


Regula Falsi 
see FALSE POSITION METHOD 


Regular Function 
see HOLOMORPHIC FUNCTION 


Regular Graph 
A GRAPH is said to be regular of degree r if all LOCAL 
DEGREES are the same number r. Then 


_ 1 
E = ¿nr, 


where E is the number of EDGES. The connected 3- 
regular graphs have been determined by G. Brinkman 
up to 24 VERTICES. 


see also COMPLETE GRAPH, COMPLETELY REGULAR 
GRAPH, LOCAL DEGREE, SUPERREGULAR GRAPH 


References 
Chartrand, G. Introductory Graph Theory. 
Dover, p. 29, 1985. 


New York: 


Regular Isotopy 

The equivalence of MANIFOLDS under continuous defor- 
mation within the embedding space. KNOTS of opposite 
CHIRALITY have AMBIENT ISOTOPY, but not regular 
isotopy. 


see also AMBIENT ISOTOPY 
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Regular Isotopy Invariant 
see BRACKET POLYNOMIAL 


Regular Local Ring 

A regular local ring is a LOCAL RING R with MAXIMAL 
IDEAL m so that m can be generated with exactly d ele- 
ments where d is the KRULL DIMENSION of the RING R. 
Equivalently, R is regular if the VECTOR SPACE m/m? 
has dimension d. 


see also KRULL DIMENSION, LOCAL RING, REGULAR 
RING, RING 


References 

Eisenbud, D. Commutative Algebra with a View Toward Al- 
gebraic Geometry. New York: Springer-Verlag, p. 242, 
1995. 


Regular Number 
A number which has a finite DECIMAL expansion. A 
number which is not regular is said to be nonregular. 


see also DECIMAL EXPANSION, REPEATING DECIMAL 


Regular Parameterization 
A parameterization of a SURFACE x(u, v) in u and v is 
regular if the TANGENT VECTORS 


are always LINEARLY INDEPENDENT. 


Regular Patch 

A regular patch is a PATCH x : U —> R” for which 
the JACOBIAN J(x)(u,v) has rank 2 for all (u,v) € U. 
A PATCH is said to be regular at a point (uo, vo) E€ U 
providing that its JACOBIAN has rank 2 at (uo, vo). For 
example, the points at $ = 7/2 in the standard param- 
eterization of the SPHERE (cos sin @¢, sin @ sin ¢, cos ¢) 
are not regular. 


An example of a PATCH which is regular but not IN- 
JECTIVE is the CYLINDER defined parametrically by 
(cos u, sin u, v) with u € (—oo, œ) and v € (-2,2). How- 
ever, if x : U > R” is an injective regular patch, then x 
maps U diffeomorphically onto x(U). 


see also INJECTIVE PATCH, PATCH, REGULAR SURFACE 


References 
Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, p. 187, 1993. 


Regular Point 
- see ORDINARY POINT 


Regular Polyhedron 


Regular Polygon 

An n-sided POLYGON in which the sides are all the same 
length and are symmetrically placed about a common 
center. The sum of PERPENDICULARS from any point 
to the sides of a regular polygon of n sides is n times 
the APOTHEM. Only certain regular polygons are “CON- 
STRUCTIBLE” with RULER and STRAIGHTEDGE. 

Regular Polygon 


3 equilateral triangle 
4 square 

9 pentagon 

6 hexagon 

7 heptagon 

8&8 octagon 

9 nonagon 

10 decagon 

12 dodecagon 

15 pentadecagon 
16 hexadecagon 
17 heptadecagon 
18 octadecagon 
20 icosagon 

30 triacontagon 


see also CONSTRUCTIBLE POLYGON, GEOMETROGRA- 
PHY, HEPTADECAGON, POLYGON 


References 
Bishop, W. “How to Construct a Regular Polygon.” Amer. 
Math. Monthly 85, 186-188, 1978. 


Regular Polyhedron 

A polyhedron is said to be regular ifits FACES and VER- 
TEX FIGURES are REGULAR (not necessarily CONVEX) 
polygons (Coxeter 1973, p. 16). Using this definition, 
there are a total of nine regular polyhedra, five being 
the CONVEX PLATONIC SOLIDS and four being the CON- 
CAVE (stellated) KEPLER-POINSOT SOLIDS. However, 
the term “regular polyhedra” is sometimes used to refer 
exclusively to the CONVEX PLATONIC SOLIDS. 


It can be proven that only nine regular solids (in the 
Coxeter sense) exist by noting that a possible regular 
polyhedron must satisfy 


cos” z) + cos” £ + cos? (=) = 1. 
Pp q P 


Gordon showed that the only solutions to 
1 + cos d1 + cos da + cos 3 = 0 
of the form ¢; = mm,/n; are the permutations of 
(Fr, 7, ir) and (Zn, 5 $ This gives three per- 
mutations of (3, 3, 4) and six of (3, 5, 5) as possible 
solutions to the first equation. Plugging back in gives 
the SCHLAFLI SYMBOLS of possible regular polyhedra as 
(3,3), (3, 4), (4,3), (3,5), (5,3), 13,2), {2,3}, (5, 2), 
and (5,5) (Coxeter 1973, pp. 107-109). The first five of 


Regular Prime 


these are the PLATONIC SOLIDS and the remaining four 
the KEPLER-POINSOT SOLIDS. 


Every regular polyhedron has e + 1 axes of symmetry, 
where e is the number of EDGES, and 3h/2 PLANES of 
symmetry, where h is the number of sides of the corre- 
sponding PETRIE POLYGON. 


see also CONVEX POLYHEDRON, KEPLER-POINSOT 
SOLID, PETRIE POLYGON, PLATONIC SOLID, POLY- 
HEDRON, POLYHEDRON COMPOUND, SPONGE, VERTEX 
FIGURE 


References 

Coxeter, H. S. M. “Regular and Semi-Regular Polytopes 1.” 
Math. Z. 46, 380-407, 1940. 

Coxeter, H. S. M. Regular Polytopes, 3rd ed. New York: 
Dover, pp. 1-17, 93, and 107-112, 1973. 

Cromwell, P. R. Polyhedra. New York: Cambridge University 
Press, pp. 85-86, 1997. 


Regular Prime 

A PRIME which does not DIVIDE the CLASS NUMBER 
h(p) of the CYCLOTOMIC FIELD obtained by adjoining 
a PRIMITIVE pTH ROOT of unity to the rational FIELD. 
A PRIME p is regular IFF p does not divide the NU- 
MERATORS of the BERNOULLI NUMBERS Bio, Bi2,..., 
B2p-2. A PRIME which is not regular is said to be an 
IRREGULAR PRIME. 


In 1915, Jensen proved that there are infinitely many 
IRREGULAR PRIMES. It has not yet been proven that 
there are an INFINITE number of regular primes (Guy 
1994, p. 145). Of the 283,145 PRIMES < 4x 10°, 171,548 
(or 60.59%) are regular (the conjectured FRACTION is 
e71? ~ 60.65%). The first few are 3, 5, 7, 11, 13, 17, 
19, 23, 29, 31, 41, 43, 47, ... (Sloane’s A007703). 


see also BERNOULLI NUMBER, FERMAT’S THEOREM, IR- 
REGULAR PRIME 
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Ribenboim, P. “Regular Primes.” §5.1 in The New Book 
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pp. 323-329, 1996. 

Shanks, D. Solved and Unsolved Problems in Number Theory, 
4th ed. New York: Chelsea, p. 153, 1993. 

Sloane, N. J. A. Sequence A007703/M2411 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


Regular Ring 

In the sense of von Neumann, a regular ring is a RING 
R such that for all a € R, there exists a b € R satisfying 
a = aba. 


see also REGULAR LOCAL RING, RING 
References 


Jacobson, N. Basic Algebra II, 2nd ed. New York: W. H. 
Freeman, p. 196, 1989. 
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Regular Sequence 
Let there be two PARTICULARLY WELL-BEHAVED 
FUNCTIONS F(x) and p-(x). If the limit 


oo 
lim J 
T=0 
— 00 


exists, then p,(x) is a regular sequence of PARTICU- 
LARLY WELL-BEHAVED FUNCTIONS. 


pr(x) F(x) dx 


Regular Singular Point 
Consider a second-order ORDINARY DIFFERENTIAL 
EQUATION 


y + P(x)y’ + Q(x)y = 0. 


If P(x) and Q(x) remain FINITE at x = Zo, then xo 
is called an ORDINARY POINT. If either P(x) or Q(x) 
diverges as x — Xo, then Zo is called a singular point. If 
either P(x) or Q(x) diverges as z — zo but (x— 29) P(x) 
and (x — zo) Q(x) remain FINITE as z > Zo, then z = 
xo is called a regular singular point (or NONESSENTIAL 
SINGULARITY). 

see also IRREGULAR SINGULARITY, SINGULAR POINT 
(DIFFERENTIAL EQUATION) 


References 

Arfken, G. “Singular Points.” $8.4 in Mathematical Meth- 
ods for Physicists, 3rd ed. Orlando, FL: Academic Press, 
pp. 451-453 and 461-463, 1985. 


Regular Singularity 
see REGULAR SINGULAR POINT 


Regular Surface 

A SUBSET M C R” is called a regular surface if for each 
point p € M, there exists a NEIGHBORHOOD V of p in 
R” and a MAP z : U > R” of a OPEN SET U C R? 
onto V N M such that 


1. x is differentiable, 
2.2:U => VNM isa HOMEOMORPHISM, 
3. Each map 2: U > M is a REGULAR PATCH. 


Any open subset of a regular surface is also a regular 
surface. 


see also REGULAR PATCH 


References 


Gray, A. “The Definition of a Regular Surface in R”.” §10.4 
in Modern Differential Geometry of Curves and Surfaces. 
Boca Raton, FL: CRC Press, pp. 195-200, 1993. 
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Regular Triangle Center 

A TRIANGLE CENTER is regular IFF there is a TRIANGLE 
CENTER FUNCTION which is a POLYNOMIAL in A, a, b, 
and c (where A is the AREA of the TRIANGLE) such that 
the TRILINEAR COORDINATES of the center are 


fla,b,c) : f(b,c,a) : f(c, a,b). 


The ISOGONAL CONJUGATE of a regular center is a regu- 
lar center. Furthermore, given two regular centers, any 
two of their HARMONIC CONJUGATE POINTS are also 
regular centers. 

see also ISOGONAL CONJUGATE, TRIANGLE CENTER, 
TRIANGLE CENTER FUNCTION 


Regularity Theorem 

An AREA-minimizing surface (RECTIFIABLE CURRENT) 
bounded by a smooth curve in R? is a smooth subman- 
ifold with boundary. 


see also MINIMAL SURFACE, RECTIFIABLE CURRENT 


References 
Morgan, F. “What is a Surface?” Amer. Math. Monthly 103, 
369-376, 1996. 


Regularized Beta Function 
The regularized beta function is defined by 


B(z; a,b) 


I(z; a, b) = ~B(a,b) ” 


where B(z;a,b) is the incomplete BETA FUNCTION and 
B(a, b) is the complete BETA FUNCTION. 


see also BETA FUNCTION, REGULARIZED GAMMA 
FUNCTION 


Regularized Gamma Function 
The regularized gamma functions are defined by 


P(a,z) =1-Q(a,z)= q 
and r 
Q(a,z) =1-P(a,z)= E 


where y(a, z} and T (a, z) are incomplete GAMMA FUNC- 
TIONS and T'(a) is a complete GAMMA FUNCTION. Their 
derivatives are 

d 


— P(a,z) =e7*z** 


dz 
< Qla, z) = =e “27? 


see also GAMMA FUNCTION, REGULARIZED BETA 
FUNCTION 
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Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. Numerical Recipes in FORTRAN: The Art of 
Scientific Computing, 2nd ed. Cambridge, England: Cam- 
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Relation 


Regulus 

The locus of lines meeting three given SKEW LINES. 
(“Regulus” is also the name of the brightest star in the 
constellation Leo.) 


Reidemeister Moves 


L DO 


twist untwist 
IL. >/ > /) 
> 
poke unpoke 


| | 
e | 
I. >< SS 


In the 1930s, Reidemeister first rigorously proved that 
KNOTS exist which are distinct from the UNKNOT. He 
did this by showing that all KNOT deformations can be 
reduced to a sequence of three types of “moves,” called 
the (I) TwisT MOVE, (II) POKE MOVE, and (IIT) SLIDE 
MOVE. 


REIDEMEISTER’S THEOREM guarantees that moves I, II, 
and III correspond to AMBIENT ISOTOPY (moves II and 
III alone correspond to REGULAR IsoToPy). He then 
defined the concept of COLORABILITY, which is invariant 
under Reidemeister moves. 


see also AMBIENT ISOTOPY, COLORABLE, MARKOV 
MOVES, REGULAR ISOTOPY, UNKNOT 


Reidemeister’s Theorem 

Two LINKS can be continuously deformed into each 
other IFF any diagram of one can be transformed into 
a diagram of the other by a sequence of REIDEMEISTER 
MOVES. 


see also REIDEMEISTER MOVES 


Reinhardt Domain 

A Reinhardt domain with center c is a DOMAIN D in 
C” such that whenever D contains Zo, the DOMAIN D 
also contains the closed POLYDISK. 


References 
Iyanaga, S. and Kawada, Y. (Eds.). Encyclopedic Dictionary 
of Mathematics. Cambridge, MA: MIT Press, p. 101, 1980. 


Relation 

A relation is any SUBSET of a CARTESIAN PRODUCT. 
For instance, a SUBSET of A x B, called a (binary) “re- 
lation from A to B,” is a collection of ORDERED PAIRS 
(a,b) with first components from A and second compo- 
nents from B, and, in particular, a SUBSET of A x A is 
called a “relation on A.” For a binary relation R, one 
often writes aRb to mean that (a,b) is in R. 


Relative Error 


see also ADJACENCY RELATION, ANTISYMMETRIC RE- 
LATION, ARGUMENT ADDITION RELATION, ARGU- 
MENT MULTIPLICATION RELATION, COVER RELATION, 
EQUIVALENCE RELATION, IRREFLEXIVE, PARTIAL OR- 
DER, RECURRENCE RELATION, REFLECTION RELA- 
TION, REFLEXIVE RELATION, SYMMETRIC RELATION, 
TRANSITIVE, TRANSLATION RELATION 


Relative Error 
Let the true value of a quantity be z and the measured 


or inferred value xo. Then the relative error is defined 
by 


where Az is the ABSOLUTE ERROR. The relative error 
of the QUOTIENT or PRODUCT of a number of quantities 
is less than or equal to the SUM of their relative errors. 
The PERCENTAGE ERROR is 100% times the relative 
error. 


see also ABSOLUTE ERROR, ERROR PROPAGATION, 
PERCENTAGE ERROR 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 14, 1972. 


Relative Extremum 
A RELATIVE MAXIMUM or RELATIVE MINIMUM, also 
called a LOCAL EXTREMUM. 


see also EXTREMUM, GLOBAL EXTREMUM, RELATIVE 
MAXIMUM, RELATIVE MINIMUM 


Relative Maximum 
A MAXIMUM within some NEIGHBORHOOD which need 
not be a GLOBAL MAXIMUM. 


see also GLOBAL MAXIMUM, MAXIMUM, RELATIVE 
MINIMUM 


Relative Minimum 
A MINIMUM within some NEIGHBORHOOD which need 
not be a GLOBAL MINIMUM. 


see also GLOBAL MINIMUM, MINIMUM, RELATIVE MAX- 
IMUM 


Relatively Prime 

Two integers are relatively prime if they share no com- 
mon factors (divisors) except 1. Using the notation 
(m,n) to denote the GREATEST COMMON DIVISOR, 
two integers m and n are relatively prime if (m,n) = 
1. Relatively prime integers are sometimes also called 
STRANGERS or COPRIME and are denoted m Ln. 


The probability that two INTEGERS picked at random 
are relatively prime is [((2)]7? = 6/27, where ¢(z) is 
the RIEMANN ZETA FUNCTION. This result is related 
to the fact that the GREATEST COMMON DIVISOR of m 


Remainder Theorem 1543 
and n, (m,n) = k, can be interpreted as the number of 
LATTICE POINTS in the PLANE which lie on the straight 
LINE connecting the VECTORS (0, 0) and (m,n) (exclud- 
ing (m,n) itself). In fact 6/7? the fractional number of 
LATTICE POINTS VISIBLE from the ORIGIN (Castellanos 
1988, pp. 155-156). 


Given three INTEGERS chosen at random, the probabil- 
ity that no common factor will divide them all is 


[¢(3)]~1 = 1.2027? = 0.832..., 


where ¢(3) is APERY’S CONSTANT. This generalizes to 
k random integers (Schoenfeld 1976). 


see also DIVISOR, GREATEST COMMON DIVISOR, VISI- 
BILITY 
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Relaxation Methods 

Methods of solving an ORDINARY DIFFERENTIAL EQUA- 
TION by replacing it with a FINITE DIFFERENCE equa- 
tion on a regular grid spanning the domain of interest. 
The finite difference equations are then solved using an 
n-D NEWTON’S METHOD or other similar algorithm. 
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Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
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Remainder 

In general, a remainder is a quantity “left over” after 
performing a particular algorithm. The term is most 
commonly used to refer to the number left over when two 
integers are divided by each other in INTEGER DIVISION. 
For example, 55\7 = 7, with a remainder of 6. Of course 
in real division, there is no such thing as a remainder 
since, for example, 55/7 = 7+ 6/7. 


The term remainder is also sometimes to the RESIDUE 
of a CONGRUENCE. 


see also DIVISION, INTEGER DIVISION, RESIDUE (CON- 
GRUENCE) 


Remainder Theorem 
see POLYNOMIAL REMAINDER THEOREM 
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Rembs’ Surfaces 

A special class of ENNEPER’S SURFACES which can be 
given parametrically by 


z = a(U cosu — U' sinu) (1) 
y = —a(U sin u + U’ cos u) (2) 
z2=v-aV”, (3) 
where 
_ cosh(uVC ) 
U= ae (4) 
_ cos(uyC +1) 
Ve ver 65) 
_ 2V 6 
“= CAU © 


The value of v is restricted to 
TT 


2/C +1 


(Reckziegel 1986), and the values v = +vo correspond 
to the ends of the cleft in the surface. 


(7) 


lv] < v = 


see also ENNEPER'S SURFACES, KUEN SURFACE, SIEV- 
ERT’S SURFACE 
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Removable Crossing 
see REDUCIBLE CROSSING 


Removable Singularity 

A SINGULAR POINT Zo of a FUNCTION f(z) for which 
it is possible to assign a COMPLEX NUMBER in such a 
way that f(z) becomes ANALYTIC. A more precise way 
of defining a removable singularity is as a SINGULARITY 
zo of a function f(z) about which the function f(z) is 
bounded. For example, the point zo = O is a removable 
singularity in the SINC FUNCTION sinc g = sin 2/x, since 
this function satisfies sinc 0 = 1. 


Rencontres Number 
see DERANGEMENT, SUBFACTORIAL 


Rendezvous Values 
see MAGIC GEOMETRIC CONSTANTS 


Rényi’s Parking Constants 


Rényi’s Parking Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Given the CLOSED INTERVAL [0,2] with x > 1, let 1-D 
“cars” of unit length be parked randomly on the interval. 
The MEAN number M(x) of cars which can fit (without 
overlapping!) satisfies 


0 for0<a2<1 
Mie)= 4) 4 2_ f°" M(y)dy for z>1. (1) 


z—1 Jo 


The mean density of the cars for large x is 


oo T — —y 
m= lim M(z) = | exp (-2 / += ay) dx 
T—00 T 0 0 Y 


= 0.7475979203 .... (2) 
Furthermore, 
M(2) =m2x+m-1+0(x% ”) (3) 


for all n (Rényi 1958), which was strengthened by 
Dvoretzky and Robbins (1964) to 


de T—3/2 
M(2) =mix+m-1+0 (E) (4) 
Dvoretzky and Robbins (1964) also proved that 
M(t)+1 


——— <m< 
T<t<r+l t+1 ~ i” 


M(t)+1 
x<t<a+l t+1 l 


(5) 


Let V(x) be the variance of the number of cars, then 
Dvoretzky and Robbins (1964) and Mannion (1964) 
showed that 


T—>00 T 


= J g e™7" Ra(y) dy + z* / Rd \ 


“1—e-¥ 
x exp (-2 / av) dz = 0.038156..., (6) 
y 
0 
where 
Ri(2) = M(z)—-mzr-m+1 (7) 
(1—m-—mz)* for0<x<1 
4(1 — my for x=1 
Ra(a)=4 2 Ja Roly) dy  forz>1 


+ fo" RNE y — 1) dy, 
(8) 
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The air variable capacitor may be obtained from Electronix Express at http://www.elexp.com/. Part number 14VCRF10- 
280P. The 80 pf side 1s recommended for the second circuit, contacts 2-3. Contacts 1 and 3 were used for the first circuit 


(SOpf). 


e OSC: 5-59 pf 
e ANT: 5-142 pf 
e OSC and ANT Trimmer 10pf range 
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Rep- Tile 


and the numerical value is due to Blaisdell and Solomon 
(1970). Dvoretzky and Robbins (1964) also proved that 


Vit 
inf V(t) < Y < sup ón (9) 
2<t<z41 t+ 1 r<t<xa+1 t+1 


and that 


V(x) =ur+v+0 (7 : (10) 


Palasti (1960) conjectured that in 2-D, 


lim Mz, y) = mé, (11) 


T,Yy>00 TY 


but this has not yet been proven or disproven (Finch). 
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Rep-Tile 

A POLYGON which can be divided into smaller copies of 
itself. 

see also DISSECTION 
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Repartition 
see ADÉLE 


Repdigit 

A number composed of a single digit is called a repdigit. 
If the digits are all 1s, the repdigit is called a REPUNIT. 
The BEAST NUMBER 666 is a repdigit. 


see also KEITH NUMBER, REPUNIT 


Repunit 1545 
Repeating Decimal 

A number whose decimal representation eventually be- 
comes periodic (i.e., the same sequence of digits repeats 
indefinitely) is called a repeating decimal. Numbers 
such as 0.5 can be regarded as repeating decimals since 
0.5 = 0.5000... = 0.4999.... All RATIONAL NUMBERS 
have repeating decimals, e.g., 1/11 = 0.09. However, 
TRANSCENDENTAL NUMBERS, such as m = 3.141592... 
do not. 


see also CYCLIC NUMBER, DECIMAL EXPANSION, FULL 
REPTEND PRIME, IRRATIONAL NUMBER, MIDyY’S THE- 
OREM, RATIONAL NUMBER, REGULAR NUMBER 
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Repfigit Number 
see KEITH NUMBER 


Replicate 
One out of a set of identical observations in a given 
experiment under identical conditions. 


Reptend Prime 
see FULL REPTEND PRIME 


Representation 

The representation of a GROUP G on a COMPLEX VEC- 
TOR SPACE V is a group action of G on V by linear 
transformations. Two finite dimensional representations 
r on V and 7’ on V’ are equivalent if there is an invert- 
ible linear map E : V + V’ such that r'(g)E = Er(g) 
for all g € G. vw is said to be irreducible if it has no 
proper NONZERO invariant SUBSPACES. 


see also CHARACTER (MULTIPLICATIVE), PETER-WEYL 
THEOREM, PRIMARY REPRESENTATION, SCHUR’S 
LEMMA 
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Repunit 
A (generalized) repunit to the base b is a number of the 


form e 
Mi = ——. 
dá b—1 

The term “repunit” was coined by Beiler (1966), who 
also gave the first tabulation of known factors. Repunits 


Mn = Mí = 2” — 1 with b = 2 are called MERSENNE 
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NUMBERS. If 6 = 10, the number is called a repunit 
(since the digits are all 1s). A number of the form 


10” — 1 
En = TQ = Re 9 


10” -1 


is therefore a (decimal) repunit of order n. 


b-Repunits 


1, 3, 7, 15, 31, 63, 127, ... 

003462 1, 4, 13, 40, 121, 364, ... 

002450 1,5, 21, 85, 341, 1365, ... 

003463 1, 6, 31, 156, 781, 3906, ... 

003464 1, 7, 43, 259, 1555, 9331, ... 
023000 1, 8, 57, 400, 2801, 19608, ... 
023001 1, 9, 73, 585, 4681, 37449, ... 
002452 1, 10, 91, 820, 7381, 66430, ... 

10 002275 1, 11,111, 1111, 11111,... 

11 016123 1, 12, 133, 1464, 16105, 177156, ... 
12 016125 1, 13, 157, 1885, 22621, 271453, ... 


Sloane 


000225 


SD 0 CO oO BP Qu bol] oOo 


Williams and Seah (1979) factored generalized repunits 
for 3 < b < 12 and 2 < n < 1000. A (base-10) re- 
punit can be PRIME only if n is PRIME, since other- 
wise 10% — 1 is a BINOMIAL NUMBER which can be fac- 
tored algebraically. In fact, if n = 2a is EVEN, then 
107° — 1 = (10° — 1)(10° + 1). The only base-10 repunit 
PRIMES R, for n < 16,500 are n = 2, 19, 23, 317, and 
1031 (Sloane's A004023; Madachy 1979, Williams and 
Dubner 1986, Ball and Coxeter 1987). The number of 
factors for the base-10 repunits for n = 1, 2,... are 1, 
1, 2, 2, 2, 5, 2, 4, 4, 4, 2, 7, 3,... (Sloane's A046053). 


Sloane n of Prime b-Repunits 


b 

2 000043 2, 3, 5, 7, 13, 17, 19, 31, 61, 89, 107,... 
3 028491 3, 7, 13, 71, 103, 541, 1091, 1367, ... 

5 004061 3, 7, 11, 13, 47, 127, 149, 181, 619, ... 

6 004062 2, 3, 7, 29, 71, 127, 271, 509, 1049, ... 

7 004063 5, 13, 131, 149, 1699, ... 

10 004023 2, 19, 23, 317, 1031, ... 

11 005808 17, 19, 73, 139, 907, 1907, 2029, 4801, ... 


12 004064 2, 3,5, 19, 97, 109, 317, 353, 701,... 


A table of the factors not obtainable algebraically 
for generalized repunits (a continuously updated ver- 
sion of Brillhart et al. 1988) is maintained on- 
line. These tables include factors for 10” — 1 
(with n < 209 odd) and 10” + 1 (for n < 210 
EVEN and ODD) in the files ftp://sable.ox.ac.uk/ 
pub/math/cunningham/10- and ftp://sable.ox.ac. 
uk/pub/math/cunningham/10+. After algebraically fac- 
toring Rn, these are sufficient for complete factoriza- 
tions. Yates (1982) published all the repunit factors for 
n < 1000, a portion of which are reproduced in the 
Mathematica® notebook by Weisstein. 


A SMITH NUMBER can be constructed from every fac- 
tored repunit. 


xe Weisstein, E. W. “Repunits.” 


Residual vs. Predictor Plot 


see also CUNNINGHAM NUMBER, FERMAT NUMBER, 
MERSENNE NUMBER, REPDIGIT, SMITH NUMBER 
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Residual 
The residual is the sum of deviations from a best-fit 
curve of arbitrary form. 


R=) [yi— f(2,01,...,0n)]”. 


The residual should not be confused with the CORRE- 
LATION COEFFICIENT. 


Residual vs. Predictor Plot 

A plot of y; vs. e; = % — Yi. Random scatter indicates 
the model is probably good. A pattern indicates a prob- 
lem with the model. If the spread in e; increases as y; 
increases, the errors are called HETEROSCEDASTIC. 


Residue Class 


Residue Class 

The residue classes of a function f(x) mod n are all pos- 
sible values of the RESIDUE f(z) (mod n). For example, 
the residue classes of x” (mod 6) are {0, 1,3, 4}, since 


* = 0 (mod 6) 
1° =1 (mod 6) 
* = 3 (mod 6) 


4* = 4 (mod 6) 


are all the possible residues. A COMPLETE RESIDUE 
SYSTEM is a set of integers containing one element from 
each class, so in this case, {0,1,9,4} would be a Com- 
PLETE RESIDUE SYSTEM. 


The ¢(m) residue classes prime to m form a GROUP un- 
der the binary multiplication operation (mod m), where 
(m) is the TOTIENT FUNCTION (Shanks 1993) and the 
GROUP is classed a MODULO MULTIPLICATION GROUP. 


see also COMPLETE RESIDUE SYSTEM, CONGRUENCE, 
CUBIC NUMBER, QUADRATIC RECIPROCITY THEO- 
REM, QUADRATIC RESIDUE, RESIDUE (CONGRUENCE), 
SQUARE NUMBER 
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Shanks, D. Solved and Unsolved Problems in Number Theory, 
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Residue (Complex Analysis) 
The constant a_, in the LAURENT SERIES 


oo 


f(z)= XC an(z- 20)" 


n= — 0o 


of f(z) is called the residue of f(z). The residue is a 
very important property of a complex function and ap- 
pears in the amazing RESIDUE THEOREM of CONTOUR 
INTEGRATION. 


see also CONTOUR INTEGRATION, LAURENT SERIES, 
RESIDUE THEOREM 
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Residue (Congruence) 

The number b in the CONGRUENCE a = b (mod m) is 
called the residue of a (mod m). The residue of large 
numbers can be computed quickly using CONGRUENCES. 
For example, to find 37°? (mod 17), note that 


37 = 3 
377 = 37? =9 = ~8 
SES 4 


Residue Theorem (Complex Analysis) 
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SO 


87 S37 2 3(—4) (1) = 12 (mod 17): 


see also COMMON RESIDUE, CONGRUENCE, MINIMAL 
RESIDUE 


References 
Shanks, D. Solved and Unsolved Problems in Number Theory, 
¿th ed. New York: Chelsea, pp. 55-56, 1993. 


Residue Index 
p—1 divided by the HAUPT-EXPONENT of a base b mod 
p for a given PRIME p. 


see also HAUPT-EXPONENT 


Residue Theorem (Complex Analysis) 
Given a complex function f(z), consider the LAURENT 
SERIES 


oo 


fe)= Y an(z— 20)”. (1) 


n= — co 


Integrate term by term using a closed contour y encir- 
cling zo, 


f f(e) dz = 


D > dz 


n= — 00 


The CAUCHY INTEGRAL THEOREM requires that the 
first and last terms vanish, so we have 


J f(2)dz = a: / o. (3) 


But we can evaluate this function (which has a POLE at 
zo) using the CAUCHY INTEGRAL FORMULA, 


f(z) = | LOS. (4) 


Tt ZZ 
x 0 


This equation must also hold for the constant function 
f(z) = 1, in which case it is also true that f(zo) = 1, so 


= oe (5) 
211 y 7 20 


l ma 211, (6) 
a Z — ZO 
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and (3) becomes 


J Hz) dz = 2ria_. (7) 


y 


The quantity a_1 is known as the RESIDUE of f(z) at zo. 
Generalizing to a curve passing through multiple poles, 
(7) becomes 


les in y 


po 
[tOr Y no, ya, (8) 


i=1 


where n is the WINDING NUMBER and the (i) superscript 
denotes the quantity corresponding to POLE i. 


If the path does not completely encircle the RESIDUE, 
take the CAUCHY PRINCIPAL VALUE to obtain 


Jr dz = (82 — ĝı)ia—ı. (9) 


If f has only ISOLATED SINGULARITIES, then 


Y an0. (10) 


2 eC 


The residues may be found without explicitly expanding 
into a LAURENT SERIES as follows. 


oO 


f2)= Y, alz- 20)”. (11) 


n= — 00 


If f(z) has a POLE of order m at zo, then an = 0 for 
n < —m and a-m #0. Therefore, 


H)= Y, an(z— 20)" =D) a-man(z — 20) "9" 
n=-—m n=0 12) 
(z — zo)” f(2) = Y a-m+n(z— z0)” (13) 
care — 20) f(z)] = j Na-m+n(z — 20)” * 
dz = 
= y NA—m+n(z — zo)" T? 
=> (n + 1)amin+ilz — 20)" (14) 
zale — 20)” H(2) = dom n(n + 1)a—mnt3(z — 20)" 


OO 
= y n(n + 1)a-m+n+1[2 — zo)" 


= Y (n+ 1)(n + 2)a-m+n42(2 — 20)”. (15) 


Residue Theorem (Complex Analysis) 


Resolution 


Iterating, 


gmri 


ql — zo)” f (2)] 
>>) n+1)(n+ 2)(n +m — 1)an-1(z — 20)” 
= (m — la 


+9 (n+1)(n+2)(n+m- 1)an-1(2— 20)"7*. (16) 


n=1 


So 


mT — 


tim Li — z)” (2) 


z= zo dz™ 


= lim (m — 1)!la_1+0= (m 


z— zo 


— 1)!a_1, (17) 


and the RESIDUE is 


a = pigale- a)" (18) 


This amazing theorem says that the value of a CONTOUR. 
INTEGRAL in the COMPLEX PLANE depends only on the 
properties of a few special points inside the contour. 


see also CAUCHY INTEGRAL FORMULA, CAUCHY INTE- 
GRAL THEOREM, CONTOUR INTEGRAL, LAURENT SE- 
RIES, POLE, RESIDUE (COMPLEX ANALYSIS) 


Residue Theorem (Group) 

If two groups are residual to a third, every group residual 
to one is residual to the other. The Gambier extension of 
this theorem states that if two groups are pseudoresidual 
to a third, then every group pseudoresidual to the first 
with an excess greater than or equal to the excess of the 
first minus the excess of the second is pseudoresidual to 
the second, with an excess > 0. 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
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Resolution 

Resolution is a widely used word with many different 
meanings. It can refer to resolution of equations, reso- 
lution of singularities (in ALGEBRAIC GEOMETRY), reso- 
lution of modules or more sophisticated structures, etc. 
In a BLOCK DESIGN, a PARTITION R of a BIBD’s set 
of blocks B into PARALLEL CLASSES, each of which in 
turn partitions the set V, is called a resolution (Abel 
and Furino 1996). 


A resolution of the MODULE M over the RING R is a 
complex of R-modules C; and morphisms d; and a MOR- 
PHISM e such that 


-> Ci 9% Ci >- 9 Cp 35 M50 


Resolution Class 


satisfying the following conditions: 


1. The composition of any two consecutive morphisms 
is the zero map, 


2. For all i, (ker d;)/(im d;+1) = 0, 
3. Co/(kere) = M, 
where ker is the kernel and im is the image. Here, the 
quotient 
(ker d;) 
(im di+1) 
is the ith HOMOLOGY GROUP. 


If all modules C; are projective (free), then the resolu- 
tion is called projective (free). There is a similar concept 
for resolutions “to the right” of M, which are called in- 
jective resolutions. 


see also HOMOLOGY GROUP, MODULE, MORPHISM, 
RING 
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Resolution Class 
see PARALLEL CLASS 


Resolution Modulus 
The least POSITIVE INTEGER m* with the property that 
x(y) = 1 whenever y = 1 (mod m”) and (y, m) = 1. 


Resolvable 

A balanced incomplete BLOCK DESIGN (B,V) is called 
resolvable if there exists a PARTITION R of its set of 
blocks B into PARALLEL CLASSES, each of which in turn 
partitions the set V. The partition R is called a RESO- 
LUTION. 


see also BLOCK DESIGN, PARALLEL CLASS 
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Resolving Tree 

A tree of LINKS obtained by repeatedly choosing a cross- 
ing, applying the SKEIN RELATIONSHIP to obtain two 
simpler LINKS, and repeating the process. The DEPTH 
of a resolving tree is the number of levels of links, not in- 
cluding the top. The DEPTH of the LINK is the minimal 
depth for any resolving tree of that LINK. 
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Resonance Overlap 

Isolated resonances in a DYNAMICAL SYSTEM can 
cause considerable distortion of preserved TORI in their 
NEIGHBORHOOD, but they do not introduce any CHAOS 
into a system. However, when two or more resonances 
are simultaneously present, they will render a system 
nonintegrable. Furthermore, if they are sufficiently 
“close” to each other, they will result in the appearance 
of widespread (large-scale) CHAOS. 


To investigate this problem, Walker and Ford (1969) 
took the integrable Hamiltonian 


Hah, h)= h+ h -R -— 31 1h +h? 


and investigated the effect of adding a 2:2 resonance and 
a 3:2 resonance 


H(I, 9) = Ho (I) + al; iz cos(201 = 202) 
+8? h cos(201 — 362). 


At low energies, the resonant zones are well-separated. 
As the energy increases, the zones overlap and a “macro- 
scopic zone of instability” appears. When the overlap 
starts, many higher-order resonances are also involved 
so fairly large areas of PHASE SPACE have their TORI 
destroyed and the ensuing CHAOS is “widespread” since 
trajectories are now free to wander between regions that 
previously were separated by nonresonant TORI. 


Walker and Ford (1969) were able to numerically pre- 
dict the energy at which the overlap of the resonances 
first occurred. They plotted the 02-axis intercepts of 
the inner 2:2 and the outer 2:3 separatrices as a func- 
tion of total energy. The energy at which they crossed 
was found to be identical to that at which 2:2 and 2:3 
resonance zones began to overlap. 


see also CHAOS, RESONANCE OVERLAP METHOD 
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Resonance Overlap Method 
A method for predicting the onset of widespread CHAOS. 


see also GREENE’S METHOD 
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Restricted Divisor Function 


500 


200 


Ll LORA i 


300 


The sum of the ALIQUOT DIVISORS of n, given by 
s(n) = a(n) —n, 


where o(n) is the DIVISOR FUNCTION. The first few 
values are 0, 1, 1, 3, 1, 6, 1, 7, 4, 8, 1, 16, ... (Sloane’s 
A001065). 

see also DIVISOR FUNCTION 
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Restricted Growth Function 
see RESTRICTED GROWTH STRING 


Restricted Growth String 

For a SET PARTITION of n elements, the n-character 
string asjaz...An in which each character gives the 
BLocK (Bo, Bi, ...) into which the corresponding el- 
ement belongs is called the restricted growth string (or 
sometimes the RESTRICTED GROWTH FUNCTION). For 
example, for the SET PARTITION {{1}, {2}, {3,4}}, the 
restricted growth string would be 0122. If the BLOCKS 
are “sorted” so that aı = 0, then the restricted growth 
string satisfies the INEQUALITY 


Qi41 < 1+ max(a1,02,...,05) 


fori=1,2,...,n-—1. 


References 
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Resultant 

Given a POLYNOMIAL p(x) of degree n with roots qi, 
¿=1,..., n and a POLYNOMIAL q(x) of degree m with 
roots Bj, j =1,..., M, the resultant is defined by 


There exists an ALGORITHM similar to the EUCLID- 
EAN ALGORITHM for computing resultants (Pohst and 
Zassenhaus 1989). The resultant is the DETERMINANT 


Reuleaux Triangle 


of the corresponding SYLVESTER MATRIX. Given p and 
q, then 


h(a) = R(q(t), p(w — t)) 


is a POLYNOMIAL of degree mn, having as its roots all 
sums of the form a; + j. 


see also DISCRIMINANT (POLYNOMIAL), SYLVESTER 
MATRIX 
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Retardance 
A shift in PHASE. 


see also PHASE 


Reuleaux Polygon 

A curvilinear polygon built up of circular ARCS. The 
Reuleaux polygon is a generalization of the REULEAUX 
TRIANGLE. 


see also CURVE OF CONSTANT WIDTH, REULEAUX TRI- 
ANGLE 
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Reuleaux Triangle 

A CURVE OF CONSTANT WIDTH constructed by drawing 
arcs from each VERTEX of an EQUILATERAL TRIANGLE 
between the other two VERTICES. It is the basis for the 


Harry Watt square drill bit. It has the smallest AREA 
for a given width of any CURVE OF CONSTANT WIDTH. 


The AREA of each meniscus-shaped portion is 


1 2 1 V3 — T V3 2 
As ur pr (0) (E) (1) 


where we have subtracted the AREA of the wedge from 
that of the EQUILATERAL TRIANGLE. The total AREA 
is then 


ana(Z B84 Be t—V3 2 


P AS (2) 


6 4 


When rotated in a square, the fractional AREA covered 
is 
Acovered = 2V3 + dm = 0.9877700392.... (3) 


Reversal 


The center does not stay fixed as the TRIANGLE is ro- 
tated, but moves along a curve composed of four arcs of 
an ELLIPSE (Wagon 1991). 


see also CURVE OF CONSTANT WIDTH, FLOWER OF 
LIFE, PIECEWISE CIRCULAR CURVE, REULEAUX POLY- 
GON 
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Reversal 

The reversal of a decimal number abc... is ---cba. 
Ball and Coxeter (1987) consider numbers whose re- 
versals are integral multiples of themselves. PALIN- 
DROMIC NUMBER and numbers ending with a ZERO 
are trivial examples. The first few nontrivial examples 
are 8712, 9801, 87912, 98901, 879912, 989901, 8799912, 
9899901, 87128712, 87999912, 98019801, 98999901, 
... (Sloane’s A031877). The pattern continues for 
large numbers, with numbers of the form 879---912 


equal to 4 times their reversals and numbers of the 
form 989---901 equal to 9 times their reversals. In 
—— 


addition, runs of numbers of either of these forms 

can be concatenated to yield numbers of the form 

879---912---879---912, equal to 4 times their rever- 
—— Na! 


sals, and 989---901---989---901, equal to 9 times 
rr o 


their reversals. 


The product of a 2-digit number and its reversal is never 
a SQUARE NUMBER except when the digits are the same 
(Ogilvy 1988). Numbers whose product is the reversal 
of the products of their reversals include 


312 x 221 = 68952 


213 x 122 = 25986 


(Ball and Coxeter 1987, p. 14). 
see also RATS SEQUENCE 
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Reverse Greedy Algorithm 
An algorithm for computing a UNIT FRACTION. 


see also GREEDY ALGORITHM, UNIT FRACTION 
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Reversion of Series 
see SERIES REVERSION 


Reverse-Then-Add Sequence 
An integer sequence produced by the 196-ALGORITHM. 


see also 196- ALGORITHM, SORT-THEN-ADD SEQUENCE 


Reznik’s Identity 
For P and Q POLYNOMIALS in n variables, 


IP - Ql? 


l...¿ 1 ? 
a1: tn: 
rr in >0 


where D; = 0/0x;, |X|2 is the BOMBIERI NORM, and 


Pl» im) — DP o Dir P. 


BOMBIERI'S INEQUALITY follows from this identity. 
see also BEAUZAMY AND DÉGOT’S IDENTITY 


Rhodonea 
see ROSE 


Rhomb 
see RHOMBUS 


Rhombic Dodecahedral Number 

A FIGURATE NUMBER which is constructed as a cen- 
tered CUBE with a SQUARE PYRAMID appended to each 
face, 


RhoDodn = CCubn + 6Pa—1 = (2n — 1)(2n* — 2n + 1), 


where CCub,, is a CENTERED CUBE NUMBER and P, is 
a PYRAMIDAL NUMBER. The first few are 1, 15, 65, 175, 
369, 671, ... (Sloane's A005917). The GENERATING 
FUNCTION of the rhombic dodecahedral numbers is 


r(1+4+ 1l2+ 112% + 2°) 


2 3 4 
(@ — 1/4 = g+ 15g +65r"+175g*+.... 


see also OCTAHEDRAL NUMBER 
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Rhombic Dodecahedron 


The DUAL POLYHEDRON of the CUBOCTAHEDRON, also 
sometimes called the RHOMBOIDAL DODECAHEDRON 
(Cotton 1990). Its 14 vertices are joined by 12 RHOM- 
BUSES, and one possible way to construct it is known as 
the BAUSPIEL. The rhombic dodecahedron is a ZONO- 
HEDRON and a SPACE-FILLING POLYHEDRON. The ver- 
tices are given by (+1, +1, +1), (+2, 0, 0), (0, +2, 0), 
(0, 0, +2). 


The edges of the CUBE-OCTAHEDRON COMPOUND in- 
tersecting in the points plotted above are the diagonals 
of RHOMBUSES, and the 12 RHOMBUSES form a rhombic 
dodecahedron (Ball and Coxeter 1987). 


see also BAUSPIEL, CUBE-OCTAHEDRON COMPOUND, 
DODECAHEDRON, PYRITOHEDRON, RHOMBIC TRIA- 
CONTAHEDRON, RHOMBUS, TRIGONAL DODECAHE- 
DRON, ZONOHEDRON 
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Rhombic Icosahedron 

A ZONOHEDRON which can be derived from the TRIA- 
CONTAHEDRON by removing any one of the zones and 
bringing together the two pieces into which the remain- 
der of the surface is thereby divided. 
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Rhombicosacron 


Rhombic Polyhedron 
A POLYHEDRON with extra square faces, given by the 
SCHLÁFLI SYMBOL r{? }. 


see also RHOMBIC DODECAHEDRON, RHOMBIC [COSA- 
HEDRON, RHOMBIC TRIACONTAHEDRON, SNUB POLY- 
HEDRON, TRUNCATED POLYHEDRON 


Rhombic Triacontahedron 


A ZONOHEDRON which is the DUAL POLYHEDRON of 
the ICOSIDODECAHEDRON. It is composed of 30 RHOM- 
BUSES joined at 32 vertices. Ede (1958) enumerates 
13 basic series of stellations of the rhombic triaconta- 
hedron, the total number of which is extremely large. 
Messer (1995) describes 226 stellations. The intersect- 
ing edges of the DODECAHEDRON-ICOSAHEDRON COM- 
POUND form the diagonals of 30 RHOMBUSES which com- 
prise the TRIACONTAHEDRON. The CUBE 5-COMPOUND 
has the 30 facial planes of the rhombic triacontahedron 
(Ball and Coxeter 1987). 


see also CUBE 5-COMPOUND, DODECAHEDRON-ICOSA- 
HEDRON COMPOUND, ICOSIDODECAHEDRON, RHOMBIC 
DODECAHEDRON, RHOMBUS, ZONOHEDRON 
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Rhombicosacron 
The DUAL POLYHEDRON of the RHOMBICOSAHEDRON. 


Rhombicosahedron 


Rhombicosahedron 


The UNIFORM POLYHEDRON Usg whose DUAL POLY- 
HEDRON is the RHOMBICOSACRON. It has WYTHOFF 


SYMBOL 23 $. Its faces are 20{6} + 30{4}. The CIR- 
2 


CUMRADIUS for unit edge length is 


R=iv7. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 149-150, 1971. 


Rhombicosidodecahedron 


see BIGYRATE DIMINISHED RHOMBICOSIDODEC- 
AHEDRON, DIMINISHED RHOMBICOSIDODECAHEDRON, 
GREAT RHOMBICOSIDODECAHEDRON (ARCHIMEDEAN), 
GREAT RHOMBICOSIDODECAHEDRON (UNIFORM), GY- 
RATE BIDIMINISHED RHOMBICOSIDODECAHEDRON, 
GYRATE RHOMBICOSIDODECAHEDRON, METABIDIMIN- 
ISHED RHOMBICOSIDODECAHEDRON, METABIGYRATE 
RHOMBICOSIDODECAHEDRON, METAGYRATE DIMIN- 
ISHED RHOMBICOSIDODECAHEDRON, PARABIDIMIN- 
ISHED RHOMBICOSIDODECAHEDRON, PARABIGYRATE 
RHOMBICOSIDODECAHEDRON, PARAGYRATE DIMIN- 
ISHED RHOMBICOSIDODECAHEDRON, SMALL RHOMB- 
ICOSIDODECAHEDRON, TRIDIMINISHED RHOMBICOSI- 
DODECAHEDRON, TRIGYRATE RHOMBICOSIDODECAHE- 
DRON 


Rhombicuboctahedron 


see GREAT RHOMBICUBOCTAHEDRON (ARCHIMEDEAN), 
GREAT RHOMBICUBOCTAHEDRON (UNIFORM), SMALL 
RHOMBICUBOCTAHEDRON 


Rhombidodecadodecahedron 


EZ a 


The UNIFORM POLYHEDRON U38 whose DUAL POLYHE- 
DRON is the MEDIAL DELTOIDAL HEXECONTAHEDRON. 


Rhombus 1553 


5 . 
It has SCHLÄFLI SYMBOL rd 2 \ and WYTHOFF SYM- 


BOL 25|2. Its faces are 12{2} + 30{4} + 12{5}. The 
CIRCUMRADIUS for unit edge length is 


R= v7. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 116-117, 1989. 


Rhombihexacron 


see GREAT RHOMBIHEXACRON, SMALL RHOMBIHEX- 
ACRON 


Rhombihexahedron 


see GREAT RHOMBIHEXAHEDRON, SMALL RHOMBIHEX- 
AHEDRON 


Rhombitruncated Cuboctahedron 
see GREAT RHOMBICUBOCTAHEDRON (ARCHIMEDEAN) 


Rhombitruncated Icosidodecahedron 


see GREAT RHOMBICOSIDODECAHEDRON (ARCHIMED- 
EAN) 


Rhombohedron 
A PARALLELEPIPED bounded by six congruent RHOMBS. 


see also PARALLELEPIPED, RHOMB 
References 
Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 


ations and Essays, 13th ed. New York: Dover, pp. 142 and 
161, 1987. 


Rhomboid 
A PARALLELOGRAM in which angles are oblique and ad- 
jacent sides are of unequal length. 


see also DIAMOND, LOZENGE, PARALLELOGRAM, 
QUADRILATERAL, RHOMBUS, SKEW QUADRILATERAL, 
TRAPEZIUM, TRAPEZOID 


Rhomboidal Dodecahedron 
see RHOMBIC DODECAHEDRON 


Rhombus 


a 
A QUADRILATERAL with both pairs of opposite sides 
PARALLEL and all sides the same length, i.e., an equilat- 
eral PARALLELOGRAM. The word RHOMB is sometimes 


1554 Rhumb Line 
used instead of rhombus. The DIAGONALS p and q of a 
rhombus satisfy 


and the ÁREA is 
A= + Pq. 


A rhombus whose ACUTE ANGLES are 45° is called a 
LOZENGE. 


see also DIAMOND, LOZENGE, PARALLELOGRAM, 
QUADRILATERAL, RHOMBIC DODECAHEDRON, RHOM- 
BIC ICOSAHEDRON, RHOMBIC ‘TRIACONTAHEDRON, 
RHOMBOID, SKEW QUADRILATERAL, TRAPEZIUM, 
TRAPEZOID 


References 
Beyer, W. H. (Ed.) CRC Standard Mathematical Tables, 
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Rhumb Line 
see LOXODROME 


Ribbon Knot 

If the KNOT K is the boundary K = f(S') of a singular 
disk f : D — S? which has the property that each self- 
intersecting component is an arc A C f (ID?) for which 
f7*(A) consists of two arcs in D”, one of which is inte- 
rior, then K is said to be a ribbon knot. Every ribbon 
knot is a SLICE KNOT, and it is conjectured that every 
SLICE KNOT is a ribbon knot. 


see also SLICE KNOT 


References 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, p. 225, 1976. 


Ribet’s Theorem 

If the TANIYAMA-SHIMURA CONJECTURE holds for all 
semistable ELLIPTIC CURVES, then FERMAT’S LAST 
THEOREM is true. Before its proof by Ribet in 1986, 
the theorem had been called the epsilon conjecture. It 
had its roots in a surprising result of G. Frey. 


see also ELLIPTIC CURVE, FERMAT’S . .ST THEOREM, 
MODULAR FORM, MODULAR FUNCTION, TANIYAMA- 
SHIMURA CONJECTURE 


Riccati-Bessel Functions 


Sale) = zin(2) = y E Jaial) 
Calz) = —2na(z) = — Nn+1/2(2); 


where jn(z) and n, 7) are SPHERICAL BESSEL FUNC- 
TIONS OF THE FIRST and SECOND KIND. 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). “Riccati-Bessel 
Functions.” $10.3 in Handbook of Mathematical bunc- 
tions with Formulas, Graphs, and Mathematical Tables, 
9th printing. New York: Dover, p. 445, 1972. 


Rice Distribution 


Riccati Differential Equation 


y = Plz) + Q(z)y + Roy", (1) 
where y’ = dy/dz. The transformation 


Y 
“ = yR(z) (2) 


leads to the second-order linear homogeneous equation 
R(Jy” — [R (2) + Q(2)R(2)]y' + [R(2)]*P(z)y = 0. (3) 


Another equation sometimes called the Riccati differen- 
tial equation is 


zw" + [2% — n(n + 1)]w =0, (4) 


which has solutions 
w = Azjn(z) + Bzyn(z). (5) 


Yet another form of “the” Riccati differential equation 
is d 
y n 2 
— = qaz by”, 6 
de 79 + by (6) 


which is solvable by algebraic, exponential, and logarith- 
mic functions only when n = —4m/(2m + 1), for m = 0, 
1,2,.... 
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Abramowitz, M. and Stegun, C. A. (Eds.). “Riccati-Bessel 
Functions.” §10.3 in Handbook of Mathematical Func- 
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Ricci Curvature 
The mathematical object which controls the growth rate 
of the volume of metric balls in a MANIFOLD. 


see also BISHOP’S INEQUALITY, MILNOR’S THEOREM 


Ricci Tensor 


— pa 
where R? a. is the RIEMANN TENSOR. 
see also CURVATURE SCALAR, RIEMANN TENSOR 


Rice Distribution 


Z Z? + |V} ZIV] 
P(Z) = 3 exp (E Lo a j’ 


where Io(z) is a MODIFIED BESSEL FUNCTION OF THE 
FIRST KIND and Z > 0. For a derivation, see Papoulis 
(1962). For |V| = 0, this reduces to the RAYLEIGH DIS- 
TRIBUTION. 


see also RAYLEIGH DISTRIBUTION 
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Richard's Paradox 


Richard’s Paradox 

It is possible to describe a set of POSITIVE INTEGERS 
that cannot be listed in a book containing a set of count- 
ing numbers on each consecutively numbered page. 


Richardson Extrapolation 

The consideration of the result of a numerical calculation 
as a function of an adjustable parameter (usually the 
step size). The function can then be fitted and evaluated 
at h = 0 to yield very accurate results. Press et al. 
(1992) describe this process as turning lead into gold. 
Richardson extrapolation is one of the key ideas used in 
the popular and robust BULIRSCH-STOER ALGORITHM 
of solving ORDINARY DIFFERENTIAL EQUATIONS. 


see also BULIRSCH-STOER ALGORITHM 
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land: Cambridge University Press, pp. 718-725, 1992. 


Richardson’s Theorem 
Let R be the class of expressions generated by 


1. The RATIONAL NUMBERS and the two REAL NUM- 
BERS Tr and In 2, 


2. The variable z, 


3. The operations of ADDITION, MULTIPLICATION, and 
composition, and 


4. The SINE, EXPONENTIAL, and ABSOLUTE VALUE 
functions. 


Then if E € R, the predicate “E = 0” is recursively 
UNDECIDABLE. 


see also RECURSION, UNDECIDABLE 
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Ridders’ Method 

A variation of the FALSE POSITION METHOD for find- 
ing ROOTS which fits the function in question with an 
exponential. | 


see also FALSE POSITION METHOD 
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TRAN: The Art of Scientific Computing, 2nd ed. Cam- 
bridge, England: Cambridge University Press, pp. 347- 
352, 1992. 
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Ridge 
An (n — 2)-D FACE of an n-D POLYTOPE. 
see also POLYTOPE 


Riemann-Christoffel Tensor 
see RIEMANN TENSOR 


Riemann Curve Theorem 

If two algebraic plane curves with only ordinary singular 
points and CUSPS are related such that the coordinates 
of a point on either are RATIONAL FUNCTIONS of a cor- 
responding point on the other, then the curves have the 
same GENUS (CURVE). This can be stated equivalently 
as the GENUS of a curve is unaltered by a BIRATIONAL 
TRANSFORMATION. 


References 
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Riemann Differential Equation 
see RIEMANN P-DIFFERENTIAL EQUATION 


Riemann’s Formula 


E dt 
T 


Je) = tile) - JD Uler) +1m2 | i D1t 


where Li(z) is the LOGARITHMIC INTEGRAL, the sum is 
taken over all nontrivial zeros p (i.e., those other than 
—2, —4,...) of the RIEMANN ZETA FUNCTION ¢(s), and 
J(x) is RIEMANN WEIGHTED PRIME-POWER COUNT- 
ING FUNCTION. 


see also LOGARITHMIC INTEGRAL, PRIME NUM- 
BER THEOREM, RIEMANN WEIGHTED PRIME-POWER 
COUNTING FUNCTION, RIEMANN ZETA FUNCTION 


Riemann Function 
The function obtained by approximating the RIEMANN 
WEIGHTED PRIME-POWER COUNTING FUNCTION J2 in 


n(x) = y plo Joa”) (1) 
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by the LOGARITHMIC INTEGRAL Li(x). This gives 


= 1 Inn)* 
Ro) 1+ gay a (2) 
ay. plo) Li(n’/™), (3) 


where C((2) is the RIEMANN ZETA FUNCTION, p(n) is 
the MOBIUS FUNCTION, and Li(z) is the LOGARITHMIC 
INTEGRAL. Then 


n(x) = R(x) —- Y Ría”), (4) 


where m is the PRIME COUNTING FUNCTION. Ramanu- 
jan independently derived the formula for R(n), but 
nonrigorously (Berndt 1994, p. 123). 


see also MANGOLDT FUNCTION, PRIME NUMBER THE- 
OREM, RIEMANN-MANGOLDT FUNCTION, RIEMANN 
ZETA FUNCTION 
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Riemann Hypothesis 

First published in Riemann (1859), the Riemann hy- 
pothesis states that the nontrivial ROOTS of the RIE- 
MANN ZETA FUNCTION 


ds) = Y =, (1) 


where s € C (the COMPLEX NUMBERS), all lie on the 
“CRITICAL LINE” Ris] = 1/2, where R[z] denotes the 
REAL PART of z. The Riemann hypothesis is also known 
as ARTIN’S CONJECTURE. 


In 1914, Hardy proved that an INFINITE number of val- 
ues for s can be found for which ¢(s) = 0 and R[s] = 1/2. 
However, it is not known if all nontrivial roots s satisfy 
Rfs] = 1/2, so the conjecture remains open. André Weil 
proved the Riemann hypothesis to be true for field func- 
tions (Weil 1948, Eichler 1966, Ball and Coxeter 1987). 
In 1974, Levin showed that at least 1/3 of the ROOTS 
must lie on the CRITICAL LINE (Le Lionnais 1983), a 
result which has since been sharpened to 40% (Vardi 
1991, p. 142). It is known that the zeros are symmetri- 
cal placed about the line S[s] = 0. 


The Riemann hypothesis is equivalent to A < 0, where 
A is the DE BRUIJN-NEWMAN CONSTANT (Csordas et 
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al. 1994). It is also equivalent to the assertion that for 
some constant c, 


| Li(x) — r(e)] < cvz Ing, (2) 


where Li(x) is the LOGARITHMIC INTEGRAL and 7 is the 
PRIME COUNTING FUNCTION (Wagon 1991). 


The hypothesis was computationally tested and found to 
be true for the first 2 x 10° zeros by Brent et al. (1979), 
a limit subsequently extended to the first 1.5 x 10° + 1 
zeros by Brent et al. (1979). Brent’s calculation covered 
zeros g + it in the region 0 < t < 81, 702,130.19. 


There is also a finite analog of the Riemann hypothe- 
sis concerning the location of zeros for function fields 
defined by equations such as 


ay +bz"+e=0. (3) 


This hypothesis, developed by Weil, is analogous to the 
usual Riemann hypothesis. The number of solutions for 
the particular cases (1, m) = (2, 2), (3,3), (4,4), and (2,4) 
were known to Gauss. 


see also CRITICAL LINE, EXTENDED RIEMANN HY- 
POTHESIS, GRONWALL’S THEOREM, MERTENS CONJEC- 
TURE, MILLS’ CONSTANT, RIEMANN ZETA FUNCTION 
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Riemann Integral 


Riemann Integral 

The Riemann integral is the INTEGRAL normally en- 
countered in CALCULUS texts and used by physicists and 
engineers. Other types of integrals exist (e.g., the LEB- 
ESGUE INTEGRAL), but are unlikely to be encountered 
outside the confines of advanced mathematics texts. 


The Riemann integral is based on the JORDAN MEA- 
SURE, and defined by taking a limit of a RIEMANN SUM, 


f f(z)dr = lim 
b 


max Azp —>0 


NO fej)Azr (1) 


k=1 


[[[ sew z)dV = man og 2 S(t vhs A 


(3) 
where a < x < band gj, y;, and 2; are arbitrary points 
in the intervals Azk, Ayx, and Azz, respectively. The 
value max Az, is called the MESH SIZE of a partition of 
the interval [a,b] into subintervals Az,. 


As an example of the application of the Riemann integral 
definition, find the AREA under the curve y = x’ from 0 


to a. Divide (a,b) into n segments, so Ax, = = = h, 
then 
f(w1) = f(0) =0 (4) 
f(x2) = f(Azrs) = h (5) 
f(23) = f(2Aex) = (2h). (6) 


By induction 


f(z) = f({k - 1JAax) = [(k — Dahl" = h(k- 1)", (7) 


f(2;)Azz = h°" (k — 1) (8) 
Y f(cx)Azs =h S (k - 1)". (9) 


For example, take r = 2. 


NO f(ax)Aa, =h X (k-11) 
=h" (De — uy) 
1 4 n(n +1) 


_ 23 pint Gn et) gm td +n), (10) 
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SO 


bony 
| 


= lim Y fee") Ace = lim N f(x) Are 
k=1 k=1 


— lim k? n(n+1)(2n+1) © yn + 1) in 
n— 00 6 2 
3 lim rin Dn + 1) n(n + 1) + z 
n—>00 6n n n 
= la? (11) 


see also INTEGRAL, RIEMANN SUM 
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Riemann’s Integral Theorem 

Associated with an irreducible curve of GENUS (CURVE) 
p, there are p LINEARLY INDEPENDENT integrals of the 
first sort. The ROOTS of the integrands are groups of 
the canonical series, and every such group will give rise 
to exactly one integral of the first sort. 
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Riemann-Lebesgue Lemma 
Sometimes also called MERCER’S THEOREM. 


b 
lim f K(d, z)C sin(nz) dz = 0 


hl OO 


for arbitrarily large C and “nice” K(A, z). Gradshteyn 
and Ryzhik (1979) state the lemma as follows. If f(x) 
is integrable on [r,r], then 


lim f f(x) sin(tx) dz > 0 


i>00 

and x 
lim f(x) cos(tx) de > 0. 
t+ co r 
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Riemann-Mangoldt Function 


ORDD BE 


= Li(x) — y 


nontrivial p 


¿(p)=0 


me dt 
+] (2 —1)Int’ (1) 


ei(p ln x) — 1n 2 
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where ((z) is the RIEMANN ZETA FUNCTION, Li(x) is 
the LOGARITHMIC INTEGRAL and ei(z) is the EXPONEN- 
TIAL INTEGRAL. The MANGOLDT FUNCTION is given by 


A(n) = ior ifn = p™ for (m > 1) and p prime 


otherwise 
(2) 
O(a) _ An) 
ae) = 2a me (3) 
for Ris] > 1. 
Ja) = A), (4) 


The SUMMATORY Riemann-Mangoldt function is defined 
by 


w(x) = Y An) = O(a) + A(x?) +.... (5) 


see also PRIME NUMBER THEOREM, RIEMANN FUNC- 
TION 
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Riemann Mapping Theorem 

Let zo be a point in a simply connected region R 4 C. 
Then there is a unique ANALYTIC FUNCTION w = f(z) 
mapping R one-to-one onto the DISK |w| < 1 such that 
f(z) = 0 and f'(20) = 0. The COROLLARY guarantees 
that any two simply connected regions except R? can be 
mapped CONFORMALLY onto each other. 


Riemann’s Moduli Problem 
Find an ANALYTIC parameterization of the compact 
RIEMANN SURFACES in a fixed HOMOMORPHISM class. 
The AHLFORS-BERS THEOREM proved that RIEMANN’S 
MODULI SPACE gives the solution. 


see also AHLFORS-BERS THEOREM, RIEMANN’S MOD- 
ULI SPACE 


Riemann’s Moduli Space 

Riemann’s moduli space Rp is the space of ANALYTIC 
EQUIVALENCE CLASSES of RIEMANN SURFACES of fixed 
GENUS p. 

see also AHLFORS-BERS THEOREM, RIEMANN’S MOD- 
ULI PROBLEM, RIEMANN SURFACE 


Riemann P-Differential Equation 


2 — — i 1] — _ i 
Trp EE 
dz 


z—a z—b z-c 


aad du 


+ [eee =e) , APE = B= *) 


z-a z—b 


we — a)(c- 6) u _ 
PT (aca 


Riemann-Roch Theorem 


where 


arta + BB Ry Y =L 


Solutions are RIEMANN P-SERIES (Abramowitz and Ste- 

gun 1972, pp. 564-565). 
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Riemann P-Series 
The solutions to the RIEMANN P-DIFFERENTIAL EQUA- 
TION 


a b c 
z=Pia BB 7:52 
a py 
Solutions are given in terms of the HYPERGEOMETRIC 
FUNCTION by 


z—-a\* fz—c\" 
u = (55) (=) 
x2Fila+B+ya+ PB + y1+0—a;A) 
z—a\* [(2-cy? 
a= (5) (=) 


x Fila + B4+ ya 484140 —a;A) 


~ 
~~ 


X2Fi(at+h+y,a+6'+7;l+a-—a';d) 


w= (A) (EY 
t= (z-e z—b 


x Fila + Bry a +p Yla — aj À), 


where 
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Riemann-Roch Theorem 

The dimension of a complete series is equal to the sum 
of the order and index of specialization of any group, 
less the GENUS of the base curve 


r=N+i+p. 
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Riemann Series Theorem 


Riemann Series Theorem 

By a suitable rearrangement of terms, a conditionally 
convergent SERIES may be made to converge to any de- 
sired value, or to DIVERGE. 
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Riemann-Siegel Functions 


Re(RiemannSiegelZ z] Im[RiemannSiegelz z] |RiemannSiegelZ z| 


For a REAL POSITIVE t, the Riemann-Siegel Z function 
is defined by 


Z(t) = OLE + it). 


The top plot superposes Z(t) (thick line) on |£(3 + it)|, 
where ¢(z) is the RIEMANN ZETA FUNCTION. 


The Riemann-Siegel theta function appearing above is 
defined by 


Y = S[InT(F + Fit) — ¿tlnr] 
arg[['(+ + 51t)] — 5tlnr. 
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These functions are implemented in Mathematica® 
(Wolfram Research, Champaign, IL) as RiemannSiegelZ 
[z] and RiemannSiegelTheta[z], illustrated above. 


see also RIEMANN ZETA FUNCTION 
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Riemann Space 
see METRIC SPACE 


Riemann Sphere 

A 1-D COMPLEX MANIFOLD C*, which is the one-point 
compactification of the COMPLEX numbers C U {oo}, 
together with two charts. For all points in the Com- 
PLEX PLANE, the chart is the IDENTITY MAP from 
the SPHERE (with infinity removed) to the COMPLEX 
PLANE. For the point at infinity, the chart neighbor- 
hood is the sphere (with the ORIGIN removed), and the 
chart is given by sending infinity to 0 and all other points 
z to 1/z. 


Riemann-Stieltjes Integral 
see STIELTJES INTEGRAL 


Riemann Sum 


BEL hal 
Let a CLOSED INTERVAL [a,b] be partitioned by points 
a < z1 L t2< ... < Zn-1 < b, the lengths of the 
resulting intervals between the points are denoted Azı, 
Aza, ..., AZn. Then the quantity 


Y» f(ek)Aer 
k=1 


is called a Riemann sum for a given function f(x) and 
partition. The value max Azp is called the MESH SIZE 
of the partition. If the LIMIT max Az, — 0 exists, this 
limit is known as the Riemann INTEGRAL of f(x) over 
the interval [a,b]. The shaded areas in the above plots 
show the LOWER and UPPER SUMS for a constant MESH 
SIZE. 


see also LOWER SUM, RIEMANN INTEGRAL, UPPER SUM 


Riemann Surface 

The Riemann surface S of the ALGEBRAIC FUNCTION 
FIELD K is the set of nontrivial discrete valuations on 
K. Here, the set S corresponds to the IDEALS of the 
RING A of INTEGERS of K over C(z). (A consists of the 
elements of K that are ROOTS of MONIC POLYNOMIALS 
over C[z].) 
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see also ALGEBRAIC FUNCTION FIELD, IDEAL, RING 
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Riemann Tensor | 
A TENSOR sometimes known as the RIEMANN- 
CHRISTOFFEL TENSOR. Let 


where the quantity inside the { s 1 “ ) is a CHRISTOF- 


FEL SYMBOL OF THE SECOND KIND. Then 


A JP T z r q 
ra = — Tr ` 2 
Rpa Da l s l D l 5 (2) 
Broken down into its simplest decomposition in N-D, 


1 
Rapur = y a av Run — Jar Ryo - Juv Rar + gur Rav) 


R 
-NDN g "94 = Yan 9uv) + Orpen (3) 


Here, Ruy is the RICCI TENSOR, R is the CURVATURE 
SCALAR, and Cy, is the WEYL TENSOR. In terms of 
the JACOBI TENSOR J" vag, 


RY wp = US", — Thay): (4) 


The Riemann tensor is the only tensor that can be con- 
structed from the METRIC TENSOR and its first and 
second derivatives, 


a _ pa ae a H a a H 
R gys = Das, 7 Lars + Curas 7 Pus =- Daycys ’ (5) 
where IT are CONNECTION COEFFICIENTS and c are 
COMMUTATION COEFFICIENTS. The number of inde- 
pendent coordinates in n-D is 


Ln (n? — 1), (6) 


= 12 


Cn 


and the number of SCALARS which can be constructed 
from Rays and guv is 


g = 1 forn = 2 
m=) ¿n(n-1)n-2(n+3) forn=1,n> 2. 
(7) 
In 1-D, Ri111 = 0. 


see also BIANCHI IDENTITIES, CHRISTOFFEL SYM- 
BOL OF THE SECOND KIND, COMMUTATION Co- 
EFFICIENT, CONNECTION COEFFICIENT, CURVATURE 
SCALAR, GAUSSIAN CURVATURE, JACOBI TENSOR, 
PETROV NOTATION, RICCI TENSOR, WEYL TENSOR 
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Riemann Theta Function 

Let the IMAGINARY PaRT of a g x g MATRIX F be Pos- 
ITIVE DEFINITE, and m = (m1,...,™mg) be a row VEC- 
TOR with coefficients in Z. Then the Riemann theta 
function is defined by 


9(u) = Y exp[2ri(m"u + $F" m)]. 


m 


see also RAMANUJAN THETA FUNCTIONS, THETA 
FUNCTION 
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Riemann Weighted Prime-Power Counting 


Function 
The Riemann weighted prime-power counting function 
is defined by 


ra) + in?) + (0/9) ho 
for p” with pa prime(7) 
n(x) + ra?) + Em(ai/3) +... 
otherwise 


Ja(x) 


I 


1 [HT ps 
m — 5 In C(s) ds. (2) 


1 A 
t+00 21 Jo ¿q 


The PRIME COUNTING FUNCTION is given in terms of 
Fa (x) by 


n(x) =) A ate") E 


The function also satisfies the identity 


S 


In G(s) =j Jo(x)x~*~* de. i (4) 


see also MANGOLDT FUNCTION, PRIME COUNTING 
FUNCTION, RIEMANN’S FORMULA 


Riemann Xi Function 
see XI FUNCTION 


Riemann Zeta Function 


Im[Zeta z] 


Yi N 
4 . il PA ose 


Riemann Zeta Function 


The Riemann zeta function can be defined by the inte- 


gral 
1 © par! 
(=p) o a) 


where x > 1. If x is an INTEGER n, then 


n-—1 —u n—1 


oo 
u e u — —1 —k —1 
A A e NY Mu, (2) 
1 — e7" 
k=1 


00 n— il co oo 
/ Z du = > | eat du. (3) 
o ev -l — Jo 


Let y = ku, then dy = k du and 


¢(n) = NO of e Furl du 
EI 


SO 


- ÑO, Na f ey" dy, (4) 


where ['(n) is the GAMMA FUNCTION. Integrating the fi- 
nal expression in (4) gives T(n), which cancels the factor 
1/T(n) and gives the most common form of the Riemann 


zeta function, 
A 1 
cm) = So =. (5) 


At n = 1, the zeta function reduces to the HARMONIC 
SERIES (which diverges), and therefore has a singularity. 
In the COMPLEX PLANE, trivial zeros occur at —2, —4, 
--6,..., and nontrivial zeros at 


s=at+it (6) 


for 0< g < 1. The figures below show the structure of 
¢(z) by plotting |¢(z)| and 1/|¢(z)]. 


OHH Nw 


O Pob is & 
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The RIEMANN HYPOTHESIS asserts that the nontrivial 
Roots of ¢(s) all have REAL PART o = R[s] = 1/2, a 
line called the “CRITICAL STRIP.” This is known to be 
true for the first 1.5 x 101? roots (Brent et al. 1979). The 
above plot shows |¢(1/2+7t)| for t between 0 and 60. As 
can be seen, the first few nontrivial zeros occur at t = 
14.134725, 21.022040, 25.010858, 30.424876, 32.935062, 
37.586178, ... (Wagon 1991, pp. 361-362 and 367-368). 


The Riemann zeta function can also be defined in terms 
of MULTIPLE INTEGRALS by 


cs [if He O 
hd 


The Riemann zeta function can be split up into 
EG + it) = 20900, (8) 


where z(t) and V(t) are the RIEMANN-SIEGEL FUNC- 
TIONS. An additional identity is 


lim ¢(s) 7 = Y, (9) 


s—1 s— 1 


where y is the EULER-MASCHERONI CONSTANT. 


The Riemann zeta function is related to the DIRICHLET 
LAMBDA FUNCTION A(v) and DIRICHLET ETA FUNC- 
TION n(v) by 


(jv) AY) _ nl) 
xw 2-1 2-2 (10) 
and 
C(v) + nv) = 2A(v) (11) 


(Spanier and Oldham 1987). It is related to the LIOU- 
VILLE FUNCTION A(n) by 


(28) _ 57 At) 
ls) ~ 2a ne 
(Lehman 1960, Hardy and Wright 1979). Furthermore, 


C(s) S 
tas) 7 ee (13) 


(12) 


Y 
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where w(n) = oo(n) is the number of different prime 


factors of n (Hardy and Wright 1979). 


A generalized Riemann zeta function ¢(s,a) known as 
the HURWITZ ZETA FUNCTION can also be defined such 


that 
¢(s) = C(s, 0). (14) 


The Riemann zeta function may be computed analyti- 
cally for EVEN n using either CONTOUR INTEGRATION 
or PARSEVAL’S THEOREM with the appropriate FOUR- 
IER SERIES. An interesting formula involving the prod- 
uct of PRIMES was first discovered by Euler in 1737, 


) (1-7) 


) (15) 


(1277) = (1+ 2+ SH. 


= (as tt \-(s+etgte 
¢(x)(1 — 27 *)(1 — 37") 
EEN )leratz+t) 


37 gr ge Og 157 
(16) 
¢(x)(1 =27*)(1 37?) ---(1=p">) 
= ¢(e) [| [1 -p"”)=1. (17) 


Here, each subsequent multiplication by the next PRIME 
p leaves only terms which are POWERS of p ”. There- 


fore, 
(2) = Tio 05 | (18) 


p=2 


where p runs over all PRIMES. Euler’s product formula 
can also be written 


I] 0-29 J] 1-3”. 


¢(s) = 1-27)" 


(mod 4) (mod 4) 
(19) 
A few sum identities involving ¢(n) are 
> [¢(n) - J =1 (20) 
n=2 
Y (-1)"[€(n) - 1] = 3. (21) 
n=2 


The Riemann zeta function is related to the GAMMA 
FUNCTION T'(z) by 


T (2) 772(5) =T (- - =) 7 9-9/2¢(1 — s). (22) 


¢(n) was proved to be transcendental for all even n by 
Euler. Apéry (1979) proved ¢(3) to De IRRATIONAL with 
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the aid of the k~* sum formula below. As a result, ¢(3) 
is sometimes called APERY’S CONSTANT. 


oO 


(2) =3N 3 = (23) 
2 ¢__4)\k-1 

o (24) 

¢(4) = => 2, ka E (25) 


(Guy 1994, p. 257). A relation of the form 


¢(5) = y (26) 


has been searched for with Zs a RATIONAL or ALGE- 
BRAIC NUMBER, but if Zs is a ROOT of a POLYNOMIAL 
of degree 25 or less, then the Euclidean norm of the co- 
efficients must be larger than 2 x 10°” (Bailey, Bailey 
and Plouffe). Therefore, no such sums are known for 
((n) are known for n > 5. 


The zeta function is defined for R|s] > 1, but can be 
analytically continued to R[s] > 0 as follows 


yen” + y n*=2 5 n° 
n=l n=1 n=2,4, 
OO 
=25 (2k) = 2" oe (27) 
k=1 


Y (Dn? + G(s) = 277 °¢(s) (28) 


n=1 
ln: 
els) = 321 Y (-1) n`. (29) 
n=l 
The DERIVATIVE of the Riemann zeta function is defined 
by 
C(e) = -s SDK Ink = — Ink (30) 
ks 
k=1 k=2 
As s 0, 
¢' (0) = => In(27). (31) 


For EVEN n = 2k, 


9gn-1 |Bn Ir” 
n! , 


¿(n) = (32) 
where B, is a BERNOULLI NUMBER. Another intimate 
connection with the BERNOULLI NUMBERS is provided 
by 

Bn = (-1)"t'n¢(1 — n). (33) 
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No analytic form for ((n) is known for ODD n = 2k +1, 
but ¢(2k + 1) can be expressed as the sum limit 


¢(2k + 1) 


= (¿7 ye” lim ——— 


1 eo i 2k+1 
tatoo BRT >, [eot (z + i) (34) 


(Stark 1974). The values for the first few integral argu- 
ments are 


¢(0) = -5 
¢(1) = oo 
m? 
¢(2) = 5 
¢(3) = 1.2020569032... 
rt 
¢(4) = 90 
¢(5) = 1.0369277551... 
qye 
¢(6) = 945 
¢(7) = 1.0083492774.. 
8 
T 
¢(8) = 9450 
C(9) = 1.0020083928... 
nt? 
¢(10) = 93,555 


Euler gave ¢(2) to ¢(26) for EVEN n, and Stieltjes (1993) 
determined the values of ((2), ..., ((70) to 30 digits of 
accuracy in 1887. The denominators of ((2n) for n = 
1, 2, ... are 6, 90, 945, 9450, 93555, 638512875, 
(Sloane’s A002432). 


Using the LLL ALGORITHM, Plouffe (inspired by Zucker 
1979, Zucker 1984, and Berndt 1988) has found some 
beautiful infinite sums for ¢{n) with ODD n. Let 


S4(n) = 2 CES (35) 
then 
¢(3) = Gm — 28- (3) (36) 
(5) = zar — BS_(5) - ZS+(5) (37) 
C(7) = zer — 2S_(7) (88) 
C(9) = mim — 75 5- (9) — aoe S+(9) (39) 
¢(11) = ¿Em? - 28_(11) (40) 
¢(13) = TO ~ eme S- (13) — 5255 S+ (13) 
(41) 
C(15) = seors" — 29- (15) (42) 
¢(17) = TIATA — 10815 9- (17) 
~~ 130815 130815 9+ (17) (43) 
(19) = aes aro — 29_(19) (44) 
(21) = TE8T06381570220783T25 T — 5098178 S- (21) 
a 2008175 S+(21) (45) 


2 4 6 8 10 
The inverse of the RIEMANN ZETA FUNCTION 1/C(p) is 
the asymptotic density of pth-powerfree numbers (i.e., 
SQUAREFREE numbers, CUBEFREE numbers, etc.). The 
following table gives the number Q,(n) of pth-powerfree 


numbers < n for several values of n. 
1/¢{p) 10 100 10° 10° 10° 10° 


0.607927 7 61 608 6083 60794 607926 
0.831907 9 85 833 8319 83190 831910 
0.923938 10 93 925 9240 92395 923939 
0.964387 10 97 965 9645 96440 964388 

0.982953 10 99 984 9831 98297 982954 


oP w poll's 


The value for ¢(2) can be found using a number of dif- 
ferent techniques (Apostol 1983, Choe 1987, Giesy 1972, 
Holme 1970, Kimble 1987, Knopp and Schur 1918, Kor- 
tram 1996, Matsuoka 1961, Papadimitriou 1973, Sim- 
mons 1992, Stark 1969, Stark 1970, Yaglom and Yaglom 
1987). The problem of finding this value analytically 
is sometimes known as the BASLER PROBLEM (Castel- 
lanos 1988). Yaglom and Yaglom (1987), Holme (1970), 
and Papadimitrou (1973) all derive the result from DE 
MOIVRE’S IDENTITY or related identities. 


Consider the FOURIER SERIES of f(x) = zx?” 


f(z) = lao + y Am COS(MI) + y bm sin(ma), (46) 


ml 


which has coefficients given by 


ao = 2 f(a) de == | a?” de 
TJ, T Jo 
2n+1 ]7 2n 
_ 2) 2% _ 27 (47) 
Ti2ln+1 o 2n+1 
Am = z x°” cos(mx) dx 
a Kig 
2 * 2n 
= =| xz” cos(mz) dz (48) 
n Jo 
1 7 2n . 
bm = zJ “2” sin(mx) de = 0, (49) 


where the latter is true since the integrand is ODD. 
Therefore, the FOURIER SERIES is given explicitly by 


2 oO 
7 + Ss Am cos(mx). (50) 
rm=1 


1564 Riemann Zeta Function 


Now, @m is given by the COSINE INTEGRAL 


n _4)\k 
am = = (~1)"+ (2n)! sata) 2, ÓN 


n 


Ey 


Meño - (51) 


— 


0 


But cos(m7) = (—1)””, and sin(mr) = sin0 = 0, so 


= =(- 1" amy (-1)4+ 2k-1 
am = ) n) (2k 5 3) Im2”— 242" 

= 1 wires 9 )! (-1)* 2k-2 (52 

Ada 3 Pra. (82 
Now, ifn = 1, 


yee sae 
= 2(2!) 
ae > ae Gam (2k — 3)!m4-2k = a 2k” 
7 m+1 (-1) Roel 
= 4(-1) (ne = ae (53) 
so the FOURIER SERIES is 
2 ES m 
—1 
=z > +450 (C cosnz) A (54) 


2 00 
2 _ TA 1 
T A (55) 
and we have 
2) = Y Aot 56 
¢(2) = sm 6 ( ) 


Higher values of n can be obtained by finding am and 
proceeding as above. 


The value ¢(2) can also be found simply using the ROOT 
LINEAR COEFFICIENT THEOREM. Consider the equa- 
tion sin z = 0 and expand sin in a MACLAURIN SERIES 


z 
sinz = z TES =0 (57) 
2 44 fe. a 
si 31 BP = ~ apt Bp te (58) 


where w = z*. But the zeros of sin(z) occur at 7, 27, 37, 

.., SO the zeros of sin w = sin yz occur at n°, (27r)?, 
Therefore, the sum of the roots equals the COEFFICIENT 
of the leading term 


Fav tee =3=- 59 
tamte=i=p (9) 
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which can be rearranged to yield 


2 


ca)= +. (60) 


Yet another derivation (Simmons 1992) evaluates the 
integral using the integral 


1 t dd 1 1 
=f i 1 | [arar 
o Jo +7 YY o Jo 
1 ; 
= | e+ ay lay +...)]o dy 
0 
1 
= | atiti + .) dy 
0 
y y? 1 l 
= [y+ Bode, | rar (61) 
0 


To evaluate the integral, rotate the coordinate system 


by 7/4 so 


z =ucosé — vsin = 1/2 (u — v) (62) 
y = usin + vcosé = 42 (u +v) (63) 
and 
zy = Mu” — v’) (64) 
1 — zy = 4 (2 — u? +v’). (65) 
Then 
rad vaqa du dv 
2— u? +v? 
v2 —u 
+4 AA -=L+b. (66) 
V2 /2 2— u" +u 


Now compute the integrals f; and la. 


ds = dv 
Tf, =4 += du 
6 goes Sw 


v22 j 
= af e tan”? ea du 
e Ien J2—w) |, 
V2 /2 


1 —1 u 
= 4 ————— tan —=— | du. (67 


Make the substitution 


u = v2 sin (68) 
y 2 — u? = V2 cos (69) 
du = V2 cos 0 dð, (70) 


all about 
CRYSTAL SETS 


- by 
Charles Green 


ANT 


> 
O 


C2. =< 451 PHONES 


How-To -Build Simple 
Crystal Set Radios 


621.3841 allabout books no. 101 


A 
co. |] 
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sO 


-1 u — —1 /2 sin 0 _ 
tan (555) = tan Ga =) =0 (71) 


r/6 
1 TT 
I, =4 842 cos 6 do = 218?]7/8 = 
* J /2 cos8 o 


I> can also be computed analytically, 


v2 v2 -u du 
n=4 | f — U | du 
V2 /2 | Jo 2—u? + v4 


v2 1 Vv va ou 
= yl ES tan”? (+3) du 
an [vie Vrouw / |, 


E a (Via 
sajo, prg tan (=>) du. (73) 


But 
tan? (>) = tan” (PE Zar) 
V2 — u? V2 cos 8 


1—sin@ -1 cos O 
= tan ( cos 0 ) = tan (ns) 
sin(37 — 0) 
== 
tan” e eee 


2 cos?[ (27 — 8)] 


= tan 


= 3 (37 ~ 9), (74) 
SO 
r/2 4 
In=4 njo Ja cong TT 19) V2 cos 6 d8 
= 4 [510 - 4817, 


A 


Combining h and I2 gives 


n? ne 2 


T 
(J=hth=BWt+p= p (76) 
see also ABEL’S FUNCTIONAL EQUATION, DEBYE 
FUNCTIONS, DIRICHLET BETA FUNCTION, DIRICH- 
LET ETA FUNCTION, DIRICHLET LAMBDA FUNC- 
TION, HARMONIC SERIES, HURWITZ ZETA FUNC- 
TION, KHINTCHINE’S CONSTANT, LEHMER’S PHENOME- 
NON, PSI FUNCTION, RIEMANN HYPOTHESIS, RIEMANN 
P-SERIES, RIEMANN-SIEGEL FUNCTIONS, STIELTJES 
CONSTANTS, XI FUNCTION 
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Ch. 8 in Com- 
Reading, MA: 


Riemannian Geometry 

The study of MANIFOLDS having a complete RIEMAN- 
NIAN METRIC. Riemannian geometry is a general space 
based on the LINE ELEMENT 

ds = F(x’,...,2";dz’,...,dz”), 

with F(x,y) > 0 for y 4 0 a function on the TANGENT 
BUNDLE TM. In addition, F is homogeneous of degree 
1 in y and of the form 


F? = gi;(x) dz’ da? 


(Chern 1996). If this restriction is dropped, the resulting 
geometry is called FINSLER GEOMETRY. 


Riesel Number 
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Riemannian Geometry (N on-Euclidean) 
see ELLIPTIC GEOMETRY 


Riemannian Manifold 

A MANIFOLD possessing a METRIC TENSOR. For a com- 
plete Riemannian manifold, the METRIC d(z, y) is de- 
fined as the length of the shortest curve (GEODESIC) 
between z and y. 


see also BISHOP’S INEQUALITY, CHEEGER’S FINITENESS 
THEOREM 


Riemannian Metric 

Suppose for every point x in a COMPACT MANIFOLD 
M, an INNER PRODUCT (-,-),, is defined on a TANGENT 
SPACE T,M of M at x. Then the collection of all these 
INNER PRODUCTS is called the Riemannian metric. In 
1870, Christoffel and Lipschitz showed how to decide 
when two Riemannian metrics differ by only a coordi- 
nate transformation. 


see also COMPACT MANIFOLD, LINE ELEMENT, METRIC 
TENSOR 


Riesel Number 

There exist infinitely many ODD INTEGERS k such that 
k-2”—1 is COMPOSITE for every n > 1. Numbers k with 
this property are called RIESEL NUMBERS, and anal- 
ogous numbers with the minus sign replaced by a plus 
are called SIERPINSKI NUMBERS OF THE SECOND KIND. 
The smallest known Riesel number is k = 509,203, but 
there remain 963 smaller candidates (the smallest of 
which is 659) which generate only composite numbers for 
all n which have been checked (Ribenboim 1996, p. 358). 


Let a(k) be smallest n for which (2k—1)-2"—1is PRIME, 
then the first few values are 2, 0, 2, 1, 1, 2, 3, 1, 2, 1, 1, 
4, 3,1, 4, 1, 2, 2, 1, 3, 2, 7,... (Sloane’s A046069), and 
second smallest n are 3, 1, 4, 5, 3, 26, 7, 2, 4, 3, 2, 6, 9, 
2, 16, 5, 3, 6, 2553, ... (Sloane’s A046070). 

see also CUNNINGHAM NUMBER, MERSENNE NUMBER, 


SIERPINSKI’S COMPOSITE NUMBER THEOREM, SIER- 
PINÑSKI NUMBER OF THE SECOND KIND 
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Riesz-Fischer Theorem 
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Riesz-Fischer Theorem 
A function is L2- (square-) integrable IFF its FOURIER 
SERIES is L2-convergent. The application of this theo- 


rem requires use of the LEBESGUE INTEGRAL. 
see also LEBESGUE INTEGRAL 


Riesz Representation Theorem 

Let f be a bounded linear FUNCTIONAL on a HILBERT 
SPACE H. Then there exists exactly one xo € H such 
that f(x) = (x, zo) for all z € H. Also, ||f]] = ||xo]|. 


see also FUNCTIONAL, HILBERT SPACE 
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Riesz’s Theorem 
Every continuous linear functional U[f] for f € Cla, b) 
can be expressed as a STIELTJES INTEGRAL 


ULF] = | f(z) dw(2), 


where w(x) is determined by U and is of bounded vari- 
ation on [a,b]. 
see also STIELTJES INTEGRAL 
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Rifle Shuffle 

A SHUFFLE, also called a FARO SHUFFLE, in which a 
deck of 2n cards is divided into two HALVES which are 
then alternatively interleaved from the left and right 
hands (an “in-shuffle”) or from the right and left hands 
(an “out-shuffle”). Using an “in-shuffle,” a deck origi- 
nally arranged as 1 2 3 4 5 6 7 8 would become 51627 
3 8 4. Using an “out-shuffle,” the deck order would be- 
come 15263748. Rifle shuffles are used in card tricks 
(Marlo 1958ab, Adler 1973), and also in the theory of 
parallel processing (Stone 1971, Chen et al. 1981). 


In general, card k moves to the position originally oc- 
cupied by the 2kth card (mod 2n + 1). Therefore, in- 
shuffling 2n cards 2n times (where 2n + 1 is PRIME) re- 
sults in the original card order. Similarly, out-shuffling 
2n cards 2n — 2 times (where 2n — 1 is PRIME) results 
in the original order (Diaconis et al. 1983, Conway and 
Guy 1996). Amazingly, this means that an ordinary 
deck of 52 cards is returned to its original order after 8 
out-shuffles. 
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Morris (1994) further discusses aspects of the perfect 
riffle shuffle (in which the deck is cut exactly in half 
and cards are perfectly interlaced). Ramnath and Scully 
(1996) give an algorithm for the shortest sequence of in- 
and out-shuffles to move a card from arbitrary position 
i to position j. This algorithm works for any deck with 
an EVEN number of cards and is O(logn). 


see also CARDS, SHUFFLE 
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Rigby Points 

The PERSPECTIVE CENTERS of the TANGENTIAL and 
CONTACT TRIANGLES of the inner and outer SODDY 
POINTS. The Rigby points are given by 


Ri=I+%Ge 


Ri =I- < Ge, 


where J is the INCENTER and Ge is the GERGONNE 
POINT. 


see also CONTACT TRIANGLE, GERGONNE POINT, 
GRIFFITHS POINTS, INCENTER, OLDKNOW POINTS, 
SODDY POINTS, TANGENTIAL ‘TRIANGLE 
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Right Angle 

An ANGLE equal to half the ANGLE from one end of a 
line segment to the other. A right angle is 7/2 radians 
or 90°. A TRIANGLE containing a right angle is called a 
RIGHT TRIANGLE. However, a TRIANGLE cannot con- 
tain more than one right angle, since the sum of the two 
right angles plus the third angle would exceed the 180° 
total possessed by a TRIANGLE. 


see also ACUTE ANGLE, OBLIQUE ANGLE, OBTUSE AN- 
GLE, RIGHT TRIANGLE, SEMICIRCLE, STRAIGHT AN- 
GLE, THALES’ THEOREM 


Right Conoid 

A RULED SURFACE is called a right conoid if it can be 
generated by moving a straight LINE intersecting a fixed 
straight LINE such that the LINES are always PERPEN- 
DICULAR (Kreyszig 1991, p. 87). Taking the PERPEN- 
DICULAR plane as the xry-plane and the line to be the 
xz-AXIS gives the parametric equations 


x(u, v) = v cos B(u) 
y(u, v) = vsin (u) 
z(u,v) = h(u) 


(Gray 1993). Taking h(u) = 2u and (u) = u gives the 
HELICOID. 


see also HELICOID, PLUCKER’S CONOID, WALLIS’S 
CONICAL EDGE 
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Right Hyperbola 

A HYPERBOLA for which the ASYMPTOTES are PER- 
PENDICULAR. This occurs when the SEMIMAJOR and 
SEMIMINOR AXES are equal. Taking a = 6 in the equa- 
tion of a HYPERBOLA with SEMIMAJOR AXIS parallel to 
the z-AXIS and SEMIMINOR AXIS parallel to the y-AXIS 
(i.e., vertical DIRECTRIX), 


therefore gives 
(z — x0)” — (y— yo)” =a". 


A special type of right hyperbola is the so-called RECT- 
ANGULAR HYPERBOLA, which has equation zy = ab. 


see also HYPERBOLA, RECTANGULAR HYPERBOLA 


Right Line 
see LINE 


Right Strophoid 


Right Strophoid 


The STROPHOID of a line L with pole O not on L and 
fixed point O' being the point where the PERPENDICU- 
LAR from O to L cuts L is called a right strophoid. It is 
therefore a general STROPHOID with a = 7/2. 


The right strophoid is given by the Cartesian equation 


2 C— T? 2 


=—_ 1 
= (1) 
or the polar equation 
r = ccos(20) sec 8. (2) 
The parametric form of the strophoid is 
1- t? 
x(t) = +1 (3) 
£(t? — 1) 
a 4 
The right strophoid has CURVATURE 
4(1 + 3t?) 
t) = -a 5 
K( ) (1 + 6t? + £4)3/2 ( ) 
and TANGENTIAL ÁNGLE 
2t 
t) =-—2tan"*t-t | Ne 
p(t) an an IFE (6) 


The right strophoid first appears in work by Isaac Bar- 
row in 1670, although Torricelli describes the curve in 
his letters around 1645 and Roberval found it as the Lo- 
CUS of the focus of the conic obtained when the plane 
cutting the CONE rotates about the tangent at its vertex 
(MacTutor Archive). The AREA of the loop is 


Airo = te (4 — Tr) (7) 
(MacTutor Archive). 


Let C be the CIRCLE with center at the point where 
the right strophoid crosses the x-axis and radius the 
distance of that point from the origin. Then the right 
strophoid is invariant under inversion in the CIRCLE C 
and is therefore an ANALLAGMATIC CURVE. 


see also STROPHOID, TRISECTRIX 


References 

Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, p. 71, 1993. 

Lawrence, J. D. A Catalog of Special Plane Curves. New 
York: Dover, pp. 100-104, 1972. 

Lockwood, E. H. “The Right Strophoid.” Ch. 10 in A Book 
of Curves. Cambridge, England: Cambridge University 
Press, pp. 90-97, 1967. 

MacTutor History of Mathematics Archive. “Right Stro- 
phoid.” http: //www-groups.dcs.st-and.ac.uk/-history 
/Curves/Right.html. 


Right Strophoid Inverse Curve 


Right Strophoid Inverse Curve 


The INVERSE CURVE of a right strophoid is the same 
strophoid. 


Right Triangle 


b 
A TRIANGLE with an ANGLE of 90° (7/2 radians). The 
sides a, b, and c of such a TRIANGLE satisfy the Py- 
THAGOREAN THEOREM. The largest side is convention- 
ally denoted c and is called the HYPOTENUSE. 


For any three similar shapes on the sides of a right tri- 
angle, 


A; + Ag = Az, | (1) 


which is equivalent to the PYTHAGOREAN THEOREM. 
For a right triangle with sides a, b, and HYPOTENUSE c, 
let r be the INRADIUS. Then 


sab = 3ra + ¿rb+ src= 3r(a+b+c). (2) 


Solving for r gives 


ab 


= — 3 
"~~ atb+e (3) 
But any PYTHAGOREAN TRIPLE can be written 
a=m -n (4) 
b = 2mn (5) 
c= m+n’, (6) 


so (5) becomes 


(m? — n?)2mn 


q _ maaa lalima 
m? —n? + 2mn + m? +n? 


=n(m—n), (7) 


which is an INTEGER when m and n are integers. 


C 
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Given a right triangle AABC, draw the ALTITUDE AH 
from the RIGHT ANGLE A. Then the triangles AAHC 
and ABHA are similar. 


In a right triangle, the MIDPOINT of the HYPOTENUSE 
is equidistant from the three VERTICES (Dunham 1990). 
This can be proved as follows. Given AABC, let M 
be the MIDPOINT of AB (so that AM = BM). Draw 
DM||CA, then since ABDM is similar to ABCA, it 
follows that BD = DC. Since both ABDM and 
ACDM are right triangles and the corresponding legs 
are equal, the HYPOTENUSES are also equal, so we have 
AM = BM = CM and the theorem is proved. 


see also ACUTE TRIANGLE, ARCHIMEDES’ MIDPOINT 
THEOREM, BROCARD MIDPOINT, CIRCLE-POINT MID- 
POINT THEOREM, FERMAT’S RIGHT TRIANGLE THEO- 
REM, ISOSCELES TRIANGLE, MALFATTI’S RIGHT TRI- 
ANGLE PROBLEM, OBTUSE TRIANGLE, PYTHAGOREAN 
TRIPLE, QUADRILATERAL, RAT-FREE SET, TRIANGLE 
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Rigid 

A FRAMEWORK is rigid IFF continuous motion of the 
points of the configuration maintaining the bar con- 
straints comes from a family of motions of all EUCLID- 
EAN SPACE which are distance-preserving. A GRAPH G 
is (generically) d-rigid if, for almost all (i.e., an open 
dense set of) CONFIGURATIONS of p, the FRAMEWORK 
G(p) is rigid in RÊ. 

One of the first results in rigidity theory was the RIGID- 
ITY THEOREM by Cauchy in 1813. Although rigidity 
problems were of immense interest to engineers, inten- 
sive mathematical study of these types of problems has 
occurred only relatively recently (Connelly 1993, Graver 
ef al. 1993). 


see also BAR (EDGE), FLEXIBLE POLYHEDRON, FRAME- 
WORK, LAMAN’S THEOREM, LIEBMANN’S THEOREM, 
RIGIDITY THEOREM 
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Rigidity. Providence, RI: Amer. Math. Soc., 1993. 


Rigid Motion 
A transformation consisting of ROTATIONS and TRANS- 
LATIONS which leaves a given arrangement unchanged. 


see also EUCLIDEAN MOTION, PLANE, ROTATION 
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Rigidity Theorem 

If the faces of a conver POLYHEDRON were made of 
metal plates and the EDGES were replaced by hinges, 
the POLYHEDRON would be RIGID. The theorem was 
stated by Cauchy (1813), although a mistake in this pa- 
per went unnoticed for more than 50 years. An example 
of a concave “FLEXIBLE POLYHEDRON” (with 18 trian- 
gular faces) for which this is not true was given by Con- 
nelly (1978), and a FLEXIBLE POLYHEDRON with only 
14 triangular faces was subsequently found by Steffen 
(Mackenzie 1998). 


see also FLEXIBLE POLYHEDRON, RIGID 
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Ring 
A ring is a set together with two BINARY OPERATORS 
S(+,*) satisfying the following conditions: 


1. Additive associativity: For all a,b,c € S, (at+b)+c= 
a+(b+c), | 


2. Additive commutativity: For all a,b € S, a+ b = 
b+a, 


3. Additive identity: There exists an element 0 € S 
such that for all a € S,0+a=a+0=a, 


4. Additive inverse: For every a € S there exists —ainS 
such that a + (—a) = (-a)+a=0, 


5. Multiplicative associativity: For all a,b,c € S, (a* 
b)xc=ax(bxc), 
6. Left and right distributivity: For all a,b,c € S, a* 
(b+c) = (axb)+(axc) and (b+c)*a = (bxa)+ (c*a). 
A ring is therefore an ABELIAN GROUP under addition 
and a SEMIGROUP under multiplication. A ring must 
contain at least one element, but need not contain a 
multiplicative identity or be commutative. The number 
of finite rings of n elements for n = 1, 2,..., are 1, 2, 2, 
11, 2, 4, 2, 52, 11, 4, 2, 22, 2, 4, 4,... (Sloane’s A027623 
and A037234; Fletcher 1980). In general, the number of 


Ring Cyclide 


rings of order p? for p an ODD PRIME is 3p + 50 and 52 
for p = 2 (Ballieu 1947, Gilmer and Mott 1973). 


A ring with a multiplicative identity is sometimes called 
a UNIT RING. Fraenkel (1914) gave the first abstract 
definition of the ring, although this work did not have 
much impact. | 


A ring that is COMMUTATIVE under multiplication, has 
a unit element, and has no divisors of zero is called an 
INTEGRAL DOMAIN. A ring which is also a COMMUTA- 
TIVE multiplication group is called a FIELD. The sim- 
plest rings are the INTEGERS Z, POLYNOMIALS R[z] and 
R[z, y} in one and two variables, and SQUARE nxn REAL 
MATRICES. 


Rings which have been investigated and found to be of 
interest are usually named after one or more of their in- 
vestigators. This practice unfortunately leads to names 
which give very little insight into the relevant properties 
of the associated rings. 


see also ABELIAN GROUP, ARTINIAN RING, CHOW 
RING, DEDEKIND RING, DIVISION ALGEBRA, FIELD, 
GORENSTEIN RING, GROUP, GROUP RING, IDEAL, 
INTEGRAL DOMAIN, MODULE, NILPOTENT ELEMENT, 
NOETHERIAN RING, NUMBER FIELD, PRIME RING, 
PRUFER RING, QUOTIENT RING, REGULAR RING, 
RINGOID, SEMIPRIME RING, SEMIRING, SEMISIMPLE 
RING, SIMPLE RING, UNIT RING, ZERO DIVISOR 
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Ring Cyclide 


The inversion of a RING TORUS. If the inversion center 
lies on the torus, then the ring cyclide degenerates to a 
PARABOLIC RING CYCLIDE. 


Ring Function 


see also CYCLIDE, PARABOLIC CYCLIDE, RING CY- 
CLIDE, RING TORUS, SPINDLE CYCLIDE, TORUS 


Ring Function 
see TOROIDAL FUNCTION 


Ring Torus 


One of the three STANDARD TORI given by the para- 
metric equations 


x = (c+acosu) cos u 
y = (c+ acosv) sin u 
z= 


a sin y 


with c > a. This is the TORUS which is generally meant 
when the term “torus” is used without qualification. 
The inversion of a ring torus is a RING CYCLIDE if the 
INVERSION CENTER does not lie on the torus and a PAR- 
ABOLIC RING CYCLIDE if it does. The above left figure 
shows a ring torus, the middle a cutaway, and the right 
figure shows a CROSS-SECTION of the ring torus through 
the xz-plane. 


see also CYCLIDE, HORN TORUS, PARABOLIC RING CY- 
CLIDE, RING CYCLIDE, SPINDLE TORUS, STANDARD 
TORI, TORUS 
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Ringoid 

A ringoid R is a set (R, +, x) with two binary operators, 
conventionally denoted addition (+) and multiplication 
(x), where x distributes over + left and right: 


a(b + c) = ab + acand(b + c)a = ba + ca. 


A ringoid can be empty. 
see also BINARY OPERATOR, RING, SEMIRING 
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Risch Algorithm 
An ALGORITHM for indefinite integration. 


see also INDEFINITE INTEGRAL 


Robbins Equation 1571 


Rising Factorial 
see POCHHAMMER SYMBOL 


Rivest-Shamir-Adleman Number 
see RSA NUMBER 


RMS 
see ROOT-MEAN-SQUARE 


Robbin Constant 


R= 44+ 2£V2-2V3 + łln(1+ v2) 
+2 In(2 + V3) — ¿1 = 0.661707182.... 


see also TRANSFINITE DIAMETER 
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Robbin’s Inequality 
If the fourth MOMENT u4 # 0, then 


pa + 3(N — Do? 
papa > a) < PS Dot 


where g? is the VARIANCE. 


Robbins Algebra 

Building on work of Huntington (1933), Robbins con- 
jectured that the equations for a Robbins algebra, com- 
mutivity, associativity, and the ROBBINS EQUATION 


n(n(x+y)+n(x+n(y))) = 2, 


imply those for a BOOLEAN ÁLGEBRA. The conjecture 
was finally proven using a computer (McCune 1997). 
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Robbins Equation 


n(n(z + y) + n(x + ny))) = z. 


see also ROBBINS ÁLGEBRA 


1572 Robertson Condition 


Robertson Condition 

For the HELMHOLTZ DIFFERENTIAL EQUATION to be 
SEPARABLE in a coordinate system, the SCALE FACTORS 
h; in the LAPLACIAN 


3 
2 1 ð (hihehs 9 
Vv = 2 hahaha = ( hj? 2) (1) 


and the functions f,(u;) and ®;; defined by 


1 0 /.9Xa 
7 Ban (AS) (kdn tkz Dna +k3 Pns) Xn = 0 
(2) 


must be of the form of a STACKEL DETERMINANT 


$ $ $ 
11 12 13 hihehs 
S = [Linn | =|1 a O23 | = -—— >: 
Ba, an a| Al)flu)f us) 
(3) 
see also HELMHOLTZ DIFFERENTIAL EQUATION, LA- 
PLACE’S EQUATION, SEPARATION OF VARIABLES, 
STACKEL DETERMINANT 
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Robertson Conjecture 

A conjecture due to M. S. Robertson (1936) which treats 
a UNIVALENT POWER SERIES containing only ODD pow- 
ers within the UNIT Disk. This conjecture IMPLIES the 
BIEBERBACH CONJECTURE and follows in turn from the 
MILIN CONJECTURE. de Branges’ proof of the BIEBER- 
BACH CONJECTURE proceeded by proving the MILIN 
CONJECTURE, thus establishing the Robertson conjec- 
ture and hence implying the truth of the BIEBERBACH 
CONJECTURE. 


see also BIEBERBACH CONJECTURE, MILIN CONJEC- 
TURE 
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Robertson-Seymour Theorem 

A generalization of the KURATOWSKI REDUCTION THE- 
OREM by Robertson and Seymour, which states that the 
collection of finite graphs is well-quasi-ordered by minor 
embeddability, from which it follows that Kuratowski’s 
“forbidden minor” embedding obstruction generalizes to 
higher genus surfaces. 


Formally, for a fixed INTEGER g > 0, there is a finite 
list of graphs L(g) with the property that a graph C 
embeds on a surface of genus g IFF it does not contain, 
as a minor, any of the graphs on the list L. 
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Rogers-Ramanujan Continued Fraction 


Robin Boundary Conditions 

PARTIAL DIFFERENTIAL EQUATION BOUNDARY CONDI- 
TIONS which, for an elliptic partial differential equation 
in a region 2, specify that the sum of au and the normal 
derivative of u = f at all points of the boundary of Q, 
a and f being prescribed. 


Robin’s Constant 


see TRANSFINITE DIAMETER 


Robinson Projection 

A PSEUDOCYLINDRICAL MAP PROJECTION which dis- 
torts shape, AREA, scale, and distance to create attrac- 
tion average projection properties. 
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Robust Estimation 

An estimation technique which is insensitive to small 
departures from the idealized assumptions which have 
been used to optimize the algorithm. Classes of 
such techniques include M-ESTIMATES (which fol- 
low from maximum likelihood considerations), L- 
ESTIMATES (which are linear combinations of ORDER 
STATISTICS), and R-ESTIMATES (based on RANK tests). 


see also L-ESTIMATE, M-ESTIMATE, R-ESTIMATE 
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Rodrigues’s Curvature Formula 


dN + ki dr = 0, 
where N is the unit NORMAL VECTOR and k; is one of 
the two PRINCIPAL CURVATURES. 
see also NORMAL VECTOR, PRINCIPAL CURVATURES 


Rodrigues Formula 
An operator definition of a function. A Rodrigues for- 
mula may be converted into a SCHLAFLI INTEGRAL. 


see also SCHLAFLI INTEGRAL 


Rogers-Ramanujan Continued Fraction 
see RAMANUJAN CONTINUED FRACTION 


Rogers-Ramanujan Identities 


Rogers-Ramanujan Identities 
For |g| < 1 and using the NOTATION of the RAMANUJAN 
THETA FUNCTION, the Rogers-Ramanujan identities are 


O wat 
Fa, —q*) E 2, (De (1) 
A a ght 
Fed, —q?) 7 > (q)k , (2) 


where (q); are g-SERIES. Written out explicitly (Hardy 
1959, p. 13), 


q qe q? 
wia aai A ES 
1 
“ICAA © 
ee q? qê as 


ta-o- g)” 
1 
d= aaa) 


—— E ——_—_ 
1—q (1-9(- q”) 

“Gee tg") 
The identities can also be written succinctly as 
gk tek 


er TON j 


(1-—q") 


1 
= -JI (1 — gój+a+1) (1 = q? a+4)” (5) 
j= Z 


where a = 0, 1. 


Other forms of the Rogers-Ramanujan identities include 


( 1)*q (5k? —k)/2 
eae Ne 6 
"Dia (6) 


and 


2 (q; aa 


(Petkovšek et al. 1996). 
see also ANDREWS-SCHUR IDENTITY 


ayn! ~1)*( pu —k)/2 


a (q; )n— (9; q)n+k 


(7) 
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Rolle’s Theorem 

Let f be differentiable on (a, b) and continuous on [a,b]. 
If f(a) = f(b) = 0, then there is at least one point 
c € (a,b) where f'(c) = 0. 

see also FIXED POINT THEOREM, MEAN- VALUE 'THEO- 
REM 


Roman Coefficient 
A generalization of the BINOMIAL COEFFICIENT whose 
NOTATION was suggested by Knuth, 


n 7 [n]! 
nl Teel (1) 


The above expression is read “Roman n choose k.” 
Whenever the BINOMIAL COEFFICIENT is defined (i.e., 
n>k>0ork>0>m), the Roman coefficient agrees 
with it. However, the Roman coefficients are defined for 
values for which the BINOMIAL COEFFICIENTS are not, 


€g., 
n 1 
Pl E 
0 B NA 
el "A K 
a o forn <Q 4 
LSS O forn> 0. (4) 


The Roman coefficients also satisfy properties like those 
of the BINOMIAL COEFFICIENT, 


AI 


an analog of PASCAL'S FORMULA 


papal o 


1574 Roman Factorial 


and a curious rotation /reflection law due to Knuth 


> k+l | -n | _ ¢_4y\nt(n>0) | ~k 
ay 2, | = 1) pa (8) 
(Roman 1992). 

see also BINOMIAL COEFFICIENT, ROMAN FACTORIAL 


References 
Roman, S. “The Logarithmic Binomial Formula.” Amer. 
Math. Monthly 99, 641—648, 1992. 


Roman Factorial 


forn > 0 
forn < 0. (1) 


The Roman factorial arises in the definition of the HAR- 
MONIC LOGARITHM and ROMAN COEFFICIENT. It obeys 
the identities 


[n]! = [n] [n - 1]! (2) 
A ain est A (3) 
ina]! l-n = 1]! = (=) te, (4) 
where f 20 
n=; for n = 0 (5) 
and 


0 forn> 0. (6) 


see also HARMONIC LOGARITHM, HARMONIC NUMBER, 
ROMAN COEFFICIENT 
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Roman Numeral . 

A system of numerical notations used by the Romans. It 
is an additive (and subtractive) system in which letters 
are used to denote certain “base” numbers, and arbi- 
trary numbers are then denoted using combinations of 
symbols. 


Character Numerical Value 


1 

5 

10 
50 
100 
500 
1000 


Zoan eem 


For example, the number 1732 would be denoted MD- 
CCXXXII One additional rule states that, instead of 
using four symbols to represent a 4, 40, 9, 90, etc., such 
numbers are instead denoted by preceding the symbol 


Roman Surface 


for 5, 50, 10, 100, etc., with a symbol indicating subtrac- 
tion. For example, 4 is denoted IV, 9 as IX, 40 as XL, 
etc. However, this rule is generally not followed on the 
faces of clocks, where MIT is usually encountered instead 
of IV. 


Roman numerals are encountered in the release year for 
movies and occasionally on the numerals on the faces of 
watches and clocks, but in few other modern instances. 
They do have the advantage that ADDITION can be done 
“symbolically” (and without worrying about the “place” 
of a given DIGIT) by simply combining all the symbols 
together, grouping, writing groups of 5 Is as V, groups 
of 2 Vs as X, etc. 


Roman Surface 


A QUARTIC NONORIENTABLE SURFACE, also known as 
the STEINER SURFACE. The Roman surface is one of 
the three possible surfaces obtained by sewing a MOBIUS 
STRIP to the edge of a DISK. The other two are the BOY 
SURFACE and CROSS-CAP, all of which are homeomor- 
phic to the REAL PROJECTIVE PLANE (Pinkall 1986). 


The center point of the Roman surface is an ordi- 
nary TRIPLE POINT with (+1,0,0) = (0,+1,0) = 
(0,0,+1), and the six endpoints of the three lines of 
self-intersection are singular PINCH POINTS, also known 
as WHITNEY SINGULARITIES. The Roman surface is es- 
sentially six CROSS-CAPS stuck together and contains a 
double INFINITY of CONICS. 


The Roman surface can given by the equation 
(a? +y? +2" —k*)” = [(z—k)? —227][(z+k)* -24°]. (1) 


Solving for z gives the pair of equations 


k(y? — 22) + (2? — y?) yk? — a? — y? (2) 


2(x? + y?) 


2 = 


If the surface is rotated by 45° about the z-AXIS via the 
ROTATION MATRIX 


1 1 1 0 
R.(45°) = Y E : | (3) 


El = Ras [y] | (4) 


to give 


all about 
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Roman Surface 
then the simple equation 
ey +072? + yz +2kxyz=0 (5) 
results. The Roman surface can also be generated us- 
ing the general method for NONORIENTABLE SURFACES 
using the polynomial function | 
f(x,y,z) = (xy, yz, 22) (6) 


(Pinkall 1986). Setting 


= COs usin v (7) 
= sin usin v (8) 
z = COSV -© (9) 
in the former gives 
z(u,v) = ¿sin(2u) sin? v (10) 
y(u, v) = 5 sin u cos(2v) (11) 
z(u,v) = 5 cosu sin(2v) (12) 


for u € [0,27) and v € [-7/2,7/2]. Flipping sinv 
and cosv and multiplying by 2 gives the form shown 
by Wang. 


E EY 
WS att fu 
a Sth gee” 


A HOMOTOPY (smooth deformation) between the Ro- 
man surface and BOY SURFACE is given by the equa- 
tions 


dude V2 cos(2u) cos? v + cos usin(2v) 
| 2 — av 2sin(3u) sin(2v) 
une /2sin(2u) cos? v — sin usin(2v) 
Í 2 — avV/2sin(3u) sin(2v) 
e 3 cos” v 
2 — av2sin(3u) sin(2v) 


(13) 


(15) 


for u € [-r/2, 7/2] and v € [0,7] as a: varies from 0 to 
1. a = 0 corresponds to the Roman surface and a = 1 
to the Boy SURFACE (Wang). 


see also BOY SURFACE, CROSS-CAP, HEPTAHEDRON, 
MOBIUS STRIP, NONORIENTABLE SURFACE, QUARTIC 
SURFACE, STEINER SURFACE 
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Roman Symbol 


_fn tono 
n= (3 for n = 0. 


see also ROMAN FACTORIAL, HARMONIC LOGARITHM 
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Romberg Integration 

A powerful NUMERICAL INTEGRATION technique which 
uses k refinements of the extended TRAPEZOIDAL RULE 
to remove error terms less than order O(N~?*). The 
routine advocated by Press et al. (1992) makes use of 
NEVILLE'S ALGORITHM. 
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Rook Number 

The rook numbers r? of an n x n BOARD B are the 
number of subsets of size n such that no two elements 
have the same first or second coordinate. In other word, 
it is the number of ways of placing n rooks on B such 
that none attack each other. The rook numbers of a 
board determine the rook numbers of the complemen- 
tary board B, defined to be d x d\B. This is known 
as the ROOK RECIPROCITY THEOREM. The first few 
rook numbers are 1, 2, 7, 23, 115, 694, 5282, 46066, ... 
(Sloane’s A000903). For an n x n board, each n x n 


1576 Rook Reciprocity Theorem 


PERMUTATION MATRIX corresponds to an allowed con- 
figuration of rooks. 


see also ROOK RECIPROCITY THEOREM 
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Rook Reciprocity Theorem 


d d 


y re(d—k)ia2* = Y (Dir (d Data +1)? *. 


k=0 k=0 
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Rooks Problem 


The rook is a CHESS piece which may move any num- 
ber of spaces either horizontally or vertically per move. 
The maximum number of nonattacking rooks which may 
be placed on an n x n CHESSBOARD is n. This arrange- 
ment is achieved by placing the rooks along the diagonal 
(Madachy 1979). The total number of ways of placing 
n nonattacking rooks on an n x n board is n! (Madachy 
1979, p. 47). The number of rotationally and reflectively 
inequivalent ways of placing n nonattacking rooks on 
an n x n board are 1, 2, 7, 23, 115, 694, ... (Sloane’s 
A000903; Dudeney 1970, p. 96; Madachy 1979, pp. 46- 
54). 


Room Square 


The minimum number of rooks needed to occupy or at- 
tack all spaced on an 8 x 8 CHESSBOARD is 8, illustrated 
above (Madachy 1979). 


Consider an n x n chessboard with the restriction that, 


for every subset of {1, ..., n}, a rook may not be put 
in column s+ J (mod n) when on row j, where the rows 
are numbered 0, 1, ..., n — 1. Vardi (1991) denotes 


the number of rook solutions so restricted as rook(s, n). 
rook({1},n) is simply the number of DERANGEMENTS 
on n symbols, known as a SUBFACTORIAL. The first few 
values are 1, 2, 9, 44, 265, 1854, ... (Sloane’s A000166). 
rook({1,2},7) is a solution to the MARRIED COUPLES 
PROBLEM, sometimes known as MENAGE NUMBERS. 
The first few MENAGE NUMBERS are —1, 1, 0, 2, 13, 
80, 579, ... (Sloane’s A000179). 


Although simple formulas are not known for general {1, 

.., p}, RECURRENCE RELATIONS can be used to com- 
pute rook((1,...,p),n) in polynomial time for p = 3, 
..., 6 (Metropolis et al. 1969, Minc 1978, Vardi 1991). 


see also CHESS, MENAGE NUMBER, ROOK NUMBER, 
Rook RECIPROCITY THEOREM 
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Room Square 

A Room square (named after T. G. Room) of order n 
(for n ODD) is an arrangement in an n X n SQUARE 
MATRIX of n + 1 objects such that each cell is either 
empty or holds exactly two different objects. Further- 
more, each object appears once in each row and column 
and each unordered pair occupies exactly one cell. The 
Room square of order 2 is shown below. 


The Room square of order 8 is 


Root 
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Root 
The roots of an equation 


f(z) =0 (1) 


are the values of x for which the equation is satisfied. 
The FUNDAMENTAL THEOREM OF ALGEBRA states that 
every POLYNOMIAL equation of degree n has exactly n 
roots, where some roots may have a multiplicity greater 
than 1 (in which case they are said to be degenerate). 


To find the nth roots of a COMPLEX NUMBER, solve the 
equation z” = w. Then 


z” = |z|” [cos(n8) + isin(n8)] = jw] (cosd+isin p), (2) 


sO 


le = fw)?" (3) 
and 
arg(2) = Ê. (4) 


Rolle proved that any number has n nth roots (Boyer 
1968, p. 476). Householder (1970) gives an algorithm for 
constructing root-finding algorithms with an arbitrary 
order of convergence. Special root-finding techniques 
can often be applied when the function in question is a 
POLYNOMIAL. 


see also BAILEY’S METHOD, BISECTION PROCEDURE, 
BRENT’S METHOD, CROUT’S METHOD, DESCARTES’ 
SIGN RULE, FALSE POSITION METHOD, FUNDAMEN- 
TAL THEOREM OF SYMMETRIC FUNCTIONS, GRAEFFE’S 
METHOD, HALLEY’S IRRATIONAL FORMULA, HAL- 
LEY’S METHOD, HALLEY’S RATIONAL FORMULA, 
HORNER’S METHOD, HOUSEHOLDER’S METHOD, HUT- 
TON’S METHOD, ISOGRAPH, JENKINS- TRAUB METHOD, 
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LAGUERRE’S METHOD, LAMBERT’S METHOD, LEHMER- 
SCHUR METHOD, LIN’S METHOD, MAEHLY’S PROCE- 
DURE, MULLER’S METHOD, NEWTON’S METHOD, RID- 
DERS’ METHOD, ROOT DRAGGING THEOREM, SCHRO- 
DER’S METHOD, POLYNOMIAL, SECANT METHOD, 
STURM FUNCTION, STURM THEOREM, TANGENT HY- 
PERBOLAS METHOD, WEIERSTRAB APPROXIMATION 
THEOREM 
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Root Dragging Theorem 
If any of the ROOTS of a POLYNOMIAL are increased, 
then all of the critical points increase. 
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Root Linear Coefficient Theorem 

The sum of the reciprocals of ROOTS of an equation 
equals the NEGATIVE COEFFICIENT of the linear term 
in the MACLAURIN SERIES. 


see also NEWTON’S RELATIONS 


Root-Mean-Square 

The root-mean-square (RMS) of a variate z, sometimes 
called the QUADRATIC MEAN, is the SQUARE ROOT of 
the mean squared value of z: 


il 


R(x) (22) (1) 


y Zi 
f Piee? dz 


| P(z)dr 


Hoehn and Niven (1985) show that 


for a discrete distribution 


(2) 


for a continuous distribution. 


R(aı +Cc,02+C,...,0n +c) < c+ R(az,a2,...,Qn) 


for any POSITIVE constant c. 


Physical scientists often use the term root-mean-square 
as a synonym for STANDARD DEVIATION when they refer 
to the SQUARE ROOT of the mean squared deviation of 
a signal from a given baseline or fit. 
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see also ARITHMETIC-GEOMETRIC MEAN, ARITH- 
METIC-HARMONIC MEAN, GENERALIZED MEAN, GE- 
OMETRIC MEAN, HARMONIC MEAN, HARMONIC- 
GEOMETRIC MEAN, MEAN, MEDIAN (STATISTICS), 
STANDARD DEVIATION, VARIANCE 
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Root (Radical) 

The nth root (or “RADICAL” ) of a quantity z is a value 
r such that z = r”, and therefore is the INVERSE FUNC- 
TION to the taking of a POWER. The nth root is de- 
noted r = {z or, using POWER notation, r = z1r, 
The special case of the SQUARE ROOT is denoted yz. 
The quantities for which a general FUNCTION equals 0 
are also called ROOTS, or sometimes ZEROS. 


see also CUBE ROOT, ROOT, SQUARE ROOT, VINCULUM 


Root Test 
Let ux be a SERIES with POSITIVE terms, and let 


p= lim ur, 
k—=00 


1. If p < 1, the SERIES CONVERGES. 
2. If p > 1 or p= œ, the SERIES DIVERGES. 
3. If p = 1, the SERIES may CONVERGE or DIVERGE. 


This test is also called the CAUCHY ROOT TEST. 
see also CONVERGENCE TESTS 
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Root (Tree) 

A special node which is designated to turn a TREE into 
a ROOTED TREE. The root is sometimes also called 
“EVE,” and each of the nodes which is one EDGE fur- 
ther away from a given EDGE is called a CHILD. Nodes 
connected to the same node are then called SIBLINGS. 


see also CHILD, ROOTED TREE, SIBLING, TREE 


Root of Unity 
The nth Roots of UNITY are ROOTS ¢, = e2"**/? of 
the CYCLOTOMIC EQUATION 


q? = 1, 


which are known as the DE MOIVRE NUMBERS. 


see also CYCLOTOMIC EQUATION, DE MOIVRE’S IDEN- 
TITY, DE MOIVRE NUMBER, UNITY 
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Rooted Tree 


Rooted Tree 
1 0 


24 
TET 
al Y 


A TREE with a special node called the “ROOT” or 
“EVE.” Denote the number of rooted trees with n nodes 
by Tn, then the GENERATING FUNCTION is 


Ww VY 


= root 


T(z) = Y Tri" =g +27 + 20° + 4a* + 92° + 200° 
n=0 


+482" + 115g? + 2862 + 7190 +... (1) 


(Sloane's A000081). This POWER SERIES satisfies 


T(x) = z exp y “T(2") (2) 
t(2) = T(x) — 3[T°(e) - T(25), (3) 


where t(x) is the GENERATING FUNCTION for unrooted 
TREES. A GENERATING FUNCTION for Tn can be writ- 
ten using a product involving the sequence itself as 


z || aoe =>» Tc”. (4) 
n=l n=l 


The number of rooted trees can also be calculated from 
the RECURRENCE RELATION 


i 


isi = Y Y dTa Ti-j+1) (5) 


j=l dlj 


with To = 0 and Tı = 1, where the second sum is over 
all d which DIVIDE j (Finch). 


see also ORDERED TREE, RED-BLACK TREE, WEAKLY 
BINARY TREE 
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Rosatti’s Theorem 

There is a one-to-one correspondence between the sets 
of equivalent correspondences (not of value 0) on an ir- 
reducible curve of GENUS (CURVE) p, and the rational 
COLLINEATIONS of a projective space of 2p — 1 dimen- 
sions which leave invariant a space of p — 1 dimensions. 
The number of linearly independent correspondences 
will be that of linearly independent COLLINEATIONS. 
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Rose 


A curve which has the shape of a petalled flower. This 
curve was named RHODONEA by the Italian mathemati- 
cian Guido Grandi between 1723 and 1728 because it 
resembles a rose (MacTutor Archive). The polar equa- 
tion of the rose is | 


r = asin(n@), 


or 
r = acos(né). 


If n is ODD, the rose is n-petalled. If n is EVEN, the 
rose is 2n-petalled. If n is IRRATIONAL, then there are 
an infinite number of petals. 


The QUADRIFOLIUM is the rose with n = 2. The rose is 
the RADIAL CURVE of the EPICYCLOID. 


see also DAISY, MAURER ROSE, STARR ROSE 
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Rosenbrock Methods 

A generalization of the RUNGE-KUTTA METHOD for so- 
lution of ORDINARY DIFFERENTIAL EQUATIONS, also 
called KAPS-RENTROP METHODS. 


see also RUNGE-KUTTA METHOD 
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Rössler Model 
The nonlinear 3-D MAP 


X =-(Y +2) 
Y = X +0.2Y 


Z =0.2 + XZ-—c£. 


see also LORENZ SYSTEM 
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Rotation 

The turning of an object or coordinate system by an AN- 
GLE about a fixed point. A rotation is an ORIENTATION- 
PRESERVING ORTHOGONAL TRANSFORMATION. EU- 
LER’S ROTATION THEOREM states that an arbitrary ro- 
tation can be parameterized using three parameters. 
These parameters are commonly taken as the EULER 
ANGLES. Rotations can be implemented using ROTA- 
TION MATRICES. 


The rotation SYMMETRY OPERATION for rotation by 
360°/n is denoted “n.” For periodic arrangements of 
points (“crystals”), the CRYSTALLOGRAPHY RESTRIC- 
TION gives the only allowable rotations as 1, 2, 3, 4, and 
6. 


see also DILATION, EUCLIDEAN GROUP, EULER'S ROTA- 
TION THEOREM, EXPANSION, IMPROPER ROTATION, IN- 
FINITESIMAL ROTATION, INVERSION OPERATION, MIR- 
ROR PLANE, ORIENTATION-PRESERVING, ORTHOGO- 
NAL TRANSFORMATION, REFLECTION, ROTATION FOR- 
MULA, ROTATION GROUP, ROTATION MATRIX, ROTA- 
TION OPERATOR, ROTOINVERSION, SHIFT, TRANSLA- 
TION 
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Rotation Formula 


1580 Rotation Group 

A formula which relates the VECTOR r' to the ANGLE 
$ in the above figure (Goldstein 1980). Referring to the 
figure, 


rr =0N +NV+V0Q 


= ñ(ñ - r) + [r — A(A -r)|cos $ + (r x ñ) sin $ 


= rcos $ + ñ(ñ - r)(1 — cos $) + (r x ñ) sin €. 


The ANGLE ® and unit normal ñ may also be expressed 
as EULER ANGLES. In terms of the EULER PARAME- 
TERS, | 


r' =r(e0* — e1* — ez — e3’) + 2e(e-r) + 2(r x ñ) sin 9. 


see also EULER ANGLES, EULER PARAMETERS 
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Rotation Group 

There are three representations of the rotation groups, 
corresponding to EXPANSION/DILATION, ROTATION, 
and SHEAR. 


Rotation Matrix 

When discussing a ROTATION, there are two possible 
conventions: rotation of the azes and rotation of the 
object relative to fixed axes. 


curve rotated by angle O 


In RŽ, let a curve be rotated by a clockwise ANGLE 0, so 
that the original axes of the curve are x and y, and the 
new axes of the curve are x’ and y”. The MATRIX trans- 
forming the original curve to the rotated curve, referred 
to the original x and y axes, is 


—sin@ cos 


Ro = | cos @ ah (1) 


1.e., 


axes rotated by angle 8 
On the other hand, let the azes with respect to which 
a curve is measured be rotated by a clockwise ANGLE 


Roth’s Removal Rule 


6, so that the original axes are Xo and Yo, and the new 
axes are x and y. Then the MATRIX transforming the 
coordinates of the curve with respect to x and y is given 
by the MATRIX TRANSPOSE of the above matrix: 


(3) 


9 — | sinf cosé 


ro [oe pe) 


1.€., 
x = Ryxo. (4) 


In R?, rotations of the x-, y-, and z-axes give the ma- 
trices 


1 0 0 

Rz(a)= |0 cosa. sina (5) 
O —sina cosa 
cos 0 -sing 

Ry(8) = 0 1 0 (6) 


sinG 0  cosf 
cosy siny 0 
—siny cosy 0]. (7) 
0 0 1 


R.(y) = 


see also EULER ANGLES, EULER’S ROTATION THEO- 
REM, ROTATION 


Rotation Number 

The period for a QUASIPERIODIC trajectory to pass 
through the same point in a SURFACE OF SECTION. If 
the rotation number is IRRATIONAL, the trajectory will 
densely fill out a curve in the SURFACE OF SECTION. If 
the rotation number is RATIONAL, it is called the WIND- 
ING NUMBER, and only a finite number of points in the 
SURFACE OF SECTION will be visited by the trajectory. 


see also QUASIPERIODIC FUNCTION, SURFACE OF SEC- 
TION, WINDING NUMBER (MAP) 


Rotation Operator 
The rotation operator can be derived from examining 
an INFINITESIMAL ROTATION 


om (Gay + 
dt space E dt body i 


where d/dt is the time derivative, w is the ANGULAR 
VELOCITY, and x is the CROSS PRODUCT operator. 


see also ACCELERATION, ANGULAR ACCELERATION, IN- 
FINITESIMAL ROTATION 


Roth’s Removal Rule 
If the matrices A, X, B, and C satisfy 


AX — XB = C, 


then 


Roth’s Theorem 


where | is the IDENTITY MATRIX. 
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Roth’s Theorem 
For ALGEBRAIC a 


1 
ga+e ? 


< 


p 
q 


with e > 0, has finitely many solutions. Klaus Roth 
received a FIELDS MEDAL for this result. 


see also HURWITZ EQUATION, HURWITZ’S IRRATIONAL 
NUMBER THEOREM, LAGRANGE NUMBER (RATIO- 
NAL APPROXIMATION), LIOUVILLE’S RATIONAL AP- 
PROXIMATION THEOREM, LIOUVILLE-ROTH CONSTANT, 
MARKOV NUMBER, SEGRE’S THEOREM, THUE-SIEGEL- 
ROTH THEOREM 
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Rotkiewicz Theorem 
If n > 19, there exists a base-2 PSEUDOPRIME between 
n and n?. The theorem was proved in 1965. 


see also PSEUDOPRIME 
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Rotoinversion 
see IMPROPER ROTATION 


Rotor 

A convex figure that can be rotated inside a POLY- 
GON (or POLYHEDRON) while always touching every side 
(or face). The least AREA rotor in a SQUARE is the 
REULEAUX TRIANGLE. The least AREA rotor in an 
EQUILATERAL TRIANGLE is a LENS with two 60” ARCS 
of CIRCLES and RADIUS equal to the TRIANGLE ALTI- 
TUDE. 


There exist nonspherical rotors for the TETRAHEDRON, 
OCTAHEDRON, and CUBE, but not for the DODECAHE- 
DRON and ICOSAHEDRON. 
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see also LENS, REULEAUX TRIANGLE 
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Rotunda 


A class of solids whose only true member is the PEN- 
TAGONAL ROTUNDA. 


see also ELONGATED ROTUNDA, GYROELONGATED Ro- 
TUNDA, PENTAGONAL ROTUNDA, TRIANGULAR HEBE- 
SPHENOROTUNDA 
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Rouché’s Theorem 

Given two functions f and g ANALYTIC in A with y 
a simple loop HOMOTOPIC to a point in A, if |g(z)| < 
|f(z)| for all z on y, then f and f + g have the same 
number of ROOTS inside y. 
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Roulette 

The curve traced by a fixed point on a closed convex 
curve as that curve rolls without slipping along a sec- 
ond curve. The roulettes described by the Foc! of CoN- 
Ics when rolled upon a line are sections of MINIMAL 
SURFACES (i.e., they yield MINIMAL SURFACES when re- 
volved about the line) known as UNDULOIDS. 


Curve 1 Curve 2 Pole Roulette 

circle exterior on c. epicycloid 
circle 

circle interior on c. hypocycloid 
circle 

circle line on c. cycloid 

circle same circle any point rose 

circle line center parabola 

involute 

cy cloid line center ellipse 

ellipse line focus elliptic catenary 

hyperbola line focus hyperbolic catenary 

hyperbolic line origin tractrix 

spiral 

line any curve on line involute of curve 

logarithmic line any point line 

spiral 

parabola equal vertex cissoid of Diocles 
parabola 

parabola line focus catenary 


see also GLISSETTE, UNDULOID 
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Round 
see NINT 


Rounding 

The process of approximating a quantity, usually done 
for convenience or, in the case of numerical computa- 
tions, of necessity. If rounding is performed on each of 
a series of numbers in a long computation, round-off er- 
rors can become important, especially if division by a 
small number ever occurs. 


see also SHADOWING THEOREM 
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Routh-Hurwitz Theorem 
Consider the CHARACTERISTIC EQUATION 


AL ~ A] = A” +b ATI +... +.bn-1A + bn = 0 
determining the n EIGENVALUES à of a REAL n xn 
MATRIX A, where | is the IDENTITY MATRIX. Then the 


EIGENVALUES A all have NEGATIVE REAL PARTS if 


Ai > 0,A2 >0,...,An > 0, 


where 
bı 1 0 0 0 0 0 
bs ba by 1 0 0 0 
a, -| ds ba ba ba b, 0 0 
bar-1 bax—2 bar —3 bax—a Dar—5 bor-6 a fos bs 
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Routh’s Theorem 

If the sides of a TRIANGLE are divided in the ratios A: 1, 
u: 1, and v: 1, the CEVIANS form a central TRIANGLE 
whose AREA is 


er ed) PRA 
= (Au+A+i)(uv+ wt DíA + u +1) A, (1) 


where A is the AREA of the original TRIANGLE. For 
A=pP=VvEn, 


(n — 1)’ 


= N, 2 
n?+n+1 (2) 


For n = 2, 3, 4, 5, the areas are 5, 3, and į. The 


AREA of the TRIANGLE formed by connecting the divi- 
sion points on each side is 


A piv 


ER 5 (FETE EE EN 


(3) 


Routh’s theorem gives CEVA’S THEOREM and MENE- 
LAUS’ THEOREM as special cases. 


see also CEVA’S THEOREM, CEVIAN, MENELAUS’ THE- 
OREM 
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RSA Encryption 

A PUBLIC-KEY CRYPTOGRAPHY ALGORITHM which 
uses PRIME FACTORIZATION as the TRAPDOOR FUNC- 
TION. Define 


n = pq (1) 


for p and q PRIMES. Also define a private key d and a 
public key e such that 


E (2) 


(e, ġ(n)) =1, (3) 
where ġ(n) is the TOTIENT FUNCTION. 


Let the message be converted to a number M. The 
sender then makes n and e public and sends 


E = M* (mod n). (4) 
To decode, the receiver (who knows d) computes 
E? = (M°) = M? = MN®™*1 = M (mod m), (5) 


since N is an INTEGER. In order to crack the code, d 
must be found. But this requires factorization of n since 


p(n) = (p — 1)(4 — 1). (6) 


RSA Number 


Both p and q should be picked so that p + 1 andqÆ1 
are divisible by large PRIMES, since otherwise the POL- 
LARD p-1 FACTORIZATION METHOD or WILLIAMS p+1 
FACTORIZATION METHOD potentially factor n easily. It 
is also desirable to have $(¢(pq)) large and divisible by 
large PRIMES. 


It is possible to break the cryptosystem by repeated en- 
cryption if a unit of Z/¢(n)Z has small ORDER (Sim- 
mons and Norris 1977, Meijer 1996), where Z/sZ is the 
RING of INTEGERS between 0 and s — 1 under addition 
and multiplication (mod s). Meijer (1996) shows that 
“almost” every encryption exponent e is safe from break- 
ing using repeated encryption for factors of the form 


p=2p1 +1 (7) 

q=2q1 +1, (8) 
where 

pi = 2p2 + 1 (9) 

qı = 2q2 + 1, (10) 


and p, pı, p2, q, gi, and qa are all PRIMES. In this case, 


p(n) = 4pıqı (11) 
$(p(n)) = 8p2q2. (12) 


Meijer (1996) also suggests that p2 and q2 should be of 
order 107%. 


Using the RSA system, the identity of the sender can be 
identified as genuine without revealing his private code. 


see also PUBLIC-KEY CRYPTOGRAPHY 
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RSA Number 

Numbers contained in the “factoring challenge” of RSA 
Data Security, Inc. An additional number which is not 
part of the actual challenge is the RSA-129 number. The 
RSA numbers which have been factored are RSA-100, 
RSA-110, RSA-120, RSA-129, and RSA-130 (Cowie et 
al. 1996). 


RSA-129 is a 129-digit number used to encrypt one 
of the first public-key messages. This message was 
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published by R. Rivest, A. Shamir, and L. Adleman 
(Gardner 1977), along with the number and a $100 
reward for its decryption. Despite belief that the 
message encoded by RSA-129 “would take millions of 
years of break,” RSA-129 was factored in 1994 using 
a distributed computation which harnessed networked 
computers spread around the globe performing a mul- 
tiple polynomial QUADRATIC SIEVE FACTORIZATION 
METHOD. The effort was coordinated by P. Leylad, 
D. Atkins, and M. Graff. They received 112,011 full fac- 
torizations, 1,431,337 single partial factorizations, and 
8,881,138 double partial factorizations out of a factor 
base of 524,339 PRIMES. The final MATRIX obtained 
was 188, 346 x 188, 346 square. 


The text of the message was “The magic words are 
squeamish ossifrage” (an ossifrage is a rare, predatory 
vulture found in the mountains of Europe), and the FAc- 
TORIZATION (into a 64-DIGIT number and a 65-DIGIT 
number) is 


114381625757888867669235779976146612010218296 - - - 
++ 721242362562561842935706935245 7338978305971 - - - 
-- - 23563958705058989075147599290026879543541 

= 3490529510847650949147849619903898133417764: - - 
-+ + 638493387843990820577 - 3276913299326 - -- 

--- 6709549961988190834461413177642967992- -- 

>> + 942539798288533 


(Leutwyler 1994, Cipra 1995). 
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Rubik’s Clock 
A puzzle consisting of 18 small clocks. There are e 
possible configurations, although not all are realizable. 


see also RUBIK’S CUBE 
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Rubik’s Cube 


A 3x3x3 CUBE in which the 26 subcubes on the outside 
are internally hinged in such a way that rotation (by a 
quarter turn in either direction or a half turn) is possible 
in any plane of cubes. Each of the six sides is painted 
a distinct color, and the goal of the puzzle is to return 
the cube to a state in which each side has a single color 
after it has been randomized by repeated rotations. The 
PUZZLE was invented in the 1970s by the Hungarian 
Erno Rubik and sold millions of copies worldwide over 
the next decade. 


The number of possible positions of Rubik's cube is 


| 198912 
a = 43,252,003,274,489,856,000 
(Turner and Gold 1985). Hoey showed using the PÓLYA- 
BURNSIDE LEMMA that there are 901,083,404,981,813,- 
616 positions up to conjugacy by whole-cube symme- 
tries. 


Algorithms exist for solving a cube from an arbitrary ini- 
tial position, but they are not necessarily optimal (i.e., 
requiring a minimum number of turns). The maximum 
number of turns required for an arbitrary starting po- 
sition is still not known, although it is bounded from 
above. Michael Reid (1995) produced the best proven 
bound of 29 turns (or 42 “quarter-turns”). The proof 
involves large tables of “subroutines” generated by com- 
puter. 


However, Dik Winter has produced a program based on 
work by Kociemba which has solved each of millions of 
cubes in at most 21 turns. Recently, Richard Korf (1997) 
has produced a different algorithm which is practical 
for cubes up to 18 moves away from solved. Out of 10 
randomly generated cubes, one was solved in 16 moves, 
three required 17 moves, and six required 18 moves. 


Rudvalis Group 


see also RUBIK’S CLOCK 
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Rudin-Shapiro Sequence 
The sequence of numbers given by 


k-—1 
an = (1) “HE, (1) 
where n is written in binary 
Nn = €1€2...€k. (2) 


It is therefore the parity of the number of pairs of consec- 
utive 1s in the BINARY expansion of n. The SUMMATORY 


sequence is 
m 
Sn = > Gj, (3) 
j=0 
which gives 


pe 9/2 7 1 if k is even (4) 
E 9(*-1)/2 1 1 if k is odd 


(Blecksmith and Laud 1995). 
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Rudvalis Group 
The SPORADIC GROUP Ru. 


see also SPORADIC GROUP 
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PREFACE 


In the beginning of this century, when radio was called 
"Wireless", most of the early experimenters used a 
crystal set to receive radio signals. 


The crystal set is still the simplest type of radio 
receiver. A catwhisker (made from a thin wire) touching a 
sensitive spot on a piece of galena or silicon mineral 
crystal and a tuning coil, form the basic parts of this 


radio. 


Radio signals from a nearby station are picked up via 
antenna and ground connections to the crystal set. The 
galena or silicon crystal detects the signals and the 
resultant audio is heard with headphones. No battery or 
electrical power is required. 


na 


ada 


This book tells you about crystal sets and shows you how 
to build them, 


Charles Green 


Rule 


Rule | 

A usually simple ALGORITHM or IDENTITY. The term is 
frequently applied to specific orders of NEWTON-COTES 
FORMULAS. 


see also ALGORITHM, BAC-CAB RULE, BODE’S RULE, 
CHAIN RULE, CRAMER'S RULE, DESCARTES? SIGN 
RULE, DURAND’S RULE, ESTIMATOR, EULER’S RULE, 
EULER'S TOTIENT RULE, GOLDEN RULE, HARDY’S 
RULE, HORNER’S RULE, IDENTITY, L’HOSPITAL’S 
RULE, LEIBNIZ INTEGRAL RULE, METHOD, OSBORNE’S 
RULE, PASCAL’S RULE, POWER RULE, PRODUCT RULE, 
QUARTER SQUARES RULE, QUOTA RULE, QUOTIENT 
RULE, ROTH’S REMOVAL RULE, RULE OF 72, SIMP- 
SON’S RULE, SLIDE RULE, SUM RULE, TRAPEZOIDAL 
RULE, WEDDLE’S RULE, ZEUTHEN’S RULE 


Rule of 72 
70 o A 
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a 50 a -0.5 

g 40 $ -1 

a 

30 a Ls 
20 a 


5 10 15 20 0 5 10 15 20 
r (%) Yactual—Yrute72 (%) 


The time required for a given PRINCIPAL to double (as- 
suming n = 1 CONVERSION PERIOD) for COMPOUND 
INTEREST is given by solving 


2P=P(1+r, (1) 
> I= ln2 (2) 
= In(l+r)’ 


where LN is the NATURAL LOGARITHM. This function 
can be approximated by the so-called “rule of 72”: 


tz . (3) 


The above plots show the actual doubling time t (left 
plot) and difference between actual and time calculated 
using the rule of 72 (right plot) as a function of the 
interest rate r. 


see also COMPOUND INTEREST, INTEREST 
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Ruled Surface o | 
A SURFACE which can be swept out by a moving LINE in 
space and therefore has a parameterization of the form 


x(u, v) = b(u) + vó(u), (1) 
where b is called the DIRECTRIX (also called the BASE 
CURVE) and ĝ is the DIRECTOR CURVE. The straight 
lines themselves are called RULINGS. The rulings of a 
ruled surface are ASYMPTOTIC CURVES. Furthermore, 
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the GAUSSIAN CURVATURE on a ruled REGULAR SUR- 
FACE is everywhere NONPOSITIVE. 


Examples of ruled surfaces include the elliptic HYPER- 
BOLOID of one sheet (a doubly ruled surface) 


a(cosu F vsin u) a COS u —a cos u 
b(sinutcosu) | = | bsinu | +v | bsinu |, (2) 
cv 0 C 


the HYPERBOLIC PARABOLOID (a doubly ruled surface) 


alu + v) au a 
+bv = | 0 |+v|+b], (3) 
u? + 2uv u? 2u 


PLUCKER'S CONOID 


rcos@ 0 cos @ 
rsin = 0 +r |sinf |, (4) 
2 c0s Ó sin O 


2 cos @ sin 0 0 


and the MOBIUS STRIP 


cos u + ucos(7u) cos u 
a | sinu+ucos(5u) sin u 


v sin( =) 
cos u cos(5u) cos u 
=q | sinu | + av | cos(7u) sin u (5) 
0 sin(5u) 


(Gray 1993). 


The only ruled MINIMAL SURFACES are the PLANE and 
HELICOID (Catalan 1842, do Carmo 1986). 


see also ASYMPTOTIC CURVE, CAYLEY’S RULED SUR- 
FACE, DEVELOPABLE SURFACE, DIRECTOR CURVE, 
DIRECTRIX (RULED SURFACE), GENERALIZED CONE, 
GENERALIZED CYLINDER, HELICOID, NONCYLINDRI- 
CAL RULED SURFACE, PLANE, RIGHT CONOID, RULING 
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Ruler 

A STRAIGHTEDGE with markings to indicate distances. 
Although GEOMETRIC CONSTRUCTIONS are sometimes 
said to be performed with a ruler and COMPASS, the 
term STRAIGHTEDGE is preferable to ruler since mark- 
ings are not allowed by the classical Greek rules. 


see also COASTLINE PARADOX, COMPASS, GEOMETRIC 
CONSTRUCTION, GEOMETROGRAPHY, GOLOMB RULER, 
PERFECT RULER, SIMPLICITY, SLIDE RULE, STRAIGHT- 
EDGE 


1586 Ruler Function 

Ruler Function 

The exponent of the largest POWER of 2 which DIVIDES 
a given number k. The values of the ruler function are 
1, 2, 1, 3, 1, 2, 1, 4, 1, 2, ... (Sloane's A001511). 
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Ruling 
One of the straight lines sweeping out a RULED SUR- 
FACE. The rulings on a ruled surface are ASYMPTOTIC 
CURVES. 


see also ASYMPTOTIC CURVE, DIRECTOR CURVE, DI- 
RECTRIX (RULED SURFACE), RULED SURFACE 


Run 


A run is a sequence of more than one consecutive iden- 


tical outcomes, also known as a CLUMP. Given n BER- 


NOULLI TRIALS (say, in the form of COIN TOSSINGS), 
the probability P¿(n) of a run of t consecutive heads or 
tails is given by the RECURRENCE RELATION 


P,(n) = P(n — 1) + 27*[1 — Pe(n — £)), (1) 


where P,(n) = 0 for n < t and P,(t) = 217* (Bloom 
1996). 


Let C¿(m, k} denote the number of sequences of m indis- 
tinguishable objects of type A and k indistinguishable 
objects of type B in which no t-run occurs. The proba- 
bility that a t-run does occur is then given by 


OF (m, k) 
(MES) ? 


where (2) is a BINOMIAL COEFFICIENT. Bloom (1996) 


gives the following recurrence sequence for C¿(m, k), 


P¿(m,k) =1- (2) 


t—1 
Ci(m, k) = Y O(m- 1,k — i) 
i=0 


- Y Colm-t,k— 1) +exm,k), (3) 


where 


1 fm=0and0<k<t 
er(m,k)=% -1 ifm=tandO0<k<t (4) 
0 otherwise. 


Another recurrence which has only a fixed number of 

terms is given by 

Clm, k) = Cri(m— 1,k)+Ci(m,k—- 1) —Ci(m—t, k-— 1) 
—-Ci(m-—1,k-t)+C:(m-—t,k-t)+e¿(m,k), (5) 


Run 
where 


1  if(m,k)=(0,0) or (t,t) 
e: (m, k) = l —1 if(m,k)=(0,t) or (t,0) (6) 
0 otherwise 


(Goulden and Jackson 1983, Bloom 1996). These formu- 
las disprove the assertion of Gardner (1982) that “there 
will almost always be a clump of six or seven CARDS 
of the same color” in a normal deck of cards by giving 
Ps (26, 26) = 0.46424. 


Given n BERNOULLI TRIALS with a probability of suc- 
cess (heads) p, the expected number of tails is n(1 — p), 
so the expected number of tail runs > 1 is = n(1 — p)p. 
Continuing, 

Na = n(1 — p)p" (7) 


is the expected number of runs > R. The longest ex- 
pected run is therefore given by 


R = logy /p[n(1 — p)] (8) 


(Gordon et al. 1986, Schilling 1990). Given m 0s and n 
1s, the number of possible arrangements with u runs is 


— 21) G u = 2k 9 
fs ERSE u=2+1 ©) 


for k an INTEGER, where (z 


CIENT. Then 


) is a BINOMIAL COEFFI- 


P(u<u')= ` Ga . (10) 


Bloom (1996) gives the expected number of noncontigu- 
ous t-runs in a sequence of m Os and n ls as 


(m + 1)(n): + (n+ 1)(m): 


E(n,m,t) = mtn): 


» (1) 


where (a)n is the POCHHAMMER SYMBOL. For m > 10, 
u has an approximately NORMAL DISTRIBUTION with 
MEAN and VARIANCE 


2mn 
u= 1 12 
Hu = 1+ (12) 
7,2 = 2mn(2mn — m-n) (13) 


—(m+n)?(m+n-1) 


see also COIN TOSSING, EULERIAN NUMBER, PERMU- 
TATION, s-RUN 
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Runge-Kutta Method 

A method of integrating ORDINARY DIFFERENTIAL 
EQUATIONS by using a trial step at the midpoint of 
an interval to cancel out lower-order error terms. The 
second-order formula is 


ki = hf (an, yn) 
ko = hf (an + th, Yn + $k1) | 
Yn-+1 = Yn + ka + O(Ah?), 


and the fourth-order formula is 


kı = hf (tn, Yn) 
k2 = hf (an + th, yn + 3k1) 
ka = hf (an + $h, yn + 5k2) 
ka = hf (£n + h, Yn + k3) 
Ynti = Yn + Eki + fka + 3k3 + ¿ha + 0(h?). 


(Press et al. 1992). This method is reasonably simple 
and robust and is a good general candidate for numerical 
solution of differential equations when combined with an 
intelligent adaptive step-size routine. 


see also ADAMS’ METHOD, GILL’S METHOD, MILNE’S 


METHOD, ORDINARY DIFFERENTIAL EQUATION, 
ROSENBROCK METHODS 
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Runge-Walsh Theorem 

Let f(z) be an ANALYTIC FUNCTION which is REGULAR 
in the interior of a JORDAN CURVE C and continuous in 
the closed DOMAIN bounded by C. Then f(z) can be 
approximated with an arbitrary accuracy by POLYNO- 
MIALS. 


see also ANALYTIC FUNCTION, JORDAN CURVE 
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Running Knot 

A KNOT which tightens around an object when strained 
but slackens when the strain is removed. Running knots 
are sometimes also known as slip knots or nooses. 
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Russell’s Antinomy 

Let R be the set of all sets which are not members of 
themselves. Then R is neither a member of itself nor not 
a member of itself. Symbolically, let R = {x : x ¢ 2). 
Then RE RIFF RER. | 


Bertrand Russell discovered this PARADOX and sent it 
in a letter to G. Frege just as Frege was completing 
Grundlagen der Arithmetik. This invalidated much of 
the rigor of the work, and Frege was forced to add a note 
at the end stating, “A scientist can hardly meet with 
anything more undesirable than to have the foundation 
give way just as the work is finished. I was put in this 
position by a letter from Mr. Bertrand Russell when the 
work was nearly through the press.” 


see also GRELLING’S PARADOX 
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see RUSSELL’S ANTINOMY 
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Russian Multiplication 

Also called ETHIOPIAN MULTIPLICATION. To multiply 
two numbers a and b, write ay = a and bo = b in 
two columns. Under ao, write |ao/2|, where |x| is the 
FLOOR FUNCTION, and under bo, write 2by. Continue 
until a; = 1. Then cross out any entries in the b column 
which are opposite an EVEN NUMBER in the a column 
and add the b column. The result is the desired product. 
For example, for a = 27,b= 35 


27 35 
13 70 
6 140 
3 280° 
1 560 
945 


Russian Roulette 

Russian roulette is a GAME of chance in which one or 
more of the six chambers of a gun are filled with bullets, 
the magazine is rotated at random, and the gun is shot. 
The shooter bets on whether the chamber which rotates 
into place will be loaded. If it is, he loses not only his 
bet but his life. 


A modified version is considered by Blom et al. (1996) 
and Blom (1989). In this variant, the revolver is loaded 
with a single bullet, and two duelists alternately spin the 
chamber and fire at themselves until one is killed. The 
probability that the first duelist is killed is then 6/11. 
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Ryser Formula 
A formula for the PERMANENT of a MATRIX 


perm(aij)=(-1)” Y CD] [X as, 


sCf{l1,...,.n} i=1 jes 


where the SUM is over all SUBSETS of {1, ..., n}, and 
|s| is the number of elements in s. The formula can be 
optimized by picking the SUBSETS so that only a single 
element is changed at a time (which is precisely a GRAY 
CODE), reducing the number of additions from n? to n. 


It turns out that the number of disks moved after the 
kth step in the TOWERS OF HANOI is the same as the 
element which needs to be added or deleted in the kth 
ADDEND of the RYSER FORMULA (Gardner 1988, Vardi 
1991, p. 111) 


see also DETERMINANT, GRAY CODE, PERMANENT, 
TOWERS OF HANOI 
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Ryser Formula 


Puzzles € Diversions. New York: Simon and Schuster, 
1959. 

Knuth, D. E. The Art of Computer Programming, Vol. 2: 
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rithms. New York: Academic Press, 1975. 

Vardi, I. Computational Recreations in Mathematica. Read- 
ing, MA: Addison-Wesley, p. 111, 1991. 


s-Additive Sequence 


S 


s-Additive Sequence 

A generalization of an ULAM SEQUENCE in which each 
term is the SUM of two earlier terms in exactly s ways. 
(s,t)-additive sequences are a further generalization in 
which each term has exactly s representations as the 
SUM of t distinct earlier numbers. It is conjectured that 
0-additive sequences ultimately have periodic differences 
of consecutive terms (Guy 1994, p. 233). 


see also GREEDY ALGORITHM, STOHR SEQUENCE, 
ULAM SEQUENCE 
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s-Cluster 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let an n x n MATRIX have entries which are either 1 
(with probability p) or 0 (with probability q = 1 — p). 
An s-cluster is an isolated group of s adjacent (i.e., hori- 
zontally or vertically connected) 1s. Let Cn be the total 
number of “SITE” clusters. Then the value 


Ks(p) = lim (Cn) 


noo n? 


(1) 


called the MEAN CLUSTER COUNT PER SITE or MEAN 
CLUSTER DENSITY, exists. Numerically, it is found that 
Ks(1/2) = 0.065770... (Ziff et al. 1997). 


Considering instead “BOND” clusters (where numbers 
are assigned to the edges of a grid) and letting Cn be 
the total number of bond clusters, then 


Cn 
Kplp)= lim (Cn) (2) 
noo TL 
exists. The analytic value is known for p = 1/2, 
Ka(3)=3V3- i (3) 


(Ziff et al. 1997). 


see also BOND PERCOLATION, PERCOLATION THEORY, 
s-RUN, SITE PERCOLATION 
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s-Run 

N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 

Let v be a n-VECTOR whose entries are each 1 (with 
probability p) or 0 (with probability q = 1 — p). An 
s-run is an isolated group of s consecutive 1s. Ignoring 
the boundaries, the total number of runs Rn satisfies 


(Ra) 


rn 


Kn = 


=(1-p? Y p° =p(1-p)(1- p”), 


SO 
K(p) = lim Kn = p(1—p), 


TL OO 


which is called the MEAN RUN COUNT PER SITE or 
MEAN RUN DENSITY in PERCOLATION THEORY. 


see also PERCOLATION THEORY, s-CLUSTER 
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S-Signature 
see SIGNATURE (RECURRENCE RELATION) 


Saalschiitzian 
For a GENERALIZED HYPERGEOMETRIC FUNCTION 
Ol, 2,--+,%p41 
+F A 
pS | Br, Ba). Bo > | 


the Saalschiitzian S is defined if 
Yes Data 
see also GENERALIZED HYPERGEOMETRIC FUNCTION 


Saalschiitz’s Theorem 


n+1l),-2-y-2| T(etnt+1[(y+ntl) 
Tytztnt+)r(z+e2+n+1) 
T(iztn+ 1)(e+ytz2+n4+))’ 


po | —2,—y,—-2 AnS 
322 A A 


where 3F2(a, b, c;d, e; z) is a GENERALIZED HYPERGEO- 
METRIC FUNCTION and [(z) is the GAMMA FUNCTION. 


1590 Saddle 


It can be derived from the DOUGALL-RAMANUJAN 
IDENTITY and written in the symmetric form 


(d — a)jo (d — b) icl 


3F3(a, b,c; d,e; 1) = dje¡(d— a — b)j¢| 


for d+e = a+b+c+1 with ca negative integer and (a)n 
the POCHHAMMER SYMBOL (Petkovšek et al. 1996). 


see also DOUGALL-RAMANUJAN IDENTITY, GENERAL- 
IZED HYPERGEOMETRIC FUNCTION 
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Saddle 
A SURFACE possessing a SADDLE POINT. 


see also HYPERBOLIC PARABOLOID, MONKEY SADDLE, 
SADDLE POINT (FUNCTION) 


Saddle-Node Bifurcation 
see FOLD BIFURCATION 


Saddle Point (Fixed Point) 


see HYPERBOLIC FIXED POINT (DIFFERENTIAL EQUA- 
TIONS), HYPERBOLIC FIXED POINT (MAP) 


Saddle Point (Function) 

A POINT of a FUNCTION or SURFACE which is a STA- 
TIONARY POINT but not an EXTREMUM. An example 
of a 1-D FUNCTION with a saddle point is f(x) = 2’, 
which has 


F (x) = 3z 
f” (x) = 62 
f” (a) — 6. 


This function has a saddle point at zo = 0 by the Ex- 
TREMUM TEST since f”(zo) = 0 and f” (zo) = 6 Æ 0. 
An example of a SURFACE with a saddle point is the 
MONKEY SADDLE. 


Saddle Point (Game) 
For a general two-player ZERO-SUM GAME, 


min min a;¿ < min max Gij. 
Lm jan ¿in ilm 


If the two are equal, then write 


min mina;; = min max đij = V, 
i<m jin jin ilm 


where v is called the VALUE of the GAME. In this case, 
there exist optimal strategies for the first and second 
players. 


Saint Andrew’s Cross 


A NECESSARY and SUFFICIENT condition for a saddle 

point to exist is the presence of a PAYOFF MATRIX ele- 

ment which is both a minimum of its row and a maxi- 

mum of its column. A GAME may have more than one 

saddle point, but all must have the same VALUE. 

see also GAME, PAYOFF MATRIX, VALUE 
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Safarevich Conjecture 
see SHAFAREVICH CONJECTURE 


Safe 


A position in a GAME is safe if the person who plays 
next will lose. 


see also GAME, UNSAFE 


© 


Sagitta 


‘VAIN 
— 


The PERPENDICULAR distance s from an ARC’s MID- 
POINT to the CHORD across it, equal to the RADIUS r 
minus the APOTHEM a, 

s=r—4a. (1) 


For a regular POLYGON of side length a, 


= jatan (=) (2) 
= r tan (=) tan (=) (3) 
= 2Rsin” (E) , (4) 


where R is the CIRCUMRADIUS, r the INRADIUS, a is the 
side length, and n is the number of sides. 


see also APOTHEM, CHORD, SECTOR, SEGMENT 


Saint Andrew’s Cross 


_ Saint Anthony’s Cross 


A GREEK CROSS rotated by 45°, also called the crux 
decussata. The MULTIPLICATION SIGN x is based on 
Saint Andrew’s cross (Bergamini 1969), 


see also CROSS, GREEK CROSS, MULTIPLICATION SIGN 
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Saint Anthony’s Cross 


A CROSS also called the tau cross or crux commissa. 


see also CROSS 


Saint Petersburg Paradox 

Consider a game in which a player bets on whether a 
given Toss of a COIN will turn up heads or tails. If he 
bets $1 that heads will turn up on the first throw, $2 
that heads will turn up on the second throw (if it did 
not turn up on the first), $4 that heads will turn up on 
the third throw, etc., his expected payoff is 


1(1) + 4(2) 4 2(4)+...= R45 +3 4+...= 00. 


Apparently, the first player can be in the hole by any 
amount of money and still come out ahead in the end. 
This PARADOX was first proposed by Daniel Bernoulli. 


The paradox arises as a result of muddling the distinc- 
tion between the amount of the final payoff and the net 
amount won in the game. It is misleading to consider 
the payoff without taking into account the amount lost 
on previous bets, as can be shown as follows. At the 
time the player first wins (say, on the nth toss), he will 


have lost i 
Y DOTE = ia _ 1 
k=1 


dollars. In this toss, however, he wins 2”~* dollars. This 
means that the net gain for the player is a whopping $1, 
no matter how many tosses it takes to finally win. As 
expected, the large payoff after a long run of tails is 
exactly balanced by the large amount that the player 
has to invest. 


In fact, by noting that the probability of winning on 
the nth toss is 1/2”, it can be seen that the probability 
distribution for the number of tosses needed to win is 
simply a GEOMETRIC DISTRIBUTION with p = 1/2. 


see also COIN TOSSING, GAMBLER’S RUIN, GEOMETRIC 
DISTRIBUTION, MARTINGALE 
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Sal 
see WALSH ¡FUNCTION 


Salamin Formula 
see BRENT-SALAMIN FORMULA 


Salem Constants 

Each point of the PISOT- VIJAYARAGHAVAN CONSTANTS 
S is a LIMIT POINT from both sides of a set T known as 
the Salem constants (Salem 1945). The Salem constants 
are algebraic INTEGERS > 1 in which one or mote of the 
conjugates is on the UNIT CIRCLE with the others inside 
(Le Lionnais 1983, p. 150). The smallest known Salem 
number was found! by! kehmer: (1933) as the largest REAL 
Root of 


10 9 7 6 5 4 
rt +r -r -£t -Tt -T —~g?+zr2+1=0, 


which is 

oí = 1.176280818... 
(Le Lionnais 1983, p. 35). Boyd (1977) found the fol- 
lowing table of small Salem numbers, and suggested that 
01, 02, 03, and g4 are the smallest Salem numbers. The 


NOTATION 1 1 0 —1 —1 —1 is short for 1 1 0 —1 —1 —1 
—1 -10 1 1, the coefficients of the above polynomial. 
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O 0 3] O om & bw pos 


Tk 


1.1762808183 
1.1883681475 
1.2000265240 
1.2026167437 
1.2163916611 
1.2197208590 
1.2303914344 
1.2326135486 
1.2356645804 
1.2363179318 
1.2375048212 
1.2407264237 
1.2527759374 
1.2533306502 
1.2550935168 
1.2562211544 
1.2601035404 
1.2602342369 
1.2612309611 
1.2630381399 
1.2672964425 
1.2806381563 
1.2816913715 


1.2824955606 
1.2846165509 
1.2847468215 
1.2850993637 


1.2851215202 


1.2851856708 
1.2851967268 
1.2851991792 


1.2852354362 
1.2854090648 


1.2863959668 
1.2867301820 
1.2917414257 
1.2920391602 
1.2934859531 
1.2956753719 


Salesman Problem 


polynomial 


1i10-—1-1-1 
1-11-100-—11-11 
100-—1-1001 
10-10000-1 

1000-—1-—1 
1-1000000-i1 
100-10 —1 
1-1000-1100-11 

10-1 -1000110-1-1 
1-1000000-1 
10-100-100-101001 

1 —1 1 —1 0 0 -1 
100000-1 —1 —1 —i 
10-100-100000 
10-1-1010-1 
1-100-11000-—1 
1-100-110-11-101-1 
1-10-—11000-—11-—11 
10-100-1 
1-10000-10000001 
1-10000-—11 

100-—1-1 

100000—1 —1 

=1 —-1-1-1-1-1 
1-22-22 -2 1 0 —1 1 —1 
1000-10-1-—10-—1 
1-211-2100-—110-—11-—1 
10000-—1-—1 —1-—-1-1-1000 
Oi 

1-22-210-12-2 
10-—11-—11—1 
1-1000000-1000-100-1 
10-1-100010-1-1011 
1-100000-1000-1 
00000001001 
10-100-1-i100010010-—1 
1-100-11-101-—1 

1 0—1 1 —1 01 —1 

1 —2 2 —2 2 —2 2 —3 3 —3 

1 —i 0 Ò —1 1 —1 0 1 —1 1 0 —1 1 
1-10000-1000000 
10-100-100-101 
10-—1-101 
1-100-11-101-1 


see also PISOT-VIJAYARAGHAVAN CONSTANTS 
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Salesman Problem 


see TRAVELING SALESMAN PROBLEM 
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Sample Proportion 


Salient Point 
A point at which two noncrossing branches of a curve 
meet with different tangents. 


see also CUSP 


Salinon 


The above figure formed from four connected SEMICIR- 
CLES. The word salinon is Greek for salt cellar, which 
the figure resembles. 


see also ARBELOS, PIECEWISE CIRCULAR CURVE, SEMI- 
CIRCLE 


Salmon’s Theorem 

Given a track bounded by two confocal ELLIPSES, if a 
ball is rolled so that its trajectory is tangent to the in- 
ner ELLIPSE, the ball’s trajectory will be tangent to the 
inner ELLIPSE following all subsequent caroms as well. 


References 
Salmon, G. A Treatise on Conic Sections. 


Chelsea, p. 182, 1954. 


New York: 


Saltus 
The word saltus has two different meanings: either a 
jump or an oscillation of a function. 


Sample Proportion 
Let there be x successes out of n BERNOULLI TRIALS. 
The sample proportion is the fraction of samples which 


were SUCCESSES, SO 
A T 
7 (1) 


For large n, p has an approximately NORMAL DISTRI- 
BUTION. Let RE be the RELATIVE ERROR and SE the 
STANDARD ERROR, then 


(2) 


P 
SE(p) = 0(p) = 2 (3) 
RE(9) = y PEA efc, (4) 


where CI is the CONFIDENCE INTERVAL and erf z is the 
ERF function. The number of tries needed to determine 
p with RELATIVE ERROR RE and CONFIDENCE INTER- 


VAL CI is 
n = Aer T (CDJ PA — P) (5) 
(RE)? ) 


Sample Space 


Sample Space 

Informally, the sample space for a given set of events 
is the set of all possible values the events may assume. 
Formally, the set of possible events for a given variate 
forms a SIGMA ALGEBRA, and sample space is defined 
as the largest set in the SIGMA ALGEBRA. 


see also PROBABILITY SPACE, RANDOM VARIABLE, 
SIGMA ÁLGEBRA, STATE SPACE 


Sample Variance 

To estimate the population VARIANCE from a sample 
of N elements with a priori unknown MEAN (i.e., the 
MEAN is estimated from the sample itself), we need an 
unbiased ESTIMATOR for ø. This is the k-STATISTIC k2, 


where 
N 


k2 = Nm (1) 
and ma = s* is the sample variance 
2 
s = y (ei - 2) E (2) 
i=l 
Note that some authors prefer the definition 
E E 2 

s LEA (3) 


since this makes the sample variance an UNBIASED Es- 
TIMATOR for the population variance. 


see also k-STATISTIC, VARIANCE 


Sampling 

For infinite precision sampling of a band-limited signal 
at the NYQUIST FREQUENCY, the signal-to-noise ratio 
after N¿ samples is 


(Poo) po” 


i e ñ _—_ 5 


A 
Cnc E o? N7? /1 + p? /1 + p? 


where p is the normalized cross-correlation COEFFI- 


CIENT 
(x(t) (w(t) a 
(20) (0) 


SNR = 


Y Na, 
(1) 


p= 


For p< 1, 
SNR = py Nq. (3) 
The identical result is obtained for oversampling. For 


undersampling, the SNR decreases (Thompson et al. 
1986). 


see also NYQUIST SAMPLING, OVERSAMPLING, QUANTI- 
ZATION EFFICIENCY, SAMPLING FUNCTION, SHANNON 
SAMPLING THEOREM, SINC FUNCTION 
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Sampling Function 
The 1-D sampling function is given by 


oO 


S(z) = Y ó(r-nAn), 


where 6 is the DIRAC DELTA FUNCTION. The 2-D ver- 


sion is 
S(u, v) = > su — Un y VU — Un), 


which can be weighted to 
S(u, v) = y RaTnDnó(u — Un, v — Un), 


where Rn is a reliability weight, Dn is a density weight 
(WEIGHTING FUNCTION), and Tp is a taper. 


see also SHAH FUNCTION, SINC FUNCTION 


Sampling Theorem 

In order for a band-limited (i.e., one with a zero POWER 
SPECTRUM for frequencies f > B) baseband (f > 0) 
signal to be reconstructed fully, it must be sampled at a 
rate f > 2B. A signal sampled at f = 2B is said to be 
NYQUIST SAMPLED, and f = 2B is called the NYQUIST 
FREQUENCY. No information is lost if a signal is sam- 
pled at the NYQUIST FREQUENCY, and no additional 
information is gained by sampling faster than this rate. 


see also ALIASING, NYQUIST FREQUENCY, NYQUIST 
SAMPLING, OVERSAMPLING 


San Marco Fractal 


The FRACTAL J(—3/4,0), where J is the JULIA SET. It 
slightly resembles the MANDELBROT SET. 

see also DOUADY’S RABBIT FRACTAL, JULIA SET, 
MANDELBROT SET 
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Sandwich Theorem 
see HAM SANDWICH THEOREM, SQUEEZING THEOREM 


1594 Sard’s Theorem 


Sard’s Theorem 


The set of “critical values” of a MAP u: R” — R” of 


CLAss C! has LEBESGUE MEASURE 0 in R”. 
see also CLASS (MAP), LEBESGUE MEASURE 
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Sarkovskii’s Theorem 
Order the NATURAL NUMBERS as follows: 


3~4547~9~11 413415 ~...<%2:3~2-5 «2-7 
~2-94~...~4 2-2-3 ~42-2-5~2-2-7 
22:-2:9X3...<2:2-2:3=<... 

~ 2° ~2* ~ 29 ~ 27 ~2 x1. 


Now let F be a CONTINUOUS FUNCTION from the REALS 
to the REALS and suppose p ~ q in the above ordering. 
Then if F has a point of LEAST PERIOD p, then F also 
has a point of LEAST PERIOD q. 


A special case of this general result, also known as Sar- 
kovskii’s theorem, states that if a CONTINUOUS REAL 
function has a PERIODIC POINT with period 3, then 
there is a PERIODIC POINT of period n for every IN- 
TEGER n. l 


A converse to Sarkovskii’s theorem says that if p < q 
in the above ordering, then we can find a CONTINUOUS 
FUNCTION which has a point of LEAST PERIOD q, but 
does not have any points of LEAST PERIOD p (Elaydi 
1996). For example, there is a CONTINUOUS FUNCTION 
with no points of LEAST PERIOD 3 but having points of 
all other LEAST PERIODS. 


see also LEAST PERIOD 
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Sárkozy?s Theorem 

A partial solution to the ERDÓS SQUAREFREE CON- 
JECTURE which states that the BINOMIAL COEFFICIENT 
Em) is never SQUAREFREE for all sufficiently large n > 
no. Sárkózy (1985) showed that if s(n) is the square 
part of the BINOMIAL COEFFICIENT (*"), then 


In s(n) ~ (V2 —2)¢(2) v, 


SAS Theorem 


where ¢(z) is the RIEMANN ZETA FUNCTION. An upper 
bound on no of 2°°°° has been obtained. 


see also BINOMIAL COEFFICIENT, ERDOS SQUAREFREE 
CONJECTURE 
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Sarrus Linkage 
A LINKAGE which converts circular to linear motion us- 
ing a hinged square. 


see also HART’S INVERSOR, LINKAGE, PEAUCELLIER IN- 
VERSOR 


Sarrus Number 
see POULET NUMBER 


SAS Theorem 


Cc 


Specifying two sides and the ANGLE between them 
uniquely determines a TRIANGLE. Let b be the base 
length and h be the height. Then the AREA is 


K = ich = zacsin B. (1) 
The length of the third side is given by the LAW OF 


COSINES, 
b? = a* + có — 2accos B, 


b= y a? +e — 2accos B. (2) 


Using the LAW OF SINES 


S0 


a b c 
sinA sinB  sinC (3) 


then gives the two other ANGLES as 


A=sin-? (SB (4) 
y'a? + c? — 2ac cos B 


C =sin7! | ——— 3 sin B (5) 
Va + c — 2accos B 


see also AAA THEOREM, AAS THEOREM, ASA THE- 
OREM, ASS THEOREM, SSS THEOREM, TRIANGLE 
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Satellite Knot 


Satellite Knot 

Let Kı be a knot inside a TORUS. Now knot the TORUS 
in the shape of a second knot (called the COMPAN- 
ION KNOT) K3. Then the new knot resulting from 
Ky is called the satellite knot K3. COMPOSITE KNOTS 
are special cases of satellite knots. The only KNOTS 
which are not HYPERBOLIC KNOTS are TORUS KNOTS 
and satellite knots (including COMPOSITE KNOTS). No 
satellite knot is an ALMOST ALTERNATING KNOT. 


see also ALMOST ALTERNATING KNOT, COMPANION 
KNOT, COMPOSITE KNOT, HYPERBOLIC KNOT, TORUS 
KNOT 


References 

Adams, C. C. The Knot Book: An Elementary Introduction 
to the Mathematical Theory of Knots. New York: W. H. 
Freeman, pp. 115-118, 1994. 


Satisfiability Problem 

Deciding whether a given Boolean formula in conjunc- 
tive normal form has an assignment that makes the for- 
mula “true.” In 1971, Cook showed that the problem is 
NP-COMPLETE. 


see also BOOLEAN ALGEBRA 


References 

Cook, S. A. and Mitchell, D. G. “Finding Hard Instances 
of the Satisfiability Problem: A Survey.” In Satisfiability 
problem: theory and applications (Piscataway, NJ, 1996). 
Theoret. Comput. Sci., Vol. 35. Providence, RI: Amer. 
Math. Soc., pp. 1-17, 1997. 


Sausage Conjecture 

In n-D for n > 5 the arrangement of HYPERSPHERES 
whose CONVEX HULL has minimal CONTENT is always 
a “sausage” (a set of HYPERSPHERES arranged with 
centers along a line), independent of the number of n- 
spheres. The CONJECTURE was proposed by Fejes Tóth, 
and solved for dimensions > 42 by Betke et al. (1994) 
and Betke and Henk (1998). 


see also CONTENT, CONVEX HULL, HYPERSPHERE, Hy- 
PERSPHERE PACKING, SPHERE PACKING 


References 

Betke, U.; Henk, M.; and Wills, J. M. “Finite and Infinite 
Packings.” J. Reine Angew. Math. 453, 165-191, 1994. 

Betke, U. and Henk, M. “Finite Packings of Spheres.” Dis- 
crete Comput. Geom. 19, 197-227, 1998. 

Croft, H. T.; Falconer, K. J.; and Guy, R. K. Problem D9 
in Unsolved Problems in Geometry. New York: Springer- 
Verlag, 1991. 

Fejes Tóth, L. “Research Problems.” Periodica Methematica 
Hungarica 6, 197—199, 1975. 


Savitzky-Golay Filter 


A low-pass filter which is useful for smoothing data. 
see also FILTER 


References 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. Numerical Recipes in FORTRAN: The Art of 
Scientific Computing, 2nd ed. Cambridge, England: Cam- 
bridge University Press, pp. 183 and 644-645, 1992. 


Scalar Triple Product 1595 


Savoy Knot 
see FIGURE-OF-EIGHT KNOT 


Scalar 

A one-component quantity which is invariant under Ro- 
TATIONS of the coordinate system. 

see also PSEUDOSCALAR, SCALAR FIELD, SCALAR 
FUNCTION, SCALAR POTENTIAL, SCALAR TRIPLE 
PRODUCT, TENSOR, VECTOR 


Scalar Curvature 
see CURVATURE SCALAR 


Scalar Field 
A Map f : R” + R which assigns each x a SCALAR 
FUNCTION f(x). 


see also VECTOR FIELD 


References 

Morse, P. M. and Feshbach, H. “Scalar Fields.” §1.1 in Meth- 
ods of Theoretical Physics, Part I. New York: McGraw- 
Hill, pp. 4-8, 1953. 


Scalar Function 

A function f(z£1,..., £n) of one or more variables whose 
RANGE is one-dimensional, as compared to a VECTOR 
FUNCTION, whose RANGE is three-dimensional (or, in 
general, n-dimensional). 


see also COMPLEX FUNCTION, REAL FUNCTION, VEC- 
TOR FUNCTION 


Scalar Potential 
A conservative VECTOR FIELD (for which the CURL V x 
F = 0) may be assigned a scalar potential 


p(z, y, z) — p(0, 0,0) = -| F . ds 


C 


(x,0,0) (x,y,0) 
=- f F(t,0,0)de + | F(a, t, 0) dt 
(0,0,0) (x,0,0) 


T,Y,Z 
+] F3(x, y, t) dt, 
( 


x,y,0) 


where fF - ds is a LINE INTEGRAL. 
see also POTENTIAL FUNCTION, VECTOR POTENTIAL 


Scalar Triple Product 
The VECTOR product 


[A,B,C] =A-(Bx C)=B-(Cx A) 


A; Az As 
=C-(A x B)= Bı Be B3 |, 
Cy Co C3 


which yields a SCALAR (actually, a PSEUDOSCALAR). 


1596 Scale 


The VOLUME of a PARALLELEPIPED whose sides are 
given by the vectors A, B, and C is 


Vparallelepiped oe LA i (B x C)|. 


see also CROSS PRODUCT, DOT PRODUCT, PARALLEL- 
EPIPED, VECTOR TRIPLE PRODUCT 


References 

Arfken, G. “Triple Scalar Product, Triple Vector Product.” 
81.5 in Mathematical Methods for Physicists, 8rd ed. Or- 
lando, FL: Academic Press, pp. 26-33, 1985. 


Scale 
see BASE (NUMBER) 


Scale Factor 
For a diagonal METRIC TENSOR gi; = gii6ij, Where dij 
is the KRONECKER DELTA, the scale factor is defined by 


h; = Oui (1) 


The LINE ELEMENT (first FUNDAMENTAL FORM) is then 
given by 


ds? = gi de11* + g22 de22 + 933 dezg" (2) 
= hi? der? + ha? des? + hg” dass”. (3) 


The scale factor appears in vector derivatives of coordi- 
nates in CURVILINEAR COORDINATES. 


see also CURVILINEAR COORDINATES, FUNDAMENTAL 
FORMS, LINE ELEMENT 


Scalene Triangle 
A TRIANGLE with three unequal sides. 


see also ACUTE TRIANGLE, EQUILATERAL TRIANGLE, 
ISOSCELES TRIANGLE, OBTUSE TRIANGLE, TRIANGLE 


Scaling 

Increasing a plane figure’s linear dimensions by a scale 
factor s increases the PERIMETER p' > sp and the AREA 
A’ > 87 A. 

see also DILATION, 
SIMILARITY 


EXPANSION, FRACTAL, SELF- 


Scattering Operator 

An OPERATOR relating the past asymptotic state of a 

DYNAMICAL SYSTEM governed by the Schrodinger equa- 

tion 4 
,— p(t) = Hy(t 
¡O = Huli) 


to its future asymptotic state. 
see also WAVE OPERATOR 


Schauder Fixed Point Theorem 


Scattering Theory 
The mathematical study of the SCATTERING OPERATOR 
and Schródinger equation. 


see also SCATTERING OPERATOR 


References 
Yafaev, D. R. Mathematical Scattering Theory: General The- 
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Schaar’s Identity 

A generalization of the GAUSSIAN SUM. For p and q 
of opposite PARITY (i.e., one is EVEN and the other is 
ODD), Schaar’s identity states 


emir pja _ 
AY: 


grid p-1 


mir a/p. 
a 


see also GAUSSIAN SUM 


References 
Evans, R. and Berndt, B. “The Determination of Gauss 
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Schanuel’s Conjecture 
Let A1, ..., An € C be linearly independent over the 
RATIONALS Q, then 


Q(Ai,.-.,; 


has TRANSCENDENCE degree at least n over Q. 
Schanuel’s conjecture is a generalization of the 
LINDEMANN-WEIERSTRAB THEOREM. If the conjecture 
is true, then it follows that e and ~r are algebraically 
independent. Mcintyre (1991) proved that the truth of 
Schanuel’s conjecture also guarantees that there are no 
unexpected exponential-algebraic relations on the INTE- 
GERS Z (Marker 1996). 


see also CONSTANT PROBLEM 


Ai A 
An, € TERTE” 7) 
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Schauder Fixed Point Theorem 

Let A be a closed convex subset of a BANACH SPACE 
and assume there exists a continuous MAP T sending A 
to a countably compact subset T(A) of A. Then T has 
fixed points. 
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Scheme 


Scheme 
A local-ringed SPACE which is locally isomorphic to an 
AFFINE SCHEME. 


see also AFFINE SCHEME 


References 
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Schensted Correspondence 
A correspondence between a PERMUTATION and a pair 
of YOUNG TABLEAUX. 


see also PERMUTATION, YOUNG TABLEAU 
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Scherk’s Minimal Surfaces 


yt 
ane 
u 


A class of MINIMAL SURFACES discovered by Scherk 
(1834) which were the first new surfaces discovered since 
Meusnier in 1776. Scherk's first surface is doubly peri- 
odic. Scherk's second surface, illustrated above, can be 
_ written parametrically as 


z =2R[In(1 + re?) — In(1 — re*?) 
y = R|4i tan *(re*?)] 
z=R {2i(— In[1 — re?" + Infl + re*))} 


for 9 € [0,27), and r € (0,1). Scherk’s first surface 
has been observed to form in layers of block copolymers 
(Peterson 1988). 


von Seggern (1993) calls 


rola cos(27y) 
= E] 


“Scherk’s surface.” Beautiful images of wood sculptures 
of Scherk surfaces are illustrated by Séquin. 
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1990. 
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Schiffer Point 


The CONCURRENCE S of the EULER LINES LE, of 
the TRIANGLES AXBC, AXCA, AXAB, and AABC 
where X is the INCENTER. The TRIANGLE CENTER 
FUNCTION 1s 


1 a á 
cosB+cosC b+e ` 
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Schinzel Circle 

A CIRCLE having a given number of LATTICE POINTS 
on its CIRCUMFERENCE. The Schinzel circle halving n 
lattice points is given by the equation 


for n = 2k even 


(z — 124 y = Lgk-1 
3 for n= 2k + 1 odd. 


y 4 y’ Cas 1 52k 
— 9 
Note that these solutions do not necessarily have the 


smallest possible RADIUS. For example, while the 
Schinzel circle centered at (1/3, 0) and with radius 625/3 


1598 Schinzel’s Hypothesis 


has nine lattice points on its circumference, so does the 
circle centered at (1/3, 0) with radius 65/3. 


see also CIRCLE, CIRCLE LATTICE POINTS, KU- 
LIKOWsKI'S THEOREM, LATTICE POINT, SCHINZEL’S 
THEOREM, SPHERE 
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Schinzel’s Hypothesis 

If file), ..., f(x) are irreducible POLYNOMIALS with 
INTEGER COEFFICIENTS such that no INTEGER n > 1 
divides fi(x),..., fs(z) for all INTEGERS zx, then there 
should exist infinitely many x such that fi(z),..., fs(z) 
are simultaneous PRIME. 


_ References 

Schinzel, A. and Sierpinski, W. “Sur certaines hypothéses 
concernant les nombres premiers. Remarque.” Acta 
Arithm. 4, 185-208, 1958. 


Schinzel’s Theorem 

For every POSITIVE INTEGER n, there exists a CIRCLE 
in the plane having exactly n LATTICE POINTS on its 
CIRCUMFERENCE. The theorem is based on the number 
r(n) of integral solutions (x,y) to the equation 


r’ + y = n, (1) 


given by 
r(n) = 4(d: — da), (2) 


where dı is the number of divisors of n of the form 4k +1 

and d3 is the number of divisors of the form 4k + 3. It 

explicitly identifies such circles (the SCHINZEL CIRCLES) 
as 

(1-1 +y? = 45771 forn = 2k 3 

Y +y’ = ¿5% for n = 2k + 1. (3) 


Note, however, that these solutions do not necessarily 
have the smallest possible radius. 


see also BROWKIN’S THEOREM, KULIKOWSKI’S THEO- 
REM, SCHINZEL CIRCLE 


Schlafli Function 


References 

Honsberger, R. “Circles, Squares, and Lattice Points.” 
Ch. 11 in Mathematical Gems I. Washington, DC: Math. 
Assoc. Amer., pp. 117-127, 1973. 

Kulikowski, T. “Sur l’existence d'une sphère passant par un 
nombre donné aux coordonnées entières.” L'Enseignement 
Math. Ser. 2 5, 89-90, 1959. 

Schinzel, A. “Sur Vexistence d'un cercle passant par un 
nombre donné de points aux coordonnées entiéres.” 
L’Enseignement Math. Ser. 2 4, 71-72, 1958. 

Sierpinski, W. “Sur quelques problémes concernant les points 
aux coordonnées entières.” L'Enseignement Math. Ser. 2 
4, 25-31, 1958. 

Sierpinski, W. “Sur un probléme de H. Steinhaus concernant 
les ensembles de points sur le plan.” Fund. Math. 46, 
191-194, 1959. 

Sierpinski, W. A Selection .of Problems in the Theory of 
Numbers. New York: Pergamon Press, 1964. 


Schisma 

The musical interval by which eight fifths and a major 

third exceed five octaves, 
(3)°($) 38.5 32805 


25 215 32768 


see also COMMA OF DIDYMUS, COMMA OF PYTHAGO- 
RAS, DIESIS 


= 1.00112915.... 


Schlafli Double Six 
see DOUBLE SIXES 


Schlafil’s Formula 
For R[z] > 0, 


7/2 
J (z) == / cos(z sint — vt) dt 
0 
_ sin(v7) E —asinht vt dt 
Tr o 


where J,(z) is a BESSEL FUNCTION OF THE FIRST 
KIND. 
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Schlafli Function 
The function giving the VOLUME of the spherical 
quadrectangular TETRAHEDRON: 


where 


2 oe : : m 
T T T D — sin g sin z 
af (3 "hy -2) o 2 (pr) 


cos(2mx) — cos(2my) + cos(2m2)-1 2 2 2 
x a Zr — 
and 
D = y cos? x cos? z — cos? y. 


see also TETRAHEDRON 


Schlafli Integral 


Schläfli Integral 

A definition of a function using a CONTOUR INTEGRAL. 
Schlafli integrals may be converted into RODRIGUES 
FORMULAS. 


see also RODRIGUES FORMULA 


Schlafli’s Modular Form 
The MODULAR EQUATION of degree 5 can be written 


(5) +) (er 25) 


see also MODULAR EQUATION 


Schlafli Polynomial 
A polynomial given in terms of the NEUMANN POLYNO- 
MIALS O, (1) by 


2xOn(x) — 2c0s*(¿n1r) 
- . 


Salx)= 


see also NEUMANN POLYNOMIAL 


References 

Iyanaga, S. and Kawada, Y. (Eds.). Encyclopedic Dictionary 
of Mathematics. Cambridge, MA: MIT Press, p. 1477, 
1980. 

von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, p. 196, 1993. - 


Schlafli Symbol 

The symbol {p,q} is used to denote a TESSELLATION 
of regular p-gons, with q of them surrounding each 
VERTEX. The Schläfli symbol can be used to de- 
scribe PLATONIC SOLIDS, and a generalized version de- 
scribes QUASIREGULAR POLYHEDRA and ARCHIMED- 
EAN SOLIDS. 


see also ARCHIMEDEAN SOLID, PLATONIC SOLID, 
QUASIREGULAR POLYHEDRON, TESSELLATION 


Schlegel Graph 
A GRAPH corresponding to POLYHEDRA skeletons. The 
POLYHEDRAL GRAPHS are special cases. 


References 
Gardner, M. Wheels, Life, and Other Mathematical Amuse- 
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Schlomilch’s Function 


S(v,z) = / (14t) "e “dt=2 e J ue "du 
0 z 
= 2” Ple PW 2 1/2 (2), 


where Wk,m(z) is the WHITTAKER FUNCTION. 
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Schlomilch’s Series 
A FOURIER SERIES-like expansion of a twice continu- 
ously differentiable function 


f(x) = żao + S anJo(na) 


n=l 


for 0 < x < n, where Jo(x) is a zeroth order BESSEL 
FUNCTION OF THE FIRST KIND and 


2 TT an /2 
ao = 24(0) +2 | au f f (usin ġ) de 
0 0 


9 TT m/2 
an = J du | uf (usin ġ)cos(nr) de. 
0 0 


A special case gives the amazing identity 


1 = Jo(z) +2 ) | Jan(z) = [Jo(2)1? +2) lIa). 


n=l n=1 


see also BESSEL FUNCTION OF THE FIRST KIND, BEs- 
SEL FUNCTION FOURIER EXPANSION, FOURIER SERIES 
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of Mathematics. Cambridge, MA: MIT Press, p. 1473, 
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Schmitt-Conway Biprism 
A CONVEX POLYHEDRON which is SPACE-FILLING, but 
only aperiodically, was found by Conway in 1993. 


see also CONVEX POLYHEDRON, SPACE-FILLING POLY- 
HEDRON 


Schnirelmann Constant 
The constant so in SCHNIRELMANN’S THEOREM. 


see also SCHNIRELMANN’S THEOREM 


Schnirelmann Density 

The Schnirelmann density of a sequence of natural num- 
bers is the greatest lower bound of the fractions A(n)/n 
where A(n) is the number of terms in the sequence < n. 


References 

Khinchin, A. Y. “The Landau-Schnirelmann Hypothesis and 
Mann’s Theorem.” Ch. 2 in Three Pearls of Number The- 
ory. New York: Dover, pp. 18-36, 1998. 


Schnirelmann’s Theorem 

There exists a POSITIVE INTEGER s such that every suf- 
ficiently large INTEGER is the sum of at most s PRIMES. 
It follows that there exists a POSITIVE INTEGER sọ > s 
such that every INTEGER > 1 is a sum of at most so 
PRIMES, where sg is the SCHNIRELMANN CONSTANT. 
The best current estimate is so = 19. 


see also PRIME NUMBER, SCHNIRELMANN DENSITY, 
WARING’S PROBLEM 
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1600 Schoenemann’s Theorem 


Schoenemann’s Theorem 
If the integral COEFFICIENTS Co, Ci, .. 
POLYNOMIAL 


3 CNi of the 


1 N 
+r 


f(x) = Co + Cir + Cor? +... + CN- 
are divisible by a PRIME NUMBER p, while the free term 
Co is not divisible by p?, then f(z) is irreducible in the 
natural rationality domain. 


see also ABEL’S IRREDUCIBILITY THEOREM, ABEL’S 
LEMMA, GAUSS’S POLYNOMIAL THEOREM, KRON- 
ECKER’S POLYNOMIAL ‘THEOREM 


References 

Dorrie, H. 100 Great Problems of Elementary Mathematics: 
Their History and Solutions. New York: Dover, p. 118, 
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Scholz Conjecture 
Let the minimal length of an ADDITION CHAIN for a 
number n be denoted l(n). Then the Scholz conjecture 
states that 

12" —1)<n—-141(n). 


The conjecture has been proven for a variety of special 
cases but not in general. 


see also ADDITION CHAIN 


References 
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Schoénflies Symbol 

One of the set of symbols Ci, Cs, Ci, C2, C3, Ca, Cs, 
Ce, Cr, Cs, Con, Can, Can, Can, Con, Cav, Cav, Cav, 
Csv, Cev, Cov, D2, D3, Da, Ds, De, Don, Dan, Dan, 
Dsn, Den, Dan, Doon, Doa, Daa, Daa, Dsa, Dea, I, In, 
O, Oz, Sa, Se, Ss, T, Ta, and Th used to identify crys- 
tallographic symmetry GROUPS. 


Cotton (1990), gives a table showing the translations 
between Schónflies symbols and HERMANN-MAUGUIN 
SYMBOLS. Some of the Schónflies symbols denote dif- 
ferent sets of symmetry operations but correspond to 
the same abstract GROUP and so have the same CHAR- 
ACTER TABLE. 


see also CHARACTER TABLE, HERMANN-MAUGUIN 
SYMBOL, POINT GROUPS, SPACE GROUPS, SYMMETRY 
OPERATION 


References 
Cotton, F. A. Chemical Applications of Group Theory, 3rd 
ed. New York: Wiley, p. 379, 1990. 


Schónflies Theorem 

If J is a simple closed curve in R?, the closure of one 
of the components of R* — J is HOMEOMORPHIC with 
the unit 2-BALL. This theorem may be proved using the 
RIEMANN MAPPING THEOREM, but the easiest proof is 
via MORSE THEORY. 


Schrage’s Algorithm 


The generalization to n-D is called MAZUR'S THEO- 
REM. It follows from the Schonflies theorem that any 
two KNOTS of S! in S? or R? are equivalent. 


see also JORDAN CURVE THEOREM, MAZUR’S THEO- 
REM, RIEMANN MAPPING THEOREM 


References 

Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, p. 9, 1976. 

Thomassen, C. “The Jordan-Schonflies Theorem and the 
Classification of Surfaces.” Amer. Math. Monthly 99, 116— 
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Schoolgirl Problem 
see KIRKMAN’S SCHOOLGIRL PROBLEM 


Schoute Coaxal System 

The CIRCUMCIRCLE, BROCARD CIRCLE, LEMOINE 
LINE, and ISODYNAMIC POINTS belong to a COAXAL 
SYSTEM orthogonal to the the APOLLONIUS CIRCLES, 
called the Schoute coaxal system. In general, there are 
12 points whose PEDAL TRIANGLES with regard to a 
given TRIANGLE have a given form. They lie six by six 
on two CIRCLES of the Schoute coaxal system. 
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Schoute’s Theorem 

In any TRIANGLE, the LOCUS of a point whose PEDAL 
TRIANGLE has a constant BROCARD ANGLE and is de- 
scribed in a given direction is a CIRCLE of the SCHOUTE 
COAXAL SYSTEM. 
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Schrage's Algorithm 

An algorithm for multiplying two 32-bit integers modulo 
a 32-bit constant without using any intermediates larger 
than 32 bits. It is also useful in certain types of RANDOM 
NUMBER generators. 
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Schroder-Bernstein Theorem 


Schróder-Bernstein Theorem 
The Schróder-Bernstein theorem for numbers states that 
if 

nmn, 


then m = n. For SETS, the theorem states that if there 
are INJECTIONS of the SET A into the SET B and of 
B into A, then there is a BIJECTIVE correspondence 
between A and B (i.e., they are EQUIPOLLENT). 


see also BIJECTION, EQUIPOLLENT, INJECTION 


Schröder’s Equation 


f(àz) = R(2), 


where R(z) = àz + azz? + ..., A = R'(0), [A] = 1, and 


A” #1 for all n EN. 


Schröder’s Method 

Two families of equations used to find roots of nonlin- 
ear functions of a single variable. The “B” family is 
more robust and can be used in the neighborhood of 
degenerate multiple roots while still providing a guar- 
anteed convergence rate. Almost all other root-finding 
methods can be considered as special cases of Schröder’s 
method. Householder humorously ċlaimed that papers 
on root-finding could be evaluated quickly by looking 
for a citation of Schröder’s paper; if the reference were 
missing, the paper probably consisted of a rediscovery 
of a result due to Schröder (Stewart 1993). 


One version of the “A” method is obtained by applying 
NEWTON’S METHOD to f/f", 


f (tn) f' (En) 
[F (tn)? — Flan n 


Ln41 = ln — 


)f"(2n) 


(Scavo and Thoo 1995). 
see also NEWTON’S METHOD 
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Schroder Number 


eee 


The Schroder number S, is the number of LATTICE 
PATHS in the Cartesian plane that start at (0, 0), end at 
(n,n), contain no points above the line y = x, and are 
composed only of steps (0, 1), (1, 0), and (1, 1), i.e., >, 
+, and Z. The diagrams illustrating the paths generat- 
ing Si, S2, and $3 are illustrated above. The numbers 
Sn are given by the RECURRENCE RELATION 


n—i 


Sn — Sn-1 + S SeSn—1-k> 


k=0 


where So = 1, and the first few are 2, 6, 22, 90, 
(Sloane's A006318). The Schróder Numbers bear the 
same relation to the DELANNOY NUMBERS as the CATA- 
LAN NUMBERS do to the BINOMIAL COEFFICIENTS. 


see also BINOMIAL COEFFICIENT, CATALAN NUMBER, 
DELANNOY NUMBER, LATTICE PATH, MOTZKIN NUM- 
BER, p-GOOD PATH 


References 
Sloane, N. J. A. Sequence A006318/M1659 in “An On-Line 
Version of the Encyclopedia of Integer Sequences.” 


Schroeder Stairs 
see PENROSE STAIRWAY 


Schroter’s Formula 
Let a general THETA FUNCTION be defined as 


oo 


T(z) = Y ad”, 


n= — 00 


then 


T(2,q)T(z, q”) = 
a+b—1 


k bk? k TI (yz —b qe 


yq T (ryg? q ab) 


q 
k=0 


see also BLECKSMITH-BRILLHART-GERST THEOREM, 
JACOBI TRIPLE PRODUCT, RAMANUJAN THETA FUNC- 
TIONS 


1602 Schur Algebra 
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Schur Algebra 

An Auslander algebra which connects the representation 
theories of the symmetric group of PERMUTATIONS and 
the GENERAL LINEAR GROUP GL(n, C). Schur algebras 
are “quasihereditary.” 


References 
Martin, S. Schur Algebras and Representation Theory. New 
York: Cambridge University Press, 1993. 


Schur Functor 
A FUNCTOR which defines an equivalence of module 
CATEGORIES. 


References 
Martin, S. Schur Algebras and Representation Theory. New 
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Schur’s Inequalities 
Let A = aij be an n x n MATRIX with COMPLEX (or 
REAL) entries and EIGENVALUES Aj, Az, ..., An, then 


Th Ti 
Sod? < So las? 
i=1 1,j=1 


Tt 


Y IRD? < So 


t,j=1 


Y Spill? < Y 


i, j=l 


2 
* 
Qij + aji 

2 


* |2 
Qij — Aji 
2 
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Schur’s Lemma 

For each k € N there exists a largest INTEGER s(k) 
(known as the SCHUR NUMBER) such that no matter 
how the set of INTEGERS less than |n!e| (where |z] 
is the FLOOR FUNCTION) is partitioned into k classes, 
one class must contain INTEGERS 2, y, z such that 
£z + y = z, where z and y are not necessarily distinct. 
The upper bound has since been slightly improved to 
¡ne — 1/24)]. 

see also COMBINATORICS, SCHUR NUMBER, SCHUR’S 
‘THEOREM 
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Guy, R. K. “Schur’s Problem. Partitioning Integers into 
Sum-Free Classes” and “The Modular Version of Schur’s 
Problem.” §E11 and E12 in Unsolved Problems in Number 
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Schur Number 


Schur Matrix 

The p x p SQUARE MATRIX formed by setting si; = E", 
where € is an pth ROOT OF UNITY. The Schur matrix 
has a particularly simple DETERMINANT given by 


det S = epp”, 


where p is an ODD PRIME and 


_J1 ifp=1 (mod 4) 
“P= i if p=3 (mod 4). 


This determinant has been used to prove the QUADRA- 
TIC RECIPROCITY LAW (Landau 1958, Vardi 1991). The 
ABSOLUTE VALUES of the PERMANENTS of the Schur 
matrix of order 2p + 1 are given by 1, 3, 5, 105, 81, 
6765, ... (Sloane’s A003112, Vardi 1991). 


Denote the Schur matrix Sp with the first row and first 
row column omitted by $,. Then 


perm Sp = ppermS,, 


where perm denoted the PERMANENT (Vardi 1991). 
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Schur Multiplier 
A property of FINITE SIMPLE GROUPS which is known 
for all such GROUPS. 


see also FINITE GROUP, SIMPLE GROUP 


Schur Number 

The Schur numbers are the numbers in the partition- 
ing of a set which are guaranteed to exist by SCHUR’S 
LEMMA. Schur numbers satisfy the inequality 


s(k) > c(315)*”* 


for k > 5 and some constant c. SCHUR’S THEOREM also 
shows that 
s(n) < R(n), 


where R{n) is a RAMSEY NUMBER. The first few 
Schur numbers are 1, 4, 13, 44, (> 157), ... (Sloane’s 
A045652). 


see also RAMSEY NUMBER, RAMSEY’S THEOREM, 
SCHUR'S LEMMA, SCHUR’S THEOREM 
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Schur’s Problem 


Guy, R. K. “Schur’s Problem. Partitioning Integers into 
Sum-Free Classes” and “The Modular Version of Schur's 
Problem.” $E11 and E12 in Unsolved Problems in Number 
Theory, 2nd ed. New York: Springer-Verlag, pp. 209-212, 
1994. 

Sloane, N. J. A. Sequence A045652 in “An On-Line Version 
of the Encyclopedia of Integer Sequences.” 


Schur’s Problem 
see SCHUR’S LEMMA 


Schur’s Representation Lemma 

If 7 on V and r' on V’ are irreducible representations 
and E : V ++ V’ is a linear map such that 7m'(g)E = 
Ex(g) for all g € and group G, then E = 0 or E is 
invertible. Furthermore, if V = V’, then E is a SCALAR. 


References 


Knapp, A. W. “Group Representations and Harmonic Anal- 
ysis, Part II.” Not. Amer. Math. Soc. 43, 537-549, 1996. 


Schur’s Theorem 
As shown by Schur in 1916, the SCHUR NUMBER s(n) 


satisfies 
s(n) < R(n) 


for n = 1, 2,..., where R(n) is a RAMSEY NUMBER. 


see also RAMSEY NUMBER, SCHUR’S LEMMA, SCHUR 
NUMBER 


Schwarz’s Inequality 


| (di fw) |° < 


Written out explicitly 


|f iaeaea l < fi (2) de [wer de, 
(2) 


with equality IFF g(x) = af(z) with a a constant. To 
derive, let y(x) be a COMPLEX function and À a COM- 
PLEX constant such that y(x) = f(x) + Ag(x) for some 
f and g. Then 


[eva rrara fruarer fo pas 


+AA” J ggdx>0, (3) 


(Wily) (02112) . (1) 


with equality when y(x) = 0. Now, note that à and A” 
are LINEARLY INDEPENDENT (they are ORTHOGONAL), 
so differentiate with respect to one of them (say A*) and 
set to zero to minimize f ww dz. 


5 | vtvae= | g'fdz+A | o'gde=0 (4) 


 Jgfdr 


of g*gdz’ (5) 


Abramowitz, M. and Stegun, C. A. (Eds.). 


Schwarz-Pick Lemma 1603 
which means that 
. f f“gdz 
A =-=%==—, 6 
f o*gda 6) 


Plugging back in, 


[ eva = [tas - EIE ffod 


ef jasp ELLE Looe > 0. 


fogde (f g*g dz)? 
(7) 


Multiplying through by f g*g dx gives 


[tac [sua fata | fod 
- | Fada Posaor fora | Foda>0 (8) 
J g f dx J f*gdz < J ff dz J g gd (9) 
fosa = [rae < | rra [790 (10) 


Or 
(fla)? < (FIF) (alg) - (11) 


BESSEL’S INEQUALITY can be derived from this. 
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Schwarz-Pick Lemma 

If f is an analytic map of the Disk D into D and f pre- 
serves the hyperbolic distance between any two points, 
then f is a disk map and preserves all distance. 


References 


Busemann, H. The Geometry of Geodesics. New York: Aca- 
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1604 Schwarz Reflection Principle 
Schwarz Reflection Principle 
Let 
se) = ea LO, (1) 
n=0 
then 


= yl 
re) = | Ye- aor E 


n! 


29 (n) Zo* 
= DG m z" jn bi LY (2) 
n=0 


If zo is pure real, then zo = zo", so 


n! 


L (n) Zo ae 
92) = Y te - y LY = (zt). (3) 


Therefore, if a function f(z) is ANALYTIC over some 
region including the REAL LINE and f(z) is REAL when 
z is real, then f*(z) = f(z"). 


Schwarz Triangle 

The Schwarz triangles are SPHERICAL TRIANGLES 
which, by repeated reflection in their indices, lead to 
a set of congruent SPHERICAL TRIANGLES covering the 
SPHERE a finite number of times. 


Schwarz triangles are specified by triples of numbers 
(p,q,7). There are four “families” of Schwarz triangles, 
and the largest triangles from each of these families are 


(22 n'),(8 3 3),(3 $$), (8 & 4). 
The others can be derived from 
(pqr)=(pzr)+(zqrz), 


where 


and 


TT TT 
cos | — | = — cos | — 
£ £ 

in 


see also COLUNAR TRIANGLE, SPHERICAL TRIANGLE 
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Schwarz’s Triangle Problem 
see FAGNANO’S PROBLEM 


Scientific Notation 


Schwarzian Derivative 
The Schwarzian derivative is defined by 


DsSchwarzian = f(x) > 


The FEIGENBAUM CONSTANT is universal for 1-D MAPS 
if its Schwarzian derivative is NEGATIVE in the bounded 
interval (Tabor 1989, p. 220). 


see also FEIGENBAUM CONSTANT 
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Schwenk’s Formula 

Let R+B be the number of MONOCHROMATIC FORCED 
TRIANGLES (where R and B are the number of red and 
blue TRIANGLES) in an EXTREMAL GRAPH. Then 


r+8= (5) - linlia- D], 


where (7) is a BINOMIAL COEFFICIENT and |æ] is the 


FLOOR FUNCTION (Schwenk 1972). 


see also EXTREMAL MONOCHROMATIC 


FORCED TRIANGLE 


GRAPH, 


References 
Schwenk, A. J. “Acquaintance Party Problem.” Amer. Math. 
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Scientific Notation 
Scientific notation is the expression of a number n in the 
form a x 10”, where 


p = (logy, [nl] 


is the FLOOR of the base-10 LOGARITHM of n (the “order 
of magnitude”), and 


ee ee 

10? 

is a REAL NUMBER satisfying 1 < |a| < 10. For exam- 
ple, in scientific notation, the number n = 101,325 has 
order of magnitude 


p = |log,, 101,325] = [5.00572] = 5, 


so n would be written 1.01325 x 10%, The special case 
of O does not have a unique representation in scientific 
notation, i.e., 0 = 0 x 10% = 0 x 10? =.... 


see also CHARACTERISTIC (REAL NUMBER), FIGURES, 
MANTISSA, SIGNIFICANT FIGURES 


THE CRYSTAL DETECTOR 


A crystal detector of radio waves can be either a 
traditional catwhisker and natural mineral crystal, ora 
modern semiconductor diode. 


— rA 


SEMICONDUCTOR 
DIODE 


CATWHISKER 
DETECTOR 


Certain natural minerals such as galena (lead sulphide) 
and silicon have electrically sensitive surface spots, In 
the beginning of this century, experimenters discovered 
that electrical current would flow into the sensitive 
spot on a mineral crystal from a catwhisker, but would 
not pass readily (high resistance) from the crystal to 
the catwhisker. This unique feature was used to detect 
(rectify) radio waves and extract the audio modulation. 


HOW-IT-WORKS 
There are two general types of crystal detctors; 


Point contact diode 
Junction diode 


Both types use semiconductor material such as silicon, 
germanium, or galena. The basic semiconductor junction 
diode is made of two portions of the material "doped" in 
manufacturing by adding controlled amounts of chemicals. 
The doped portions have opposite electrical properties: 


"P" TYPE, with an excess of positive electrical 
charges (holes). 

"N" TYPE, with an excess of negative electrical 
charges (electrons). 


Score Sequence 


Score Sequence 

The score sequence of a TOURNAMENT is a monotonic 
nondecreasing sequence of the OUTDEGREES of the VER- 
TICES. The score sequences for n = 1, 2, ... are 1, 1, 
2,4, 9, 22, 59, 167, ... (Sloane’s A000571). 


see also TOURNAMENT 
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Screw 
A TRANSLATION along a straight line L and a ROTATION 
about L such that the angle of ROTATION is proportional 
to the TRANSLATION at each instant. Also known as a 
TWIST. 


see also DINI’S SURFACE, HELICOID, ROTATION, SCREW 
THEOREM, SEASHELL, TRANSLATION 


Screw Theorem 

Any motion of a rigid body in space at every instant is 
a SCREW motion. This theorem was proved by Mozzi 
and Cauchy. 


see also SCREW 


Scruple 
An archaic UNIT FRACTION variously defined as 1/200 
(of an hour), 1/10 or 1/12 (of an inch), 1/12 (of a ce- 
lestial body’s angular diameter), or 1/60 (of an hour or 
DEGREE). 


see also CALCUS, UNCIA 


Sea Horse Valley 


as F i y 4 E : bo, 
A portion of the MANDELBROT SET centered around 
—1.25+0.0477 with width approximately 0.009 + 0.0052. 


see also MANDELBROT SET 


Secant 1605 


Searching 

Searching refers to locating a given element or an el- 
ement satisfying certain conditions from some (usually 
ordered or partially ordered) table, list, TREE, etc. 


see also SORTING, TABU SEARCH, TREE SEARCHING: 
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Search Tree 
see TREE SEARCHING 


Seashell 
see CONICAL SPIRAL 


Secant 


Re{Sec z] 


The function defined by secx = 1/ cosg, where cos g is 
the COSINE. The MACLAURIN SERIES of the secant is 


(-1)" Ean 1)” Bon 2n 
a (Qn)! 
=1+3 


sec r = 
5 277 
“+ al T rot c+ aie +. 


where Ez, is an EULER NUMBER. 


see also ALTERNATING PERMUTATION, COSECANT, CoO- 
SINE, EULER NUMBER, EXSECANT, INVERSE SECANT 
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1606 Secant Line 


Secant Line 


tangent line 


secant line 


A line joining two points of a curve. In abstract math- 
ematics, the points which a secant line connects can be 
either REAL or COMPLEX CONJUGATE IMAGINARY. 


see also BITANGENT, TANGENT LINE, ‘TRANSVERSAL 
LINE 


Secant Method 


A Root-finding algorithm which assumes a function to 
be approximately linear in the region of interest. Each 
improvement is taken as the point where the approxi- 
mating line crosses the axis. The secant method retains 
only the most recent estimate, so the root does not nec- 
essarily remain bracketed. When the ALGORITHM does 
converge, its order of convergence is 


lim Jex+1] = Clel?, (1) 
k—=>00 


where C is a constant and ¢ is the GOLDEN MEAN. 


HTn-1) — f(Ln-2) (2) 


Ln—-1 7 En-2 


f'(@n-1) = 


fan) © f(an-1) + f En) (en —@n-1) = 0 (3) 
f(Ln-1) — f(Tn-2) (rn 


Ln—-1 7” &n-2 


f(tn-1) + —@n-1)=0, (4) 


5o f (@n-1)(@n-1 — En-2) 
Fana) — fena) © P 


see also FALSE POSITION METHOD 


Tn = En-1 — 
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Second Fundamental Tensor 


Secant Number 

A number, more commonly called an EULER NUMBER, 
giving the number of ODD ALTERNATING PERMUTA- 
TIONS. The term ZAG NUMBER is sometimes also used. 
see also ALTERNATING PERMUTATION, EULER NUM- 
BER, EULER ZIGZAG NUMBER, 'TANGENT NUMBER 


Sech 
see HYPERBOLIC SECANT 


Second 
see ARC SECOND 


Second Curvature 
see TORSION (DIFFERENTIAL GEOMETRY) 


Second Derivative Test 
Suppose f(x) is a FUNCTION of x which is twice DIF- 
FERENTIABLE at a STATIONARY POINT Zo. 


1. If f”(xzo) > 0, then f has a RELATIVE MINIMUM at 
ZO. 

2. If f" (zo) < 0, then f has a RELATIVE MAXIMUM at 
Tü- 


The EXTREMUM TEST gives slightly more general con- 
ditions under which functions with f” (zo) = 0. 


If f(x,y) is a 2-D FUNCTION which has a RELATIVE 
EXTREMUM at a point (zo, yo) and has CONTINUOUS 
PARTIAL DERIVATIVES at this point, then f¿(Zo, yo) = 0 
and fulto, yo) = 0. The second PARTIAL DERIVATIVES 
test classifies the point as a MAXIMUM or MINIMUM. 
Define the DISCRIMINANT as 


D = fea fuy — favfvs = fea fuy — Fey”. 


1. If D > 0, foz(£o, yo) > 0 and faa (Xo, Yo) + 
fuy(Zo, yo) > 0, the point is a RELATIVE MINIMUM. 


2. f D > 0, fzz(z0, Yo) < 0, and fez[Zo, Yo) + 
fuy(xo, Yo) < 0, the point is a RELATIVE MAXIMUM. 


3. If D < 0, the point is a SADDLE POINT. 
4. If D = 0, higher order tests must be used. 


see also DISCRIMINANT (SECOND DERIVATIVE TEST), 

EXTREMUM, EXTREMUM TEST, FIRST DERIVATIVE 

TEST, GLOBAL MAXIMUM, GLOBAL MINIMUM, HES- 

SIAN DETERMINANT, MAXIMUM, MINIMUM, RELA- 

TIVE MAXIMUM, RELATIVE MINIMUM, SADDLE POINT 

(FUNCTION) 
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Second Fundamental Tensor 
see WEINGARTEN MAP 


Section (Graph) 


Section (Graph) 
A section of a GRAPH is obtained by finding its inter- 
section with a PLANE. 


Section (Pencil) 
The lines of a PENCIL joining the points of a RANGE to 
another POINT. 


see also PENCIL, RANGE (LINE SEGMENT) 


Section (Tangent Bundle) 

A VECTOR FIELD is a section of its TANGENT BUNDLE, 
meaning that to every point x in a MANIFOLD M, a 
VECTOR X(z) € TaM is associated, where Tẹ is the 
TANGENT SPACE. 


see also TANGENT BUNDLE, TANGENT SPACE 


Sectional Curvature 

The mathematical object « which controls the rate of 
geodesic deviation. 

see also BISHOP’S INEQUALITY, CHEEGER’S FINITENESS 
THEOREM, GEODESIC 


Sector 


A WEDGE obtained by taking a portion of a CIRCLE 
with CENTRAL ANGLE 6 < rr radians (180°), illustrated 
above as the shaded region. A sector of 7 radians would 
be a SEMICIRCLE. Let R be the radius of the CIRCLE, 
c the CHORD length, s the ARC LENGTH, A the height 
of the arced portion, and d the height of the triangular 
portion. Then 


R=h+d (1) 
s = RO (2) 
d = Reos(50) (3) 
= ¿ecot(50) (4) 
= } V4R - è (5) 
c = 2Rsin(50) (6) 
= 2dtan(36) (7) 
= 2y R? — d? (8) 
= 24/h(2R — h). (9) 
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The AREA of the sector is 
A=iRs=iR’6 (11) 


(Beyer 1987). | 


see also CIRCLE-CIRCLE INTERSECTION, LENS, OBTUSE 
TRIANGLE, SEGMENT 


References 
Beyer, W. H. (Ed.) CRC Standard Mathematical Tables, 
28th ed. Boca Raton, FL: CRC Press, p. 125, 1987. 


Sectorial Harmonic 
A SPHERICAL HARMONIC of the form 


sin(m0) Pm (cos ¢) 


or 


cos(m6)P,, (cos ¢). 
see also SPHERICAL HARMONIC 


Secular Equation 
see CHARACTERISTIC EQUATION 


Seed 
The initial number used as the starting point in a RAN- 
DOM NUMBER generating ALGORITHM. 


Seed of Life 


One of the beautiful arrangements of CIRCLES found at 
the Temple of Osiris at Abydos, Egypt (Rawles 1997). 
The CIRCLES are placed with 6-fold symmetry, forming 
a mesmerizing pattern of CIRCLES and LENSES. 


see also CIRCLE, FIVE DISKS PROBLEM, FLOWER OF 
LIFE, VENN DIAGRAM 


References 


Rawles, B. Sacred Geometry Design Sourcebook: Universal 
Dimensional Patterns. Nevada City, CA: Elysian Pub., 
p. 15, 1997. 


% Weisstein, E. W. “Flower of Life.” http://www.astro. 


virginia. edu/~eww6n/math/notebooks/Flower0fLife.m. 


Seek Time 
see POINT-POINT DISTANCE—1-D 


1608 Segment 


Segment 


A portion of a CIRCLE whose upper boundary is a circu- 
lar ARC and whose lower boundary is a CHORD making 
a CENTRAL ANGLE 9 < ~ radians (180°), illustrated 
above as the shaded region. Let R be the radius of the 
CIRCLE, c the CHORD length, s the ARC LENGTH, h 
the height of the arced portion, and d the height of the 
triangular portion. ‘Then 


R=h+d (1) 
s= RO (2) 
d = Rcos(6) (3) 
= 3ccot(30) (4) 
= 5V4R? — e? (5) 
c=2Rsin(30) (6) 
= 2dtan(50) (7) 
= 2y R? — d? (8) 


= 24 hQR — h). (9) 
The ANGLE 6 obeys the relationships 
S f/d ıfc 
=2%=2 =)=2t < 
6 R cos (5) an (5) 
=2sin”* (5) | (10) 


The AREA of the segment is then 


A = Asector — Aisosceles triangle | (11) 
= 1 R?°(0 — sin8) (12) 
= ¿(Rs — cd) (13) 
= R? cos™! (5) ~d/R?— (14) 


= R? cos”? (555) — (R — h) /2Rh — h?, (15) 


where the formula for the ISOSCELES TRIANGLE in terms 
of the VERTEX angle has been used (Beyer 1987). 

see also CHORD, CIRCLE-CIRCLE INTERSECTION, CYL- 
INDRICAL SEGMENT, LENS, PARABOLIC SEGMENT, 
SAGITTA, SECTOR, SPHERICAL SEGMENT 


References 
Beyer, W. H. (Ed.) CRC Standard Mathematical Tables, 
28th ed. Boca Raton, FL: CRC Press, p. 125, 1987. 


Segmented Number 
see PRIME NUMBER OF MEASUREMENT 


Seidel-Entringer-Arnold Triangle 


Segner’s Recurrence Formula 
The recurrence FORMULA 


En = EsEn-1+ EsEn-2 +... + En-1E2 


which gives the solution to EULER’S POLYGON DIVISION 
PROBLEM. 


see also CATALAN NUMBER, EULER’S POLYGON DIVI- 
SION PROBLEM 


Segre’s Theorem 

For any REAL NUMBER r > 0, an IRRATIONAL number 
œ can be approximated by infinitely many RATIONAL 
fractions p/q in such a way that 


1 p 


r 
-—— <4 -a< —. 
Yl+4rq q y1 + 4r q? 

If r = 1, this becomes HURWITZ’S IRRATIONAL NUMBER 

THEOREM. 
see also HURWITZ’S IRRATIONAL NUMBER 'THEOREM 


Seiberg-Witten Equations 


Daw —0 
Fy = —T(w, P), 


where 7 is the sesquilinear map 7 : W*xW* > At QC. 
see also WITTEN’S EQUATIONS 


References 

Donaldson, S. K. “The Seiberg-Witten Equations and 4- 
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Seiberg-Witten Invariants 
see WITTEN’S EQUATIONS 


Seidel-Entringer-Arnold Triangle 
The NUMBER TRIANGLE consisting of the ENTRINGER 
NUMBERS fF, arranged in “ox-plowing” order, 


Eoo 
Eio > Fra 
Ez + En + Ez 
E30 > E31 > E32 > E33 
Eas E Eas + Eaz E E4 + Eso 


giving 
1 
0-1 
1<-1¢0 


0O=>1l>2>2 
Beber 4ir20 


Seifert Circle 


see also BELL NUMBER, BOUSTROPHEDON ‘TRANS- 
FORM, CLARK’S TRIANGLE, ENTRINGER NUMBER, EU- 
LER'S TRIANGLE, LEIBNIZ HARMONIC TRIANGLE, NUM- 
BER TRIANGLE, PASCAL’S TRIANGLE 
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246, 1966. 
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Seifert Circle 

Eliminate each knot crossing by connecting each of the 
strands coming into the crossing to the adjacent strand 
leaving the crossing. The resulting strands no longer 
cross but form instead a set of nonintersecting CIRCLES 
called Seifert circles. 


References 

Adams, C. C. The Knot Book: An Elementary Introduction 
to the Mathematical Theory of Knots. New York: W. H. 
Freeman, p. 96, 1994. 


Seifert Conjecture 

Every smooth NONZERO VECTOR FIELD on the 3- 
SPHERE has at least one closed orbit. The conjecture 
was proposed in 1950, proved true for Hopf fibrations, 
but proved false in general by Kuperberg (1994). 


References 

Kuperberg, G. “A Volume-Preserving Counterexample to the 
Seifert Conjecture.” Comment. Math. Helv. 71, 70-97, 
1996. 

Kuperberg, G. and Kuperberg, K. “Generalized counterex- 
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Conjecture.” Ann. Math. 140, 723-732, 1994. 


Seifert Form 

For K a given KNOT in S”, choose a SEIFERT SURFACE 
M? in SÍ for K and a bicollar M x [-1,1] in S? — K. 
If x € H,¡(M) is represented by a 1-cycle in M, let xt 


Seifert’s Spherical Spiral 1609 


denote the homology cycle carried by x x 1 in the bi- 
collar. Similarly, let x” denote x x —1. The function 
f : Hi(M) x Hi(M) - Z defined by 


f(a, y) = Ik(z,y"), 
where lk denotes the LINKING NUMBER, is called a 
Seifert form for K. 
see also SEIFERT MATRIX 


References | 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, pp. 200-201, 1976. 


Seifert Matrix 

Given a SEIFERT FORM f(x,y), choose a basis e1, 
., €2g for Hi(M) as a Z-module so every element is 

uniquely expressible as 


11€1 +... + N2gE2g 


with n; integer, define the Seifert matrix V as the 2g x 2g 
integral MATRIX with entries 


vij = lk(e;, e} ). 


The right-hand TREFOIL KNOT has Seifert matrix 


pa mp 


A Seifert matrix is not a knot invariant, but it can be 
used to distinguish between different SEIFERT SURFACES 
for a given knot. 


see also ALEXANDER MATRIX 
References 


Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, pp. 200-203, 1976. 


Seifert’s Spherical Spiral 


Is given by the CYLINDRICAL COORDINATES parametric 
equation 

r = sn(s) 

0 = ks 


z = cn(s), 


1610 Seifert Surface 


where k is a POSITIVE constant and sn(s) and cn(s) are 
JACOBI ELLIPTIC FUNCTIONS (Whittaker and Watson 
1990, pp. 527-528). 
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Bowman, F. Introduction to Elliptic Functions, with Appli- 
cations. New York: Dover, p. 34, 1961. 

Whittaker, E. T. and Watson, G. N. A Course in Modern 
Analysis, 4th ed. Cambridge, England: Cambridge Uni- 
versity Press, 1990. 


Seifert Surface 

An orientable surface with one boundary component 
such that the boundary component of the surface is a 
given KNOT K. In 1934, Seifert proved that such a sur- 
face can be constructed for any KNOT. The process of 
generating this surface is known as Seifert's algorithm. 
Applying Seifert’s algorithm to an alternating projection 
of an alternating knot yields a Seifert surface of minimal 
GENUS. 


There are KNOTS for which the minimal genus Seifert 
surface cannot be obtained by applying Seifert’s algo- 
rithm to any projection of that KNOT, as proved by 
Morton in 1986 (Adams 1994, p. 105). 


see also GENUS (KNOT), SEIFERT MATRIX 
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to the Mathematical Theory of Knots. New York: W. H. 
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110, 571-592, 1934. 


Self- Adjoint Matrix 
A MATRIX Á for which 


A'=(A‘)* =A, 


where the ADJOINT OPERATOR is denoted A!, A? is 
the MATRIX TRANSPOSE, and * is the COMPLEX CON- 
JUGATE. If a MATRIX is self-adjoint, it is said to be 
HERMITIAN. 


see also ADJOINT OPERATOR, HERMITIAN MATRIX, 
MATRIX TRANSPOSE 


Self-Adjoint Operator 
Given a differential equation 


~ du? d 
Ĉu(z) = Pos + Pi + pou, (1) 


where p; = p:(x) and u = u(x), the ADJOINT OPERA- 
TOR L! is defined by 


~ 


Llu 


d d 
Far (Pou) — z; (Pru) + pzu (2) 
d? t d fi i 
= po + (2po — pi) + (po —pi +pa)u. (3) 


Self-Adjoint Operator 
In order for the operator to be self-adjoint, i.e., 
L=f', (4) 
the second terms in (1) and (3) must be equal, so 
po (z) = pr(z). (5) 
This also guarantees that the third terms are equal, since 
po (2) = pi(x) > po (x) = pı (2), (6) 


so (3) becomes 


2 


~ > d du 
pto j 
Lu = L£ u = Po 73 + po de TPY (7) 
d du 
= z (po) + pou = 0. (8) 


The LEGENDRE DIFFERENTIAL EQUATION and the 
equation of SIMPLE HARMONIC MOTION are self-adjoint, 
but the LAGUERRE DIFFERENTIAL EQUATION and HER- 
MITE DIFFERENTIAL EQUATION are not. 


A nonself-adjoint second-order linear differential oper- 
ator can always be transformed into a self-adjoint one 
using STURM-LIOUVILLE THEORY. In the special case 
po(x) = 0, (8) gives 


pola) = C (10) 
du = co (11) 
dx 


where C is a constant of integration. 
A self-adjoint operator which satisfies the BOUNDARY 
CONDITIONS 


v"pU"|2=a =v"pU lo (13) 


is automatically a HERMITIAN OPERATOR. 


see also ADJOINT OPERATOR, HERMITIAN OPERATOR, 
STURM-LIOUVILLE THEORY 
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Arfken, G. “Self-Adjoint Differential Equations.” 89.1 in 
Mathematical Methods for Physicists, 3rd ed. Orlando, 
FL: Academic Press, pp. 497-509, 1985. 


Self-Avoiding Walk 


Self- Avoiding Walk 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let the number of RANDOM WALKS on a d-D lattice 
starting at the ORIGIN which never land on the same 
lattice point twice in n steps be denoted c(n). The first 
few values are 


ca(0) = 1 (1) 

ca(1) = 2d (2) 

ca(2) = 2d(2d — 1). (3) 
The connective constant 

pa = lim [ca(n)]'” (4) 


is known to exist and be FINITE. The best ranges for 
these constants are 


€ [2.62002, 2.6939] (5) 
ps € [4.572140, 4.7476] (6) 
jua E [6.742945, 6.8179] (7) 
jus E [8.828529, 8.8602] (8) 
pus € [10.874038, 10.8886] (9) 


(Finch). 


For the triangular lattice in the plane, y < 4.278 (Alm 
1993), and for the hexagonal planar lattice, it is conjec- 
tured that 

p=vV2+v2 (10) 


(Madras and Slade 1993). 


The following limits are also believed to exist and to be 
FINITE: 


limno =e ford#4 an 
lim, > Ir A for d = A, 


where the critical exponent y = 1 for d > 4 (Madras 
and Slade 1993) and it has been conjectured that 


s for d= 2 
y= $ 1.162... ford=3 (12) 
1 for d = 4. 


Define the mean square displacement over all n-step self- 
avoiding walks w as 


s(n) = (Jw(n )| = ny dll l (13) 


The following limits are believed to exist and be FINITE: 


| lr ss a for d £ 4 (14) 


for d = 4, 


ii stm), 
n= OO n2¥ (In ny1/4 


for k = 1, 2, 
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where the critical exponent y = 1/2 for d > 4 (Madras 
and Slade 1993), and it has been conjectured that 


3 for d = 2 
v=x 0.59... ford=3 (15) 
| 5 for d = 4. 


see also RANDOM WALK 
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Self-Conjugate Subgroup 
see INVARIANT SUBGROUP 


Self-Descriptive Number 

A 10-DIGIT number satisfying the following property. 
Number the DIGITS 0 to 9, and let DIGIT n be the num- 
ber of ns in the number. There is exactly one such 
number: 6210001000. 


References 
Pickover, C. A. “Chaos in Ontario.” Ch. 28 in Keys to In- 
finity. New York: W. H. Freeman, pp. 217-219, 1995. 


Self-Homologous Point 
see SIMILITUDE CENTER 


Self Number 

A number (usually base 10 unless specified otherwise) 
which has no GENERATOR. Such numbers were origi- 
nally called COLUMBIAN NUMBERS (S. 1974). There are 
infinitely many such numbers, since an infinite sequence 
of self numbers can be generated from the RECURRENCE 
RELATION 


Cr = 8-10°7* + Ck-1 +8, | (1) 


for k = 2, 3, ..., where Cı = 9. The first few self 
numbers are 1, 3, 5, 7, 9, 20, 31, 42, 53, 64, 75, 86, 97, 
. (Sloane's A003052). 


An infinite number of 2-self numbers (i.e., base-2 self 
numbers) can be generated by the sequence 


Crk = 22 +Ck-1 +1 (2) 
..., where Cı = 1 and 7 is the number 


of digits in Ck-1. An infinite number of n-self numbers 
can be generated from the sequence 


Cr = (n—2)n*~* + Cy_1 + (n — 2) (3) 


1612 Self Reciprocating Property 


for k = 2, 3,..., and 


_ fn-—1 forn even 
==> for n odd. (4) 


Joshi (1973) proved that if k is ODD, then miis a k-self 
number IFF m is ODD. Patel (1991) proved that 2k, 
4k+2, and k? +2k+1 are k-self numbers in every EVEN 
base k > 4. 


see also DIGITADITION 
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Self-Reciprocating Property | 
Let h be the number of sides of certain skew POLYGONS 
(Coxeter 1973, p. 15). Then 


h= 2(p + q +2) 
10-p-q ` 


References 
Coxeter, H. S. M. Regular Polytopes, 3rd ed. New York: 
Dover, 1973. 


Self-Recursion | 
Self-recursion is a RECURSION which is defined in terms 
of itself, resulting in an ill-defined infinite regress. 


see SELF-RECURSION 


Self-Similarity 

An object is said to be self-similar if it looks “roughly” 
the same on any scale. FRACTALS are a particularly 
interesting class of self-similar objects. 


í 


see also FRACTAL 


References 
Hutchinson, J. “Fractals and Self-Similarity.” Indiana Univ. 
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Selmer Group 


Self-Transversality Theorem 

Let j, r, and s be distinct INTEGERS (mod n), and let 
W; be the point of intersection of the side or diagonal 
ViVi; of the n-gon P = [Vi,..., Vn] with the transversal 
Vi+rVi+s. Then a NECESSARY and SUFFICIENT condi- 


tion for a 
ViW; _ n 
II a =U 


i= 


where AB||CD and 


[ab] 
CDI’ 
is the ratio of the lengths [A, B] and [C, D] with a plus or 


minus sign depending on whether these segments have 
the same or opposite direction, is that 


l. n = 2m is EVEN with j = m (mod n) and s = 
r+m (mod n), 
2. nis arbitrary and either s = 2r and 7 = 3r, or 


3. r =2s (mod n) and j = 3s (mod n). 


References 
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Selfridge’s Conjecture 

There exist infinitely many n > 0 with Pn > Pn-iPn+i 
for all i < n. Also, there exist infinitely many n > 0 
such that 2pn < Pn-i + pn-i for all i < n. 


Selfridge-Hurwitz Residue 
Let the RESIDUE from PEPIN’S THEOREM be 


Ra = 3{Fa-))/2 (mod Fn), 


where Fn is a FERMAT NUMBER. Selfridge and Hurwitz 


use 
Ra(mod 2% — 1,2% 23 — 1). 


A nonvanishing Rn (mod 2°°) indicates that F, is COM- 
POSITE for n > 5. 


see also FERMAT NUMBER, PEPIN’S THEOREM 


References 
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Selmer Group 
A GROUP which is related to the TANIYAMA-SHIMURA 
CONJECTURE. 


see also TANIYAMA-SHIMURA CONJECTURE 


Semi-Integral 


Semi-Integral 


An INTEGRAL of order 1/2. The semi-integral of the. 


CONSTANT FUNCTION f(z) = cis 


da T 

Y. Z 2e4/ =. 

dx—1/2 T 
see also SEMIDERIVATIVE 


References | 
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Semialgebraic Number 

A subset of R” which is a finite Boolean combination 

of sets of the form {% = (21,...,Um) : f(Z) > 0} and 

{z : g(Z) = 0), where f,g € R[X1,..., Xn]. 

References 
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Marker, D. “Model Theory and Exponentiation.” Not. 
Amer. Math. Soc. 43, 753-759, 1996. 


Semianalytic 

X C R” is semianalytic if, for all v € R”, there is an 
open neighborhood U of x such that X NU is a finite 
Boolean combination of sets {z € U : f(z) = 0} and 
{z € U : g(2) > 0}, where f,g : U > R are ANALYTIC. 


see also ANALYTIC FUNCTION, PSEUDOANALYTIC 
FUNCTION, SUBANALYTIC 
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Semicircle 


——» 
Half a CIRCLE. The PERIMETER of the semicircle of 
RADIUS r 1s 


L=22r+ar=r(247), (1) 


and the AREA is 
a=2 | yr? — y? dy = irr’. (2) 
0 
The weighted mean of y is 


(y) =2 | yyy? dy = 2r’. (3) 


The CENTROID is then given by 


I=- Fan (4) 


The semicircle is the CROSS-SECTION of a HEMISPHERE 
for any PLANE through the z-AXIS. 


see also ARBELOS, ARC, CIRCLE, DISK, HEMISPHERE, 
LENS, RIGHT ANGLE, SALINON, THALES’ THEOREM, 
YIN- YANG 


Semicubical Parabola 1613 


Semicolon Derivative 
see COVARIANT DERIVATIVE 


Semiconvergent Series 
see ASYMPTOTIC SERIES 


Semicubical Parabola 


A PARABOLA-like curve with Cartesian equation 


y = ax”, (1) 

parametric equations 
r= (2) 
= at", (3) 


and POLAR COORDINATES, 


tan? 6sec@ 
r= ———_.. 
a 


The semicubical parabola is the curve along which a par- 
ticle descending under gravity describes equal vertical 
spacings within equal times, making it an ISOCHRONOUS 
CuRVE. The problem of finding the curve having this 
property was posed by Leibniz in 1687 and solved by 
Huygens (MacTutor Archive). 


The ARC LENGTH, CURVATURE, and TANGENTIAL AN- 
GLE are 


s(t) = 4(44+98P - £ (5) 
6 

O) = a oR) (5) 

ot) = tan *(3£). | (7) 


see also NEILE’S PARABOLA, PARABOLA INVOLUTE 
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1614 Semiderivative 

Semiderivative 

A DERIVATIVE of order 1/2. The semiderivative of the 
CONSTANT FUNCTION f(z) = cis 


Pl? c 


dz!/2? „nz 


see also DERIVATIVE, SEMI-INTEGRAL 
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Semidirect Product 

The “split” extension G of GROUPS N and F which 
contains a SUBGROUP F isomorphic to F with G = FN 
and FNN = {e}. 


References | 
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Semiflow 
An ACTION with G = R?*. 


see also FLOW 


Semigroup 

A mathematical object defined for a set and a BI- 
NARY OPERATOR in which the multiplication operation 
is ASSOCIATIVE. No other restrictions are placed on a 
semigroup; thus a semigroup need not have an IDEN- 
TITY ELEMENT and its elements need not have inverses 
within the semigroup. A semigroup is an ASSOCIATIVE 
GROUPOID. 


A semigroup can be empty. The total number of semi- 
groups of order n are 1, 4, 18, 126, 1160, 15973, 836021, 
... (Sloane’s A001423). The number of semigroups of 
order n with one IDEMPOTENT are 1, 2, 5, 19, 132, 3107, 
623615, ... (Sloane’s A002786), and with two IDEM- 
POTENTS are 2, 7, 37, 216, 1780, 32652, ... (Sloane’s 
A002787). The number a(n) of semigroups having n 
IDEMPOTENTS are 1, 2, 6, 26, 135, 875, ... (Sloane’s 
A002788). 


see also ASSOCIATIVE, BINARY OPERATOR, FREE SEMI- 
GROUP, GROUPOID, INVERSE SEMIGROUP, MONOID, 
QUASIGROUP 
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Semiperfect Number 


Semilatus Rectum 
Given an ELLIPSE, the semilatus rectum is defined as 
the distance L measured from a FOCUS such that 


1 1 1 1 
E A 1 
L a+). (1) 


where r+ = a(1+e) and r_ = a(1—e) are the APOAPSIS 
and PERIAPSIS, and e is the ELLIPSE's ECCENTRICITY. 
Plugging in for r; and r_ then gives 


== 1 1 j= ¿EAS 
L 2all-e 1+e/ 2a 1 — e? 
1 1 
_1 2 
Loe (2) 
sO 
L=a(1-e?). (3) 


see also ECCENTRICITY, ELLIPSE, Focus, LATUS REC- 
TUM, SEMIMAJOR AXIS, SEMIMINOR AXIS 


Semimagic Square 

A square that fails to be a MAGIC SQUARE only because 
one or both of the main diagonal sums do not equal the 
MAGIC CONSTANT is called a SEMIMAGIC SQUARE. 


see also MAGIC SQUARE 


Semimajor Axis 
HALF the distance across an ELLIPSE along its long prin- 
cipal axis. 


see also ELLIPSE, SEMIMINOR AXIS 


Semiminor Axis 
Half the distance across an ELLIPSE along its short prin- 
cipal axis. 


see also ELLIPSE, SEMIMAJOR AXIS 


Semiperfect Magic Cube 

A semiperfect magic cube, also called an ANDREWS 
CUBE, is a MAGIC CUBE for which the cross-section di- 
agonals do not sum to the MAGIC CONSTANT. 


see also MAGIC CUBE, PERFECT MAGIC CUBE 


References 

Gardner, M. “Magic Squares and Cubes.” Ch. 17 in Time 
Travel and Other Mathematical Bewilderments. New 
York: W. H. Freeman, pp. 213-225, 1988. 


Semiperfect Number 

A number such as 20 = 1+4+5-+4 10 which is the Sum 
of some (or all) its PROPER DIVISORS. A semiperfect 
number which is the SUM of all its PROPER DIVISORS is 
called a PERFECT NUMBER. The first few semiperfect 
numbers are 6, 12, 18, 20, 24, 28, 30, 36, 40, ... (Sloane’s 
A005835). Every multiple of a semiperfect number is 
semiperfect, as are all numbers 2p for m > 1 and pa 
PRIME between 2” and 27** (Guy 1994, p. 47). 


the crystal detector 


Junction Diode 


SPACE CHARGE 


The boundary between the two doped portions is called a 
PN junction. The area on both sides of the PN junction is 
called the space charge region. When a positive voltage 
is applied to the "P" material (and negative voltage to 
the "N" material), the space charge region becomes narrow 
and electron current flows through the PN junction. 


ELECTRON FLOW 


~- + 
FORWARD BIAS REVERSE BIAS 


When the voltage polarities are reversed, negative to "P" 
and positive to "N", the space charge region widens 
(increasing the effective resistance of the PN junction) 
and the electron flow is very small (back current). If an 
ac voltage is applied to the PN junction, it will act as 
a rectifier (or radio wave detector). 


Semiperimeter 


A semiperfect number cannot be DEFICIENT. Rare 
ABUNDANT NUMBERS which are not semiperfect are 
called WEIRD NUMBERS. Semiperfect numbers are 
sometimes also called PSEUDOPERFECT NUMBERS. 


see also ABUNDANT NUMBER, DEFICIENT NUMBER, 
PERFECT NUMBER, PRIMITIVE SEMIPERFECT NUM- 
BER, WEIRD NUMBER 
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Semiperimeter 
The semiperimeter on a figure is defined as 


s = 3D, (1) 


where p is the PERIMETER. The semiperimeter of POLY- 
GONS appears in unexpected ways in the computation of 
their AREAS. The most notable cases are in the ALTI- 
TUDE, EXRADIUS, and INRADIUS of a TRIANGLE, the 
SODDY CIRCLES, HERON’S FORMULA for the AREA of a 
TRIANGLE in terms of the legs a, b, and c 


Aa = y s(s —a)(s — b)(s —c), (2) 


and BRAHMAGUPTA’S FORMULA for the AREA of a 
QUADRILATERAL 


Aguadrilateral = 


(s — a)(s — b)(s — c)(s — d) — abcd cos? (= a =). 
(3) 


The semiperimeter also appears in the beautiful 
L’HUILIER’S THEOREM about SPHERICAL TRIANGLES. 


G A D B 


For a TRIANGLE, the following identities hold, 


s—-a=5(-a+b+c) (4) 
s=b=3(a+b-c) (5) 
s=c= 5(a+b-—c). (6) 
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Now consider the above figure. Let I be the INCENTER 
of the TRIANGLE AABC, with D, E, and F the tan- 
gent points of the INCIRCLE. Extend the line BA with 
GA = CE. Note that the pairs of triangles (ADI, AFI), 
(BDI, BEI), (CFI,CETJ) are congruent. Then 


BG = BD+AD+AG=BD+AD+CE 
= $(2BD + 2AD + 2CE) 
5((BD + BE) + (AD + AF)+(CE+CF)| 
= 3[(BD + AD) + (BE + CE) + (AF + CF) 
1(AB + BC + AC) = 35(a+b+c)=3. (7) 


Furthermore, 


s—a = BG — BC 

= (BD + AD + AG) — (BE + CE) 

= (BD + AD + CE) — (BD + CE) = AC (8) 
s—b= BG — AC 

= (BD + AD + AG) — (AF + CF) 

= (BD + AD + CE) — (AD + CE) = BD (9) 
s — c = BG — AB = AG (10) 


(Dunham 1990). These equations are some of the build- 
ing blocks of Heron’s derivation of HERON’S FORMULA. 
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Semiprime 

A COMPOSITE number which is the PRODUCT of two 
PRIMES (possibly equal). They correspond to the 2- 
ALMOST PRIMES. The first few are 4, 6, 9, 10, 14, 15, 
21, 22,... (Sloane's A001358). 


see also ALMOST PRIME, CHEN’S THEOREM, COMPOS- 
ITE NUMBER, PRIME NUMBER 
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Semiprime Ring 

Given an IDEAL A, a semiprime ring is one for which 
A” = 0 IMPLIES A = 0 for any POSITIVE n. Every 
PRIME RING is semiprime. i 


see also PRIME RING 


Semiregular Polyhedron 

A POLYHEDRON or plane TESSELLATION is called 
semiregular if its faces are all REGULAR POLYGONS and 
its corners are alike (Walsh 1972; Coxeter 1973, pp. 4 
and 58; Holden 1991, p. 41). The usual name for a 
semiregular polyhedron is an ARCHIMEDEAN SOLIDS, of 
which there are exactly 13. 


1616 Semiring 
see also ARCHIMEDEAN SOLID, POLYHEDRON, TESSEL- 
LATION 
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Semiring 
A semiring is a set together with two BINARY OPERA- 
TORS S(-+, *) satisfying the following conditions: 


1. Additive associativity: For all a,b,c € S, (a+b)+c = 
a+ (b+c), 

2. Additive commutativity: For all a,b € S, a + b = 
b+a, 

3. Multiplicative associativity: For all a,b,c € S, (a * 
b)xc=ax(b*c), | 

4. Left and right distributivity: For all a,b,c € S, ax 
(b+c) = (axb)+(axc) and (b+c)*a = (bxa)+ (c*a). 

Thus a semiring is therefore a commutative SEMIGROUP 


under addition and a SEMIGROUP under multiplication. 
A semiring can be empty. 


see also BINARY OPERATOR, RING, RINGOID, SEMI- 
GROUP 
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Semisecant 
see TRANSVERSAL LINE 


Semisimple 

A p-ELEMENT x= of a GROUP G is semisimple if 
E(Ce(z)) # 1, where E(H) is the commuting product 
of all components of H and Ce¢(z) is the CENTRALIZER 
of G. 


see also CENTRALIZER, p-ELEMENT 


Semisimple Algebra 

An ALGEBRA with no nontrivial nilpotent IDEALS. In 
the 1890s, Cartan, Frobenius, and Molien independently 
proved that any finite-dimensional semisimple algebra 
over the REAL or COMPLEX numbers is a finite and 
unique DIRECT SUM of SIMPLE ALGEBRAS. This re- 
sult was then extended to algebras over arbitrary fields 
by Wedderburn in 1907 (Kleiner 1996). 


see also IDEAL, NILPOTENT ELEMENT, SIMPLE ALGE- 
BRA 
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Separating Family 


Semisimple Lie Group 

A LIE GROUP which has a simply connected covering 
group HOMEOMORPHIC to R”. The prototype is any 
connected closed subgroup of upper TRIANGULAR COM- 
PLEX MATRICES. The HEISENBERG GROUP is such a 
group. 

see also HEISENBERG GROUP, LIE GROUP 
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Semisimple Ring 
A SEMIPRIME RING which is also an ARTINIAN RING. 
see also ARTINIAN RING 


Semistable 

When a PRIME | divides the DISCRIMINANT of a EL- 
LIPTIC CURVE E, two or all three roots of E become 
congruent mod l. An ELLIPTIC CURVE is semistable if, 
for all such PRIMES l, only two roots become CONGRU- 
ENT mod | (with more complicated definitions for p = 2 
or 3). 

see also DISCRIMINANT (ELLIPTIC CURVE), ELLIPTIC 
CURVE 


Sensitivity 
The probability that a STATISTICAL TEST will be posi- 
tive for a true statistic. 


see also SPECIFICITY, STATISTICAL TEST, TYPE I ER- 
ROR, TYPE II ERROR 


Sentence 
A LOGIC FORMULA with no FREE variables. 


Separating Edge 

An EDGE of a GRAPH is separating if a path from a point 
A to a point B must pass over it. Separating EDGES can 
therefore be viewed as either bridges or dead ends. 


see also EDGE (GRAPH) 


Separating Family 

A SEPARATING FAMILY is a SET of SUBSETS in which 
each pair of adjacent elements are found separated, each 
in one of two disjoint subsets. The 26 letters of the 
alphabet can be separated by a family of 9, 


(abcdefghi)  (jklmnopqr) (stuvwzyz) 
(abcjkistu) (defmnovwz) (ghipqryz) . 
(adgjmpsvy) (behknqtwz) (cfiloruz) 


The minimal size of the separating family for an n-set is 
0, 2, 3, 4, 5, 5, 6, 6, 6, 7, 7, 7, ... (Sloane’s A007600). 
see also KATONA’S PROBLEM 
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Separation 


Separation 

Two distinct point pairs AC and BD separate each other 
if A, B, C, and D lie on a CIRCLE (or line) in such order 
that either of the arcs (or the line segment AC’) contains 
one but not both of B and D. In addition, the point 
pairs separate each other if every CIRCLE through A and 
C intersects (or coincides with) every CIRCLE through 
B and D. If the point pairs separate each other, then 
the symbol AC //BD is used. 


Separation of Variables 

A method of solving partial differential equations in a 
function $ and variables x, y, ... by making a substi- 
tution of the form 


$la,y,..)=X(mDY (y), 


breaking the resulting equation into a set of independent 
ordinary differential equations, solving these for X(x), 
Y (y), ..., and then plugging them back into the original 
equation. 


This technique works because if the product of functions 
of independent variables is a constant, each function 
must separately be a constant. Success requires choice 
of an appropriate coordinate system and may not be at- 
tainable at all depending on the equation. Separation of 
variables was first used by L’Hospital in 1750. It is espe- 
cially useful in solving equations arising in mathematical 
physics, such as LAPLACE’S EQUATION, the HELMHOLTZ 
DIFFERENTIAL EQUATION, and the Schrodinger equa- 
tion. 


see also HELMHOLTZ DIFFERENTIAL EQUATION, LA- 
PLACE’S EQUATION | 
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Separation Theorem 
There exist numbers yi < Y2 < ... < En-1, 4 < Yn-1, 
Yn—1 < b, such that 


Ay = aly) — a(yv-1), 


where v = 1, 2,..., n, Yo = a and yn = b. Furthermore, 
the zeros £1, ..., Zn, arranged in increasing order, al- 
ternate with the numbers y1, ...Yn-1, SO 


Ly < Ye < Tu+l- 
More precisely, 


a(x, + €) — a(a) < aly) — ala) 
= à +... + Av < Q(t,y1 — €) — ala) 
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for v = 1,...,n— 1. 


see also POINCARÉ SEPARATION THEOREM, STURMIAN 
SEPARATION THEOREM 
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Separatrix 

A phase curve (invariant MANIFOLD) which meets a HY- 
PERBOLIC FIXED POINT (intersection of a stable and an 
unstable invariant MANIFOLD}. A separatrix marks a 
boundary between phase curves with different proper- 
ties. For example, the separatrix in the equation of mo- 
tion for the pendulum occurs at the angular momentum 
where oscillation gives way to rotation. 


Septendecillion 
In the American system, 1054. 


see also LARGE NUMBER 


Septillion 
In the American system, 10**. 


see also LARGE NUMBER 


Sequence 

A sequence is an ordered set of mathematical objects 
which is denoted using braces. For example, the symbol 
f2n$7_, denotes the infinite sequence of EVEN NUM- 
BERS (2, 4, ..., 2n,...}. 

see also 196-ALGORITHM, A-SEQUENCE, ALCUIN’S SE- 
QUENCE, B2-SEQUENCE, BEATTY SEQUENCE, CAR- 
MICHAEL SEQUENCE, CAUCHY SEQUENCE, CONVER- 
GENT SEQUENCE, DEGREE SEQUENCE, DENSITY (SE- 
QUENCE), FRACTAL SEQUENCE, GIUGA SEQUENCE, IN- 
FINITIVE SEQUENCE, INTEGER SEQUENCE, ITERATION 
SEQUENCE, LIST, NONAVERAGING SEQUENCE, PRIM- 
ITIVE SEQUENCE, REVERSE-THEN-ADD SEQUENCE, 
SCORE SEQUENCE, SERIES, SIGNATURE SEQUENCE, 
SORT-THEN-ADD SEQUENCE, ULAM SEQUENCE 


Sequency 
The sequency k of a WALSH FUNCTION is defined as half 
the number of zero crossings in the time base. 


see also WALSH FUNCTION 


Sequency Function 
see WALSH FUNCTION 


Sequential Graph 

A CONNECTED GRAPH having e EDGES is said to be 
sequential if it is possible to label the nodes 2 with dis- 
tinct INTEGERS f; in{0, 1, 2,..., e— 1) such that when 
EDGE 27 is labeled f; + fj, the set of EDGE labels is 
a block of e consecutive integers (Grace 1983, Gallian 
1990).. No HARMONIOUS GRAPH is known which cannot 
also be labeled sequentially. 
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see also CONNECTED GRAPH, HARMONIOUS GRAPH 
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Series 

A series is a sum of terms specified by some rule. If each 
term increases by a constant amount, it is said to be an 
ARITHMETIC SERIES. If each term equals the previous 
multiplied by a constant, it is said to be a GEOMET- 
RIC SERIES. A series usually has an INFINITE’ number 
of terms, but the phrase INFINITE SERIES is sometimes 
used for emphasis or clarity. 


If the sum of partial sequences comprising the first few 
terms of the series does not converge to a LIMIT (e.g., 
it oscillates or approaches +oo), it is said to diverge. 
An example of a convergent series is the GEOMETRIC 
SERIES 


oOo 


dG) =2, 


n=O 


and an example of a divergent series is the HARMONIC 


SERIES 
oo 
1 
> — = 00. 
TL 
n=1 


A number of methods known as CONVERGENCE TESTS 
can be used to determine whether a given series con- 
verges. Although terms of a series can have either sign, 
convergence properties can often be computed in the 
“worst case” of all terms being POSITIVE, and then ap- 
plied to the particular series at hand. A series of terms 
un is said to be ABSOLUTELY CONVERGENT if the series 
formed by taking the absolute values of the un, 


2 lun) 
n 


converges. 


An especially strong type of convergence is called UN- 
IFORM CONVERGENCE, and series which are uniformly 
convergent have particularly “nice” properties. For ex- 
ample, the sum of a UNIFORMLY CONVERGENT series 
of continuous functions is continuous. A CONVERGENT 
SERIES can be DIFFERENTIATED term by term, provided 
that the functions of the series have continuous deriva- 
tives and that the series of DERIVATIVES is UNIFORMLY 
CONVERGENT. Finally, a UNIFORMLY CONVERGENT se- 
ries of continuous functions can be INTEGRATED term by 
term. 


For a table listing the COEFFICIENTS for various series 
operations, see Abramowitz and Stegun (1972, p. 15). 


While it can be difficult to calculate analytical expres- 
sions for arbitrary convergent infinite series, many al- 
gorithms can handle a variety of common series types. 


Series Multisection 


The program Mathematica® (Wolfram Research, Cham- 
paign, IL) implements many of these algorithms. Gen- 
eral techniques also exist for computing the numerical 


values to any but the most pathological series (Braden 
1992). 


see also ALTERNATING SERIES, ARITHMETIC SERIES, 
ARTISTIC SERIES, ASYMPTOTIC SERIES, BIAS (SERIES), 
CONVERGENCE IMPROVEMENT, CONVERGENCE TESTS, 
EULER-MACLAURIN INTEGRATION FORMULAS, GEO- 
METRIC SERIES, HARMONIC SERIES, INFINITE SERIES, 
MELODIC SERIES, q-SERIES, RIEMANN SERIES THEO- 
REM, SEQUENCE, SERIES EXPANSION, SERIES REVER- 
SION 
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Series Expansion 


see LAURENT SERIES, MACLAURIN SERIES, POWER SE- 
RIES, SERIES REVERSION, TAYLOR SERIES 


Series Inversion 
see SERIES REVERSION 


Series Multisection 
If 
f(z) = fot fiat fox? +...+ faa” +..., 


then 


S(n, j) = fizi + fitnt” + fiton" +... 


Series Reversion 


is given by 


n— l 


R. —jt t 
S(n,j)=— Dow f(w x), 
t=0 

2ri/n 


where w = e 
see also SERIES REVERSION 
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Series Reversion 

Series reversion is the computation of the COEFFICIENTS 
of the inverse function given those of the forward func- 
tion. For a function expressed in a series as 


y = ag +02 + azr? +..., (1) 
the series expansion of the inverse series is given by 
a= Ay + Azy + Asy? +.... (2) 


By plugging (2) into (1), the following equation is ob- 
tained 


y = a, Ary + (a2 Ar” + a1 A2)y? 
+(az A1” + 2a2 41 A2 + a1 A3)y" 
+(3a3 A1” Az + mAs + az A1 Az) E od (3) 


Equating COEFFICIENTS then gives 


Al = a” (4) 

Ad Sei ae (5) 
41 

Áz = ar °(2a2” = 0143) (6) 

Aa = ar” “(Bajazaz = a1 a4 =< Baz”) (7) 


As = a (6010204 + 3a1 a203 + 14a2* = ai as 
— 21a102*a3) (8) 
Ag = ay" (7a1%a205 + 7a1°a304 + 84a1a2°a3 


4 2 2 5 2 2 
— a, 06 7 2341 a243 — 42a2 = 28a1 ag a4) 


(9) 
Az = a *(8a1%0706 + 8a1*a3as + 4a a4" 
+ 120410204 + 180a1*a27a3* + 132a2° 
— az ay — 36010205 — 7201 a20304 
— 12a1%a3” — 330a,a2a3) (10) 


(Dwight 1961, Abramowitz and Stegun 1972, p. 16). A 
derivation of the explicit formula for the nth term is 
given by Morse and Feshbach (1953), 


1 
A, = -1 s+t+ut... 
E SY (-0) 


SLU 


silat ess (n-ttstttut...) (2y (E)... 


slilu!--- 
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where 
s+2t+3u+...=n-1. (12) 
References 
Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 


of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
1972. 

Arfken, G. Mathematical Methods for Physicists, 3rd ed. Or- 
lando, FL: Academic Press, pp. 316-317, 1985. 

Beyer, W. H. CRC Standard Mathematical Tables, 28th ed. 
Boca Raton, FL: CRC Press, p. 297, 1987. 

Dwight, H. B. Table of Integrals and Other Mathematical 
Data, 4th ed. New York: Macmillan, 1961. 

Morse, P. M. and Feshbach, H. Methods of Theoretical Phys- 
ics, Part I. New York: McGraw-Hill, pp. 411-413, 1953. 


Serpentine Curve 


A curve named and studied by Newton in 1701 and con- 
tained in his classification of CUBIC CURVES. It had 
been studied earlier by L’Hospital and Huygens in 1692 
(MacTutor Archive). 


The curve is given by the CARTESIAN equation 


abx 
= == 1 
yle) = a (1) 
and parametric equations 
x(t) = acott (2) 
y(t) = bsintcost. (3) 


The curve has a MAXIMUM at z = a and a MINIMUM at 
x = —a, Where 


ab(a — x)(a + z) 


o (4) 


and inflection points at x = +43 a, where 


_ 2aba(a? — 3a”) 


y (x) = (a? + a2)8 = 0. (5) 


The CURVATURE is given by 
2abx(1* — 3a”) 


adb—abr?)2 342 
(a2 +07) 


k(x) = 
(a? + a?y 1 ale ( 


_  4y2ab[2cos(2t) — 1] cot t csc? t 
ae ([b2[1 + cos(4t)] + 2a? csc4 t}3/2 ` (7) 
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Serret-Frenet Formulas 


see FRENET FORMULAS 


Set 

A set is a FINITE or INFINITE collection of objects. Older 
words for set include AGGREGATE and CLASS. Russell 
also uses the term MANIFOLD to refer to a set. The 
study of sets and their properties is the object of SET 
THEORY. Symbols used to operate on sets include A 
(which denotes the EMPTY SET Ø), V = (which denotes 
the POWER SET of a set), M (which means “and” or 
INTERSECTION), and U (which means “or” or UNION). 


The NOTATION A”, where A and B are arbitrary sets, 
is used to denote the set of MAPS from B to A. For 
example, an element of X` would be a MAP from the 
NATURAL NUMBERS N to the set X. Call such a func- 
tion f, then f(1), f(2), etc., are elements of X, so call 
them 21, £2, etc. This now looks like a SEQUENCE of el- 
ements of X, so sequences are really just functions from 
N to X. This NOTATION is standard in mathematics 
and is frequently used in symbolic dynamics to denote 
sequence spaces. 


Let E, F, and G be sets. Then operation on these sets 
using the N and U operators is COMMUTATIVE 


ENF=FnE (1) 
EUF=FUE, (2) 
ASSOCIATIVE 

(ENPING=EN(FNG) (3) 
AN UB. = Uan, (4) 
(EUFJUG=EU(FUG), (5) 

and DISTRIBUTIVE 
(ENF)UG=(EUG)N(FUG) (6) 
(EUP)NG=(ENG)U(F NG). (7) 


The proofs follow trivially using VENN DIAGRAMS. 
P| JA} => P(45). (8) 
i=1 i=1 


The table below gives symbols for some common sets in 
mathematics. 


Set Theory 


Symbol Set 

B” n-ball 

C complex numbers 
C”, C™ n-differentiable functions 
D” n-disk 

H quaternions 

I integers 

N natural numbers 

Q rational numbers 
R” real numbers in n-D 
S” n-sphere 

Z integers 

Zn integers (mod n) 
L negative integers 
Zt positive integers 

Z“ nonnegative integers 


see also AGGREGATE, ANALYTIC SET, BOREL SET, C, 
CLASS (SET), COANALYTIC SET, DEFINABLE SET, DE- 
RIVED SET, DOUBLE-FREE SET, EXTENSION, GROUND 
SET, [, INTENSION, INTERSECTION, KINNEY’S SET, 
MANIFOLD, N, PERFECT SET, POSET, Q, R, SET DIF- 
FERENCE, SET THEORY, TRIPLE-FREE SET, UNION, 
VENN DIAGRAM, WELL-ORDERED SET, Z, Z7, Z* 
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Courant, R. and Robbins, H. “The Algebra of Sets.” Supple- 
ment to Ch. 2 in What is Mathematics?: An Elementary 
Approach to Ideas and Methods, 2nd ed. Oxford, England: 
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Set Difference 
The set difference A\B is defined by 


AB=¿(x:2EAand z ¢ B}. 
The same symbol is also used for QUOTIENT GROUPS. 


Set Partition 

A set partition of a SET S is a collection of disjoint 
SUBSETS Bo, Bi, ... of S whose UNION is S, where 
each B; is called a BLOCK. The number of partitions of 
the SET (k)-1 is called a BELL NUMBER. 


see also BELL NUMBER, BLOCK, RESTRICTED GROWTH 
STRING, STIRLING NUMBER OF THE SECOND KIND 
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Set Theory 

The mathematical theory of SETS. Set theory is closely 
associated with the branch of mathematics known as 
LOGIC. 


There are a number of different versions of set the- 
ory, each with its own rules and AXIOMS. In or- 
der of increasing CONSISTENCY STRENGTH, several ver- 
sions of set theory include PEANO ARITHMETIC (or- 
dinary ALGEBRA), second-order arithmetic (ANALY- 
SIS), ZERMELO-FRAENKEL SET THEORY, Mahlo, weakly 


Sexagesimal 


compact, hyper-Mahlo, ineffable, measurable, Ramsey, 
supercompact, huge, and n-huge set theory. 


Given a set of REAL NUMBERS, there are 14 versions of 
set theory which can be obtained using only closure and 
complement (Beeler et al. 1972, Item 105). 


see also AXIOMATIC SET THEORY, CONSISTENCY 
STRENGTH, CONTINUUM HYPOTHESIS, DESCRIPTIVE 
SET THEORY, IMPREDICATIVE, NAIVE SET THEORY, 
PEANO ARITHMETIC, SET, ZERMELO-FRAENKEL SET 
THEORY 
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history /HistTopics / Beginnings-_of -set _theory.html. 

Stewart, I. The Problems of Mathematics, 2nd ed. Oxford: 
Oxford University Press, p. 96, 1987. 


Sexagesimal 

The base-60 notational system for representing REAL 
NUMBERS. A base-60 number system was used by the 
Babylonians and is preserved in the modern measure- 
ment of time (hours, minutes, and seconds) and ANGLES 
(DEGREES, ARC MINUTES, and ARC SECONDS). 


see also BASE (NUMBER), BINARY, DECIMAL, HEXA- 
DECIMAL, OCTAL, QUATERNARY, SCRUPLE, TERNARY, 
VIGESIMAL 
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Sexdecillion 
In the American system, 10**, 


see also LARGE NUMBER 


Sextic Equation 
The general sextic polynomial equation 


6 5 4 3 2 
L +ast +a413 +agx° + asz” + ait + ago = 0 


can be solved in terms of HYPERGEOMETRIC FUNCTIONS 
in one variable using Klein’s approach to solving the 
QUINTIC EQUATION. 


see also CUBIC EQUATION, QUADRATIC EQUATION, 
QUARTIC EQUATION, QUINTIC EQUATION 
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Sextic Surface 

An ALGEBRAIC SURFACE which can be represented im- 
plicitly by a polynomial of degree six in x, y, and z. 
Examples are the BARTH SEXTIC and BOY SURFACE. 


see also ALGEBRAIC SURFACE, BARTH SEXTIC, Boy 
SURFACE, CUBIC SURFACE, DECIC SURFACE, QUADRA- 
TIC SURFACE, QUARTIC SURFACE 
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Sextillion 
In the American system, 10°". 


see also LARGE NUMBER 


Sexy Primes 

Since a PRIME NUMBER cannot be divisible by 2 or 3, 
it must be true that, for a PRIME p, p = 6 (mod 1, 5). 
This motivates the definition of sexy primes as a pair 
of primes (p,q) such that p — q = 6 (“sexy” since “sex” 
is the Latin word for “six.”). The first few sexy prime 
pairs are (5, 11), (7, 13), (11, 17), (13, 19), (17, 23), (23, 
29), (31, 37), (37, 43), (41, 47), (47, 53), ... (Sloane's 
A023201 and A046117). 


Sexy constellations also exist. The first few sexy triplets 
(i.e., numbers such that each of (p,p + 6,p + 12) is 
PRIME but p+18 is not PRIME) are (7, 13, 19), (17, 23, 
29), (31, 37, 43), (47, 53, 59), ... (Sloane's A046118, 
A046119, and A046120). The first few sexy quadruplets 
are (11, 17, 23, 29), (41, 47, 53, 59), (61, 67, 73, 79), 
(251, 257, 263, 269), ... (Sloane's A046121, A046122, 
A046123, A046124). Sexy quadruplets can only begin 
with a PRIME ending in a “1.” There is only a sin- 
gle sexy quintuplet, (5, 11, 17, 23, 29), since every fifth 
number of the form 6n+1 is divisible by 5, and therefore 
cannot be PRIME. 


see also PRIME CONSTELLATION, PRIME QUADRUPLET, 
TWIN PRIMES 
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1622 Seydewitz’s Theorem 
Seydewitz’s Theorem 

If a TRIANGLE is inscribed in a CONIC SECTION, any 
line conjugate to one side meets the other two sides in 
conjugate points. 

see also CONIC SECTION, TRIANGLE 


Sgn 


Also called SIGNUM. It can be defined as 


1 «<0 
sen = ¢ 0 z= 0 (1) 
1 x > 0 | 
or 
sgn(x) = 2H (2) — 1, (2) 


where H(x) is the HEAVISIDE STEP FUNCTION. For 
x Æ 0, this can be written 


sgn(x) = ial for x Æ 0. (3) 


see also HEAVISIDE STEP FUNCTION, RAMP FUNCTION 


Shadow 

The SURFACE corresponding to the region of obscuration 
when a solid is illuminated from a point light source (lo- 
cated at the RADIANT POINT). A DISK is the SHADOW 
of a SPHERE on a PLANE perpendicular to the SPHERE- 
RADIANT POINT line. If the PLANE is tilted, the shadow 
can be the interior of an ELLIPSE or a PARABOLA. 


see also PROJECTIVE GEOMETRY 


Shadowing Theorem 

Although a numerically computed CHAOTIC trajectory 
diverges exponentially from the true trajectory with the 
same initial coordinates, there exists an errorless trajec- 
tory with a slightly different initial condition that stays 
near { “shadows” ) the numerically computed one. There- 
fore, the FRACTAL structure of chaotic trajectories seen 
in computer maps is real. 
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Shafarevich Conjecture 
A conjecture which implies the MORDELL CONJECTURE, 
as proved in 1968 by A. N. Parshin. 


see also MORDELL CONJECTURE 
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Shallit Constant 


Shah Function 


Ill (x) = y f(x- n) (1) 
where ĝ(x) is the DELTA FUNCTION, so ILI (x) = 0 for 
x E Z (i.e., x not an INTEGER). The shah function obeys 
the identities 


I (az) = > YN s(2-5) (2) 
I (—x) = I (z) (3) 
II (a +n) = II (2), (4) 


for 2n € Z (i.e., n a half-integer). 
It is normalized so that 
n+1/2 
/ Il (x) de = 1. (5) 
n-1/2 


The “sampling property” is 


HI (0)f(2)= Y fnjó(z—nm) (6) 


n= m O0 


and the “replicating property” is 


W (x)* f(z)= Y, fem), (7) 


n=-—00 


where « denotes CONVOLUTION. 


see also CONVOLUTION, DELTA FUNCTION, IMPULSE 
PAIR 


Shah- Wilson Constant 
see TWIN PRIMES CONSTANT 


Shallit Constant 
Define f(x1,t2,..., £n) with x; POSITIVE as 


k 
> Il; 
Tj : 
1<i<k<n j=1 


LAC ee eee tn) =) a+ 
2] 


Then 
min f = 3n — C + o(1) 


as n increases, where the Shallit constant is 
C = 1.369451403937... 


(Shallit 1995). In their solution, Grosjean and De Meyer 
(quoted in Shallit 1995) reduced the complexity of the 
problem. 
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Shallow Diagonal 


Shallow Diagonal 
see PASCAL’S TRIANGLE 


Shanks’ Algorithm 
An ALGORITHM which finds the least NONNEGATIVE 


value of ,/a (mod p) for given a and PRIME p. 


Shanks’ Conjecture 
Let p(g) be the first PRIME which follows a PRIME GAP 
of g between consecutive PRIMES. Shanks’ conjecture 


holds that 
In[p(g)] ~ V9. 


see also PRIME DIFFERENCE FUNCTION, PRIME GAPS 
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Shannon Entropy 
see ENTROPY 


Shannon Sampling Theorem 
see SAMPLING THEOREM 


Shape Operator 
The negative derivative 


S(v) = —D,N (1) 


of the unit normal N vector field of a SURFACE is called 
the shape operator (or WEINGARTEN MAP or SECOND 
FUNDAMENTAL TENSOR). ‘The shape operator S is 
an EXTRINSIC CURVATURE, and the GAUSSIAN CURVA- 
TURE is given by the DETERMINANT of S. If x: U > R? 
is a REGULAR PATCH, then 


S(x.) = -Na (2) 
S(xv) = —N,. (3) 


At each point p on a REGULAR SURFACE M C R, the 
shape operator is a linear map 


S: Mp > Mp. (4) 


The shape operator for a surface is given by the WEIN- 
GARTEN EQUATIONS. 


see also CURVATURE, FUNDAMENTAL FORMS, WEIN- 
GARTEN EQUATIONS 
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Shapiro’s Cyclic Sum Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Consider the sum 


fn(£1, £ pe E ne 
PASL DAt t Dm go tag Za Fata 
Ln—1 En 
oe a 
tan eae Hl ty +22’ (1) 


where the x;s are NONNEGATIVE and the DENOMINA- 
TORS are POSITIVE. Shapiro (1954) asked if 


TATI) 2 in (2) 


for all n. It turns out (Mitrinovic et al. 1993) that this 
INEQUALITY is true for all EVEN n < 12 and ODD n < 
23. Ranikin (1958) proved that for 


fin) = inf faldi toaa]; (3) 
A= lim An a e ae ar (4) 
n>0wo N n>»1 Nn 


A can be computed by letting p(x) be the CONVEX HULL 
of the functions 


y =e” (5) 
2 
PE qa + e72" (6) 
Then 
A = 14(0) = 0.4945668... (7) 


(Drinfeljd 1971). 
A modified sum was considered by Elbert (1973): 


diles mae o Ta + Ta 
A ti + Ta Ta + T3 
fo = Tı Tn + Ta (8) 
n—1l T Tn Tn + Li 
Consider 
palan (9) 
moo AN 
where 
g(n) = inf gn (x1, €2,.--,2n); (10) 
and let w(x) be the CONVEX HULL of 
y = 5(1 +e”) (11) 
l1+e” | 
a A AN 12 
Y2 1+ ex /2 ( ) 
Then 
u = (0) = 0.978012.... (13) 


see also CONVEX HULL 
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1624 Sharing Problem 

Sharing Problem 

A problem also known as the POINTS PROBLEM or UN- 
FINISHED GAME. Consider a tournament involving k 
players playing the same game repetitively. Each game 
has a single winner, and denote the number of games 
won by player z at some juncture w;. The games are in- 
dependent, and the probability of the ¿th player winning 
a game is p;. The tournament is specified to continue 
until one player has won n games. If the tournament is 
discontinued before any player has won n games so that 
w; < nfori=1,..., k, how should the prize money 
be shared in order to distribute it proportionally to the 
players’ chances of winning? 


For player i, call the number of games left to win r; = 
n — w; > 0 the “quota.” For two players, let p = pı and 
q = p2 = 1 — p be the probabilities of winning a single 
game, anda = rı = n — wı and b = r2 = n — wa be 
the number of games needed for each player to win the 
tournament. Then the stakes should be divided in the 
ratio m : n, where 


1 


1 2! | 

deals ala + Jet b— 2) de (1) 
n=q 1+ -p+ AA 

al b(b + Dti a — 2) aa (2) 


(Kraitchik 1942). 


If ¿ players have equal probability of winning (“cell prob- 
ability”), then the chance of player ¿ winning for quotas 
Ti, cme RAS 


WD] “isa taa rar), (3) 


where D is the DIRICHLET INTEGRAL of type 2D. Simi- 
larly, the chance of player i losing is 


Li = CÉ (ri, - ++ Pinay Pep Ay +++, Tki Ti) (4) 


where C is the DIRICHLET INTEGRAL of type 2C. If the 
cell quotas are not equal, the general Dirichlet integral 
Da must be used, where 


eS en (5) 


If r; = r and a; = 1, then W; and L; reduce to 1/k 
as they must. Let P(r;,...,Tx) be the joint probability 
that the players would be RANKED in the order of the 
r¿s in the argument list if the contest were completed. 
For k = 3, 


P(r1, 72,73) = CD? (ri, 12,73). (6) 


Sheaf (Topology) 


For k = 4 with quota vector r = (r1, r2,r3, r4} and A= 
p2 + p3 + P4, 


rg3—lra-l 3 
SI po (B)? (E) (EY 
ro ias) A) XA) MA 
4= j= 


x CO (rra +i FGD), (ra jra 1). (7) 


P4 / p3 


An expression for k = 5 is given by Sobel and Frankow- 
ski (1994, p. 838). 


see also DIRICHLET INTEGRALS 
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Sharkovsky’s Theorem 
see SARKOVSKII’S THEOREM 


Sharpe’s Differential Equation 
A generalization of the BESSEL DIFFERENTIAL EQUA- 
TION for functions of order 0, given by 


zy +y +(z+A)y=0. 
Solutions are 
y= amare DA (3 + liA; l; F2iz) ; 


where 1F,(a;b;x) is a CONFLUENT HYPERGEOMETRIC 
FUNCTION. 


see also BESSEL DIFFERENTIAL EQUATION, CONFLU- 
ENT HYPERGEOMETRIC FUNCTION 


Sharpe Ratio 

A risk-adjusted financial measure developed by Nobel 
Laureate William Sharpe. It uses a fund’s standard de- 
viation and excess return to determine the reward per 
unit of risk. The higher a fund’s Sharpe ratio, the better 
the fund’s “risk-adjusted” performance. 


see also ALPHA, BETA 


Sheaf (Geometry) 
The set of all PLANES through a LINE. 


see also LINE, PENCIL, PLANE 
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Sheaf (Topology) 
A topological GADGET related to families of ABELIAN 
GROUPS and MAPS. 
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all about crystal sets 


Point Contact Diode 


The point contact diode uses a "catwhisker" of thin wire 
contacting the surface of doped "N" semiconductor 
material. The pointed end of the wire produces a high 
intensity electric field in the area of the semiconductor 
surrounding the wire. When an electric current flows from 
the wire to the semiconductor material, a small region of 
"Pp" material forms around the area of the point contact. 
Thus a PN junction is formed which operates in the same 
way as the junction diode. 


CATWHISKER 


A 
4 


MMM 


The sensitive spots of galena and silicon crystals used 
in traditional catwhisker detectors have naturally doped 
areas of semiconductor material, and operate in the same 
way as the point contact detector. 


DETECTION OF RADIO WAVES 


At the transmitting radio station, a microphone converts 
sound waves into electrical audio signals. The audio 
Signals then modulate the transmitted radio waves. 


MIC TRANSMITTER 


MODULATED RADIO WAVES ———3»=— 


6 


A transformation in which all points along a given LINE 
L remain fixed while other points are shifted parallel to 
L by a distance proportional to their PERPENDICULAR 
distance from L. Shearing a plane figure does not change 
its ÁREA. The shear can also be generalized to 3-D, in 
which PLANES are translated instead of lines. 


Shear Matrix 


The shear matrix ej; is obtained from the IDENTITY 


MATRIX by inserting s at (i, j), e.g., 


ls 0 
el =|0 1 0 
0 O 1 


see also ELEMENTARY MATRIX 


Shephard’s Problem 

Measurements of a centered convex body in Euclidean 
n-space (for n > 3) show that its brightness function 
(the volume of each projection) is smaller than that of 
another such body. Is it true that its VOLUME is also 
smaller? C. M. Petty and R. Schneider showed in 1967 
that the answer is yes if the body with the larger bright- 
ness function is a projection body, but no in general for 
every n. 
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Sheppard’s Correction 

A correction which must be applied to the MOMENTS 
computed from NORMALLY DISTRIBUTED data which 
have been binned. The corrected versions of the second, 
third, and fourth moments are 


pa =p? — e (1) 

u3 = ug” (2) 
0 0 2 

pa = pa? iu e, (3) 


where c is the CLASS INTERVAL. If xf is the rth CU- 
MULANT of an ungrouped distribution and «, the rth 
CUMULANT of the grouped distribution with CLASS IN- 
TERVAL c, the corrected cumulants (under rather restric- 
tive conditions) are 


for r odd 


for r even, 


(4) 


Shi 1625 


where B, is the rth BERNOULLI NUMBER, giving 


ki = Ki (5) 
Kg = Ko — he (6) 
K3 = K3 (7) 
Ka = Ka + 50 | (8) 
K5 = K5 (9) 
Ke = Ke — zC. (10) 


For a proof, see Kendall et al. (1987). 
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Sherman-Morrison Formula 
A formula which allows the new MATRIX to be computed 
for a small change to a MATRIX A. If the change can be 
written in the form 

u®v 


for two vectors u and v, then the Sherman-Morrison 
formula is 


Sa e (Au) 8 (v: A`?) 
(At+u@v) =A E 


where 
A=v-AT?u. 


see also WOODBURY FORMULA 
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Shi 


Re[Sinhintegral z] Im[SinhIintegral z] |Sinhintegral z| 


1626 Shift 


es J y 
0 t 


The function is given by the Mathemctica® (Wolfram 
Research, Champaign, IL) command SinhIntegral[z]. 


see also CHI, COSINE INTEGRAL, SINE INTEGRAL 
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Abramowitz, M. and Stegun, C. A. (Eds.). “Sine and Co- 
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Shift 
A TRANSLATION without ROTATION or distortion. 


see also DILATION, EXPANSION, ROTATION, TRANSLA- 
TION, TWIRL 


Shift Property 
see DELTA FUNCTION 


Shimura-Taniyama Conjecture 
see TANIYAMA-SHIMURA CONJECTURE 


Shimura-Taniyama- Weil Conjecture 
see TANIYAMA-SHIMURA CONJECTURE 


Shoe Surface 


y(u,v) =v 
_ 1,,3 1,2 
z(u,v) = zu” — 30 
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Shoemaker’s Knife 
see ÁRBELOS 


Sibling 


Shortening 
A KNOT used to shorten a long rope. 


see also BEND (KNOT) 
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ShufHe 

The randomization of a deck of CARDS by repeated 
interleaving. More generally, a shuffle is a rearrange- 
ment of the elements in an ordered list. Shuffling by 
exactly interleaving two halves of a deck is called a RIF- 
FLE SHUFFLE. Normal shuffling leaves gaps of different 
lengths between the two layers of cards and so random- 
izes the order of the cards. 


A deck of 52 CARDS must be shuffled seven times for it 
to be randomized (Aldous and Diaconis 1986, Bayer and 
Diaconis 1992). This is intermediate between too few 
shuffles and the decreasing effectiveness of many shuf- 
fles. One of Bayer and Diaconis’s randomness CRITE- 
RIA, however, gives 3lgk/2 shuffles for a k-card deck, 
yielding 11-12 shuffles for 52 CARDS. Keller (1995) 
shows that roughly Ink shuffles are needed just to ran- 
domize the bottom card. 


see also BAYS’ SHUFFLE, CARDS, FARO SHUFFLE, 
MONGE’S SHUFFLE, RIFFLE SHUFFLE 
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Siamese Dodecahedron 
see SNUB DISPHENOID 


Siamese Method 
A method for constructing MAGIC SQUARES of ODD or- 
der, also called DE LA LOUBERE’S METHOD. 


see also MAGIC SQUARE 


Sibling 
Two nodes connected to the same node in a ROOTED 
TREE are called siblings. 


see also CHILD, ROOTED TREE 


Sicherman Dice 


Sicherman Dice 


A pair of DICE which have the same ODDS for throwing 
every number as a normal pair of 6-sided DICE. They 
are the only such alternate arrangement. 


see also DICE, EFRON’S DICE 


Sici Spiral 


The spiral 


r=eccit 


y = c(sit — ir), 


where ci(t) and si(t) are the COSINE INTEGRAL and SINE 
INTEGRAL and c is a constant. 


see also COSINE INTEGRAL, SINE INTEGRAL, SPIRAL 
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Side 
The edge of a POLYGON and face of a POLYHEDRON are 
sometimes called sides. 


Sidon Sequence 
see B2-SEQUENCE 


Siegel Disk Fractal 


A JULIA SET with c = —0.390541 — 0.586788. The 
FRACTAL somewhat resembles the better known MAN- 
DELBROT SET. 


Sierpiúski Arrowhead Curve 1627 


see also DOUADY’S RABBIT FRACTAL, JULIA SET, 
MANDELBROT SET, SAN MARCO FRACTAL 


References 
Wagon, S. Mathematica in Action. New York: W. H. Free- 
man, p. 176, 1991. 


Siegel Modular Function 

A T,-invariant meromorphic function on the space of 
all n x n complex symmetric matrices with POSITIVE 
IMAGINARY PART. In 1984, H. Umemura expressed the 
ROOTS of an arbitrary POLYNOMIAL in terms of elliptic 
Siegel functions. 


References 

Iyanaga, S. and Kawada, Y. (Eds.). “Siegel Modular Func- 
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Siegel?s Paradox 

If a fixed FRACTION z of a given amount of money P is 
lost, and then the same FRACTION zx of the remaining 
amount is gained, the result is less than the original and 
equal to the final amount if a FRACTION z is first gained, 
then lost. This can easily be seen from the fact that 


[P(1 — £)](1 + z) = P( — x°) < P 
[PO +x) - z) = P(1 — a?) <P. 


Siegel’s Theorem 
An ELLIPTIC CURVE can have only a finite number of 
points with INTEGER coordinates. 


see also ELLIPTIC CURVE 
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Sierpinski Arrowhead Curve 


NSS BY 


A FRACTAL which can be written as a LINDENMAYER 
SYSTEM with initial string "YF", STRING REWRITING 
rules "X" -> "YF+XF+Y¥", "Y" -> "XF-YF-X", and an- 
gle 60°. 


see also DRAGON CURVE, HILBERT CURVE, KOCH 
SNOWFLAKE, LINDENMAYER SYSTEM, PEANO CURVE, 
PEANO-GOSPER CURVE, SIERPINSKI CURVE, SIERPIN- 
SKI SIEVE 
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1628 Sierpinski Carpet 


Sierpiñski Carpet 


A FRACTAL which is constructed analogously to the 
SIERPINSKI SIEVE, but using squares instead of trian- 
gles. Let Nn be the number of black boxes, Ln the 
length of a side of a white box, and A, the fractional 
AREA of black boxes after the nth iteration. Then 


Ln = (4) =3"" (2) 
An= La Na = 2)". (3) 
The CAPACITY DIMENSION is therefore 

- InN, . In(8”) In 8 

A salma e 

CE a ee aa 

3ln2 
= == 261.... 

m3. = 189278926 (4) 


see also MENGER SPONGE, SIERPINSKI SIEVE 
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Sierpinski’s Composite Number Theorem 
There exist infinitely many ODD INTEGERS k such that 
k-2” +1 is COMPOSITE for every n > 1. Numbers k with 
this property are called SIERPINSKI NUMBERS OF THE 
SECOND KIND, and analogous numbers with the plus 
sign replaced by a minus are called RIESEL NUMBERS. 
It is conjectured that the smallest SIERPINSKI NUMBER 
OF THE SECOND KIND is k = 78,557 and the smallest 
RIESEL NUMBER is k = 509,203. 


see also CUNNINGHAM NUMBER, SIERPINSKI NUMBER 
OF THE SECOND KIND 
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Sierpiúski Curve 


Sierpiñski, W. “Sur un probléme concernant les nombres k - 


27 +1.” Elem. d. Math. 15, 73-74, 1960. 


see also COMPOSITE NUMBER, SIERPINSKI NUMBERS 
OF THE SECOND KIND, SIERPINSKI’S PRIME SEQUENCE 
THEOREM 


Sierpiński Constant 


PI PROA he 
VERA OM NCR TY ATW TY 


0 500 1000 1500 2000 


Let r;(n) denote the number of representations of n by 
k squares, then the SUMMATORY FUNCTION of ro(k)/k 
has the ASYMPTOTIC expansion 


n 


y ratk) = K +r lnn + O(n™™?), 


k=1 


where K = 2.5849817596 is the Sierpiński constant. The 
above plot shows 


Tr 


Ss ra(k) —alnn, 


k 
k=1 


with the value of K indicated as the solid horizontal line. 


see also rz(n) 
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Sierpinski Curve 


_ |e 


There are several FRACTAL curves associated with Sier- 
pinski. The above curve is one example, and the SIER- 
PINSKI ARROWHEAD CURVE is another. The limit of the 
curve illustrated above has AREA 


cts 0 
Á= 13" 


The AREA for a related curve illustrated by Cundy and 
Rollett (1989) is 


A = 4(7 ~ 4v2). 


Sierpinski Gasket 


see also EXTERIOR SNOWFLAKE, GOSPER ISLAND, 
HILBERT CURVE, KOCH ANTISNOWFLAKE, KOCH 
SNOWFLAKE, PEANO CURVE, PEANO-GOSPER CURVE, 
SIERPINSKI ARROWHEAD CURVE 
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Sierpinski Gasket 
see SIERPINSKI SIEVE 


Sierpinski-Menger Sponge 
see MENGER SPONGE 


Sierpinski Number of the First Kind 

Numbers of the form Sn = n” +1. The first few are 2, 
5, 28, 257, 3126, 46657, 823544, 16777217, ... (Sloane’s 
A014566). Sierpiński proved that if S, is PRIME with 
n > 2, then Sn = Fm427, where Fm is a FERMAT NUM- 
BER with m > 0. The first few such numbers are F} = 5, 
F; = 257, Fe, Fi1, Foo, and F37. Of these, 5 and 257 are 
PRIME, and the first unknown case is F37 > 10310", 


see also CULLEN NUMBER, CUNNINGHAM NUMBER, 
FERMAT NUMBER, WOODALL NUMBER 
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Sierpinski Number of the Second Kind 

A number k satisfying SIERPINSKI’S COMPOSITE NUM- 
BER THEOREM, i.e., such that k - 2” + 1 is COMPOSITE 
for every n > 1. The smallest known is k = 78,557, 
but there remain 35 smaller candidates (the smallest of 
which is 4847) which are known to generate only com- 
posite numbers for n < 18,000 or more (Ribenboim 
1996, p. 358). 


Let a(k) be smallest n for which (2k — 1) - 2” + 1 is 
PRIME, then the first few values are 0, 1, 1, 2, 1, 1, 2, 1, 
3, 6, 1, 1, 2, 2, 1, 8, 1, 1, 2, 1, 1, 2, 2, 583, ... (Sloane’s 
A046067). The second smallest n are given by 1, 2, 3, 
4, 2, 3, 8, 2, 15, 10, 4, 9, 4, 4, 3, 60, 6, 3, 4, 2, 11, 6, 
9, 1483, ... (Sloane’s A046068). Quite large n can be 
required to obtain the first prime even for small k. For 
example, the smallest prime of the form 383 - 2” + 1 is 
383.289 1 1. There are an infinite number of Sierpiński 
numbers which are PRIME. 


Sierpinski Sieve 1629 
The smallest odd k such that k + 2” is COMPOSITE for 
all n < k are 773, 2131, 2491, 4471, 5101, .... 


see also MERSENNE NUMBER, RIESEL NUMBER, SIER- 
PINSKI’S COMPOSITE NUMBER THEOREM 
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Sierpinski’s Prime Sequence Theorem 
For any M, there exists a t such that the sequence 


n +t’, 


where n = 1, 2, ... contains at least M PRIMES. 


see also DIRICHLET’S THEOREM, FERMAT 4n + 1 THE- 
OREM, SIERPINSKI’S COMPOSITE NUMBER THEOREM 
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Sierpinski Sieve 


A Aà Aa £2 £2 


A FRACTAL described by Sierpiński in 1915. It 
is also called the SIERPINSKI GASKET or SIER- 
PINSKI TRIANGLE. The curve can be written 
as a LINDENMAYER SYSTEM with initial string 
"FXF--FF--FF", STRING REWRITING rules "F" -> 
"FF", "X"->"--FXF++FXF++FXF--", and angle 60°. 


Let N, be the number of black triangles after iteration 
n, Ln the length of a side of a triangle, and A, the 
fractional AREA which is black after the nth iteration. 
Then 
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1630 Sierpiñski Sponge 


The CAPACITY DIMENSION is therefore 


In Nn ~ n(3") n3 

Sees = — 1 eo — 

A noo In(2-") m2 
= 1.584962501.... (4) 


In PASCAL’S TRIANGLE, coloring all ODD numbers black 
and EVEN numbers white produces a Sierpinski sieve. 


see also LINDENMAYER SYSTEM, SIERPINSKI ARROW- 
HEAD CURVE, SIERPINSKI CARPET, TETRIX 
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Sierpinski Sponge 
see TETRIX 


Sierpinski Tetrahedron 
see TETRIX 


Sierpinski’s Theorem 


see SIERPINSKI’S COMPOSITE NUMBER THEOREM, 
SIERPINSKI’S PRIME SEQUENCE THEOREM 


Sieve of Eratosthenes 


Sierpinski Triangle 
see SIERPINSKI SIEVE 


Sieve 

A process of successively crossing out members of a list 
according to a set of rules such that only some remain. 
The best known sieve is the ERATOSTHENES SIEVE for 
generating PRIME NUMBERS. In fact, numbers gener- 
ated by sieves seem to share a surprisingly large number 
of properties with the PRIME NUMBERS. 


see also HAPPY NUMBER, NUMBER FIELD SIEVE FAC- 
TORIZATION METHOD, PRIME NUMBER, QUADRATIC 
SIEVE FACTORIZATION METHOD, SIERPINSKI SIEVE, 
SIEVE OF ERATOSTHENES, WALLIS SIEVE 
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Sieve of Eratosthenes 


123 $5 $§ 7 $ 9 oo 123 45 7 $ ¢ oh 
11 Y 13 lla 15 if6 17 UE 19 ao 11 12 13 1 15 if6 17 18 19 20 
21 ae 23 2a 25 25 27 ale 29 ajo A 2p 23 44 25 26 A ae 29 4p 
31 3p 33 ala 35 i 37 als 39 ajo 31 3 3 af 35 if 37 ale 3p ap 


47 al 49 slo 41 42 43 aja 4s als 47 48 49 sp 


ari 12345 Oe 
11 12 13 la {$ 1 17 1$ 19 4p 11 i 13 14 16 16 17 {$ 19 4p 

25 a7 ze 29 ld 44 ale 23 14 25 as ap 5 29 bd 
$ 37 ale 3p 4p 31 3p 3p Ja 15 16 37 ale 3p 4p 
ieee oi | ace, e le a 
An ALGORITHM for making tables of PRIMES. Sequen- 
tially write down the INTEGERS from 2 to the highest 
number n you wish to include in the table. Cross out 
all numbers > 2 which are divisible by 2 (every second 
number). Find the smallest remaining number > 2. It 
is 3. So cross out all numbers > 3 which are divisible 
by 3 (every third number). Find the smallest remaining 
number > 3. It is 5. So cross out all numbers > 5 which 
are divisible by 5 (every fifth number). 


Continue until you have crossed out all numbers divisi- 
ble by | vn], where |z] is the FLOOR FUNCTION. The 
numbers remaining are PRIME. This procedure is illus- 
trated in the above diagram which sieves up to 50, and 
therefore crosses out PRIMES up to | v50] = 7. If the 
procedure is then continued up to n, then the number 
of cross-outs gives the number of distinct PRIME factors 
of each number. 


References 

Conway, J. H. and Guy, R. K. The Book of Numbers. New 
York: Springer-Verlag, pp. 127-130, 1996. 

Pappas, T. The Joy of Mathematics. San Carlos, CA: Wide 
World Publ./Tetra, pp. 100-101, 1989. 

Ribenboim, P. The New Book of Prime Number Records. 
New York: Springer-Verlag, pp. 20-21, 1996. 


Sievert Integral 


Sievert Integral 
The integral 


8 
J e775? do. 
0 
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Sievert’s Surface 


Á special case of ENNEPER'S SURFACES which can be 
given parametrically by 


= rcos@ | (1) 
y=rsing (2) 
In[tan(5v)] + a(C + 1) cos u 
2  _-  _ __ AA] (3) 
VC 
where 
u —1 
= =— == + tan (tanuyC +1 4 
p= ttan MtanuvEF1) (4) 
2 
"= C41 — Csin? vcos? u (5) 
ay (C + 1)(1 + Csin? u) sinv 
r= < (6) 


VC | 
with |u| < 7/2 and 0 < v < m (Reckziegel 1986). 


see also ENNEPER'S KUEN SURFACE, 


REMBS’ SURFACES 


SURFACES, 
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Sifting Property 
The property 


J t(y)5(x — y) dy = f(x) 


obeyed by the DELTA FUNCTION ó(x). 
see also DELTA FUNCTION 


Sigmoid Function 1631 


Sigma Algebra 

Let X be a SET. Then a o-algebra F is a nonempty 

collection of SUBSETS of X such that the following hold: 

1. The EMPTY SET is in F. 

2. If A is in F, then so is the complement of A. 

3. If A, is a SEQUENCE of elements of F, then the 
UNION of the Ans is in F. 


If S is any collection of subsets of X, then we can always 
find a o-algebra containing S, namely the POWER SET 
of X. By taking the INTERSECTION of all o-algebras 
containing S, we obtain the smallest such o-algebra. We 
call the smallest o-algebra containing S the o-algebra 
generated by S. 

see also BOREL SIGMA ALGEBRA, BOREL SPACE, MEA- 
SURABLE SET, MEASURABLE SPACE, MEASURE ALGE- 
BRA, STANDARD SPACE 


Sigma Function 
see DIVISOR FUNCTION 


Sigmoid Curve 
see SIGMOID FUNCTION 


Sigmoid Function 


, . . |SigmoidFunction z| 
Im[SigmoidFunction z] 


ra ar, 
a 

BEL 
[ree 


The function 


which is the solution to the ORDINARY DIFFERENTIAL 
EQUATION 


It has an inflection point at x = 0, where 


mpx elel) _ 
=p =? 


see also EXPONENTIAL FUNCTION, EXPONENTIAL 


RAMP 
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1632 Sign 

Sign 

The sign of a number, also called SGN, is —1 for a NEG- 
ATIVE number (i.e., one with a MINUS SIGN “—”), 0 for 


the number ZERO, or +1 for a POSITIVE number (i.e., 
one with a PLUS SIGN “+”). 


see also ABSOLUTE VALUE, MINUS SIGN, NEGATIVE, 
PLUS SIGN, POSITIVE, SGN, ZERO 


Signalizer Functor Theorem 


O(G; A) = (O(a):a € A-1) 


is an A-invariant solvable p'-subgroup of G. 


Signature (Knot) 
The signature s(K) of a KNOT K can be defined using 
the SKEIN RELATIONSHIP 


s(unknot) = 0 


s(K+) o s(K_) € {0, 2}, 


and 
A4ls(K) & V(K)(Q21) > 0, 


where V(X) is the ALEXANDER-CONWAY POLYNOMIAL 
and V(K)(2i) is an ODD NUMBER. 


Many UNKNOTTING NUMBERS can be determined using 
a knot’s signature. 


see also SKEIN RELATIONSHIP, UNKNOTTING NUMBER 
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Signature (Quadratic Form) 
The signature of the QUADRATIC FORM 

2 2 2 2 2 
Q=y +y +... + Yp — Yp+1 — Yp+2 — ++. Yr 
is the number s of POSITIVE squared terms in the re- 
duced form. (The signature is sometimes defined as 
2s—r.) 
see also p-SIGNATURE, RANK (QUADRATIC FORM), 
SYLVESTER'S INERTIA LAW, SYLVESTER'S SIGNATURE 


References 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
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Press, p. 1105, 1979. 


Signed Deviation 


Signature (Recurrence Relation) 
Let a sequence be defined by 


A_1=8 
Ao = 3 
A =r 


An = TrÅn-1 — SÅn-2 + An-3. 
Also define the associated POLYNOMIAL 
f(z) = 2° — rr’ +sr+t, 


and let A be its discriminant. The PERRIN SEQUENCE 

is a special case corresponding to A,(0,—1). The sig- 

nature mod m of an INTEGER n with respect to the 

sequence A;(r,s) is then defined as the 6-tuple (A_n-1, 

A_n, A_n41, An-1, An, An+1) (mod m). 

1. An INTEGER n has an S-signature if its signature 
(mod n) is (A_2, Ai, Ao, Ai, Az). 

2. An INTEGER n has a Q-signature if its signature 
(mod n) is CONGRUENT to (A,s, B, B,r,C) where, 
for some INTEGER a with f(a) = 0 (mod n), A= 
a`? 42a, B = —ra?* + (r? — s)a, and C =a’?+2a™. 

3. An INTEGER n has an I-signature if its signature 
(mod n) is CONGRUENT to (r,s, D', D, r,s), where 
D'+D=rs-3 and (D' - DJ =A. 


see also PERRIN PSEUDOPRIME 


References 

Adams, W. and Shanks, D. “Strong Primality Tests that Are 
Not Sufficient.” Math. Comput. 39, 255-300, 1982, 

Grantham, J. “Frobenius Pseudoprimes.” http://www. 
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Signature Sequence 

Let 6 be an IRRATIONAL NUMBER, define S(0) = {c + 
dô : c,d € N}, and let cn(0) + d,0(0) be the sequence 
obtained by arranging the elements of S(0) in increasing 
order. A sequence z is said to be a signature sequence if 
there EXISTS a POSITIVE IRRATIONAL NUMBER @ such 
that z = {cn(@)}, and z is called the signature of @. 


The signature of an IRRATIONAL NUMBER is a FRACTAL 
SEQUENCE. Also, if x is a signature sequence, then the 
LOWER-TRIMMED SUBSEQUENCE is V(z) = 7v. 


References 
Kimberling, C. “Fractal Sequences and Interspersions.” Ars 
Combin. 45, 157-168, 1997. 


Signed Deviation 
The signed deviation is defined by 


Au; = (ui — i), 
so the average deviation is 
Au = u; — U = Ww; — U = Ô. 


see also ABSOLUTE DEVIATION, DEVIATION, DISPER- 
SION (STATISTICS), MEAN DEVIATION, QUARTILE DE- 
VIATION, STANDARD DEVIATION, VARIANCE 


Significance 


Significance 

Let 6 = z < Zobserveda. A value O < a < 1 such 
that P(é) < a is considered “significant” (i.e., is not 
simply due to chance) is known as an ALPHA VALUE. 
The PROBABILITY that a variate would assume a value 
greater than or equal to the observed value strictly by 
chance, P(d), is known as a P-VALUE. 


Depending on the type of data and conventional prac- 
tices of a given field of study, a variety of different alpha 
values may be used. One commonly used terminology 
takes P(6) > 5% as “not significant,” 1% < P(d) < 5%, 
as “significant” (sometimes denoted *), and P(é) < 1% 
as “highly significant” (sometimes denoted **). Some 
authors use the term “almost significant” to refer to 
5% < P(6) < 10%, although this practice is not rec- 
ommended. 


see also ALPHA VALUE, CONFIDENCE INTERVAL, P- 
VALUE, PROBABLE ERROR, SIGNIFICANCE TEST, STA- 
TISTICAL TEST 


Significance Test | 
A test for determining the probability that a given result 
could not have occurred by chance (its SIGNIFICANCE). 


see also SIGNIFICANCE, STATISTICAL TEST 


References 
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Boca Raton, FL: CRC Press, pp. 491-492, 1987. 


Significant Digits 

When a number is expressed in SCIENTIFIC NOTATION, 
the number of significant figures is the number of DIG- 
ITS needed to express the number to within the uncer- 
tainty of measurement. For example, if a quantity had 
been measured to be 1.234 + 0.002, four figures would 
be significant. No more figures should be given than 
are allowed by the uncertainty. For example, a quantity 
written as 1.234 + 0.1 is incorrect; it should really be 
written as 1.2 + 0.1. 


The number of significant figures of a MULTIPLICATION 
or DIVISION of two or more quantities is equal to the 
smallest number of significant figures for the quantities 
involved. For ADDITION or MULTIPLICATION, the num- 
ber of significant figures is determined with the smallest 
significant figure of all the quantities involved. For ex- 
ample, the sum 10.234 + 5.2 + 100.3234 is 115.7574, but 
should be written 115.8 (with rounding), since the quan- 
tity 5.2 is significant only to +0.1. 


see also NINT, ROUND, TRUNCATE 


Significant Figures 
see SIGNIFICANT DIGITS 
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Signpost 


A 6-POLYIAMOND. 


References 
Golomb, S. W. Polyominoes: Puzzles, Patterns, Problems, 
and Packings, 2nd ed. Princeton, NJ: Princeton University 


Press, p. 92, 1994. 


Signum 
see SGN 


Silver Constant 
The REAL ROOT of the equation 


r? — 5g? +62 — 1 = 0, 


which is 3.2469.... It is the seventh BERAHA CON- 


STANT. 
see also BERAHA CONSTANTS 


References 


Le Lionnais, F. Les nombres remarquables. Paris: Hermann, 
pp. 51 and 143, 1983. 


Silver Mean 
see SILVER RATIO 


Silver Ratio 
The quantity defined by the CONTINUED FRACTION 


1 
ôs = [2,2,2,...] = 2 + 


2 + 


It follows that 
(ðs = 1) a 2, 


SO 
és = V2 + 1 = 2.41421.... 


see also GOLDEN RATIO, GOLDEN RATIO CONJUGATE 


Silverman Constant 


OO oO 


1 1 
2 Bajos Al +22 


p prime 


= 1.786576459..., 


where ġ(n) is the TOTIENT FUNCTION and a(n) is the 
DIVISOR FUNCTION. 


References 


Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/totient/totient html. 

Zimmerman, P. http: // www . mathsoft . com / asolve / 
constant/totient/zimmermn.html. 
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Silverman?s Sequence 

Let f(1) = 1, and let f(n) be the number of occurrences 
of n in a nondecreasing sequence of INTEGERS. Then 
the first few values of f(n) are 1, 2, 2, 3, 3, 4, 4, 4, 5, 5, 
5, ... (Sloane's A001462). The asymptotic value of the 
nth term is 42 4n*%7?, where ¢ is the GOLDEN RATIO. 


References 

Guy, R. K. “Silverman's Sequences.” $E25 in Unsolved Prob- 
lems in Number Theory, 2nd ed. New York: Springer- 
Verlag, pp. 225-226, 1994. 
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Similar 


[POLO 


directly similar inversely similar 
Two figures are said to be similar when all corresponding 


ANGLES are equal. Two figures are DIRECTLY SIMILAR 
when all corresponding ANGLES are equal and described 
in the same rotational sense. This relationship is written 
A ~ B. (The symbol ~ is also used to mean “is the same 
order of magnitude as” and “is ASYMPTOTIC to.”) Two 
figures are INVERSELY SIMILAR when all corresponding 
ANGLES are equal and described in the opposite rota- 
tional sense. 


see also DIRECTLY SIMILAR, INVERSELY SIMILAR, SIM- 
ILARITY TRANSFORMATION 


References 

Project Mathematics! Similarity. Videotape (27 minutes). 
California Institute of Technology. Available from the 
Math. Assoc. Amer. 


Similarity Axis 
see D’ ALEMBERT’S THEOREM 


Similarity Dimension 
To multiply the size of a d-D object by a factor a, c= a 
copies are required, and the quantity 


d 


da ime 


~ Ina 


is called the similarity dimension. 


Similarity Point 

External (or positive) and internal (or negative) simi- 
larity points of two CIRCLES with centers C and C’ and 
RADII r and r' are the points E and J on the lines CC’ 
such that 


CE r 

CE r” 
or 

CI _ r 

ŒI rt 


Similitude Ratio 


Similarity Transformation 

An ANGLE-preserving transformation. A similarity 
transformation has a transformation MATRIX A’ of the 
form 


A’ = BAB". 


If A is an ANTISYMMETRIC MATRIX (ai; = —aj;) and B 


is an ORTHOGONAL MATRIX, then 


= —b  psanidst = brad = —(bab~*) 53. 


Similarity transformations and the concept of SELF- 
SIMILARITY are important foundations of FRACTALS 
and ITERATED FUNCTION SYSTEMS. 


see also CONFORMAL TRANSFORMATION 


References 

Lauwerier, H. Fractals: Endlessly Repeated Geometric Fig- 
ures. Princeton, NJ: Princeton University Press, pp. 83— 
103, 1991. 


Similitude Center 

Also called a SELF-HOMOLOGOUS POINT. If two SIM- 
ILAR figures lie in the plane but do not have parallel 
sides (they are not HOMOTHETIC), there exists a cen- 
ter of similitude which occupies the same homologous 


position with respect to the two figures. The Locus of 


similitude centers of two nonconcentric circles is another 
circle having the line joining the two homothetic centers 
as its DIAMETER. 


There are a number of interesting theorems regarding 
three CIRCLES (Johnson 1929, pp. 151-152). 


1. The external similitude centers of three circles are 
COLLINEAR. 


2. Any two internal similitude centers are COLLINEAR 
with the third external one. 


3. If the center of each circle is connected with the in- 
ternal similitude center of the other three [sic], the 
connectors are CONCURRENT. 


4. If one center is connected with the internal simil- 
itude center of the other two, the others with the 
corresponding external centers, the connectors are 
CONCURRENT. 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 19-27 and 151-153, 1929. 


Similitude Ratio 

Two figures are HOMOTHETIC if they are related by a 
DILATION (a dilation is also known as a HOMOTHECY). 
This means that the connectors of corresponding points 
are CONCURRENT at a point which divides each connec- 
tor in the same ratio k, known as the similitude ratio. 


see also CONCURRENT, DILATION, HOMOTHECY, Ho- 
MOTHETIC 


the crystal detector 


The transmitted radio waves are intercepted by the 
receiving antenna and small rf currents are induced in 
the antenna wire. The rf currents (high frequency ac) 
flow through the detector to ground. As previously 
explained, the crystal detector will pass current in only 
one direction, therefore, pulsating dc voltages (detected 
audio signals) are developed by the crystal equivalent to 
the audio modulation of the transmitted radio waves. 


The detected audio signals flow through the headphone 
coils and affect the intensity of a magnetic field. This 
causes the steel discs of the headphones to vibrate and 
produce audible sound waves. 


TUNING THE CRYSTAL SET 


The antenna intercepts all radio waves in the area, and 
the signals will be heard jumbled up in the earphones. A 
nearby radio station may be received with the other 
stations heard in the background. 


TURED 4 DETECTOR 
CIRCUIT 


In order to receive a radio station properly, the crystal 
set must be tuned to the frequency of the transmitter. A 
tuned circuit composed of an rf coil (inductance) and a 
capacitor, is connected between the antenna/ground 
circuit and the detector. 


Simple Algebra 


Simple Algebra 
An ALGEBRA with no nontrivial IDEALS. 


see also ALGEBRA, IDEAL, SEMISIMPLE ALGEBRA 


Simple Continued Fraction 
A CONTINUED FRACTION 


a1 


o= bo + ——____ (1) 
02 
bı + 


ba + “ 


b3 +... 


in which the b;s are all unity, leaving a continued fraction 
of the form 


© = ag + ——__. (2) 


az + ———— 
43... 


A simple continued fraction can be written in a compact 
abbreviated NOTATION as 


o = lag, 41,042,403, ...]. (3) 


Bach and Shallit (1996) show how to compute the JA- 
COBI SYMBOL in terms of the simple continued fraction 
of a RATIONAL NUMBER a/b. 


see also CONTINUED FRACTION 


References 

Bach, E. and Shallit, J. Algorithmic Number Theory, 
Vol. 1: Efficient Algorithms. Cambridge, MA: MIT Press, 
pp. 343-344, 1996. 


Simple Curve 
A curve is simple closed if it does not cross itself. 


see also JORDAN CURVE 


Simple Graph 
A GRAPH for which at most one EDGE connects any two 
nodes. 


see also ADJACENCY MATRIX, EDGE (GRAPH) 


Simple Group 

A simple group is a GROUP whose NORMAL SUBGROUPS 
(INVARIANT SUBGROUPS) are ORDER one or the whole 
of the original GROUP. Simple groups include ALTER- 
NATING GROUPS, CYCLIC GROUPS, LIE-TYPE GROUPS 
(five varieties), and SPORADIC GROUPS (26 varieties, 
including the MONSTER GROUP). The CLASSIFICATION 
THEOREM of finite simple groups states that such groups 
can be classified completely into the three types: 


1. CYCLIC GROUPS of PRIME ORDER, 
2. ALTERNATING GROUPS of degree at least five 
3. LIE-TYPE CHEVALLEY GROUPS, 
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4, LIE-TYPE (TWISTED CHEVALLEY GROUPS or the 
TITS GROUP), and 


5. SPORADIC GROUPS. 


BURNSIDE’S CONJECTURE states that every non- 
ABELIAN SIMPLE GROUP has EVEN ORDER. 


see also ALTERNATING GROUP, BURNSIDE’S CONJEC- 
TURE, CHEVALLEY GROUPS, CLASSIFICATION THEO- 
REM, CYCLIC GROUP, FEIT-THOMPSON THEOREM, FI- 
NITE GROUP, GROUP, INVARIANT SUBGROUP, LIE- 
TYPE GROUP, MONSTER GROUP, SCHUR MULTIPLIER, 
SPORADIC GROUP, TITS GROUP, TWISTED CHEVALLEY 
GROUPS 


Simple Harmonic Motion 

Simple harmonic motion refers to the periodic sinusoidal 
oscillation of an object or quantity. Simple harmonic 
motion is executed by any quantity obeying the DIF- 
FERENTIAL EQUATION 


% + wo z= 0, (1) 


where č denotes the second DERIVATIVE of x with re- 
spect to t, and wo is the angular frequency of oscillation. 
This ORDINARY DIFFERENTIAL EQUATION has an irreg- 
ular SINGULARITY at oo. The general solution is 


x = Asin(wot) + Bcos(wot) (2) 
= C'cos(wot + $), (3) 


where the two constants A and B (or C and q) are 
determined from the initial conditions. 


Many physical systems undergoing small displacements, 
including any objects obeying Hooke’s law, exhibit sim- 
ple harmonic motion. This equation arises, for example, 
in the analysis of the flow of current in an electronic 
CL circuit (which contains a capacitor and an induc- 


tor). If a damping force such as Friction is present, an 


additional term 37 must be added to the DIFFERENTIAL 
EQUATION and motion dies out over time. 


Adding a damping force proportional to x, the first de- 
rivative of x with respect to time, the equation of motion 
for damped simple harmonic motion is 


¿+ Bt + woa = 0, (4) 


where 8 is the damping constant. This equation arises, 
for example, in the analysis of the flow of current in 
an electronic CLR circuit, (which contains a capacitor, 
an inductor, and a resistor). This ORDINARY DIFFER- 
ENTIAL EQUATION can be solved by looking for trial 
solutions of the form x = e”?. Plugging this into (4) 
gives 

(r? + Br +wo7)e” =0 (5) 


r? + 8r +w = 0. (6) 
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This is a QUADRATIC EQUATION with solutions 


r=3(-PBH y p? — duo?) (7) 


There are therefore three solution regimes depending on 
the SIGN of the quantity inside the SQUARE ROOT, 


a = B? — Au”. (8) 


The three regimes are 

1. a > 0 is POSITIVE: overdamped, 
2. œ = 0 is ZERO: critically damped, 
3. a < 0 is NEGATIVE: underdamped. 


If a periodic (sinusoidal) forcing term is added at angular 
frequency w, the same three solution regimes are again 
obtained. Surprisingly, the resulting motion is still pe- 
riodic (after an initial transient response, corresponding 
to the solution to the unforced case, has died out), but it 
has an amplitude different from the forcing amplitude. 


The “particular” solution xzp(t) to the forced second- 
order nonhomogeneous ORDINARY DIFFERENTIAL 
EQUATION 


E + p(t) + q(t)x = Acos(wt) (9) 


due to forcing is given by the equation 


y(t) = ao | EO ans eat) | DY at, 
(10) 


where zı and x2 are the homogeneous solutions to the 
unforced equation 


¿+ p(t)é + q(t)e =0 (11) 


and W(t) is the WRONSKIAN of these two functions. 
Once the sinusoidal case of forcing is solved, it can be 
generalized to any periodic function by expressing the 
periodic function in a FOURIER SERIES. 


e m 
A m 
o, 
~ 
- 


"a 
ha 
"i 
-~ 
ha 
= a 
= 
— 
~ 


5 10 15 20 
Critical damping is a special case of damped simple har- 
monic motion in which 


a = B* — 4wo = 0, (12) 
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SO 
B = 2w0. (13) 


The above plot shows an underdamped simple harmonic 
oscillator with w = 0.3, 8 = 0.15. The solid curve is for 
(A, B) = (1,0), the dot-dashed for (0, 1), and the dotted 
for (1/2, 1/2). In this case, a = 0 so the solutions of the 
form x = e”? satisfy 


ra = }(-8) = -48 = wo. (14) 
One of the solutions is therefore 
zy =e “0°, (15) 


In order to find the other linearly independent solution, 
we can make use of the identity 


see 
nt) = a(t) | EE t. (16) 


Since we have p(t) = 2wo, e fro at 
Equation (16) therefore becomes 


e72wot 
aot 
[op ¡ea H 


The general solution is therefore 


simplifies to e 70%, 


= e wot fa = e“, 


(17) 


x=(4+Bt)e “*. (18) 


In terms of the constants A and B, the initial values are 


a(0) = A (19) 
z (0) = B— Aw, (20) 
A= x(0) (21) 
B=x'(0) + woz(0). (22) 


For sinusoidally forced simple harmonic motion with 
critical damping, the equation of motion is 


E + 2wot + wo x= Acos(wt), (23) 
and the WRONSKIAN is 


W (t) = 1212 — 2122 
—woty —wot —wot —wot, - 
wot (e ot ute t) + wipe poo 


— wot + wot) = ent. (24) 


= € 
= e *wotyy 
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Plugging this into the equation for the particular solu- 
tion gives 


te “ot A t 
zp(t) = —e7 #08 J te Ser Acos(wt) z 


e—2wot 
dsc J e” vo? A cos(wt) de 
er 2wot 
= Ae “o? - J te”o* cos(wt) dt + t J e“o* cos(wt) a 
En 2 2 2 3 
= Ae “o” f- +t — +t 
e (Y — [w w wo — wo wo”) 
x cos(wt) + w(tw? — 2wo + two?) sin(wt)] 
+ pS [we cos(wt) + w sin(wt) | 
w? + wo? 
A 


= Ge y ay o? — 1?) cos(wt) + 2wwo sin(wt)], 
(25) 


In order to put this in the desired form, note that we 
want to equate 


C cos + S sin = Qcos(6 + ô) 
= Q(cos@cos ô — sin 9 sin ô). (26) 


This means 


C = Q coss = w? —w* (27) 
S = —Q sin å = 2wwo, (28) 


sO 


Q = VCO? + 8? (29) 
§ = tant (-3) (30) 


Plugging in, 


Q = V wot — 2w0%w? + wt + 4wgo?w? 
= y wot + 2wo2w? + wt = wo? + w”. (31) 


= 2W4Ww0 
AN z 
an J u? (32) 
The solution in the requested form is therefore 
2 2 
Tp = Pra + Ww ) cos(wt + 6) 
A 


where 6 is defined by (32). 
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= 
~— 
-— a 


~ 
kinan 
= am ae 
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Overdamped simple harmonic motion occurs when 


B? — 4wo” > 0, (34) 


50 
aan sAm > 0. (35) 


The above plot shows an overdamped simple harmonic 
oscillator with w = 0.3, 8 = 0.075. The solid curve is 
for (A, B) = (1,0), the dot-dashed for (0, 1), and the 
dotted for (1/2, 1/2). The solutions are 


q =e"-* (36) 
T2 = ere”: (37) 


where 
—B+ YB? — 4uwo? ). (38) 


The general solution is therefore 
z = Ae’-'+ Bet", - (39) 
where A and B are constants. The initial values are 


T(0) = A+B (40) 
x (0) = Ar- + Bri, (41) 


SO 


A = x(0) + ol (42) 
p= 0-0 (43) 


For a cosinusoidally forced overdamped oscillator with 
forcing function g(t) = Ccos(wt), the particular solu- 
tions are 


y(t) = e™ (44) 
ya(t) = e", (45) 


where 


rı = H-B+y8? — duo?) (46) 
1 
2 


T2 = 
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These give the identities 


mt+r2=-f (48) 


rı — r2 = y f? — 4wo? (49) 


and 


wo = 3 [8 — (rı — r2)*] = [(r1 + ra)” — (11 — 12)" 


= ¿[21172 + 2rir2] = rire. (50) 


The WRONSKIAN is 


W(t) = yry2 — yiy2 =e" rze"? — rye" e"? 
= (rz — rije" tt, (51) 
The particular solution is 
Yp = —Y1U1 + Y202, (52) 
where 
is y2g(t) Es C wsin(wt) — re cos(wt) (53) 
a W (t) Tg — T1 eT2t (72 + w?) 
E y29(t) al C wsin(wt) — ri cos(wt) 
a W (t) T2 — Ti erit(r22 +w?) 
(54) 
Therefore, 
= i cos(wi)(rins — w°) — sin(wt)w(ri + r2) 
a (m1? + w?)(r2? + w?) 
-c (wo? — w?) cos(wt) + Bw sin(wt) 
z5 w282 + (w? = wo?) 
C 
Tana (rues O ES 
x cos(wt + ô) 
C 
= > cos(wt + 6), (55) 
Bw? + (w? — wo?)? 
where 8 
ô = -1 (+5) 6 
tan w? — wo? (56) 
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Underdamped simple harmonic motion occurs when 
B? — divo? < 0, (57) 


50 
a =P? — dun? < 0. (58) 


The above plot shows an underdamped simple harmonic 
oscillator with w = 0.3, 8 = 0.4. The solid curve is for 
(A, B) = (1,0), the dot-dashed for (0, 1), and the dotted 
for (1/2, 1/2). Define 


y = V-a = 1 y4wo? — f?, (59) 


then solutions satisfy 


re = — 5B, (60) 


r+ = 3(-B+ y f? — duo? ), (61) 


and are of the form 


where 


an = e B/2tint (62) 


Using the EULER FORMULA 
e” = cosg + isinz, (63) 
this can be rewritten 
a = e P/P [cos (yt) + isin (yt). (64) 


We are interested in the real solutions. Since we are deal- 
ing here with a linear homogeneous ODE, linear sums 
of LINEARLY INDEPENDENT solutions are also solutions. 
Since we have a sum of such solutions in (64), it follows 
that the IMAGINARY and REAL PARTS separately satisfy 
the ODE and are therefore the solutions we seek. The 
constant in front of the sine term is arbitrary, so we can 
identify the solutions as 


zı =e PY cos(yt) (65) 


g2 =e PM sin(yt), (66) 


so the general solution is 
a = e7 8/2) 4 cos(yt) + Bsin(yt)]. (67) 
The initial values are 


z(0)= A (68) 
z'(0) = -16A+B,7 (69) 
so A and B can be expressed in terms of the initial 
conditions by 
A = x(0) (70) 
1 
po O 2d (71) 
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For a cosinusoidally forced underdamped oscillator with 
forcing function g(t) = C cos(wt), use 


y = TV 4wo? — B? (72) 
a=; (73) 
to obtain 
Aw? = B? = Ay? (74) 
B= 2a. (76) 


The particular solutions are 


yi({t) = eo cos(yt) (77) 
ya(t) = e” sin(yt). (78) 


The WRONSKIAN is 


W(t) = yiya — vive 
= e ™ cos(yt)[—ae ~* sin(yt) + ey cos(yt)] 
—e * sin(yt)[—ae ~ cos(yt) — e” “y sin(yt) 
= e *% [a[- sin(yt) cos(yt) + sin(yt) cos(yt)] 
+ y[cos” (yt) + sin’ (yt) } 
= ye **, (79) 


The particular solution is given by 
Yp = —Yivi + Y2U2, (80) 


where 


= [oa © at cos(yt) cos(w 
v = Wi) > fe (yt)cos(wt)dt (81) 


_ [2I © f at 
v = wa > £ fe cos(yt) cos(wt) dt. (82) 


Using computer algebra to perform the algebra, the par- 
ticular solution is 


(a? + y? — w?) cos(wt) + 2aw sin(wt) 
la? + (y — w)?][a? + (y +w)] 

(wo? — w°) cos(wt) + Bw sin(wt) 
(a? +7? + w?)? — 472? 

(wo? — w?) cos(wt) + Bw sin(wt) 

(wo? + w?)? — 43 (4wo? — B?)w? 

(wo? — w?) cos(wt) + Bw sin(wt) 

(wo? — w?)? — w? (4wo? — 8?) 
= os os cos(wt + ô) 


= a a A cos(wt + ô), 


Yp (t) =C 
=0 
= C 


=€ 


(83) 
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where 


ô = tan`? (+5) l (84) 


w? — wo? 


If the forcing function is sinusoidal instead of cosinu- 
soidal, then 


, = = 1 
$ =ô — įr = tan ! z — ¿r = tan E)» (85) 


sO 


A 
t wi Wo — w 
6 = tan ( a ) (86) 


Simple Harmonic Motion Quadratic 
Perturbation 


Given a simple harmonic oscillator with a quadratic per- 


turbation ez”, 


% + wo'x — aer? = 0, (1) 


find the first-order solution using a perturbation 
method. Write 


£ = To + Ezti +... (2) 


SO 


Plugging (2) and (3) back into (1) gives 

(Zo + cË) + (wo zo +wo ex1) — acto +2gzozie+.. .) = 0: 
(4) 

Keeping only terms of order e and lower and grouping, 

we obtain 


(Zo + wo Lo) + (#1 + wo zı — azo Je=0. (5) 


Since this equation must hold for all POWERS of e, we 
can separate it into the two differential equations 


To + wo To =0 (6) 


tı + Wo Ti = azo”. (7) 


The solution to (6) is just 
To = Acos(wot + @). (8) 
Setting our clock so that ¢ = 0 gives 
To = Acos(wot). (9) 
Plugging this into (7) then gives 
A 2 2.2 
#1 + wo 11 = aA’ cos (wot). (10) 
The two homogeneous solutions to (10) are 


cos(wot) (11) 
xq = sin(wot). (12) 


Tı 
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The particular solution to (10) is therefore given by 


Lp(t) = -i(t) f eae dt + za(t) J ON dt, 
(13) 


where 
g(t) = aA? cos” (wot), (14) 


and the WRONSKIAN is 


W = 2122 — £122 
= cos(wot)wo cos(wot) — [—wo sin(wot)] sin(wot) 
= Wo. (15) 


Plugging everything into (13), 


: 2 
Daai - E / sin(wot) cos" (wot) y, 


wo 
3 
tsinfupt) f ELO a 


2 


22 f sinfuot) fi — sin*(wot)] cos(wot) dt 


Wo 


— cos(wot) f sintet) cos” (wot) de] l (16) 


Now let 


u = sin(wot) (17) 
du = wo cos(wot) dt (18) 
v = cos(wot) (19) 
dv = —wo sin(wot) dt. (20) 
Then 
2 
ESE af [sinto fa — u’) du + cos(wot) fo do 
0 
2 
= — [sin(wot)(1 — tu”) + cos(wot) Zu] 
0 
2 
= m {sin(wot)[1 — 3 sin? (wot)] 
+ 5 cos(wot) cos” (wot)) 
aA” 1 4 » 4 » 2 
ere { ¿[cos (wot) — sin" (wot)] + sin (wot) } 
0 
aA? 1 2 » 2 - 2 
aa { i [cos (wot) — sin” (wot)] + sin (wot) } 
2 
= a Z[cos” (wot) + 2sin” (wot)] 
aA? 2 aA? 1 
= 2 — = 2- 35 2 
Bua? [2 — cos” (wot)] 300 (2 — ¿[1 + cos(2wot)]} 
Ae 
= a [3 — cos(2w0t)]. (21) 
F 


Plugging zo(t) and (21) into (2), we obtain the solution 


2 


a(t) = Acos(wot) — a e[cos(2w0t) — 3]. (22) 


Simplex 


Simple Harmonic Oscillator 
see SIMPLE HARMONIC MOTION 


Simple Interest 
INTEREST which is paid only on the PRINCIPAL and not 
on the additional amount generated by previous INTER- 
EST payments. A formula for computing simple interest 
is 

a(t) = a(0)(1 + rt), 
where a(t) is the sum of PRINCIPAL and INTEREST at 
time t for a constant interest rate r. 


see also COMPOUND INTEREST, [INTEREST 


References 


Kellison, S. G. Theory of Interest, 2nd ed. Burr Ridge, IL: 
Richard D. Irwin, 1991. 


Simple Polygon 

A POLYGON P is said to be simple (or JORDAN) if the 
only points of the plane belonging to two EDGES of P are 
the VERTICES of P. Such a polygon has a well-defined 
interior and exterior. 


see also POLYGON, REGULAR POLYGON, Two-EARS 
THEOREM 


References 
Toussaint, G. “Anthropomorphic Polygons.” Amer. Math. 
Monthly 122, 31-35, 1991. 


Simple Ring 

A NONZERO RING § whose only (two-sided) IDEALS are 
S itself and zero. Every commutative simple ring is a 
FIELD. Every simple ring is a PRIME RING. 


see also FIELD, IDEAL, PRIME RING, RING 


Simplex 

The generalization of a tetrahedral region of space to 
n-D. The boundary of a k-simplex has k + 1 0-faces 
(VERTICES), k(k + 1)/2 1-faces (EDGES), and C) 1- 


a+1 
faces, where (7) is a BINOMIAL COEFFICIENT. 


The simplex in 4-D is a regular TETRAHEDRON ABCD 
in which a point E along the fourth dimension through 
the center of ABCD is chosen so that EA = EB = 
EC = ED = AB. The 4-D simplex has SCHLAFLI SYM- 
BOL {3, 3, 3}. 


O | point 
line segment 
equilateral triangular plane region 
tetrahedral region 
4-simplex 


The only irreducible spherical simplexes generated by 
reflection are A, (n > 1), Bn (n > 4), Cn (n > 2), 
DÉ (p > 5), Es, Ez, Es, Fa, G3, and Ga. The only 
irreducible Euclidean simplexes generated by reflection 


Simplex Method 


are W2, Pm (m > 3), Qm (m > 5), Rm (m > 3), Sm 
(m 2 4), V3, T7, Ts, To, and Us. 


The regular simplex in n-D with n > 5 is denoted an 
and has SCHLAFLI SYMBOL {3,...,3 }. 
A 


gn—1 
see also COMPLEX, CROSS POLYTOPE, EQUILATERAL 


TRIANGLE, LINE SEGMENT, MEASURE POLYTOPE, 
NERVE, POINT, SIMPLEX METHOD, TETRAHEDRON 


References 
Eppstein, D. “Triangles and Simplices.” http://www.ics. 
uci.edu/-eppstein/junkyard/triangulation.html. 


Simplex Method 

A method for solving problems in LINEAR PROGRAM- 
MING. This method, invented by G. B. Dantzig in 1947, 
runs along EDGES of the visualization SOLID to find the 
best answer. In 1970, Klee and Minty constructed ex- 
amples in which the simplex method required an expo- 
nential number of steps, but such cases seem never to 
be encountered in practical applications. 


A much more efficient (POLYNOMIAL-time) ALGORITHM 
was found in 1984 by N. Karmarkar. This method goes 
through the middle of the SOLID and then transforms 
and warps. It offers many advantages over the simplex 
method (Nemirovsky and Yudin 1994). 


see also LINEAR PROGRAMMING 


References 

Nemirovsky, A. and Yudin, N. Interior-Point Polynom- 
ial Methods in Convex Programming. Philadelphia, PA: 
SIAM, 1994. 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vet- 
terling, W. T. “Downhill Simplex Method in Multidi- 
mensions” and “Linear Programming and the Simplex 
Method.” §10.4 and 10.8 in Numerical Recipes in FOR- 
TRAN: The Art of Scientific Computing, 2nd ed. Cam- 
bridge, England: Cambridge University Press, pp. 402-406 
and 423-436, 1992. 

Tokhomirov, V. M. “The Evolution of Methods of Convex 
Optimization.” Amer. Math. Monthly 103, 65-71, 1996. 


Simplicial Complex 

A simplicial complex is a SPACE with a TRIANGULA- 
TION. Objects in the space made up of only the sim- 
plices in the triangulation of the space are called sim- 
plicial subcomplexes. When only simplicial complexes 
and subcomplexes are considered, defining HOMOLOGY 
is particularly easy (and, in fact, combinatorial because 
of its finite/counting nature). This kind of homology is 
called SIMPLICIAL HOMOLOGY. 


see also HOMOLOGY (TOPOLOGY), NERVE, SIMPLICIAL 
HOMOLOGY, SPACE, TRIANGULATION 


Simplicial Homology 

The type of HOMOLOGY which results when the spaces 
being studied are restricted to SIMPLICIAL COMPLEXES 
and subcomplexes. 


see also SIMPLICIAL COMPLEX 
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Simplicity 

The number of operations needed to effect a GEOMET- 
RIC CONSTRUCTION as determined in GEOMETROGRA- 
PHY. If the number of operations of the five GEOMET- 
ROGRAPHIC types are denoted m1, ma, 71, n2, and nz, 
respectively, then the simplicity is mı +m2+n1+N2+N3 
and the symbol mS; + maSa3 +n1C, + n2Ca + n3C3. 
It is apparently an unsolved problem to determine if a 


given GEOMETRIC CONSTRUCTION is of smallest possi- 


ble simplicity. 
see also GEOMETRIC CONSTRUCTION, GEOMETROGRA- 
PHY 


References 

De Temple, D. W. “Carlyle Circles and the Lemoine Simplic- 
ity of Polygonal Constructions.” Amer. Math. Monthly 98, 
97-108, 1991. 

Eves, H. An Introduction to the History of Mathematics, 6th 
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Simply Connected 

A CONNECTED DOMAIN is said to be simply connected 
(also called 1-connected) if any simple closed curve can 
be shrunk to a point continuously in the set. If the 
domain is CONNECTED but not simply, it is said to be 
MULTIPLY CONNECTED. 


A SPACE S is simply connected if it is 0-connected and 
if every MAP from the 1-SPHERE to S extends continu- 
ously to a MAP from the 2-DIsK. In other words, every 
loop in the SPACE is contractible. 


see also CONNECTED SPACE, MULTIPLY CONNECTED 


Simpson’s Paradox 

It is not necessarily true that averaging the averages of 
different populations gives the average of the combined 
population. 


References 
Paulos, J. A. A Mathematician Reads the Newspaper. New 
York: BasicBooks, p. 135, 1995. 


Simpson’s Rule 
Let h = (b—a)/n, and assume a function f(x) is defined 
at points f(a + kh) = yx for k=0,..., n. Then 
b 

J f(a) da = 3h(y1 + 4y2 + 2y3 + 4ya +... 

+2yn—2 + 4Yn-1 + Yn) => Rn, 
where the remainder is 

Rn = (b — a) f(a") 


for some z* € [a,b]. 
see also BODE’S RULE, NEWTON-COTES FORMULAS, 
SIMPSON’S 3/8 RULE, TRAPEZOIDAL RULE 


References 


Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 886, 1972. 


1642 Simpson's 3/8 Rule 


Simpsons 3/8 Rule 


J f(z) de = (A +3f2 + 3f + fa) — Sn? fO). 


see also BODE’S RULE, NEWTON-COTES FORMULAS, 
SIMPSON’S RULE 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 886, 1972. 


Simson Line 


The Simson line is the LINE containing the feet of the 
perpendiculars from a point on the CIRCUMCIRCLE of 
a TRIANGLE to the sides (or their extensions) of the 
TRIANGLE. The Simson line is sometimes known as the 
WALLACE-SIMSON LINE, since it does not appear in any 
work of Simson (Johnson 1929, p. 137). 


The ANGLE between the Simson lines of two points P 
and P’ is half the ANGLE of the arc PP’. The Simson 
line of any VERTEX is the ALTITUDE through that VER- 
TEX. The Simson line of a point opposite a VERTEX is 
the corresponding side. If 717273 is the Simson line of a 
point T of the CIRCUMCIRCLE, then the triangles TTi T} 
and J'A2Ai are directly similar. 


see also CIRCUMCIRCLE 


References 

Coxeter, H. S. M. and Greitzer, S. L. Geometry Revisited. 
Washington, DC: Math. Assoc. Amer., pp. 40-41 and 43- 
45, 1967. 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 137-139, 1929. 


Sinc Function 


Sinc Function 


A function also called the SAMPLING FUNCTION and de- 
fined by 
pa for z = 0 
sinc(x) = l sing otherwise, (1) 


where sin z is the SINE function. Let II(x) be the RECT- 
ANGLE FUNCTION, then the FOURIER TRANSFORM of 
II{x) is the sinc function 


F\II(x)] = sinc(rk). (2) 


The sinc function therefore frequently arises in physical 
applications such as Fourier transform spectroscopy as 
the so-called INSTRUMENT FUNCTION, which gives the 
instrumental response to a DELTA FUNCTION input. Re- 
moving the instrument functions from the final spectrum 
requires use of some sort of DECONVOLUTION algorithm. 


The sinc function can be written as a complex INTEGRAL 
by noting that 


_ sin(nz) Le ae ie” 
A ae Y 
= 1 lee = 1 i pitt dt (3) 
2inz DS ay l 


The sinc function can also be written as the INFINITE 
PRODUCT ius 
sin x x 
a Il cos (=) (4) 


Definite integrals involving the sinc function include 


J sinc(x) de = įr (5) 
0 

/ sinc? (x) de = ir (6) 
f sinc” (x) dz = ¿r (7) 
/ sinc*(x) de = in (8) 


f sinc’ (x) de = ae. (9) 
0 


Sinc Function 


These are all special cases of the amazing general result 


[ sin? x ie (ua) 
À ge 2a—c(b — 1)! 


[a/2|=c 
x y (=1)" (+) (a — 2k)°~*[In(a — 2k)]°, (10) 


where a and b are POSITIVE integers such that a > b > c, 
c=a-—b (mod 2), |x] is the FLOOR FUNCTION, and 0° 
is taken to be equal to 1 (Kogan). This spectacular for- 
mula simplifies in the special case when n is a POSITIVE 
EVEN integer to 


OO os 2n 
sin” x Tr 2n— 1 
de = —————— ( ) ; 11 
J gen 2(2n- 1)! \n-1 oe 


where (7) is an EULERIAN NUMBER (Kogan). The so- 
lution of the integral can also be written in terms of the 
RECURRENCE RELATION for the coefficients 


aa ay) 
= 1 
gel 3(a—1) 


c(a b) = forb=lorb=2 (12) 
ena lla — 1)c(a — 2,b — 2) 
—a - c(a, b — 2)| otherwise 
(Zimmerman). 
= E p: 


The half-infinite integral of sinc(x) can be derived using 
CONTOUR INTEGRATION. In the above figure, consider 
the path y = y1+y12+y2+y21. Now write z = Re*?. On 
an arc, dz = iRe* d@ and on the g-AXIS, dz = e"? dR. 


Write ae 
J —2 de = s/ — dz, (13) 
eg. E y? 


where & denotes the IMAGINARY POINT. Now define 


0 P i0 l 
E fee oe ao 
a Rı et? 


Ra eiR 
+ lim lim f dR 


R10 R200 Jp, R 
T - Ri —iR 
+ lim / A ee im, | “___ (dR), 
Ry 00 0 2 R¡—>0 Ro —R 


Sinc Function 1643 


where the second and fourth terms use the identities 
e? = 1 and e*” = —1. Simplifying, 


0 œ iR 
— li - 10 . € 
I im, f exp(iRıe yodo | R dR 


da Js mei (—dR) 
z —R 


R2=>00 0 a 


Gi © iR 07 eikt 
=- f soa | an+0+ | dR, 
0 ot R -00 R 


(15) 


where the third term vanishes by JORDAN’S LEMMA. 
Performing the integration of the first term and com- 
bining the others yield 


I = ~ir + / = dz = 0. (16) 


OO 


Rearranging gives 


oo e*? 
=e 1 
/ - dz = 11, (17) 


/ NZ dz =r. (18) 


The same result is arrived at using the method of 
RESIDUES by noting 


so 


I = 0 + 52m Res[f (z)]z=0 


= in (6-0)! | = in 
x 
z=0 
= 07; (19) 


SO 
S(I) =r. (20) 


Since the integrand is symmetric, we therefore have 


[io o ay 
0 


giving the SINE INTEGRAL evaluated at 0 as 


si(0) = — / —2 de = —1 4. (22) 
0 


1644 Sinclair’s Soap Film Problem 


An interesting property of sinc(z) is that the set of Lo- 
CAL EXTREMA of sinc(x) corresponds to its intersections 
with the COSINE function cos(x), as illustrated above. 


see also FOURIER TRANSFORM, FOURIER TRANS- 
FORM—RECTANGLE FUNCTION, INSTRUMENT FUNC- 
TION, JINC FUNCTION, SINE, SINE INTEGRAL 
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Sinclair’s Soap Film Problem 

Find the shape of a soap film (i.e., MINIMAL SURFACE) 
which will fill two inverted conical FUNNELS facing each 
other is known as Sinclair’s soap film problem (Bliss 
1925, p. 121). The soap film will assume the shape of a 
CATENOID. 


see also CATENOID, FUNNEL, MINIMAL SURFACE 
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Sine 


Let 9 be an ANGLE measured counterclockwise from the 
x-AXIS along the arc of the UNIT CIRCLE. Then sin @ is 
the vertical coordinate of the arc endpoint. As a result of 
this definition, the sine function is periodic with period 
27. By the PYTHAGOREAN THEOREM, sin@ also obeys 
the identity 

sin? 9 + cos? 0 = 1. (1) 


Re[{Sin z] 


Im[Sin z] 


The sine function can be defined algebraically by the 
infinite sum 

: — — (—1)"~? 2n-1 

si t = ` n= (2) 


n=1 


and INFINITE PRODUCT | 


sing = x |] É — 23) . (3) 


n=l 


It is also given by the IMAGINARY PART of the complex 
exponential 
sin g = Sle**]. (4) 


The multiplicative inverse of the sine function is the 
COSECANT, defined as 


csc r = ——. (5) 


Using the results from the EXPONENTIAL SUM FORMU- 
LAS 


y sin(nx) = $ y en 
n=0 n=0 
_« sin( Na) ¿N-1)2/2 
sin(51) 
sin(2Nzx) . 
= — 5 sin[$a(N — 1)]. (6) 
sin(5 2) 
Similarly, 
Sp" sin(nx) = SY Y pen 
n=0 n=0 


_ psin x 
= 1-2pcosax +p? 


1- pe (7) 


=gp =P" 
F — 2pcosx + p? 
Other identities include 


sin(n9) = 2cos@sin[(n — 1)9] — sin[(n — 2)9] (8) 


. n —1 . n —3 - 3 
sin(nx) = (") cos” “ xsinx — @ cos” ~ sin” x 


+ (z) cos” °asin?a—..., (9) 


all about crystal sets 


Capacitor 


The modern capacitor is evolved from the old Leyden jar. 
It consists of two or more metal sections separated by a 
dielectric (air, paper, or plastic). The capacitor stores 
energy in the form of an electrostatic charge in its 
dielectric. A variable capacitor (used in a tuned 
circuit) has movable metal sections that adjust the 
amount of capacity. 


Sk 


A capacitor will allow pulsating dc current or ac current 
to flow through it, but will block steady de current. A 
capacitor has an oppositon or "reactance" to ac that 
varies with frequency. The higher the frequency, the 
lower the reactance of a given value of capacity. 
Capacity is measured in micro-farads (uF) or 
micro-micro-farads (picofarads) (uuF or pF). 


RF Coil 


An rf coil is made of insulated copper wire wound on a 
plastic or cardboard tube. When electric current flows 
through the coil, a magnetic field is created. This 
magnetic field resists any change in electric current 
flow. This opposition or "reactance" to ac varies with 
frequency. The higher the frequency, the higher the 
reactance of a given value of rf coil inductance. 
Inductance is measured in millihenrys (mH) and 
microhenrys (uH). 


Sine 


where (7) is a BINOMIAL COEFFICIENT. 


Cvijovié and Klinowski (1995) show that the sum 


S (a) = 2 e > (10) 


has closed form for v = 2n + 1, 


ED” anta po, (=) (11) 


Santi(a) = A(2n)! 


where E, (x) is an EULER POLYNOMIAL. 
A CONTINUED FRACTION representation of sin x is 


sing = a > . 
£ 
1 + _ moe sa 
2-3 
(2-30) + —_—_—_—— 
O E S 
) (6-7 z?) +... 


(12) 
The value of sin(27/n) is IRRATIONAL for all n except 4 
and 12, for which sin(r/2) = 1 and sin(z/6) = 1/2. 


The FOURIER TRANSFORM of sin(2rkox) is given by 
Flsin(2rko1)] = / e 7973802 sin(2rrkox) de 


3U0(k + ko) — ô(k — ko)]. (13) 


| 


Definite integrals involving sin x include 


‘a sin(a?) de = 1/27 (14) 

0 

4 sin(x?) de = 4r (4) (15) 
0 


/ sin(z*) de = — cos(¿m)10 (2) (16) 
/ sin(x") de = 1(v75 — 1)0 (8), (17) 


where I(x) is the GAMMA FUNCTION. 


see also ANDREW’S SINE, COSECANT, COSINE, FOURIER 
TRANSFORM—SINE, HYPERBOLIC SINE, SINC FUNC- 
TION, TANGENT, TRIGONOMETRY 
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Sine-Gordon Equation 1645 


Sine-Gordon Equation 

A PARTIAL DIFFERENTIAL EQUATION which appears in 
differential geometry and relativistic field theory. Its 
name is a pun on its similar form to the KLEIN-GORDON 
EQUATION. The sine-Gordon equation is 


Utt — Vga + sinv = 0, (1) 


where vi and vz, are PARTIAL DERIVATIVES. The equa- 
tion can be transformed by defining 


¿= 3(r — t) (2) 
n= zle +t), (3) 

giving 
Vén = Sin v. (4) 


Traveling wave analysis gives 


z-a = Vei | 


For d = 0, 


A  «, 
AN P 


z — zo = +y 1 — e? In[+tan(3f)] (6) 


f(z) = +4 tan He+6-20/0-2 987 (7) 
Letting z = €n then gives 
zf" +f =sin f. (8) 
Letting g = ef gives 


#2 i 2 
H g 2g g - 1 
— Z + —_——_ = 0, 9 
g f 2z ( ) 


which is the third PAINLEVÉ TRANSCENDENT. Look for 
a solution of the form 


v(x,t) =4tan * ka (10) 


Taking the partial derivatives gives 


-R Hmp Hn (11) 
1)4* = n*, (12) 


Prz = 
wee = kyt + (m? — 


which can be solved in terms of ELLIPTIC FUNCTIONS. 
A single SOLITON solution exists with k =n =0,m> 1: 


v = 4 tan`! exp tae pt ; (13) 
4/1 — 82 
where 
m? —1 
3 = ===, (14) 


1646 Sine Integral 


A two-SOLITON solution exists with k = 0, m > 1: 


_1 | sinh(@mz) 
= 4t A 1 
eer [ee (a) 
A SOLITON-antisoliton solution exists with k 4 0, n = 0, 
m? > 1: 
inh(Gmz) 
= —4tan7? | SA | 1 
° at E cosh(mt) (16) 


A “breather” solution is 


ee ed e svt) (17) 
1—m?  cosh(mz) l 
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Sine Integral 


{SinIntegral z| 


There are two types of “sine integrals” commonly de- 
fined, 


Si(z) = / a (1) 
t 


and 


si(x) (2) 


li} 
| 
~~ 
8 
a. 
E 
=} 
a, 
Sh 


eii] 


2i 
= =le: (ix) — er (—ix)) (3) 
= Si(z) — ir, (4) 


where ei(z) is the EXPONENTIAL INTEGRAL and 


er(2) = — ei(—2). | (5) 


Sine Integral 


Si(w) is the function returned by the Mathematica? 
(Wolfram Research, Champaign, IL) command Sin 
Integral[x] and displayed above. The half-infinite in- 
tegral of the SINC FUNCTION is given by 


OO a 
si(0) = -f —2 de = 37. (6) 
z£ 
0 

To compute the integral of a sine function times a power 
I= pe sin(maz) dz, (7) 

use INTEGRATION BY PARTS. Let 
SÍ dv = sin(mx) dx (8) 


u= rt 


du=2na" * de U = -1 cos(mzr), (9) 


so 
l on 2n 2n—1 
I = ——2*" cos(mz) + — Ju cos(mz) dx. (10) 
m m 
Using INTEGRATION BY PARTS again, 
A dv = cos(mx) dz (11) 


du = (2n — 1)z™" ~? de v= ES sin(mz) (12) 
m 


1 
J 2°” sin(mzx) dx = al cos(mz) 


= |= 2n.— 


2""*sin(mx) de 


1 2n e 2n 2n-—1 > 
==—zx sin(mz) +53 sin(mz) 


— A fae sin(mx) dx 


an? sin(ma) +... 


| 
| 
| 
8 


2n 2n 
cos(mx) + ma? 


x’ sin(ma) de 


1 on 2n 2m-1.. 
= ->a cos(mx) + aa *sin(ma) +... 


= cos(mz) S (y _ (nana 


(2n — 2k)!m2++1 


TL 


sin(mMr 5 Dd (2n)! 
+sin(me) ) (DE 


2n—2k+1 
= 2k — 2n — 1)!m?* 


(13) 


Sine-Tangent Theorem 


Letting k' = n — k, so 


pa sin(mx) dx 
la] ayan an 
| k=0 
+ sin(ma) veo T irn wm 
= (—1)"*7(2n)! cos(mz) y e 


k=0 


A ) k Ene 2k-—1 
+ sin(ma) ) | (ok — Dimar? 
k=1 


(14) 


General integrals of the form 


OO 2 k 
I(k,l) = J 22 de (15) 
0 


gl 


are related to the SINC FUNCTION and can be computed 
analytically. 


see also CHI, COSINE INTEGRAL, EXPONENTIAL IN- 
TEGRAL, NIELSEN’S SPIRAL, SHI, SICI SPIRAL, SINC 
FUNCTION 
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Sine-Tangent Theorem 


If 
sina m 
sin 8 n” 
then ‘ 
tani;(a— 8) m-n 
tan[H(a+B) m+n 


Sines Law 
see LAW OF SINES 


Singular Point (Differential Equation) 


1647 


Singly Even Number 

An EVEN NUMBER of the form 4n +2 (i.e., an INTEGER 
which is DIVISIBLE by 2 but not by 4). The first few 
for n = 0, 1, 2, ... are 2, 6, 10, 14, 18, ... (Sloane's 
A016825) 


see also DOUBLY EVEN NUMBER, EVEN NUMBER, ODD 
NUMBER 
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Singular Homology 

The general type of HOMOLOGY which is what mathe- 
maticians generally mean when they say “homology.” 
Singular homology is a more general version than 
Poincaré’s original SIMPLICIAL HOMOLOGY. 


see also HOMOLOGY (TOPOLOGY), SIMPLICIAL HOMO- 
LOGY 


Singular Point (Algebraic Curve) 

A singular point of an ÁLGEBRAIC CURVE is a point 
where the curve has “nasty” behavior such as a CUSP 
or a point of self-intersection (when the underlying field 
K is taken as the REALS). More formally, a point (a, b) 
on a curve f(x,y) = 0 is singular if the x and y PAR- 
TIAL DERIVATIVES of f are both zero at the point (a, b). 
(If the field K is not the REALS or COMPLEX NUMBERS, 
then the PARTIAL DERIVATIVE is computed formally us- 
ing the usual rules of CALCULUS.) 


Consider the following two examples. For the curve 


(0,2) is a nonsingular point and this curve is nonsingular. 


see also ALGEBRAIC CURVE, CUSP 


Singular Point (Differential Equation) 
Consider a second-order ORDINARY DIFFERENTIAL 
EQUATION 


y + P(x)y’ + Q(x)y = 0. 


If P(x) and Q(x) remain FINITE at x = zo, then zo 
is called an ORDINARY POINT. If either P(x) or Q(x) 
diverges as x — zo, then xo is called a singular point. 
Singular points are further classified as follows: 


1. If either P(x) or Q(x) diverges as z > zo but (x — 
zo)P(x) and (x—29)*Q(x) remain FINITE as £z > Zo, 
then x = Zo is called a REGULAR SINGULAR POINT 
(or NONESSENTIAL SINGULARITY). 


1648 Singular Point (Function) 


2. If P(x) diverges more quickly than 1/(x — zo), so 
(x — zo)P(x2) approaches INFINITY as  -—> To, Or 
Q(x) diverges more quickly than 1/(x — z0)?Q so 
that (x — zo) Q(z) goes to INFINITY as £ —> To, 
then zo is called an IRREGULAR SINGULARITY (or 
ESSENTIAL SINGULARITY). 


see also IRREGULAR SINGULARITY, REGULAR SINGU- 
LAR POINT, SINGULARITY 
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Singular Point (Function) 

Singular points (also simply called “singularities”) are 
points 29 in the DOMAIN of a FUNCTION f where f 
fails to be ANALYTIC. ISOLATED SINGULARITIES may 
be classified as ESSENTIAL SINGULARITIES, POLES, or 
REMOVABLE SINGULARITIES. 


ESSENTIAL SINGULARITIES are POLES of INFINITE or- 
der. 


A POLE of order n is a singularity zo of f(z) for which 
the function (z — zo)" f(z) is nonsingular and for which 
(z — zo)" f(z) is singular for k = 0,1,...,n—1. 


REMOVABLE SINGULARITIES are singularities for which 
it is possible to assign a COMPLEX NUMBER in such a 
way that f(z) becomes ANALYTIC. For example, the 
function f(z) = 2?/z has a REMOVABLE SINGULARITY 
at 0, since f(z) = z everywhere but 0, and f(z) can be 
set equal to 0 at z = 0. REMOVABLE SINGULARITIES are 
not POLES. 


The function f(z) = csc(1/z) has POLES at z = 
1/(2rn), and a nonisolated singularity at 0. 


see also ESSENTIAL SINGULARITY, IRREGULAR SINGU- 
LARITY, ORDINARY POINT, POLE, REGULAR SINGULAR 
POINT, REMOVABLE SINGULARITY, SINGULAR POINT 
(DIFFERENTIAL EQUATION) 
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Singular Series 


28 
qe es Sp, ipa 
pas(n) = pp" pH | 2s | ee ae 
P 


1 


where Sp q is a GAUSSIAN SUM, and I'(s) is the GAMMA 
FUNCTION. 


Singular System 
A system is singular if the CONDITION NUMBER is IN- 
FINITE and ILL-CONDITIONED if it is too large. 


see also CONDITION NUMBER, ILL-CONDITIONED 


Singular Value Decomposition 


Singular Value 
A MODULUS k, such that 


where K(k) is a complete ELLIPTIC INTEGRAL OF THE 


FIRST KIND, and K'(k,) = K(y1-— kr? ). The ELLIP- 
TIC LAMBDA FUNCTION A'(r) gives the value of kr. 


Abel (quoted in Whittaker and Watson 1990, p. 525) 
proved that if r is an INTEGER, or more generally when- 


ever 
K'(k)  a+byn 
K(k)  c+dyn' 
where a, b, c, d, and n are INTEGERS, then the MODULUS 


k is the ROOT of an algebraic equation with INTEGER 
COEFFICIENTS. 


see also ELLIPTIC INTEGRAL SINGULAR VALUE, ELLIP- 
TIC INTEGRAL OF THE FIRST KIND, ELLIPTIC LAMBDA 
FUNCTION, MODULUS (ELLIPTIC INTEGRAL) 
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Singular Value Decomposition 
An expansion of a REAL M x N MATRIX by ORTHOG- 
ONAL OUTER PRODUCTS according to 


K 
A= >) spurviy (1) 
k=1 
where sı > 82 >...> 0, 
K = min{ M,N} (2) 
and 
U Uy = Vi Vy = Ôkk'. (3) 


Here 6;; is the KRONECKER DELTA and A?” is the MA- 
TRIX TRANSPOSE. 


see also CHOLESKY DECOMPOSITION, LU DECOMPOSI- 
TION, QR DECOMPOSITION 
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Singularity 


Singularity 
In general, a point at which an equation, surface, etc., 
blows up or becomes DEGENERATE. 


see also ESSENTIAL SINGULARITY, ISOLATED SINGU- 
LARITY, SINGULAR POINT (ALGEBRAIC CURVE), SIN- 
GULAR POINT (DIFFERENTIAL EQUATION), SINGULAR 
POINT (FUNCTION), WHITNEY SINGULARITY 


Sinh 
see HYPERBOLIC SINE 


Sink (Directed Graph) 


SOUFCE 


sink 
A vertex of a DIRECTED GRAPH with no exiting edges, 
also called a TERMINAL. 


see also DIRECTED GRAPH, NETWORK, SOURCE 


Sink (Map) 
A stable fixed point of a MAP which, in a dissipative 
DYNAMICAL SYSTEM, is an ATTRACTOR. 


see also ATTRACTOR, DYNAMICAL SYSTEM 


Sinusoidal Projection 


An equal AREA MAP PROJECTION. 


r = (A — Ao) cos¢ (1) 
y =Q. (2) 


The inverse FORMULAS are 


oxy (3) 


x 
=A a 
A uF (4) 
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Sinusoidal Spiral Pedal Curve 1649 


Sinusoidal Spiral 
A curve of the form 


r” = a” cos(ng) 


with n RATIONAL, which is not a true SPIRAL. Sinu- 
soidal spirals were first studied by Maclaurin. Special 
cases are given in the following table. 


hyperbola 

line 

parabola 
Tschirnhausen cubic 
logarithmic spiral 


Cayley sextic 


cardioid 


circle 
Bernoulli lemniscate 


N e no 
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Sinusoidal Spiral Inverse Curve 
The INVERSE CURVE of a SINUSOIDAL SPIRAL 


r=a 0" cos(nt)|'/" 


with INVERSION CENTER at the origin and inversion ra- 
dius k is another SINUSOIDAL SPIRAL 


(1/m)| 1/n 


r= ka cos(nt)| 


Sinusoidal Spiral Pedal Curve 
The PEDAL CURVE of a SINUSOIDAL SPIRAL 
r=a"/™ [cos(nt)]*/” 


with PEDAL POINT at the center is another SINUSOIDAL 
SPIRAL 


g = cost!” (nt) cos[(n + 1)t] 
y= cos't!/” (nt) sin|(n + 1)#]. 


1650 Sister Celine’s Method 

Sister Celine’s Method 

A method for finding RECURRENCE RELATIONS for hy- 
pergeometric polynomials directly from the series ex- 
pansions of the polynomials. The method is effec- 
tive and easily implemented, but usually slower than 
ZEILBERGER’S ALGORITHM. Given a sum f(n) = 
Y, F(n,k), the method operates by finding a recur- 
rence of the form 


I J 
Y y au(n)F(n-jk-i)=0 
i=0 j=0 


by proceeding as follows (Petkovšek et al. 1996, p. 59): 
1. Fix trial values of J and J. 


2. Assume a recurrence formula of the above form 
where a;;(n) are to be solved for. 


3. Divide each term of the assumed recurrence by 
F(n, k) and reduce every ratio F(n—j,k—1i)/F(n, k) 
by simplifying the ratios of its constituent factorials 
so that only RATIONAL FUNCTIONS in n and k re- 
main. 


4. Put the resulting expression over a common DENOM- 
INATOR, then collect the numerator as a POLYNOM- 
IAL in k. 


5. Solve the system of linear equations that results af- 
ter setting the coefficients of each power of k in the 
NUMERATOR to 0 for the unknown coefficients aij. 


6. If no solution results, start again with larger J or J. 


Under suitable hypotheses, a “fundamental theorem” 
(Verbaten 1974, Wilf and Zeilberger 1992, Petkovšek et 
al. 1996) guarantees that this algorithm always succeeds 
for large enough J and J (which can be estimated in ad- 
vance). The theorem also generalizes to multivariate 
sums and to q- and multi-g-sums (Wilf and Zeilberger 
1992, Petkovšek et al. 1996). 


see also GENERALIZED HYPERGEOMETRIC FUNCTION, 
GOSPER’S ALGORITHM, HYPERGEOMETRIC IDENTITY, 
HYPERGEOMETRIC SERIES, ZEILBERGER’S ALGORITHM 
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Six-Color Theorem 


Site Percolation 


site percolation bond percolation 


A PERCOLATION which considers the lattice vertices as 
the relevant entities (left figure). 


see also BOND PERCOLATION, PERCOLATION THEORY 


Siteswap 

A siteswap is a sequence encountered in JUGGLING in 
which each term is a POSITIVE integer, encoded in BI- 
NARY. The transition rule from one term to the next 
consists of changing some 0 to 1, subtracting 1, and then 
dividing by 2, with the constraint that the DIVISION by 
two must be exact. Therefore, if a term is EVEN, the bit 
to be changed must be the units bit. In siteswaps, the 
number of 1-bits is a constant. 


Each transition is characterized by the bit position of 
the toggled bit (denoted here by the numeral on top of 
the arrow). For example, 


1112510011 25101123 10101 101123111 
3100011 2310101 11101111011... 


The second term is given from the first as follows: 
000111 with bit 5 flipped becomes 100111, or 39. Sub- 
tract 1 to obtain 38 and divide by two to obtain 19, 
which is 10011. 


see also JUGGLING 
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Six-Color Theorem 

To color any map on the SPHERE or the PLANE requires 
at most six-colors. This number can be easily be reduced 
to five, and the FOUR-COLOR THEOREM demonstrates 
that the NECESSARY number is, in fact, four. 


see also FOUR-COLOR THEOREM, HEAWOOD CONJEC- 
TURE, MAP COLORING 
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Skein Relationship 


Skein Relationship 

A relationship between KNOT POLYNOMIALS for links 
in different orientations (denoted below as L4, Lo, and 
L_). J. H. Conway was the first to realize that the 
ALEXANDER POLYNOMIAL could be defined by a rela- 
tionship of this type. 


x MX 


L, Lo L_ 


see also ALEXANDER POLYNOMIAL, HOMFLY PoLY- 
NOMIAL, SIGNATURE (KNOT) 


Skeleton 

The GRAPH obtained by collapsing a POLYHEDRON into 
the PLANE. The number of topologically distinct skele- 
tons N(n) with n VERTICES is given in the following 
table. 
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Skeleton Division 

A LONG DIVISION in which most or all of the digits 
are replaced by a symbol (usually asterisks) to form a 
CRYPTARITHM. 


see also CRYPTARITHM 


Skew Conic 

Also known as a GAUCHE CONIC, SPACE CONIC, 
TWISTED CONIC, or CUBICAL CONIC SECTION. A 
third-order SPACE CURVE having up to three points in 
common with a plane and having three points in com- 
mon with the plane at infinity. A skew cubic is deter- 
mined by six points, with no four of them COPLANAR. 
A line is met by up to four tangents to a skew cubic. 


A line joining two points of a skew cubic (REAL or con- 
jugate imaginary) is called a SECANT of the curve, and 
a line having one point in common with the curve is 
called a SEMISECANT or TRANSVERSAL. Depending on 
the nature of the roots, the skew conic is classified as 
follows: 


1. The three ROOTS are REAL and distinct (CUBICAL 
HYPERBOLA). 


2. One root is REAL and the other two are COMPLEX 
CONJUGATES (CUBICAL ELLIPSE). 


3. Two of the ROOTS coincide (CUBICAL PARABOLIC 
HYPERBOLA). 


4. All three ROOTS coincide (CUBICAL PARABOLA). 


Skew Symmetric Matrix 1651 


see also CONIC SECTION, CUBICAL ELLIPSE, CUBI- 
CAL HYPERBOLA, CUBICAL PARABOLA, CUBICAL PAR- 
ABOLIC HYPERBOLA 


Skew Field 

A FIELD in which the commutativity of multiplication 
is not required, more commonly called a DIVISION AL- 
GEBRA. 


see also DIVISION ÁLGEBRA, FIELD 


Skew Lines 

Two or more LINES which have no intersections but are 
not PARALLEL, also called AGONIC LINES. Since two 
LINES in the PLANE must intersect or be PARALLEL, 
skew lines can exist only in three or more DIMENSIONS. 


see also GALLUCCI’S THEOREM, REGULUS 


Skew Polyomino 


eo a Hmn 


see also L-POLYOMINO, SQUARE POLYOMINO, 
STRAIGHT POLYOMINO, T-POLYOMINO 


Skew Quadrilateral 

A four-sided QUADRILATERAL not contained in a plane. 
The problem of finding the minimum bounding surface 
of a skew quadrilateral was solved by Schwarz (1890) in 
terms of ABELIAN INTEGRALS and has the shape of a 
SADDLE. It is given by solving 


(1+ fy?) fox —2fefyfey + (1+ fe’) fyy =0. 


see also QUADRILATERAL 
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Skew Symmetric Matrix 
A MATRIX Å where 


AT = —A, 


with AT denoting the MATRIX TRANSPOSE. 
see also MATRIX TRANSPOSE, SYMMETRIC MATRIX 


1652 Skewes Number 

Skewes Number 

The Skewes number (or first Skewes number) is the num- 
ber Sk; above which a(n) < Li(n) must fail (assuming 
that the RIEMANN HYPOTHESIS is true), where a(n) is 
the PRIME COUNTING FUNCTION and Li(n) is the LoG- 
ARITHMIC INTEGRAL. 


79 l 34 


Ski = e” ms 10 


. 27/4 
The Skewes number has since been reduced to ef ~ 


8.185 x 10°” by te Riele (1987), although Conway and 
Guy (1996) claim that the best current limit is 10**%”. 
In 1914, Littlewood proved that the inequality must, in 
fact, fail infinitely often. 


The second Skewes number Skz is the number above 
which r(n) < Li(n) must fail (assuming that the RIE- 
MANN HYPOTHESIS is false). It is much larger than the 
Skewes number Ski, 


Sk. = jg 


see also GRAHAM’S NUMBER, RIEMANN HYPOTHESIS 
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Skewness 

The degree of asymmetry of a distribution. If the distri- 
bution has a longer tail less than the maximum, the 
function has NEGATIVE skewness. Otherwise, it has 
POSITIVE skewness. Several types of skewness are de- 
fined. The FISHER SKEWNESS is defined by 


_ P3 _ BB 
Y1 — [93/2 — g3’ (1) 
where p3 is the third MOMENT, and n21/? = ø is the 
STANDARD DEVIATION. The PEARSON SKEWNESS is 
defined by 
2 
H3 2 
a (os) = 0% (2) 


The MOMENTAL SKEWNESS is defined by 


am = iy, (3) 


Sklar’s Theorem 


The PEARSON MODE SKEWNESS is defined by 


[mean] — [mode] 


(4) 


(e 


PEARSON'S SKEWNESS COEFFICIENTS are defined by 


3[mean] — [mode] 


(5) 


S 


and 
3[mean] — [median] 


, (6) 


The BOWLEY SKEWNESS (also known as QUARTILE 
SKEWNESS COEFFICIENT) is defined by 


(Qs — Q2) - (Q2 - Q1) _ Qi — 2Q2 + Qs 
Q3 — Qı Qs-Qı ” 


where the Qs denote the INTERQUARTILE RANGES. The 
MOMENTAL SKEWNESS is 


S 


(7) 


m} __ H3 


An ESTIMATOR for the FISHER SKEWNESS 71 is 


k3 
gı = PEA (9) 


where the ks are k-STATISTICS. The STANDARD DEVI- 
ATION of gı is 


(10) 


see also BOWLEY SKEWNESS, FISHER SKEWNESS, 
GAMMA STATISTIC, KURTOSIS, MEAN, MOMENTAL 
SKEWNESS, PEARSON SKEWNESS, STANDARD DEVIA- 
TION 
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Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
of Mathematical Functions with Formulas, Graphs, and 
Mathematical Tables, 9th printing. New York: Dover, 
p. 928, 1972. 

Press, W. H.; Flannery, B. P.; Teukolsky, 5. A.; and Vet- 
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Sklar’s Theorem 

Let H be a 2-D distribution function with marginal dis- 
tribution functions F and G. Then there exists a COP- 
ULA C such that 


H(z, y) = C(F (z), G(y)). 


Conversely, for any univariate distribution functions F 
and G and any COPULA C, the function H is a two- 
dimensional distribution function with marginals F and 
G. Furthermore, if F and G are continuous, then C is 
unique. 


Skolem-Mahler-Lerch Theorem 


Skolem-Mahler-Lerch Theorem 

If {ao,a1,...} is a RECURRENCE SEQUENCE, then the 
set of all k such that az = 0 is the union of a finite 
(possibly EMPTY) set and a finite number (possibly zero) 
of full arithmetical progressions, where a full arithmetic 
progression is a set of the form {r,r+d,r+2d,...} with 
r € [0, d). 


References 

Myerson, G. and van der Poorten, A. J. “Some Problems 
Concerning Recurrence Sequences.” Amer. Math. Monthly 
102, 698-705, 1995. 


Skolem Paradox 
Even though ARITHMETIC is uncountable, it possesses 
a countable “model.” | 


Skolem Sequence 
A Skolem sequence of order n is a sequence S = 
[s1,82,...,S82n) of 2n integers such that 


1. For every k € {1,2,...,n}, there exist exactly two 
elements s;,sj € S such that s; = s; = k, and 


2. If s; = sj = k with 1 < j, then 3 —i =k. 


References 

Colbourn, C. J. and Dinitz, J. H. (Eds.) “Skolem Sequences.” 
Ch. 43 in CRC Handbook of Combinatorial Designs. Boca 
Raton, FL: CRC Press, pp. 457—461, 1996. 


Slant Height 
The height of an object (such as a CONE) measured 
along a side from the edge of the base to the apex. 


Slice Knot 

A Knot K in S? = 09D? is a slice knot if it bounds 
a Disk A? in D* which has a TUBULAR NEIGHBOR- 
HOOD A? x D? whose intersection with S* is a TUBULAR 
NEIGHBORHOOD K x D* for K. 


Every RIBBON KNOT is aslice knot, and it is conjectured 
that every slice knot is a RIBBON KNOT. 
see also RIBBON KNOT, TUBULAR NEIGHBORHOOD 


References 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, p. 218, 1976. 


Slide Move 


D > Sí 
AE slide. | 
The REIDEMEISTER MOVE of type III. 


see also REIDEMEISTER MOVES 


Slutzky- Yule Effect 1653 


Slide Rule 

A mechanical device consisting of a sliding portion and a 
fixed case, each marked with logarithmic axes. By lining 
up the ticks, it is possible to do MULTIPLICATION by tak- 
ing advantage of the additive property of LOGARITHMS. 
More complicated slide rules also allow the extraction of 
roots and computation of trigonometric functions. The 
development of the desk calculator (and subsequently 
pocket calculator) rendered slide rules largely obsolete 
beginning in the 1960s. 


see also ABACUS, RULER, STRAIGHTEDGE 


References 

Electronic Teaching Laboratories. Simplify Math: Learn to 
Use the Slide Rule. New Augusta, IN: Editors and Engi- 
neers, 1966. 

Saffold, R. The Slide Rule. Garden City, NY: Doubleday, 
1962. 


Slightly Defective Number 
see ALMOST PERFECT NUMBER 


Slightly Excessive Number 
see QUASIPERFECT NUMBER 


Slip Knot 
see RUNNING KNOT 


Slope 

A quantity which gives the inclination of a curve or line 
with respect to another curve or line. For a LINE in the 
PLANE making an ANGLE @ with the x-AxXIs, the SLOPE 
m is a constant given by 


m= au = tané, 


where Ax and Ay are changes in the two coordinates 
over some distance. It is meaningless to talk about the 
slope in 3-D unless the slope with respect to what is spec- 


ified. 


Slothouber-Graatsma Puzzle 
Assemble six 1 x 2 x 2 blocks and three 1 x 1 x 1 blocks 
into a 3 x 3 x 3 CUBE. 


see also BOX-PACKING THEOREM, CONWAY PUZZLE, 
CUBE DISSECTION, DE BRUIJN’S THEOREM, KLARNER’S 
THEOREM, POLYCUBE 


References 


Honsberger, R. Mathematical Gems II. Washington, DC: 
Math. Assoc. Amer., pp. 75-77, 1976. 


Slutzky- Yule Effect 
A MOVING AVERAGE may generate an irregular oscilla- 
tion even if none exists in the original data. 


see also MOVING AVERAGE 


1654 Sluze Pearls 


Sluze Pearls 
see PEARLS OF SLUZE 


Smale-Hirsch Theorem 

The SPACE of IMMERSIONS of a MANIFOLD in another 
MANIFOLD is HOMOTOPICALLY equivalent to the space 
of bundle injections from the TANGENT SPACE of the 
first to the TANGENT BUNDLE of the second. 


see also HOMOTOPY, IMMERSION, MANIFOLD, TAN- 
GENT BUNDLE, TANGENT SPACE 


Smale Horseshoe Map 

The basic topological operations for constructing an AT- 
TRACTOR consist of stretching (which gives sensitivity to 
initial conditions) and folding (which gives the attrac- 
tion). Since trajectories in PHASE SPACE cannot cross, 
the repeated stretching and folding operations result in 
an object of great topological complexity. 


The Smale horseshoe map consists of a sequence of op- 
erations on the unit square. First, stretch by a factor of 
2 in the x direction, then compress by 2a in the y direc- 
tion. Then, fold the rectangle and fit it back into the 
square. Repeating this generates the horseshoe attrac- 
tor. If one looks at a cross-section of the final structure, 
it is seen to correspond to a CANTOR SET. 


see also ATTRACTOR, CANTOR SET 
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Rasband, S. N. Chaotic Dynamics of Nonlinear Systems. 
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Small Cubicuboctahedron 


UNIFORM POLYHEDRON U3 whose DUAL POLYHEDRON 
is the SMALL HEXACRONIC ICOSITETRAHEDRON. It has 
WYTHOFF SYMBOL 2 4]4. Its faces are 8{3} + 6{4} + 
6{8}. The CIRCUMRADIUS for the solid with unit edge 


length is 
R=1vV5+242. 


FACETED versions include the GREAT RHOMBICUB- 
OCTAHEDRON (UNIFORM) and SMALL RHOMBIHEXAHE- 
DRON. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 104-105, 1971. 


Small Dodecahemicosacron 


Small Ditrigonal Dodecacronic 


Hexecontahedron 
The DUAL POLYHEDRON of the SMALL DITRIGONAL 
DODECICOSIDODECAHEDRON. 


Small Ditrigonal Dodecicosidodecahedron 


The UNIFORM POLYHEDRON U43 whose DUAL POLYHE- 
DRON is the SMALL DITRIGONAL DODECACRONIC HEX- 
ECONTAHEDRON. It has WYTHOFF SYMBOL 32 |5. Its 
faces are 20{3} + 12{3} + 12{10}. Its CIRCUMRADIUS 


with a = 1 is 
R= 1V34+4+ 6v5. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 126-127, 1971. 


Small Ditrigonal Icosidodecahedron 


The UNIFORM POLYHEDRON U3 9 whose DUAL POLYHE- 
DRON is the SMALL TRIAMBIC ICOSAHEDRON. It has 
WYTHOFF SYMBOL 3|3 3. Its faces are 20{3} + 12{3}. 
A FACETED version is the DITRIGONAL DODECADODEC- 
AHEDRON. Its CIRCUMRADIUS with a = 1 is 


R=143. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 106-107, 1971. 


Small Dodecacronic Hexecontahedron 
The DUAL POLYHEDRON of the SMALL DODECICOSIDO- 
DECAHEDRON. 


Small Dodecahemicosacron 
The DUAL POLYHEDRON of the SMALL DODECAHEMI- 
COSAHEDRON. 


the crystal detector 


Tuned Circuit 


A tuned circuit is composed of a capacitor and an rf 
coil. As previously described, the reactances of a 
capacitor and an rf coil change with frequency (but in 
opposite ways). At a particular frequency, the two 
reactances will cancel each other out, This condition is 
called "resonance". The impedance of a parallel tuned 
circuit is at its highest at resonance. Radio signals at 
the resonant frequency will be greatly magnified, while 
Signals at other frequencies will be shunted to ground 
(rejected). 


HIGH Q 


LOW Q 


= m 
FREQUENCY 


The resonant frequency of'a tuned circuit can be changed 
by adjusting the capacitance (using a variable 
capacitor),or by varying the inductance (using a slider 
or taps on the rf coil). A ferrite core can also be used 
to change the inductance of a coil. The selectivity ofa 
tuned circuit is dependent upon the quality (Q) of the 
components and the inductance /capacity ratio (L/C 
ratio). A high-Q tuned circuit is more selective than a 
low-Q circuit. A tuned circuit with a high L/C ratio 
(large inductance and small capacity) is more selective 
than a low L/C ratio circuit. 


Small Dodecahemicosahedron 


Small Dodecahemicosahedron 


The UNIFORM POLYHEDRON Ug2 whose DUAL POLY- 
HEDRON is the SMALL DODECAHEMICOSACRON. It has 
WYTHOFF SYMBOL 5 2 |3. Its faces are 10{6} + 12{2}. 
It is a FACETED version of the ICOSIDODECAHEDRON. 
Its CIRCUMRADIUS with unit edge length is 


R =:1. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 155, 1971. 


Small Dodecahemidodecacron 
The DUAL POLYHEDRON of the SMALL DODECAHEMI- 
DODECAHEDRON. 


Small Dodecahemidodecahedron 


> 


The UNIFORM POLYHEDRON Us; whose DUAL POLYHE- 
DRON is the SMALL DODECAHEMIDODECACRON. It has 


WYTHOFF SYMBOL 25 E . Its faces are 3044) + 12110). 
2 


Its CIRCUMRADIUS with a = 1 is 


R=iV11+4v5. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 113-114, 1971. 


Small Dodecicosacron 
The DUAL POLYHEDRON of the SMALL DODECICOSA- 
HEDRON. 


Small Hexagrammic Hexecontahedron 


1655 


Small Dodecicosahedron 


The UNIFORM POLYHEDRON Uso whose DUAL POLYHE- 
DRON is the SMALL DODECICOSACRON. It has WYTH- 


OFF SYMBOL 35 2? |. Its faces are 20{6} + 12{10}. Its 


4 
CIRCUMRADIUS with a = 1 is 


R=1V344 6V5. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 141-142, 1971. 


Small Dodecicosidodecahedron 


The UNIFORM POLYHEDRON Us3 whose DUAL POLY- 
HEDRON is the SMALL DODECACRONIC HEXECONTAHE- 
DRON. It has WYTHOFF SYMBOL 35{5. Its faces are 
20{3} + 12{5} + 12{10}. It is a FACETED version of 
the SMALL RHOMBICOSIDODECAHEDRON. Its CIRCUM- 
RADIUS with a = 1 is 


R=iV11+4V5. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 110-111, 1971. 


Small Hexacronic Icositetrahedron 
The DUAL POLYHEDRON of the SMALL CUBICUBOCTA- 
HEDRON. 


Small Hexagonal Hexecontahedron 
The DUAL POLYHEDRON of the SMALL SNUB ICOSICOSI- 
DODECAHEDRON. 


Small Hexagrammic Hexecontahedron 
The DUAL POLYHEDRON of the SMALL RETROSNUB 
ICOSICOSIDODECAHEDRON. 
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Small Icosacronic Hexecontahedron 
The DUAL POLYHEDRON of the SMALL ICOSICOSIDO- 
DECAHEDRON. 


Small Icosicosidodecahedron 


The UNIFORM POLYHEDRON U3; whose DUAL POLY- 
HEDRON is the SMALL ICOSACRONIC HEXECONTAHE- 
DRON. It has WYTHOFF SYMBOL 25|5. Its faces are 
12{5} + 6{10}. Its CIRCUMRADIUS with a = 1 is 


where œ is the GOLDEN RATIO. 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 143, 1971. 


Small Icosihemidodecacron 
The DUAL POLYHEDRON of the SMALL ICOSIHEMIDO- 
DECAHEDRON. 


Small Icosihemidodecahedron 


The UNIFORM POLYHEDRON U4g whose DUAL POLY- 
HEDRON is the SMALL ICOSIHEMIDODECACRON. It has 
WYTHOFF SYMBOL 2 3{5. Its faces are 20{3} + 6{10}. 
It is a FACETED version of the ICOSIDODECAHEDRON. 
Its CIRCUMRADIUS with a = 1 is 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 140, 1971. 


Small Inverted Retrosnub 
Icosicosidodecahedron 


see SMALL RETROSNUB ICOSICOSIDODECAHEDRON 


Small Icosacronic Hexecontahedron 


Small Rhombicosidodecahedron 


Small Multiple Method 
An algorithm for computing a UNIT FRACTION. 


Small Number 


* Guy’s “STRONG LAW OF SMALL NUMBERS” states that 


there aren’t enough small numbers to meet the many 
demands made of them. Guy (1988) also gives several 
interesting and misleading facts about small numbers: 


1. 10% of the first 100 numbers are SQUARE NUMBERS. 
2. A QUARTER of the numbers < 100 are PRIMES. 


3. All numbers less than 10, except for 6, are PRIME 
POWERS. 


4. Half the numbers less than 10 are FIBONACCI NUM- 
BERS. | 


see also LARGE NUMBER, STRONG LAW OF SMALL 
NUMBERS 


References 


Guy, R. K. “The Strong Law of Small Numbers.” Amer. 
Math. Monthly 95, 697-712, 1988. 


Small Retrosnub Icosicosidodecahedron 


The UNIFORM POLYHEDRON Uy7z2 also called the 
SMALL INVERTED RETROSNUB ICOSICOSIDODECAHE- 
DRON whose DUAL POLYHEDRON is the SMALL HEXA- 
GRAMMIC HEXECONTAHEDRON. It has WYTHOFF SYM- 
BOL | 3 3 3. Its faces are 100{3} + 12{3}. It has CIR- 
CUMRADIUS with a = 1 


R=14/13+3vV5-— V 102 + 46V5 
0 


.580694800133921. 


Ed 
Pa 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 194-199, 1971. 


Smali Rhombicosidodecahedron 


Small Rhombicuboctahedron 


An ARCHIMEDEAN SOLID whose DUAL POLYHEDRON is 
the DELTOIDAL HEXECONTAHEDRON. It has SCHLAFLI 
SYMBOL et It is also UNIFORM POLYHEDRON 
U27 with WYTHOFF SYMBOL 35|2. Its faces are 
20{3} + 30{4} + 12{5}. The SMALL DODECICOSIDO- 
DECAHEDRON and SMALL RHOMBIDODECAHEDRON are 
FACETED versions. The INRADIUS, MIDRADIUS, and 


CIRCUMRADIUS for a = 1 are 


r= 2 (15 +2V5)V 114 4v5 = 2.12099... 


p = $ V 10 + 4v5 = 2.17625... 
R= į V 11 + 4v5 = 2.23295... 


see also GREAT RHOMBICOSIDODECAHEDRON ( ARCHI- 
MEDEAN), GREAT RHOMBICOSIDODECAHEDRON (UNI- 
FORM) 


Small Rhombicuboctahedron 


An ARCHIMEDEAN SOLID also (inappropriately) called 
the TRUNCATED ICOSIDODECAHEDRON. This name is 
inappropriate since truncation would yield rectangu- 
lar instead of square faces. Its DUAL POLYHEDRON 
is the DELTOIDAL ICOSITETRAHEDRON, also called the 
TRAPEZOIDAL ICOSITETRAHEDRON. It has SCHLAFLI 
SYMBOL ríz). It is also UNIFORM POLYHEDRON 
Uio and has WYTHOFF SYMBOL 34/2. Its INRADIUS, 
MIDRADIUS, and CIRCUMRADIUS for a = 1 are 


r= 4(6+V2)V5 + 2V2 = 1.22026... 
4+ 242 = 1.30656... 
5 + 2/2 = 1.39897... 


e 
| 
bå |= ble 


Small Rhombihexahedron 1657 


A version in which the top and bottom halves are rotated 
with respect to each other is known as the ELONGATED 
SQUARE GYROBICUPOLA. 


see also ELONGATED SQUARE GYROBICUPOLA, GREAT 
RHOMBICUBOCTAHEDRON (ARCHIMEDEAN), GREAT 
RHOMBICUBOCTAHEDRON (UNIFORM) 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, pp. 137- 
138, 1987. 


Small Rhombidodecacron 
The DUAL POLYHEDRON of the SMALL RHOMBIDODEC- 
AHEDRON. 


Small Rhombidodecahedron 


ECN 


The UNIFORM POLYHEDRON U39 whose DUAL POLY- 
HEDRON is the SMALL RHOMBIDODECACRON. It has 


. Its faces are 30{4} + 12{10}. 


It is a FACETED version of the SMALL RHOMBICOSIDO- 
DECAHEDRON. lts CIRCUMRADIUS with a = 1 is 


R=1411+4v5. 


WYTHOFF SYMBOL 25 


NCAR} Oe 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 113-114, 1971. 


Small Rhombihexacron 
The DUAL POLYHEDRON of the SMALL RHOMBIHEXA- 
HEDRON. 


Small Rhombihexahedron 


The UNIFORM POLYHEDRON Ug whose DUAL POLYHE- 
DRON is the SMALL RHOMBIHEXACRON. It has WYTH- 


OFF SYMBOL 24 £ Its faces are 12{4} + 6{8}. It is 
2 
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a FACETED version of the SMALL RHOMBICUBOCTAHE- 
DRON. Its CIRCUMRADIUS with a = 1 is 


References 
Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 134, 1971. 


Small Snub Icosicosidodecahedron 


The UNIFORM POLYHEDRON U3 whose DUAL POLYHE- 
DRON is the SMALL HEXAGONAL HEXECONTAHEDRON. 
It has WYTHOFF SYMBOL | 33 2 (Har'El 1993 gives the 
symbol as |233.) Its faces are 100{3} + 1245). Its 
CIRCUMRADIUS for a = 1 is 


R= 41 13 + 3V5 + V 102 + 46V5 
1.4581903307387... . 
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Small Stellapentakis Dodecahedron 
The DUAL POLYHEDRON of the TRUNCATED GREAT 
DODECAHEDRON. 


Small Stellated Dodecahedron 


One of the KEPLER-POINSOT SOLIDS whose DUAL 
POLYHEDRON is the GREAT DODECAHEDRON. Its 


Small Snub Icosicosidodecahedron 


Small Stellated Truncated Dodecahedron 


SCHLAFLI SYMBOL is (5,5). It is also UNIFORM POLY- 
HEDRON Uza and has WYTHOFF SYMBOL 5 [2 32. It was 
originally called the URCHIN by Kepler. It is composed 
of 12 PENTAGRAMMIC faces. Its faces are 12{2}. The 
easiest way to construct it is to build twelve pentagonal 
PYRAMIDS 


and attach them to the faces of a DODECAHEDRON. 
The CIRCUMRADIUS of the small stellated dodecahedron 
with a = 1 is 


R = 151/474? = 15/4, /2(V5 — 1). 


see also GREAT DODECAHEDRON, GREAT ICOSAHE- 
DRON, GREAT STELLATED DODECAHEDRON, KEPLER- 
POINSOT SOLID 
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Fischer, G. (Ed.). Plate 103 in Mathematische Mod- 
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Small Stellated Triacontahedron 
see MEDIAL RHOMBIC TRIACONTAHEDRON 


Small Stellated Truncated Dodecahedron 


The UNIFORM POLYHEDRON Usg also called the 
QUASITRUNCATED SMALL STELLATED DODECAHEDRON 
whose DUAL POLYHEDRON is the GREAT PENTAKIS Do- 
DECAHEDRON. It has SCHLAFLI SYMBOL t’{2,5} and 
WYTHOFF SYMBOL 25| Š. Its faces are 12{5} + 12{?}. 
Its CIRCUMRADIUS with a = 1 is 


R= 1434-1045. 


References 


Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, p. 151, 1971. 


Small Triakis Octahedron 


Small Triakis Octahedron 


The DUAL POLYHEDRON of the TRUNCATED CUBE. 
see also GREAT TRIAKIS OCTAHEDRON 


Small Triambic Icosahedron 
The DUAL POLYHEDRON of the SMALL DITRIGONAL 
ICOSIDODECAHEDRON. 


Small World Problem 

The small world problem asks for the probability that 
two people picked at random have at least one acquain- 
tance in common. 


see also BIRTHDAY PROBLEM 


Smarandache Ceil Function 

A SMARANDACHE-like function which is defined where 
Sx(n) is defined as the smallest integer for which 
n|S,(n)*. The Smarandache S;,(n) function can there- 
fore be obtained by replacing any factors which are kth 
powers in n by their k roots. The functions S¿(n) for 
k = 2, 3, ..., 6 for values such that S,(n) 4 n are 
tabulated by Begay (1997). 


Si(n) = n, so the first few values of Sı (n) are 1, 2, 3, 4, 
5, 6, 7, 8, 9, 10, 11, 12, 13, 14, 15, 16, 17, 18, 19, 20, ... 
(Sloane’s A000027). The first few values of S2(n) are 1, 
2, 3, 2, 5, 6, 7, 4, 3, 10, 11, 6, 13, 14, 15, 4, 17, 6, 19, 
10, ... (Sloane’s A019554) The first few values of S3(n) 
are 1, 2, 3, 2, 5, 6, 7, 2, 3, 10, 11, 6, 13, 14, 15, 4, 17, 
6, 19, 10, ... (Sloane's A019555) The first few values of 
Sa(n) are 1, 2, 3, 2, 5, 6, 7, 2, 3, 10, 11, 6, 13, 14, 15, 2, 
17, 6, 19, 10, ... (Sloane’s A007947). 

see also PSEUDOSMARANDACHE FUNCTION, SMARAN- 
DACHE FUNCTION, SMARANDACHE-KUREPA FUNC- 
TION, SMARANDACHE NEAR-TO-PRIMORIAL FUNC- 
TION, SMARANDACHE SEQUENCES, SMARANDACHE- 
WAGSTAFF FUNCTION, SMARANDACHE FUNCTION 


Smarandache Constants 1659 
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Smarandache Constants 
The first Smarandache constant is defined as 


oO 


Si =>» EOI > 1.093111, 


n=2 


where S(n) is the SMARANDACHE FUNCTION. Cojo- 
caru and Cojocaru (1996a) prove that Sı exists and is 
bounded by 0.717 < Sı < 1.253. The lower limit given 
above is obtained by taking 40,000 terms of the sum. 


Cojocaru and Cojocaru (1996b) prove that the second 
Smarandache constant 


= S(n 
Sw 


is an IRRATIONAL NUMBER. 


S2 = 1.71400629359162 


Cojocaru and Cojocaru (1996c) prove that the series 
< 1 
S3 = ) =p —— * 0.719960700043708 
e ELO 


converges to a number 0.71 < S3 < 1.01, and that 


s=) 12,50 


converges for a fixed REAL NUMBER a > 1. The values 
for small a are 


S4(1) = 1.72875760530223 
S4(2) = 4.50251200619297 
S4(3) = 13.0111441949445 
S4(4) ~ 42.4818449849626 
Sa(5) & 158.105463729329. 


Sandor (1997) shows that the series 


>> Cur s(n) 


1660 Smarandache Constants 


converges to an IRRATIONAL. Burton (1995) and Du- 
mitrescu and Seleacu (1996) show that the series 


converges. Dumitrescu and Seleacu (1996) show that 
the series E 
S 
dd 2 (n eh 
and 
converge for r a natural number (which must be nonzero 


in the latter case). Dumitrescu and Seleacu (1996) show 
that 


converges. Burton (1995) and Dumitrescu and Seleacu 
(1996) show that the series 


= 1 
Sı a Ss. 
: 2 S(n)J,/S(n)! 


and 


OO 


1 
m2, [S(n)Je /[S(n) + 1] 


n=2 
converge for a > 1. 
see also SMARANDACHE FUNCTION 
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Kishinev, 


Smarandache Function 


Smarandache Function 
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The smallest value S(n) for a given n for which n|S(n)! 
(n divides S(n) FACTORIAL). For example, the number 
8 does not divide 1!, 2!, 3!, but does divide 4! = 4-3-2-1 = 
8-3, so S(8) = 4. For a PRIME p, S(p) = p, and for an 
EVEN PERFECT NUMBER r, S(r) is PRIME (Ashbacher 
1997). 


The Smarandache numbers for n = 1, 2,... are 1, 2, 3, 
4, 5, 3, 7, 4, 6, 5, 11, ... (Sloane’s A002034). Letting 
a(n) denote the smallest value of n for which S(n) = 1, 
2, ..., then a(n) is given by 1, 2, 3, 4, 5, 9, 7, 32, 
27, 25, 11, 243, ... (Sloane’s A046021). Some values 
of S(n) first occur only for very large n, for example, 
S(59,049) = 24, $(177,147) = 27, S(134,217,728) = 
30, S(43,046,721) = 36, and S(9,765,625) = 45. 
D. Wilson points out that if we let 


n— Xin, 
In, p) = >n), 
p=1 
be the power of the PRIME p in n!, where X(n, p) is the 
sum of the base-p digits of n, then it follows that 


a(n) = min p TEPE 


where the minimum is taken over the PRIMES p dividing 
n. This minimum appears to always be achieved when 
p is the GREATEST PRIME FACTOR ofn. 


The incrementally largest values of S(n) are 1, 2, 3, 4, 5, 
7, 11, 13, 17, 19, 23, 29, ... (Sloane’s A046022), which 
occur for n = 1, 2, 3, 4, 5, 7, 11, 13, 17, 19, 23, 29,..., 
i.e., the values where S(n) = n. 


Tutescu (1996) conjectures that the DIOPHANTINE — 
EQUATION S(n) = S(n + 1) has no solution. 


see also FACTORIAL, GREATEST PRIME FACTOR, PSEU- 
DOSMARANDACHE FUNCTION, SMARANDACHE CEIL 
FUNCTION, SMARANDACHE CONSTANTS, SMARAN- 
DACHE-KUREPA FUNCTION, SMARANDACHE NEAR- 
TO-PRIMORIAL FUNCTION, SMARANDACHE- WAGSTAFF 
FUNCTION 
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Kishinev, 


Smarandache-Kurepa Function 
Given the sum-of-factorials function 


Efn) = Y k!, 


SK (p) is the smallest integer for p PRIME such that 1 + 
[SK(p—1)] is divisible by p. The first few known values 
of SK(p) are 2, 4, 6, 6, 5, 7, 7, 12, 22, 16, 55, 54, 42, 
24,... for p= 2, 5, 7, 11, 17, 19, 23, 31, 37, 41, 61, 71, 
73, 89, .... The values for p = 3, 13, 29, 43, 47, 53, 67, 
79, 83, ..., if they are finite, must be very large (e.g., 
SK(3) > 100,000). 

see also PSEUDOSMARANDACHE FUNCTION, SMARAN- 
DACHE CEIL FUNCTION, SMARANDACHE FUNCTION, 
SMARANDACHE-WAGSTAFF FUNCTION, SMARANDACHE 
FUNCTION 
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Smarandache Near-to-Primorial Function 

SNTP(n) is the smallest PRIME such that p# — 1, p#, 
or p# + 1 is divisible by n, where p# is the PRIMORIAL 
of p. Ashbacher (1996) shows that SNTP(n) only exists 


1. If there are no square or higher powers in the factor- 
ization of n, or 
2. If there exists a PRIME q < p such that nl(q4 + 


1), where p is the smallest power contained in the 
factorization of n. 


Therefore, SNTP(n) does not exist for the SQUAREFUL 
numbers n = 4, 8, 9, 12, 16, 18, 20, 24, 25, 27, 28, ... 
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(Sloane's A002997) The first few values of SNTP(n), 
where defined, are 2, 2, 2, 3, 3, 3, 5,7, ... (Sloane's 
A046026). 


see also PRIMORIAL, SMARANDACHE FUNCTION 
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Smarandache Paradox 

Let A be some attribute (e.g., possible, present, per- 
fect, etc.). If all is A, then the non-A must also be A. 
For example, “All is possible, the impossible too,” and 
“Nothing is perfect, not even the perfect.” 
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Smarandache Sequences 

Smarandache sequences are any of a number of simply 
generated INTEGER SEQUENCES resembling those con- 
sidered in published works by Smarandache such as the 
CONSECUTIVE NUMBER SEQUENCES and EUCLID NUM- 
BERS (lacobescu 1997). Other Smarandache-type se- - 
quences are given below. 


1. The concatenation of n copies of the INTEGER n: 
1, 22, 333, 4444, 55555, (Sloane’s A000461; 
Marimutha 1997), 


2. The concatenation of the first n FIBONACCI NUM- 
BERS: 1, 11, 112, 1123, 11235, ... (Sloane’s A019523; 
Marimutha 1997), 


3. The smallest number that is the sum of squares of 
two distinct earlier terms: 1, 2, 5, 26, 29, 677, ... 
(Sloane's A008318, Bencze 1997), 


4. The smallest number that is the sum of squares of 
any number of distinct earlier terms: 1, 1, 2, 4, 5, 6, 
16, 17, ... (Sloane's A008319, Bencze 1997), 


5. The smallest number that is not the sum of squares 
of two distinct earlier terms: 1, 2, 3, 4, 6, 7, 8, 9, 11, 
... (Sloane’s A008320, Bencze 1997), 

6. The smallest number that is not the sum of squares 


of any number of distinct earlier terms: 1, 2, 3, 6, 7, 
8, 11, ... (Sloane's A008321, Bencze 1997), 
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10. 


11. 


12, 


13. 
14. 
15. 


16. 


17. 
18. 
19. 


20. 


21. 


22. 


Smarandache Sequences 


. The smallest number that is a sum of cubes of two 


distinct earlier terms: 1, 2, 9, 730, 737, ... (Sloane's 
A008322, Bencze 1997), 


. The smallest number that is a sum of cubes of any 


number of distinct earlier terms: 1, 1, 2, 8, 9, 512, 
513, 514, ... (Sloane's A008323, Bencze 1997), 


. The smallest number that is not a sum of cubes of | 


two of distinct earlier terms: 1, 2, 3, 4, 5, 6, 7, 8, 10, 
... (Sloane’s A008380, Bencze 1997), 


The smallest number that is not a sum of cubes of 
any number of distinct earlier terms: 1, 2, 3, 4, 5, 6, 
7, 10, 11, ... (Sloane’s A008381, Bencze 1997), 


The number of PARTITIONS of a number n = 1, 2, 

. into SQUARE NUMBERS: 1, 1, 1, 1, 2, 2, 2, 2, 3, 
4, 4, 4, 5, 6, 6, 6, 8, 9, 10, 10, 12, 13, ... (Sloane’s 
A001156, lacobescu 1997), 


The number of PARTITIONS of a number n = 1, 2, 

.. into CUBIC NUMBERS: 1, 1, 1, 1, 1, 1, 1, 1, 2, 
2, 2, 2, 2, 2, 2, 2, 3, 3, 3, 3, 3, 3, 3, ... (Sloane’s 
A003108, Iacobescu 1997), 


Two copies of the first n POSITIVE integers: 11, 1212, 
123123, 12341234, ... (Sloane’s A019524, Iacobescu 
1997), 


Numbers written in base of triangular numbers: 1, 
2, 10, 11, 12, 100, 101, 102, 110, 1000, 1001, 1002, 
... (Sloane’s A000462, lacobescu 1997), 


Numbers written in base of double factorial numbers: 
1, 10, 100, 101, 110, 200, 201, 1000, 1001, 1010, ... 
(Sloane’s A019513, Iacobescu 1997), 


Sequences starting with terms {a1, a2} which contain 
no three-term arithmetic progressions starting with 
{1,2}: 1, 2, 4, 5, 10, 11, 13, 14, 28, ... (Sloane’s 
A033155, Iacobescu 1997, Mudge 1997, Weisstein), 
Numbers of the form (n!)? + 1: 2, 5, 37, 577, 14401, 
518401, 25401601, 1625702401, 131681894401, .. 
(Sloane’s A020549, Iacobescu 1997), 


Numbers of the form (n!)* + 1: 2, 9, 217, 13825, 
1728001, 373248001, 128024064001, ... (Sloane’s 
A019514, Iacobescu 1997), 


Numbers of the form 1 + 1!2!3!---n!: 2, 3, 13, 289, 
34561, 24883201, 125411328001, 5056584744960001, 
... (Sloane’s A019515, Iacobescu 1997), 


Sequences starting with terms {a1, az) which contain 
no three-term geometric progressions starting with 
{1,2}: 1, 2, 3, 5, 6, 7, 8, 10, 11, 13, 14, 15, 16, ... 
(Sloane’s A000452, Iacobescu 1997), 

Numbers repeating the digit 1 pn times, where pn is 
the nth prime: 11, 111, 11111, 1111111, ... (Sloane's 
A031974, Iacobescu 1997). These are a subset of the 
REPUNITS, 

Integers with all 2s, 3s, 5s, and 7s (prime digits) 
removed: 1, 4, 6, 8, 9, 10, 11, 1, 1, 14, 1, 16, 1, 18, 
19, 0,... (Sloane’s A019516, Iacobescu 1997), 


23. 


24. 


20. 


26. 


27. 


28. 


29. 


30. 


31. 


32. 


33. 
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Integers with all 0s, 1s, 4s, and 9s (square digits) 
removed: 2, 3, 5, 6, 7, 8, 2, 3, 5, 6, 7, 8, 2, 2, 22, 23, 
... (Sloane’s A031976, Iacobescu 1997). 


(Smarandache-Fibonacci triples) Integers n such 
that S(n) = Sín — 1) + S(n — 2), where S(k) is the 
SMARANDACHE FUNCTION: 3, 11, 121, 4902, 26245, 
... (Sloane’s A015047; Aschbacher and Mudge 1995; 
Ibstedt 1997, pp. 19-23; Begay 1997). The largest 
known is 19,448,047,080,036, 


(Smarandache-Radu triplets) Integers n such that 
there are no primes between the smaller and larger 
of S(n) and S(n + 1): 224, 2057, 265225, ... 
(Sloane's A015048; Radu 1994/1995, Begay 1997, Ib- 
stedt 1997). The largest known is 270,329,975,921, 
205,253,634,707,051,822,848,570,391,313, 
(Smarandache crescendo sequence): Integers ob- 
tained by concatenating strings of the first n+1 inte- 
gers for n = 0, 1, 2,...: 1,1, 2,1, 2, 3, 1, 2, 3, 4,... 
(Sloane’s A002260; Brown 1997, Brown and Castillo 
1997). The nth term is given by n—m(m+1)/2+1, 
where m = |(V8n +1-— 1)/2), with |x| the FLOOR 
FUNCTION (Hamel 1997), 


(Smarandache descrescendo sequence): Integers ob- 
tained by concatenating strings of the first n inte- 
gers for n = ..., 2, 1: 1, 2, 1, 3, 2, 1, 4, 3, 2, 1, 

. (Sloane's A004736; Smarandache 1997, Brown 
1997), 


(Smarandache crescendo pyramidal sequence): Inte- 
gers obtained by concatenating strings of rising and 
falling integers: 1, 1, 2, 1, 1, 2, 3, 2, 1, 1, 2, 3, 4, 3, 
2,1,... (Sloane’s A004737; Brown 1997, Brown and 
Castillo 1997, Smarandache 1997), 


(Smarandache descrescendo pyramidal sequence): 
Integers obtained by concatenating strings of falling 
and rising integers: 1, 2, 1, 2, 3, 2, 1, 2, 3, 4, 3, 2, 1, 
2, 3, 4,... (Brown 1997), 


(Smarandache crescendo symmetric sequence): 1, 1, 
1, 2, 2, 1, 1, 2, 3, 3, 2, 1, ... (Sloane’s A004739, 
Brown 1997, Smarandache 1997), 


(Smarandache descrescendo symmetric sequence): 1, 
1, 2, 1, 1, 2, 3, 2, 1, 1, 2, 3, ... (Sloane’s A004740; 
Brown 1997, Smarandache 1997), 


(Smarandache permutation sequence): Numbers ob- 
tained by concatenating sequences of increasing 
length of increasing ODD NUMBERS and decreasing 
EVEN NUMBERS: 1, 2, 1, 3, 4, 2, 1, 3, 5, 6, 4, 2,... 
(Sloane’s A004741; Brown 1997, Brown and Castillo 
1997), 


(Smarandache pierced chain sequence): Numbers of 
the form c(n) = 1010101 for n = 0, 1, ...: 101, 


Th 
1010101, 10101010101, ... (Sloane’s A031982; Ash- 
bacher 1997). In addition, c(n)/101 contains no 
PRIMES (Ashbacher 1997), 


Smarandache Sequences 


34. (Smarandache symmetric sequence): 1, 11, 121, 
1221, 12321, 123321, ... (Sloane's A007907; Smaran- 
dache 1993, Dumitrescu and Seleacu 1994, sequence 
3; Mudge 1995), 


35. (Smarandache square-digital sequence): square 
numbers all of whose digits are also squares: 1, 4, 9, 
49, 100, 144, ... (Sloane's A019544; Mudge 1997), 


36. (Square-digits): numbers composed of digits which 
are squares: 1, 4, 9, 10, 14, 19, 40, 41, 44, 49, ... 
(Sloane’s A066030), 


37. (Smarandache square-digital sequence): square-digit 
numbers which are themselves squares: 1, 4, 9, 49, 
100, 144, ... (Sloane's A019544; Mudge 1997), 


38. (Cube-digits): numbers composed of digits which are 
cubes: 1, 4, 10, 11, 14, 40, 41, 44, 100, 101, ... 
(Sloane’s A046031), 


39. (Smarandache cube-digital sequence): cube-digit 
numbers which are themselves cubes: 1, 8, 1000, 
8000, 1000000, ... (Sloane's A019545; Mudge 1997), 


40. (Prime-digits): numbers composed of digits which 
are primes: 2, 3, 5, 7, 22, 23, 25, 27, 32, 33, 35, ... 
(Sloane's A046034), 


41. (Smarandache prime-digital sequence): prime-digit 
numbers which are themselves prime: 2, 3, 5, 7, 23, 
37,53, ... (Smith 1996, Mudge 1997). 


see also ADDITION CHAIN, CONSECUTIVE NUMBER SE- 
QUENCES, CUBIC NUMBER, EUCLID NUMBER, EVEN 
NUMBER, FIBONACCI NUMBER, INTEGER SEQUENCE, 
Opp NUMBER, PARTITION, SMARANDACHE FUNCTION, 
SQUARE NUMBER 
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Kishinev, 


Smarandache- Wagstaff Function 
Given the sum-of-FACTORIALS function 


E(n) = as 


SW (p) is the smallest integer for p PRIME such that 
[SW (p)] is divisible by p. The first few known values 
are 2, 4, 5, 12, 19, 24, 32, 19, 20, 20, 20, 7, 57, 6,... for 
p = 3, 11, 17, 23, 29, 37, 41, 43, 53, 67, 73, 79, 97, .... 
The values for 5, 7, 13, 31, ..., if they are finite, must 
be very large. 


see also FACTORIAL, SMARANDACHE FUNCTION 
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Smith Brothers 
Consecutive SMITH NUMBERS. The first two brothers 
are (728, 729) and (2964, 2965). 


see also SMITH NUMBER 


Smith Conjecture 

The set of fixed points which do not move as a knot is 
transformed into itself is not a KNOT. The conjecture 
was proved in 1978. 
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1664 Smith’s Markov Process Theorem 


Smith’s Markov Process Theorem 
Consider 


P2(yn, tlys, ts) 
= | Palon, talya, t) Pol, ta va, talya, ta) dea (1) 


If the probability distribution is governed by a MARKOV 
PROCESS, then 


P3(y1, t1; y2, tolys, ts) = Palya, telys, ts) 
= P2(y2|y3,t3 — t2). (2) 


Assuming no time dependence, so tı = 0, 
Po(yilya, ta) = | Patunloo,ta)Po(ualyos tot) don (3) 


see also MARKOV PROCESS 


Smith’s Network Theorem 

In a NETWORK with three EDGES at each VERTEX, the 
number of HAMILTONIAN CIRCUITS through a specified 
EDGE is 0 or EVEN. 


see also EDGE (GRAPH), HAMILTONIAN CIRCUIT, NET- 
WORK 


Smith Normal Form 
A form for INTEGER matrices. 


Smith Number 

A COMPOSITE NUMBER the SUM of whose DIGITS is 
the sum of the DIGITS of its PRIME factors (excluding 
1). (The PRIMES are excluded since they trivially satisfy 
this condition). One example of a Smith number is the 
BEAST NUMBER 


666 = 2-3-3- 37, 
since 
64+64+6=2+3+434(34+7) = 18. 
Another Smith number is 
4937775 = 3 - 5 - 5 - 65837, 

since 

4+9+3+7+7+7+5 =3+5+5+(6+5+8+3+7) = 42. 
The first few Smith numbers are 4, 22, 27, 58, 85, 
94, 121, 166, 202, 265, 274, 319, 346, ... (Sloane’s 
A006753). There are 360 Smith numbers less than 10* 


and 29,928 < 10%. McDaniel (1987a) showed that an 
infinite number exist. 


Smooth Number 


A generalized k-Smith number can also be defined as 
a number m satisfying Sp(m) = kS(m), where S, is 
the sum of prime factors and S is the sum of digits. 
There are 47 1-Smith numbers, 21 2-Smith numbers, 
three 3-Smith numbers, and one 7-Smith, 9-Smith, and 
14-Smith number < 1000. 


A Smith number can be constructed from every factored 
REPUNIT R,. The largest known Smith number is 


9x Ri031(10%% +3x 102297 + 1) 8 x 108913210 


see also MONICA SET, PERFECT NUMBER, REPUNIT, 
SMITH BROTHERS, SUZANNE SET 
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Smooth Manifold 

Another word for a C™ (infinitely differentiable) MAN- 
IFOLD. A smooth manifold is a TOPOLOGICAL MANI- 
FOLD together with its “functional structure” (Bredon 
1995) and so differs from a TOPOLOGICAL MANIFOLD 
because the notion of differentiability exists on it. Every 
smooth manifold is a TOPOLOGICAL MANIFOLD, but not 
necessarily vice versa. (The first nonsmooth TOPOLOG- 
ICAL MANIFOLD occurs in 4-D.) In 1959, Milnor showed 
that a 7-D HYPERSPHERE can be made into a smooth 
manifold in 28 ways. 


see also DIFFERENTIABLE MANIFOLD, HYPERSPHERE, 
MANIFOLD, TOPOLOGICAL MANIFOLD 
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Smooth Number 

An INTEGER is k-smooth if it has no PRIME FACTORS 
> k. The probability that a random POSITIVE INTEGER 
< n is k-smooth is y(n, k)/n, where y(n, k) is the num- 
ber of k-smooth numbers < n. This fact is important in 


all about crystal sets 


ANTENNA AND GROUND 


A simple crystal set depends upon the strength of the 
radio waves received by the antenna to produce audio in 
the earphones. If you live in a strong signal area (a 
nearby radio transmitter), a crystal set can produce loud 
audio in earphones with only an inside antenna. But in 
lower signal areas, a good outside antenna with a ground 
connection is required. 


ANTENNA 


INSULATOR 


LEAD-IN 


If you are fortunate enough to be able to put up an 
outside antenna, the basic rule of thumb is the higher, 
the better reception. Check your local electronics store 
for an antenna kit. You can construct an antenna using a 
glass or plastic insulator at each end of a length of 
copper wire (insulated or bare). Make the antenna as long 
as possible. It does not have to be in a straight line to 
work. 


CAUTION 


ANTENNA INSTALLATION 
NEAR ELECTRICAL POWER 
LINES IS DANGEROUS. 


Make sure that your antenna 
is far enough away from any 
power line, so that it will 
not touch a wire if it falls. 


Connect a length of insulated wire between the end of the 
antenna and your crystal set antenna terminal. This 
antenna lead-in wire can be fed into your house through a 
window. 
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Smooth Surface 


application of Kraitchik’s extension of FERMAT’S FAC- 
TORIZATION METHOD because it is related to the num- 
ber of random numbers which must be examined to find 
a suitable subset whose product is a square. 


Since about Tr(k) k-smooth numbers must be found 
(where m(k) is the PRIME COUNTING FUNCTION), the 
number of random numbers which must be examined 
is about m(k)n/y(n,k). But because it takes about 
m(k) steps to determine if a number is k-smooth using 
TRIAL DIVISION, the expected number of steps needed 
to find a subset of numbers whose product is a square 
is ~ [1(k)|°n/w(n, k) (Pomerance 1996). Canfield et al. 
(1983) showed that this function is minimized when 


k ~ exp(¢VinnInInn) 
and that the minimum value is about 


exp(2vlnnlnlnn). 


In the CONTINUED FRACTION FACTORIZATION ALGO- 
RITHM, n can be taken as 2,/n, but in FERMAT’S FAC- 
TORIZATION METHOD, it is n'/?+*. k is an estimate 
for the largest PRIME in the FACTOR BASE (Pomerance 
1996). 
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Smooth Surface 
A surface PARAMETERIZED in variables u and v is called 
smooth if the TANGENT VECTORS in the u and v direc- 
tions satisfy 

Ta x Te £0, 


where A x B is a CROSS PRODUCT. 


Snake 

A simple circuit in the d-HYPERCUBE which has no 
chords (i.e., for which all snake edges are edges of the 
HYPERCUBE). Klee (1970) asked for the maximum 
length s(d) of a d-snake. Klee (1970) gave the bounds 


1—12-..27¢ 


7 s(d) 
24 2 Wd(d—1)? +? (1) 


1 
O A 

4(d-1) — 2 
for d > 6 (Danzer and Klee 1967, Douglas 1969), as well 
as numerous references. Abbott and Katchalski (1988) 


show 
s(d) > 77.2%, (2) 


Snake Polyiamond 1665 
and Snevily (1994) showed that 
s(a) < 2971 (1 T (3) 
for n < 12, and conjectured 
s(d) <3.27*+42 (4) 


for n < 5. The first few values for s(d) for d=1,2,..., 
are 2, 4, 6, 8, 14, 26, ... (Sloane's A000937). 


see also HYPERCUBE 
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Snake Eyes 

A roll of two 1s (the lowest roll possible) on a pair of 
six-sided DICE. The probability of rolling snake eyes is 
1/36, or 2.777...%. 


see also BOXCARS 


Snake Oil Method 

The expansion of the two sides of a sum equality in terms 
of POLYNOMIALS in 2” and y*, followed by closed form 
summation in terms of x and y. For an example of the 
technique, see Bloom (1995). 
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Snake Polyiamond 


A 6-POLYIAMOND. 
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1666 Snedecor’s F-Distribution 


Snedecor’s F-Distribution 

If a random variable X has a CHI-SQUARED DISTRIBU- 
TION with m degrees of freedom (ym*) and a random 
variable Y has a CHI-SQUARED DISTRIBUTION with n 
degrees of freedom (xn*), and X and Y are independent, 
then — 


F= == (1) 


is distributed as Snedecor’s F'-distribution with m and 
n degrees of freedom 


(2) 


m/2 Fim—2)/2 
f(F(m,n)) = E =) ) 


I 
(ra 


for 0 < F < oo. The MOMENTS about 0 are 


H1 = — (3) 
n*(m + 2) 

H2 = m(n — 2)(n—4) 4 
» na? (m+ 2)(m+ 4) 

H3 = m2(n — Din — 4)(n — 6) (5) | 

pl, = _ni(m + 2)(m+4)(m+6) _ (6) 


m3(n — 2)(n — 4)(n — 6)(n — 8)’ 
so the MOMENTS about the MEAN are given by 


_ 2n?(m+n-— 2) 
Ha = mín — 2)*(n — 4) (7) 
_ 8n(m+n-— 2)(2m +n- 2) 
an 0) o 
B 12n*(m +n — 2) mn 
H = amn n gln on LO O 


where 


= mn? + 4n? + mên + 8mn — 16n 
+10m* — 20m + 16, (10) 


g(m,n) 


and the MEAN, VARIANCE, SKEWNESS, and KURTOSIS 
are 


, n 
w= hi = 273 (11) 
2 2n*(m + n — 2) 
=> AAA 12 
7 = nmn- AnA) (12) 
H3 2(n—4) 2m+n-2 

n= GS m(m+n-2) n-6 (13) 
— Ha 
2 = 473 

12h(m, n) 


where 


h(m,n) = n? + 5mn* — 8n? + 5mn — 32mn 
+20n — 22m? + 44m — 16. (15) 


Snub Cube 


Letting 
w= —G (16) 


gives a BETA DISTRIBUTION. 


see also BETA DISTRIBUTION, CHI-SQUARED DISTRIBU- 
TION, STUDENT’S t-DISTRIBUTION 
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Snellius-Pothenot Problem 

A SURVEYING PROBLEM which asks: Determine the po- 
sition of an unknown accessible point P by its bearings 
from three inaccessible known points A, B, and C. 


see also SURVEYING PROBLEMS 
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Snowflake 


see EXTERIOR SNOWFLAKE, KOCH ANTISNOWFLAKE, 
KOCH SNOWFLAKE, PENTAFLAKE 


Snub Cube 


An ARCHIMEDEAN SOLID also called the SNUB CUB- 
OCTAHEDRON whose VERTICES are the 24 points on the 
surface of a SPHERE for which the smallest distance be- 
tween any two is as great as possible. It has two ENAN- 
TIOMERS, and its DUAL POLYHEDRON is the PENTAG- 
ONAL ICOSITETRAHEDRON. It has SCHLAFLI SYMBOL 
s( 3). It is also UNIFORM POLYHEDRON Uj2 and has 
WYTHOFF SYMBOL |234. Its faces are 32{3} + 6{4}. 


Snub Cuboctahedron 


The INRADIUS, MIDRADIUS, and CIRCUMRADIUS for 
a = l are 


r = 1.157661791... 
p = 1.247223168... 


2 — 
R= 1,/2 82 t4 _ 1 3437133737446..., 
2 V z2? -5r+4 


where 
x = (19 + 3733)”, 


and the exact expressions for r and p can be computed 
using 


see also SNUB DODECAHEDRON 
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Snub Cuboctahedron 
see SNUB CUBE 


Snub Disphenoid 


One of the convex DELTAHEDRA also known as the 
SIAMESE DODECAHEDRON. It is JOHNSON SOLID J84. 


(0, 1, 23) 


(0, -1, z3) 


x,0,2) Y (xo, 0, 29) 


(0, -A9, Z2) 


Snub Dodecadodecahedron 1667 


The coordinates of the VERTICES may be found by solv- 
ing the set of four equations 


1 +r: +2 =4 
(£2 — 1) + (23 — 21) = 4 
za + (z3 -z2) =4 


To + a + (z2 — 21)* =4 


for the four unknowns #2, 21, z2, and 23. Numerically, 


z2 = 1.28917 
zı = 1.15674 
z2 = 1.97898 
zg = 3.13572. 


The analytic solution requires solving the CUBIC EQUA- 
TION and gives 


z2 = 1 -7:271 -iv3)a* — l. 2713 (1 + iv3)a 
zı = 4 . 271? [—48 + 66(1 + iV3) + 8’ (1 — iv3) 
+ 1478y( V3 — i) + 42843 + 08, 
where 


a = (12iv237 — 54)! 
B = 31/3 (2i V237 — 9)*/* 
y = (9i + 24237)”. 


Snub Dodecadodecahedron 


The UNIFORM POLYHEDRON U49 whose DUAL POLY- 
HEDRON is the MEDIAL PENTAGONAL HEXECONTAHE- 
DRON. It has WYTHOFF SYMBOL |225. Its faces are 
12{2} + 6013) + 12{5}. It has CIRCUMRADIUS for a = 1 
of 

R = 1.27443994. 


see also SNUB CUBE 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, p. 139, 
1987. 

Coxeter, H. S. M.; Longuet-Higgins, M. S.; and Miller, 
J. C. P. “Uniform Polyhedra.” Phil. Trans. Roy. Soc. Lon- 
don Ser. A 246, 401-450, 1954. 

Wenninger, M. J. Polyhedron Models. Cambridge, England: 
Cambridge University Press, pp. 174-176, 1971. 


1668 Snub Dodecahedron 


Snub Dodecahedron 


An ARCHIMEDEAN SOLID, also called the SNUB Icos- 
IDODECAHEDRON, whose DUAL POLYHEDRON is the 
PENTAGONAL HEXECONTAHEDRON. It has SCHLAFLI 
SYMBOL s{?}. It is also UNIFORM POLYHEDRON Ung 
and has WYTHOFF SYMBOL |235. Its faces are 80{3}+ 
12{5}. For a = 1, it has INRADIUS, MIDRADIUS, and 


CIRCUMRADIUS 


r = 2.039873155... 
p = 2.097053835... 


1 {8+ 22/3 — 162 + 21/3? 


— 2 V 8.22/73 — 102 + 21/32 
= 2.15583737511564..., 


where 
1/3 
x= (49 + 275 + 3V6v/'93 + 49V5 | , 


and the exact expressions for r and p can be computed 
using 
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Snub Icosidodecadodecahedron 


Sociable Numbers 


The UNIFORM POLYHEDRON Uas whose DUAL POLY- 
HEDRON is the MEDIAL HEXAGONAL HEXECONTAHE- 
DRON. It has WYTHOFF SYMBOL |3 5 5. Its faces are 
12(5) +80(3) + 12(5). It has CIRCUMRADIUS for a = 1 


of 
R- 1 /24/3 — 14g + 22/3 72 
— 2 V 24/3 — 8p + 22/3g2 
= 1.12689791279994... 
where 
x = (25 + 369)". 
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Snub Icosidodecahedron 
see SNUB DODECAHEDRON 


Snub Polyhedron 
A polyhedron with extra triangular faces, given by the 
SCHLAFLI SYMBOL s{? }. 


see also RHOMBIC POLYHEDRON, TRUNCATED POLYHE- 
DRON 


Snub Square Antiprism 
see JOHNSON SOLID 


Soap Bubble 
see BUBBLE 


Soccer Ball 
see TRUNCATED ICOSAHEDRON 


Sociable Numbers 

Numbers which result in a periodic ALIQUOT SE- 
QUENCE. If the period is 1, the number is called a PER- 
FECT NUMBER. If the period is 2, the two numbers are 
called an AMICABLE PAIR. If the period is t > 3, the 
number is called sociable of order t. Only two sociable 
numbers were known prior to 1970, the sets of orders 
5 and 28 discovered by Poulet (1918). In 1970, Cohen 
discovered nine groups of order 4. 


The table below summarizes the number of sociable cy- 
cles known as given in the compilation by Moews (1995). 


0 
38 
1 


2 
2 
1 
1 


Social Choice Theory 


see also ALIQUOT SEQUENCE, PERFECT NUMBER, UNI- 
TARY SOCIABLE NUMBERS 


References 

Beeler, M.; Gosper, R. W.; and Schroeppel, R. HAKMEM. 
Cambridge, MA: MIT Artificial Intelligence Laboratory, 
Memo AIM-239, Item 61, Feb. 1972. 

Borho, W. “Uber die Fixpunkte der k-fach iterierten Teil- 
erersummenfunktion.” Mitt. Math. Gesellsch. Hamburg 9, 
34-48, 1969. 

Cohen, H. “On Amicable and Sociable Numbers.” Math. 
Comput. 24, 423-429, 1970. 

Devitt, J. S.; Guy, R. K.; and Selfridge, J. L. Third Report on 
Aliquot Sequences, Congr. Numer. XVIII, Proc. 6th Man- 
itoba Conf. Numerical Math, pp. 177-204, 1976. 

Flammenkamp, A. “New Sociable Numbers.” Math. Com- 
put. 56, 871-873, 1991. 

Gardner, M. “Perfect, Amicable, Sociable.” Ch. 12 in Math- 
ematical Magic Show: More Puzzles, Games, Diversions, 
Illusions and Other Mathematical Sleight-of-Mind from 
Scientific American. New York: Vintage, pp. 160-171, 
1978. 

Guy, R. K. “Aliquot Cycles or Sociable Numbers.” §B7 in 
Unsolved Problems in Number Theory, 2nd ed. New York: 
Springer-Verlag, pp. 62-63, 1994. 

Madachy, J. S. Madachy’s Mathematical Recreations. New 
York: Dover, pp. 145-146, 1979. 

Moews, D. and Moews, P. C. “A Search for Aliquot Cycles 
Below 101°.” Math. Comput. 57, 849-855, 1991. 

Moews, D. and Moews, P. C. “A Search for Aliquot Cycles 
and Amicable Pairs.” Math. Comput. 61, 935-938, 1993. 

Moews, D. “A List of Aliquot Cycles of Length Greater than 
2.” Rev. Dec. 18, 1995. http://xraysgi.ims.uconn.edu: 
8080/sociable. txt. 

Poulet, P. Question 4865. L’interméd. des Math. 25, 100- 
101, 1918. 

te Riele, H. J. J. “Perfect Numbers and Aliquot Sequences.” 
In Computational Methods in Number Theory, Part I. 
(Eds. H. W. Lenstra Jr. and R. Tijdeman). Amsterdam, 
Netherlands: Mathematisch Centrum, pp. 141-157, 1982. 

e Weisstein, E. W. “Sociable and Amicable Num- 
bers.” http: //www.astro.virginia. edu/~eww6n/math/ 
notebooks/Sociable.m. 


Social Choice Theory 

The theory of analyzing a decision between a collection 
of alternatives made by a collection of n voters with sep- 
arate opinions. Any choice for the entire group should 
reflect the desires of the individual voters to the extent 
possible. 


Fair choice procedures usually satisfy ANONYMITY (in- 
variance under permutation of voters), DUALITY (each 
alternative receives equal weight for a single vote), and 
MONOTONICITY (a change favorable for X does not hurt 
X). Simple majority vote is anonymous, dual, and 
monotone. MAY’S THEOREM states a stronger result. 


see also ANONYMOUS, DUAL VOTING, MaAy’s THEO- 
REM, MONOTONIC VOTING, VOTING 
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Soddy Circles 1669 


Socrates? Paradox 
Socrates is reported to have stated: “One thing I know 
is that I know nothing.” 


see also LIAR’S PARADOX 
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Soddy Circles 


Given three distinct points A, B, and C, let three CIR- 
CLES be drawn, one centered about each point and each 
one tangent to the other two. Call the RADII r; (r3 = a’, 
ri = b', r2 =c’). Then the CIRCLES satisfy 


a +b =c (1) 
a +c =b (2) 
b +e =a, (3) 


as shown in the diagram below. 


C 
-——_——— —— 
Solving for the RADII then gives 
a’ = F(b+c-a) (4) 
b = 5(a+c—b) (5) 
c = $(a+b-c). (6) 


The above TRIANGLE has sides a, b, and c, and 
SEMIPERIMETER 


s=t(at+b+c). (7) 
Plugging in, 


2s = (a +0)+(a +e) + (b +c) =2(a' +b +c’), (8) 


1670 Soddy Circles 


glving 
a+b+c=s. (9) 
In addition, 
a=b +e =a +b +e -a =s—a. (10) 


Switching a and a’ to opposite sides of the equation and 
noting that the above argument applies equally well to 
b' and c’ then gives 


a =s-a (11) 
‘=s—b (12) 
c=s-—e. (13) 


As can be seen from the first figure, there exist exactly 
two nonintersecting CIRCLES which are TANGENT to all 
three CIRCLES. These are called the inner and outer 
Soddy circles (S and S”, respectively), and their centers 
are called the inner and outer SODDY POINTS. 


The inner Soddy circle is the solution to the FOUR 
COINS PROBLEM. The center S of the inner Soddy cir- 
cle is the EQUAL DETOUR POINT, and the center of 
the outer Soddy circle S” is the ISOPERIMETRIC POINT 
(Kimberling 1994). 


Frederick Soddy (1936) gave the FORMULA for finding 
the RADII of the Soddy circles (r4) given the RADII r; 
(i = 1, 2, 3) of the other three. The relationship is 


Ma d+e + e37 +47) = (e1 ten +e tea)’, (14) 


where €; = Ek; = +1/r; are the so-called BENDS, de- 
fined as the signed CURVATURES of the CIRCLES. If the 
contacts are all external, the signs are all taken as Pos- 
ITIVE, whereas if one circle surrounds the other three, 
the sign of this circle is taken as NEGATIVE (Coxeter 
1969). Using the QUADRATIC FORMULA to solve for €a, 
expressing in terms of radii instead of curvatures, and 
simplifying gives 
rž — P1P2P3 l 
rara + rilr2 +73) + 24/rirers(ri +r2 +13) 
(15) 
Here, the NEGATIVE solution corresponds to the outer 
Soddy circle and the POSITIVE one to the inner Soddy 
circle. 


This FORMULA is called the DESCARTES CIRCLE THE- 
OREM since it was known to Descartes. However, Soddy 
also extended it to SPHERES. Gosper has further ex- 
tended the result to n + 2 mutually tangent n-D Hy- 
PERSPHERES, whose CURVATURES satisfy 


-nX k? = 0. (16) 


2 


Soddy’s Hexlet 


Solving for kn+1 gives 


yn Ki) —(n-1) Y, Ki? + Oe Ki 
Kna+1 = . 
n-—l 
(17) 
For (at least) n = 2 and 3, the RADICAL equals 
f(n) V koki’: Kn, (18) 


where V is the CONTENT of the SIMPLEX whose vertices 
are the centers of the n+ 1 independent HYPERSPHERES. 
The RADICAND can also become NEGATIVE, yielding an 
IMAGINARY Kn41. For n = 3, this corresponds to a 
sphere touching three large bowling balls and a small 
BB, all mutually tangent, which is an impossibility. 


Bellew has derived a generalization applicable to a CIR- 
CLE surrounded by n CIRCLES which are, in turn, cir- 
cumscribed by another CIRCLE. The relationship is 


rn 


[n(en — 1)” + 1] ` Ki +n(3nc,* —2n— 6)cn (Cn — 1)? = 


files = ap nte P+ Ds 
4+nen(en — 1)(nen” + (3 — n)en — 4D), (19) 
where 
Cn = CSC (=) , (20) 


For n = 3, this simplifies to the Soddy formula. 


see also APOLLONIUS CIRCLES, APOLLONIUS? PROB- 
LEM, ÁRBELOS, BEND (CURVATURE), CIRCUMCIRCLE, 
DESCARTES CIRCLE THEOREM, FOUR COINS PROB- 
LEM, HART'S THEOREM, PAPPUS CHAIN, SPHERE 
PACKING, STEINER CHAIN 
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Soddy’s Hexlet 
see HEXLET 


Soddy Line 


Soddy Line 

A LINE on which the INCENTER J, GERGONNE POINT 
Ge, and inner and outer SODDY POINTS S and S” lie 
(the latter two of which are the EQUAL DETOUR POINT 
and the ISOPERIMETRIC POINT). The Soddy line can be 
given parametrically by 


I+AGe, 


where À is a parameter. It is also given by 


dF -e)a =0, 


where cyclic permutations of d, e, and f are taken and 
the sum is over TRILINEAR COORDINATES a, f, and y. 
A Center 


outer Griffiths point Gr’ 


—4 
—2 outer Oldknow point Ol’ 
-$ outer Rigby point Rr’ 
—1 outer Soddy center S' 

O incenter I 

1 inner Soddy center S 

3 inner Rigby point Ri 

2 inner Oldknow point Ol 

4 inner Griffiths point Gr 
oo Gergonne point 


S', I, S, and Ge are COLLINEAR and form a HARMONIC 
RANGE (Vandeghen 1964, Oldknow 1996). There are a 
total of 22 HARMONIC RANGES for sets of four points 
out of these 10 (Oldknow 1996). 


The Soddy line intersects the EULER LINE in the DE 
LONGCHAMPS POINT, and the GERGONNE LINE in the 
FLETCHER POINT. 


see also DE LONGCHAMPS POINT, EULER LINE, 
FLETCHER POINT, GERGONNE POINT, GRIFFITHS 
POINTS, HARMONIC RANGE, INCENTER, OLDKNOW 
POINTS, RIGBY POINTS, SODDY POINTS 


References 

Oldknow, A. “The Euler-Gergonne-Soddy Triangle of a Tri- 
angle.” Amer. Math. Monthly 103, 319-329, 1996. 

Vandeghen, A. “Soddy’s Circles and the De Longchamps 
Point of a Triangle.” Amer. Math. Monthly 71, 176-179, 
1964. 


Soddy Points 

Given three mutually tangent CIRCLES, there exist ex- 
actly two nonintersecting CIRCLES TANGENT to all three 
CIRCLES. These are called the inner and outer SODDY 
CIRCLES, and their centers are called the inner and outer 
Soddy points. The outer Soddy circle is the solution to 
the FOUR COINS PROBLEM. The center S of the inner 
Soddy circle is the EQUAL DETOUR POINT, and the cen- 
ter of the outer Soddy circle S” is the ISOPERIMETRIC 
POINT (Kimberling 1994). 


see also EQUAL DETOUR POINT, ISOPERIMETRIC 
POINT, SODDY CIRCLES 
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Sofa Constant 
see MOVING SOFA CONSTANT 


Sol Geometry 

The GEOMETRY of the LIE GROUP R SEMIDIRECT 
PRODUCT with R*, where R acts on R? by (t, (z,y)) > 
(ex, e *y). 

see also THURSTON'S GEOMETRIZATION CONJECTURE 


Soldner’s Constant 
Consider the following formulation of the PRIME NUM- 
BER THEOREM, 


m ” dt 
IA 


where u(m) is the MOBIUS FUNCTION and c (some- 
times also denoted u) is Soldner’s constant. Ramanujan 
found c = 1.45136380... (Hardy 1969, Le Lionnais 1983, 
Berndt 1994). Soldner (cited in Nielsen 1965) derived 
the correct value of c as 1.4513692346..., where c is the 


root of 
l-e dt % dt 
L(x) = im f — +) — 
e>0 Jo Int lie Int 


(Le Lionnais 1983). 
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Solenoidal Field 

A solenoidal VECTOR FIELD satisfies 

V-B=0 (1) 


for every VECTOR B, where V-B is the DIVERGENCE. If 
this condition is satisfied, there exists a vector A, known 
as the VECTOR POTENTIAL, such that 


B=Vx A, (2) 
where V x A is the CURL. This follows from the vector 


identity 
V.B=V-(VxA)=0. (3) 


If A is an IRROTATIONAL FIELD, then 
A xr (4) 
is solenoidal. If u and v are irrotational, then 


u Xv (5) 


1672 Solid 


is solenoidal. The quantity 
(Vu) x (Vv), (6) 


where Vu is the GRADIENT, is always solenoidal. For a 
function @ satisfying LAPLACE’S EQUATION 


V*o=0, (7) 


it follows that Vó is solenoidal (and also IRROTA- 
TIONAL). 


see also BELTRAMI FIELD, CURL, DIVERGENCE, DIVER- 
GENCELESS FIELD, GRADIENT, IRROTATIONAL FIELD, 
LAPLACE’S EQUATION, VECTOR FIELD 
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Solid 

A closed 3-D figure (which may, according to some ter- 
minology conventions, be self-intersecting). Among the 
simplest solids are the SPHERE, CUBE, CONE, CYLIN- 
DER, and more generally, the POLYHEDRA. 


see also APPLE, ARCHIMEDEAN ‘SOLID, CATALAN 
SOLID, CONE, CORK PLUG, CUBE, CUBOCTAHE- 
DRON, CYLINDER, CYLINDRICAL HOOF, CYLINDRICAL 
WEDGE, DODECAHEDRON, GEODESIC DOME, GREAT 
DODECAHEDRON, GREAT ICOSAHEDRON, GREAT 
RHOMBICOSIDODECAHEDRON (ARCHIMEDEAN), GREAT 
RHOMBICUBOCTAHEDRON (ARCHIMEDEAN), GREAT 
STELLATED DODECAHEDRON, ICOSAHEDRON, ICOSI- 
DODECAHEDRON, JOHNSON SOLID, KEPLER-POINSOT 
SOLID, LEMON, MOBIUS STRIP, OCTAHEDRON, PLA- 
TONIC SOLID, POLYHEDRON, PSEUDOSPHERE, 
RHOMBICOSIDODECAHEDRON, RHOMBICUBOCTAHE- 
DRON, SMALL STELLATED DODECAHEDRON, SNUB 


CUBE, SNUB DODECAHEDRON, SOLID OF REVOLUTION, . 


SPHERE, STEINMETZ SOLID, STELLA OCTANGULA, 
SURFACE, TETRAHEDRON, TORUS, ‘TRUNCATED CUBE, 
TRUNCATED DODECAHEDRON, TRUNCATED ICOSAHE- 
DRON, TRUNCATED OCTAHEDRON, TRUNCATED TET- 
RAHEDRON, UNIFORM POLYHEDRON, WULFF SHAPE 


Solid Angle 

Defined as the SURFACE AREA Q of a UNIT SPHERE 
which is subtended by a given object S. Writing the 
SPHERICAL COORDINATES as @ for the COLATITUDE 
(angle from the pole) and 0 for the LONGITUDE (az- 
imuth), 


Q= Aprojected — Jj sin @ dé de. 
5 


Solid angle is measured in STERADIANS, and the solid 
angle corresponding to all of space being subtended is 
47 STERADIANS. 


see also SPHERE, STERADIAN 


Solid of Revolution 


Solid Geometry 

That portion of GEOMETRY dealing with SOLIDS, as op- 
posed to PLANE GEOMETRY. Solid geometry is con- 
cerned with POLYHEDRA, SPHERES, 3-D SOLIDS, lines 
in 3-space, PLANES, and so on. 


see also GEOMETRY, PLANE GEOMETRY, SPHERICAL 
GEOMETRY 
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Solid Partition 

Solid partitions are generalizations of PLANE PARTI- 
TIONS. MacMohan (1960) conjectured the GENERATING 
FUNCTION for the number of solid partitions was 


1 
(= GIG ahaa A 


but this was subsequently shown to disagree at n = 6 
(Atkin et al. 1967). Knuth (1970) extended the tabula- 
tion of values, but was unable to find a correct generat- 
ing function. The first few values are 1, 4, 10, 26, 59, 
140, ... (Sloane’s A000293). 
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Solid of Revolution 

To find the VOLUME of a solid of rotation by adding up 
a sequence of thin cylindrical shells, consider a region 
bounded above by y = f(x), below by y = g(x), on the 
left by the LINE x = a, and on the right by the LINE 
z = b. When the region is rotated about the y-AXIS, 
the resulting VOLUME is given by 


Vaan faite) alo) az 


Solidus 


To find the volume of a solid of rotation by adding up 
a sequence of thin flat disks, consider a region bounded 
above by y = f(x), below by y = g(x), on the left by the 
LINE zx = a, and on the right by the LINE æ = b. When 
the region is rotated about the z-AxXIS, the resulting 
VOLUME is 


van | AHE - lale} a 
b 
see also SURFACE OF REVOLUTION, VOLUME 


Solidus 

The diagonal slash “/” used to denote DIVISION for in- 
line equations such as a/b, 1/(x — 1)?, etc. The solidus 
is also called a DIAGONAL. 


see also DIVISION, OBELUS 


Solitary Number 

A number which does not have any FRIENDS. Solitary 
numbers include all PRIMES and POWERS of PRIMES. 
More generally, numbers for which (n,o(n)) = 1 are 
solitary, where (a,b) is the GREATEST COMMON DIVI- 
SOR of a and b and a(n) is the DIVISOR FUNCTION. The 
first few solitary numbers are 1, 2, 3, 4, 5, 7, 8, 9, 11, 
13, 16, 17, 19, 21, ... (Sloane's A014567). 


see also FRIEND 
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Soliton 
A stable isolated (i.e., solitary) traveling wave solution 
to a set of equations. 


see also LAX PAIR, SINE-GORDON EQUATION 
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Solomon’s Seal Knot 
The (5,2) TORUS KNOT 05001 with BRAID WORD 91”. 


Solomon’s Seal Lines 

The 27 REAL or IMAGINARY straight LINES which lie 
on the general CUBIC SURFACE and the 45 triple tan- 
gent PLANES to the surface. All are related to the 28 
BITANGENTS of the general QUARTIC CURVE. 


Schoutte (1910) showed that the 27 lines can be put into 
a ONE-TO-ONE correspondence with the vertices of a 
particular POLYTOPE in 6-D space in such a manner that 
all incidence relations between the lines are mirrored in 
the connectivity of the POLYTOPE and conversely (Du 
Val 1931). A similar correspondence can be made be- 
tween the 28 bitangents and a 7-D POLYTOPE (Coxeter 
1928) and between the tritangent planes of the canoni- 
cal curve of genus four and an 8-D POLYTOPE (Du Val 
1933). 


see also BRIANCHON’S THEOREM, CUBIC SURFACE, 
DOUBLE SIXES, PASCAL’S THEOREM, QUARTIC SUR- 
FACE, STEINER SET 
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Solomon’s Seal Polygon 
see HEXAGRAM 


Solvable Congruence 
A CONGRUENCE that has a solution. 


Solvable Group 

A solvable group is a group whose composition indices 
are all PRIME NUMBERS. Equivalently, a solvable is a 
GROUP having a “normal series” such that each “nor- 
mal factor” is ABELIAN. The term solvable derives from 
this type of group’s relationship to GALOIS’S THEOREM, 
namely that the SYMMETRIC GROUP Sn is insoluble for 
n > 5 while it is solvable for n = 1, 2, 3, and 4. Asa 
result, the POLYNOMIAL equations of degree > 5 are not 
solvable using finite additions, multiplications, divisions, 
and root extractions. 


1674 Solvable Lie Group 


Every FINITE GROUP of order < 60, every ABELIAN 
GROUP, and every SUBGROUP of a solvable group is solv- 
able. 


see also ABELIAN GROUP, COMPOSITION SERIES, GA- 
LOIS’S THEOREM, SYMMETRIC GROUP 
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Solvable Lie Group 

The connected closed SUBGROUPS (up to an ISOMOR- 
PHISM) of COMPLEX MATRICES that are closed under 
conjugate transpose and have a discrete finite center. 
Examples include SPECIAL LINEAR GROUPS, SYMPLEC- 
TIC GROUPS, and certain isometry groups of QUADRA- 
TIC FORMS. 


see also LIE GROUP 
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Soma Cube 


A solid DISSECTION puzzle invented by Piet Hein during 
a lecture on Quantum Mechanics by Werner Heisenberg. 
There are seven soma pieces composed of all the irregular 
face-joined cubes (POLYCUBES) with < 4 cubes. The 
object is to assemble the pieces into a CUBE. There are 
240 essentially distinct ways of doing so (Beeler et al. 
1972, Berlekamp et al. 1982), as first enumerated one 
rainy afternoon in 1961 by J. H. Conway and Mike Guy. 


A commercial version of the cube colors the pieces black, 
green, orange, white, red, and blue. When the 48 sym- 
metries of the cube, three ways of assembling the black 
piece, and 2% ways of assembling the green, orange, 
white, red, and blue pieces are counted, the total num- 
ber of solutions rises to 1,105,920. 


see also CUBE DISSECTION, POLYCUBE 


References 

Albers, D. J. and Alexanderson, G. L. (Eds.). Mathematical 
People: Profiles and Interviews. Boston, MA: Birkhauser, 
p. 43, 1985. 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, pp. 112- 
113, 1987. 

Beeler, M.; Gosper, R. W.; and Schroeppel, R. HAKMEM. 
Cambridge, MA: MIT Artificial Intelligence Laboratory, 
Memo AIM-239, Item 112, Feb. 1972. 


Somos Sequence 


Berlekamp, E. R.; Conway, J. H.; and Guy, R. K. Ch. 24 
in Winning Ways, For Your Mathematical Plays, Vol. 2: 
Games in Particular. London: Academic Press, 1982. 

Cundy, H. and Rollett, A. Mathematical Models, 8rd ed. 
Stradbroke, England: Tarquin Pub., pp. 203-205, 1989. 

Gardner, M. Ch. 6 in The Second Scientific American Book 
of Mathematical Puzzles & Diversions: A New Selection. 
New York: Simon and Schuster, pp. 65-77, 1961. 

Steinhaus, H. Mathematical Snapshots, 3rd American ed. 
New York: Oxford University Press, pp. 168-169, 1983. 


Somer-Lucas Pseudoprime 

An ODD COMPOSITE NUMBER N is called a Somer- 
Lucas d-pseudoprime (with d > 1) if there EXISTS a 
nondegenerate LUCAS SEQUENCE U(P, Q) with Uo = 0, 
Us = 1, D = P? — 4Q, such that (N,D) = 1 and 
the rank appearance of N in the sequence U(P, Q) is 
(1/a)(N — (D/N)), where (D/N) denotes the JACOBI 
SYMBOL. 


see also LUCAS SEQUENCE, PSEUDOPRIME 
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Sommerfeld’s Formula 
There are (at least) two equations known as Sommer- 
feld’s formula. The first is 


27 —H+i 
IA — 1 Gia izcost iv({t—w/2) dt 
a = a e e j 


n+ioo 
where J,(z) is a BESSEL FUNCTION OF THE FIRST 
KIND. The second states that under appropriate re- 
strictions, 


a —|zfĘ le k2 TdT O eV? 
Jo(rrje n. 
Via” Mr 


see also WEYRICH’S FORMULA 
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Somos Sequence 


The Somos sequences are a set of related symmetrical 
RECURRENCE RELATIONS which, surprisingly, always 
give integers. The Somos sequence of order k is defined 


by 
| /2 
at Un—jAn—(k-—j) 
Ln = ———— ¿<p 
n-k 


the crystal detector 


If you can not erect an outside antenna, run a length of 
insulated wire as long and high as possible through your 
house or apartment, It will work, but not as well as an 
outside antenna because of the shielding affect of the 
house walls. : 


Connect a ground lead to a cold water pipe. Make sure 
that it is a metal pipe. Or, you can buy a ground rod 
from your local electrical supply store and drive it into 
the ground near your house, Then connect your crystal set 
ground lead to the rod. For safety install a lightening 
arrestor between the antenna lead and ground (see the 
instructions with the device). 


HEADPHONES 


Headphones (also called earphones, or headset) are 
required to hear the received audio from a crystal set, 
The standard headphones are made with dual coils of fine 
wire connected in series in each phone, Horseshoe magnets 
are built into each phone case to provide a magnetic 
field. A disk of thin sheet iron (diaphragm) is mounted 
near the top of the coils. The phones are connected in 
series with a set of flexible leads terminated in metal 
"phone tips”. 


Detected audio signals flow through the coils and affect 
the intensity of the magnetic field from the horseshoe 
magnet. This changes the magnetic attraction of the 
diaphragm, and causes it to vibrate and produce audible 
sounds. 


The total resistance of the series headphone coils is 
used as a measure of audio sensitivity. A resistance of 
2000 ohms is sufficient. More sensitive headphones have a 
resistance of over 5000 ohms and are used to hear very 
weak signals. 


The 2000 ohm headphones can be obtained at electronic 
parts mail order houses, 
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Sondat’s Theorem 


where |x] is the FLOOR FUNCTION and a; = 1 for 7 = 0, 
...,k—1. The 2- and 3-Somos sequences consist entirely 
of 1s. The k-Somos sequences for k = 4, 5, 6, and 7 are 


2 
Qn-1An—3 + An-2 
On =o ee 


an—-4 
An—14n-4 + Gn—20n-3 
tn = > 2 IOKÁ 
Un—5 
1 2 
ün = [an-1än-5 + Qn—24n—4 + An-3 | 
Un—6 
1 
an = [an-1An—6 + An-24n-5 + dn—34n-a], 
An—7 


giving 1, 1, 1, 2, 3, 7, 23, 59, 314, 1529, ... (Sloane’s 
A006720), 1, 1, 1, 1, 2, 3, 5, 11, 37, 83, 274, 1217, ... 
(Sloane’s A006721), 1, 1, 1, 1, 1, 3, 5, 9, 23, 75, 421, 
1103, ... (Sloane’s A006722), 1, 1, 1, 1, 1, 1, 3, 5, 9, 
17, 41, 137, 769, ... (Sloane's A006723). Gale (1991) 
gives simple proofs of the integer-only property of the 
4-Somos and 5-Somos sequences. Hickerson proved 6- 
Somos generates only integers using computer algebra, 
and empirical evidence suggests 7-Somos is also integer- 
only. 


However, the k-Somcs sequences for k > 8 do not give 
integers. The values of n for which a, first becomes 
nonintegral for the k-Somos sequence for k = 8, 9, ... 
are 17, 19, 20, 22, 24, 27, 28, 30, 33, 34, 36, 39, 41, 42, 
44, 46, 48, 51, 52, 55, 56, 58, 60,... (Sloane’s A030127). 
see also GOBEL’S SEQUENCE, HERONIAN TRIANGLE 
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Sondat’s Theorem 
The PERSPECTIVE AXIS bisects the line joining the two 
ORTHOCENTERS. 


see also ORTHOCENTER, PERSPECTIVE AXIS 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, p. 259, 1929. 


Sonine’s Integral 


Jm (2) 


1 
22” n+1 2\m—n—1 
= € Ooo TTY Jn t t 1 ~~ t y 
PT J (zt) CO dt 


where Jm(x) is a BESSEL FUNCTION OF THE FIRST 
KIND and [(z) is the GAMMA FUNCTION. 


see also HANKEL'S INTEGRAL, POISSON INTEGRAL 


Sophie Germain Prime 1675 


Sonine Polynomial 
A polynomial which differs from the associated LA- 
GUERRE POLYNOMIAL by only a normalization constant, 


s 1 z_—r de “2 e (-1 r r 
S (x) = Ai © das (e T + ) = A rts ) 
ee L E O 
= sUr+s)0! (s-—1)!(r +s- 1)! 
pr? 
+ 


(r—DUr+s-2)H21 U 


1 —fr41)/2 2/2 
= Sres ( )/ e / Wo+r/2+1/2,7/2(0), 


where We m(2) is a WHITTAKER FUNCTION. 


see also LAGUERRE POLYNOMIAL, WHITTAKER FUNC- 
TION 


Sonine-Schafheitlin Formula 


/ 7 J,,(at) Jv (bt)t~* dt 


B a"T[(u +v — à+ 1)/2] 
© 2Abe-AHID|(—u +v +A +1)/2]T (p + 1) 
x 2Fı((u+v — à+ 1)/2, (p= v — à +1)/2; u + 1;a°/b°), 


where Riu +v — à +1] > 0, RÍA > -1,0 <a < 
b, Jo (x) is a BESSEL FUNCTION OF THE FIRST KIND, 
T(x) is the GAMMA FUNCTION, and 2F1(a,b;c;x) is a 
HYPERGEOMETRIC FUNCTION. 
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Sophie Germain Prime 

A PRIME pis said to be a Sophie Germain prime if both 
p and 2p +1 are PRIME. The first few Sophie Germain 
primes are 2, 3, 5, 11, 23, 29, 41, 53, 83, 89, 113, 131, 
... (Sloane's A005384). 


Around 1825, Sophie Germain proved that the first case 
of FERMAT’S LAST THEOREM is true for such primes, 
i.e., if p is a Sophie Germain prime, there do not exist 
INTEGERS zg, y, and z different from 0 and not multiples 
of p such that 


cP + y? = 2”. 


Sophie Germain primes p of the form p = k- 2” — 
1 (which makes 2p + 1 a PRIME) are COMPOSITE 
MERSENNE NUMBERS. Since the largest known COM- 
POSITE MERSENNE NUMBER is M, with p = 39051 x 
29001 _ 1, pis the largest known Sophie Germain prime. 


see also CUNNINGHAM CHAIN, FERMAT’S LAST THEO- 
REM, MERSENNE NUMBER, TWIN PRIMES 
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Sorites Paradox 

Sorites paradoxes are a class of paradoxical arguments 
also known as little-by-little arguments. The name 
“Sorites” derives from the Greek word soros, meaning 
“pile” or “heap”. Sorites paradoxes are exemplified by 
the problem that a single grain of wheat does not com- 
prise a heap, nor do two grains of wheat, three grains 
of wheat, etc. However, at some point, the collection 
of grains becomes large enough to be called a heap, but 
there is apparently no definite point where this occurs. 


see also UNEXPECTED HANGING PARADOX 


Sort-Then-Add Sequence 

A sequence produced by sorting the digits of a number 
and adding them to the previous number. The algorithm 
terminates when a sorted number is obtained. For n = 
1, 2,..., the algorithm terminates on 1, 2, 3, 4, 5, 6, 7, 
8, 9, 11, 11, 12, 13, 14, 15, 16, 17, 18, 19, 22, 33, ... 
(Sloane’s A033862). The first few numbers not known 
to terminate are 316, 452, 697, 1376, 2743, 5090, ... 
(Sloane’s A033861). The least numbers of sort-then-add 
persistence n = 1, 2,..., are 1, 10, 65, 64, 175, 98, 240, 
325, 302, 387, 198, 180, 550, ... (Sloane’s A033863). 


see also 196-ALGORITHM, RATS SEQUENCE 
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Sorting 

Sorting is the rearrangement of numbers (or other or- 
derable objects) in a list into their correct lexographic 
order. Alphabetization is therefore a form of sorting. 
Because of the extreme importance of sorting in almost 
all database applications, a great deal of effort has been 
expended in the creation and analysis of efficient sorting 
algorithms. 


see also HEAPSORT, ORDERING, QUICKSORT 
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Space 


Source 
SOUFCE 


sink 
A vertex of a DIRECTED GRAPH with no entering edges. 


see also DIRECTED GRAPH, NETWORK, SINK (DI- 
RECTED GRAPH) 


Sous-Double 

A MULTIPERFECT NUMBER P3. Six sous-doubles are 
known, and these are believed to comprise all sous- 
doubles. 


see also MULTIPERFECT NUMBER, SOUS- TRIPLE 


Souslin’s Hypothesis 

Every dense linear order complete set without endpoints 
having at most w disjoint intervals is order isomorphic 
to the CONTINUUM of REAL NUMBERS, where w is the 
set of NATURAL NUMBERS. 
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Souslin Set 
The continuous image of a POLISH SPACE, also called 
an ANALYTIC SET. 


see also ANALYTIC SET, POLISH SPACE 


Sous-Triple 

A MULTIPERFECT NUMBER P4. 36 sous-triples are 
known, and these are believed to comprise all sous- 
triples. 


see also MULTIPERFECT NUMBER, SOUS-DOUBLE 


Space 

The concept of a space is an extremely general and im- 
portant mathematical construct. Members of the space 
obey certain addition properties. Spaces which have 
been investigated and found to be of interest are usually 
named after one or more of their investigators. This 
practice unfortunately leads to names which give very 
little insight into the relevant properties of a given space. 


One of the most general type of mathematical spaces is 
the TOPOLOGICAL SPACE. 


see also AFFINE SPACE, BAIRE SPACE, BANACH 
SPACE, BASE SPACE, BERGMAN SPACE, BESOV SPACE, 
BOREL SPACE, CALABI- YAU SPACE, CELLULAR SPACE, 
CHU SPACE, DODECAHEDRAL SPACE, DRINFELD’S 
SYMMETRIC SPACE, EILENBERG-MAC LANE SPACE, 
EUCLIDEAN SPACE, FIBER SPACE, FINSLER SPACE, 


Space of Closed Paths 


FIRST-COUNTABLE SPACE, FRÉCHET SPACE, FUNC- 
TION SPACE, G-SPACE, GREEN SPACE, HAUSDORFF 
SPACE, HEISENBERG SPACE, HILBERT SPACE, HY- 
PERBOLIC SPACE, INNER PRODUCT SPACE, [2-SPACE, 
LENS SPACE, LINE SPACE, LINEAR SPACE, LIOU- 
VILLE SPACE, LOCALLY CONVEX SPACE, LOCALLY FI- 
NITE SPACE, LOOP SPACE, MAPPING SPACE, MEASURE 
SPACE, METRIC SPACE, MINKOWSKI SPACE, MUNTZ 
SPACE, NON-EUCLIDEAN GEOMETRY, NORMED SPACE, 
PARACOMPACT SPACE, PLANAR SPACE, POLISH SPACE, 
PROBABILITY SPACE, PROJECTIVE SPACE, QUOTIENT 
SPACE, RIEMANN’S MODULI SPACE, RIEMANN SPACE, 
SAMPLE SPACE, STANDARD SPACE, STATE SPACE, 
STONE SPACE, TEICHMULLER SPACE, TENSOR SPACE, 
TOPOLOGICAL SPACE, TOPOLOGICAL VECTOR SPACE, 
TOTAL SPACE, VECTOR SPACE 


Space of Closed Paths 
see LOOP SPACE 


Space Conic 
see SKEW CONIC 


Space Curve 

A curve which may pass through any region of 3-D space, 
as contrasted to a PLANE CURVE which must lie in a 
single PLANE. Von Staudt (1847) classified space curves 
geometrically by considering the curve 


p:1=>R (1) 


at to = 0 and assuming that the parametric functions 
@;(t) for i = 1, 2, 3 are given by POWER SERIES which 
converge for small t. If the curve is contained in no 
PLANE for small ¢, then a coordinate transformation 
puts the parametric equations in the normal form 


a(t) =T +... (2) 
palt) = Ptt 4 (3) 
a(t) = trr t hatha 4 (4) 


for integers ki, ke, k3 > 0, called the local numerical 
invariants. 


see also CURVE, CYCLIDE, FUNDAMENTAL THEOREM 
OF SPACE CURVES, HELIX, PLANE CURVE, SEIFERT’S 
SPHERICAL SPIRAL, SKEW CONIC, SPACE-FILLING 
FUNCTION, SPHERICAL SPIRAL, SURFACE, VIVIANI’S 
CURVE 
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Space Diagonal | 

The LINE SEGMENT connecting opposite VERTICES (i.e., 
two VERTICES which do not share a common face) in a 
PARALLELEPIPED or other similar solid. 


see also DIAGONAL (POLYGON), DIAGONAL (POLYHE- 
DRON), EULER BRICK 


Space Distance 

The maximum distance in 3-D can occur no more than 
2n — 2 times. Also, there exists a fixed number c such 
that no distance determined by a set of n points in 3- 
D space occurs more than cn®/? times. The maximum 
distance can occur no more than | in? | times in 4-D, 


4 
where |x| is the FLOOR FUNCTION. 
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Space Division 
The number of regions into which space can be divided 
by n SPHERES is 

N= En(n — 3n +8), 
giving 2, 4, 8, 16, 30, 52, 84, ... (Sloane’s A046127). 
see also PLANE DIVISION 
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Space-Filling Curve 
see SPACE-FILLING FUNCTION 


Space-Filling Function 

A “CURVE” (i.e., a continuous map of a 1-D INTERVAL) 
into a 2-D area (a PLANE-FILLING FUNCTION) or a 3-D 
volume. 

see also HILBERT CURVE, PEANO CURVE, PEANO- 


GOSPER CURVE, PLANE-FILLING CURVE, SIERPINSKI 
CURVE, SPACE-FILLING POLYHEDRON 
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Space-Filling Polyhedron 

A space-filling polyhedron is a POLYHEDRON which can 
be used to generate a TESSELLATION of space. There 
exists one 16-sided space-filling POLYHEDRON, but it 
is unknown if this is the unique 16-sided space-filler. 
The CUBE, RHOMBIC DODECAHEDRON, and TRUN- 
CATED OCTAHEDRON are space-fillers, as are the ELON- 
GATED DODECAHEDRON and hexagonal PRISM. These 
five solids are all “primary” PARALLELOHEDRA (Coxeter 
1973). 


P. Schmitt discovered a nonconvex aperiodic polyhedral 
space-filler around 1990, and a convex POLYHEDRON 
known as the SCHMITT-CONWAY BIPRISM which fills 
space only aperiodically was found by J. H. Conway in 
1993 (Eppstein). 


see also CUBE, ELONGATED DODECAHEDRON, 
KELLER’S CONJECTURE, PARALLELOHEDRON, PRISM, 
RHOMBIC DODECAHEDRON, SCHMITT-CONWAY BI- 
PRISM, TESSELLATION, TILING, TRUNCATED OCTAHE- 
DRON 
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Space Groups 

The space groups in 2-D are called WALLPAPER 
GROUPS. In 3-D, the space groups are the symmetry 
GROUPS possible in a crystal lattice with the translation 
symmetry element. There are 230 space groups in RË, 
although 11 are MIRROR IMAGES of each other. They 
are listed by HERMANN-MAUGUIN SYMBOL in Cotton 
(1990). 


see also HERMANN-MAUGUIN SYMBOL, LATTICE 
GROUPS, POINT GROUPS, WALLPAPER GROUPS 


Sparse Matrix 
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Span (Geometry) 
The largest possible distance between two points for a 
finite set of points. 


see also JUNG’S THEOREM 


Span (Link) 

The span of an unoriented LINK diagram (also called 
the SPREAD) is the difference between the highest and 
lowest degrees of its BRACKET POLYNOMIAL. The span 
is a topological invariant of a knot. If a KNOT K has a 
reduced alternating projection of n crossings, then the 
span of K is 4n. 


see also LINK 


Span (Polynomial) 
The difference between the highest and lowest degrees 
of a POLYNOMIAL. 


Span (Set) 
For a SET $, the span is defined by max S — min S, where 
max is the MAXIMUM and min is the MINIMUM. 
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Span (Vectors) 
The span of SUBSPACE generated by VECTORS vı and 
va E Vis 


Span(vi, v2) = {rvi + sv2:r,s E R}. 
Sparse Matrix 


A MATRIX which has only a small number of NONZERO 
elements. 
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Spearman Rank Correlation 


Spearman Rank Correlation 
The Spearman rank correlation is defined by 


rr O 


The VARIANCE, KURTOSIS, and higher order MOMENTS 
are 


1 
2 rae 
o Voi (2) 
114 6 
E 35N 5N? (3) 
Vg = Sare =O, (4) 


Student was the first to obtain the VARIANCE. The 
Spearman rank correlation is an R-ESTIMATE. 
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Special Curve 
see PLANE CURVE, SPACE CURVE 


Special Function 
see FUNCTION 


Special Linear Group 

The special linear group S£, (q) is the MATRIX GROUP 
corresponding to the set of n x n COMPLEX MATRI- 
CES having DETERMINANT +1. It is a SUBGROUP of 
the GENERAL LINEAR GROUP G£,(q) and is also a LIE 
GROUP. 


see also GENERAL LINEAR GROUP, SPECIAL ORTHOG- 
ONAL GROUP, SPECIAL UNITARY GROUP 
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Special Matrix 
A matrix whose entries satisfy 


0 ifj >1+1 
a= sh 1 if j=i+1 
Oorl ifj<i. 


There are 2”7* special MINIMAL MATRICES of size nxn. 
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Special Orthogonal Group 

The special orthogonal group SO,(q) is the SUBGROUP 
of the elements of GENERAL ORTHOGONAL GROUP 
GOn(q) with DETERMINANT 1. 


see also GENERAL ORTHOGONAL GROUP, SPECIAL LIN- 
EAR GROUP, SPECIAL UNITARY GROUP 
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Special Point 
A POINT which does not lie on at least one ORDINARY 
LINE. 


see also ORDINARY POINT 
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Special Series Theorem 

If the difference between the order and the dimension of 
a series is less than the GENUS (CURVE), then the series 
is special. 


References 
Coolidge, J. L. A Treatise on Algebraic Plane Curves. New 
York: Dover, p. 253, 1959. 


Special Unitary Group 

The special unitary group SU,n(q) is the set of n x n 
UNITARY MATRICES with DETERMINANT +1 (having 
n? — 1 independent parameters). SU(2) is HOMEOMOR- 
PHIC with the ORTHOGONAL GROUP Oj (2). It is also 
called the UNITARY UNIMODULAR GROUP and is a LIE 
GROUP. The special unitary group can be represented 
by the MATRIX 


U(a,b) = E 4 l (1) 


where a*a + b*b = 1 and a,b are the CAYLEY-KLEIN 
PARAMETERS. The special unitary group may also be 
represented by the MATRIX 


es e si 
U(é,n,¢) = Eo aA (2) 


t sinn e”*cosn 


or the matrices 


1 cos( 56) isin(50) 
Us (50) Prev, cos(56) | (3) 
1 cos( 3/3) sin( +3) 
Uy (58) ie | sin(58) a] (4) 
tE 
U- (E) = k En (5) 
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The order 2j + 1 representation is 


Upa” (a, B, y) 


1)" 9" P 


-YEV VU tpU- PG toG a 
7 7 (j-p-m) (j +q- m)! (m +p- q)!m! 


x eI cos’) I~ P—2™ (1 pg) sin? tT? 7(2 Bj, (6) 


The summation is terminated by putting 1/(—N)! = 0. 
The CHARACTER is given by 


Da) = 1+2cosa+...+2cos(ja) 

X NI A 2[cos(la) + cos(3a) +... + cos(ja)] 
entitle 
Slot Pel for 7 = 0,1,2,... 

_ sin( ya) (7) 
Sint ra e j=1,3 

sin( 30) apa 


see also ORTHOGONAL GROUP, SPECIAL LINEAR 
GROUP, SPECIAL ORTHOGONAL GROUP 
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Species 
A species of structures is a rule F which 
1. Produces, for each finite set U, a finite set F[U], 


2. Produces, for each bijection ø : U > V, a function 
Flo] : F[U] > F{V]. 


The functions Flo] should further satisfy the following 
functorial properties: 


1. For all bijections a : U — V and Tr: V > W, 
F|r oo| = Flr] o Fle], 
2. For the IDENTITY MAP Idy : U > U, 


F[ld] = Id . 
U F[U] 


An element ø € FÍU] is called an F-structure on U (or 
a structure of species F on U). The function Flo] is 
called the transport of F-structures along o. 
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Spectral Rigidity 


Specificity 
The probability that a STATISTICAL TEST will be nega- 
tive for a negative statistic. 


see also SENSITIVITY, STATISTICAL TEST, TYPE I ER- 
ROR, TYPE II ERROR 


Spectral Norm 

The NATURAL NORM induced by the L2-NORM. Let 
A! be the ADJOINT of the SQUARE MATRIX A, so that 
A! = azi, then 


||Alj2 = (maximum eigenvalue of AA)? 


— max ||Ax||2 
ltellazo |[x|]o 


see also L2-NORM, MATRIX NORM 
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Spectral Power Density 
2 


3 


P = ji 2 T/2  —2mivt 
(v) = lim 5 [y(t) — gle dt 


so 


00 1 T/2 
J P,(v)dv = lim Fi [y(t) — yl? dt 
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see also POWER SPECTRUM 


Spectral Radius 
Let A be ann x n MATRIX with COMPLEX or REAL ele- 
ments with EIGENVALUES Ai, ..., An. Then the spectral 
radius p(A) of A is 


p(A) = max |A;!. 


1<ic<n 


References 

Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, pp. 1115-1116, 1979. 


Spectral Rigidity 


The mean square deviation of the best local fit straight 
line to a staircase cumulative spectral density over a 
normalized energy scale. 
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Spectral Theorem 


Spectral Theorem 

Let H be a HILBERT SPACE, B(H) the set of BOUNDED 
linear operators from H to itself, and o(T') the SPEC- 
TRUM of T. Then if T € B(H) and T is normal, there 
exists a unique resolution of the identity E on the Borel 
subsets of o(T') which satisfies 


T = int AdE(A). 
o(T) 


Furthermore, every projection E(w) COMMUTES with 
every S € B(H) which COMMUTES with T. 
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Spectrum (Operator) 

Let T be an OPERATOR on a HILBERT SPACE. The 
spectrum o(T) of T is the set of A such that (T — AT) 
is not invertible on all of the HILBERT SPACE, where 
the As are COMPLEX NUMBERS and / is the IDENTITY 
OPERATOR. The definition can also be stated in terms 
of the resolvent of an operator 


p(T) = {A: (T — AI) is invertible}, 


and then the spectrum is defined to be the complement 
of p(T) in the COMPLEX PLANE. The reason for doing 
this is that it is easy to demonstrate that p(T) is an 
OPEN SET, which shows that the spectrum is closed. 


see also HILBERT SPACE 


Spectrum Sequence 

A spectrum sequence is a SEQUENCE formed by succes- 
sive multiples of a REAL NUMBER a rounded down to 
the nearest INTEGER Sn = |na]. If a is IRRATIONAL, 
the spectrum is called a BEATTY SEQUENCE. 


see also BEATTY SEQUENCE, LAGRANGE SPECTRUM, 
MARKOV SPECTRUM 


Speed 
The SCALAR |v| equal to the magnitude of the VELOC- 
ITY v. 


see also ANGULAR VELOCITY, VELOCITY 


Spence’s Function 
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see also SPENCE’S INTEGRAL 
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Spence’s Integral 


F(z) = Lia(1—2) = | n= 1) 


dt, 


t 


where Liz(x) is the DILOGARITHM. 
see also SPENCE’S FUNCTION 


Spencer’s 15-Point Moving Average 

A MOVING AVERAGE using 15 points having weights —3, 
—6, —5, 3, 21, 46, 67, 74, 67, 46, 21, 3, —5, —6, and —3. 
It is sometimes used by actuaries. 

see also MOVING AVERAGE 
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Sperner’s Theorem 

The MAXIMUM CARDINALITY of a collection of SUBSETS 
of a t-element SET T, none of which contains another, 
is the BINOMIAL COEFFICIENT (¿2 ,), where |æ] is the 
FLOOR FUNCTION. 


see also CARDINALITY 


Sphenocorona 
see JOHNSON SOLID 


Sphenoid 
see DISPHENOID 


Sphenomegacorona 
see JOHNSON SOLID 


Sphere 


1682 Sphere 


A sphere is defined as the set of all points in R? which 
are a distance r (the “RADIUS”) from a given point (the 
“CENTER”). Twice the RADIUS is called the DIAMETER, 
and pairs of points on opposite sides of a DIAMETER are 
called ANTIPODES. The term “sphere” technically refers 
to the outer surface of a “BUBBLE,” which is denoted S”. 
However, in common usage, the word sphere is also used 
to mean the UNION of a sphere and its INTERIOR (a 
“solid sphere”), where the INTERIOR is called a BALL. 
The SURFACE AREA of the sphere and VOLUME of the 
BALL of RADIUS r are given by 


S = 4nr? (1) 

V = inr? (2) 
(Beyer 1987, p. 130). In On the Sphere and Cylinder 
(ca. 225 BC), Archimedes became the first to derive 
these equations (although he expressed m in terms of 
the sphere’s circular cross-section). The fact that 


Vsphere 


=2 (3) 


ARES 


sphere 2 


Veircumscribed cylinder 


was also known to Archimedes. 


Any cross-section through a sphere is a CIRCLE (or, in 
the degenerate case where the slicing PLANE is tangent 
to the sphere, a point). The size of the CIRCLE is maxi- 
mized when the PLANE defining the cross-section passes 
through a DIAMETER. 


The equation of a sphere of RADIUS r is given in CARTE- 
SIAN COORDINATES by 


ety +22 =r’, (4) 


which is a special case of the ELLIPSOID 


and SPHEROID 


e+ y ZO (6) 


A sphere may also be specified in SPHERICAL COORDI- 
NATES by 


xz = pcos sin ġ (7) 
y = psin f sin ġ (8) 
z = pcos, (9) 


where @ is an azimuthal coordinate running from 0 to 27 
(LONGITUDE), ¢ is a polar coordinate running from 0 to 
mw (COLATITUDE), and p is the RADIUS. Note that there 
are several other notations sometimes used in which the 
symbols for 9 and ¢ are interchanged or where r is used 
instead of p. If p is allowed to run from 0 to a given 


Sphere 


RADIUS r, then a solid BALL is obtained. Converting 
to “standard” parametric variables a = p, u = @, and 
v = @ gives the first FUNDAMENTAL FORMS 


E = asin? v (10) 
F=0 (11) 
G =a, (12) 


second FUNDAMENTAL FORMS 


e = a° sin’ v (13) 

f=0 (14) 

g= a”, (15) 
AREA ELEMENT 

dA = asinv, (16) 


GAUSSIAN CURVATURE 


1 
and MEAN CURVATURE 
1 
H ==, 1 
- (18) 


A sphere may also be represented parametrically by let- 
ting u = r COS), so 


£ = yr — u? cos (19) 
y = yr? — u? sind (20) 


z=u, (21) 


where @ runs from 0 to 27 and u runs from —r tor. 


Given two points on a sphere, the shortest path on 
the surface of the sphere which connects them (the 
SPHERE GEODESIC) is an ARC of a CIRCLE known as a 
GREAT CIRCLE. The equation of the sphere with points 
(£1, Y1, 21) and (z2, Y2, 22) lying on a DIAMETER is given 


(x — 21)(@ — x2) + (y —y1)(y — y2) + (z — 21) (2 — 22) = 0. 
(22) 


Four points are sufficient to uniquely define a sphere. 
Given the points (xi, yi, zi) with 1: = 1, 2, 3, and 4, the 
sphere containing them is given by the beautiful DE- 
TERMINANT equation 


a? + y? + 2? T Y 2 
gi? + yi? + 21° 
2 2 2 
T2 + ya” + 22 
x3? + ya? + 23? Ta Y3 23 
Lai + ya? + 24° Ta Ya Z4 


(23) 
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(Beyer 1987, p. 210). 


Sphere 


The generalization of a sphere in n dimensions is called a 
HYPERSPHERE. An n-D HYPERSPHERE can be specified 
by the equation 


ty? tae? +... ten =r’. (24) 


The distribution of ANGLES for random rotation of a 
sphere is 


P(@) = = sin*(30) (25) 
giving a MEAN of 1/2 + 2/n. 
To pick a random point on the surface of a sphere, let u 
and v be random variates on [0, 1]. Then 

6 = 2ru (26) 

o= cos” *(2u - 1). (27) 


This works since the SOLID ANGLE is 
dQ = sin $ dé de = dé d(cos @). (28) 


Another easy way to pick a random point on a SPHERE 
is to generate three gaussian random variables z, y, and 
z. Then the distribution of the vectors 


1 T 
-e |Y (29) 
q rtty tz lis 


is uniform over the surface S*. Another method is to 
pick z from a UNIFORM DISTRIBUTION over [—1,1] and 
0 from a UNIFORM DISTRIBUTION over {0,27). Then 
the points 


~i — 22 sinó 


z 


y1 — z? cos 0 
| | (30) 


are uniformly distributed over S”. 


Pick four points on a sphere. What is the probability 
that the TETRAHEDRON having these points as VER- 
TICES contains the CENTER of the sphere? In the 1-D 
case, the probability that a second point is on the oppo- 
site side of 1/2 is 1/2. In the 2-D case, pick two points. 
In order for the third to form a TRIANGLE containing 
the CENTER, it must lie in the quadrant bisected by a 
LINE SEGMENT passing through the center of the CIR- 
CLE and the bisector of the two points. This happens 
for one QUADRANT, so the probability is 1/4. Similarly, 
for a sphere the probability is one OCTANT, or 1/8. 


Pick two points at random on a unit sphere. The first 
one can be assigned the coordinate (0, 0, 1) without 
loss of generality. The second point can be given the 
coordinates (sing,0cos@) with @ = 0 since all points 
with the same ¢ are rotationally identical. The distance 
between the two points is then 


r= y sin? $ + (1 —cos¢)? = 1/2 — cos¢ = 2sin($¢). 


(31) 


Sphere 1683 
Because the surface AREA element is 
dQ = sin ¢ dé do, (32) 


the probability that two points are a distance r apart is 


S f, êlo- r)sing do 
f sin $ do 


= ż s ¿[r — 2sin(30)] sin 6 de. (33) 
o 


P(r) 


The DELTA FUNCTION contributes when 
ir =sin(34) (34) 


o = 2sin™ (4r), (35) 


P(r) = 4 sin[2sin~*(4r)] = sin(sin”*(2r)] cos(sin”*(£r)] 
= 17,/1- (4r)? = iry4—r?. (36) 


However, we need 


P,(r) dr = Par) dr, (37) 
and 
idr = 5 cos( 50) dọ = 34/1 = sin? (4e) do 
= $4/1— (Sr)? dọ = į V4- r’ dọ (38) 
SO ae. 5 = 
dr `~ Vår?’ 
and 


| 2 
= L — p2 = ł 
P(r) = ¿ry4-"r ao sT (40) 
for r € [0,2]. Somewhat surprisingly, the largest dis- 
tances are the most common, contrary to most people’s 
intuition. A plot of 15 random lines is shown below. 


1684 Sphere-Cylinder Intersection 


The MOMENTS about zero are 


, 2 9n+1 
= (r”) = ” dr = 41 
m= j rasi 
giving the first few as 
1 = 3 (42) 
a = 2 (43) 
py = E (44) 
u4 = 2. (45) 
Moments about the MEAN are 
p= 5 (46) 
pa =0=¿ (47) 
La =—335 (48) 
H4 = a, (49) 
so the SKEWNESS and KURTOSIS are 
y = V2 (50) 
y =Ë, (51) 


see also BALL, BING’S THEOREM, BUBBLE, CIR- 
CLE, DANDELIN SPHERES, DIAMETER, ELLIPSOID, 
EXOTIC SPHERE, FEJES TOTH’S PROBLEM, HY- 
PERSPHERE, LIEBMANN’S THEOREM, LIOUVILLE’S 
SPHERE-PRESERVING THEOREM, MIKUSIŃSKI’S PROB- 
LEM, NOISE SPHERE, OBLATE SPHEROID, OSCULAT- 
ING SPHERE, PARALLELIZABLE, PROLATE SPHEROID, 
RADIUS, SPACE DIVISION, SPHERE PACKING, TENNIS 
BALL THEOREM 
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Sphere-Cylinder Intersection 
see CYLINDER-SPHERE INTERSECTION 


Sphere Embedding 
A 4-sphere has POSITIVE CURVATURE, with 


R =r +y t? tw (1) 
dx dy dz 
22— + 2y— + 2z— + 2w = 0. 2 
ho aw E y T= (2) 
Since 
r = IX + yy +22, (3) 
dw = cot Y dy dz _ _ r - dr (4) 


w Re _ rp 


Sphere Eversion 


To stay on the surface of the sphere, 
ds” = dz? + dy" + dz? + dw” 
r° dy? 
R? r? 
dr? 
= dr’ + r? dQ? + —— 
Bi 


= dz? + dy? + dz? + 


2 
= 7 +r’ d’. (5) 


With the addition of the so-called expansion parameter, 
this is the Robertson-Walker line element. 


Sphere Eversion 

Smale (1958) proved that it is mathematically possible 
to turn a SPHERE inside-out without introducing a sharp 
crease at any point. This means there is a regular homo- 
topy from the standard embedding of the 2-SPHERE in 
EUCLIDEAN 3-space to the mirror-reflection embedding 
such that at every stage in the homotopy, the sphere is 
being IMMERSED in EUCLIDEAN SPACE. This result is 
so counterintuitive and the proof so technical that the 
result remained controversial for a number of years. 


In 1961, Arnold Shapiro devised an explicit eversion but 
did not publicize it. Phillips (1966) heard of the result 
and, in trying to reproduce it, actually devised an inde- 
pendent method of his own. Yet another eversion was 
devised by Morin, which became the basis for the movie 
by Max (1977). Morin’s eversion also produced explicit 
algebraic equations describing the process. The origi- 
nal method of Shapiro was subsequently published by 
Francis and Morin (1979). 


see also EVERSION, SPHERE 
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SIMPLE RECEIVER PROJECTS 


SIMPLE CRYSTAL SET 


Look at the schematic diagram. The crystal set uses a 
tunable ferrite coil Ll, and a crystal diode Dl. This 
type of tuning coil is called a "loopstick". The ferrite 
core is screwed into the coil form and increases the 
inductance of L1, thus tuning the receiver to a lower 
frequency. 


CONSTRUCTION 


As shown in the illustration, the crystal set components 
are mounted on a 5 1/2-inch by 2 1/2-inch by 3/4-inch 
wood base. Layout and install the crystal set parts in 
the locations shown. The loopstick L1, is mounted with a 
metal strip supplied with it. Push the snap-in end of Ll 
into the large hole of the metal strip. Then bend 
1/2-inch of the other end of the strip to form a bracket 
and mount it on the base with a wood screw. If the metal 
strip is not available, make one out of sheet metal 
approximately 2-inches long by 1/2-inch wide. Then drill 
a hole to fit Ll at one end, and a small hole to fit a 
wood screw at the other end. 


Mount the four fahnestock clips and solder lugs with wood 
screws in the locations shown in: the illustration. 


WIRING 


Use hookup wire to connect the crystal set components as 
shown in the schematic and illustration. The loopstick Li 
may have three terminals. One of the terminals isa tap, 
which is not used in this circuit. Make sure that you 
connect only to the terminals at the start and end of the 
loopstick coil. 
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Sphere Geodesic 


Sphere Geodesic 
see GREAT CIRCLE 


Sphere Packing 

Let 7 denote the PACKING DENSITY, which is the frac- 
tion of a VOLUME filled by identical packed SPHERES. 
In 2-D (CIRCLE PACKING), there are two periodic pack- 
ings for identical CIRCLES: square lattice and hexagonal 
lattice. Fejes Tóth (1940) proved that the hexagonal lat- 
tice is indeed the densest of all possible plane packings 
(Conway and Sloane 1993, pp. 8-9). 


In 3-D, there are three periodic packings for identical 
spheres: cubic lattice, face-centered cubic lattice, and 
hexagonal lattice. It was hypothesized by Kepler in 1611 
that close packing (cubic or hexagonal) is the densest 
possible (has the greatest 7), and this assertion is known 
as the KEPLER CONJECTURE. The problem of finding 
the densest packing of spheres (not necessarily periodic) 
is therefore known as the KEPLER PROBLEM. The KE- 
PLER CONJECTURE is intuitively obvious, but the proof 
still remains elusive. However, Gauss (1831) did prove 
that the face-centered cubic is the densest lattice pack- 
ing in 3-D (Conway and Sloane 1993, p. 9). This result 
has since been extended to HYPERSPHERE PACKING. 


In 3-D, face-centered cubic close packing and hexagonal 
close packing (which is distinct from hexagonal lattice), 
both give 
= 
= —— = 74.048%. 1 
132 0 (1) 


For packings in 3-D, C. A. Rogers (1958) showed that 
n < V18(cos”* 4 — dm) = 77.96355700% (2) 


(Le Lionnais 1983). This was subsequently improved to 
77.844% (Lindsey 1986), then 77.836% (Muder 1988). 
However, Rogers (1958) remarks that “many mathe- 
maticians believe, and all physicists know” that the ac- 
tual answer is 74.05% (Conway and Sloane 1993, p. 3). 


“Random” close packing in 3-D gives only 7 ~ 64% 
(Jaeger and Nagel 1992). 


The PACKING DENSITIES for several packing types are 
summarized in the following table. 


7 (exact) [a (approx) 


square lattice (2-D) 


hexagonal lattice (2-D) 
cubic lattice 
hexagonal lattice 


face-centered cubic lattice 


random 
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For cubic close packing, pack six SPHERES together in 
the shape of an EQUILATERAL TRIANGLE and place an- 
other SPHERE on top to create a TRIANGULAR PYRA- 
MID. Now create another such grouping of seven 
SPHERES and place the two PYRAMIDS together facing 
in opposite directions. A CUBE emerges. Consider a 
face of the CUBE, illustrated below. 


The “unit cell” cube contains eight 1/8-spheres (one at 
each VERTEX) and six HEMISPHERES. The total VOL- 
UME of SPHERES in the unit cell is 


4r 
Vepherss in unit cell = (8 5 + 6 2) 7 3 
Ar 
Ga gee (3) 


The diagonal of the face is 4r, so each side is 2/2r. The 
VOLUME of the unit cell is therefore 


Vonit cell = (242 r)’ = 1642 po. (4) 
The PACKING DENSITY is therefore 
16 qr? T 


== 6) 


(Conway and Sloane 1993, p. 2). 


Hexagonal close packing must give the same values, since 
sliding one sheet of SPHERES cannot affect the volume 
they occupy. To verify this, construct a 3-D diagram 
containing a hexagonal unit cell with three layers. Both 
the top and the bottom contain six 1/6-SPHERES and 
one HEMISPHERE. The total number of spheres in these 
two rows is therefore 


2(65 +15) =3. (6) 


The VOLUME of SPHERES in the middle row cannot be 
simply computed using geometry. However, symmetry 
requires that the piece of the SPHERE which is cut off 
is exactly balanced by an extra piece on the other side. 
There are therefore three SPHERES in the middle layer, 
for a total of six, and a total VOLUME 


j | 
Vspheres in unit cell = 6 : E +3) = Brr”. (7) 
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The base of the HEXAGON is made up of 6 EQUILATERAL 
TRIANGLES with side lengths 2r. The unit cell base 
AREA is therefore 


Aunit cen = 6[2(2r)(V3r)] = 6V3r”. (8) 


The height is the same as that of two TETRAHEDRA 
length 2r on a side, so 


2 
hunit cell — 2 ME > (9) 


8rr? T 


nuce = A = IA (10) 


(6/3 12) (ar JZ) 3v2 


(Conway and Sloane 1993, pp. 7 and 9). 


giving 


If we had actually wanted to compute the VOLUME of 
SPHERE inside and outside the HEXAGONAL PRISM, we 
could use the SPHERICAL CAP equation to obtain 


Ve = kmh’ (3r — h) = TOE (3 = =] 
l 3 V3\ 4 
= 97" (3 o S| = mr’ (9 1/3) 11) 
Vo = nr? [3 — 37(9- V3)] = ¿yr (36 9 + V3) 
= amr (27 + v3). (12) 


The rigid packing with lowest density known has y = 
0.0555 (Gardner 1966). To be RIGID, each SPHERE must 
touch at least four others, and the four contact points 
cannot be in a single HEMISPHERE or all on one equator. 


If spheres packed in a cubic lattice, face-centered cu- 
bic lattice, and hexagonal lattice are allowed to expand, 
they form cubes, hexagonal prisms, and rhombic dodec- 
ahedra. Compressing a random packing gives polyhedra 
with an average of 13.3 faces (Coxeter 1958, 1961). 


For sphere packing inside a CUBE, see Goldberg (1971) 
and Schaer (1966). 


see also CANNONBALL PROBLEM, CIRCLE PACK- 
ING, DODECAHEDRAL CONJECTURE, HEMISPHERE, 
HERMITE CONSTANTS, HYPERSPHERE, HYPERSPHERE 
PACKING, KEPLER CONJECTURE, KEPLER PROBLEM, 
KISSING NUMBER, LOCAL DENSITY, LOCAL DENSITY 
CONJECTURE, SPHERE 
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Sphere Point Picking 
see FEJES TOTH’S PROBLEM 


Sphere-Sphere Intersection 


Let two spheres of RADII R and r be located along the z- 
AXIS centered at (0,0,0) and (d, 0, 0), respectively. Not 
surprisingly, the analysis is very similar to the case of 


Sphere-Sphere Intersection 


the CIRCLE-CIRCLE INTERSECTION. The equations of 


the two SPHERES are 


ety? +27 — R? (1) 
(e-d? +y +27 =r”, (2) 


Combining (1) and (2) gives 
(2 — d? + (R? —2*)=r’. (3) 
Multiplying through and rearranging give 
g? ~ 2dr + Ë — 2? =r? — R?. (4) 
Solving for x gives 


a? 2 R? 
PON el E (5) 
2d 
The intersection of the SPHERES is therefore a curve 
lying in a PLANE parallel to the yz-plane at a single 
x-coordinate. Plugging this back into (1) gives 


De pd Ni? 
A (TEE) 
4d? R? — (d? — y? + RY 


Ad? i (6) 


which is a CIRCLE with RADIUS 


l 2 2 2 2 252 
a= za 4d? R? — (d? — r? + R?) 
1 
= 5ql(-dt+r—R)(-d—r+ R) 
x [(—dt+r+R)(d+r4+R)]}”. (7) 


The VOLUME of the 3-D LENS common to the two 
spheres can be found by adding the two SPHERICAL 
CAPS. The distances from the SPHERES’ centers to the 
bases of the caps are 
di = 2 (8) 
də = d — T, (9) 


so the heights of the caps are 


(r—R+d(r+R-d) 


hi = R- dı = F (10) 
hg =r- d = ETTOR tr A (11) 


The VOLUME of a SPHERICAL CAP of height h' for a 
SPHERE of RADIUS R’ is 


V(R',h’) = Arh? (3R' — h'). 12 
3 


Spherical Bessel Differential Equation 
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Letting Ri = R and Rz = r and summing the two caps 
gives 


v= V(Ri, hi) + V(Ra, hz) 


_ n(R+r-— d} (d + 2dr — 3r? + 2dR + 6rR — 3R”) 
7 12d 


(13) 


This expression gives V = 0 for d = r + as it must. 
In the special case r = R, the VOLUME simplifies to 


V = 47(4R + d)(2R — d)’. (14) 


see also APPLE, CIRCLE-CIRCLE INTERSECTION, DOU- 
BLE BUBBLE, LENS, SPHERE 


Sphere with Tunnel 

Find the tunnel between two points A and B on a grav- 
itating SPHERE which gives the shortest transit time 
under the force of gravity. Assume the SPHERE to be 
nonrotating, of RADIUS a, and with uniform density p. 
Then the standard form EULER-LAGRANGE DIFFEREN- 
TIAL EQUATION in polar coordinates is 


reg(r° = ra”) + ro (2a* = r?) tar = 0, (1) 


along with the boundary conditions r(@ = 0) = ro, 
rg(@ = 0) = 0, r(@ = ġa) = a, and r(ġ = da) = a. 
Integrating once gives 
a 2 
ar Tr —To 
E A, (2) 


ro? al ES r2 


But this is the equation of a HYPOCYCLOID generated by 
a CIRCLE of RADIUS 5(a— ro) rolling inside the CIRCLE 
of RADIUS a, so the tunnel is shaped like an arc of a 
HYPOCYCLOID. The transit time from point Á to point 
B is 


2 2 


a? — ro 


T= ag” (3) 
where GM 
A ¿TpGa (4) 


is the surface gravity with G the universal gravitational 
constant. 


Spherical Bessel Differential Equation 
Take the HELMHOLTZ DIFFERENTIAL EQUATION 


VFIKF=0 (1) 


in SPHERICAL COORDINATES. This is just LAPLACE’S 
EQUATION in SPHERICAL COORDINATES with an addi- 
tional term, 


d’ R 2 dR 1 O 
51 © era A A 
ge ede © aise gee 
coso d® ldo ., 7 
mang deo age ee RO =0. (2) 
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Multiply through by r*/R$O, 


rm@R dR | a 2, 1 de 
R dr? Rdr O sin? ¢ dé? 
cosp d® 1d9 


sing dọ de 0. (3) 


This equation is separable in R. Call the separation 
constant n(n + 1), 


2r dR 
R dr 


2 32 
rad R 2 2 
R dr? + kór? =n(n+ 1). (4) 
Now multiply through by R, 


d’ R dR 
2 2 2 — 


This is the SPHERICAL BESSEL DIFFERENTIAL EQUA- 
TION. It can be transformed by letting x = kr, then 


dR(r) dR(r) dR(r) dR(r) 
= kr —— =k = . 
“dy "kdr  d(kr) "de (6) 
Similarly, | 
d* R(r) d* R(r) 
2 _ 2 
dr? dg? (7) 
so the equation becomes 
d R dR 
2 2 
72 + an + [2% —n(n+1))R=0. (8) 


Now look for a solution of the form R(r) = Z(x)x~1/?, 
denoting a derivative with respect to x by a prime, 


— Zig 3/2 + ae (10) 
SO 


x(Z" gh? _ Zp 3/2 4 3 Za?) 
+20(Z' 27-122 %) + [2? — n(n +1) Zz? =0 
(11) 


LD (Z" — Zin + 3 Zr’) +2g(Z' — 1Zq7*) 
+z? —n(n+ 1)]2=0 (12) 
g?’ Z" + (a+ 202 +[$ ~1427 —n(n+1)|Z =0 (13) 


eZ" +22 + la —(n?+n4+ 3)12=0 
£’ Z" +22 + [2* — (n + a4 = 0. (14) 


Spherical Bessel Differential Equation 


Spherical Bessel Function 


But the solutions to this equation are BESSEL FUNC- 
TIONS of half integral order, so the normalized solutions 
to the original equation are 


R(r) = ame + pam) (15) 


which are known as SPHERICAL BESSEL FUNCTIONS. 
The two types of solutions are denoted j, (xz) (SPHERI- 
CAL BESSEL FUNCTION OF THE FIRST KIND) or nn(z) 
(SPHERICAL BESSEL FUNCTION OF THE SECOND KIND), 
and the general solution is written 


R(r) = A ja(kr) + B'na(kr), (16) 
where 


T In+1/2(2) 


jn(z) = 2 fe (17) 
nle) = PERRO (18) 


see also SPHERICAL BESSEL FUNCTION, SPHERICAL 
BESSEL FUNCTION OF THE FIRST KIND, SPHERICAL 
BESSEL FUNCTION OF THE SECOND KIND 
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Spherical Bessel Function 

A solution to the SPHERICAL BESSEL DIFFERENTIAL 
EQUATION. The two types of solutions are denoted j,{z) 
(SPHERICAL BESSEL FUNCTION OF THE FIRST KIND) or 
nn(1) (SPHERICAL BESSEL FUNCTION OF THE SECOND 
KIND). 


see also SPHERICAL BESSEL FUNCTION OF THE FIRST 
KIND, SPHERICAL BESSEL FUNCTION OF THE SECOND 
KIND 
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Spherical Bessel Function 


Spherical Bessel Function of the First Kind 


x 
7 = / IJ, 
J (x) on +1/2(2) 


(—1} (s — n)! qr?’ 
. s!(2s + 2n + 1)! 


= 2" q" 
a Pe 
— (2n+1)1 1!(2n + 3) 


Ge)" 


TOR + 3)(2n + 5) 


t+ 


d \” singz 
= (1 n on 
yz (<=) £ 
The first few functions are 
. sina 
jo(x) = m 
ala) = sing cosz 
Jt q? £ 
(3 1 
jala) = (= — =) sing — — cosz 


see also POISSON INTEGRAL REPRESENTATION, RAY- 
LEIGH’S FORMULAS 
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Spherical Bessel Function of the Second 
Kind 
1 


Spherical Cap 1689 


Mn{x) = VE Ynt1/2(2) 


_ (=p y (CD(s =n)! zs 


= 2Mgn+tl Le s!(2s — 2n)! 
(2n — 1)! iy? 
E get 11(1 — 2n) 


Ge) 


2!(1 — 2n)(3 — 2n) 


- HAZ ale), 


The first few functions are 


+ +... 


cos £ 
nolz) = — 
cosg sing 
mir) == z? q 
3 1 . 
n2a(1) = — 737 7) “ost- sins. 


see also RAYLEIGH’S FORMULAS 
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Spherical Bessel Function of the Third Kind 


see SPHERICAL HANKEL FUNCTION OF THE FIRST 
KIND, SPHERICAL HANKEL FUNCTION OF THE SECOND 
KIND 


Spherical Cap 


A spherical cap is the region of a SPHERE which lies 
above (or below) a given PLANE. If the PLANE passes 
through the CENTER of the SPHERE, the cap is a HEMI- 
SPHERE. Let the SPHERE have RADIUS R, then the VOL- 
UME of a spherical cap of height h and base RADIUS a is 


1690 Spherical Cap 


given by the equation of a SPHERICAL SEGMENT (which 
is a spherical cut by a second PLANE) 


Vapherical segment = 1 th(3a* + 3b° + h’) (1) 
with b = 0, giving 
Veap = irh(3a* + h’). (2) 
Using the PYTHAGOREAN THEOREM gives 
(R—h)? +a? = R’, (3) 
which can be solved for a” as 
a” =2Rh—h’, (4) 
and plugging this in gives the equivalent formula 
Veap = ¿Th (BR — h). (5) 
In terms of the so-called CONTACT ANGLE (the angle 


between the normal to the sphere at the bottom of the 
cap and the base plane) 


R—h= Rsiné (6) 
3 E») 
= A 7 
& = sin (= , (7) 
So 
Veap = n R?(2 — 3sina + sin” a). (8) 


Consider a cylindrical box enclosing the cap so that the 
top of the box is tangent to the top of the SPHERE. Then 
the enclosing box has VOLUME 


Voox = ra h = q(R cos a)(R(1 — sina)] 


= tR°(1—sina — sinó a + sin? a), (9) 


so the hollow volume between the cap and box is given 
by 


Voox — Veap = i7R°(1—3sin?a+2sin°a). (10) 


If a second PLANE cuts the cap, the resulting SPHER- 
ICAL FRUSTUM is called a SPHERICAL SEGMENT. The 
SURFACE AREA of the spherical cap is given by the same 
equation as for a general ZONE: 


Scap = 27. Rh. (11) 


see also CONTACT ANGLE, DOME, FRUSTUM, HEMI- 
SPHERE, SOLID OF REVOLUTION, SPHERE, SPHERICAL 
SEGMENT, TORISPHERICAL DOME, ZONE 


Spherical Coordinates 


Spherical Coordinates 


A system of CURVILINEAR COORDINATES which is nat- 
ural for describing positions on a SPHERE or SPHEROID. 
Define @ to be the azimuthal ANGLE in the zy-PLANE 
from the z-AXIS with 0 < @ < 27 (denoted A when re- 
ferred to as the LONGITUDE), @ to be the polar ANGLE 
from the z-AxIs with 0 < $ < m (COLATITUDE, equal 
to ¢ = 90° — 6 where 6 is the LATITUDE), and r to be 
distance (RADIUS) from a point to the ORIGIN. 


Unfortunately, the convention in which the symbols @ 
and ¢ are reversed is frequently used, especially in phys- 
ics, leading to unnecessary confusion. The symbol p is 
sometimes also used in place of r. Arfken (1985) uses 
(r,¢,8), whereas Beyer (1987) uses (p,6,¢). Be very 
careful when consulting the literature. 


In this work, the symbols for the azimuthal, polar, and 
radial coordinates are taken as 0, ¢, and r, respectively. 
Note that this definition provides a logical extension of 
the usual POLAR COORDINATES notation, with @ re- 
maining the ANGLE in the zy-PLANE and @ becoming 
the ANGLE out of the PLANE. 


r = “yz? + y + 2? (1) 


9 =tan™ (2) (2) 
$ = sin”! p) =cos * (=) , (3) 


where r € [0,00), 0 € [0, 27), and ¢ € [0, x}. In terms of 
CARTESIAN COORDINATES, 


z = r cos 0 sin ġ 


— 
ot f 
a 


y=rsin@sing ( 
z=rcos@. (6) 


The SCALE FACTORS are 


hy =1 (7) 
he =rsing (8) 
hy =r, (9) 


Spherical Coordinates 


so the METRIC COEFFICIENTS are 


Grr = 1 

goo = r’ sin? o 
2 

Goo TT. 


The LINE ELEMENT is 
ds = drê + rdéd+rsin¢do6, 

the AREA element 

da = r° sin ġ d0 do °, 
and the VOLUME ELEMENT 

dV = r° sin ọ dô de dr. 
The JACOBIAN is 
Ox, y, 2) 
O(r, 6, d) 


The POSITION VECTOR is 
r cos @sin p 
r= |rsin@sing | , 


r cos @ 


= r*|sin gl. 


so the UNIT VECTORS are 


dr cos @ sing 
r= = E] 
dr cos $ 
Ñ dr — sin 0 
0 = = = | cos 6 | 
dô 0 
j dr cos ĝ cos ġ 
ġ= a = [nocoso | . 
| dg | —sing 
Derivatives of the UNIT VECTORS are 
OF 
ap = 
00 
Or = 0 
ab 


— sin O sin $ i 
cos@sing | =sinġ0 
0 


0 
— sin ĝ cos ġ 


0 
> — cos ô 
30 = sina] = — cosġ È — sin ġî 
| cos @ cos y | — cos $0 


98 

nr 
4 — cos ĝ sin @ 

E - anos —f. 
$ — Cos Q 


(10) 
(11) 
(12) 


(13) 


(14) 


(15) 


(16) 


(17) 


(18) 


(19) 


(20) 


(21) 


(22) 


(23) 


(24) 


(25) 


(26) 


(27) 


(28) 


(29) 
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The GRADIENT is 
. oO 1,0 1 10 
Vata +7055 + rng 06’ (30) 
so 
Vt =0 (31) 
V,0=0 (32) 
V.o = 6 (33) 
._ sing@_ 1; ety 
Vor = rsing = 76 (34) 
A _cosoPtsingé _ coto, 1. 
Va = rsin ġ E r $ ro (85) 
Ved = cos OD _ 1 ~ cot $8. (36) 
| rsind 


Now, since the CONNECTION COEFFICIENTS are given 
by Dir = = &- (Vex;), 


0 + 0 
re=j|0 0 0 (37) 
0 cot $ 0 
0 0 1 
T? — o cot $ j (38) 
0 0 0 
0 0 0 
r”"=|0 -2 0|. (39) 
0 0 —żł 
The DIVERGENCE is 
V-F=A* etl E AÍ 
= [Af + (Lir A" +1%9,4* + Gr 47] 
+[A% + (TA + T 694? +T%94*)] 
r 6 
+(A®, + (TL A” +19, 4° + 1T%,4?)] 
10904” 104% 104 
= a Or | go 00 ta Od +(0+0+40) 
+(- AT +0+ cor? at) + (žar +0+0) 
o r r 1 ð 8 10 $ cot ġ $ 
= — A YAP LiL COL? 
ar’ +7A + sind 00 + 7364 + As, 
(40) 
or, in VECTOR notation, 
[2 ð 1 ð cot ġ 1 OF¢ 
ree Gem) t+ Cast : ra 00 
10 1 1 Fo 
= =—(r*F, —. (41 
r? Or (r Fe) + ng ag sind Fo)+ rsing 08 (41) 
The COVARIANT DERIVATIVES are given by 
_ 1 OA; i oa 
Aj;k — Dkk OL» jkAiy (42) 
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50 
Arye = Pr pt ay = Oe (43) 
Are = nb -Tie = ind — T,9 Ag 
7 ag “ag 7 fs (44) 
Ang = ae — Try As = = rf Ag 
- : (Se _ As) (45) 
Aor = E2 Tinas = 2? (46) 
Ao = iy ~ Too; 
— 594008 -T Ap — Io Ar 
-i aE (47) 
As; = pda > Ao (48) 
Agr = “A Tip As = e (49) 
E nng 08 a ° (50) 
Agg = oe — Toei = — —TyggAr 
The COMMUTATION COEFFICIENTS are given by 
eE, = [Ea 89] = Vaéa — Voda (52) 
[*,] = [0,0] = [p, $] = 0, (53) 
SO Crp = Cog = Cog = 0, where a = r, 0, Q. 
iè, Ê] = —[0,#] = V,Ó — Vet = 0 — “6 _ -=6, (54) 
so cfg = —ch,, = —1, Ce = c%, = 0. 
è, $] = -lġ, ê= 0 - —b = -=4, (55) 
so ch, = cb, =1. 
10,9] = [6,0] = > cot $0 —0= “cot $0, (56) 
so 
Cos = -cho = > cot Q. (57) 


Spherical Coordinates 


Summarizing, 

0 0 07 

E 0 | (58) 
0 0 0 
0 —+ 0 

cf = E 0 tee (59) 
0 —-cot¢ 0 
o 0 —ł 

E 0 o (60) 
+ 0 0 


Time derivatives of the POSITION VECTOR are 


sin ð sinr + reos 6 sin dé + rsin0cos pp 
cosg@r—rsingd 


cos @ sin p — sin Q 
= nos | ++ rim | cos 0 | 6 
cos $ 0 
cos 0 cos ġ 
+r secon $ 


— sin H 


nosno — rsinósing0 + A] 
r= 


=fi+rsingdO+rdd. (61) 
The SPEED is therefore given by 


v = |t| = Vr? + r? sin? $6? + r24?. (62) 
The ACCELERATION is 


% = (— sin ĝ sin p67 + cos 8 cos dr¢ + cos 0 sin gi’) 
— (sin O sin $70 + r cos O sin $0? + rsin6 cos $04 
+ r sin Ó sin $0) + (cos @ cos ord — r sin ĝ cos bd 
— rcos@sin ġġ? + r cos 8 cos oo) 
= —2sin 6 sin 67 + 2 cos 6 cos dr¢ — 2r sin 8 cos god 
+ cos @ sin HF — rsin@ sin 66 + r cos cos dd 
— rcos@sin ¢(6? + q?) (63) 
ij = (sin 8 sin HF + r cos 9 sin $0 + r cos ġ sin 04) 
+ (cos O sin $rÓ — r sin 8 sin 90” + r cos 8 cos POL 
+ rcos9 sin ġġ) + (sin 8 cos drá + r cos 6 cos GO 
— rsin ĝ sin dd? + r sin 0 cos de) 
= 2 cos Ó sin oor + 2sin 6 cos dr + 2r cos 6 cos ġġ 
+ sin O sin df + rcos@singé + r sin @ cos ġġ 


— rsin sin ¢(6* + 7) (64) 
2 = (cos HF — sin br) — (ř sin p +rcos¢¢* + rsin pe) 
= —fr cos op” + cos df — 2 sin ppr — rsin pọ. (65) 


Spherical Coordinates 


Plugging these in gives 


l cos Ó sin ġ 
i = (# — rd’) sino 


cos @ 


- _ [—sin0 
+ (2r cos $04 + rsing0) | cosé 
| 0 


l _ [cos @ cos ġ _ [cosé 
+(2r6 + rd) | sin@cos¢ | — rsin gd? | sind |, 


— sing 0 
(66) 
but 
: cos 8 sin? y + cos 0 cos” y 
sin df + cos¢@ = | sin 8 sin? y + sin 0 cos? y 
0 
cos 0 
= | sin |, (67) 
0 
so 


č = (F — rd”)? + (2r cos $04 + 2sin OF + rsin ¢6)0 
+(2°¢ + ro — rsin 67 (sin gê + cos ọọ) 
= (# — rọ? — r sin? $6")? 
+ (2sin 6% + 2r cos $04 + r sin ¢6)0 
+(27¢ + rọ — r sin ġ cos $6") d. (68) 


Time DERIVATIVES of the UNIT VECTORS are 


— sin ĝ sin ġ Ê + cos 0 cos ġġ a : 
r= | cos@singé +sin8 cos dd | = sing 60+ oo 
—sindó 

(69) 

š — cos 00 cos . 
0 = Ez = —§ no = —6(sin dí + cos dd) 

0 0 

(70) 


i — sin 6 cos pô — cos ĝ sin $e A 
p= | cos@cosdé—sindsindd | = —dt+cos 08. 


= coso o 
(71) 
The CURL is 
s d 02 OF y |. 
Vx F= ound (5 inor) — | r 


1 1 OF, 0 ~ 1|]0 OF, | + 
pie 5 = Zer) p+ — (Zer = = O. 
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The LAPLACIAN is 
10 2 O ) 1 8 
r? sin? y 06? 
1 0 
T sind Od (: nox, | 


7 ar 7 Or r? sin? ¢ 06? 


1 
ee CTS Ale (cos 055 + sino | 


o 8 22 1 @ 

~ Or?" rr r2 sin? 6 06? 
cosp 0 pia (73) 
r2 sind ap r2 ðo 


The vector LAPLACIAN is 


1 red 4 4 Por y 1 O in 4 Soie Our 
r2 


r 8g? sin? @ 64? é 
ees E = 2 Dvo _ 2up _ 2cot8,, 
r2 88 r? sin ð N r2 r? 
1 8? (rve) + 2 9% y vg O eae a? vg nd ea cot 6 Ovg 
V2v = r ðr? 8e? rá sin? @ aaa 0 De! “r? 66 
_ ae 2cot@ Org es ee 2 Op _ ve 
r? r2sin@ 8 r? ge 72 sin? 9 
1 87 (rug) 4 a e? vga 4+ 1 0, de cot 6 bug 
r ðr? r? 8g? r? sin? 0 9? 68 
2 Övr 2cot9 Öva _ 
r? 69 r2sinó 09 r? sin? 9 
(74) 


To express PARTIAL DERIVATIVES with respect to Carte- 
sian axes in terms of PARTIAL DERIVATIVES of the spher- 


ical coordinates, 


x rcos@sing 
H = ranas (75) 
z r cos @ 


sin O sin d dr + r sin ġ cos 0 d0 + r sin 0 cos ġ do 


ás] Sindsin ddr ring costal 4 pein cosd | 
dy | = 
cos ġ dr — rsinp dọ 


cos@sing —rsin@sing rcosécos¢ dr 
= [nosing r sin cos 0 rind on | a], 
cos $ 0 —rsing do 
(76) 
Upon inversion, the result is 
dr cos@sing sin@sing coso dz 
sin 0 
dé = — rsind arr $ 0 dy i 
dd cos 0 cos $ sin @ cos $ __ sing dz 
rT rT 
(77) 
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The Cartesian PARTIAL DERIVATIVES in spherical coor- 
dinates are therefore 


o _drd 00,00 
dx rör 0100 Ax Ad 
_ . ð sinó 0 | cos@cosd O 
= cosOsin oa” — no 00 r ô$ 
(78) 
0 ord a wa 
Oy Oydr yö) dy dd 
oa: 0 cos? O sin@cos@ ð 
= sin @ sin Pa + r sin ġ 00 T Og 
(79) 
o æð 009 aga 
Oz OzOr 0200 02:00 
ð sing ð 
= COS oa. "BG (80) 


(Gasiorowicz 1974, pp. 167-168). 


The HELMHOLTZ DIFFERENTIAL EQUATION is separable 
in spherical coordinates. 


see also COLATITUDE, GREAT CIRCLE, HELMHOLTZ 
DIFFERENTIAL EQUATION—SPHERICAL COORDINATES, 
LATITUDE, LONGITUDE, OBLATE SPHEROIDAL COOR- 
DINATES, PROLATE SPHEROIDAL COORDINATES 
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Spherical Design 

X is aspherical t-design in E IFF it is possible to exactly 
determine the average value on E of any POLYNOMIAL 
f of degree at most t by sampling f at the points of X. 
In other words, 


ume | HO = 7 Ho) 


TEX 
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Spherical Excess 
The difference between the sum of the angles of a 
SPHERICAL TRIANGLE and 180°. 


see also ANGULAR DEFECT, DESCARTES TOTAL ANGU- 
LAR DEFECT, GIRARD’S SPHERICAL EXCESS FORMULA, 
L’HUILIER’S THEOREM, SPHERICAL TRIANGLE 


Spherical Hankel Function of the Second Kind 


Spherical Frustum 
see SPHERICAL SEGMENT 


Spherical Geometry 

The study of figures on the surface of a SPHERE (such as 
the SPHERICAL TRIANGLE and SPHERICAL POLYGON), 
as opposed to the type of geometry studied in PLANE 
GEOMETRY or SOLID GEOMETRY. 


see also PLANE GEOMETRY, SOLID GEOMETRY, SPHER- 
ICAL TRIGONOMETRY, THURSTON’S GEOMETRIZATION 
CONJECTURE 


Spherical Hankel Function of the First Kind 


T . . 
RD (x) = y zz nit j2(®) = jn(£) + inn (2), 


where H(z) is the HANKEL FUNCTION OF THE FIRST 
KIND and jn(z) and nn(x) are the SPHERICAL BESSEL 
FUNCTIONS OF THE FIRST and SECOND KINDS. Explic- 
itly, the first few are 


1 ho; 
A (x) = =(sinz —icosz) = ~—e™ 
P(e) = 5 j= -Å 
. 1 1 
1 (x) x r2 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). “Spherical Bes- 
sel Functions.” §10.1 in Handbook of Mathematical Func- 
tions with Formulas, Graphs, and Mathematical Tables, 
9th printing. New York: Dover, pp. 437-442, 1972. 


Spherical Hankel Function of the Second 
Kind 


T . . 
hy (2) = y 5-H ta 2(2) = jn(2) — innles), 


where HC? (x) is the HANKEL FUNCTION OF THE SEC- 
OND KIND and j,(x) and n, (1) are the SPHERICAL BES- 
SEL FUNCTIONS OF THE FIRST and SECOND KINDS. Ex- 
plicitly, the first is 


— ir 


1 , 
AO (æ) = „(Sing + icos 2) = -e 
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simple projects 


ANT DI 


PHONES 


List of Materials 


Di - Germanium diode 

(1N34A or equiv.) 
Li - Loopstick 

(see text) 
4 — Fahnestock clips 
BASE ~ 5 1/2 X 2 1/2 -X 

3/4-inch wood section 

PHONES - 2000-ohm headphones 
MISC. - solder lugs, wood screws, 
knob and bracket to fit Ll, 
hook-up wire. 
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Spherical Harmonic 


Spherical Harmonic 

The spherical harmonics Y¡”(0,() are the angular por- 
tion of the solution to LAPLACE’S EQUATION in SPHER- 
ICAL COORDINATES where azimuthal symmetry is not 
present. Some care must be taken in identifying the no- 
tational convention being used. In the below equations, 
0 is taken as the azimuthal (longitudinal) coordinate, 
and ¢ as the polar (latitudinal) coordinate (opposite the 
notation of Arfken 1985). 


m 2l T 1 (l-n)! a m imé 
= 1 
where m = —l, -1+1, , 0, 
tion is chosen such a 


27 Tr 
/ / Y Y” sino do dé 
0 0 


27 1 
= | J Y "Y" d(cosQ) d0 = dmm'dur, (2) 
0 = 


where dmn is the KRONECKER DELTA. Sometimes, the 
CONDON-SHORTLEY PHASE (—1)” is prepended to the 
definition of the spherical harmonics. 


, l and the normaliza- 


Integrals of the spherical harmonics are given by 


fro yey dQ = (211 + 1)(Qlo T 1) (2l; + 1) 
1 2 3 Ar 


ly la la l la l3 | 
«(a 0 ie ma A (3) 


L k h 
m ma M3 
(which is related to the CLEBSCH-GORDON COEFFI- 
CIENTS). The spherical harmonics obey 


where is a WIGNER 3j-SYMBOL 


E 1 /(21+1)! 1)! RE 
Y= 2 Te n ge *” (4) 
Y? = 4/ 2 Pi(cos¢) (5) 
Y "=(-D*%Y”, (6) 


where P;(x) is a LEGENDRE POLYNOMIAL. 


Yo(0, Q) 


YNO.)  YHO, Q) 


Y3(8, 6) 


Y5(0, 9) 


Y5(0, o) 


Y;(0, 2.0) 
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The above illustrations show |Y;"(0@,¢)| (top) and 
RY," (0, ¢)| and S[Y,;"(6,)| (bottom). The first few 
spherical harmonics are 


1 1 
Yo = 335 
2r 
= 1/3 ., ie 

i an singe 


A\ 27 


E 1 ; 
Ys 54] = sin dcos ge ” 
Ya == NES $ -— 1) 

1 
==> sin Hcos ge” 

1 /15 ; 
VE piin + 2 210 
2 AN gy Sin de 
Y, * = y> sin? pe”? 

8Y «x 


_ 1 /105 _246 
iV on sin” pcos Pe 


= 1 : 
Ya *= =4/ = sin #(5cos’ $ — 1)e~” 
Byr 
Y? = 1 Ecos @ — 3cos¢) 
i = = ce sin p(5 cos? $ — 1)e”” 
8Y a 


1 /105 
Y; = AV on sin? d cose”? 


Y? = a4) 29 sin? pe? 
8 V T 
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Written in terms of CARTESIAN COORDINATES, 


pe C z + Ty (7) 


A: qx? + y? 
o la) 8) 


=p > le (9) 
af a? + y? + 2? 
SO 
1 1 
Yo = 2 (10) 
1 73 z 
y? = 1/3 a a1) 
a 2 Ta, / q? + y? + z2 
Via. e (12) 


PA 


0 1 5 32? 
Mays tiara 8) 


1 /15 2(a+iy) 
Vise o PEA. 14 
2 2 Y 27 x? + y? + 22 ae) 
1 /1 iy)? 
‘ea 15 (e+ ty) (15) 


AY 27 r? +y? 4+ 2? 


These can be separated into their REAL and IMAGINARY 
PARTS 


Y,""(0, 6) 


= P;"(cos ¢) sin(mé@) (16) 
P” (cos ġ) cos(m@). (17) 


The ZONAL HARMONICS are defined to be those of the 
form 


Pr (cos 0). (18) 


The TESSERAL HARMONICS are those of the form 
sin(m@) P,," (cos 0) (19) 


cos(m@) Pf, (cos 0) (20) 
for n Æ m. The SECTORIAL HARMONICS are of the form 
sin(m@)P,, (cos @) (21) 
cos(m®@) Pr (cos 6). (22) 
The spherical harmonics form a COMPLETE ORTHONOR- 


MAL BASIS, so an arbitrary REAL function f(0, pH) can 
be expanded in terms of COMPLEX spherical harmonics 


1(0,6)=_ Y ATY O, g), (23) 


i=0 m=-1 


Spherical Harmonic Addition Theorem 


or REAL spherical harmonics 


F(0, p) 


00 t 
= [C1 Y; (0, p) sin(mé) + Sr Yr” (0, ¢)]. 
i=0 m=0 


(24) 


see also CORRELATION COEFFICIENT, SPHERICAL HAR- 
MONIC ADDITION THEOREM, SPHERICAL HARMONIC 
CLOSURE RELATIONS, SPHERICAL VECTOR HARMONIC 
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Spherical Harmonic Addition Theorem 

A FORMULA also known as the LEGENDRE ADDITION 
THEOREM which is derived by finding GREEN’S FUNC- 
TIONS for the SPHERICAL HARMONIC expansion and 
equating them to the generating function for LEGEN- 
DRE POLYNOMIALS. When 7 is defined by 


cos y = cos 6; cos 62 + sin 0; sin 92 cos ¢1 — 2, 


Pr (cos y) = =e 3 (-1)P Y 2(01,61)Y 7, (62, 62) 
= 2 Yin (01, $1) Ym (02, 2) 


01) Pn(cos 82) 


Pp (co 
SE n- mob (n F m)! Pr (608 81) Pr (cos 02) cos[m($1—d2)]. 


Spherical Harmonic Closure Relations 
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Spherical Harmonic Closure Relations 
The sum of the absolute squares of the SPHERICAL HAR- 
MONICS Y,” (0, ġ) over all values of m is 


l 
> Yre, p? = E 
m=-—l 

The double sum over m and l is given by 


oa I 
y. Sy Y" (01, 61) Y; 


¿=0 mu=-—] 


(09, 2) 


7, 0(01 — 02) (hı — Q2) 
= ó(cos 01 — cos 62)d(¢1 — ¢2), 


an 


where 6(z) is the DELTA FUNCTION. 


Spherical Harmonic Tensor 
A tensor defined in terms of the TENSORS which satisfy 
the DOUBLE CONTRACTION RELATION. 


see also DOUBLE CONTRACTION RELATION, SPHERICAL 
HARMONIC 


Spherical Helix 

The TANGENT INDICATRIX of a CURVE OF CONSTANT 
PRECESSION is a spherical helix. The equation of a 
spherical helix on a SPHERE with RADIUS r making an 
ANGLE 6 with the z-axis is 


x(y) = $r(1+cos@) cos y 
— 5r(1 — cos ĝ) cos ( (1) 


y(w) = ġr(1 + cos 6) sin p 


1-+cosé@ 
= a0") 


1 — cos 8 


— $r(1—cos@) sin (E) (2) 
z(w) = rsin@cos (5) (3) 


The projection on the zy-plane is an EPICYCLOID with 
RADII 


a=rcosé (4) 
b = r sin? (48). (5) 


2 


see also HELIX, LOXODROME, SPHERICAL SPIRAL 
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Spherical Point System 

How can n points be distributed on a SPHERE such that 
they maximize the minimum distance between any pair 
of points? This is FEJES TOTH’S PROBLEM. 


see also FEJES TOTH’S PROBLEM 


Spherical Polygon 

A closed geometric figure on the surface of a SPHERE 
which is formed by the ARCS of GREAT CIRCLES. The 
spherical polygon is a generalization of the SPHERICAL 
TRIANGLE. If @ is the sum of the RADIAN ANGLES of 
a spherical polygon on a SPHERE of RADIUS r, then the 
AREA is 

S = [0 — (n — 2)r]r* 


see also GREAT CIRCLE, SPHERICAL TRIANGLE 
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Spherical Ring 

A SPHERE with a CYLINDRICAL HOLE cut so that the 
centers of the CYLINDER and SPHERE coincide, also 
called a NAPKIN RING. 


The volume of the entire CYLINDER is 


Voy = LR’, (1) 
and the VOLUME of the upper segment is 
Vseg = irh(3 R? +h’), (2) 
where 
R=4/r?— 3L? (3) 
h=r-5L, (4) 


so the VOLUME removed upon drilling of a CYLINDRICAL 
hole is 


Viem = Vey! + 2Veeg = TDR? + ¿h(3R? +h*)] 
= n(LR* + hR? + thë) 
m[L(r* — 41%) + (r — 
+ 3(r- 31)" 
= n|Lr? — 119 + (r° — irL- IRE + EL?) 
+ tfr? — 3771, =P Spi? — iL*)| 
= a[gr? + (1-2 hr (+ 2)RE? 
see al 
3 4n(8r° — L’), (5) 


A 1 ee 
= ¿TT an” = 


a) 
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SO 


4573 — (fnr? — 1773 1 r3 
Viere = Vsphere — Vrem = gar — (gar — ¿mL )= rL”. 


Spherical Sector 


a aean 


+ 
CUTTS = 


The VOLUME of a spherical sector, depicted above, is 
given by 

V = 2nR*h, 
where h is the vertical height of the upper and lower 
curves. 


see also CYLINDRICAL SEGMENT, SPHERE, SPHERICAL 
CAP, SPHERICAL SEGMENT, ZONE 
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Spherical Segment 


A spherical segment is the solid defined by cutting a 
SPHERE with a pair of PARALLEL PLANES. It can be 
thought of as a SPHERICAL CAP with the top truncated, 
and so it corresponds to a SPHERICAL FRUSTUM. The 
surface of the spherical segment (excluding the bases) is 
called a ZONE. 


Call the RADIUS of the SPHERE R and the height of 
the segment (the distance from the plane to the top of 
SPHERE) h. Let the RADII of the lower and upper bases 
be denoted a and b, respectively. Call the distance from 
the center to the start of the segment d, and the height 
from the bottom to the top of the segment h. Call the 


Spherical Spiral 


RADIUS parallel to the segment r, and the height above 
the center y. Then r° = R? — y?, 


d+h d+h 
v=/ mrt dy=n | (R? — y) dy 
d d 
= q [Ry — 14] = AH Rh 3[(d+ hy — d]} 
= [Rh — (d? + 3d°h + 3h*d+h* — d*)] 
= n(R°h — d’h — h’d — 1h?) 
= rh(R? — di — hd — th’). (1) 
Using 
a’ = R* -g (2) 
b? = R? —(d+h)* = R?-d?-2dh—h’, (3) 
gives 
a? +b? = 2R? — 2d? — 2dh — h? (4) 
R? — d’ — dh = (a? +b’ +h’), (5) 
sO 
V =mh[i(a? +b +h?) — 1h% =mh(La? + 20? + 1h?) 


T 
= imh(3a” + 3b? + h’). (6) 


The surface area of the ZONE (which excludes the top 
and bottom bases) is given by 


S = 27 Rh. (7) 


see also ARCHIMEDES’ PROBLEM, FRUSTUM, HEMI- 
SPHERE, SPHERE, SPHERICAL CAP, SPHERICAL SEC- 
TOR, SURFACE OF REVOLUTION, ZONE 
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Spherical Shell 

A generalization of an ÁNNULUS to 3-D. Á spherical shell 
is the intersection of two concentric BALLS of differing 
RADII. 

see also ANNULUS, BALL, CHORD, SPHERE, SPHERICAL 
HELIX 


Spherical Spiral 


Spherical Symmetry 


The path taken by a ship which travels from the south 
pole to the north pole of a SPHERE while keeping a fixed 
(but not RIGHT) ANGLE with respect to the meridians. 
The curve has an infinite number of loops since the 
separation of consecutive revolutions gets smaller and 
smaller near the poles. It is given by the parametric 
equations 


gz = costcosc 
y = sint cosc 


z = — Sinc, 


where 
c = tan` (at) 


and a is a constant. 


see also MERCATOR PROJECTION, SEIFERT’S SPHERI- 
CAL SPIRAL 
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Spherical Symmetry 
Let A and B be constant VECTORS. Define 


Q=3(A-îĉ)\(B-îĉ)-A-B. 


Then the average of Q over a spherically symmetric sur- 


face or volume is 
(Q) = (3 cos” 6 — 1) (A-B)=0, 
since (3 cos? 6 — 1) = 0 over the sphere. 


Spherical Tessellation 
see TRIANGULAR SYMMETRY GROUP 


Spherical Triangle 


} 


E= 
De 
QA 


SS 


da 
TEL 
as) 
> 

X 

Z 


A spherical triangle is a figure formed on the surface of a 
sphere by three great circular arcs intersecting pairwise 
in three vertices. The spherical triangle is the spherical 
analog of the planar TRIANGLE. Let a spherical triangle 
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have ANGLES a, @, and y and RADIUS r. Then the 
AREA of the spherical triangle is 


K=r"[(a+B+y)—n]. 


The sum of the angles of a spherical triangle is between 
180° and 540°. The amount by which it exceeds 180° is 
called the SPHERICAL EXCESS and is denoted E or A. 


The study of angles and distances of figures on a sphere 
is known as SPHERICAL TRIGONOMETRY. 


see also COLUNAR TRIANGLE, GIRARD’S SPHERICAL 
EXCESS FORMULA, L’HUILIER’S THEOREM, SPHERICAL 
POLYGON, SPHERICAL TRIGONOMETRY 
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Spherical Trigonometry 

Define a SPHERICAL TRIANGLE on the surface of a unit 
SPHERE, centered at a point O, with vertices A, B, 
and C. Define ANGLES a = ¿BOC, b = ¿CO0A, and 
c= ZAOB. Let the ANGLE between PLANES AOB and 
AOC be a, the ANGLE between PLANES BOC and AOB 
be 8, and the ANGLE between PLANES BOC and AOC 
be y. Define the VECTORS 


a=OA (1) 
b=0B (2) 
c = OČ. (3) 


(â x b)- (â x €) = (lâl |b] sin c)(|AJ |ê] sin b) cos a 


= sin bsin ccosa. (4) 
Equivalently, 


(â x b)- (â x ĉ) = â. [b x (â x ĉ)] 


= cosa — cosccosb. (5) 


Since these two expressions are equal, we obtain the 
identity 


cosa = cos b cos c + sin b sin c cos a (6) 


The identity 


sing — Wax b) x (â x ĉ)| _ _lâlb, â, € + blá, â, él] 
lá x bllá x él sin bsin c 
a,b, é 
= Ene (7) 


ETT 
sin bsin c 
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where [a,b,c] is the SCALAR TRIPLE PRODUCT, gives a 
spherical analog of the LAW OF SINES, 


sina sinf _ siny _ 6 Vol(OABC) 
~ sinasinbsinc’ 


(8) 


sina sin b sinc 


where Vol(OABC) is the VOLUME of the TETRAHE- 
DRON. From (7) and (8), it follows that 


sin a cos 3 = cosbsinc — sinbcosccosa (9) 

cos a cos y = sin a cot b — sin y cot 6. (10) 
These are the fundamental equalities of spherical 
trigonometry. 


There are also spherical analogs of the LAW OF COSINES 
for the sides of a spherical triangle, 


cosa = cosb cosc + sin bsinecos A (11 
cos b = cos c cos a + sin csin a cos B (12) 
cosc = cosa cos b + sin asin b cos C, (13) 


and the angles of a spherical triangle, 


cos Á = — cos B cos C + sin B sin C cosa (14) 
cos B = — cos C cos A + sin C sin A cos b (15) 
cos Č = — cos Á cos B + sin Asin Bcosce (16) 


(Beyer 1987), as well as the Law OF TANGENTS 


tan[5(a—b)]  tan[¿(4— B)] 
OM fant (17) 
tan[5(a+b)]  tan[5(A4 + B)] 
Let 
s=3(a+b+c) (18) 
S=5(A+B+0C), (19) 
then the half-angle formulas are 
tan(ł A) = E (20) 
22 sin(s—a) 
k 
1 = — A 
tan(;B) sin(s — 6) (21) 
k 
1C) = 
tan(5C) sin(s o) (22) 
where 
42 — sin(s — a)sin(s — b)sin(s—c) _ tan?r, (23) 
o sin s 7 
and the half-side formulas are 
tan(5a) = K cos(S — A) (24) 
tan(3b) = K cos(S — B) (25) 
tan(>c) = K cos(S — C), (26) 
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where 
2 O cos 5 _ 2 
K = (cos(S — A) cos(S — B)cos(S —C) — tan A, 
(27) 


where R is the RADIUS of the SPHERE on which. the 
spherical triangle lies. 


Additional formulas include the HAVERSINE formulas 


hav a = hav(b — c) + sin bsincsin(s — c) (28) 

hay A — sin(s = b) sin(s —c) (29) 
sin bsin c 

_ hav a = hav(b —c) (30) 
sin b sin c 


= hav|r — (B+ C)] + sin B sin C hava, (31) 
GAUSS’S FORMULAS 


sin[5(a—b)]  sin[5(A— B)] 


sin(5c) E -© cos(4C) 2 

and NAPIER'S ANALOGIES 
BATT w 
e 


(Beyer 1987). 


see also ANGULAR DEFECT, DESCARTES TOTAL ANGU- 
LAR DEFECT, GAUSS’S FORMULAS, GIRARD’S SPHER- 
ICAL EXCESS FORMULA, LAW OF COSINES, LAW OF 
SINES, LAW OF TANGENTS, L’HUILIER’S THEOREM, 
NAPIER’S ANALOGIES, SPHERICAL EXCESS, SPHERICAL 
GEOMETRY, SPHERICAL POLYGON, SPHERICAL TRIAN- 
GLE 
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Spherical Vector Harmonic 


Spherical Vector Harmonic 
see VECTOR SPHERICAL HARMONIC 


Spheroid 
A spheroid is an ELLIPSOID 


r? cos? @sin? o r? sin? 9 sin? o E r°? cos? y 


2 T een e 


with two SEMIMAJOR AXES equal. Orient the ELLIPSE 
so that the a and b axes are equal, then 


2 2 > 2 2 . 2 a 2 2 2 
r“ cos” @ sin r° sin” O sin r? cos 
a eS Oe o (2) 
a a C 
2.:.2 2 2 
rî sin r^ cos 
aE a o AB (3) 


a? c? 
where a is the equatorial RADIUS and c is the polar 
RADIUS. Here ¢ is the colatitude, so take 6 = 1/2 — ġ 
to express in terms of latitude. 


r? cos? 6 J r? sin? $ 


72 2 ae (4) 
Rewriting cos? 6 = 1 — sin’ 6 gives 
2 
2.2 1 1 
— +r” sin ô (= = =) 1 (5) 


ee 
(rr sin e 3 | 
20 


2 
= r? (1+ sin? 7 


SO 


2 
r= a (1+ sin? 0t 3 


If a > c, the spheroid is OBLATE. If a < c, the spheroid 
is PROLATE. If a = c, the spheroid degenerates to a 
SPHERE. 


see also DARWIN-DE SITTER SPHEROID, ELLIPSOID, 
OBLATE SPHEROID, PROLATE SPHEROID 


Spheroidal Harmonic 

A spheroidal harmonic is a special case of the ELLIP- 
SOIDAL HARMONIC which satisfies the differential equa- 
tion 


d 2 | ds 2 2 m? 
E 1 po — = = = 
dx [ E] (a m 1 — gz? 2 
on the interval -l < z < 1. 
see also ELLIPSOIDAL HARMONIC 
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Spheroidal Wavefunction 
Whittaker and Watson (1990, p. 403) define the internal 
and external spheroidal wavefunctions as 


a (ir) PR (cos ) con (md) 
sO) = on A - Om tiron (cos 0) 2 (mó). 


see also ELLIPSOIDAL HARMONIC, OBLATE SPHEROIDAL 
WAVE FUNCTION, PROLATE SPHEROIDAL WAVE FUNC- 
TION, SPHERICAL HARMONIC 
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A 6-POLYIAMOND named for its resemblance to the 
Great Sphinx of Egypt. 


Sphinx 
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Spider and Fly Problem 


In a rectangular room (a CUBOID) with dimensions 30’ x 
12' x 12’, a spider is located in the middle of one 12’ x 12’ 
wall one foot away from the ceiling. A fly is in the middle 
of the opposite wall one foot away from the floor. If the 
fly remains stationary, what is the shortest distance the 
spider must crawl to capture the fly? The answer, 40’, 
can be obtained by “flattening” the walls as illustrated 
above. 
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1702 Spider Lines 


Spider Lines 
see EPITROCHOID 


Spiegeldrieck 
see FUHRMANN TRIANGLE 


Spieker Center 

The center of the SPIEKER CIRCLE. It is the CENTROID 
of the PERIMETER of the original TRIANGLE. The third 
BROCARD POINT is COLLINEAR with the Spieker center 
and the ISOTOMIC CONJUGATE POINT of its INCENTER. 


see also BROCARD POINTS, CENTROID (TRIANGLE), IN- 
CENTER, ISOTOMIC CONJUGATE POINT, PERIMETER, 
SPIEKER CIRCLE, TAYLOR CENTER 
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Spieker Circle 


The INCIRCLE of the MEDIAL TRIANGLE. The center of 
the Spieker circle is called the SPIEKER CENTER. 


see also INCIRCLE, MEDIAL TRIANGLE, SPIEKER CEN- 
TER 
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Spigot Algorithm 

An ALGORITHM which generates digits of a quantity one 
at a time without using or requiring previously com- 
puted digits. Amazingly, spigot ALGORITHMS are known 
for both PI and e. 


Spindle Torus 


Spijker’s Lemma 

The image on the RIEMANN SPHERE of any CIRCLE 
under a COMPLEX rational mapping with NUMERATOR 
and DENOMINATOR having degrees no more than n has 
length no longer than 2nz. 
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Spindle Cyclide 


The inversion of a SPINDLE TORUS. If the inversion cen- 
ter lies on the torus, then the spindle cyclide degenerates 
to a PARABOLIC SPINDLE CYCLIDE. 


see also CYCLIDE, HORN CYCLIDE, PARABOLIC Cy- 
CLIDE, RING CYCLIDE, SPINDLE TORUS, TORUS 


Spindle Torus 


One of the three STANDARD TORI given by the para- 
metric equations 


= (c+ a cos v) cos u 


£ 
y = (c+ acosv) sin u 
z 


asin v 


with c < a. The exterior surface is called an APPLE 
and the interior surface a LEMON. The above left figure 
shows a spindle torus, the middle a cutaway, and the 
right figure shows a cross-section of the spindle torus 
through the xz-plane. 


see also APPLE, CYCLIDE, HORN TORUS, LEMON, PAR- 
ABOLIC SPINDLE CYCLIDE, RING TORUS, SPINDLE CY- 
CLIDE, STANDARD TORI, TORUS 


References 
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Spinode 


Pinkall, U. “Cyclides of Dupin.” 83.3 in Mathematical Models 
from the Collections of Universities and Museums (Ed. 
G. Fischer). Braunschweig, Germany: Vieweg, pp. 28-30, 
1986. 


Spinode 
see also ÁCNODE, CRUNODE, CUSP, TACNODE 


Spinor 

A two-component COMPLEX column VECTOR. Spinors 
are used in physics to represent particles with half- 
integral spin (i.e., Fermions). 
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Proved in Recent Literature on Clifford Algebras, Spinors, 
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Spira Mirabilis 
see LOGARITHMIC SPIRAL 


Spiral 

In general, a spiral is a curve with T(s)/x(s) equal to a 
constant for all s, where r is the TORSION and kx is the 
CURVATURE. 


see also ARCHIMEDES’ SPIRAL, CIRCLE INVOLUTE, 
CONICAL SPIRAL, CORNU SPIRAL, COTES’ SPI- 
RAL, DAISY, EPISPIRAL, FERMAT’S SPIRAL, HYPER- 
BOLIC SPIRAL, LOGARITHMIC SPIRAL, MICE PROBLEM, 
NIELSEN’S SPIRAL, PHYLLOTAXIS, POINSOT’S SPIRALS, 
POLYGONAL SPIRAL, SPHERICAL SPIRAL 
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Ch. 22 in A Book of 
Cambridge University 


Spiral Point 
A FIXED POINT for which the EIGENVALUES are COM- 
PLEX CONJUGATES. 


see also STABLE SPIRAL POINT, UNSTABLE SPIRAL 
POINT 
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Spiric Section 


ee ae 2 


OCS oe 


A curve with Cartesian equation 


(r? -a +e? +27 +y’) = Ar (a? +c’). 


Around 150 BC, Menaechmus constructed CONIC SEC- 
TIONS by cutting a CONE by a PLANE. Two hundred 
years later, the Greek mathematician Perseus investi- 
gated the curves obtained by cutting a TORUS by a 
PLANE which is PARALLEL to the line through the center 
of the HOLE of the Torus (MacTutor). 


In the FORMULA of the curve given above, the TORUS 
is formed from a CIRCLE of RADIUS a whose center is 
rotated along a CIRCLE of RADIUS r. The value of c 
gives the distance of the cutting PLANE from the center 
of the TORUS. 


When c = 0, the curve consists of two CIRCLES of 
RADIUS a whose centers are at (r,0) and (—r,0). If 
c = r +a, the curve consists of one point (the origin), 
while if c > r+a, no point lies on the curve. The above 
curves have (a,b,r) = (3,4,2), (3, 1, 2) (3, 0.8, 2), (3, 
1, 4), (3, 1, 4.5), and (3, 0, 4.5). 


References 

MacTutor History of Mathematics Archive. “Spiric Sec- 
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Spirograph 

A HYPOTROCHOID generated by a fixed point on a CIR- 
CLE rolling inside a fixed CIRCLE. It has parametric 
equations, 


z= (R+ r) cos8 — (r + p) cos (0) (1) 


29), (2) 


y= (R+ r)sin8 — (r + p)sin ( 


where R is the radius of the fixed circle, r is the radius 
of the rotating circle, and p is the offset of the edge of 
the rotating circle. The figure closes only if R, r, and p 
are RATIONAL. The equations can also be written 


x = xo/mcost + acos(nt)] — yolm sin t — asin(nt)] 


(3) 


y = yo[mcost + acos(nt)] + zofm sint — asin(nt)], 


(4) 
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where the outer wheel has radius 1, the inner wheel a 
radius p/q, the pen is placed a units from the center, 
the beginning is at @ radians above the z-axis, and 


q =P 
= =— 5 
m a (5) 
q—Pp 
= == 6 
n= (6) 
£o = cos 0 (7) 
yo = sinó. (8) 


The following curves are for a = 1/10, with i = 1, 2,..., 
10, and @= 0. 


Spirolateral 


ED CD 
Bo BAA 


CB is ÍA 


(p, q) = (2,7) 


SR 
E 


FAQ BRO PLO 
aS HK 


ES 


(p,q) = (3,7) 


Additional attractive designs such as the following can 
also be made by superposing individual spirographs. 


see also EPITROCHOID, HYPOTROCHOID, MAURER 
ROSE, SPIROLATERAL 


Spirolateral 

A figure formed by taking a series of steps of length 1, 2, 
..., Nn, with an angle 0 turn after each step. The symbol 
for a spirolateral is fP“ kng, where the a;s indicate 
that turns are in the —@ direction for these steps. 


all about crystal sets 


Install a small knob on the end of the L1 adjustment 
screw. Make sure that the screw turns freely with the 
knob. Position the 1N34A diode as shown before soldering 
the leads. 


Experiment 1 


Connect the antenna, ground, and 2000-ohm headphones to 
the crystal set terminals. Rotate the Li knob 
counter-clockwise as far as it will go. Do not turn past 
this point, or you may break the ferrite rod inside the 
coil form. The ferrite is now outside of the coil 
winding. This is the highest frequency point of the 
tuning range of Ll. 


Slowly turn the Li knob clockwise and listen for received 
radio stations. When the Li knob is turned fully 
clockwise, the ferrite will be completly inside the coil 
(increasing the inductance) and it will be at the lowest 
frequency point of the tuning range. 


Experiment 2 


Connect capacitors, with values from 50 mmf to 300 mmf, 
in parallel with Ll. Then tune Ll and note how the 
frequency range has changed. 


AMPLIFIER CONNECTION 


The simple Crystal Set (and the other receiver projects) 
can be connected to an amplifier in place of earphones. 
This amplifier can be a single channel input of your home 
stereo. 


Parts values are not critical; Cl is approximately .005 
mfd, and the volume control R1 can be any value from 1000 
ohms to 10,000 ohms. Use shielded wire between R1 and the 
amplifier input jack. 
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Spirolateral 


6 
Ia 


see also MAURER ROSE, SPIROGRAPH 
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Spline 

An interpolating POLYNOMIAL which uses information 
from neighboring points to obtain a degree of global 
smoothness. 


see also B-SPLINE, BÉZIER SPLINE, CUBIC SPLINE, 
NURBS CURVE 
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Splitting 


A type B type 


Splitting Algorithm 
A method for computing a UNIT FRACTION. This 
method always terminates (Beeckmans 1993). 


References 


Beeckmans, L. “The Splitting Algorithm for Egyptian Frac- 
tions.” J. Number Th. 43, 173-185, 1993. 


Sponge 
A sponge is a solid which can be parameterized by IN- 
TEGERS p, g, and n which satisfy the equation 


2sin (=) sin (=) = cos (z) . 


The possible sponges are {p,q|k} = {6,6|3}, {6,44}, 
{4, 6|4}, (3, 616), and {4, 4|oo} (Ball and Coxeter 1987). 
see also HONEYCOMB, MENGER SPONGE, SIERPINSKI 
SPONGE, TETRIX 
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Sporadic Group 

One of the 26 finite SIMPLE GROUPS. The most com- 
plicated is the MONSTER GROUP. Á summary, as given 
by Conway et al. (1985), is given below. 


Sym Name Order MA 
Mi, Mathieu 2*.3?-5-11 1 1 
Mi Mathieu 2°.3°-5-11 2 2 
Mo» Mathieu 27.3°.5-7-11 12 2 
Mas Mathieu 2?.3?.5.7.11-23 1 1 
Maa Mathieu 2°°.3°.5-7-11-23 l1 1 
J= HJ Janko 7 Aes EN ee 2 2 
Suz Suzuki 219.37.5%.7.11-13 6 2 
HS Higman-Sims 2%.3*.5%.7.11 2 2 
MeL McLaughlin 27 .3°.5°.7-11 3 2 
Cox Conway 22,357 + 11-23 1 1 
Cos Conway 218 .3%.5%.7.11-23 1 1 
Co, Conway 2 BP hte AD 13423 2 1 
He Held 21°. 33%. 5?.7°.17 1 2 
Fiz Fischer 27.3%.5%.7.11-13 6 2 
Fin, Fischer 275.379 .5?.7.11-13-17-23 1 1 
Fiz, Fischer 22.3%.5%.7%.11-13-17 3 2 
23 - 29 
HN Harada-Norton 2** .3%.5%.7.11-.19 1 2 
Th Thompson 215,31.53.72*.13.19-31 1 
B Baby Monster 2% .3'%.5%.7?.11-13-17-19 2 1 
-23 - 31 - 47 
M Monster 28.3% .5%.78.112.138.17.19 1 1 
-23 - -29 - 31 - 41 -47 -59-71 
J; Janko 2°-3-5-7-11-19 1 1 
O’N O’Nan 2°.3*.7%.5-11-19-31 3 2 
J; Janko 27.3°.5.17-19 3:9 
Ly Lyons 28.37.5%.7.11-31-37-67 1 1 
Ru Rudvalis 221*.3%.5%.7.-13-29 2 1 
Ja Janko 277 .3°.5-7-11°. 23-29-31 1 1 


‘37 - 43 


see also BABY MONSTER GROUP, CONWAY GROUPS, 
FISCHER GROUPS, HARADA-NORTON GROUP, HELD 
GROUP, HIGMAN-SIMS GROUP, JANKO GROUPS, LYONS 
GROUP, MATHIEU GROUPS, MCLAUGHLIN GROUP, 
MONSTER GROUP, O’NAN GROUP, RUDVALIS GROUP, 
SUZUKI GROUP, THOMPSON GROUP 
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Sports 
see also BASEBALL, BOWLING, CHECKERS, CHESS, GO 


Sprague-Grundy Function 
see NIM- VALUE 


Sprague-Grundy Number 
see NIM- VALUE 


Square 


Sprague-Grundy Value 
see NIM- VALUE 


Spread (Link) 
see SPAN (LINK) 


Spread (Tree) 
A TREE having an infinite number of branches and 
whose nodes are sequences generated by a set of rules. 


see also FAN 


Spun Knot 

A 3-D KNOT spun about a plane in 4-D. Unlike Sus- 
PENDED KNOTS, spun knots are smoothly embedded at 
the poles. 


see also SUSPENDED KNOT, TWIST-SPUN KNOT 


Squarable 
An object which can be constructed by SQUARING is 
called squarable. 


Square 


a 
The term square is sometimes used to mean SQUARE 
NUMBER. When used in reference to a geometric figure, 
however, it means a convex QUADRILATERAL with four 
equal sides at RIGHT ANGLES to each other, illustrated 
above. 


The PERIMETER of a square with side length a is 
L = 4a (1) 


and the AREA is 
Asa. (2) 


The INRADIUS r, CIRCUMRADIUS R, and AREA A can 
be computed directly from the formulas for a general 
regular POLYGON with side length a and n = 4 sides, 


r= Jacot (=) = 5a (3) 
R= jacsc (=) =ivV2a (4) 
Av ina” cot (=) =a’. (5) 


The length of the DIAGONAL of the UNIT SQUARE is V2, 
sometimes known as PYTHAGORAS’S CONSTANT. 


The AREA of a square inscribed inside a UNIT SQUARE 
as shown in the above diagram can be found as follows. 
Label z and y as shown, then 


q? + y — r? (6) 


(yV1+r? -r +y =1. (7) 


Plugging (6) into (7) gives 


(J/1l+r2?—2)? 4+ (r? —27)=1. (8) 


Expanding 
g? — 24/1 +r? +1+r +r- r? =1 (9) 


and solving for x gives 


q? 


c= ——. 
V1l+r? 


Plugging in for y yields 


T 
Y= Y r? — r? = Vint (11) 


The area of the shaded square is then 


2 
Aa=(VierP—2-y?=0=) ay) 


1+ r? 


(10) 


(Detemple and Harold 1996). 


B 


Square 
The STRAIGHTEDGE and COMPASS construction of the 
square is simple. Draw the line OPp and construct a 
circle having OP) as a radius. Then construct the per- 
pendicular OB through O. Bisect PoOB and P¿OB to 
locate Pı and Pz, where Po is opposite Po. Similarly, 
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construct Pz and P4 on the other SEMICIRCLE. Con- 
necting Pı Po P3;P, then gives a square. 


As shown by Schnirelmann, a square can be INSCRIBED 
in any closed convex planar curve (Steinhaus 1983). A 
square can also be CIRCUMSCRIBED about any closed 
curve (Steinhaus 1983). 


An infinity of points in the interior of a square are known 
whose distances from three of the corners of a square are 
RATIONAL NUMBERS. Calling the distances a, b, and c 
where s is the side length of the square, these solutions 
satisfy 


(8 +b? — ay + (s? +.B? — e? y = (2b5)' (13) 


(Guy 1994). In this problem, one of a, b, c, and s is 
DIVISIBLE by 3, one by 4, and one by 5. It is not known 
if there are points having distances from all four corners 
RATIONAL, but such a solution requires the additional 
condition 

te =b He. (14) 


In this problem, s is DIVISIBLE by 4 and a, b, c, and d 
are ODD. If s is not DIVISIBLE by 3 (5), then two of a, 
b, c, and d are DIVISIBLE by 3 (5) (Guy 1994). 


see also BROWKIN’S THEOREM, DISSECTION, DOUGLAS- 
NEUMANN THEOREM, FINSLER-HADWIGER THEOREM, 
LOZENGE, PERFECT SQUARE DISSECTION, PYTHAGO- 
RAS’S CONSTANT, PYTHAGOREAN SQUARE PUZ- 
ZLE, RECTANGLE, SQUARE CUTTING, SQUARE NUM- 
BER, SQUARE PACKING, SQUARE QUADRANTS, UNIT 
SQUARE, VON AUBEL’S THEOREM 
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Square Bracket Polynomial 

A POLYNOMIAL which is not necessarily an invariant of 
a LINK. It is related to the DICHROIC POLYNOMIAL. It 
is defined by the SKEIN RELATIONSHIP 


BL, = a *PvBr, + Boo, (1) 
and satisfies 
Bunknot = gi? (2) 
and 
Bruunknot = "Br. (3) 
References 


Adams, C. C. The Knot Book: An Elementary Introduction 
to the Mathematical Theory of Knots. New York: W. H. 
Freeman, pp. 235-241, 1994. 
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Square Cupola 


JOHNSON SOLID J4. The bottom eight VERTICES are 
(£3(1 + V2),+3,0), (+3, +3(1 + v2), 0), 


and the top four VERTICES are 
1 1 1 1 
5 0, TZ |9 0, o ee O 
V2’ "y2 ) ( v2 5) 


Square Curve 
see SIERPINSKI CURVE 


Square Cutting 
The average number of regions into which N lines divide 
a SQUARE is 


N(N-Dr+N+1 


1 

16 
(Santaló 1976). 
see also CIRCLE CUTTING 
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Square-Free 
see SQUAREFREE 


Square Gyrobicupola 
see JOHNSON SOLID 


Square Integrable 
A function f(x) is said to be square integrable if 


J f(a)? da 


see also INTEGRABLE, L2-NORM, TITCHMARSH THEO- 
REM 


is finite. 


References 

Sansone, G. “Square Integrable Functions.” §1.1 in Orthogo- 
nal Functions, rev. English ed. New York: Dover, pp. 1-2, 
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Square Number 


Square Knot 


E 2 


SE 


A composite KNOT of six crossings consisting of a KNOT 
SuM of a TREFOIL KNOT and its MIRROR IMAGE. The 
GRANNY KNOT has the same ALEXANDER POLYNOMIAL 
(1? —x+1)? as the square knot. The square knot is also 
called the REEF KNOT. 


see also GRANNY KNOT, MIRROR IMAGE, TREFOIL 
KNOT 


References 
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Square Matrix 
A MATRIX for which horizontal and vertical dimensions 
are the same (i.e., an n xn MATRIX). 


see also MATRIX 


Square Number 


A FIGURATE NUMBER of the form m = n?, where n 
is an INTEGER. A square number is also called a PER- 
FECT SQUARE. The first few square numbers are 1, 4, 
9, 25, 36, 49, ... (Sloane’s A000290). The GENERATING 
FUNCTION giving the square numbers is 


c+ 1) _ 2 3 4 
ee ER + 9x" + 16r +.... (1) 


The kth nonsquare number az is given by 
an =n+|it+vn, (2) 


where |x| is the FLOOR FUNCTION, and the first few 
are 2, 3, 5, 6, 7, 8, 10, 11, ... (Sloane’s A000037). 


The only numbers which are simultaneously square and 
PYRAMIDAL (the CANNONBALL PROBLEM) are P; = 1 
and P24 = 4900, corresponding to S; = 1 and Syo = 
4900 (Dickson 1952, p. 25; Ball and Coxeter 1987, p. 59; 
Ogilvy 1988), as conjectured by Lucas (1875, 1876) and 
proved by Watson (1918). The CANNONBALL PROBLEM 
is equivalent to solving the DIOPHANTINE EQUATION 


y = t2(x+1)(22 + 1) (3) 


Square Number 


(Guy 1994, p. 147). 


The only numbers which are square and TETRAHEDRAL 
are Te, = 1, Tez = 4, and Tess = 19600 (giving Sı = 1, 
S2 = 4, and Sis = 19600), as proved by Meyl (1878; 
cited in Dickson 1952, p. 25; Guy 1994, p. 147). In 
general, proving that only certain numbers are simulta- 
neously figurate in two different ways is far from elemen- 
tary. 


To find the possible last digits for a square number, write 
n = 10a+b for the number written in decimal NOTATION 
as abio (a, b = 0, 1,..., 9). Then 


n? = 100a? + 20ab + b°, (4) 


so the last digit of n? is the same as the last digit of 6”. 
The following table gives the last digit of b? for b = 0, 
1,..., 9. As can be seen, the last digit can be only 0, 
1, 4, 5, 6, or 9. 


ojıj2|3|4|5/6|7j8]9 


o |1 ja j9 | 6 | 5 | 6 | -9 | -4 | 1 | 


We can similarly examine the allowable last two digits 
by writing abcio as 


n = 100a + 10b + c, (5) 
SO 


= (100a + 10b + cy” 
= 10%” + 2(1000ab + 100ac + 10bc) + 100B7 + e? 
= (10*a7 + 2000ab + 100ac + 1000?) + 20bc + e”, 


(6) 
so the last two digits are given by 20bc+ c* = c(20b+c). 


But since the last digit must be 0, 1, 4, 5, 6, or 9, the 
following table exhausts all possible last two digits. 


The only possibilities are 00, 01, 04, 09, 16, 21, 24, 25, 
29, 36, 41, 44, 49, 56, 61, 64, 69, 76, 81, 84, 89, and 96, 
which can be summarized succinctly as 00, el, e4, 25, 
06, and e9, where e stands for an EVEN NUMBER and o 
for an ODD NUMBER. Additionally, unless the sum of 
the digits of a number is 1, 4, 7, or 9, it cannot be a 
square number. 


The following table gives the possible residues mod n 
for square numbers for n = 1 to 20. The quantity s(n) 
gives the number of distinct residues for a given n. 
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n s(n) r? (mod n) 

2 2 0,1 

3 201 

4 20,1 

5 3 0,1,4 

6 4 0,1,3,4 

7 4 0,1,2,4 

8 3 0,1,4 

9 4 0,1,4,7 

10 6 0,1,4,5,6,9 

11 6 0,1,3,4,5,9 

12 4 0,1, 4,9 

13 7 0,1, 3, 4,9, 10, 12 

14 8 0,1, 2,4, 7,8, 9,11 

15 6 0,1, 4, 6, 9, 10 

16 4 0,1,4,9 

17 9 0,1,2,4,8, 9, 13, 15, 16 
18 8 0, 1, 4, 7, 9, 10, 13, 16 
19 10 0,1, 4,5, 6, 7, 9, 11, 16, 17 
20 6 0,1,4,5,9,16 


e 


In general, the ODD squares are congruent to 1 (mod 8) 
(Conway and Guy 1996). Stangl (1996) gives an explicit 
formula by which the number of squares s(n) in Zn (i.e., 
mod n) can be calculated. Let p be an ODD PRIME. 
Then s(n) is the MULTIPLICATIVE FUNCTION given by 


s(2) = 2 (7) 


s(p)=3(p+1) (p#2) (8) 
s(p")= Hp" —p+2) (p#2) (9) 


n 1(277* 44) for n even 
ae) = l i (gn +5) for n odd 0) 
pot*+p+2 | 
pr) hw) for n > 3 even (11) 
= n+142p41 
a for n > 3 odd. 


s(n) is related to the number q(n) of QUADRATIC 
RESIDUES in Zn by 


q(p") = s(p”) — s(p"~*) (12) 


for n > 3 (Stangl 1996). 


For a perfect square n, (n/p) = 0 or 1 for all ODD 
PRIMES p < n where (n/p) is the LEGENDRE SYMBOL. 
A number n which is not a perfect square but which 
satisfies this relationship is called a PSEUDOSQUARE. 


The minimum number of squares needed to represent 
the numbers 1, 2, 3,... are 1, 2, 3, 1, 2, 3, 4, 2, 1, 2,... 
(Sloane’s A002828), and the number of distinct ways to 
represent the numbers 1, 2, 3, ... in terms of squares 
are 1, 1, 1, 2, 2, 2, 2, 3, 4, 4, ... (Sloane’s A001156). 
A brute-force algorithm for enumerating the square per- 
mutations of n is repeated application of the GREEDY 
ALGORITHM. However, this approach rapidly becomes 
impractical since the number of representations grows 
extremely rapidly with n, as shown in the following ta- 
ble. 


1710 Square Number 
n Square Partitions 
10 4 
50 104 
100 1116 
150 6521 
200 27482 


Every POSITIVE integer is expressible as a SUM of (at 
most) g(2) = 4 square numbers (WARING’S PROBLEM). 
(Actually, the basis set is (0, 1, 4, 9, 16, 25, 36, 64, 81, 
100, ...), so 49 need never be used.) Furthermore, an 
infinite number of n require four squares to represent 
them, so the related quantity G(2) (the least INTEGER 
n such that every POSITIVE INTEGER beyond a certain 
point requires G(2) squares) is given by G(2) = 4. 


Numbers expressible as the sum of two squares are those 
whose PRIME FACTORS are of the form 4k — 1 taken to 
an EVEN POWER. Numbers expressible as the sum of 
three squares are those not of the form 4*(81 + 7) for 
k,1 > 0. The following table gives the first few numbers 
which require N = 1, 2, 3, and 4 squares to represent 
them as a sum. 


N Sloane Numbers 

1 000290 1, 4, 9, 16, 25, 36, 49, 64, 81,... 

2 000415 2,5, 8, 10, 13, 17, 18, 20, 26, 29,... 

3 000419 3,6, 11, 12, 14, 19, 21, 22, 24, 27,... 
4 004215 7, 15, 23, 28, 31, 39, 47, 55, 60, 63, ... 


The FERMAT 4n + 1 THEOREM guarantees that every 
PRIME of the form 4n + 1 is a sum of two SQUARE NUM- 
BERS in only one way. 


There are only 31 numbers which cannot be expressed 
as the sum of distinct squares: 2, 3, 6, 7, 8, 11, 12, 15, 
18, 19, 22, 23, 24, 27, 28, 31, 32, 33, 43, 44, 47, 48, 60, 
67, 72, 76, 92, 96, 108, 112, 128 (Sloane’s A001422; Guy 
1994). All numbers > 188 can be expressed as the sum 
of at most five distinct squares, and only 


124=1+4+9+25+36 +49 (13) 


and 
188 = 1 + 4 + 94 25 + 49 + 100 (14) 


require six distinct squares (Bohman et al. 1979; Guy 
1994, p. 136). In fact, 188 can also be represented using 
seven distinct squares: 


188 =1+4+9+25+36 + 49 + 64. (15) 


The following table gives the numbers which can be rep- 
resented in W different ways as a sum of S squares. For 


example, 
50=174+7=545* 


can be represented in two ways (W = 2) by two squares 
(5=2): 


Square Number 


= 


Sloane Numbers 


000290 1, 4, 9, 16, 25, 36, 49, 64, 81, 100, ... 
025284 2.5, 8, 10, 13, 17, 18, 20, 25, 26, 29, ... 
025285 50, 65, 85, 125, 130, 145, 170, 185, ... 
025321 3, 6, 9, 11, 12, 14, 17, 18, 19, 21, 22, ... 
025322 27, 33, 38, 41, 51, 57, 59, 62, 69, 74, ... 
025323 54, 66, 81, 86, 89, 99, 101, 110, 114, ... 
025324 129, 134, 146, 153, 161, 171, 189, ... 
025357 4, 7, 10, 12, 13, 15, 16, 18, 19, 20, ... 
025358 31, 34, 36, 37, 39, 43, 45, 47, 49, ... 
025359 28, 42, 55, 60, 66, 67, 73, 75, 78, ... 
025360 52, 58, 63, 70, 76, 84, 87, 91, 93, ... 


bP PP o0on0 yan Dan 
mower fw NA Na a 


The number of INTEGERS < zx which are squares or sums 
of two squares is 


N(x) ~ kz(lna) *?, (16) 
where 
1 
= L — p~=2)\-l1 
k= |> |] @-r-?) (17) 
r=4n+3 
Tr prime 


(Landau 1908; Le Lionnais 1983, p. 31). The product 
of four distinct NONZERO INTEGERS in ARITHMETIC 
PROGRESSION is square only for (-3, —1, 1, 3), giv- 
ing (—3)(—1)(1)(3) = 9 (Le Lionnais 1983, p. 53). It 
is possible to have three squares in ARITHMETIC PRO- 
GRESSION, but not four (Dickson 1952, pp. 435-440). If 
these numbers are r?, s?, and t?, there are POSITIVE 
INTEGERS p and q such that 


r = |p’ — 2pq — q” (18) 
s=p +g (19) 
t = p° +2pq- g, (20) 


where (p,q) = 1 and one of r, s, or t is EVEN (Dick- 
son 1952, pp. 437—438}. Every three-term progression of 
squares can be associated with a PYTHAGOREAN TRIPLE 
(X,Y, Z) by 


X = Hr+!) (21) 
Y = (tr) (22) 
Z =á (23) 


(Robertson 1996). 


CATALAN'S CONJECTURE states that 8 and 9 (2% and 
3°) are the only consecutive POWERS (excluding 0 and 
1), i.e., the only solution to CATALAN’S DIOPHANTINE 
PROBLEM. This CONJECTURE has not yet been proved 
or refuted, although R. Tijdeman has proved that there 
can be only a finite number of exceptions should the 
CONJECTURE not hold. It is also known that 8 and 9 
are the only consecutive CUBIC and square numbers (in 
either order). 


Square Number 


A square number can be the concatenation of two 
squares, as in the case 16 = 4% and 9 = 3* giving 
169 = 137. 


It is conjectured that, other than 10%”, 4 x 10%” and 
9 x 10°", there are only a FINITE number of squares 
n* having exactly two distinct NONZERO DIGITS (Guy 
1994, p. 262). The first few such n are 4, 5, 6, 7, 8, 9, 
11, 12, 15, 21, ... (Sloane’s A016070), corresponding to 
n? of 16, 25, 36, 49, 64, 81, 121, ... (Sloane’s A016069). 


The following table gives the first few numbers which, 
when squared, give numbers composed of only certain 
digits. The only known square number composed only 
of the digits 7, 8, and 9 is 9. Vardi (1991) considers 
numbers composed only of the square digits: 1, 4, and 
9. 

Digits Sloane n, n? 

030175 
030174 
027677 
027676 
027675 


1, 2,3 1, 11, 111, 36361, 363639, ... 
1, 121, 12321, 1322122321, .... 
1, 2, 4, 8, 12, 31, 38, 108, ... 
1, 4, 16, 64, 144, 441, 1444, ... 

2, 3, 7, 12, 21, 38, 107, ... 
006716 1, 4,9, 49, 144, 441, 1444, 11449, ... 
027679 2, 22, 168, 478, 2878, 210912978, ... 


I, 
1, 
2, 
027678 4, 484, 28224, 228484, 8282884, ... 
2, 
4, 


1,4,6 
1, 4, 9 
2,4, 8 


4,5,6 030177 8, 216, 238, 258, 738, 6742, ... 


030176 64, 46656, 56644, 66564, ... 


BROWN NUMBERS are pairs (m,n) of INTEGERS satis- 
fying the condition of BROCARD’S PROBLEM, i.e., such 
that 

ni+1l=m’, (24) 


where n! is a FACTORIAL. Only three such numbers are 
known: (5,4), (11,5), (71,7). Erdós conjectured that 
these are the only three such pairs. 


Either 527 + 4 = y? or 527 — 4 = y? has a solution in 
POSITIVE INTEGERS IFF, for some n, (x,y) = (Fn, Ln), 
where Fn is a FIBONACCI NUMBER and Ln is a LUCAS 
NUMBER (Honsberger 1985, pp. 114-118). 


The smallest and largest square numbers containing the 
digits 1 to 9 are 


11,826* = 139,854, 276, (25) 


30,384? = 923, 187, 456. (26) 


The smallest and largest square numbers containing the 
digits O to 9 are 


32,0437 = 1,026, 753, 849, (27) 


99,066” = 9, 814, 072, 356 (28) 


(Madachy 1979, p. 159). The smallest and largest square 
numbers containing the digits 1 to 9 twice each are 


335, 180, 1367 = 112, 345, 723, 568,978,496 (29) 
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999, 390, 432? = 998, 781, 235,573, 146,624, (30) 


and the smallest and largest containing 1 to 9 three 
times are 


10, 546, 200, 195, 312° 

= 111, 222, 338, 559, 598, 866, 946, 777,344 (31) 
31, 621, 017, 808, 1827 

= 999, 888, 767, 225, 363, 175, 346,145,124 (32) 


(Madachy 1979, p. 159). 


Madachy (1979, p. 165) also considers number which are 
equal to the sum of the squares of their two “halves” 
such as 


1233 = 12? + 33° (33) 
8833 = 887 + 33° (34) 
10100 = 10° + 1007 (35) 
5882353 = 588° + 23537, (36) 


in addition to a number of others. 


see also ANTISQUARE NUMBER, BIQUADRATIC NUM- 
BER, BROCARD’S PROBLEM, BROWN NUMBERS, CAN- 
NONBALL PROBLEM, CATALAN’S CONJECTURE, CEN- 
TERED SQUARE NUMBER, CLARK’S TRIANGLE, CUBIC 
NUMBER, DIOPHANTINE EQUATION, FERMAT 4n + 1 
THEOREM, GREEDY ALGORITHM, GROSS, LAGRANGE’S 
FOUR-SQUARE THEOREM, LANDAU-RAMANUJAN CON- 
STANT, PSEUDOSQUARE, PYRAMIDAL NUMBER, rą(n), 
SQUAREFREE, SQUARE TRIANGULAR NUMBER, WAR- 
ING’S PROBLEM 
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see JOHNSON SOLID 


Square Packing 

Find the minimum size SQUARE capable of bounding n 
equal SQUARES arranged in any configuration. The only 
packings which have been proven optimal are 2, 3, 5, and 
SQUARE NUMBERS (4, 9, ...). If n = a? — a for some 
a, it is CONJECTURED that the size of the minimum 
bounding square is a for small n. The smallest n for 
which the CONJECTURE is known to be violated is 1560. 
The size is known to scale as k°, where 


3(3-V13)<b< Jj. 


> 


1 1 
2 2 
3 2 
4 2 
5 | 24+3v2 
6 3 
7 3 
8 3 
9 3 

3+3v2 


= 


De ana 


4+3 
2(7 + V7) 
3+ $v2 


Square Pyramid 


The best packing of a SQUARE inside a PENTAGON, il- 
lustrated above, is 1.0673.... 
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Square Polyomino 


ee 


see also L-POLYOMINO, SKEW POLYOMINO, STRAIGHT 
POLYOMINO, T-POLYOMINO 


ao 


A square pyramid is a PYRAMID with a SQUARE base. 
If the top of the pyramid is cut off by a PLANE, a square 
PYRAMIDAL FRUSTUM is obtained. If the four TRI- 
ANGLES of the square pyramid are EQUILATERAL, the 
square pyramid is the “regular” POLYHEDRON known as 
JOHNSON SOLID J; and, for side length a, has height 


| Square Pyramid 


h=142a, (1) 


Using the equation for a general PYRAMID, the VOLUME 
of the “regular” is therefore 


V = thA = 1V2a°. (2) 


If the apex of the pyramid does not lie atop the center 
of the base, then the SLANT HEIGHT is given by 


s = 4/h? + ła, | (3) 


where h is the height and a is the length of a side of the 
base. 


Square Pyramid 


\ c Wy 
\ AN AN 
" ' 
a alN2 al2 
(a) (b) (c) 


Consider a HEMISPHERE placed on the base of a square 
pyramid (having side lengths a and height h). Further, 
let the hemisphere be tangent to the four apex edges. 
Then what is the volume of the HEMISPHERE which is 
interior the pyramid (Cipra 1993)? 


From Fig. (a), the CIRCUMRADIUS of the base is a/ v2. 
Now find h in terms of r and a. Fig. (b) shows a CROSS- 
SECTION cut by the plane through the pyramid's apex, 
one of the base’s vertices, and the base center. This 
figure gives 


b= $a? — r? (4) 


c= Vh? —7r?, (5) 


so the SLANT HEIGHT is 


s = 4/h? + 4a? =b+c= 4/50? -r24yh?-r?. (6) 


Solving for h gives 


ra 


We know, however, that the HEMISPHERE must be tan- 
gent to the sides, so r = a/2, and 


Nie 


h= i V/2a. (8) 


1 
a — 
SSS a= a = 
112 _ 1,2 1 
a 39 Jt 


Fig. (c) shows a CROSS-SECTION through the center, 
apex, and midpoints of opposite sides. The PYTHAGO- 
REAN THEOREM once again gives 


l= 4/40? +h? = 4/30? + 5a? = 5 V3a. (9) 


We now need to find z and Y. 


14/30 -2a2+d=l. (10) 


But we know / and h, and d is given by 


d=YVh-a?, (11) 


\/ 4a? — 2? + 14/La2—2?=143a. (12) 


SO 
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Solving gives 
x= ivV6a, (13) 


3-2 a 
=VWr2-a=4/-la=14 =a = —. (14 
y 4 6 12 2/3 (14) 


We can now find the AREA of the SPHERICAL CAP as 


Veap = nH (34? + H?), (15) 

where 

a 
A=y=-—-= 16 
=A (16) 
1 1 
H=r=x=la-L=a =- — — |, 17 
SO 


lI 

œl 

3 

2 
reed 
Ha | = 

+ 
ATTN 
ajm 


ı 3 f1 T | 
= ¿Ta G 7). (18) 


Therefore, the volume within the pyramid is 


2 rm? 21,3 2,,3 1 7 
Vinside = 307 — 4Veap = ¿TG — ¿TA (6-3) 


2 646 
_an3(1_21, 7 Y_2_.3(_1 _3 
= 37a (; 217s 5) = ¿no 6/6 3 
= mat (3). (19) 


This problem appeared in the Japanese scholastic apti- 
tude test (Cipra 1993). 


see also SQUARE PYRAMIDAL NUMBER 
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Square Pyramidal Number 
A FIGURATE NUMBER of the form 


Pa = ¿n(n + 1)(2n +1), (1) 


corresponding to a configuration of points which form 
a SQUARE PYRAMID, is called a square pyramidal num- 
ber (or sometimes, simply a PYRAMIDAL NUMBER). The 
first few are 1, 5, 14, 30, 55, 91, 140, 204, ... (Sloane's 
A000330). They are sums of consecutive pairs of TET- 
RAHEDRAL NUMBERS and Satisfy 

Pa = +(2n + DT», (2) 


— 3 
where Tn is the nth TRIANGULAR NUMBER. 


The only numbers which are simultaneously SQUARE 
and pyramidal (the CANNONBALL PROBLEM) are P, = 1 
and P24 = 4900, corresponding to Si = 1 and S7 = 
4900 (Dickson 1952, p. 25; Ball and Coxeter 1987, p. 59; 
Ogilvy 1988), as conjectured by Lucas (1875, 1876) and 
proved by Watson (1918). The proof is far from ele- 
mentary, and is equivalent to solving the DIOPHANTINE 
EQUATION 

y = ka(x+1)(2¢ + 1) (3) 


(Guy 1994, p. 147). However, an elementary proof has 
also been given by a number of authors. 


Numbers which are simultaneously TRIANGULAR and 
square pyramidal satisfy the DIOPHANTINE EQUATION 


3(2y +1)? = 8a° + 1227 + 42 +3. (4) 


The only solutions are z = —1, 0, 1, 5, 6, and 85 (Guy 
1994, p. 147). Beukers (1988) has studied the problem 
of finding numbers which are simultaneously TETRAHE- 
DRAL and square pyramidal via INTEGER points on an 
ELLIPTIC CURVE. He finds that the only solution is the 
trivial Te, = P, = 1, 


see also TETRAHEDRAL NUMBER 
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Square Root 


Square Quadrants 
P S 


The areas of the regions illustrated above can be found 
from the equations 


A+4B+4+4C=1 (1) 


A+3B+2C = ln. (2) 


Since we want to solve for three variables, we need a 
third equation. This can be taken as 


A+2B+C=2E+0D, (3) 
where 
D=¿v3 (4) 
D+E= T, (5) 
leading to 


A+2B+C = D+2E = 2(D+E)-D = in-$v3. (6) 


Combining the equations (1), (2), and (6) gives the ma- 
trix equation 


1 4 4]fA 1 
13 2| |Bļ|= ¿7 , (7) 
1 2 1jLC an — ¿3v3 
which can be inverted to yield 
A=1-vV3- in (8) 
B=-1+1V3+ ¿1 (9) 
C=1- iv3+ ir. (10) 
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Square Root 


Re[Sqrt z] [Sart z] 


Im(Sqrt z] 


A square root of x is a number r such that r° = x. This 
is written r = «'/? (x to the 1/2 POWER) or r = yz. 
The square root function f(z) = x is the INVERSE 
FUNCTION of f(x) = x”. Square roots are also called 
RADICALS or SURDS. A general COMPLEX NUMBER z 
has two square roots. For example, for the real POSITIVE 
number x = 9, the two square roots are /9 = +3, since 
3? = (-3)* = 9. Similarly, for the real NEGATIVE num- 
ber z = —9, the two square roots are Y—9 = +33, where 
i is the IMAGINARY NUMBER defined by i? = —1. In 
common usage, unless otherwise specified, “the” square 
root is generally taken to mean the POSITIVE square 
root. 


The square root of 2 is the IRRATIONAL NUMBER V2 = 
1.41421356 (Sloane’s A002193), which has the simple 
periodic CONTINUED FRACTION 1, 2, 2, 2, 2, 2, .... 
The square root of 3 is the IRRATIONAL NUMBER V3 = 
1.73205081 (Sloane’s A002194), which has the simple 
periodic CONTINUED FRACTION 1, 1, 2, 1, 2, 1, 2,.... 
In general, the CONTINUED FRACTIONS of the square 
roots of all POSITIVE integers are periodic. 


The square roots of a COMPLEX NUMBER are given by 
1 = 
a/a+ ty = Eyr? + y? f cos E tan * (2) 
=t = =. Gh 
+41 sin É an E (1) 


As can be seen in the above figure, the IMAGINARY PART 
of the complex square root function has a BRANCH CUT 
along the NEGATIVE real axis. 


A NESTED RADICAL of the form x/a + b./c can some- 
times be simplified into a simple square root by equating 


Jatb/e= Vdt ye. (2) 
Squaring gives 
atbyc=d+e+2vVde, (3) 
so 
a=d+e (4) 
b*c = Ade. (5) 


Solving for d and e gives 


Sar == pa 
des te _ b*e (6) 
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A sequence of approximations a/b to yn can be derived 
by factoring 
a? — nb? = +1 (7) 


(where —1 is possible only if —1 is a QUADRATIC 
RESIDUE of n). Then 


(a+ b/n)(a —b/n) = +1 (8) 
(a+ b/n)*(a — byn)" = (+1)* = +1, (9) 
and 
(1+ Vn)' =14 yn (10) 
(1+Yn)Y =(14+n)+2yn (11) 


(1+ /n)(at+b/n) =(a+bn) + vn(a +b). (12) 


Therefore, a and b are given by the RECURRENCE RE- 
LATIONS 


Qi = Qi—1 + b¡-1n (13) 
bi = 4-1 + bi-1 (14) 


with a; = bı = 1. The error obtained using this method 
is 

aes. PE A 
bla + b/n) 2b2 ` 


z- val = (15) 


The first few approximants to yn are therefore given by 


1+3n 1+6n +n? 1+10n + 5n* 
"3+n” 4(n4+1) * 54+10n+n2* — 
(16) 
This ALGORITHM is sometimes known as the BHASKA- 
RA-BROUCKNER ALGORITHM. For the case n = 2, this 
gives the convergents to v2 as 1, 3/2, 7/5, 17/12, 41/29, 
99/70, .... 


1,5(1+nm) 


Another general technique for deriving this sequence, 
known as NEWTON’S ITERATION, is obtained by letting 
r = y/n. Then z = n/x, so the SEQUENCE 


1 n 
== = 1 
Lk 2 (= i+ “| (17) 


converges quadratically to the root. The first few ap- 
proximants to y/n are therefore given by 


1+6n +n? 
4(n+1) ” 
1 + 26n + 70n? + 28n? + nt 
8(1+n(01+6n+n2) 7 


1,5(1+nm), 


(18) 


For /2, this gives the convergents 1, 3/2, 17/12, 
577/408, 665857 /470832, .... 


see also CONTINUED SQUARE ROOT, CUBE ROOT, 
NESTED RADICAL, NEWTON’S ITERATION, QUADRATIC 
SURD, ROOT OF UNITY, SQUARE NUMBER, SQUARE 
TRIANGULAR NUMBER, SURD 
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Square Root Inequality 


2/n+1-2/n< Jg <Va- WaT 
n 


Square Root Method 
The square root method is an algorithm which solves 
the MATRIX EQUATION 


Au =g (1) 


for u, with A a p x p SYMMETRIC MATRIX and g a 
given VECTOR. Convert Á to a TRIANGULAR MATRIX 
such that 

TT =A, (2) 


where TT is the MATRIX TRANSPOSE. Then 


T'k=g (3) 
Tu=k, (4) 
so 
$11 $12 
0 S22 
TS . (5) 
0 0 ++ Sop 
giving the equations 
2 
$11 = 411 


§11512 = 412 
2 2 
S12 + 822 = 022 


2 2 2 
$15 t S2; F...+FSjj = Qj; 


S1j + $2j7Sak +... + SjjSjk = Ajk- (6) 
These give 
$11 = V@11 
$12 = 
$22 = 
Sjj = Y ajj — Sij? — 825? =... — Sj-1,5% 
Qik — S1jS1k — §2782k — «++. ~ $j-1,j83-1,k 
_ lij j j j-l, i 
Sik = 2 > (7) 


Sjj 


Square Triangular Number 


giving T from A. Now solve for k in terms of the s;;s 
and g, 


sı1kı = gı 
si2k1 + s22k2 = 92 
Sijki + s2jk2 +... + 8jjkj = 95, (8) 


which gives 


ima 
$11 
— Siok 
E g2 121 
S22 
k; = gj — Sıjkı = S2jk2 R aa = Sj—-1,jkj-1 l (9) 


Sjj 
Finally, find u from the s,;s and k, 


S11U1 + 81242... + S1pUp = kı 


82242 +... + S2pUp = ko 


SppUp = kp, (10) 
giving the desired solution, 
= Kp 
n= 
Spp 
_ Kp-1 — Sp-1,pUp 
Uy = ———— 
Sp—-1,p-1 
u, Pi SIGA LUGAR — 85,542Uj42 — ++ — SjpUp 
J E b 
Sjj 
(11) 


see also LU DECOMPOSITION 


References | 

Kenney, J. F. and Keeping, E. S. Mathematics of Statistics, 
Pt. 2, 2nd ed. Princeton, NJ: Van Nostrand, pp. 298-300, 
1951. 


Square Triangular Number 

A number which is simultaneously SQUARE and TRIAN- 
GULAR. The first few are 1, 36, 1225, 41616, 1413721, 
48024900, ... (Sloane’s A001110), corresponding to 
Tı = Sı, Ta = Se, Tas = S35, Teas = S204, Tiesi = 
Si1s9, ... (Pietenpol 1962), but there are an infinite 
number, as first shown by Euler in 1730 (Dickson 1952). 


The general FORMULA for a square triangular number 
STan is b*c?, where b/c is the nth convergent to the CON- 
TINUED FRACTION of v2 (Ball and Coxeter 1987, p. 59; 
Conway and Guy 1996). The first few are 


1 3 7 17 41 99 239 
1’ 2’ 5’ 12’ 29’ 70’ 169” 


The NUMERATORS and DENOMINATORS give solutions 
to the PELL EQUATION 


a? — 2y? = +1, (2) 


Square Triangular Number 


but can also be obtained by doubling the previous FRAC- 
TION and adding to the FRACTION before that. The con- 
nection with the PELL EQUATION can be seen by letting 
N denote the Nth TRIANGULAR NUMBER and M the 
Mth SQUARE NUMBER, then 


IN(N +1) = M’. (3) 

Defining 
z=2N+1 (4) 
y =2M (5) 


then gives the equation 


z’ -2y =1 (6) 


(Conway and Guy 1996). Numbers which are simul- 


taneously TRIANGULAR and SQUARE PYRAMIDAL also 
satisfy the DIOPHANTINE EQUATION 


3(2y + 1)? = 8a° + 122% + 4x + 3. (T) 


The only solutions are z = —1, 0, 1, 5, 6, and 85 (Guy 
1994, p. 147). 


A general FORMULA for square triangular numbers is 
(1+ v2)" ~~ v2)"] 
== e (8) 

4/2 
2[(17 + 1242)" + (17 — 1242)” — 2]. (9) 


ST, = 


The square triangular numbers also satisfy the RECUR- 
RENCE RELATION 


ST, = 34STn-1 — STn-2 +2 (10) 
Un+2 = 6un+1 — Un; (11) 
with uy = 0, u = 1, where ST, = Un. A curious 


product formula for ST, is given by 


An amazing GENERATING FUNCTION is 


= 1 + 362 + 12252* +... 
(13) 


1+2 
Ha) = (1 — 2)(1 — 34x + a?) 


(Sloane and Plouffe 1995). 


see also SQUARE NUMBER, SQUARE ROOT, TRIANGU- 
LAR NUMBER 
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Square Wave 


The square wave is a periodic waveform consisting of 
instantaneous transitions between two levels which can 
be denoted +1. The square wave is sometimes also called 
the RADEMACHER FUNCTION. Let the square wave have 
period 2L. The square wave function is ODD, so the 
FOURIER SERIES has ao = an = O and 


bn 


Il 
a bin 
IT, 
Eu 

A. 

Lam 
PT 
3 

z 
Mna” 

Aa, 


li 
| 
un 
5, 
y 
> 


Lng) = 4 {° n even 


~ nr 11 nodd. 


The FOURIER SERIES for the square wave is therefore 


n=1,3,5,... 


see also HADAMARD MATRIX, WALSH FUNCTION 
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Squared 
A number to the POWER 2 is said to be squared, so that 
az” is called “a squared.” 


see also CUBED, SQUARE ROOT 
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Squared Square 
see PERFECT SQUARE DISSECTION 


Squarefree 


pS A =m ale, 


20 49 60 80 100 


A number is said to be squarefree (or sometimes 
QUADRATFREI; Shanks 1993) if its PRIME decomposi- 
tion contains no repeated factors. All PRIMES are there- 
fore trivially squarefree. The squarefree numbers are 1, 
2, 3, 5, 6, 7, 10, 11, 13, 14, 15, ... (Sloane’s A005117). 
The SQUAREFUL numbers (i.e., those that contain at 
least one square) are 4, 8, 9, 12, 16, 18, 20, 24, 25, ... 
(Sloane’s A013929). 


The asymptotic number Q(n) of squarefree numbers < n 
is given by 


6n 

Q(n) = + O(n) a) 
(Hardy and Wright 1979, pp. 269-270). Q(n) for n = 
10, 100, 1000, ... are 7, 61, 608, 6083, 60794, 607926, 
. ., While the asymptotic density is 1/¢(2) = 6/7? = 
0.607927, where ¢(n) is the RIEMANN ZETA FUNCTION. 


The MOBIUS FUNCTION is given by 


p(n) = 
0 if n has one or more repeated prime factors 
1 ifn=1 
(-1)* if n is product of k distinct primes, 


(2) 


so p(n) Æ 0 indicates that n is squarefree. The asymp- 
totic formula for Q(z) is equivalent to the formula 


Yin) = $ +0(v%) (3) 


(Hardy and Wright 1979, p. 270) 


There is no known polynomial-time algorithm for recog- 
nizing squarefree INTEGERS or for computing the square- 
free part of an INTEGER. In fact, this problem may 
be no easier than the general problem of integer fac- 
torization (obviously, if an integer n can be factored 
completely, n is squarefree IFF it contains no dupli- 
cated factors). This problem is an important unsolved 
problem in NUMBER THEORY because computing the 


Squareful 


RING of integers of an algebraic number field is re- 
ducible to computing the squarefree part of an IN- 
TEGER (Lenstra 1992, Pohst and Zassenhaus 1997). 
The Mathematica® (Wolfram Research, Champaign, 
IL) function NumberTheory ‘NumberTheoryFunctions ‘ 
SquareFreeQ[n] determines whether a number is 
squarefree. 


The largest known SQUAREFUL FIBONACCI NUMBER 
is F336, and no SQUAREFUL FIBONACCI NUMBERS F, 
are known with p PRIME. All numbers less than 
2.5 x 101 in SYLVESTER’S SEQUENCE are squarefree, 
and no SQUAREFUL numbers in this sequence are known 
(Vardi 1991). Every CARMICHAEL NUMBER is square- 
free. The BINOMIAL COEFFICIENTS (*”, *) are square- 
free only for n = 2, 3, 4, 6, 9, 10, 12, 36, ..., with no 
others less than n = 1500. The CENTRAL BINOMIAL 
COEFFICIENTS are SQUAREFREE only for n = 1, 2, 3, 4, 
5, 7, 8, 11, 17, 19, 23, 71, ... (Sloane’s A046098), with 
no others less than 1500. 


see also BINOMIAL COEFFICIENT, BIQUADRATEFREE, 
COMPOSITE NUMBER, CUBEFREE, ERDOS SQUAREFREE 
CONJECTURE, FIBONACCI NUMBER, KORSELT’S CRITE- 
RION, MOBIUS FUNCTION, PRIME NUMBER, RIEMANN 
ZETA FUNCTION, SARKOZY’S THEOREM, SQUARE NUM- 
BER, SQUAREFUL, SYLVESTER’S SEQUENCE 
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Squareful 

A number is squareful, also called NONSQUAREFREE, if it 
contains at least one SQUARE in its prime factorization. 
Such a number is also called SQUAREFUL. The first few 
are 4, 8, 9, 12, 16, 18, 20, 24,.25,... (Sloane’s A013929). 
The greatest multiple prime factors for the squareful 
integers are 2, 2, 3, 2, 2, 3, 2, 2,5, 3, 2, 2, 3,... (Sloane's 
A046028). The least multiple prime factors for squareful 
integers are 2, 2, 3, 2, 2, 3, 2, 2, 5, 3, 2, 2, 2,... (Sloane’s 
A046027). 


see also GREATEST PRIME FACTOR, LEAST PRIME FAC- 
TOR, SMARANDACHE NEAR-TO-PRIMORIAL FUNCTION, 
SQUAREFREE 


Squaring 
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Squaring 

Squaring is the GEOMETRIC CONSTRUCTION, using only 
COMPASS and STRAIGHTEDGE, of a SQUARE which has 
the same area as a given geometric figure. Squaring 
is also called QUADRATURE. An object which can be 
constructed by squaring is called SQUARABLE. 


see also CIRCLE SQUARING, COMPASS, CONSTRUCTIBLE 
NUMBER, GEOMETRIC CONSTRUCTION, RECTANGLE 
SQUARING, STRAIGHTEDGE, TRIANGLE SQUARING 


Squeezing Theorem 


Let there be two functions f.(z) and f, (2) such that 
f(x) is “squeezed” between the two, 


f- (2) < f(z) < fr(z). 


If 
r= lim f_(x) = lim f,(2), 


E a 


then limz+a f(z) =r. In the above diagram the func- 
tions f_(x) = —a? and f(x) = x? “squeeze” x? sin(cx) 
at 0, so limz—o r? sin(cz) = 0. The squeezing theorem 
is also called the SANDWICH THEOREM. 


SSS Theorem 


C 


Specifying three sides uniquely determines a TRIANGLE 
whose AREA is given by HERON’S FORMULA, 


A= 1/s(s—a)(s — b)(s —c), (1) 


where 
s=>3(a+b+c) (2) 


- is the SEMIPERIMETER of the TRIANGLE. Let R be the 
CIRCUMRADIUS, then 


abe 
A= IR (3) 
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Using the LAW OF COSINES 
a? = b? +c” — 2bccos A (4) 
b? =a + c* — 2accos B (5) 
c? =a’ + b° — 2abcos C (6) 
gives the three ANGLES as 
a [PHE -a 
1 
A = cos ( zb (7) 
2, 2 72 
B = cos * (=) (8) 
2 p_a 
— + b“ —e 
C=cos (LE, 
cos ( Sab ) (9) 


see also AAA THEOREM, AAS THEOREM, ASA THE- 
OREM, ASS THEOREM, HERON’S FORMULA, SAS THE- 
OREM, SEMIPERIMETER, TRIANGLE 


Stability 

The robustness of a given outcome to small changes in 
initial conditions or small random fluctuations. CHAOS 
is an example of a process which is not stable. 


see also STABILITY MATRIX 


Stability Matrix 


Given a system of two ordinary differential equations 


z= f(x,y) (1) 
y = g(x,y), (2) 


let zo and yo denote FIXED POINTS with z = y = 0, so 


f(xo, yo) = 0 (3) 
g(xo, yo) = 0. (4) 
Then expand about (20, yo) so 
Ôt = falto, yo)dx + fy(Zo, yo) dy 
+ fuu[ To, yo)drdy +... (5) 
dy = Ja (£0, yo)dx + gy[To, yo) dy 


+ gay(Zo, yo)drdy+.... (6) 


To first-order, this gives 


d |r| _ | felto,yo) 
dt | dy Gu(£o, Yo) 
where the 2 x 2 MATRIX, or its generalization to higher 
dimension, is called the stability matrix. Analysis of 


the EIGENVALUES (and EIGENVECTORS) of the stability 
matrix characterizes the type of FIXED POINT. 


fy(xo, yo) ÔT 
fow) | MAE (7) 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL EQUA- 
TIONS), FIXED POINT, HYPERBOLIC FIXED POINT 
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(DIFFERENTIAL EQUATIONS), LINEAR STABILITY, STA- 
BLE IMPROPER NODE, STABLE NODE, STABLE SPIRAL 
POINT, STABLE STAR, UNSTABLE IMPROPER NODE, 
UNSTABLE NODE, UNSTABLE SPIRAL POINT, UNSTA- 
BLE STAR 
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Stabilization 


l 2 n-1 l 2 n-1 n 
—— 


A type II MARKOV MOVE. 
see also MARKOV MOVES 


Stable Equivalence 

Two VECTOR BUNDLES are stably equivalent IFF Iso- 
MORPHIC VECTOR BUNDLES are obtained upon WHIT- 
NEY SUMMING each VECTOR BUNDLE with a trivial 
VECTOR BUNDLE. 


see also VECTOR BUNDLE, WHITNEY SUM 


Stable Improper Node 
A FIXED POINT for which the STABILITY MATRIX has 
equal NEGATIVE EIGENVALUES. 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL EQUA- 
TIONS), FIXED POINT, HYPERBOLIC FIXED POINT 
(DIFFERENTIAL EQUATIONS), STABLE NODE, STABLE 
SPIRAL POINT, UNSTABLE IMPROPER NODE, UNSTA- 
BLE NODE, UNSTABLE SPIRAL POINT, UNSTABLE STAR 
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Stable Node 
A FIXED POINT for which the STABILITY MATRIX has 
both EIGENVALUES NEGATIVE, so Ai < A2 < 0. 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL 
EQUATIONS), FIXED POINT, HYPERBOLIC FIXED 
POINT (DIFFERENTIAL EQUATIONS), STABLE IM- 
PROPER NODE, STABLE SPIRAL POINT, STABLE STAR, 
UNSTABLE IMPROPER NODE, UNSTABLE NODE, UNSTA- 
BLE SPIRAL POINT, UNSTABLE STAR 
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Stack 


Stable Spiral Point 
A FIXED POINT for which the STABILITY MATRIX has 
EIGENVALUES of the form A+ = —a+i (with a, 6 > 0). 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL 
EQUATIONS), FIXED POINT, HYPERBOLIC FIXED 
POINT (DIFFERENTIAL EQUATIONS), STABLE IM- 
PROPER NODE, STABLE NODE, STABLE STAR, UNSTA- 
BLE IMPROPER NODE, UNSTABLE NODE, UNSTABLE 
SPIRAL POINT, UNSTABLE STAR 
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Stable Star 

A FIXED POINT for which the STABILITY MATRIX has 
one zero EIGENVECTOR with NEGATIVE EIGENVALUE 
A <0. 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL 
EQUATIONS), FIXED POINT, HYPERBOLIC FIXED 
POINT (DIFFERENTIAL EQUATIONS), STABLE IM- 
PROPER NODE, STABLE NODE, STABLE SPIRAL POINT, 
UNSTABLE IMPROPER NODE, UNSTABLE NODE, UNSTA- 
BLE SPIRAL POINT, UNSTABLE STAR 
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Stable Type 
A POLYNOMIAL equation whose ROOTS all have NEGA- 
TIVE REAL PARTS. For a REAL QUADRATIC EQUATION 


z” + Bz+C=0, 


the stability conditions are B, Œ > 0. For a REAL CUBIC 
EQUATION 
z2 + A2 +Bz+C=0, 


the stability conditions are A, B,C > 0 and AB > C. 
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Stack 

A DATA STRUCTURE which is a special kind of LIST in 
which elements may be added to or removed from the 
top only. These actions are called a PUSH or a POP, 
respectively. Actions may be taken by popping one or 
more values, operating on them, and then pushing the 
result back onto the stack. 


Stacks are used as the basis for computer languages such 
as FORTH, PostScript® (Adobe Systems), and the RPN 
language used in Hewlett-Packard® programmable cal- 
culators. 


see also LIST, POP, PUSH, QUEUE 


Stackel Determinant 


Stackel Determinant 

A DETERMINANT used to determine in which coordinate 
systems the HELMHOLTZ DIFFERENTIAL EQUATION is 
separable (Morse and Feshbach 1953). A determinant 


di Dia Pi3 
S = |Omn| = | Loa P22 Pa (1) 
31 P32 sa 


in which ®,,; are functions of u; alone is called a Stáckel 
determinant. A coordinate system is separable if it 
obeys the ROBERTSON CONDITION, namely that the 
SCALE FACTORS h; in the LAPLACIAN 


3 
2 1 ð hih2h3 ð 
— 2 
™ 2, Aihahs Ou; ( hi? Z) ( ) 


can be rewritten in terms of functions f;(u;) defined by 


1 ð hiho hs ð 
hih2h3 Oui hi? Oui 


_ g(ui+1, Ui+2) O E | 
7 hih2h3 du; filu) ar 


E Aik (ae) (3) 


such that S can be written 


h1h2h3 
filur)fo(uz)falus) 


When this is true, the separated equations are of the 
form 


S = (4) 


1 0 OXn 2 2 2 
eats fo n= k Pha k Pa k 9. Xn = 0 
rae (F Fan) +h 1+k2Bn2+k3"Pn3) 
(5) 
The ;;s obey the minor equations 
5 
Mi = £22033 — 2332 = 77 (6) 
1 
S 
Ma = Pis P31 — Pi233 = he (7) 
2 
$ 
M3 = P12P23 — P1322 = n2” (8) 
3 
which are equivalent to 
M9), + M221 + M331 = S (9) 
Mı®ı2 + M222 + M332 = 0 (10) 
M, 13 + M2®23 + M333 = 0. (11) 


This gives a total of four equations in nine unknowns. 
Morse and Feshbach (1953, pp. 655-666) give not only 
the Stäckel determinants for common coordinate sys- 
tems, but also the elements of the determinant (although 
it is not clear how these are derived). 
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see also HELMHOLTZ DIFFERENTIAL EQUATION, LA- 
PLACE’S EQUATION, POISSON’S EQUATION, ROBERT- 
SON CONDITION, SEPARATION OF VARIABLES 
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Stamp Folding 

The number of ways of folding a strip of stamps has 
several possible variants. Considering only positions of 
the hinges for unlabeled stamps without regard to orien- 
tation of the stamps, the number of foldings is denoted 
U(n). If the stamps are labelled and orientation is taken 
into account, the number of foldings is denoted N (n). 
Finally, the number of symmetric foldings is denoted 
S(n). The following table summarizes these values for 
the first n. 


n S(n) U(n) N(n) 
1 1 1 1 
2 1 1 1 
3 2 2 6 
4 4 5 16 
5 6 14 50 
6 8 39 #8144 
T 18 120 462 
8 20 358 1392 
9 56 1176 4536 
10 3572 


see also MAP FOLDING 
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Standard Deviation 
The standard deviation is defined as the SQUARE ROOT 
of the VARIANCE, 


o = y (2?) — (2)? = Vuh = pè, (1) 


where y = (2) is the MEAN and po = (a?) is the sec- 
ond MOMENT about 0. The variance o” is equal to the 
second MOMENT about the MEAN, 


o° =p. (2) 


The square root of the SAMPLE VARIANCE is the “sam- 
ple” standard deviation, 
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It is a BIASED ESTIMATOR of the population standard 
deviation. As unbiased ESTIMATOR is given by 


(4) 


SN-1 = 


Physical scientists often use the term ROOT-MEAN- 
SQUARE as a synonym for standard deviation when they 
refer to the SQUARE ROOT of the mean squared devia- 
tion of a signal from a given baseline or fit. 

see also MEAN, MOMENT, ROOT-MEAN-SQUARE, SAM- 
PLE VARIANCE, STANDARD ERROR, VARIANCE 


Standard Error 
The square root of the ESTIMATED VARIANCE of a quan- 
tity. The standard error is also sometimes used to mean 


ACES 


= i 


see also STANDARD DEVIATION 


Standard Map 


Deas 


A 2-D MAP, also called the TAYLOR-GREENE-CHIRIKOV 
MAP in some of the older literature. 


In+1= In + K sin0, (1) 
0n+1 = On + Ingi = In +0n + Ksin0n, (2) 


where J and @ are computed mod 27 and K is a POSI- 
TIVE constant. An analytic estimate of the width of the 
CHAOTIC zone (Chirikov 1979) finds 


1/2 


ôI = Ber (3) 


Numerical experiments give A = 5.26 and B = 240. 
The value of K at which global CHAOS occurs has been 


Standard Map 


bounded by various authors. GREENE’S METHOD is the 
most accurate method so far devised. 


Hermann i 0.029411764 

Italians 0.65 
0.971635406 
0.984375000 


1.333333333 


Greene 
MacKay and Pearson 


Mather 


FIXED POINTS are found by requiring that 


In41 = In (4) 
Oni = On. (5) 


The first gives K sin n = 0, so sin Ôn = 0 and 


The second requirement gives 
I, + K sin bn = In = 0. (7) 


The FIXED POINTS are therefore (1,0) = (0,0) and 
(0,7). In order to perform a LINEAR STABILITY analy- 
sis, take differentials of the variables 


dIn+1 = din + K cos ôn dôn (8) 
d6n41 = dIn + (1+ K cos On) dn. (9) 


In MATRIX form, 


Tari _ |1 Kceos@, bIn (10) 
Ony | $1 1+XKc0s0, | | 66, | ' 
The EIGENVALUES are found by solving the CHARAC- 
TERISTIC EQUATION 


=0, (11) 


lA _Kcosón 
1 1+ Kcosó, — A 


SO 
A? — \(K cos On +2) +1=0 (12) 


At = ¿[K cos ðn + 2 + y (K cos On + 2)? — 4]. (13) 


For the FIXED POINT (0,7), 


AC — H2-Kz+ 
=H2-Kz+ 


(2- K) — 4] 
K? — 4K). (14) 


The FIXED POINT will be stable if |R(A°”))} < 2. Here, 
that means 


5|2-K| <1 (15) 
2 — K]| <2 (16) 
—2<2-K<2 (17) 
-4<-kK <0 (18) 


Standard Normal Distribution 


so K € [0,4). For the FIXED POINT (0, 0), the EIGEN- 
VALUES are 


AO) = 1124 K + y(K +2)? —4] 
= $(2+KivVK?+4K). (19) 


If the map is unstable for the larger EIGENVALUE, it is 
unstable. Therefore, examine ee We have 


z 24 K+ VK? +4K| <1, (20) 


SO 
-2<2+ K 4 y K?244K <2 (21) 


-4-K<vyK?2+4K <-K. (22) 


But K > 0, so the second part of the inequality cannot 
be true. Therefore, the map is unstable at the FIXED 
POINT (0, 0). 
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Standard Normal Distribution 
A NORMAL DISTRIBUTION with zero MEAN (p = 0) and 
unity STANDARD DEVIATION (0? = 1). 


see also NORMAL DISTRIBUTION 


Standard Space 

A SPACE which is ISOMORPHIC to a BOREL SUBSET B 
of a POLISH SPACE equipped with its SIGMA ALGEBRA 
of BOREL SETS. 


see also BOREL SET, POLISH SPACE, SIGMA ALGEBRA 


Standard Tori 
full view 


cross-section 


5-6 


cutaway 
ring 


torus 


horn 
torus 


spindle 
torus 


One of the three classes of TORI illustrated above and 
given by the parametric equations 


x =(c+acosv)cosu (1) 
y = (c+ acosv) sin u (2) 
z = asino. (3) 


Stanley’s Theorem 1723 


The three different classes of standard tori arise from the 
three possible relative sizes of a and c. c > a corresponds 
to the RING TORUS shown above, c = a corresponds to 
a HORN Torus which touches itself at the point (0, 0, 
0), and c < a corresponds to a self-intersecting SPIN- 
DLE TORUS (Pinkall 1986). If no specification is made, 
“torus” is taken to mean RING TORUS. 


The standard tori and their inversions are CYCLIDES. 


see also APPLE, CYCLIDE, HORN TORUS, LEMON, RING 
TORUS, SPINDLE TORUS, TORUS 
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Standardized Moment 


Defined for samples 2;,%1=1,..., N by 
lO, Ur 
or = DH ==, (1) 
i=1 
where as 
zi = a (2) 
The first few are 
a1 =0 (3) 
ag = 1 (4) 
a3 = 5 (5) 
a4 = a (6) 


see also KURTOSIS, MOMENT, SKEWNESS 


Standardized Score 
see z-SCORE 


Stanley’s Theorem 

The total number of 1s that occur among all unordered 
PARTITIONS of a POSITIVE INTEGER is equal to the sum 
of the numbers of distinct parts of (i.e., numbers in) 
those PARTITIONS. 


see also ELDER’S THEOREM, PARTITION 
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Star 

In formal geometry, a star is a set of 2n VECTORS za, 
..., Łan which form a fixed center in EUCLIDEAN 3- 
SPACE. In common usage, a star is a STAR POLYGON 
(i.e., regular convex polygon) such as the PENTAGRAM 
or HEXAGRAM 


see also CROSS, EUTACTIC STAR, STAR OF GOLIATH, 
STAR POLYGON 


Star of David 
see HEXAGRAM 


Star Figure 
A STAR POLYGON-like figure {2} for which p and g are 
not RELATIVELY PRIME. 


see also STAR POLYGON 


Star (Fixed Point) 
A FIXED POINT which has one zero EIGENVECTOR. 


see STABLE STAR, UNSTABLE STAR 


Star Fractal 


A FRACTAL composed of repeated copies of a PENTA- 
GRAM or other polygon. 


The above figure shows a generalization to different off- 
sets from the center. 


Star Number 
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Star of Goliath 
see NONAGRAM 


Star Graph 

The k-star graph is a TREE on k + 1 nodes with one 
node having valency k and the others having valency 1. 
Star graphs Sn are always GRACEFUL. 


Star of Lakshmi 


i 


The STAR FIGURE {8/2}, which is used by Hindus to 
symbolize Ashtalakshmi, the eight forms of wealth. This 
symbol appears prominently in the Lugash national mu- 
seum portrayed in the fictional film Return of the Pink 
Panther. 


see also DISSECTION, HEXAGRAM, PENTAGRAM, STAR 
FIGURE, STAR POLYGON 
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Star Number 
The number of cells in a generalized Chinese checkers 
board (or “centered” HEXAGRAM). 


Sn = 6n(n+1)4+1= Sa-1 + 12(n — 1). (1) 


The first few are 1, 13, 37, 73, 121, (Sloane’s 
A003154). Every star number has DIGITAL ROOT 1 or 
4, and the final digits must be one of: 01, 21, 41, 61, 81, 
13, 33, 53, 73, 93, or 37. | 


The first TRIANGULAR star numbers are 1, 253, 49141, 
9533161, ... (Sloane’s A006060), and can be computed 


using 


ps, = St+ v8)" + (14/8710 


= 194TS,-1 + 60 — TSn-2. (2) 


The first few SQUARE star numbers are 1, 121, 11881, 
1164241, 114083761, ... (Sloane’s A006061). SQUARE 
star numbers are obtained by solving the DIOPHANTINE 
EQUATION | 

2r? +1=3y" (3) 


all about crystal sets 


List of Materials 


Di - Germanium diode, type 
1N34A, 1N60, 1N82A, 
or equiv. 

Li - Slider-tuned coil 
(see text) 

4 - Fahnestock clips 
(terminals) 

BASE - 6 x 3 x 1/2-inch e 

section of wood (see text) GND 

PHONES - 2000 ohms headphones 

MISC. - Coil form (see text), 

No. 24 enameled copper wire, 

3/32 inch dia. brass rod, brass 

ball slider (see text), solder 

lugs, two small brackets, 

hook-up wire, wood screws, 

machine screws and nuts. 


LI Š 


SLIDER TUNED CRYSTAL SET 
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Star Polygon 


and can be computed using 
(6 + 2V6)” (48 — 2) - (5248) (V6 + 2]? 


4 
(4) 
see also HEX NUMBER, SQUARE NUMBER, TRIANGULAR 
NUMBER 


SEn = 
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Star Polygon 


X GOX 


{$} 


2% 
xO% 


A star A bolygon ola with p, q Positive INTEGERS, is 
a figure formed by connecting with straight lines every 
qth point out of p regularly spaced points lying on a 
CIRCUMFERENCE. The number q is called the DENSITY 
of the star polygon. Without loss of generality, take 


q < p/2. 


The usual definition (Coxeter 1969) requires p and q to 
be RELATIVELY PRIME. However, the star polygon can 
also be generalized to the STAR FIGURE (or “improper” 
star polygon) when p and q share a common divisor 
(Savio and Suryanaroyan 1993). For such a figure, if 
all points are not connected after the first pass, i.e., if 
(p,q) Æ 1, then start with the first unconnected point 
and repeat the procedure. Repeat until all points are 
connected. For (p,q) 4 1, the {p/q} symbol can be 


factored as 
P P 
— > = 14 — >, 1 
ajri) o 


(2) 
, (3) 


(5) {4} 
(3) (3) 


O $ 


(5) {=} 
(2) {5} 


—, 
eu Jun 
— r 


where 


Q 
Il 
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to give n {p'/q } figures, each rotated by 27 /p radians, 
or 360° /p. 


If g = 1, a REGULAR POLYGON {p} is obtained. Spe- 
cial cases of {p/q} include {5/2} (the PENTAGRAM), 
{6/2} (the HEXAGRAM, or STAR OF DAVID), {8/2} (the 
STAR OF LAKSHMI), {8/3} (the OCTAGRAM), {10/3} 
(the DECAGRAM), and {12/5} (the DODECAGRAM). 


The star polygons were first systematically studied by 
Thomas Bradwardine. 


see also DECAGRAM, HEXAGRAM, NONAGRAM, OCTA- 
GRAM, PENTAGRAM, REGULAR POLYGON, STAR OF 
LAKSHMI, STELLATED POLYHEDRON 
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Star Polyhedron 
see KEPLER-POINSOT SOLID 


Starr Rose 


a = 6,6 


a = 8,b = 16,c = 16 
see also MAURER ROSE 


18,c= 18 
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State Space 

The measurable space (S',S') into which a RANDOM 
VARIABLE from a PROBABILITY SPACE | is a measurable 
function. 


see also PROBABILITY SPACE, RANDOM VARIABLE 


Stationary Point 
f'a) <0, f(x) =0 


Fx) >0 
. f@<o0 fix) >0 ! 
f Ws all f(x) <0, f> fa)<0 
f(x} <0 fi) =0 


stationary point minimum maximum 


1726 Stationary Tangent 
A point to at which the DERIVATIVE of a FUNCTION 
f(x) vanishes, 


f' (xo) = 0. 


A stationary point may be a MINIMUM, MAXIMUM, or 
INFLECTION POINT. 


see also CRITICAL POINT, DERIVATIVE, EXTREMUM, 
FIRST DERIVATIVE TEST, INFLECTION POINT, MAXI- 
MUM, MINIMUM, SECOND DERIVATIVE TEST 


Stationary Tangent 
see INFLECTION POINT 


Stationary Value 
The value at a STATIONARY POINT. 


Statistic 
A function of one or more random variables. 


see also ANDERSON-DARLING STATISTIC, KUIPER 


STATISTIC, VARIATE 


Statistical Test 
A test used to determine the statistical SIGNIFICANCE 
of an observation. Two main types of error can occur: 


1. A TYPE I ERROR occurs when a false negative result 
is obtained in terms of the NULL HYPOTHESIS by 
obtaining a false positive measurement. 


2. A TYPE II ERROR occurs when a false positive result 
is obtained in terms of the NULL HYPOTHESIS by 
obtaining a false negative measurement. 


The probability that a statistical test will be positive for 
a true statistic is sometimes called the test’s SENSITIV- 
ITY, and the probability that a test will be negative for 
a negative statistic is sometimes called the SPECIFICITY. 
The following table summarizes the names given to the 
various combinations of the actual state of affairs and 
observed test results. 
true positive result sensitivity 

1 — sensitivity 

specificity 
1 — specificity 


false negative result 
true negative result 
false positive result 


Multiple-comparison corrections to statistical tests are 
used when several statistical tests are being performed 
simultaneously. For example, let’s suppose you were 
measuring leg length in eight different lizard species and 
wanted to see whether the MEANS of any pair were dif- 
ferent. Now, there are 8!/2!6! = 28 pairwise comparisons 
possible, so even if all of the population means are equal, 
it’s quite likely that at least one pair of sample means 
would differ significantly at the 5% level. An ALPHA 
VALUE of 0.05 is therefore appropriate for each individ- 
ual comparison, but not for the set of all comparisons. 


In order to avoid a lot of spurious positives, the ALPHA 
VALUE therefore needs to be lowered to account for the 


Statistics 


number of comparisons being performed. This is a cor- 
rection for multiple comparisons. There are many differ- 
ent ways to do this. The simplest, and the most conser- 
vative, is the BONFERRONI CORRECTION. In practice, 
more people are more willing to accept false positives 
(false rejection of NULL HYPOTHESIS) than false neg- 
atives (false acceptance of NULL HYPOTHESIS), so less 
conservative comparisons are usually used. 


see also ANOVA, BONFERRONI CORRECTION, CHI- 
SQUARED TEST, FISHER’S EXACT TEST, FISHER 
SIGN TEST, KOLMOGOROV-SMIRNOV TEST, LIKELI- 
HOOD RATIO, LOG LIKELIHOOD PROCEDURE, NEGA- 
TIVE LIKELIHOOD RATIO, PAIRED t-TEST, PARAMET- 
RIC TEST, PREDICTIVE VALUE, SENSITIVITY, SIGNIF- 
ICANCE TEST, SPECIFICITY, TYPE I ERROR, TYPE 
I] ERROR, WILCOXON RANK SUM TEST, WILCOXON 
SIGNED RANK TEST 


Statistics 

The mathematical study of the LIKELIHOOD and PROB- 
ABILITY of events occurring based on known informa- 
tion and inferred by taking a limited number of sam- 
ples. Statistics plays an extremely important role in 
many aspects of economics and science, allowing edu- 
cated guesses to be made with a minimum of expensive 
or difficult-to-obtain data. 


see also BOX-AND-WHISKER PLOT, BUFFON-LAPLACE 
NEEDLE PROBLEM, BUFFON’S NEEDLE PROBLEM, 
CHERNOFF FACE, COIN FLIPPING, DE MERE’S PROB- 
LEM, DICE, DISTRIBUTION, GAMBLER’S RUIN, INDEX, 
LIKELIHOOD, MOVING AVERAGE, P-VALUE, POPULA- 
TION COMPARISON, POWER (STATISTICS), PROBABIL- 
ITY, RESIDUAL VS. PREDICTOR PLOT, RUN, SHARING 
PROBLEM, STATISTICAL TEST, TAIL PROBABILITY 
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Staudt-Clausen Theorem 
see VON STAUDT-CLAUSEN THEOREM 


Steenrod Algebra 

The Steenrod algebra has to do with the COHOMOL- 
OGY operations in singular COHOMOLOGY with INTE- 
GER mod 2 COEFFICIENTS. For every n € Z and 
i € {0,1,2,3,...} there are natural transformations of 
FUNCTORS 


Së : H”(e;Z2) + H"*(0,Za) 


satisfying: 

1. SÉ =O fori>n. 

2. Sg (x) = xz ~ z for all v € H”(X, A; Z2) and all 
pairs (X, A). 


3. SP = td inge; Za) 


4. The Sq* maps commute with the coboundary maps 
in the long exact sequence of a pair. In other words, 


Sq’: H*(e;Z2) > H***(; Z2) 


is a degree 7 transformation of cohomology theories. 
5. (CARTAN RELATION) 


Sg (a ~y)= Dj+r=:Sg (z) ps Sq" (y). 


6. (ADEM RELATIONS) For i < 2j, 


SÉ o Sg (x) = su, ( e ') STIE o Sq" (£). 


i — 2k 


7. Sg oE = Eo Sg where Y is the cohomology suspen- 
sion isomorphism. 
The existence of these cohomology operations endows 
the cohomology ring with the structure of a MODULE 
over the Steenrod algebra A, defined to be T(F7, {Sq l 
i € {0,1,2,3,...}})/R, where Fz, (e) is the free mod- 
ule functor that takes any set and sends it to the free 
Zo module over that set. We think of Fy {Sq : ae 
{0,1,2,...}} as being a graded Zə module, where the 
i-th gradation is given by Za - Sq‘. This makes the 
tensor algebra T (Fz, {Sq : i € {0,1,2,3,...}}) into a 
GRADED ALGEBRA over Z2. R is the IDEAL generated 


by the elements Sq‘ Sq? + yl ee) Sq't3—* Sq" and 
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1+ Sq° for 0 <i < 2j. This makes A into a graded Za 
algebra. 


By the definition of the Steenrod algebra, for any SPACE 
(X, A), H*(X, A; Z2) is a MODULE over the Steenrod al- 
gebra A, with multiplication induced by Sg -x = Sg (x). 
With the above definitions, cohomology with COEFFI- 
CIENTS in the RING Z2, H*(e;Z2) is a FUNCTOR from 
the category of pairs of TOPOLOGICAL SPACES to graded 
modules over A. 


see also ADEM RELATIONS, CARTAN RELATION, COHO- 
MOLOGY, GRADED ALGEBRA, IDEAL, MODULE, TOPO- 
LOGICAL SPACE 


Steenrod-Eilenberg Axioms 
see EILENBERG-STEENROD AXIOMS 


Steenrod’s Realization Problem 

When can homology classes be realized as the image 
of fundamental classes of MANIFOLDS? The answer is 
known, and singular BORDISM GROUPS provide insight 
into this problem. 


see also BORDISM GROUP, MANIFOLD 


Steepest Descent Method 

An ALGORITHM for calculating the GRADIENT Vf(P) 
of a function at an n-D point P. The steepest descent 
method starts at a point Po and, as many times as 
needed, moves from P; to Pii1 by minimizing along 
the line extending from P; in the direction of —V f(P;), 
the local downhill gradient. This method has the severe 
drawback of requiring a great many iterations for func- 
tions which have long, narrow valley structures. In such 
cases, a CONJUGATE GRADIENT METHOD is preferable. 


see also CONJUGATE GRADIENT METHOD, GRADIENT 
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Steffenson’s Formula 


fo = fo + ¿p(p+1)01/2 — ¿(p— 1)p0-1/2 
+(S3 + Sa)Ó1/2 + (S3 — Sajótija +... (1) 


Steinbach Screw 


for p € [—$, 3], where 6 is the CENTRAL DIFFERENCE 


and | 
mas) e 
San+2 = + 2 (0) (3) 
S2n41 — S2n+2 = ae ‘ (4) 
San+1 — San42 = — (En) (5) 
where (7) is a BINOMIAL COEFFICIENT. 


see also CENTRAL DIFFERENCE, STIRLING’S FINITE 
DIFFERENCE FORMULA 
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Steffensen’s Inequality 

Let f(z) be a NONNEGATIVE and monotonic decreasing 
function in [a,b] and g(x) satisfy such that 0 < g(x) < 1 
in [a,b], then 


f f(x) de < [ f(z)g(x) de < Fr f(x) de, 


where , 
k= f g(x) dz. 
References 


Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
ries, and Products, 5th ed. San Diego, CA: Academic 
Press, p. 1099, 1979. 


Steinbach Screw 


A SURFACE generated by the parametric equations 
x(u, v) = ucosv 
y(u, v) = usinu 
z(u,v) = v cosu. 


The above image uses u € [—4, 4] and v € [0, 6.25]. 
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Steiner Chain 


DOLL 
PEOR 


Given two nonconcentric CIRCLES with one interior to 
the other, if small TANGENT CIRCLES can be inscribed 
around the region between the two CIRCLES such that 
the final CIRCLE is TANGENT to the first, the CIRCLES 
form a Steiner chain. 


The simplest way to construct a Steiner chain is to per- 
form an ĪNVERSION on a symmetrical arrangement on n 
circles packed between a central circle of radius b and an 
outer concentric circle of radius a. In this arrangement, 


Tr a—b 
ee i ee 1 
e (6) a+b’ oe 
so the ratio of the radii for the small and large circles is 
b 1-sin (=) (2) 
a 1+sin (=) l 


To transform the symmetrical arrangement into a 
Steiner chain, find an INVERSION CENTER which trans- 
forms two centers initially offset by a fixed distance c to 
the same point. This can be done by equating 


kèr —— k(e—-co) (3 
(a — cc)? b?’ 


Sa” 


giving the offset of the inversion center from the large 
circle’s center as 


a? — b? +e? + 4/(a? — b + 02)? — 4a2e? 
CRG e e ol (4 


~” 


Plugging in a fixed value of a fixes b, which therefore 
determines z for a given c. Equivalently, a Steiner chain 
results whenever the INVERSIVE DISTANCE between the 
two original circles is given by 


$ = 2 In [sec (=) + tan (=) (5) 
n n 
T T 
= 21n [tan (F+=) (6) 
(Coxeter and Greitzer 1967). The centers of the circles 


in a Steiner chain lie on an ELLIPSE (Ogilvy 1990, p. 57). 


STEINER'S PORISM states that if a Steiner chain is 
formed from one starting circle, then a Steiner chain 
is also formed from any other starting circle. 


Steiner's Ellipse 1729 


see also ARBELOS, COXETER’S LOXODROMIC SEQUENCE 
OF TANGENT CIRCLES, HEXLET, PAPPUS CHAIN, 
STEINER’S PORISM 
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Steiner Construction 

A construction done using only a STRAIGHTEDGE. The 
PONCELET-STEINER THEOREM proves that all construc- 
tions possible using a COMPASS and STRAIGHTEDGE are 
possible using a STRAIGHTEDGE alone, as long as a fixed 
CIRCLE and its center, two intersecting CIRCLES with- 
out their centers, or three nonintersecting CIRCLES. are 
drawn beforehand. 


see also GEOMETRIC CONSTRUCTION, MASCHER- 
ONI CONSTRUCTION, PONCELET-STEINER THEOREM, 
STRAIGHTEDGE 
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Steiner’s Ellipse 

Let a’ : B' : y” be the ISOTOMIC CONJUGATE POINT 
of a point with TRILINEAR COORDINATES a: b: y. 
The isotomic conjugate of the LINE AT INFINITY having 
trilinear equation 


au +bB+cy=0 
is 


known as Steiner’s ellipse (Vandeghen 1965). 


see also ISOTOMIC CONJUGATE POINT, LINE AT INFIN- 
ITY 
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1730 Steiner’s Hypocycloid 


Steiner’s Hypocycloid 
see DELTOID 


Steiner-Lehmus Theorem 

Any TRIANGLE that has two equal ANGLE BISEC- 
TORS (each measured from a VERTEX to the opposite 
sides) is an ISOSCELES TRIANGLE. This theorem is 
also called the INTERNAL BISECTORS PROBLEM and 
LEHMUS’ THEOREM. 


see also ISOSCELES TRIANGLE 
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Steiner Points 
There are two different types of points known as Steiner 
points. 


The point of CONCURRENCE of the three lines drawn 
through the VERTICES of a TRIANGLE PARALLEL to the 
corresponding sides of the first BROCARD TRIANGLE. It 
lies on the CIRCUMCIRCLE opposite the TARRY POINT 
and has TRIANGLE CENTER FUNCTION 


a = be(a* ~ b’ )(a? — c’). 


The BRIANCHON POINT for KIEPERT’S PARABOLA is the 
Steiner point. The LEMOINE POINT K is the Steiner 
point of the first BROCARD TRIANGLE. The SIMSON 
LINE of the Steiner point is PARALLEL to the line OK, 
when O is the CIRCUMCENTER and K is the LEMOINE 
POINT. 


Steiner’s Porism 


If triplets of opposites sides on a CONIC SECTION in 
PASCAL’S THEOREM are extended for all permutations 
of VERTICES, 60 PASCAL LINES are produced. The 20 
points of their 3 by 3 intersections are called Steiner 
points. 


see also BRIANCHON POINT, BROCARD TRIAN- 
GLES, CIRCUMCIRCLE, CONIC SECTION, KIEPERT’S 
PARABOLA, LEMOINE POINT, PASCAL LINE, PASCAL’S 
THEOREM, STEINER SET, STEINER TRIPLE SYSTEM, 
TARRY POINT 
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Steiner’s Porism 


e fi á 
AS 


If a STEINER CHAIN is formed from one starting cir- 
cle, then a STEINER CHAIN is formed from any other 
starting circle. In other words, given two nonconcen- 
tric CIRCLES, draw CIRCLES successively touching them 
and each other. If the last touches the first, this will 
also happen for any position of the first CIRCLE. 


see also HEXLET, STEINER CHAIN 
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Steiner’s Problem 


Steiner’s Problem 
1.4 


1.2 


1 


2 4 6 8 10 


1/2 


For what value of x is f(z) = z? a MAXIMUM? The 


maximum occurs at x = e, where 
fla) = z7?" (1 —Inz) = 0, 
which gives a maximum of 
e*/* = 1444667861... 


The function has an inflection point at z = 0.581933..., 
where 


f'(z) = 21/21 — 32 + (Inx)(2e — 2+ ln z)] = 0. 


see also FERMAT’S PROBLEM 


Steiner Quadruple System 

A Steiner quadruple system is a STEINER SYSTEM S(t = 
3,k = 4,v), where S is a v-set and B is a collection of 
k-sets of S such that every t-subset of S is contained 
in exactly one member of B. Barrau (1908) established 
the uniqueness of S(3, 4, 8), 


1248 38567 
23 5 8 1467 
3 4 6 8 125 7 
45 7 8 12 3 6 
1568 2347 
267 8 13 465 
13 78 245 6 
and S(3, 4, 10) 
1245 1223 7 1358 
2356 23 48 246 9g 
3467 3459 38570 
4578 4560 146 8 
5689 156.7 2579 
6790 2678 3680 
178 0 37 8 9 147 9 
1289 4890 25 8 0 
2390 1590 13 6 9 
1340 1260 2470 


Fitting (1915) subsequently constructed the cyclic sys- 
tems S(3, 4,26) and S(3,4,34), and Bays and de Weck 


Steiner Set 1731 
(1935) showed the existence of at least one S(3, 4, 14). 
Hanani (1960) proved that a NECESSARY and SUFFI- 
CIENT condition for the existence of an S(3, 4, v) is that 
v = 2 or 4 (mod 6). 


The number of nonisomorphic steiner quadruple systems 
of orders 8, 10, 14, and 16 are 1, 1, 4 (Mendelsohn 
and Hung 1972), and at least 31,021 (Lindner and Rosa 
1976). 


see also STEINER SYSTEM, STEINER TRIPLE SYSTEM 
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Steiner’s Segment Problem 

Given n points, find the line segments with the shortest 
possible total length which connect the points. The seg- 
ments need not necessarily be straight from one point 
to another. 


For three points, if all ANGLES are less than 120°, then 
the line segments are those connecting the three points 
to a central point P which makes the ANGLES (A) PB, 
(B) PC, and (C) PA all 120°. If one ANGLE is greater 
that 120°, then P coincides with the offending ANGLE. 


For four points, P is the intersection of the two diago- 
nals, but the required minimum segments are not nec- 
essarily these diagonals. 


A modified version of the problem is, given two points, 
to find the segments with the shortest total length con- 
necting the points such that each branch point may be 
connected to only three segments. There is no general 
solution to this version of the problem. 


Steiner Set 
Three sets of three LINES such that each line is incident 
with two from both other sets. 


see also SOLOMON’S SEAL LINES, STEINER POINTS, 
STEINER TRIPLE SYSTEM 
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Steiner Surface 

A projection of the VERONESE SURFACE into 3-D (which 
must contain singularities) is called a Steiner surface. 
A classification of Steiner surfaces allowing complex 
parameters and projective transformations was accom- 
plished in the 19th century. The surfaces obtained by 
restricting to real parameters and transformations were 
classified into 10 types by Coffman et al. (1996). Ex- 
amples of Steiner surfaces include the ROMAN SURFACE 
(Coffman type 1) and Cross-CapP (type 3). 


The Steiner surface of type 2 is given by the implicit 
equation 


oy? az + yz? — zyz = 0, 


and can be transformed into the ROMAN SURFACE or 
CRross-CAP by a complex projective change of coordi- 
nates (but not by a real transformation). It has two 
pinch points and three double lines and, unlike the Ro- 
MAN SURFACE or CROSS-CAP, is not compact in any 
affine neighborhood. 


The Steiner surface of type 4 has the implicit equation 
y? — ry? ad + z y +2727 —2z* =0, 


and two of the three double lines of surface 2 coincide 
along a line where the two noncompact “components” 
are tangent. 


see also CROSS-CAP, ROMAN SURFACE, VERONESE VA- 
RIETY 
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Steiner System 

A Steiner system is a set X of v points, and a collection 
of subsets of X of size k (called blocks), such that any 
t points of X are in exactly one of the blocks. The 
special case t = 2 and k = 3 corresponds to a so-called 
STEINER TRIPLE SYSTEM. For a PROJECTIVE PLANE, 
v=n?+n+1,k=n>+1,t = 2, and the blocks are 
simply lines. 

see also STEINER QUADRUPLE SYSTEM, STEINER 
TRIPLE SYSTEM. 
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Steiner Triple System 


Steiner’s Theorem 

Let LINES z and y join a variable point on a CONIC SEC- 
TION to two fixed points on the same CONIC SECTION. 
Then gz and y are PROJECTIVELY related. 


see also CONIC SECTION, PROJECTION 


Steiner Triple System 

Let X be a set of v > 3 elements together with a set B 
of 3-subset (triples) of X such that every 2-SUBSET of 
X occurs in exactly one triple of B. Then B is called a 
Steiner triple system and is a special case of a STEINER 
SYSTEM with t = 2 and k = 3. A Steiner triple system 
S(v) = Sív,k = 3,A = 1) of order v exists IFF v = 
1,3 (mod 6) (Kirkman 1847). In addition, if Steiner 
triple systems Sı and Sz of orders vı and v2 exist, then 
so does a Steiner triple system S of order vive (Ryser 
1963, p. 101). 


Examples of Steiner triple systems S(v) of small orders 
v are 


S3 = {{1,2,3}} 

S7 = {{1, 2,4}, {2,3,5}, {3,4,6}, {4, 5, 7}, 
{5, 6,1}, {6, 7,2}, {7,1,3}} 

Sg = {{1, 2, 3}, {4, 5, 6}, {7, 8, 9}, {1, 4, 7}, 
{2,5,8}, {3,6,9}, {1, 5, 9}, {2, 6, 7}}. 


The number of nonisomorphic Steiner triple systems 
S(v) of orders v = 7, 9, 13, 15, 19, ... (ie., 6k + 1,3) 
are 1, 1, 20, 80, > 1.1 x 10°, ... (Colbourn and Dinitz 
1996, pp. 14-15; Sloane’s A030129). S(7) is the same 
as the finite PROJECTIVE PLANE of order 2. S(9) is a 
finite AFFINE PLANE which can be constructed from the 
array 


O & & 
TO O 
+ 0 


One of the two S(13)s is a finite HYPERBOLIC PLANE. 
The 80 Steiner triple systems S(15) have been studied 
by Tonchev and Weishaar (1997). There are more than 
1.1 x 10° Steiner triple systems of order 19 (Stinson and 
Ferch 1985; Colbourn and Dinitz 1996, p. 15). 


see also HADAMARD MATRIX, KIRKMAN TRIPLE SYS- 
TEM, STEINER QUADRUPLE SYSTEM, STEINER SYSTEM 
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Steinerian Curve 


Tonchev, V. D. and Weishaar, R. S. “Steiner Triple Systems 
of Order 15 and Their Codes.” J. Stat. Plan. Inference 
58, 207-216, 1997. 


Steinerian Curve 

The LOCUS of points whose first POLARS with regard to 
the curves of a linear net have a common point. lt is also 
the LOCUS of points of CONCURRENCE of line POLARS 
of points of the JACOBIAN CURVE. It passes through 
all points common to all curves of the system and is of 
order 3(n — 1)?. 


see also CAYLEYIAN CURVE, JACOBIAN CURVE 
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Steinhaus-Moser Notation 
A NOTATION for LARGE NUMBERS defined by Steinhaus 


(1983, pp. 28-29). In this notation, ÓN denotes n”, 


denotes “n in n TRIANGLES,” and Çi) denotes “n in n 
SQUARES.” A modified version due to Moser eliminates 
the circle notation, continuing instead with POLYGONS 
of ever increasing size, so n in a PENTAGON is n with n 
SQUARES around it, etc. 


see also CIRCLE NOTATION, LARGE NUMBER, MEGA, 
MOSER 
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Steinitz’s Theorem 
A GRAPH G is the edge graph of a POLYHEDRON IFF G 
is a SIMPLE, PLANAR GRAPH which is 3-connected. 


see also PLANAR GRAPH, SIMPLE GRAPH 


Steinmetz Solid 


The solid common to two (or three) right circular 
CYLINDERS of equal RADII intersecting at RIGHT AN- 
GLES is called the Steinmetz solid. (Two CYLINDERS 
intersecting at RIGHT ANGLES are sometimes called a 
BICYLINDER, and three intersecting CYLINDERS a TRI- 
CYLINDER.) 


The VOLUME common to two intersecting right CYLIN- 
DERS of RADIUS r is 


Va(r,r) = 16 73 (1) 


Steinmetz Solid 1733 
If the two right CYLINDERS are of different RADII a and 
b with a > b, then the VOLUME common to them is 


Va(a,b) = Sa[(a* + b*) E(k) — (a? —b%)K(k)1, (2) 


where K(k) is the complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND, E(k) is the complete ELLIPTIC INTEGRAL 
OF THE SECOND KIND, and k = b/a is the MODULUS. 


The curves of intersection of two cylinders of RADII a 
and b, shown above, are given by the parametric equa- 
tions 


z(t) = acost (3) 
y(t) = asint (4) 
z(t) = +y b? — a? sin’ t (5) 


(Gray 1993). 


The VOLUME common to two ELLIPTIC CYLINDERS 


with c < c’ is 
Vz(a,c;b,c') = za INS 


where k = c/c’ (Bowman 1961, p. 34). 


For three CYLINDERS of RADII r intersecting at RIGHT 
ANGLES, the VOLUME of intersection is 


Va(r,r,r) = 8(2 — V2)r°. (8) 


see also BICYLINDER, CYLINDER 
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Stella Octangula 


A POLYHEDRON COMPOUND composed of a TETRAHE- 
DRON and its RECIPROCAL (a second TETRAHEDRON 
rotated 180° with respect to the first). The stella oct- 
angula is also called a STELLATED TETRAHEDRON. It 
can be constructed using the following NET by cutting 
along the solid lines, folding back along the plain lines, 
and folding forward along the dotted lines. 


Another construction builds a single TETRAHEDRON, 
then attaches four tetrahedral caps, one to each face. 


The edges of the two tetrahedra form the 12 DIAGONALS 
of a CUBE. The solid common to both tetrahedra is an 
OCTAHEDRON (Ball and Coxeter 1987). 


see also CUBE, OCTAHEDRON, POLYHEDRON CoM- 
POUND, TETRAHEDRON 


Stellated Tetrahedron 
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Stella Octangula Number 
A FIGURATE NUMBER of the form, 


StOctn = On + 8T,-1 = n(2n* — 1). 


The first few are 1, 14, 51, 124, 245, ... (Sloane's 
A007588). The GENERATING FUNCTION for the stella 
octangula numbers is 


a(x* + 102 +1) 


=p = 2 + 142? + 51g? + 1240* +.... 
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Conway, J. H. and Guy, R. K. The Book of Numbers. New 
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Stellated Polyhedron 

A convex regular POLYHEDRON. Stellated polyhedra in- 
clude the KEPLER-POINSOT SOLIDS, which consist of 
three DODECAHEDRON STELLATIONS and one of the 
ICOSAHEDRON STELLATIONS. Coxeter (1982) shows 
that 59 ICOSAHEDRON STELLATIONS exist. The CUBE 
and the TETRAHEDRON cannot be stellated. The OCT- 
AHEDRON has only one stellation, the STELLA OCTAN- 
GULA which is a compound of two TETRAHEDRA. 


There are therefore a total of 3+1+(59 — 1) +1 = 63 
stellated POLYHEDRA, although some are COMPOUND 
POLYHEDRA and therefore not UNIFORM POLYHEDRA. 
The set of all possible EDGES of the stellations can be 
obtained by finding all intersections on the facial planes. 


see also ARCHIMEDEAN SOLID STELLATION, DODEC- 
AHEDRON STELLATIONS, ICOSAHEDRON STELLATIONS, 
KEPLER-POINSOT SOLID, POLYHEDRON, STELLA OC- 
TANGULA, STELLATED TRUNCATED HEXAHEDRON, 
STELLATION, UNIFORM POLYHEDRON 
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| Stellated Tetrahedron 


see STELLA OCTANGULA 


simple projects 


SLIDER TUNED CRYSTAL SET 


In the early days of radio, slider tuned coils were used 
in crystal sets, This method of tuning the inductance 
uses an adjustable metal contact (slider) that moves over 
the coil. The slider makes contact with individual coil 
wires to tune in the radio stations. 
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The enamel insulation of the coil wires in the slider 
path is removed for good electrical contact. 


You can experiment with a slider tuned coil by building 
this crystal set. As shown in the illustration, the coil 
is mounted upright on a 6-inch by 3 1/2-inch by 1/2-inch 
wood base. A semiconductor diode is used for a detector. 


TUNING COIL CONSTRUCTION 


Look at the drawing of the tuning coil Ll construction 
details on the next page. The tuning coil is wound on a 
cardboard or plastic mailing tube section, 2 5/8-inches 
in diameter and 5-inches long. Make sure that you select 
a rigid, thick-walled tube for a coil form. The tube used 
in our model has a 3/16-inch wall. The coil form must be 
rigid to hold the slider ball and rod assembly. 
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Stellated Truncated Hexahedron 


Stellated Truncated Hexahedron 


The UNIFORM POLYHEDRON U19, also called the QUASI- 
TRUNCATED HEXAHEDRON, whose DUAL POLYHEDRON 
is the GREAT TRIAKIS OCTAHEDRON. It has SCHLAFLI 
SYMBOL t'(4,3) and WYTHOFF SYMBOL 23]. Its 
faces are 8{3} + 6{$}. For a = 1, its CIRCUMRADIUS 


15 
R=iV7-4v2. 


References 
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Stellation 

The process of constructing POLYHEDRA by extending 
the facial PLANES past the EDGES of a given POLYHE- 
DRON. 


see also ARCHIMEDEAN SOLID STELLATION, DODEC- 
AHEDRON STELLATIONS, FACETING, ICOSAHEDRON 
STELLATIONS, KEPLER-POINSOT SOLID, POLYHEDRON, 
STELLA OCTANGULA, STELLATED POLYHEDRON, STEL- 
LATED TRUNCATED HEXAHEDRON, STELLATION TRUN- 
CATION, UNIFORM POLYHEDRON 
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Stem-and-Leaf Diagram 

The “stem” is a column of the data with the last digit 
removed. The final digits of each column are placed 
next to each other in a row next to the appropriate col- 
umn. Then each row is sorted in numerical order. This 
diagram was invented by John Tukey. 


References 
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Reading, MA: 


Step 
1.5 times the H-SPREAD. 


see also FENCE, H-SPREAD 
References 
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Reading, MA: 


Stereogram 1735 


Step Function 

A function on the REALS R is a step function if it can 
be written as a finite linear combination of semi-open 
intervals [a,b) C IR. Therefore, a step function f can be 
written as 


f(x) = arfile) +--+ + an falz), 


where a; ER, fi(z) = 1 if z € [a;, bi) and 0 otherwise, 
fori=1,..., n. 


see also HEAVISIDE STEP FUNCTION 


Step Polynomial 


see HERMITE’S INTERPOLATING FUNDAMENTAL POLY- 
NOMIAL 


Steradian 
The unit of SOLID ANGLE. The SOLID ANGLE corre- 
sponding to all of space being subtended is 47 steradian. 


see also RADIAN, SOLID ANGLE 


hich, when ap- 
propriately viewed using both eyes, produces an image 
which appears to be three-dimensional. By taking a pair 
of photographs from slightly different angles and then al- 
lowing one eye to view each image, a stereogram is not 
difficult to produce. 


s 
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Amazingly, it turns out that the 3-D effect can be pro- 
duced by both eyes looking at a single image by defo- 
cusing the eyes at a certain distance. Such stereograms 
are called “random-dot stereograms.” 
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Stereographic Projection 


A MAP PROJECTION in which GREAT CIRCLES are CIR- 
CLES and LOXODROMES are LOGARITHMIC SPIRALS. 


r = kcos psin(A — Ag) (1) 
y = k[cos gi sin @ — sin gi cos@cos(A — Ao)], (2) 
where 
k= ——_____* _______s 3) 
1 + sin ġı sin ġ + cos ġı cos pcos(A — Ap) 
The inverse FORMULAS are given by 
. 1 . y sin c cos ¢1 
$ = sin cos csin $1 + A (4) 


xzsinc 


_ -1 
A= Ao + tan ES cosc — y sin 1 aa) » (5) 


where 


p= Vere (6) 


c= 2tan™ (4p). (7) 


see also GALL'S STEREOGRAPHIC PROJECTION 
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Stereology 
The exploration of 3-D space from 2-D sections of PRO- 
JECTIONS of solid bodies. 


see also AXONOMETRY, CORK PLUG, CROSS-SECTION, 
PROJECTION, TRIP-LET 


Stern-Brocot Tree 
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Stick Number 


A special type of BINARY TREE obtained by starting 
with the fractions 7 and ; and iteratively inserting (m+ 
m')/(n + n') between each two adjacent fractions m/n 
and m'/n'. The result can be arranged in tree form as 
illustrated above. The FAREY SEQUENCE Fp defines a 
subtree of the Stern-Brocot tree obtained by pruning off 
unwanted branches (Vardi 1991, Graham et al. 1994). 


see also BINARY TREE, FAREY SEQUENCE, FORD CIR- 
CLE 
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Stevedore’s Knot 


The 6-crossing KNOT 06001 having CONWAY-ALEXAN- 
DER POLYNOMIAL 


A(t) = W — 5t +2. 


References 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
Perish Press, pp. 225, 1976. 


Stewart’s Theorem 


m n 
a(p? + mn) =b m + en, 


where 
az m+n. 
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Stick Number 
Let the stick number s(K) of a KNOT K be the least 
number of straight sticks needed to make a KNOT K. 
The smallest stick number of any KNOT is s(T) = 6, 
where T is the TREFOIL KNOT. If J and K are KNOTS, 
then 

s(J + K) < s(J)4+8(K)+4+1. 


Stickelberger Relation 


For a nontrivial KNoT K, let c(K) be the CROSSING 
NUMBER (i.e., the least number of crossings in any pro- 
jection of K). Then 
[5 + y 25 + 8(c(K) — 2)] < s(K) < 2c(K). 
The following table gives the stick number for some com- 
mon knots. 
Knot 8 


trefoil knot 6 
Whitehead link 8 


see also CROSSING NUMBER (LINK), TRIANGLE COUNT- 
ING 
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Stickelberger Relation 
Let P be a PRIME IDEAL in D,, not containing m. Then 


(B(P)) = PL, 


where the sum is over all 1 < t < m which are RELA- 
TIVELY PRIME to m. Here Dm is the RING of integers in 
Q(¢m), P(P) = g(P)”, and other quantities are defined 
by Ireland and Rosen (1990). 


see also PRIME IDEAL 
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the Eisenstein Reciprocity Law.” Ch. 14 in A Classical In- 
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Stiefel Manifold 

The Stiefel manifold of ORTHONORMAL k-frames in R” 
is the collection of vectors (v1, ..., Vk) where v; is in R” 
for all 7, and the k-tuple (v1, ..., Uk) is ORTHONORMAL. 
This is a submanifold of R”*, having DIMENSION nk — 
(k + 1)k/2. 


Sometimes the “orthonormal” condition is dropped in 
favor of the mildly weaker condition that the k-tuple (v1, 
..., Uk) is linearly independent. Usually, this does not 
affect the applications since Stiefel manifolds are usually 
considered only during HOMOTOPY THEORETIC consid- 
erations. With respect to HOMOTOPY THEORY, the 
two definitions are more or less equivalent since GRAM- 
SCHMIDT ORTHONORMALIZATION gives rise to a smooth 
deformation retraction of the second type of Stiefel man- 
ifold onto the first. 


see also GRASSMANN MANIFOLD 
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Stieffel-Whitney Class 

The ith Stiefel-Whitney class of a REAL VECTOR BUN- 
DLE (or TANGENT BUNDLE or a REAL MANIFOLD) is in 
the ith cohomology group of the base SPACE involved. 
It is an OBSTRUCTION to the existence of (n — i+ 1) 
REAL linearly independent VECTOR FIELDS on that 
VECTOR BUNDLE, where n is the dimension of the 
FIBER. Here, OBSTRUCTION means that the ith Stiefel- 
Whitney class being NONZERO implies that there do not 
exist (n —i+1) everywhere linearly dependent VECTOR 
FIELDS (although the Stiefel-Whitney classes are not al- 
ways the OBSTRUCTION). 


In particular, the nth Stiefel-Whitney class is the ob- 
struction to the existence of an everywhere NONZERO 
VECTOR FIELD, and the first Stiefel-Whitney class of a 
MANIFOLD is the obstruction to orientability. 


see also CHERN CLASS, OBSTRUCTION, PONTRYAGIN 
CLASS, STIEFEL- WHITNEY NUMBER 


Stiefel-Whitney Number 

The Stiefel-Whitney number is defined in terms of the 
STIEFEL-WHITNEY CLASS of a MANIFOLD as follows. 
For any collection of STIEFEL- WHITNEY CLASSES such 
that their cup product has the same DIMENSION as 
the MANIFOLD, this cup product can be evaluated on 
the MANIFOLD’s FUNDAMENTAL CLASS. The result- 
ing number is called the PONTRYAGIN NUMBER for that 
combination of Pontryagin classes. 


The most important aspect of Stiefel-Whitney numbers 
is that they are COBORDISM invariant. Together, PON- 
TRYAGIN and Stiefel-Whitney numbers determine an ori- 
ented MANIFOLD’s COBORDISM class. 


see also CHERN NUMBER, PONTRYAGIN NUMBER, 
STIEFEL- WHITNEY CLASS 


Stieltjes Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Expanding the RIEMANN ZETA FUNCTION about z = 1 
gives 


A | 
where 
“(Ink)”  (Inmy+* 
n=l — 2 
k=1 
An alternative definition is given by 
l =l ý 
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The case n = 0 gives the EULER-MASCHERONI CON- 
STANT y. The first few numerical values are given in the 
following table. 


Nn Yn 
0 0.5772156649 

1 —0.07281584548 

2 —Q.009690363192 

3 0.002053834420 

4 0.002325370065 

5 0.0007933238173 


Briggs (1955-1956) proved that there infinitely many yn 
of each SIGN. Berndt (1972) gave upper bounds of 


yal < Ana for n even (4) 
Fn Ar-D0' forn odd. 


q” 


Vacca (1910) proves that the EULER-MASCHERONI 
CONSTANT may be expressed as 


e 


(5) 


where |x| is the FLOOR FUNCTION. Hardy (1912) gave 
the FORMULA 


2y1 _ 
ln2 


Jee]. (6) 


Kluy ver 4927) g gave similar series for yn with n > 1. 
A set of constants related to y, is 


m 


Ôn = lim S (In k)” — f onay dx — $ (ln m)” 


k=1 
(7) 
(Sitaramachandrarao 1986, Lehmer 1988). 
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Stieltjes’ Theorem 


Stieltjes Integral 

The Stieltjes integral is a generalization of the RIEMANN 
INTEGRAL. Let f(x) and a(x) be real-values bounded 
functions defined on a CLOSED INTERVAL (a, b]. Take a 
partition of the INTERVAL 


a = £o < Z1 < L2,... < En-1 < En = b, (1) 


and consider the Riemann sum 


X FEl 


with é; € [zi, 2:41]. If the sum tends to a fixed number 
I as max(zi+ı — 24) > 0, then J is called the Stieltjes 
integral, or sometimes the RIEMANN-STIELTJES INTE- 
GRAL. The Stieltjes integral of P with respect to F is 
denoted 


(zi+1) — a(z:)] (2) 


f P(x) dF(c), (3) 


where 


Jr dF(x) = (E flay for z continuous (4) 


for z discrete. 


If P and F have a common point of discontinuity, then 
the integral does not exist. However, if the Stieltjes 
integral exists and F has a derivative F’, then 


J P(x) dF(x) = J P(x) F' (2) de. (5) 


For enumeration of many of the integral’s properties, see 
Dresher (1981, p. 105). 


see also RIEMANN INTEGRAL 
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Stieltjes’ Theorem 

The m + 1 ELLIPSOIDAL HARMONICS when «1, k2, and 
K3 are given can be arranged in such a way that the 
rth function has r — 1 zeros between —a? and —b? and 
the remaining m + r — 1 zeros between —b° and —c? 
(Whittaker and Watson 1990). 


see also ELLIPSOIDAL HARMONIC 
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Stieltjes- Wigert Polynomial 


Stieltjes-Wigert Polynomial 
Orthogonal POLYNOMIALS associated with WEIGHTING 
FUNCTION 


w(x) = 7 ‘/*kexp(—k? In” x) = Pp na (1) 
for x € (0,00) and k > 0. Using 


del IEA OE aa E ae) 
M p a-da-4)-(1-q) (2) 


where 0 <v <n, 


and 
q = exp[—(2k*)7”] (4) 
Then 
palo) = (IY PPPA- g)(1— 97) AN 
o> 1 ES qx)” (5) 
for n > 0 and 
polz) = q”. (6) 
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Stirling’s Approximation 

Stirling’s approximation gives an approximate value for 
the FACTORIAL function n! or the GAMMA FUNCTION 
T(n) for n > 1. The approximation can most simply 
be derived for n an INTEGER by approximating the sum 
over the terms of the FACTORIAL with an INTEGRAL, so 
that 


Inn! =In1+I02+...+lon=) ae | In z dx 
1 
= [zln gz — xj =ninn-n+1eninn—-n. (1) 


The equation can also be derived using the integral def- 
inition of the FACTORIAL, 


n= f e "a" dx. (2) 
0 


Note that the derivative of the LOGARITHM of the inte- 
grand can be written 
-g 2) — 


— ln(e “2 (minz-x=-=-1. (3) 


dx T dx’ x 
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The integrand is sharply peaked with the contribution 
important only near x = n. Therefore, let z = n +€ 
where € < n, and write 


In(2*e"*) = nlng — zr = nln(n + Ẹ)— (n+). (4) 
Now, 
In(n + £) = n [n (1+ È) =Inn+In (1+ È) 
2 
-mnt -iS +s (5) 
SO 


In(z"e*) = nIn(n + €) — (n +£) 


1 2 


E? 
= 1 = e A, 1] es 06 © 6 
ninn—n— > + (6) 
Taking the EXPONENTIAL of each side then gives 


sme = Oe (7) 


- Inn =n —¿*/2n 
n —r a a re 


Le we 
Plugging into the integral expression for n! then gives 
CO OO 9 
n! ~ | E Gd de = per] en de 
-n — 00 
an (8) 


Evaluating the integral gives 


n! œ n e "y2rm, (9) 
x Varn” te”, (10) 


Taking the LOGARITHM of both sides then gives 


+3) In n—n+5 In(2z). 

(11) 
This is STIRLING’S SERIES with only the first term re- 
tained and, for large n, it reduces to Stirling’s approxi- 
mation 


Inn! = nInn— -n+ L In(2rn) = (n 


lnn! = ninn—mnm. (12) 


Gosper notes that a better approximation to n! (i.e., 
one which approximates the terms in STIRLING’S SERIES 
instead of truncating them) is given by 


nl 4/(2n+ 3)rn"e™”. (13) 


This also gives a much closer approximation to the FAC- 
TORIAL of 0, 0! = 1, yielding ,/7/3 = 1.02333 instead 
of 0 obtained with the conventional Stirling approxima- 
tion. 


see also STIRLING’S SERIES 
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Stirling Cycle Number 
see STIRLING NUMBER OF THE FIRST KIND 


Stirling’s Finite Difference Formula 


fo = fo + 5P(51/2 +d_1/2) + 20 0 
+93 (05 /2 + 5” 1/2) + Sado + ery 


for p € [-1/2,1/2], where 6 is the CENTRAL DIFFER- 


ENCE and 
1fp+n 
212n +1 
Soup = —P p+n 
ante on +212n+1)' 


with (7) a BINOMIAL COEFFICIENT. 


S2n+1 = 


see also CENTRAL DIFFERENCE, STEFFENSON’S FOR- 
MULA 
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Stirling?s Formula 
see STIRLING’S SERIES 


Stirling Number of the First Kind 
The definition of the (signed) Stirling number of the first 
kind is a number Sí? such that the number of permu- 
tations of n elements which contain exactly m CYCLES 
is 

(-1)""™S,™. (1) 
This means that SÍ”? = 0 for m > n and s™ —1. The 
GENERATING FUNCTION is 


r(a—1)(e=n+1)=>) SPa. (2) 
m=0 


This is the Stirling number of the first kind returned 
by the Mathematica® (Wolfram Research, Champaign, 
IL) command StirlingS1[n,m]. The triangle of signed 
Stirling numbers of the first kind is 


—6 11 6 1 
24 —50 35 —101 


(Sloane's A008275). 


The NONNEGATIVE version simply gives the number of 
PERMUTATIONS of n objects having m CYCLES (with 


Stirling Number of the First Kind 


cycles in opposite directions counted as distinct) and is 
obtained by taking the ABSOLUTE VALUE of the signed 
version. The nonnegative Stirling number of the first 


kind is denoted S¡(n,m) = ISE or . Diagrams 


illustrating S1(5,1) = 24, $1(5,3) = 35, S1(5,4) = 10, 
and S1(5,5) = 1 (Dickau) are shown below. 
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The nonnegative Stirling numbers of the first kind sat- 
isfy the curious identity 


oo n—2 (e* _q— 1)*+2 5, (n,n —k -rn 
Y p A e = in(x+1) 
n=1 =0 
(3) 


Si(5, 3) 


(Gosper) and have the GENERATING FUNCTION 
(1+2304+2x)---(1+n2x) = S Si(n,m)a* (4) 
k=1 


and satisfy 
i(n+1,k) = nSi(n,k) + Si(n, k — 1). (5) 


The Stirling numbers can be generalized to nonintegral 
arguments (a sort of “Stirling polynomial”) using the 
identity 


o0 


Py +h) | Si(h,h — k) 
JPT (9) => jr 
= (h=1)h  (h—2)(3h—1)(h— 1h 
=1+ + + yn 
q (a= 3)(h = 2)(h — DA, (6) 


1873 ..., 


which is a generalization of an ASYMPTOTIC SERIES for 
a ratio of GAMMA FUNCTIONS I'(¿+1/2)/T (3) (Gosper). 


see also CYCLE (PERMUTATION), HARMONIC NUMBER, 
PERMUTATION, STIRLING NUMBER OF THE SECOND 
KIND 


Stirling Number of the Second Kind 
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Stirling Number of the Second Kind 

The number of ways of partitioning a set of n ele- 
ments into m nonempty SETS (1.e., m BLOCKS), also 
called a STIRLING SET NUMBER. For example, the SET 
{1, 2,3} can be partitioned into three SUBSETS in one 
way: {{1}, {2}, {3}}; into two SUBSETS in three ways: 
111,2), (31), {{1, 3}, {2}}, and (41), {2,3}}; and into 
one SUBSET in one way: {{1,2,3}}. 

The Stirling numbers of the second kind are denoted 
gm Sa(n,m), s(n,m), or , so the Stirling num- 


bers of the second kind for three elements are 


s(3,1) =1 (1) 
s(3,2) =3 (2) 
s(3,3) = 1. (3) 


Since a set of n elements can only be partitioned in a 
single way into 1 or n SUBSETS, 


s(n,1) = s(n,n) = 1. (4) 


The triangle of Stirling numbers of the second kind is 


1 7 6 1 
1 15 25 10 1 
1 31 90 65 15 1 
(Sloane's A008277). 


The Stirling numbers of the second kind can be com- 
puted from the sum 


s(n,k)= — 


Stirling Number of the Second Kind 


1741 


with (7) a BINOMIAL COEFFICIENT, or the GENERAT- 
ING FUNCTIONS 


"=> s(n, m)a(a De. 


(x -m+ 1), (6) 


Yan, BS = le 0 (7) 
nok 
and 
1 k 7 
(1—2)(1—2z)---(1—ka) > s(n ke . (8) 


The following diagrams (Dickau) illustrate the definition 
of the Stirling numbers of the second kind s(n, m) for 
n = 3 and 4. 


SW=1 s9= 3 SP= 1 
sP=1 SP=7 


$ OVO 
DIGO 


SP= 6 SsP=1 


OOO Y 
OVD 


Stirling numbers of the second kind obey the RECUR- 
RENCE RELATIONS 


s(n, k) = s(n — 1,k — 1) + ks(n — 1,k). (9) 


An identity involving Stirling numbers of the second 
kind is 


= Y k” (=) = (m+ 1) Y” kls(n, ky’. 


k=1 
(10) 
It turns out that f(1,n) can have only 0, 2, or 6 as a 
last DIGIT (Riskin 1995). 


see also BELL NUMBER, COMBINATION LOCK, LENG- 
YEL'S CONSTANT, MINIMAL COVER, STIRLING NUMBER 
OF THE FIRST KIND 
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Stirling?s Series 
The ASYMPTOTIC SERIES for the GAMMA FUNCTION is 
given by 


T(z) =e 27 1 (14 st saa 1 B 139 


28822 5184023 
571 
248832024 +...) (1) 


(Sloane's A001163 and A001164). The series for 2! is 
obtained by adding an additional factor of z, 


| — 1 1 
zi=TP(z4+1)=e 2 ¿41/12/37 (1+ 352 + 3552. 


o 139 571 ) (2) 
5184023 — 248832021 `)" 


The expansion of la T(z) is what is usually called Stir- 
ling's series. 1t is given by the simple analytic expression 


oO 
in Dl = 2 a(n AT sain T )z?”—1 (3) 
1 1 1 
=1 t eo 
¿ln (27)+(2+3) 1022433, 36023 * 126025 


(4) 


where B, is a BERNOULLI NUMBER. 


see also BERNOULLI NUMBER, K-FUNCTION, STIR- 
LING’S APPROXIMATION 
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Stirling Set Number 
see STIRLING NUMBER OF THE SECOND KIND 


Stirrup Curve 


| o 


A plane curve given by the equation 


(2% — 1 = y (y — 1)(y — 2)(y + 5). 
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Stochastic 
see RANDOM VARIABLE 


Stochastic Calculus of Variations 
see MALLIAVIN CALCULUS 


Stochastic Group 

The GROUP of all nonsingular n x n STOCHASTIC MA- 
TRICES over a FIELD F. It is denoted S(n, F). If p is 
PRIME and F is the GALOIS FIELD of ORDER q = p”, 
S(n,q) is written instead of S(n, F). Particular exam- 
ples include 


S(2,2) = Za 
S(2,3) = 33 
S(2,4) = Ag 
S(3,2) = 


S(2,5) = Za xo Zs, 


where Z2 is an ABELIAN GROUP, S, are SYMMETRIC 


GROUPS on n elements, and xg denotes the semidirect 
product with 0 : Z4 > Aut(Z;5) (Poole 1995). 


see also STOCHASTIC MATRIX 
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Stochastic Matrix 


Stochastic Matrix 

A Stochastic matrix is the transition matrix for a finite 
MARKOV CHAIN, also called a MARKOV MATRIX. El- 
ements of the matrix must be REAL NUMBERS in the 
CLOSED INTERVAL [0, 1]. 


A completely independent type of stochastic matrix is 
defined as a SQUARE MATRIX with entries in a FIELD F 
such that the sum of elements in each column equals 1. 
There are two nonsingular 2 x 2 STOCHASTIC MATRICES 
over Ze (i.e., the integers mod 2), 


joa} om fr al: 


There are six nonsingular stochastic 3 x 3 MATRICES 
over Z3, 


1 0 0 1 2 1 2 0 Q 2 1 2 

o 1|?|1 0|°|2 OFF 2 1|?|1 2|*|0 2]|' 
In fact, the set S of all nonsingular stochastic n x n ma- 
trices over a FIELD F forms a GROUP under MATRIX 


MULTIPLICATION. This GROUP is called the STOCHAS- 
TIC GROUP. 


see also MARKOV CHAIN, STOCHASTIC GROUP 
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Stochastic Process 

A stochastic process is a family of RANDOM VARI- 
ABLES ([x(t,e),t € J} from some PROBABILITY SPACE 
(S,S, P) into a STATE SPACE (S’,S'). Here, J is the 
INDEX SET of the process. 


see also INDEX SET, PROBABILITY SPACE, RANDOM 
VARIABLE, STATE SPACE 
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Stochastic Resonance 

A stochastic resonance is a phenomenon in which a non- 
linear system is subjected to a periodic modulated signal 
so weak as to be normally undetectable, but it becomes 
detectable due to resonance between the weak determin- 
istic signal and stochastic NOISE. The earliest definition 
of stochastic resonance was the maximum of the out- 
put signal strength as a function of NOISE (Bulsara and 
Gammaitoni 1996). 


see also KRAMERS RATE, NOISE 
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Stokes’ Theorem 1743 
Stohr Sequence 

Let a1 = 1 and define an+ı to be the least INTEGER 
greater than a, for n > k which cannot be written as 
the Sum of at most h addends among the terms aj, a2, 

meg has 

see also GREEDY ALGORITHM, s-ADDITIVE SEQUENCE, 
ULAM SEQUENCE 
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Stokes Phenomenon 

The asymptotic expansion of the AIRY FUNCTION Ai(z) 
(and other similar functions) has a different form in dif- 
ferent sectors of the COMPLEX PLANE. 


see also AIRY FUNCTIONS 
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Stokes’ Theorem 
For w a DIFFERENTIAL (n—1)-FORM with compact sup- 
port on an oriented n-dimensional MANIFOLD M, 


fal 


where dw is the EXTERIOR DERIVATIVE of the differ- 
ential form w. This connects to the “standard” GRA- 
DIENT, CURL, and DIVERGENCE THEOREMS by the fol- 
lowing relations. If f is a function on R?, 


grad(f) = c7? df, (2) 


where c : R? > R** (the dual space) is the duality 
isomorphism between a VECTOR SPACE and its dual, 
given by the Euclidean INNER PRODUCT on R?. If f is 
a VECTOR FIELD on a RË, 


div(f) = “d"e(f), (3) 


where * is the HODGE STAR operator. If f isa VECTOR 
FIELD on RË, 


curl(f) = c **de(f). (4) 


With these three identities in mind, the above Stokes’ 
theorem in the three instances is transformed into the 
GRADIENT, CURL, and DIVERGENCE THEOREMS re- 
spectively as follows. If f is a function on R? and y 
is a curve in RŽ, then 


f grad(f) - dl = / df = FOO) — HO), (5) 


Y Y 
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which is the GRADIENT THEOREM. If f: R? + R’ 
is a VECTOR FIELD and M an embedded compact 3- 
manifold with boundary in R*, then 


J faa= | ‘op = | drep= | div(f) dV, (6) 
OM OM M M 


which is the DIVERGENCE THEOREM. If f is a VEC- 
TOR FIELD and M is an oriented, embedded, compact 
2-MANIFOLD with boundary in RË, then 


| sa=] <= fo df= f cs) aa, (7) 


which is the CURL THEOREM. 


Physicists generally refer to the CURL THEOREM 


| O>) da= | Peas (8) 


as Stokes’ theorem. 


see also CURL THEOREM, DIVERGENCE THEOREM, 
GRADIENT THEOREM 


Stolarsky Array 
A INTERSPERSION array given by 


1 2 3 5 8 13 21 34 55 

4 6 10 16 26 42 68 110 178 
7 11 18 29 47 76 123 199 322 
9 15 24 39 63 102 165 267 432 
12 19 31 50 81 131 212 343 555 
14 23 37 60 97 157 254 411 665 
17 28 45 73 118 191 309 500 809 
20 32 52 84 136 220 356 576 932 
22 36 58 94 152 246 398 644 1042 


the first row of which is the FIBONACCI NUMBERS. 
see also INTERSPERSION, WYTHOFF ARRAY 
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Stolarsky-Harborth Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let b(k) be the number of 1s in the BINARY expression of 
k. Then the number of ODD BINOMIAL COEFFICIENTS 
(5) where 0 < j < k is 2%) (Glaisher 1899, Fine 1947). 


Stomachion 


The number of ODD elements in the first n rows of PAS- 
CAL’S 'TRIANGLE is 


f(n) =) 2. (1) 


This function is well approximated by n?, where 


j 
o 


n 
= — = 1.58496.... 2). 
0 nd 58496 (2) 


Stolarsky and Harborth showed that 


0.812556 < lim inf fin) 


n— 00 n? 


< 0.812557 < lim sup ey) =1. (3) 


TL OO 


The value 


SH = liming £) (4) 


n— OO n? 


is called the Stolarsky-Harborth constant. 
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Stolarsky”s Inequality 
If 0 < g(x) < 1 and g is nonincreasing on the INTERVAL 
[0,1], then for all possible values of a and b, 


1 1 1 
/ g(a"! +) dg > / gía °) de | g(a”) de. 
0 0 0 


Stomachion 


ee AA econ jo 


our te, 


-_ NN 

A DISSECTION game similar to TANGRAMS described in 
fragmentary manuscripts attributed to Archimedes and 
was referred to as the LOCULUS OF ARCHIMEDES (Arch- 
imedes’ box) in Latin texts. The word Stomachion has 
as its root the Greek word for stomach. The game con- 
sisted of 14 flat pieces of various shapes arranged in the 
shape of a square. Like TANGRAMS, the object is to 
rearrange the pieces to form interesting shapes. 


see also DISSECTION, TANGRAM 


all about crystal sets 


Before @ winding the coil, drill all the holes in the form 
as shown in the drawing, and then install the solder 
lugs. Position the solder lug ends toward the coil form 
edges. 


9 AN NN \\ 
WANNA 
IN Se] 
WET 
The coil is wound with No., 24 enameled copper wire. 


Remove the enamel from the wire end with sandpaper and 
then solder the wire to the lug. Start winding the coil, 
keeping the turns as tight and close together as 
possible. Wind the wire to the front of the bottom solder 


lug B. Remove the enamel and solder the wire end to the 
lug. 


18 


Stone Space 
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Stone Space 

Let P(L) be the set of all PRIME IDEALS of L, and define 
r(a) = [Pla ¢ P}. Then the Stone space of L is the 
TOPOLOGICAL SPACE defined on P(L) by postulating 
that the sets of the form r(a) are a subbase for the open 
sets. 


see also PRIME IDEAL, TOPOLOGICAL SPACE 


References 
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Stone-von Neumann Theorem 

A theorem which specifies the structure of the generic 
unitary representation of the Weyl relations and thus 
establishes the equivalence of Heisenberg’s matrix me- 
chanics and Schrodinger’s wave mechanics formulations 
of quantum mechanics. 


References 
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Stopper Knot 
A KNOT used to prevent the end of a string from slipping 
through a hole. 
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Størmer Number 

A Stgrmer number is a POSITIVE INTEGER n for which 
the largest PRIME factor p of n? +1 is at least 2n. Every 
GREGORY NUMBER tx can be expressed uniquely as a 
sum of tns where the ns are Størmer numbers. Conway 
and Guy (1996) give a table of Stgrmer numbers repro- 
duced below (Sloane’s A005529). In a paper on INVERSE 
TANGENT relations, Todd (1949) gives a similar compi- 
lation. 


n pin pin pin pin p 


see also GREGORY NUMBER, INVERSE TANGENT 
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Straight Angle 
An ANGLE of 180° = 7 RADIANS. 


see also DIGON, RIGHT ANGLE 


Straight Line 
see LINE 


Straight Polyomino 


AGE 


The straight polyomino of order n is the n-POLYOMINO 
in which all squares are placed along a line. 


see also L-POLYOMINO, SKEW POLYOMINO, SQUARE 
POLYOMINO, T-POLYOMINO 


Straightedge 

An idealized mathematical object having a rigorously 
straight edge which can be used to draw a LINE SEG- 
MENT. Although GEOMETRIC CONSTRUCTIONS are 
sometimes said to be performed with a RULER and COM- 
PASS, the term straightedge is preferable to RULER since 
markings on the straightedge (usually assumed to be 
present on a RULER) are not allowed by the classical 
Greek rules. 


see also COMPASS, GEOMETRIC CONSTRUCTION, GE- 
OMETROGRAPHY, MASCHERONI CONSTANT, POLYGON, 
PONCELET-STEINER THEOREM, RULER, SIMPLICITY, 
STEINER CONSTRUCTION 


Strange Attractor 

An attracting set that has zero MEASURE in the em- 
bedding PHASE SPACE and has FRACTAL dimension. 
Trajectories within a strange attractor appear to skip 
around randomly. 


see also CORRELATION EXPONENT, FRACTAL 


References 


Benmizrachi, A.; Procaccia, I.; and Grassberger, P. “Char- 
acterization of Experimental (Noisy) Strange Attractors.” 
Phys. Rev. A 29, 975-977, 1984. 

Grassberger, P. “On the Hausdorff Dimension of Fractal At- 
tractors.” J. Stat. Phys. 26, 173-179, 1981. 

Grassberger, P. and Procaccia, I. “Measuring the Strangeness 
of Strange Attractors.” Physica D 9, 189-208, 1983a. 

Grassberger, P. and Procaccia, I. “Characterization of 
Strange Attractors.” Phys. Rev. Let. 50, 346-349, 1983b. 


1746 Strange Loop 


Lauwerier, H. Fractals: Endlessly Repeated Geometric Fig- 
ures. Princeton, NJ: Princeton University Press, pp. 137— 
138, 1991. 

Sprott, J. C. Strange Attractors: Creating Patterns in Chaos. 
New York: Henry Holt, 1993. 


Strange Loop | 

A phenomenon in which, whenever movement is made 
upwards or downwards through the levels of some heirar- 
chial system, the system unexpectedly arrives back 
where it started. Hofstadter (1987) uses the strange loop 
as a paradigm in which to interpret paradoxes in logic 
(such as GRELLING’S PARADOX and RUSSELL’S PARA- 
DOX) and calls a system in which a strange loop appears 
a TANGLED HIERARCHY. 


see also GRELLING’S PARADOX, RUSSELL'S PARADOX, 
TANGLED HIERARCHY 
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Strangers 
Two numbers which are RELATIVELY PRIME. 
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Strassen Formulas 

The usual number of scalar operations (i.e., the total 
number of additions and multiplications) required to 
perform n x n MATRIX MULTIPLICATION is 


M(n) = 2n* — n? (1) 

(i.e., n? multiplications and n? — n* additions). How- 

ever, Strassen (1969) discovered how to multiply two 
MATRICES in 

S(n) =7-78" — 6.48" (2) 

scalar operations, where lg is the LOGARITHM to base 2, 


which is less than M(n) for n > 654. For n a power of 
two (n = 2"), the two parts of (2) can be written 


T-TE q et 7 rk = 7.2781 — 7(2F)E7 = pyle? 


(3) 
6.418” — g. qe? — 6.4%? — 6. 4f = 6(2*)? = 6n?, 
(4) 
so (2) becomes 
S(2*) = 7n/8” — 6n? (5) 


Two 2 x 2 matrices can therefore be multiplied 


C=AB (6) 


Strassen Formulas 
Cir Ci2| _ |an @i2| | b11 die (7) 
C21 C22 a21 Q22 bei b22 
with only 
S(2) = 7 -287 — 6.2 = 49 — 24 = 25 (8) 
scalar operations (as it turns out, seven of them are 


multiplications and 18 are additions). Define the seven 
products (involving a total of 10 additions) as 


Qı = (ar + a22)(b11 + b22) (9) 
Q2 = (@21 + a22)b11 (10) 
Q3 = a11 (b12 — b22) (11) 
Qa = az2(—b11 + b21) (12) 
Qs = (a11 + a12)b22 (13) 
Qe = (an + a12)(b11 + b12) (14) 
Q7 = (@12 — a22)(b21 + b22). (15) 


Then the matrix product is given using the remaining 
eight additions as 


C1 = Qı + Qa — Qs + Q7 (16) 
C213 = Q2 + Q4 (17) 
c12 = Q3 + Qs; (18) 
c22 = Q1 + Q3 — Q2 + Q6 (19) 


(Strassen 1969, Press et al. 1989). 


Matrix inversion of a 2 x 2 matrix A to yield C = A”? 
can also be done in fewer operations than expected using 
the formulas 


Ri=0a11 * (20) 
Rz = 021 Rı (21) 
R, = Riai2 (22) 
Ra = a21 R3 (23) 
Rs = Ra — a22 (24) 
Rs = Rs * (25) 
c12 = R3 Re (26) 
c21 = Re Ro (27) 
R7 = R3c2 (28) 
Gi = Ri- R (29) 
c22 = — Re (30) 


(Strassen 1969, Press et al. 1989). The leading exponent 
for Strassen’s algorithm for a POWER of 2 is lg 7 = 2.808. 
The best leading exponent currently known is 2.376 
(Coppersmith and Winograd 1990). It has been shown 
that the exponent must be at least 2. 


see also COMPLEX MULTIPLICATION, KARATSUBA MUL- 
TIPLICATION 


Strassman’s Theorem 
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Strassman’s Theorem 

Let (K,|- |) be a complete non-ARCHIMEDEAN VALU- 
ATED FIELD, with VALUATION RING R, and let f(X) be 
a POWER series with COEFFICIENTS in R. Suppose at 
least one of the COEFFICIENTS is NONZERO (so that f is 
not identically zero) and the sequence of COEFFICIENTS 
converges to O with respect to |-|. Then f(X) has only 
finitely many zeros in R. 


see also ARCHIMEDEAN VALUATION, MAHLER-LECH 
THEOREM, VALUATION, VALUATION RING 


Strassnitzky’s Formula 
The MACHIN-LIKE FORMULA 


24+ cot '5+ cot" 8. 


see also MACHIN’S FORMULA, MACHIN-LIKE FORMU- 
LAS 


Strategy 
A set of moves which a player plans to follow while play- 
ing a GAME. 


see also GAME, MIXED STRATEGY 


Stratified Manifold 

A set that is a smooth embedded 2-D MANIFOLD except 
for a subset that consists of smooth embedded curves, 
except for a set of ISOLATED POINTS. 


References 


Morgan, F. “What is a Surface?” Amer. Math. Monthly 103, 
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Strehl Identity 
The sum identity 


DE) 2) Cr”) 


where (;) is a BINOMIAL COEFFICIENT. 
see also BINOMIAL COEFFICIENT 
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Striction Curve 

A NONCYLINDRICAL RULED SURFACE always has a pa- 
rameterization of the form 


x(u, v) = o (u) + vó(u), (1) 


where |6| = 1, o’ -Ó' = 0, and ø is called the striction 
curve of x. Furthermore, the striction curve does not 
depend on the choice of the base curve. The striction 
and DIRECTOR CURVES of the HELICOID 


0 cos u 
x(u,v) = | 0 | +av | sinu (2) 
bu 0 
are 
0 
o(u)= | 0 (3) 
bu 
a COS u 
Ó(u) = | asinu (4) 
0 


For the HYPERBOLIC PARABOLOID 


u 0 
x(u, v) = |0|+v|1|, (5) 
0 u 


the striction and DIRECTOR CURVES are 


ol(u) = 


(6) 


ô(u) = (7) 


e  2£212.0D 00€ 


see also DIRECTOR CURVE, DISTRIBUTION PARAME- 
TER, NONCYLINDRICAL RULED SURFACE, RULED SUR- 
FACE, 
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Surfaces. Boca Raton, FL: CRC Press, pp. 345-350, 1993. 


String Rewriting 

A SUBSTITUTION MAP in which rules are used to oper- 
ate on a string consisting of letters of a certain alpha- 
bet. String rewriting is a particularly useful technique 
for generating successive iterations of certain types of 
FRACTALS, such as the BOX FRACTAL, CANTOR DUST, 
CANTOR SQUARE FRACTAL, and SIERPINSKI CARPET. 


see also RABBIT SEQUENCE, SUBSTITUTION MAP 
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Strip 
see CRITICAL STRIP, MOBIUS STRIP 


Strong Convergence 
Strong convergence is the type of convergence usually 
associated with convergence of a SEQUENCE. More for- 
mally, a SEQUENCE {zn} of VECTORS in an INNER 
PRODUCT SPACE HE is called convergent to a VECTOR zx 
in E if 

jen — z| +0 asn—= 00. 


see also CONVERGENT SEQUENCE, INNER PRODUCT 
SPACE, WEAK CONVERGENCE 


Strong Elliptic Pseudoprime 

Let n be an ELLIPTIC PSEUDOPRIME associated with 
(E, P), and let n+1 = 2°k with k ODD and s > 0. Then 
n is a strong elliptic pseudoprime when either kP 
0 (mod n) or 2kP = 0 (mod n) for some r with 1 
rXs. 


see also ELLIPTIC PSEUDOPRIME 


IA H 
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Strong Frobenius Pseudoprime 
A PSEUDOPRIME which obeys an additional restriction 
beyond that required for a FROBENIUS PSEUDOPRIME. 


A number n with (n, 2a) = 1 is a strong Frobenius pseu- | 


doprime with respect to z—a IFF n is a STRONG PSEU- 
DOPRIME with respect to f(x). Every strong Frobenius 
pseudoprime with respect to x — a is an EULER PSEU- 
DOPRIME to the base a. 


Every strong Frobenius pseudoprime with respect to 
f(x) = z? — bx — c such that ((b* + 4c)/n) = -lisa 
STRONG LUCAS PSEUDOPRIME with parameters (b,c). 
Every strong Frobenius pseudoprime n with respect to 
z’ —br+1is an EXTRA STRONG Lucas PSEUDOPRIME 
to the base b. 


see also FROBENIUS PSEUDOPRIME 
References 


Grantham, J. “Frobenius Pseudoprimes.” 1996. http:// 
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Strong Law of Large Numbers 
For a set of random variates z; from a distribution hav- 
ing unit MEAN, 


P( lim tain) = P( lim (2)) =1. 


n—00 Tt n—oo 


This result is due to Kolmogorov. 


see also LAW OF TRULY LARGE NUMBERS, STRONG 
LAW OF SMALL NUMBERS, WEAK LAW OF LARGE 
NUMBERS 


Strong Pseudoprime 


Strong Law of Small Numbers 
There aren't enough small numbers to meet the many 
demands made of them. 
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Strong Lucas Pseudoprime 
Let U(P, Q) and V(P,Q) be LUCAS SEQUENCES gener- 
ated by P and Q, and define 


D = P? — 4Q. 
Let n be an ODD COMPOSITE NUMBER with (n, D) = 1, 
and n—(D/n) = 2°d with d ODD and s > 0, where (a/b) 


is the LEGENDRE SYMBOL. If 


Ua = 0 (mod n) 


or 


Vara =0 (mod n) 


for some r with 0 < r < s, then n is called a strong 
Lucas pseudoprime with parameters (P,Q). 


A strong Lucas pseudoprime is a LUCAS PSEUDOPRIME 
to the same base. Arnault (1997) showed that any COM- 
POSITE NUMBER n is a strong Lucas pseudoprime for at 
most 4/15 of possible bases (unless n is the PRODUCT 
of TWIN PRIMES having certain properties). 


see also EXTRA STRONG LUCAS PSEUDOPRIME, LUCAS 
PSEUDOPRIME 
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Strong Pseudoprime 
A strong pseudoprime to a base a is an ODD COMPOSITE 
NUMBER n with n — 1 = d. 2° (for d ODD) for which 
either 

a” =1 (mod n) (1) 


or . 
ar? —1 (mod n) (2) 


for some r € [0, s). 


The definition is motivated by the fact that a FERMAT 
PSEUDOPRIME n to the base b satisfies 


b”! -1=0 (mod n). (3) 
But since n is ODD, it can be written n = 2m + 1, and 


p"” —1=(b” —1)(b” +1)=0 (mod nm). (4) 


Strong Pseudoprime 


If n is PRIME, it must DIVIDE at least one of the FAc- 
TORS, but can’t DIVIDE both because it would then DI- 
VIDE their difference 


(b7 +1) — (b™ — 1) = 2. (5) 


Therefore, 
b” =+1 (mod n), (6) 


so write n = 2°t+ 1 to obtain 


O Sy ao eae E 


If n DIVIDES exactly one of these FACTORS but is COM- 
POSITE, it is a strong pseudoprime. A COMPOSITE num- 
ber is a strong pseudoprime to at most 1/4 of all bases 
less than itself (Monier 1980, Rabin 1980). The strong 
pseudoprimes provide the basis for MILLER’S PRIMAL- 
ITY TEST and RABIN-MILLER STRONG PSEUDOPRIME 
TEST. 


A strong pseudoprime to the base a is also an EULER 
PSEUDOPRIME to the base a (Pomerance et al. 1980). 
The strong pseudoprimes include some EULER PSEU- 
DOPRIMES, FERMAT PSEUDOPRIMES, and CARMICHAEL 
NUMBERS. 


There are 4842 strong psp(2) less than 2.5x 101°, where a 
psp(2) is also known as a POULET NUMBER. The strong 
k-pseudoprime test for k = 2, 3, 5 correctly identifies all 
PRIMES below 2.5 x 10'° with only 13 exceptions, and if 
7 is added, then the only exception less than 2.5 x 10°° 
is 315031751. Jaeschke (1993) showed that there are 
only 101 strong pseudoprimes for the bases 2, 3, and 
5 less than 10**, nine if 7 is added, and none if 11 is 
added. Also, the bases 2, 13, 23, and 1662803 have no 
exceptions up to 10”. 


If n is COMPOSITE, then there is a base for which n is not 
a strong pseudoprime. There are therefore no “strong 
CARMICHAEL NUMBERS.” Let Y; denote the smallest 
strong pseudoprime to all of the first k PRIMES taken 
as bases (i.e, the smallest ODD NUMBER for which the 
RABIN-MILLER STRONG PSEUDOPRIME TEST on bases 
less than or equal to k fails). Jaeschke (1993) computed 
Y from k = 5 to 8 and gave upper bounds for k = 9 to 
11. 


pı = 2047 

we = 1373653 

w3 = 25326001 

4 = 3215031751 

Ws = 2152302898747 

we = 3474749660383 

aw, = 34155071728321 

we = 34155071728321 

Y9 < 41234316135705689041 

dio < 1553360566073143205541002401 
wii < 56897193526942024370326972321 
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(Sloane's A014233). A seven-step test utilizing these 
results (Riesel 1994) allows all numbers less than 3.4 x 
10** to be tested. 


Pomerance et al. (1980) have proposed a test based on 
a combination of STRONG PSEUDOPRIMES and LUCAS 
PSEUDOPRIMES. They offer a $620 reward for discovery 
of a COMPOSITE NUMBER which passes their test (Guy 
1994, p. 28). 


see also CARMICHAEL NUMBER, MILLER'S PRIMAL- 
ITY TEST, POULET NUMBER, RABIN-MILLER STRONG 
PSEUDOPRIME TEST, ROTKIEWICZ THEOREM, STRONG 
ELLIPTIC PSEUDOPRIME, STRONG LUCAS PSEUDO- 
PRIME 


References 

Baillie, R. and Wagstaff, S. “Lucas Pseudoprimes.” Math. 
Comput. 35, 1391-1417, 1980. 

Guy, R. K. “Pseudoprimes. Euler Pseudoprimes. Strong 
Pseudoprimes.” §A12 in Unsolved Problems in Number 
Theory, 2nd ed. New York: Springer-Verlag, pp. 27-30, 
1994. 

Jaeschke, G. “On Strong Pseudoprimes to Several Bases.” 
Math. Comput. 61, 915-926, 1993. 

Monier, L. “Evaluation and Comparison of Two Efficient 
Probabilistic Primality Testing Algorithms.” Theor. Com- 
put. Sci. 12, 97-108, 1980. 

Pomerance, C.; Selfridge, J. L.; and Wagstaff, S. S. Jr. “The 
Pseudoprimes to 25. 10°.” Math. Comput. 35, 1003-1026, 
1980. Available electronically from ftp://sable.ox.ac. 
uk/pub/math/primes/ps2.Z. 

Rabin, M. O. “Probabilistic Algorithm for Testing Primal- 
ity.” J. Number Th. 12, 128-138, 1980. 

Riesel, H. Prime Numbers and Computer Methods for Fac- 
torization, 2nd ed. Basel: Birkháuser, p. 92, 1994. 

Sloane, N. J. A. Sequence A014233 in “An On-Line Version 
of the Encyclopedia of Integer Sequences.” 


Strong Pseudoprime Test 
see RABIN-MILLER STRONG PSEUDOPRIME TEST 


Strong Subadditivity Inequality 
(A) + (B) - (AUB) 2 PAN B). 
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Strong Triangle Inequality 


|e + Ylp < max(|z|p, lylp) 


for all z and y. 
see also p-ADIC NUMBER, TRIANGLE INEQUALITY 


Strongly Connected Component 

A maximal subgraph of a DIRECTED GRAPH such that 
for every pair of vertices u, v in the SUBGRAPH, there is 
a directed path from u to v and a directed path from v 
to u. 


see also BI-CONNECTED COMPONENT 
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Strongly Embedded Theorem 

The strongly embedded theorem identifies all SIMPLE 
GROUPS with a strongly 2-embedded SUBGROUP. In 
particular, it asserts that no SIMPLE GROUP has a 
strongly 2-embedded 2’-local SUBGROUP. 


see also SIMPLE GROUP, SUBGROUP 


Strongly Independent 

An infinite sequence {a;} of POSITIVE INTEGERS is 
called strongly independent if any relation > eiai, with 
cei = 0, +1, or +2 and e; = 0 except finitely often, IM- 
PLIES €; = Q for all 2. 


see also WEAKLY INDEPENDENT 
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Strongly Triple-Free Set 
see TRIPLE-FREE SET 


Strophoid 

Let C be a curve, let O be a fixed point (the POLE), 
and let O' be a second fixed point. Let P and P’ be 
points on a line through O meeting C at Q such that 
P'Q = QP = QO’. The Locus of P and P’ is called 
the strophoid of C with respect to the POLE O and 
fixed point O”. Let C be represented parametrically by 
(f(t), 9(t)), and let O = (zo, yo) and O' = (21,41). Then 
the equation of the strophoid is 


(xı — f)? + (vı — 9)? 


mE fe a (1) 
= (xı — f)? + (yi — g)? 
where an 
_ 97 Yo 


The name strophoid means “belt with a twist,” and was 
proposed by Montucci in 1846 (MacTutor Archive). The 
polar form for a general strophoid is 


bsin(a — 20) 

= ———. 4 

r sin(a — 0) (4) 

If a = 7/2, the curve is a RIGHT STROPHOID. The 

following table gives the strophoids of some common 
curves. 

Fixed Point 


Curve Pole Strophoid 


line not on line on line oblique strophoid 
line not on line foot of L right strophoid 
origin to line 


circle center on circumf. Freeth’s nephroid 


see also RIGHT STROPHOID 


Struve Differential Equation 
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Structurally Stable 

A MAP 6 : M > M where M is a MANIFOLD is C” 
structurally stable if any C” perturbation is TOPOLOG- 
ICALLY CONJUGATE to ¢. Here, C” perturbation means 
a FUNCTION Y such that w is close to @ and the first r 
derivatives of Y are close to those of ¢. 


see also TOPOLOGICALLY CONJUGATE 


Structure 
see LATTICE 


Structure Constant 

The structure constant is defined as ie€;;,, Where €:5% 
is the PERMUTATION SYMBOL. The structure constant 
forms the starting point for the development of LIE AL- 
GEBRA. 


see also LIE ALGEBRA, PERMUTATION SYMBOL 


Structure Factor 

The structure factor Sr of a discrete set I is the FOUR- 
IER TRANSFORM of 6-scatterers of equal strengths on all 
points of IT”, 


Sr(k) - ¡Ese = gje ke dr. = Ss ¿mika 


rer zEl 
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Struve Differential Equation 
The ordinary differential equation 


| aget 
y + zy’ + (2? _ v’ )y = (3 ) 


rro +s)’ 
where T(z) is the GAMMA FUNCTION. The solution is 
y = aJ,(z) + bYL(z) + Holz}, 
where J,(z) and Y, (2) are BESSEL FUNCTIONS OF THE 


FIRST and SECOND KINDS, and H,(z) is a STRUVE 
FUNCTION (Abramowitz and Stegun 1972). 


Struve Function 


see also BESSEL FUNCTION OF THE FIRST KIND, BES- 
SEL FUNCTION OF THE SECOND KIND, STRUVE FUNC- 
TION 
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Struve Function 
Abramowitz and Stegun (1972, pp. 496-499) define the 
Struve function as 


H(z) = (42z)""" y o Got) 7 (1) 
vane N28 — T(k+ (++ 3)’ 


where T(z) is the GAMMA FUNCTION. Watson (1966, 
p. 338) defines the Struve function as 


_ 2(32)” ! 2yv—1/2 . 
H(z) = ora) (1— t’) sin(zt) dt. (2) 


The series expansion is 


oo (i z)?mtett 
H(z) = —1)™ ———4 3 
(2) 2 ) D(m+3)T(u+m2+ 3) (3) 
For half integral orders, 
Hn+1/2(2) 
7 1 n T(m + 1D (12) 72min=1/2 
O nai m & 
H-(n+1/2)(2) = (—1)"Jn41/2(z). (5) 
The Struve function and its derivatives satisfy 
Hy-ale) — Haile) = 2H, (2)- 22" o) 
y—1\2) — Vv 2) = pi] — 
t H mTw + 8) 


see also ANGER FUNCTION, BESSEL FUNCTION, MODI- 
FIED STRUVE FUNCTION, WEBER FUNCTIONS 
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Student’s t-Distribution 


P(x) 
Dix) 


A DISTRIBUTION published by William Gosset in 1908. 
His employer, Guinness Breweries, required him to pub- 
lish under a pseudonym, so he chose “Student.” Given 
n independent measurements zx;, let 


— 
s/yvn' 


where is the population MEAN, Z is the sample MEAN, 
and s is the ESTIMATOR for population STANDARD DE- 
VIATION (i.e., the SAMPLE VARIANCE) defined by 


t= 


(1) 


=> (a; — #)?. (2) 


Student’s t-distribution is defined as the distribution of 
the random variable ¢ which is (very loosely) the “best” 
that we can do not knowing o. If o = s, t = z and 
the distribution becomes the NORMAL DISTRIBUTION. 
As N increases, Student’s t-distribution approaches the 
NORMAL DISTRIBUTION. 


Student’s t-distribution is arrived at by transforming to 
STUDENT’S z-DISTRIBUTION with 


z = E (3) 


Then define 
t=2vn-— 1. | (4) 


The resulting probability and cumulative distribution 
functions are 


gs — NA __ 
VO (3) 2)" 


(EA 


Fe) = f r (7) P 

l -œ yraT (3) (142) 0498 

D 

VaB (5,4) (1+ 2)" 

1 1 

5 5 inp- (ai) 
(6) 


where 
r=n-1 (7) 
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is the number of DEGREES OF FREEDOM, -œ < t< oo, 
T(z) is the GAMMA FUNCTION, B(a,b) is the BETA 
FUNCTION, and I(z;a,b) is the REGULARIZED BETA 
FUNCTION defined by 


B(z; a, b) 


I(z;a,b) = Bla,b) ` 


(8) 


The MEAN, VARIANCE, SKEWNESS, and KURTOSIS of 
Student’s t-distribution are 


p=0 (9) 

r—2 (10) 

y = 0 (11) 
6 

12 = 7 (12) 


Beyer (1987, p. 514) gives 60%, 70%, 90%, 95%, 
97.5%, 99%, 99.5%, and 99.95% confidence intervals, 
and Goulden (1956) gives 50%, 90%, 95%, 98%, 99%, 
and 99.9% confidence intervals. A partial table is given 
below for small r and several common confidence inter- 
vals. 


The so-called A(t|n) distribution is useful for testing if 
two observed distributions have the same MEAN. A(t|n) 
gives the probability that the difference in two observed 
MEANS for a certain statistic £ with n DEGREES OF 
FREEDOM would be smaller than the observed value 
purely by chance: 


Alt 1 t , ep? =(1+n)/2 y 
ml, (er) o 
13 


Let X be a NORMALLY DISTRIBUTED random variable 
with MEAN 0 and VARIANCE o”, let Y? /0? have a CHI- 
SQUARED DISTRIBUTION with n DEGREES OF FREE- 
DOM, and let X and Y be independent. Then 


Ey (14) 


t 
Y 


is distributed as Student’s t with n DEGREES OF FREE- 
DOM. 


P(x) = 


Student’s z-Distribution 


The noncentral Student’s t-distribution is given by 


n” n! 
27e/2T(n) 
272 
T[5(1 +n) 


_ 2.2 
1 


(15) 


where T(z) is the GAMMA FUNCTION, ıFı(a;b;z) is a 
CONFLUENT HYPERGEOMETRIC FUNCTION, and L} (x) 
is an associated LAGUERRE POLYNOMIAL. 


see also PAIRED t-TEST, STUDENT’S z-DISTRIBUTION 
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Student’s z-Distribution 
The probability density function and cumulative distri- 
bution functions for Student’s z-distribution are given 


by 


— Gg) 2\—n/2 
Fa) = aret? (1) 
-2 T(n) 2Fi(2(n — 1), En; Hn + 1); -27?) 


Dle) = aya Ti+ 1) 


The MEAN is 0, so the MOMENTS are 


pi = 0 (3) 
I= — (4) 
u3 = 0 (5) 

3 (6) 


Study's Theorem 


The MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 


p=0 (7) 
== (8) 
y =0 (9) 
n= — (10) 
Letting 
ge - 22 (11) 


where x is the sample MEAN and p is the population 
MEAN gives STUDENT’S t-DISTRIBUTION. 


see also STUDENT’S t-DISTRIBUTION 


Study?s Theorem 

Given three curves 01, 02, 63 with the common group 
of ordinary points G (which may be empty), let their 
remaining groups of intersections 923, 931, and gız also 
be ordinary points. If ¢, is any other curve through 
923, then there exist two other curves $3, $3 such that 
the three combined curves ¢;¢; are of the same order 
and LINEARLY DEPENDENT, each curve q; contains the 
corresponding group gij, and every intersection of ġ; or 
p; with œ; or ġ} lies on Øk or dy. 
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Sturm Chain 
The series of STURM FUNCTIONS arising in application 
of the STURM THEOREM. 


see also STURM FUNCTION, STURM THEOREM 


Sturm Function 
Given a function f(z) = fo(x), write fi = f'(x) and 
define the Sturm functions by 


gr) = — T)= E fn-2lz) 
fala) = [Sato fa E (1) 


where [P(x)/Q(az)] is a polynomial quotient. Then con- 
struct the following chain of Sturm functions, 


fo = q0f — fe 
fi =nfe — fs 
fa = q2f3 — fa (2) 


fs—2 = qs—2fs—1 = Ts 


known as a STURM CHAIN. The chain is terminated 
when a constant —f,(x) is obtained. 


Sturm functions provide a convenient way for finding 
the number of real roots of an algebraic equation with 
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real coefficients over a given interval. Specifically, the 
difference in the number of sign changes between the 
Sturm functions evaluated at two points z = a and z = b 
gives the number of real roots in the interval (a,b). This 
powerful result is known as the STURM THEOREM. 


As a specific application of Sturm functions toward find- 
ing POLYNOMIAL ROOTS, consider the function fo{z) = 
x* — 3x — 1, plotted above, which has roots —1.21465, 
—0.334734, 0.0802951 + 1.328367, and 1.38879 (three of 
which are real). The DERIVATIVE is given by f'(x) = 
5x* — 3, and the STURM CHAIN is then given by 


fo =x* — 3z — 1 (3) 
fi =5%* -3 (4) 
fo = ¿(12% + 5) (5) 
fs = 20736" (8) 


The following table shows the signs of f; and the number 
of sign changes A obtained for points separated by Az = 
2. 


z A 


This shows that 3 — 1 = 2 real roots lie in (—2, 0), and 
1 — 0 = 1 real root lies in (0,2). Reducing the spacing 
to Az = 0.5 gives the following table. 


OO Ah A YN bt 0 


This table isolates the three real roots and shows that 
they lie in the intervals (—1.5,-—1.0), (—0.5,0.0), and 
(1.0,1.5). If desired, the intervals in which the roots fall 
could be further reduced. 


The Sturm functions satisfy the following conditions: 
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1. Two neighboring functions do not vanish simultane- 
ously at any point in the interval. 


2. At a null point of a Sturm function, its two neigh- 
boring functions are of different signs. 


3. Within a sufficiently small AREA surrounding a zero 
point of folx), fı(x) is everywhere greater than zero 
or everywhere smaller than zero. 


see also DESCARTES’ SIGN RULE, STURM CHAIN, 
STURM THEOREM 
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Sturm-Liouville Equation 
A second-order ORDINARY DIFFERENTIAL EQUATION 


qe [n(a) Z] + Awe) - a)y =0, 
where A is a constant and w(x} is a known function 
called either the density or WEIGHTING FUNCTION. The 
solutions (with appropriate boundary conditions) of A 
are called EIGENVALUES and the corresponding u(x) 
EIGENFUNCTIONS. The solutions of this equation satisfy 


important mathematical properties under appropriate 
boundary conditions (Arfken 1985). 


see also ADJOINT OPERATOR, SELF-ADJOINT OPERA- 
TOR 
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Sturm-Liouville Theory 
see STURM-LIOUVILLE EQUATION 


Sturm Theorem 

The number of REAL ROOTS of an algebraic equation 
with REAL COEFFICIENTS whose REAL ROOTS are sim- 
ple over an interval, the endpoints of which are not 
ROOTS, is equal to the difference between the number 
of sign changes of the STURM CHAINS formed for the 
interval ends. 


see also STURM CHAIN, STURM FUNCTION 
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Sturmian Separation Theorem 
Let A, = aij be a SEQUENCE of N SYMMETRIC MATRI- 


CES of increasing order with 1,7 = 1, 2,..., r andr = 1, 
2,..., N. Let Az(A,) be the kth EIGENVALUE of A, for 
k=1,2,..., r, where the ordering is given by 


Ai (A,r) 2 A2 (Az) A Ar(Ar). 
Then it follows that 


Ar+1[Aj+1) < An(Ai) < An(Ai+1). 
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Sturmian Sequence 

If a SEQUENCE has the property that the BLOCK 
GROWTH function B(n) = n + 1 for all n, then it is 
said to have minimal block growth, and the sequence is 
called a Sturmian sequence. An example of this is the 
sequence arising from the SUBSTITUTION MAP 


0 => 01 
1 — 0, 


yielding 0 > 01 > 010 => 01001 — 01001010 > ..., 
which gives us the Sturmian sequence 01001010.... 


STURM FUNCTIONS are sometimes also said to form a 
Sturmian sequence. 


see also STURM FUNCTION, STURM THEOREM 


Subalgebra 
An ALGEBRA S’ which is part of a large ALGEBRA S 
and shares its properties. 


see also ALGEBRA 


Subanalytic 

X C R” is subanalytic if, for all v € IR”, there is an 
open U and Y CR”*” a bounded SEMIANALYTIC set 
such that X NU is the projection of Y into U. 


see also SEMIANALYTIC 
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simple projects 


A brass ball approximately 3/8-inches in diameter is used 
as the moving contact slider. This brass ball can be 
found at your local electrical supply store. It is a type 
of ball that is used as a top nut for small table lamps. 
Drill a hole through the ball so that it will slide over 
a length of 3/32-inch diameter brass rod. Bend the brass 
rod at each end (after placing the ball in the center of 
the rod), to fit through the holes in the coil form as 
shown in the drawing, Cut the rod 1-inch down from the 
bend at each end, 


Insert the brass rod with the slider ball into the coil 
form holes, Then place a small washer and spring on one 
end of the rod (inside the coil form). Solder a nut on 
the end of the rod to hold the spring in place. Do the 
same to the other end of the rod. After soldering, slide 
the ball over the wires and check that it slides 
smoothly. Use sandpaper to remove the enamel insulation 
of the wires in the path of the ball slider. Connect a 
wire between the soldered nut on the bottom end of the 
brass rod and the solder lug near the rod, 


BASEBOARD 


All of the crystal set components are mounted on a wood 
baseboard as shown in the drawings. Cut the baseboard to 
size; a 6-inch by 3 1/2-inch section of 1/2-inch thick 
wood (maple is used in our model), Sand the edges after 
cutting. It is not necessary to paint or stain the 
baseboard. 


Mount the four terminals and solder lugs as shown in the 
drawing. Label the four terminals with either rub-on 
lettering or cemented paper tags. Install two brackets on 
opposite sides of the bottom of the coil, and mount it on 
the baseboard with the lugs toward the terminals. 
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Subfactorial 


Subfactorial 

The number of PERMUTATIONS of n objects in which no 
object appear in its natural place (i.e., so-called “DE- 
RANGEMENTS”). 


In =n! y E (1) 
- n= [E] o) 


where k! is the usual FACTORIAL and |æ] is the NINT 
function. The first few values are !1 = 0, !2 = 1, !3 = 2, 
14 = 9, 15 = 44, !6 = 265, !7 = 1854, !8 = 14833, 

(Sloane’s A000166). For example, the only DE- 
RANGEMENTS of {1,2,3} are {2,3,1} and {3,1,2}, so 
13 = 2. Similarly, the DERANGEMENTS of {1, 2, 3,4} are 
{2,1,4,3}, {2,3,4,1}, {2, 4, 1, 3}, {3, 1, 4,2}, {3, 4, 1, 2}, 
{3,4,2,1}, {4,1,2,3}, {4,3,1,2}, and {4,3,2,1}, so 
14 = 9. | 


The subfactorials are also called the RENCONTRES NUM- 
BERS and satisfy the RECURRENCE RELATIONS 


In = n(n — 1) + (-1)" (3) 


Un +1) = n[In+Un — 1)]. (4) 


The subfactorial can be considered a special case of a 
restricted ROOKS PROBLEM. 


The only number equal to the sum of subfactorials of its 
digits is 
148, 349 =!14-14+!8+!3+!4+19 (5) 


(Madachy 1979). 


see also DERANGEMENT, FACTORIAL, MARRIED COU- 
PLES PROBLEM, ROOKS PROBLEM, SUPERFACTORIAL 
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Subfield 

If a subset S of the elements of a FIELD F satisfies the 
FIELD AXIOMS with the same operations of F, then S 
is called a subfield of F. Let F be a FINITE FIELD of 
order p”, then there exists a subfield of ORDER p” for 
PRIME p IFF m DIVIDES n. 


see also FIELD, SUBMANIFOLD, SUBSPACE 
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Subgraph 

A GRAPH G’ whose VERTICES and EDGES form subsets 
of the VERTICES and EDGES of a given GRAPH G. If G’ 
is a subgraph of G, then G is said to be a SUPERGRAPH 
of G’. 

see also GRAPH (GRAPH THEORY), SUPERGRAPH 


Subgroup 

A subset of GROUP elements which satisfies the four 
GROUP requirements. The ORDER of any subgroup of a 
GROUP ORDER A must be a DIVISOR of h. 


see also CARTAN SUBGROUP, COMPOSITION SERIES, 
FITTING SUBGROUP, GROUP 


Sublime Number 

Let T(n) and o(n) denote the number and sum of the di- 
visors of n, respectively (i.e., the zeroth- and first-order 
DIVISOR FUNCTIONS). A number N is called sublime if 
T(N) and o(N) are both PERFECT NUMBERS. The only 
two known sublime numbers are 12 and 


60865556702383789896703717342431696 - - - 
++ 22657830773351885970528324860512791691264. 


It is not known if any ODD sublime number exists. 
see also DIVISOR FUNCTION, PERFECT NUMBER 


Submanifold 

A C” (infinitely differentiable) MANIFOLD is said to be 
a submanifold of a C° MANIFOLD M’ if M is a SUB- 
SET of M' and the IDENTITY MAP of M into M’ is an 
embedding. 


see also MANIFOLD, SUBFIELD, SUBSPACE 


Submatrix 

An p x q submatrix of an m x n MATRIX (with p < m, 
n <q) is a p X q MATRIX formed by taking a block of 
the entries of this size from the original matrix. 


see also MATRIX 


Subnormal 
Lis a subnormal SUBGROUP of H if there is a a “normal 
series” (in the sense of Jordan-Holder) from L to H. 


Subordinate Norm 
see NATURAL NORM 


Subscript 

A quantity displayed below the normal line of text (and 
generally in a smaller point size), as the “i” in aj, is 
called a subscript. Subscripts are commonly used to 
indicate indices (a;i; is the entry in the ith row and jth 
column of a MATRIX A), partial differentiation (yz is an 
abbreviation for 0y/0x), and a host of other operations 
and notations in mathematics. 


see also SUPERSCRIPT 
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Subsequence 

A subsequence of a SEQUENCE § = {zi} is a derived 
sequence Ly), = {xi+;} for some j > 0 and N < n— 
j. More generally, the word subsequence is sometimes 
used to mean a sequence derived from a sequence S by 
discarding some of its terms. 


see also LOWER-TRIMMED SUBSEQUENCE, UPPER- 
TRIMMED SUBSEQUENCE 


Subset 

A portion of a SET. B is a subset of A (written B C A) 
IFF every member of B is a member of A. If Bisa 
PROPER SUBSET of A (i.e., a subset other than the set 
itself), this is written B C A. 


A SET of n elements has 2” subsets (including the set 
itself and the EMPTY SET). For sets of n = 1, 2, ... 
elements, the numbers of subsets are therefore 2, 4, 8, 
16, 32, 64, ... (Sloane’s A000079). For example, the 
set {1} has the two subsets Ø and {1}. Similarly, the 
set {1,2} has subsets Y (the EMPTY SET, {1}, {2}, and 


{1,2}. 
see also EMPTY SET, IMPLIES, k-SUBSET, PROPER SUB- 
SET, SUPERSET, VENN DIAGRAM 
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Subspace 

Let V be a REAL VECTOR SPACE (e.g., the real con- 
tinuous functions C(I) on a CLOSED INTERVAL I, 2-D 
EUCLIDEAN SPACE R’, the twice differentiable real func- 
tions C(I) on I, etc.). Then W is a real SUBSPACE 
of V if W is a SUBSET of V and, for every wi, w2 € W 
and t € R (the REALS), wi + we € W and tw, € W. 
Let (H) be a homogeneous system of linear equations in 
L1,..., Zn. Then the SUBSET S of R” which consists of 
all solutions of the system (H) is a subspace of R”. 


More generally, let Fy be a FIELD with q = p”, where p 
is PRIME, and let F¿n denote the n-D VECTOR SPACE 
over F}. The number of k-D linear subspaces of Fy,» is 


where this is the g-BINOMIAL COEFFICIENT (Aigner 
1979, Exton 1983). The asymptotic limit is 


ceg” /4[1 +o(1)] for n even 


N( Fan) = 
(Fan) pt for n odd, 


S uccesses 


where 

oo k? 

E sd 
[Ed — qrí) 

00 —(k+1/2)* 
o oe 
o — 7 

Ma0 — qui) 


(Finch). The case q = 2 gives the q-ANALOG of the 
WALLIS FORMULA. 


see also q-BINOMIAL COEFFICIENT, SUBFIELD, SUB- 
MANIFOLD 
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Substitution Group 
see PERMUTATION GROUP 


Substitution Map 

A Map which uses a set of rules to transform ele- 
ments of a sequence into a new sequence using a set 
of rules which “translate” from the original sequence to 
its transformation. For example, the substitution map 
{1 — 0,0 > 11} would take 10 to 011. 


see also GOLDEN RATIO, MORSE-THUE SEQUENCE, 
STRING REWRITING, THUE CONSTANT 


Subtend 

Given a geometric object O in the PLANE and a point P, 
let A be the ANGLE from one edge of O to the other with 
VERTEX at P. Then O is said to subtend an ANGLE A 
from P. 


see also ANGLE, VERTEX ANGLE 


Subtraction 

Subtraction is the operation of taking the DIFFERENCE 
x—y Of two numbers z and y. Here, the symbol between 
the x and y is called the MINUS SIGN and zx — y is read 
“e MINUS y.” 


see also ADDITION, DIVISION, MINUS, MINUS SIGN, 
MULTIPLICATION 


Succeeds 

The relationship x succeeds (or FOLLOWS) y is written 
x > y. The relation x succeeds or is equal to y is written 
TY 


see also PRECEDES 


Successes 
see DIFFERENCE OF SUCCESSES 


Sufficient 


Sufficient 

A CONDITION which, if true, guarantees that a result 
is also true. (However, the result may also be true if 
the CONDITION is not met.) If a CONDITION is both 
NECESSARY and SUFFICIENT, then the result is said to 
be true IFF (“if and only if”) the CONDITION holds. 


For example, the condition that a decimal number n 
end in the DIGIT 2 is a sufficient but not NECESSARY 
condition that n be EVEN. 


see also IFF, IMPLIES, NECESSARY 


Suitable Number 
see IDONEAL NUMBER 


Sum 
A sum is the result of an ADDITION. For example, 
adding 1, 2, 3, and 4 gives the sum 10, written 


1+2+3+4= 10. (1) 


The numbers being summed are called ADDENDS, or 
sometimes SUMMANDS. The summation operation can 
also be indicated using a capital sigma with upper and 
lower limits written above and below, and the index in- 
dicated below. For example, the above sum could be 


written a 
Y k=10. (2) 
k=1 


JOB y 
A simple graphical proof of the sum $ p_k = n(n + 
1)/2 can also be given. Construct a sequence of stacks of 
boxes, each 1 unit across and k units high, where k = 1, 
2, ..., n. Now add a rotated copy on top, as in the 
above figure. Note that the resulting figure has WIDTH 
n and HEIGHT n + 1, and so has AREA n(n + 1). The 
desired sum is half this, so the AREA of the boxes in the 
sum is n(n + 1)/2. Since the boxes are of unit width, 
this is also the value of the sum. 


The sum can also be computed using the first EULER- 
MACLAURIN INTEGRATION FORMULA 


NO f(k) = / f(x) da + 2f(1) + 3f(n) 
k=1 1 
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with f(k) = k. Then 
S= | ada+i-14+i-n+3(1-1)+... 
k=1 1 


= Un*-1)-2+h+in= in(n+1). (4) 


The general finite sum of integral POWERS can be given 
by the expression 


2 LP (Btn4+1)eth — piety 5 
AL a O 


where the NOTATION B!*l means the quantity in ques- 
tion is raised to the appropriate POWER k and all terms 
of the form B™ are replaced with the corresponding 
BERNOULLI NUMBERS Bm. It is also true that the Co- 
EFFICIENTS of the terms in such an expansion sum to 1, 
as stated by Bernoulli without proof (Boyer 1943). 


An analytic solution for a sum of POWERS of integers is 


yw =< 


where ¢(z) is the RIEMANN ZETA FUNCTION and ¢(z; a) 
is the HURWITZ ZETA FUNCTION. For the special case 
of p a POSITIVE integer, FAULHABER’S FORMULA gives 
the SUM explicitly as 


— ¢(—p,1+n), (6) 


n p+1 


d= pei 1%» (r3 ‘) Bpti-kn’, (7) 


k=1 
where dp is the KRONECKER DELTA, (7) is a BINO- 
MIAL COEFFICIENT, and B; is a BERNOULLI NUMBER. 
Written explicitly in terms of a sum of POWERS, 


Byp! —k+1 
k? = —_———____nP . 8 
y (p-k + pr (8) 
Computing the sums for p= 1,..., 10 gives 
Db = a(n? +) (9) 
k=1 
y k = i (2n° + 3n? +n) (10) 
k=1 
Ss k? = 1(n* + 2n° +n’) (11) 
k=1 
n 
Sy k? = + (6n° + 15n* + 10n* — n) (12) 
k=1 
y ke = + (2n° + 6n° + 5n* — n’) (13) 
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Y kê = (60 + 21n? + 21m" — mtn) (14) 
YN = 
k=1 
Dar 
k=1 


2 (3n? + 12n7 + 14n* — 7n* +2n?) (15) 


(10n* + 45n? + 60n' — 42n° 


+ 20n* — 3n) (16) 


A (2n” + 10n? + 15n® — 14n® 


k=1 


+ 10n* — 3n’) (17) 


n 


Soke = 


k=1 


2 (6n** + 33n*” + 55n* — 66n' 
+ 66n* — 33n* + 5n). (18) 


Factoring the above equations results in 


a k= ¿n(n+ 1) (19) 
Ne = in(n + 1)(2n +1) (20) 
Y k? = 1n?(n +1) (21) 
Y kt = Ln(n+1)(Qn + 1)(3n* + 3n — 1) (22) 
y = ¿n*(n+1)*(2n* + 2n — 1) (23) 


n(n + 1)(2n + 1)(3n* + 6n* — 3n + 1) 


6 
Dra 
k=1 

(24) 


(n + 1)*(3n* + 6n* — n? — 4n +2) 


7 2 
k=1 
(25) 


n(n + 1)(2n + 1)(5n* + 15n? + 5n* 


8 
Dra 
k=1 

—15n* — n? +9n — 3) (26) 


(n+1) (n*+n-1) 


Tr 

9_ 1,2 
> k = ¿an 
k=1 


x(2n% + 4n? —n*-3n+3) (27) 


n 


DD = 


k=1 
x(3n + 9n? + 2n* — 11n? + 3n? + 10n — 5). (28) 


n(n + 1)(2n + 1)(n? +n-1) 


Sum 


From the above, note the interesting identity 
n rn 2 
= (+) | (29) 
k=1 k=1 
Sums of the following type can also be done analytically. 


PES 
Mea 
de 
a 
I 
Me i 
ATT, 
Me i 
Tha 
pe 


(31) 


S 
v 
3 
+ 
E 
Ss 
ah 
eae 


n=0 


= a} y 


os 
My 
a 
Parag 
| I 
NE 
¡Ma o 
PARAS 
¡Ms 
a, 
+ 
= 
+ 


m | da EE) 
F yee +1)+2(n + 1)]x" 


= pa 


+ 1)(2n? + 10n + 12)x” 


n(2n + 1) + 9n + 12]a" 


= 5 +1)(n42)(n+3)2". (32) 


n=0 


By INDUCTION, the sum for an arbitrary POWER p is 


: a Wea eee a tee Dio". (83) 


Other analytic sums include 


y ae et 


p- (n—|n—&))! 
(34) 
(Lo. JE de E 3 ajaja”. (35) 
n=0 n=0 Hi in 


Y ry =aiy + ry +... 
= (a1 + z2 +...)y1 + (21 + £2 +...)y2 


E z) (i +y+...) )= 2) y,(36) 


+ 1241 + TaYa +... 


Sum 
SO . 
k E o (n+ 1)r”t! +2 
a = =D (38) 
P 0 frO0<r<n-—1 
1 forr=n-1 
> TT 1 (Zj — 24) ES forr=n 
(39) 
[Tesi (e +k-=r) 
> IIs a (=r) (40) 


m=l 


To minimize the sum of a set of squares of numbers ([x;) 
about a given number zo 


S = de i — Lo) P= Soa? - 220 X zi + Na’, (42) 


take the DERIVATIVE. 


d 
AS —— i == la 4 
a 2 > ri + 2Nao = 0 (43) 


Solving for zo gives 


r= Lt (44) 


so 5 is maximized when zo is set to the MEAN. 


4 


see also ARITHMETIC SERIES, BERNOULLI NUMBER, 
CLARK’S TRIANGLE, CONVERGENCE IMPROVEMENT, 
DEDEKIND SUM, DOUBLE SUM, EULER SUM, FACTO- 
RIAL SUM, FAULHABER'S FORMULA, GABRIEL'S STAIR- 
CASE, GAUSSIAN SUM, GEOMETRIC SERIES, GOSPER'S 
METHOD, HURWITZ ZETA FUNCTION, INFINITE PROD- 
UCT, KLOOSTERMAN’S SUM, LEGENDRE SUM, LERCH 
TRANSCENDENT, PASCAL’S TRIANGLE, PRODUCT, Ra- 
MANUJAN’S SUM, RIEMANN ZETA FUNCTION, WHITNEY 
SUM 
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Sum-Product Number 

A sum-product number is a number n such that the sum 
of n’s digits times the product of n’s digit is n itself, for 
example 


135 = (1 +3 + 5)(1-3- 5). 


The only sum-product numbers less than 10’ are 1, 135, 
and 144. 


see also AMENABLE NUMBER 


Sum Rule 


d ' , 
L f(a) +9(0)]=1(0) +9 (0), 

where d/dx denotes a derivative and f'(x) and g'(x) are 
the derivatives of f and g, respectively. 


see also DERIVATIVE 


Summand 
see ADDEND 


Summatory Function 
For an discrete function f(n), the summatory function 


is defined by 
= Y f(k), 


keD 


where D is the DOMAIN of the function. 


see also DIVISOR FUNCTION, MANGOLDT FUNCTION, 
MERTENS FUNCTION, RUDIN-SHAPIRO SEQUENCE, TAU 
FUNCTION, TOTIENT FUNCTION 


Sup 
see SUPREMUM, SUPREMUM LIMIT 


Super-3 Number 

An INTEGER n such that 3n* contains three consecutive 
3s in its DECIMAL representation. The first few super- 
3 numbers are 261, 462, 471, 481, 558, 753, 1036, ... 
(Sloane’s A014569). A. Anderson has conjectured that 
all numbers ending in 471, 4710, or 47100 are super-3 
(Pickover 1995). 


For a digit d, super-3 numbers can be generalized to 
super-d numbers n such that dn* contains d ds in its 
DECIMAL representation. The following table gives the 
first few super-d numbers for small d. 


Sloane Super-d numbers 


032743 19, 31, 69, 81, 105, 106, 107, 119, ... 
014569 261, 462, 471, 481, 558, 753, 1036, ... 
032744 1168, 4972, 7423, 7752, 8431, 10267, ... 
032745 4602, 5517, 7539, 12955, 14555, 20137, ... 
032746 27257, 272570, 302693, 323576, ... 
032747 140997, 490996, 1184321, 1259609, ... 
032748 185423, 641519, 1551728, 1854230, ... 
032749 17546133, 32613656, 93568867, ... 


O o NDNA nia 
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Super Catalan Number 

While the CATALAN NUMBERS are the number of p- 
Goop PATHS from (n,n) to (0,0) which do not cross 
the diagonal line, the super Catalan numbers count the 
number of LATTICE PATHS with diagonal steps from 
(n,n) to (0,0) which do not touch the diagonal line 
z =y. 


The super Catalan numbers are given by the RECUR- 
RENCE RELATION 


S(n) = 3(2n — 3)S(n — 1) — (n — 3)S(n — 2) 

n 
(Comtet 1974), with S(1) = S(2) = 1. (Note that the 
expression in Vardi (1991, p. 198) contains two errors.) 
A closed form expression in terms of LEGENDRE POLY- 
NOMIALS P,,(z) is 


s(n) = $Pa-1(8)— Pala) 


(Vardi 1991, p. 199). The first few super Catalan num- 
bers are 1, 1, 3, 11, 45, 197, ... (Sloane's A001003). 


see also CATALAN NUMBER 
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Super-Poulet Number 
A POULET NUMBER whose DIVISORS d all satisfy d|2* — 
2. 


see also POULET NUMBER 


Superabundant Number 
see HIGHLY COMPOSITE NUMBER 


Superellipse 


Superegg 
A superegg is a solid described by the equation 


q? + y? 
Va? | + 


Supereggs will balance on either end for any a, b, and 
n. 


see also EGG, SUPERELLIPSE 
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Superellipse 


A curve of the form 


where r > 2. “The” superellipse is sometimes taken as 
the curve of the above form with r = 5/2. Superellipses 
with a = b are also known as LAMÉ CURVES. The above 
curves are for a = 1, b = 2, and r = 2.5, 3.0, and 3.5. 


A degenerate superellipse is a superellipse with r < 2. 
The above curves are for a = 1, b= 2, and r = 0.5, 1.0, 
1.5, and 2.0. 


see also ELLIPSE, LAME CURVE, SUPEREGG 
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Superfactorial 


Superfactorial 
The superfactorial of n is defined by Pickover (1995) as 


n! 
n$ =n! 


n! 


The first two values are 1 and 4, but subsequently grow 
so rapidly that 3$ already has a huge number of digits. 


Sloane and Plouffe (1995) define the superfactorial by 


which is equivalent to the integral values of the G- 
FUNCTION. The first few values are 1, 1, 2, 12, 288, 
34560, ... (Sloane's A000178). 


see also FACTORIAL, G-FUNCTION, LARGE NUMBER, 
SUBFACTORIAL 
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Supergraph l 

If G’ is a SUBGRAPH of G, then G is said to be a super- 
graph of G”. 

see also GRAPH (GRAPH THEORY}, SUBGRAPH 


Supernormal 
Trials for which the LEXIS RATIO 


o 


L 


bf 
TB 
satisfies L > 1, where o is the VARIANCE in a set of s 
LEXIS TRIALS and og is the VARIANCE assuming BER- 
NOULLI TRIALS. 


see also BERNOULLI TRIAL, LEXIS TRIALS, SUBNORMAL 


Superperfect Number 
A number n such that 


a° (n) = 0(0(n)) = 2n, 


where o{7) is the DIVISOR FUNCTION. EVEN superper- 
fect numbers are just 2?7*, where Mp = 2? — 1 isa 
MERSENNE PRIME. If any ODD superperfect numbers 
exist, they are SQUARE NUMBERS and either n or o(n) 
is DIVISIBLE by at least three distinct PRIMES. 


More generally, an m-superperfect number is a number 
for which o”(n) = 2n. For m > 3, there are no EVEN 
m-superperfect numbers. 


see also MERSENNE NUMBER 
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Superposition Principle 
For a linear homogeneous ORDINARY DIFFERENTIAL 
EQUATION, if yı(x) and y2a(x2) are solutions, then so is 


yi(z) + yo(x). 


Superregular Graph 

For a VERTEX « of a GRAPH, let Fs and ^, denote the 
SUBGRAPHS of I — x induced by the VERTICES adjacent 
to and nonadjacent to x, respectively. The empty graph 
is defined to be superregular, and T is said to be super- 
regular if [ is a REGULAR GRAPH and both I, and A, 
are superregular for all z. 


The superregular graphs are precisely C5, mK, (m,n > 
1), Gn (n > 1), and the complements of these graphs, 
where C, is a CYCLIC GRAPH, Ky is a COMPLETE 
GRAPH and mK, is m disjoint copies of Kn, and Gy 
is the Cartesian product of K, with itself (the graph 
whose VERTEX set consists of n? VERTICES arranged in 
an n x n square with two VERTICES adjacent IFF they 
are in the same row or column). 


see also COMPLETE GRAPH, CYCLIC GRAPH, REGULAR 
GRAPH 
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Superscript 

A quantity displayed above the normal line of text (and 
generally in a smaller point size), as the “i” in 2’, is 
called a superscript. Superscripts are commonly used 
to indicate raising to a POWER (z? means 2-2 -1 Or zx 
CUBED), multiple differentiation (f‘*)(z) is an abbrevi- 
ation for f" (x) = d*f/dx*), and a host of other opera- 
tions and notations in mathematics. 


see also SUBSCRIPT 


Superset 

A SET containing all elements of a smaller SET. If Bisa 
SUBSET of A, then A is a superset of B, written A D B. 
If A is a PROPER SUPERSET of B, this is written A D B. 


see also PROPER SUBSET, PROPER SUPERSET, SUBSET 
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Supplementary Angle 
Two ANGLES a and m — a which together form a 
STRAIGHT ANGLE are said to be supplementary. 


see also ANGLE, COMPLEMENTARY ANGLE, DIGON, 
STRAIGHT ANGLE 


Support 
The CLOSURE of the SET of arguments of a FUNCTION 
f for which f is not zero. 


see also CLOSURE 


Support Function 

Let M be an oriented REGULAR SURFACE in R* with 
normal N. Then the support function of M is the func- 
tion h: M > R defined by 


h(p) = p: N(p). 
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Supremum 
The supremum of a set is the least upper bound of the 
set. It is denoted 
sup. 
S 
On the REAL LINE, the supremum of a set is the same 
as the supremum of its CLOSURE. 


see also INFIMUM, SUPREMUM LIMIT 


Supremum Limit 
The limit supremum is used for sequences and nets (as 
opposed to sets) and is denoted 


lim sup. 
Ss 


see also SUPREMUM 


Surd 
An archaic term for a SQUARE ROOT. 


see also QUADRATIC SURD, SQUARE ROOT 


Surface 

The word “surface” is an important term in mathe- 
matics and is used in many ways. The most common 
and straightforward use of the word is to denote a 2-D 
SUBMANIFOLD of 3-D EUCLIDEAN SPACE. Surfaces can 
range from the very complicated (e.g., FRACTALS such 
as the MANDELBROT SET) to the very simple (such as 
the PLANE). More generally, the word “surface” can be 
used to denote an (n — 1)-D SUBMANIFOLD of an n-D 
MANIFOLD, or in general, any co-dimension 1 subob- 
ject in an object (like a BANACH SPACE or an infinite- 
dimensional MANIFOLD). 


Surface 


Even simple surfaces can display surprisingly counterin- 
tuitive properties. For example, the SURFACE OF REVO- 
LUTION of y = 1/z around the x-AxIs for x > 1 (called 
GABRIEL’S HORN) has FINITE VOLUME but INFINITE 
SURFACE AREA. 


see also ALGEBRAIC SURFACE, BARTH DECIC, BARTH 
SEXTIC, BERNSTEIN MINIMAL SURFACE THEOREM, 
BOHEMIAN DOME, BOY SURFACE, CATALAN’S SUR- 
FACE, CAYLEY’S RULED SURFACE, CHAIR, CLEB- 
SCH DIAGONAL CUBIC, COMPACT SURFACE, CONE, 
CONICAL WEDGE, CONOCUNEUS OF WALLIS, CORK 
PLUG, CORKSCREW SURFACE, CORNUCOPIA, COSTA 
MINIMAL SURFACE, CROSS-CAP, CROSSED TROUGH, 
CUBIC SURFACE, CYCLIDE, CYLINDER, CYLINDROID, 
DARWIN-DE SITTER SPHEROID, DECIC SURFACE, DEL 
PEZZO SURFACE, DERVISH, DESMIC SURFACE, DE- 
VELOPABLE SURFACE, DINI’S SURFACE, EIGHT SUR- 
FACE, ELLIPSOID, ELLIPTIC CONE, ELLIPTIC CYLIN- 
DER, ELLIPTIC HELICOID, ELLIPTIC HYPERBOLOID, 
ELLIPTIC PARABOLOID, ELLIPTIC TORUS, ENNEPER’S 
SURFACES, ENRIQUES SURFACES, ETRUSCAN VENUS 
SURFACE, FLAT SURFACE, FRESNEL’S ELASTICITY SUR- 
FACE, GABRIEL’S HORN, HANDKERCHIEF SURFACE, 
HELICOID, HENNEBERG’S MINIMAL SURFACE, HOFF- 
MAN’S MINIMAL SURFACE, HORN CYCLIDE, HORN 
Torus, HUNT'S SURFACE, HYPERBOLIC CYLINDER, 
HYPERBOLIC PARABOLOID, HYPERBOLOID, IDA SUR- 
FACE, IMMERSED MINIMAL SURFACE, KISS SURFACE, 
KLEIN BOTTLE, KUEN SURFACE, KUMMER SUR- 
FACE, LICHTENFELS SURFACE, MAEDER’S OWL MIN- 
IMAL SURFACE, MANIFOLD, MENN’S SURFACE, MIN- 
IMAL SURFACE, MITER SURFACE, MOBIUS STRIP, 
MONGE’S FORM, MONKEY SADDLE, NONORIENTABLE 
SURFACE, NORDSTRAND’S WEIRD SURFACE, NURBS 
SURFACE, OBLATE SPHEROID, OCTIC SURFACE, ORI- 
ENTABLE SURFACE, PARABOLIC CYLINDER, PARABOLIC 
HORN CYCLIDE, PARABOLIC RING CYCLIDE, PARA- 
BOLIC SPINDLE CYCLIDE, PARABOLOID, PEANO SUR- 
FACE, PIRIFORM, PLANE, PLUCKER’S CONOID, POLY- 
HEDRON, PRISM, PRISMATOID, PROLATE SPHEROID, 
PSEUDOCROSSCAP, QUADRATIC SURFACE, QUARTIC 
SURFACE, QUINTIC SURFACE, REGULAR SURFACE, 
REMBS’ SURFACES, RIEMANN SURFACE, RING CY- 
CLIDE, RING TORUS, ROMAN SURFACE, RULED SUR- 
FACE, SCHERK’S MINIMAL SURFACES, SEIFERT SUR- 
FACE, SEXTIC SURFACE, SHOE SURFACE, SIEVERT’S 
SURFACE, SMOOTH SURFACE, SOLID, SPHERE, SPHER- 
OID, SPINDLE CYCLIDE, SPINDLE TORUS, STEINBACH 
SCREW, STEINER SURFACE, SWALLOWTAIL CATASTRO- 
PHE, SYMMETROID, TANGLECUBE, TETRAHEDRAL SUR- 
FACE, TOGLIATTI SURFACE, TOOTH SURFACE, TRI- 
NOID, UNDULOID, VERONESE SURFACE, VERONESE VA- 
RIETY, WALLIS’S CONICAL EDGE, WAVE SURFACE, 
WEDGE, WHITNEY UMBRELLA 


References 


Endraf, S. “Home Page of S. Endraf.” 


mathematik.uni-mainz.de/-endrass/. 


http://www. 


Surface Área 


Fischer, G. (Ed.). Mathematical Models from the Collections 
of Universities and Museums. Braunschweig, Germany: 
Vieweg, 1986. 

Francis, G. K. A Topological Picturebook. 
Springer-Verlag, 1987. 

Geometry Center. “The Topological Zoo.” http://www. 
geom.umn.edu/zoo/. 

Gray, A. Modern Differential Geometry of Curves and Sur- 
faces. Boca Raton, FL: CRC Press, 1993. 

Hunt, B. “Algebraic Surfaces.” http://www.mathematik. 
uni~kl.de/-wwwagag/Galerie.html. 

Morgan, F. “What is a Surface?” Amer. Math. Monthly 108, 
369-376, 1996. 

Nordstrand, T. “Gallery.” 
nfytn/mathgal .htm. 

Nordstrand, T. “Surfaces.” 
nfytn/surfaces.htm. 

von Seggern, D. CRC Standard Curves and Surfaces. Boca 
Raton, FL: CRC Press, 1993. 

Wagon, S. “Surfaces.” Ch. 3 in Mathematica in Action. New 
York: W. H. Freeman, pp. 67-91, 1991. 

Yamaguchi, F. Curves and Surfaces in Computer Aided Ge- 
ometric Design. New York: Springer-Verlag, 1988. 


New York: 


http: //www.uib.no/people/ 


http: //www.uib.no/people/ 


Surface Area 

Surface area is the AREA of a given surface. Roughly 
speaking, it is the “amount” of a surface, and has units 
of distance squares. It is commonly denoted S for a 
surface in 3-D, or A for a region of the plane (in which 
case it is simply called “the” AREA). 


If the surface is PARAMETERIZED using u and v, then 
S = | [Tu x T.| dudo, (1) 
Ss 


where T,, and T, are tangent vectors and a x b is the 
Cross PRODUCT. 


The surface area given by rotating the curve y = f(z) 
from x = a to x = b about the z-axis is 


s= J on f(a)/1 + [fel dz. (2) 


If z = f(x, y) is defined over a region R, then 


(3) 


where the integral is taken over the entire surface. 


The following tables gives surface areas for some com- 
mon SURFACES. In the first table, S denotes the lateral 
surface, and in the second, T denotes the total surface. 
In both tables, r denotes the RADIUS, h the height, p 
the base PERIMETER, and s the SLANT HEIGHT (Beyer 
1987). 
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Surface S 
cone aryr?2 + h? 


conical frustum T(Ri + R2)y/ (Ri — R2)? + R? 
cube 6a? 

cylinder 2rrh 

lune 21%9 

oblate spheroid 2ra? + T In (18) 
prolate spheroid 2mb? + 22 sin” e 
pyramid 5 ps 

pyramidal frustum ps 

sphere Arr? 

torus 4r? Rr 

zone 2rrh 

Surface T 


cone ar(r+ yr? +h?) 

conical frustum  T[R1* + Re? 
+(Ri + R2) 

2nr(r +h) 


(Ra — Ra)? +h? | 
cylinder 


Even simple surfaces can display surprisingly counterin- 
tuitive properties. For instance, the surface of revolu- 
tion of y = 1/x around the x-AxIs for x > 1 is called 
GABRIEL'S HORN, and has FINITE VOLUME but INFI- 
NITE surface AREA. 

see also AREA, SURFACE INTEGRAL, SURFACE OF REV- 
OLUTION, VOLUME 
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Surface Integral 
For a SCALAR FUNCTION f over a surface parameterized 
by u and v, the surface integral is given by 


d= | td0= | 10, Tua x T,|dudv, (1) 
S S 
where T,, and T, are tangent vectors and a x b is the 


CROSS PRODUCT. 


For a VECTOR FUNCTION over a surface, the surface 
integral is given by 


d= [rod | (raja (2) 
S Ss 


= J fz dy dz + fy dz dz + fz dz dy, (3) 
S 
where a:b is a DOT PRODUCT and ñ is a unit NORMAL 
VECTOR. If z = f(x,y), then da is given explicitly by 


Oz. Oz. . 
da = + (dos 29 +4) dx dy. (4) 


If the surface is SURFACE PARAMETERIZED using u and 
v, then 


b= [P(r x T,) du du. (5) 


see also SURFACE PARAMETERIZATION 
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Surface Parameterization 
A surface in 3-SPACE can be parameterized by two vari- 
ables (or coordinates) u and v such that 


If a surface is parameterized as above, then the tangent 


VECTORS 9 ə 9 
A a OU ee ee 
Taus g au” u (4) 
Ox, Oy. Oz, 
Te = 7 X+ By? T Bano (5) 


are useful in computing the SURFACE AREA and SUR- 
FACE INTEGRAL. 


see also SMOOTH SURFACE, SURFACE AREA, SURFACE 
INTEGRAL 


Surface of Revolution 

A surface of revolution is a SURFACE generated by rotat- 
ing a 2-D CURVE about an axis. The resulting surface 
therefore always has azimuthal symmetry. Examples of 
surfaces of revolution include the APPLE, CONE (exclud- 
ing the base), CONICAL FRUSTUM (excluding the ends), 
CYLINDER (excluding the ends), DARWIN-DE SITTER 
SPHEROID, GABRIEL’S HORN, HYPERBOLOID, LEMON, 
OBLATE SPHEROID, PARABOLOID, PROLATE SPHEROID, 
PSEUDOSPHERE, SPHERE, SPHEROID, and TORUS (and 
its generalization, the TOROID). 


The standard parameterization of a surface of revolution 
is given by 


z(u,v) = p(v) cosu (1) 
y(u, v) = p(v) sinu (2) 
z(u,v) = p(u). (3) 


For a curve so parameterized, the first FUNDAMENTAL 
FORM has 


Y? (4) 
0 (5) 
p? +". (6) 


Q uy y 
li 


Wherever ¢ and ¢ + 4"? are nonzero, then the surface 
is regular and the second FUNDAMENTAL FORM has 


ol! a 
f=0 (8) 


Surface of Revolution 


Furthermore, the unit NORMAL VECTOR is 


N(u,v) = sento) _ [vns (10) 
> Jo? + y? $ ’ 


and the PRINCIPAL CURVATURES are 


_ g _ sgal) y — oy") 
EE G ~~ ($2 + qp12)3/2 (11) 
EE EES (12) 
E a/a 
The GAUSSIAN and MEAN CURVATURES are 
y gl" SE Py” 
K = —_—_——_— 13 
EOS ea 
plop _ pp”) as p(o? + y?) 
ET ETE a 


(Gray 1993). 


PAPPUS’S CENTROID THEOREM gives the VOLUME of a 
solid of rotation as the cross-sectional AREA times the 
distance traveled by the centroid as it is rotated. 


CALCULUS OF VARIATIONS can be used to find the curve 
from a point (xı, yı) to a point (#2, y2) which, when 
revolved around the z-AXIS, yields a surface of smallest 
SURFACE AREA A (i.e., the MINIMAL SURFACE). This 
is equivalent to finding the MINIMAL SURFACE passing 
through two circular wire frames. The AREA element is 


dA = 2ry ds = 27yy 1 + y? dz, (15) 
so the SURFACE ÁREA is 
A=2m | y I + y? dz, (16) 


and the quantity we are minimizing is 


f=yvV1+ y”. (17) 


This equation has fs = 0, so we can use the BELTRAMI 
IDENTITY 


f -up =a (18) 


to obtain 


y1 +y? -y = =a (19) 


y(1+y%) — yy” =ay1 +y”? (20) 
y=ayl+ y” (21) 


LA (22) 


all about crystal sets 


WIRING 


Bare No.22 wire was used to wire our model, but any kind 
of hookup wire can be used. Connect the wires between the 
solder lugs as shown in the drawing, except do not 
connect the antenna terminal lug wire to the coil 
terminal at this time. Connect the crystal diode between 
the solder lugs as shown. 


Experiment 1 


This experiment will show how an untuned crystal detector 
functions. 


PHONES 


,J4 


Connect the untuned detector circuit as shown in the 
drawing, and then hook-up your antenna and ground leads. 
Connect 2000-ohm headphones to the circuit and listen to 
the detected radio waves. 


You will probably hear a strong local radio station, with 
other, weaker radio station transmissions all jumbled 
together. 


Experiment 2 


Reconnect the baseboard wires to the circuit of the 
Slider-Tuned Crystal Set as shown in the drawing. Listen 
to the detected radio waves as you tune the coil by 
sliding the brass ball over the sanded wire path. You 
should be able to receive the radio stations much better 
than the untuned detector circuit of Experiment 1. 
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Surface of Revolution 


y 12 

—-]= 23 

i (23) 
dx 1 a 
ae = 24 
dy y /y2 — a? (24) 


= acosh t (2) +b (25) 


dy 
=a | 


y= acosh (22), (26) 


a 


which is called a CATENARY, and the surface generated 
by rotating it is called a CATENOID. The two constants 
a and b are determined from the two implicit equations 


yı = a cosh (22) (27) 


Ya = acosh (= =) , (28) 


a 


which cannot be solved analytically. 


Ue i IT] H f 


The general case is somewhat more complicated than 
this solution suggests. To see this, consider the MINIMAL 
SURFACE between two rings of equal RADIUS yo. With- 
out loss of generality, take the origin at the midpoint of 
the two rings. Then the two endpoints are located at 
(—zo, yo) and (Zo, yo), and 


— TE — 
Yo = acosh (= 


But cosh(—x) = cosh(z), so 
cosh (==) = cosh (a . (30) 
a a 
Inverting each side 
—gzo — b = —zo + b, (31) 


so b = 0 (as it must by symmetry, since we have chosen 
the origin between the two rings), and the equation of 
the MINIMAL SURFACE reduces to 


y = a cosh (=) . (32) 
a 
At the endpoints 


Yo = acosh (=) , (33) 


Surface of Revolution 1765 
but for certain values of xo and yo, this equation has 
no solutions. The physical interpretation of this fact is 
that the surface breaks and forms circular disks in each 
ring to minimize ÁREA. CALCULUS OF VARIATIONS can- 
not be used to find such discontinuous solutions (known 
in this case as GOLDSCHMIDT SOLUTIONS). The mini- 
mal surfaces for several choices of endpoints are shown 
above. The first two cases are CATENOIDS, while the 
third case is a GOLDSCHMIDT SOLUTION. 


To find the maximum value of zo/yo at which CATE- 
NARY solutions can be obtained, let p = 1/a. Then (31) 
gives 

yop = cosh(pzo). (34) 


Now, denote the maximum value of zo as zp. Then it 
will be true that dxo/dp = 0. Take d/dp of (34), 


, d 
yo = sinh(pzo) (o +p al (35) 


Now set dxo/dp = 0 


yo = Xo sinh(pz9). (36) 
From (34), 
pyo = cosh(pxo”). (37) 
Take (37) + (36), 
pro = coth(pzg). (38) 
Defining u = pro”, 
u = coth u. (39) 


This has solution u = 1.1996789403.... From (36), 
yop = coshu. Divide this by (39) to obtain yo/xo = 
sinh u, so the maximum possible value of zo /yo is 


e = csch u = 0.6627434193.... (40) 
0 


Therefore, only Goldschmidt ring solutions exist for 
to/yo > 0.6627.... 


The SURFACE AREA of the minimal CATENOID surface 
is given by 


TO 
A= 22m) | yVlty? dz, (41) 
o 


but since 


y=y1+y2a (42) 
y = acosh (=) | (43) 
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TO TO 
A = y” de = ana | cosh? (=) dz 
o 


| 
=e" [sm (2) + 2] 
| 


sinh (=) + 2o] ; (44) 


a 


Some caution is needed in solving (33) for a. If we take 
xo = 1/2 and yo = 1 then (33) becomes 


1 
l= h | — 45 
ee (a) ? ou 


which has two solutions: as = 0.2350... (“deep”), and 
az = 0.8483... (“flat”). However, upon plugging these 
into (44) with zo = 1/2, we find Ai = 6.8456... and 
Az = 5.9917.... So Ai is not, in fact, a local minimum, 
and Az is the only true minimal solution. 


The SURFACE AREA of the CATENOID solution equals 
that of the GOLDSCHMIDT SOLUTION when (44) equals 
the AREA of two disks, 


Y — cosh (2) j (49) 
a a 
2 2 
Yo (2) -1+cosh”* (2) = (2) =0. (50) 
a a a a 
Defining 
Yo 
=H 1 
u=” (51) 
gives 


ur/u? — 1 + cosh™! u — u’ = 0. (52) 


Surface of Revolution 


This has a solution u = 1.2113614259. The value of 
£o/yo for which 


Acatenary = Ag disks (53) 


is therefore 


zo cosh”* (22) ht 
To a COS u 
— = & = SS = —— = 0.5276973967. 
Yo a = u 


(54) 


For zo/yo € (0.52770, 0.6627), the CATENARY solution 
has larger AREA than the two disks, so it exists only as 
a RELATIVE MINIMUM. 


There also exist solutions with a disk (of radius r) be- 
tween the rings supported by two CATENOIDS of rev- 
olution. The AREA is larger than that for a simple 
CATENOID, but it is a RELATIVE MINIMUM. The equa- 
tion of the POSITIVE half of this curve is 


y = cı cosh (= + cs) (55) 
C1 
At (0, r), 
r = cı cosh(cz). (56) 
At (Zo, yo), 
To 
Yo = cı cosh (= an ca) l (57) 
1 


The AREA of the two CATENOIDS is 
zo 4 TO 
Acatenoids = 2(2m) | yy 1+ y’? dg = = / y? dx 
0 C1 Jo 


TO 
= anes | cosh? (= + co) dz. (58) 
0 C1 


Now let u = x/c1 + c3, so du = dz/cı 


Tp/11+C3 
A= Ane? / cosh” u du 


c3 


29/2143 
J [cosh(2u) + 1] du 


c3 


= 27c1* E sinh(2u) + u] 


b|. 


zo/zı+c3 


c3 


= mc? E sinh 2 (2 + ce) | — 1 sinh(2c3) + za) 
C1 C1 


= mC," {sinh 2 (2 ES cs) | — sinh(2c3) + 2 } ; 
1 


pg 
(59) 
The AREA of the central DISK is 


2 2 2 
Adisk = NT = TC cosh C3, (60) 


Surface of Revolution 
so the total AREA is 
Azra { sinh |2 (= + 3) 
C1 
220 


+ [cosh” C3 — sinh(2c3)| + m . (61) 


By PLATEAU'S LAWS, the CATENOIDS meet at an ÁN- 
GLE of 120°, so 


tan 30° = H = [sinh (= + cs) | 
dx z—0 C1 zr=0 
1 
= sinh c3 = — 62 
=A (62) 
and 
c3 = sinh” : (63) 
3= — |. 
v3 
This means that 
cosh? cz — sinh(2c3) 
= [1 + sinh” c3] — 2 sinh c3 y 1 + sinh? C3 CF 
1 
= +23) 1+3 
4 2 2 
= — — —— m 2 0, 64 
z 37 (64) 
SO | 
2 . LO 20 | 
A=7c1 {sinh E (= + ca)! +h (65) 
Cl C1 
Now examine 20/Yo, 
mno 2 zo 
== —usech(u+c3) (66 
Yo eo cosh (z2 + c3) l 3) (66) 


where u = zo/c1. Finding the maximum ratio of zo Yo 
gives 


a (2) = sech(u+c3)—u tanh(u+c3) sech(u+c3) = 0 
du Yo 
(67 


) 
utanh(u+c3) = 1, (68) 


with c3 = sinh"*(1/V3) as given above. The solu- 
tion is u = 1.0799632187, so the maximum value of 
zo/yo for two CATENOIDS with a central disk is yo = 
0.4078241702. 


If we are interested instead in finding the curve from a 
point (21,41) to a point (v2, y2) which, when revolved 
around the y-AXIS (as opposed to the x-AxIs), yields 
a surface of smallest SURFACE AREA A, we proceed as 
above. Note that the solution is physically equivalent 


to that for rotation about the z-AXxIs, but takes on a. 


different mathematical form. The AREA element is 


dA = 2nads = 21 1 + y”? dz (69) 


Surface of Revolution 1767 
A=2n |a 1 + y? dz, (70) 


and the quantity we are minimizing is 


f=1Y41+y?. (71) 


Taking the derivatives gives 


Yo (72) 


a of _ df y (73) 
dz Oy' dz [Try] 
so the EULER-LAGRANGE DIFFERENTIAL EQUATION be- 
comes 


Of ad Of daf sy — 0 (74) 
Oy dzxdy dz I +y? l 


I 


_%Y a (75) 
/1 -+ y? 
ey” — a? (1 + y?) (76) 
y? (a? _ a’) — a? (77) 
dy a 
A 78 
Tr = a (78) 


+b=acosh t (=) +b. (79) 


dx 
=a 2 
y | Ta 


Solving for x then gives 


x = acosh (22) , (80) 


which is the equation for a CATENARY. The SURFACE 
AREA of the CATENOID product by rotation is 


/ a2 
Anan [a Fy? de=2n | 2 1+ 37 3% 


= 27 — (x? — a?) + a? ax 
tl-a i 


T2 


lI 
I 
N18 


a—#)| 


: lea £2? — a? — z1 y £1? — a? 


+a* ln zat vz: a zo" — a" 
zı + vt]? — a? l 


T1 


(81) 


Isenberg (1992, p. 80) discusses finding the MINIMAL 
SURFACE passing through two rings with axes offset from 
each other. | 
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see also APPLE, CATENOID, CONE CONICAL FRUSTUM, 
CYLINDER, DARWIN-DE SITTER SPHEROID, EIGHT 
SURFACE, GABRIEL'S HORN, HYPERBOLOID, LEMON, 
MERIDIAN, OBLATE SPHEROID, PAPPUS'S CENTROID 
THEOREM, PARABOLOID, PARALLEL (SURFACE OF 
REVOLUTION), PROLATE SPHEROID, PSEUDOSPHERE, 
SINCLAIR'S SOAP FILM PROBLEM, SOLID OF REVOLU- 
TION, SPHERE, SPHEROID, TOROID, TORUS 
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Surface of Section 

A surface (or “space” ) of section is a way of presenting a 
trajectory in n-D PHASE SPACE in an (n —1)-D SPACE. 
By picking one phase element constant and plotting the 
values of the other elements each time the selected el- 
ement has the desired value, an intersection surface is 
obtained. If the equations of motion can be formulated 
as a MAP in which an explicit FORMULA gives the values 
of the other elements at successive passages through the 
selected element value, the time required to compute the 
surface of section is greatly reduced. 


see also PHASE SPACE 


Surgery 

In the process of attaching a k-HANDLE to a MANI- 
FOLD M, the BOUNDARY of M is modified by a process 
called (k — 1)-surgery. Surgery consists of the removal 
of a TUBULAR NEIGHBORHOOD of a (k — 1)-SPHERE 
S*1 from the BOUNDARIES of M and the dim(M) — 1 
standard SPHERE, and the gluing together of these two 
scarred-up objects along their common BOUNDARIES. 
see also BOUNDARY, DEHN SURGERY, HANDLE, MANI- 
FOLD, SPHERE, TUBULAR NEIGHBORHOOD 


Surjection 
An ONTO (SURJECTIVE) MAP. 


see also BIJECTION, INJECTION, ONTO 


Surjective 
see ONTO 


Surprise Examination Paradox 
see UNEXPECTED HANGING PARADOX 


Survivorship Curve 


Surreal Number 

The most natural collection of numbers which includes 
both the REAL NUMBERS and the infinite ORDINAL 
NUMBERS of Georg Cantor. They were invented by John 
H. Conway in 1969. Every REAL NUMBER is surrounded 
by surreals, which are closer to it than any REAL NUM- 
BER. Knuth (1974) describes the surreal numbers in a 
work of fiction. 


The surreal numbers are written using the NOTATION 
{alb}, where {|} = 0, {0|} = 1 is the simplest number 
greater than 0, {1|} = 2 is the simplest number greater 
than 1, etc. Similarly, {|0} = —1 is the simplest number 
less than 1, etc. However, 2 can also be represented by 


{113}, {3/2]4}, {1]w}, ete. 
see also OMNIFIC INTEGER, ORDINAL NUMBER, REAL 
NUMBER 
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Surrogate 

Surrogate data are artificially generated data which 
mimic statistical properties of real data. Isospectral 
surrogates have identical POWER SPECTRA as real data 
but with randomized phases. Scrambled surrogates have 
the same probability distribution as real data, but with 
white noise POWER SPECTRA. 


see also POWER SPECTRUM 
Surveying Problems 
see HANSEN’S PROBLEM, SNELLIUS-POTHENOT PROB- 


LEM 


Survivorship Curve 


i. (og scale) 


Suslin?s Theorem 


Plotting ls from a LIFE EXPECTANCY table on a loga- 
rithmic scale versus x gives a curve known as a survivor- 
ship curve. There are three general classes of survivor- 
ship curves, illustrated above. 


1. Type I curves are typical of populations in which 
most mortality occurs among the elderly (e.g., hu- 
mans in developed countries). 


2. Type II curves occur when mortality is not depen- 
dent on age (e.g., many species of large birds and 
fish). For an infinite type II population, eo = e1 = 
..., but this cannot hold for a finite population. 


3. Type III curves occur when juvenile mortality is ex- 
tremely high (e.g., plant and animal species produc- 
ing many offspring of which few survive). In type 
III populations, it is often true that ei41 > e; for 
small ¿. In other words, life expectancy increases for 
individuals who survive their risky juvenile period. 


see also LIFE EXPECTANCY 


Suslin’s Theorem 

A SET in a POLISH SPACE is a BOREL SET IFF it is both 
ANALYTIC and COANALYTIC. For subsets of w, a set is 
6; IFF it is “hyperarithmetic.” 


see also ANALYTIC SET, BOREL SET, COANALYTIC SET, 
POLISH SPACE 


Suspended Knot 

An ordinary KNOT in 3-D suspended in 4-D to create a 
knotted 2-sphere. Suspended knots are not smooth at 
the poles. 


see also SPUN KNOT, TWIST-SPUN KNOT 


Suspension 
The JOIN of a TOPOLOGICAL SPACE X and a pair of 
points S%, D(X) =X x* 8°. 


see also JOIN (SPACES), TOPOLOGICAL SPACE 


References 
Rolfsen, D. Knots and Links. Wilmington, DE: Publish or 
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Suzanne Set 
The nth Suzanne set Sn is defined as the set of COMPOS- 
ITE NUMBERS 2 for which n|S(x) and n|S,(x), where 


© = ao + ar(10*) +... aa(10°) = pıp2''' Pn, 


and 


Swastika 1769 
Every Suzanne set has an infinite number of elements. 
The Suzanne set S, is a superset of the MONICA SET 
Mn. 


see also MONICA SET 


References 
Smith, M. “Cousins of Smith Numbers: Monica and Suzanne 
Sets.” Fib. Quart. 34, 102-104, 1996. 


Suzuki Group 
The SPORADIC GROUP Suz. 
References 


Wilson, R. A. “ATLAS of Finite Group Representation.” 
http://for.mat.bham.ac.uk/atlas/Suz.html. 


Swallowtail Catastrophe 


A CATASTROPHE which can occur for three control fac- 
tors and one behavior axis. The equations 


r = uv +30 
y = —2uv — 4v? 


z= u 


display such a catastrophe (von Seggern 1993, Nord- 
strand). The above surface uses u € [—2,2] and v € 


[-0.8, 0.8]. 
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Swastika 


An irregular ICOSAGON, also called the gammadion or 
fylfot, which symbolized good luck in ancient Arabic and 
Indian cultures. In more recent times, it was adopted as 
the symbol of the Nazi Party in Hitler’s Germany and 
has thence come to symbolize anti-Semitism. 


see also CROSS, DISSECTION 
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Swastika Curve 


The plane curve with Cartesian equation 
y -Tt =2Y 
and polar equation 


2 sin 6 cos 0 
A 
sin“ 6 — cost 6 


References 
Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., p. 71, 1989. 


| ALA 
Th 


y(a,b,c,d) = esin | zi (0- a)= +a) -a 
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von Seggern, D. CRC Standard Curves and Surfaces. Boca 
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Sweep Signal 


Swinnerton-Dyer Conjecture 

In the early 1960s, B. Birch and H. P. F. Swinnerton- 
Dyer conjectured that if a given ELLIPTIC CURVE has 
an infinite number of solutions, then the associated L- 
function has value O at a certain fixed point. In 1976, 
Coates and Wiles showed that elliptic curves with COM- 
PLEX multiplication having an infinite number of solu- 
tions have L-functions which are zero at the relevant 
fixed point (COATES-WILES THEOREM), but they were 
unable to prove the converse. V. Kolyvagin extended 
this result to modular curves. 


see also COATES-WILES THEOREM, ELLIPTIC CURVE 
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Sylow Theorems 


Swinnerton-Dyer Polynomial 

The minimal POLYNOMIAL S,(%) whose ROOTS are 
sums and differences of the SQUARE ROOTS of the first 
n PRIMES, 


Sn(x) = ][(@@tV24V34V54...+ Vpn). 


References 
Vardi, I. Computational Recreations in Mathematica. Red- 
wood City, CA: Addison-Wesley, pp. 11 and 225-226, 1991. 


Swirl 
. 


le 


A swirl is a generic word to describe a function having 
arcs which double back swirl around each other. The 
plots above correspond to the function 


f(r,0) = sin(6 cos r — nô) 


for n.=0,.1, ..., 5. 
see also DAISY, WHIRL 


Sylow p-Subgroup 

If p? is the highest POWER of a PRIME p dividing the 
ORDER of a finite GROUP G, then a SUBGROUP of G of 
ORDER p" is called a Sylow p-subgroup of G. 


see also ABHYANKAR’S CONJECTURE, SUBGROUP, SY- 
LOW THEOREMS 


Sylow Theorems 
Let p be a PRIME NUMBER, G a GROUP, and |G| the 
order of G. 


1. If p divides |G|, then G has a SYLOW p-SUBGROUP. 


2. In a FINITE GROUP, all the SYLOW p-SUBGROUPS 
are isomorphic for some fixed p. 


3. The number of SYLOW p-SUBGROUPS for a fixed p is 
CONGRUENT to 1 (mod p). 


Sylvester Cyclotomic Number 


Sylvester Cyclotomic Number 

Given a LUCAS SEQUENCE with parameters P and Q, 
discriminant D Æ 0, and roots a and 8, the Sylvester 
cyclotomic numbers are 


Qn = | [to =G P); 


277 sate ee 
C = cos (=) + isin (=) 
n n 


is a PRIMITIVE ROOT OF UNITY and the product is 
over all exponents r RELATIVELY PRIME to n such that 
r Efl, n). 

see also LUCAS SEQUENCE 


where 


References 
Ribenboim, P. The Book of Prime Number Records, 2nd ed. 
New York: Springer-Verlag, p. 69, 1989. 


Sylvester’s Determinant Identity 


|A] |Ars,pal = ¡Ar,pl ¡As,q| B [Ara] |As,pl, 


where Ay» is the submatrix of A formed by the inter- 
section of the subset w of columns and u of rows. 


Sylvester’s Four-Point Problem 

Let q(R) be the probability that four points chosen at 
random in a region R have a CONVEX HULL which is 
a QUADRILATERAL. For an open, convex subset of the 
PLANE of finite AREA, 


References 

Schneinerman, E. and Wilf, H. S. “The Rectilinear Crossing 
Number of a Complete Graph and Sylvester’s ‘Four Point’ 
Problem of Geometric Probability.” Amer. Math. Monthly 
101, 939-943, 1994. 


Sylvester Graph 
The Sylvester graph of a configuration is the set of OR- 
DINARY POINTS and ORDINARY LINES. 


see also ORDINARY LINE, ORDINARY POINT 
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Amer. Math. Monthly 94, 961-970, 1987. 
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Monthly 96, 903-909, 1989. 
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Sylvester’s Inertia Law 
The numbers of EIGENVALUES that are POSITIVE, NEG- 
ATIVE, or 0 do not change under a congruence trans- 
formation. Gradshteyn and Ryzhik (1979) state it as 
follows: when a QUADRATIC FORM Q in n variables is 
reduced by a nonsingular linear transformation to the 
form 

Q=y +y +.. +YP — Ppt. — Upa — +++ Ur, 
the number p of POSITIVE SQUARES appearing in the 
reduction is an invariant of the QUADRATIC FORM Q 
and does not depend on the method of reduction. 


see also EIGENVALUE, QUADRATIC FORM 
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Gradshteyn, I. S. and Ryzhik, I. M. Tables of Integrals, Se- 
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Sylvester’s Line Problem 

It is not possible to arrange a finite number of points so 
that a LINE through every two of them passes through 
a third, unless they are all on a single LINE. 


see also COLLINEAR, SYLVESTER’S FOUR-POINT PROB- 
LEM 


Sylvester Matrix 

For POLYNOMIALS of degree m and n, the Sylvester ma- 
trix is an (m+n) x (m+n) matrix whose DETERMINANT 
is the RESULTANT of the two POLYNOMIALS. 


see also RESULTANT 


Sylvester’s Sequence 
The sequence defined by eo = 2 and the RECURRENCE 
RELATION 


n-—1l 


én =1+ | [es =en-1? -en-1 +1. (1) 
1=0 


This sequence arises in Euclid's proof that there are an 
INFINITE number of PRIMES. The proof proceeds by 
constructing a sequence of PRIMES using the RECUR- 
RENCE RELATION 


En+1 = €p€1 ***€n +1 (2) 
(Vardi 1991). Amazingly, there is a constant 
E = 1.264084735306 (3) 


such that : 
en = [ET 42 (4) 
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(Vardi 1991, Graham et al. 1994). The first few numbers 
in Sylvester's sequence are 2, 3, 7, 43, 1807, 3263443, 
10650056950807, ... (Sloane's A000058). The en satisfy 


Y= (5) 


In addition, if 0 < z < 1 is an IRRATIONAL NUMBER, 
then the nth term of an infinite sum of unit fractions 
used to represent x as computed using the GREEDY AL- 
GORITHM must be smaller than 1/en. 


The n of the first few PRIME e, are 0, 1, 2, 3, 5, .... 
Vardi (1991) gives a lists of factors less than 5 x 10” of 
en for n < 200 and shows that e, is COMPOSITE for 
6<n< 17. Furthermore, all numbers less than 2.5 x 
1015 in Sylvester's sequence are SQUAREFREE, and no 
SQUAREFUL numbers in this sequence are known (Vardi 
1991). 


see also EUCLID’S THEOREMS, GREEDY ALGORITHM, 
SQUAREFREE, SQUAREFUL 
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Sylvester’s Signature 
Diagonalize a form over the RATIONALS to 


diag[p” - A, p° - B,...], 


where all the entries are INTEGERS and A, B, ...are 
RELATIVELY PRIME to p. Then Sylvester’s signature is 
the sum of the —1-parts of the entries. 


see also p-SIGNATURE 


Sylvester’s Triangle Problem 
The resultant of the vectors represented by the three 
RADII from the center of a TRIANGLE’S CIRCUMCIRCLE 
to its VERTICES is the segment extending from the CIR- 
CUMCENTER to the ORTHOCENTER. 


see also CIRCUMCENTER, CIRCUMCIRCLE, ORTHOCEN- 
TER, TRIANGLE 


References 

Dorrie, H. 100 Great Problems of Elementary Mathematics: 
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Symmetric Function 


Symbolic Logic 

The study of the meaning and relationships of state- 
ments used to represent precise mathematical ideas. 
Symbolic logic is also called FORMAL LOGIC. 


see also FORMAL LOGIC, LOGIC, METAMATHEMATICS 


References 
Carnap, R. Introduction to Symbolic Logic and Its Applica- 
tions. New York: Dover, 1958. 


Symmedian Line 

The lines ISOGONAL to the MEDIANS of a TRIANGLE 
are called the triangle’s symmedian lines. The symme- 
dian lines are concurrent in a point called the LEMOINE 
POINT. 


see also ISOGONAL CONJUGATE, LEMOINE POINT, ME- 
DIAN (TRIANGLE) 


References 

Johnson, R. A. Modern Geometry: An Elementary Treatise 
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Symmedian Point 
see LEMOINE POINT 


Symmetric 

A quantity which remains unchanged in SIGN when in- 
dices are reversed. For example, Ai; = a; + a; is sym- 
metric since Aij = Aji. 


see also ANTISYMMETRIC 


Symmetric Block Design 

A symmetric design is a BLOCK DESIGN (v, k, A, r, b) 
with the same number of blocks as points, so b = v (or, 
equivalently, r = k). An example of a symmetric block 
design is a PROJECTIVE PLANE. 


see also BLOCK DESIGN, PROJECTIVE PLANE 
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Symmetric Design 
see SYMMETRIC BLOCK DESIGN 


Symmetric Function 

A symmetric function on n variables 21, ..., Zn is a 
function that is unchanged by any PERMUTATION of its 
variables. In most contexts, the term “symmetric func- 
tion” refers to a polynomial on n variables with this fea- 
ture (more properly called a “symmetric polynomial”). 
Another type of symmetric functions is symmetric ra- 
tional functions, which are the RATIONAL FUNCTIONS 
that are unchanged by PERMUTATION of variables. 


Symmetric Group 


The symmetric polynomials (respectively, symmetric ra- 
tional functions) can be expressed as polynomials (re- 
spectively, rational functions) in the ELEMENTARY SYM- 
METRIC FUNCTIONS. This is called the FUNDAMENTAL 
THEOREM OF SYMMETRIC FUNCTIONS. 


A function f(x) is sometimes said to be symmetric about 
the y-Axis if fí—2) = f(x). Examples of such func- 
tions include |x] (the ABSOLUTE VALUE) and z? (the 
PARABOLA). 


see also ELEMENTARY SYMMETRIC FUNCTION, FUNDA- 
MENTAL THEOREM OF SYMMETRIC FUNCTIONS, RA- 
TIONAL FUNCTION 
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Symmetric Group 

The symmetric group S, of DEGREE n is the GROUP 
of all PERMUTATIONS on n symbols. S, is therefore of 
ORDER n! and contains as SUBGROUPS every GROUP of 
ORDER n. The number of CONJUGACY CLASSES of Sn 
is given by the PARTITION FUNCTION P. 


NETTO’S CONJECTURE states that the probability that 
two elements P, and Pz of a symmetric group generate 
the entire group tends to 3/4 as n —> oo. This was 
proven by Dixon in 1967. 


see also ALTERNATING GROUP, CONJUGACY CLASS, 
FINITE GROUP, NETTO’S CONJECTURE, PARTITION 
FUNCTION P, SIMPLE GROUP 
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Symmetric Matrix 

A symmetric matrix is a SQUARE MATRIX which sat- 
isfies AT = A where A* denotes the TRANSPOSE, so 
ai; = aj;;. This also implies 


AAT =I, (1) 


where | is the IDENTITY MATRIX. Written explicitly, 


11 @12 ‘** Qin 
21 Q22 ‘** Q2n 

(2) 
ünl n2 n. Ann 


The symmetric part of any MATRIX may be obtained 
from 


As = H(A +A”). (3) 
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A MATRIX Á is symmetric if it can be expressed in the 
form 


A= QDQ?, (4) 


where Q is an ORTHOGONAL MATRIX and D is a DI- 
AGONAL MATRIX. This is equivalent to the MATRIX 
equation 


which is equivalent to 


AQn = AnQn (6) 


for all n, where An = Dan. Therefore, the diagonal ele- 
ments of D are the EIGENVALUES of Á, and the columns 
of Q are the corresponding EIGENVECTORS. 


see also ANTISYMMETRIC MATRIX, SKEW SYMMETRIC 
MATRIX 
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Symmetric Points 
Two points z and z € C* are symmetric with respect to 
a CIRCLE or straight LINE L if all CIRCLES and straight 
LINES passing through z and 2” are orthogonal to L. 
MOBIUS TRANSFORMATIONS preserve symmetry. Let a 
straight line be given by a point zo and a unit VECTOR 
e. then 

¿2 28 ( 


= € z— zo)" + zo. 


Let a CIRCLE be given by center z and RADIUS r, then 


S r? 
Zz = zo TT 
"(2-20)" 


see also MOBIUS TRANSFORMATION 


Symmetric Relation 
A RELATION R on a SET S is symmetric provided that 
for every x and y in S we have Ry IFF yRz. 


see also RELATION 


Symmetric Tensor | 
A second-RANK symmetric TENSOR is defined as a TEN- 
SOR A for which 

AT? = A". (1) 


Any TENSOR can be written as a sum of symmetric and 
ANTISYMMETRIC parts 


A™ — 3(A™ + A”™) + ¿(4”” _ A”™™) 
=3(Bs"" + Ba™"). (2) 


The symmetric part of a TENSOR is denoted by paren- 
theses as follows: 


T (a,b) = 5 (Tas + Toa) (3) 
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Tía¡,02,...,4n,) = = > 


permutations 


Taraz an ` (4) 


The product of a symmetric and an ANTISYMMETRIC 
TENSOR is 0. This can be seen as follows. Let a*P be 
ANTISYMMETRIC, so 

a**=a*=0 (5) 

a?! ¿2 (6) 
Let bag be symmetric, so 

big = b21. (7) 

Then 


a“? bag = abi. + a biz + 07 b21 + a”°boz 


=0+ ab,» —- a*?biz +0 =Q. (8) 


A symmetric second-RANK TENSOR Amn has SCALAR 
invariants 


sı = Air + Az2 + Are (9) 
s2 = Az2A33 + A33 A11 + Ån Az: — Ars” 
— Ag1* — Ayo”. (10) 
Symmetroid 


A QUARTIC SURFACE which is the locus of zeros of the 
DETERMINANT of a SYMMETRIC 4 x 4 matrix of linear 
forms. A general symmetroid has 10 ORDINARY Dou- 
BLE POINTS (Jessop 1916, Hunt 1996). 
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Symmetry 

An intrinsic property of a mathematical object which 
causes it to remain invariant under certain classes of 
transformations (such as ROTATION, REFLECTION, IN- 
VERSION, or more abstract operations). The mathemat- 
ical study of symmetry is systematized and formalized 
in the extremely powerful and beautiful AREA of math- 
ematics called GROUP THEORY. 


Symmetry can be present in the form of coefficients of 
equations as well as in the physical arrangement of ob- 
jects. By classifying the symmetry of polynomial equa- 
tions using the machinery of GROUP THEORY, for ex- 
ample, it is possible to prove the unsolvability of the 
general QUINTIC EQUATION. 


Symmetry Operation 


In physics, an extremely powerful theorem of Noether 
states that each symmetry of a system leads to a phys- 
ically conserved quantity. Symmetry under TRANSLA- 
TION corresponds to momentum conservation, symme- 
try under ROTATION to angular momentum conserva- 
tion, symmetry in time to energy conservation, etc. 


see also GROUP THEORY 
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Symmetry Group 
see GROUP 


Symmetry Operation 

Symmetry operations include the IMPROPER ROTATION, 
INVERSION OPERATION, MIRROR PLANE, and ROTA- 
TION. Together, these operations create 32 crystal 
classes corresponding to the 32 POINT GROUPS. 


The INVERSION OPERATION takes 


(z, Y, z) —> (2, —Y, —2) 


and is denoted i. When used in conjunction with a Ro- 
TATION, it becomes an IMPROPER ROTATION. An IM- 
PROPER ROTATION by 360°/n is denoted A (or Sn). For 
periodic crystals, the CRYSTALLOGRAPHY RESTRICTION 
allows only the IMPROPER ROTATIONS 1, 2, 3, 4, and 6. 


The MIRROR PLANE symmetry operation takes 


(x,y,z) > (x,y, —Z), (x, —y, 2) > (z, —Y, z), 


etc., which is equivalent to 2. Invariance under reflection 
can be denoted no, or non. The ROTATION symmetry 
operation for 360°/n is denoted n (or Cn). For periodic 
crystals, CRYSTALLOGRAPHY RESTRICTION allows only 
1, 2, 3, 4, and 6. 


Symmetry operations can be indicated with symbols 
such as Cn, Sn, E, i, noy, and nop. 


1. Cn indicates ROTATION about an n-fold symmetry 
axis. 


2. Sn indicates IMPROPER ROTATION about an n-fold 
symmetry axis. 


3. E (or I) indicates invariance under TRANSLATION. 


4. i indicates a center of symmetry under INVERSION. 


simple projects 


LOADING COIL 


An additional slider tuned coil, Li, can be used as a 
Loading Coil to increase the electrical length of your 
antenna. This may allow better reception of the lower 
broadcast band frequencies, Connect Li in series with the 
antenna lead to the receiver, and tune it for best 
reception, 


WAVE TRAP 


V 


Li can also be used in a Wave Trap circuit to tune out a 
strong local signal, and allow easier tuning of weaker 
stations, Cl is a 365 mmf variable capacitor connected in 
parallel with Li. Adjust Li and Ci so that the 
interfering station is at minimum, 
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Symmetry Principle 


5. noy indicates invariance under n vertical REFLEC- 
TIONS. 


6. ng» indicates invariance under n horizontal REFLEC- 
TIONS. 


see also CRYSTALLOGRAPHY RESTRICTION, IMPROPER 
ROTATION, INVERSION OPERATION, MIRROR PLANE, 
POINT GROUPS, ROTATION, SYMMETRY 


Symmetry Principle 
SYMMETRIC POINTS are preserved under a MOBIUS 
TRANSFORMATION. 


see also MOBIUS TRANSFORMATION, SYMMETRIC 


POINTS 


Symplectic Diffeomorphism 

A Map T : (M,,w1) > (M2,w2) between the SYM- 
PLECTIC MANIFOLDS (M,,w1) and (M2,w2) which is a 
DIFFEOMORPHISM and T* (w2) = wi (where T* is the 
PULLBACK MAP induced by T', i.e., the derivative of 
the DIFFEOMORPHISM T acting on tangent vectors). A 
symplectic diffeomorphism is also known as a SYMPLEC- 
TOMORPHISM or CANONICAL TRANSFORMATION. 


see also DIFFEOMORPHISM, PULLBACK MAP, SYMPLEC- 
TIC MANIFOLD 
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Symplectic Form 

A symplectic form on a SMOOTH MANIFOLD M is a 
smooth closed 2-FORM w on M which is nondegenerate 
such that at every point m, the alternating bilinear form 
wm on the TANGENT SPACE Tm M is nondegenerate. 


A symplectic form on a VECTOR SPACE V over Fy is 
a function f(z, y) (defined for all 2,y € V and taking 
values in Fy) which satisfies 


fOuzi +A222,y) = Arf (21,4) + A2f (x2, y), 


f(y, x) = —f (x,y), 


and 


f(w,r) = 0. 


Symplectic forms can exist on M (or V) only if M (or 
V) is EVEN-dimensional. 


Symplectic Group 

The symplectic group Sp,,(q) for n EVEN is the GROUP 
of elements of the GENERAL LINEAR GROUP GL, that 
preserve a given nonsingular SYMPLECTIC FORM. Any 
such MATRIX has DETERMINANT 1. 


see also GENERAL LINEAR GROUP, LIE-TYPE GROUP, 
PROJECTIVE SYMPLECTIC GROUP, SYMPLECTIC FORM 
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Symplectic Manifold 

A pair (M,w), where M is a MANIFOLD and w is a 
SYMPLECTIC FORM on M. The PHASE SPACE R” = 
R” x R” is a symplectic manifold. Near every point 
on a symplectic manifold, it is possible to find a set of 
local “Darboux coordinates” in which the SYMPLECTIC 
FORM has the simple form 


w = Y dgr A dpr 
k 


(Sjamaar 1996), where dg, Adpx is a WEDGE PRODUCT. 


see also MANIFOLD, SYMPLECTIC DIFFEOMORPHISM, 
SYMPLECTIC FORM 
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Symplectic Map 

A MAP which preserves the sum of AREAS projected 
onto the set of (pi, qi) planes. It is the generalization of 
an AREA-PRESERVING MAP. 


see also AREA-PRESERVING MAP, LIOUVILLE’S PHASE 
SPACE THEOREM 


Symplectomorphism 
see SYMPLECTIC DIFFEOMORPHISM 


Synclastic 

A surface on which the GAUSSIAN CURVATURE K is ev- 
erywhere POSITIVE. When K is everywhere NEGATIVE, 
a surface is called ANTICLASTIC. A point at which the 
GAUSSIAN CURVATURE is POSITIVE is called an ELLIP- 
TIC POINT. 


see also ANTICLASTIC, ELLIPTIC POINT, GAUS- 
SIAN QUADRATURE, HYPERBOLIC POINT, PARABOLIC 
POINT, PLANAR POINT 


Synergetics 

Synergetics deals with systems composed of many sub- 
systems which may each be of a very different nature. 
In particular, synergetics treats systems in which co- 
operation among subsystems creates organized struc- 
ture on macroscopic scales (Haken 1993). Examples 
of problems treated by synergetics include BIFURCA- 
TIONS, phase transitions in physics, convective instabili- 
ties, coherent oscillations in lasers, nonlinear oscillations 
in electrical circuits, population dynamics, etc. 
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see also BIFURCATION, CHAOS, DYNAMICAL SYSTEM 
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Synthesized Beam 
see DIRTY BEAM 


Syntonic Comma 
see COMMA OF DIDYMUS 


Syracuse Algorithm 
see COLLATZ PROBLEM 


Syracuse Problem 
see COLLATZ PROBLEM 


System of Differential Equations 
see ORDINARY DIFFERENTIAL EQUATION 


System of Equations 
Let a linear system of equations be denoted 


AX = Y, (1) 


where A is a MATRIX and X and Y are VECTORS. As 
shown by CRAMER’S RULE, there is a unique solution if 
A has a MATRIX INVERSE A *?. In this case, 


X=AY. (2) 


If Y = 0, then the solution is X = 0. If A has no MA- 
TRIX INVERSE, then the solution SUBSPACE is either a 
LINE or the EMPTY SET. If two equations are multiples 
of each other, solutions are of the form 


X=A+2B, (3) 


for t a REAL NUMBER. 
see also CRAMER’S RULE, MATRIX INVERSE 


Syzygies Problem 
The problem of finding all independent irreducible alge- 
braic relations among any finite set of QUANTICS. 


see also QUANTIC 


Szilassi Polyhedron 


Syzygy 
A technical mathematical object defined in terms of a 
POLYNOMIAL RING of n variables over a FIELD k. 


see also FUNDAMENTAL SYSTEM, HILBERT BASIS THE- 
OREM, SYZYGIES PROBLEM 
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Szilassi Polyhedron 


A POLYHEDRON which is topologically equivalent to a 
TORUS and for which every pair of faces has an EDGE in 
common. This polyhedron was discovered by L. Szilassi 
in 1977. Its SKELETON is equivalent to the seven-color 
torus map illustrated below. 


Szpiro's Conjecture 


The Szilassi polyhedron has 14 VERTICES, seven faces, 
and 21 EDGES, and is the DUAL POLYHEDRON of the 
CsASZAR POLYHEDRON. 


see also CSASZAR POLYHEDRON, TOROIDAL POLYHE- 
DRON 
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Szpiro’s Conjecture 

A conjecture which relates the minimal DISCRIMINANT 
of an ELLIPTIC CURVE to the CONDUCTOR. If true, it 
would imply FERMAT?S LAST THEOREM for sufficiently 
large exponents. 


see also CONDUCTOR, DISCRIMINANT (ELLIPTIC 
CURVE), ELLIPTIC CURVE 


References 
Cox, D. A. “Introduction to Fermat’s Last Theorem.” Amer. 
Math. Monthly 101, 3-14, 1994. 


Szpiro’s Conjecture 


1777 


t-Distribution 


T 


t-Distribution 


see STUDENT'S t-DISTRIBUTION 


T-Polyomino 


eee el 


The order n T-polyomino consists of a vertical line of 
n—3 squares capped by a horizontal line of three squares 
centered on the line. 


see also L-POLYOMINO, SKEW POLYOMINO, SQUARE 
POLYOMINO, STRAIGHT POLYOMINO 


T-Puzzle 


The DISSECTION of the four pieces shown at left into the 
capital letter “T” shown at right. 


see also DISSECTION 
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T2-Separation Axiom 
Finite SUBSETS are CLOSED. 


see also CLOSURE 


Tableau 
see YOUNG TABLEAU 


Tabu Search 
A heuristic procedure which has proven efficient at solv- 
ing COMBINATORIAL optimization problems. 
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Tacnode 


A DOUBLE POINT at which two OSCULATING CURVES 
are tangent. The above plot shows the tacnode of the 
curve 22* —32*y + y? —2y*+y* = 0. The LINKS CURVE 
also has a tacnode at the origin. 


see also ACNODE, CRUNODE, DOUBLE POINT SPINODE 
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Tacpoint 
A tangent point of two similar curves. 


Tactix 
see NIM 


Tail Probability 

Define T as the set of all points t with probabilities 
P(x) such that a > t > Pla < z < a+ da) < Po 
ora < t => Pla < x < a+ da < Po, where Po is 
a POINT PROBABILITY (often, the likelihood of an ob- 
served event). Then the associated tail probability is 


given by Jo P(x) dz. 
see also P-VALUE, POINT PROBABILITY 


Tait Coloring 

A 3-coloring of GRAPH EDGES so that no two EDGES 
of the same color meet at a VERTEX (Ball and Coxeter 
1987, pp. 265-266). 


see also EDGE (GRAPH), TAIT CYCLE, VERTEX 
(GRAPH) 
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Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, 1987. 


Tait Cycle 

A set of circuits going along the EDGES of a GRAPH, 
each with an EVEN number of EDGES, such that just 
one of the circuits passes through each VERTEX (Ball 
and Coxeter 1987, pp. 265-266). 


see also EDGE (GRAPH), EULERIAN CYCLE, HAMILTON- 
IAN CYCLE, TAIT COLORING, VERTEX (GRAPH) 


References 


Ball, W. W. R. and Coxeter, H. 8. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, 1987. 


Tait Flyping Conjecture 
see FLYPING CONJECTURE 
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Tait’s Hamiltonian Graph Conjecture 

Every 3-connected cubic GRAPH (each VERTEX has VA- 
LENCY 3) has a HAMILTONIAN CIRCUIT. Proposed by 
Tait in 1880 and refuted by W. T. Tutte in 1946 with a 
counterexample, TUTTE’S GRAPH. If it had been true, 
it would have implied the FOUR-COLOR THEOREM. A 
simpler counterexample was later given by Kozyrev and 
Grinberg. 


see also HAMILTONIAN CIRCUIT, TUTTE’S GRAPH, 
VERTEX (GRAPH) 


References 
Honsberger, R. Mathematical Gems I. Washington, DC: 
Math. Assoc. Amer., pp. 82-89, 1973. 


Tait’s Knot Conjectures 

P. G. Tait undertook a study of KNOTS in response to 
Kelvin’s conjecture that the atoms were composed of 
knotted vortex tubes of ether (Thomson 1869). He cat- 
egorized KNOTS in terms of the number of crossings in a 
plane projection. He also made some conjectures which 
remained unproven until the discovery of JONES POLY- 
NOMIALS. 


Tait’s FLYPING CONJECTURE states that the number of 
crossings is the same for any diagram of an ALTERNAT- 
ING KNOT. This was proved true in 1986. 


see also ALTERNATING KNOT, FLYPING CONJECTURE, 
JONES POLYNOMIAL, KNOT 
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TAK Function 
A RECURSIVE FUNCTION devised by I. Takeuchi. For 
INTEGERS x, y, and z, and a function A, it is 


TAK, (2, y, 2) 
h(x, y, z) 
= 4 h(h(x — 1,y,2),h(y — 1,2,2), 
h(z _ 1, T, y)) 


for x< y 
for x > y. 


The number of function calls Fo(a, b) required to com- 
pute TAKo(a,b,0) for a > b > 0 is 


b 
a—b a+b-2k 
Fi = 4 0 — 
olab) Doral b-k ) 3 
= b +b-2k 
a — a — 
O | b—k ) 
k=0 
(Vardi 1991). 


The TAK function is also connected with the BALLOT 
PROBLEM (Vardi 1991). 


see also ACKERMANN FUNCTION, BALLOT PROBLEM 


Tait's Hamiltonian Graph Conjecture 
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References 

Gabriel, R. P. Performance and Implementation of Lisp Sys- 
tems. Cambridge, MA: MIT Press, 1985. 

Knuth, D. E. Textbook Examples of Recursion. Preprint 
1990. 

Vardi, I. “The Running Time of TAK.” Ch. 9 in Computa- 
tional Recreations in Mathematica. Redwood City, CA: 
Addison-Wesley, pp. 179-199, 1991. 


Takagi Fractal Curve 
see BLANCMANGE FUNCTION 


Take-Away Game 
see NIM-HEAP 


Takeuchi Function 
see TAK FUNCTION 


Talbot’s Curve 


A curve investigated by Talbot which is the NEGATIVE 
PEDAL CURVE of an ELLIPSE with respect to its center. 
It has four CUSPS and two NODES, provided the Ec- 
CENTRICITY of the ELLIPSE is greater than 1/v2. Its 
CARTESIAN EQUATION is 
(a? + f? sin? t) cost 
= = - 

(a? — 2f? + f’ sin’ t)sint 
= > , 


where f is a constant. 
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Talisman Hexagon 


An (n, k)-talisman hexagon is an arrangement of nested 
hexagons containing the integers 1, 2,..., Hn = 3n(n— 


Talisman Square 


1) + 1, where H, is the nth HEX NUMBER, such that 
the difference between all adjacent hexagons is at least 
as large as k. The hexagon illustrated above is a (3, 
5)-talisman hexagon. 


see also HEX NUMBER, MAGIC SQUARE, TALISMAN 
SQUARE 
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Talisman Square 


Ezy EVES ESTEE 
3] fee] « fs 
japo 
OOOO 
EEE 
pla fs 


An nxn ARRAY of the integers from 1 to n” such that 
the difference between any one integer and its neighbor 
(horizontally, vertically, or diagonally, without wrapping 
around) is greater than or equal to some value k is called 
a (n,k)-talisman square. The above illustrations show 
(4, 2)-, (4, 3)-, (5, 4)-, and (6, 8)-talisman squares. 

see also ANTIMAGIC SQUARE, HETEROSQUARE, MAGIC 
SQUARE, TALISMAN HEXAGON 
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ete 
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Tame Algebra 
Let A denote an R-algebra, so that A is a VECTOR 
SPACE over R and 


AXA>A 


(x,y) T-Y, 


where x: y is vector multiplication which is assumed to 
be BILINEAR. Now define 


Z=d([x€a:z-y=0 for some nonzero y € A), 


where 0 € Z. Alis said to be tame if Z is a finite union 
of SUBSPACES of A. A 2-D 0-ASSOCIATIVE algebra is 


_ function. 
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tame, but a 4-D 4-ASSOCIATIVE algebra and a 3-D 1- 
ASSOCIATIVE algebra need not be tame. It is conjec- 
tured that a 3-D 2-ASSOCIATIVE algebra is tame, and 
proven that a 3-D 3-ASSOCIATIVE algebra is tame if it 
possesses a multiplicative IDENTITY ELEMENT. 


References 
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Tame Knot 
A KNOT equivalent to a POLYGONAL KNOT. Knots 
which are not tame are called WILD KNOTS. 


References 
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Tangency Theorem 
The external (internal) SIMILARITY POINT of two fixed 
CIRCLES is the point at which all the CIRCLES homoge- 
neously (nonhomogeneously) tangent to the fixed CIR- 
CLES have the same POWER and at which all the tan- 
gency secants intersect. 
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Dorrie, H. 100 Great Problems of Elementary Mathematics: 
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Tangent 


10 


Re[Tan 2] 


y 


o. AUN 


-0.0 LA Ez 


The tangent function is defined by 


sin @ 
g = — 1 
tan cos 0? (1) 


where sin g is the SINE function and cosz is the COSINE 
The word “tangent,” however, also has an 
important related meaning as a LINE or PLANE which 
touches a given curve or solid at a single point. These 
geometrical objects are then called a TANGENT LINE or 
TANGENT PLANE, respectively. 


1782 Tangent Bifurcation 


The MACLAURIN SERIES for the tangent function is 


_ (172% (2% — 1) Bon 2n-1 
tan g = ` ~ n 4 +... 


1.3 2.5 17 7 62 _9 
Bgl + igt Hal + 38357 


+..., (2) 


where Bn is a BERNOULLI NUMBER. 


tan g is IRRATIONAL for any RATIONAL « Æ 0, which can 
be proved by writing tan gz as a CONTINUED FRACTION 


tan gz = 


+ (3) 


Lambert derived another CONTINUED FRACTION ex- 
pression for the tangent, 


1 
tans = —— (4) 
r 3 1 
5 1 
x 7 


An interesting identity involving the PRODUCT of tan- 
gents 1s 


[(n—1)/2] kr £ dd 
TI tan (2) =f y” orno (5) 


1 for n even, 
k=1 


where |x| is the FLOOR FUNCTION. Another tangent 
identity is 


1 (1+iz)" — (1-i2)” 


~ 4 (1+ ix)” + (1 — iz)” (6) 


tan(ntan”? 2) 


(Beeler et al. 1972, Item 16). 


see also ALTERNATING PERMUTATION, COSINE, Co- 
TANGENT, INVERSE TANGENT, MORRIE’S LAW, SINE, 
TANGENT LINE, TANGENT PLANE 
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Tangent Bifurcation 
see FOLD BIFURCATION 


Tangent Line 


Tangent Bundle 

The tangent bundle TM of a SMOOTH MANIFOLD M 
is the SPACE of TANGENT VECTORS to points in the 
manifold, i.e., it is the set (x,v) where x € M and v is 
tangent to x € M. For example, the tangent bundle to 
the CIRCLE is the CYLINDER. 


see also COTANGENT BUNDLE, TANGENT VECTOR 


Tangent Developable 

A RULED SURFACE M is a tangent developable of a 
curve y if M can be parameterized by x(u,v) = y(u) + 
vy'(u). A tangent developable is a FLAT SURFACE. 

see also BINORMAL DEVELOPABLE, NORMAL DEVEL- 
OPABLE 
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Tangent Hyperbolas Method 
see HALLEY’S METHOD 


Tangent Indicatrix 
Let the SPEED o of a closed curve on the unit sphere 
S* never vanish. Then the tangent indicatrix 
O 
T= mmr 
Ga 


is another closed curve on S?. It is sometimes called the 
TANTRIX. If O” IMMERSES in S?, then so will 7. 
References 


Solomon, B. “Tantrices of Spherical Curves.” Amer. Math. 
Monthly 103, 30-39, 1996. 


Tangent Line 


tangent line Po 


secant line 


A tangent line is a LINE which meets a given curve at a 
single POINT. 


see also CIRCLE TANGENTS, SECANT LINE, TANGENT, 
TANGENT PLANE, TANGENT SPACE, TANGENT VECTOR 
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Tangent Map 


Tangent Map 

If f: M > N, then the tangent map Tf associated to 
f isa VECTOR BUNDLE HOMEOMORPHISM Tf : TM > 
TN (i.e., a MAP between the TANGENT BUNDLES of M 
and N respectively). The tangent map corresponds to 
DIFFERENTIATION by the formula 


T f(v) = (f o $) (0), (1) 


where ¢'(0) = v (i.e., ¢ is a curve passing through the 
base point to v in TM at time O with velocity v). In 
this case, if f : M > N and g : N > O, then the CHAIN 
RULE is expressed as 


T(fog)=TfoTg. (2) 


In other words, with this way of formalizing differenti- 
ation, the CHAIN RULE can be remembered by saying 
that “the process of taking the tangent map of a map is 
functorial.” To a topologist, the form 


(fog) (a) = f'(g(a)) og’ (a), (3) 


for all a, is more intuitive than the usual form of the 
CHAIN RULE. 


see also DIFFEOMORPHISM 
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Press, pp. 168-171, 1993. 


Tangent Number 

A number also called a ZAG NUMBER giving the number 
of EVEN ALTERNATING PERMUTATIONS. The first few 
are 1, 2, 16, 272, 7936, ... (Sloane’s A000182). 


see also ALTERNATING PERMUTATION, EULER ZIGZAG 
NUMBER, SECANT NUMBER 
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Tangent Plane 

A tangent plane is a PLANE which meets a given SUR- 
FACE at a single POINT. Let (zo, yo) be any point of a 
surface function z = f(x,y). The surface has a nonver- 
tical tangent plane at (zo, yo) with equation 


2 = f (zo, yo) + falto, yo)(x = Lo) F fy(xo, yo) y = yo). 


see also NORMAL VECTOR, TANGENT, TANGENT LINE, 
TANGENT SPACE, TANGENT VECTOR 


Tangent Vector 1783 


Tangent Space 

Let z be a point in an n-dimensional COMPACT MANI- 
FOLD M, and attach at x a copy of R” tangential to M. 
The resulting structure is called the TANGENT SPACE 
of M at x and is denoted T-M. If y is a smooth curve 
passing through zx, then the derivative of y at x is a 
VECTOR in T,M. 


see also TANGENT, TANGENT BUNDLE, TANGENT 
PLANE, TANGENT VECTOR 


Tangent Vector 
For a curve with POSITION VECTOR r(t), the unit tan- 
gent vector T(t) is defined by 


dr 
1 = FOT E (1) 
= E (2) 
dr 
= ds” (3) 


where t is a parameterization variable and s is the 
ARC LENGTH. For a function given parametrically 
by (f(t), g(t)), the tangent vector relative to the point 
(f(t), g(t)) is therefore given by 


f' 
p fi2 + g” 


g (5) 


t) = ——==—. 
NOS TR 


To actually place the vector tangent to the curve, it must 
be displaced by (f(t), g(t)). It is also true that 


z(t) = (4) 


dT ds - 
PTs Tos (7) 
—— d (7 
t,t, = E (=) | (8) 


where N is the NORMAL VECTOR, k is the CURVATURE, 
and 7 is the TORSION. 


see also CURVATURE, NORMAL VECTOR, TANGENT, 
TANGENT BUNDLE, TANGENT PLANE, TANGENT 
SPACE, TORSION (DIFFERENTIAL GEOMETRY) 
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1784 Tangential Angle 
Tangential Angle 
For a PLANE CURVE, the tangential angle @ is defined 
by 
pdó= ds, (1) 


where s is the ARC LENGTH and p is the RADIUS OF 
CURVATURE. The tangential angle is therefore given by 


$= / s'(t)x(t) dt, (2) 


where x(t) is the CURVATURE. For a plane curve r(t), 
the tangential angle p(t) can also be defined by 


r _ antl | (3) 


Gray (1993) calls ¢ the TURNING ANGLE instead of the 
tangential angle. 

see also ARC LENGTH, CURVATURE, PLANE CURVE, RA- 
DIUS OF CURVATURE, TORSION (DIFFERENTIAL GEOM- 
ETRY) 
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Tangential Triangle 
Ay 


The TRIANGLE AT, TT; formed by the lines tangent to 
the CIRCUMCIRCLE of a given TRIANGLE AA, A243 at 
its VERTICES. It is the PEDAL TRIANGLE of AA; A2A3 
with the CIRCUMCENTER as the PEDAL POINT. The 
TRILINEAR COORDINATES of the VERTICES of the tan- 
gential triangle are 


A’ =-—a:b:c 
B'=a:-—b:c 
C'=a:b:-<c. 


The CONTACT TRIANGLE and tangential triangle are 
perspective from the GERGONNE POINT. 


see also CIRCUMCIRCLE, CONTACT TRIANGLE, GER- 
GONNE POINT, PEDAL TRIANGLE, PERSPECTIVE 


Tangle 


Tangential Triangle Circumcenter 
A POINT with TRIANGLE CENTER FUNCTION 


a = a[b? cos(2B) + c? cos(2C) — a’ cos(2A)}. 


It lies on the EULER LINE. 
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Kimberling, C. “Central Points and Central Lines in the 
Plane of a Triangle.” Math. Mag. 67, 163-187, 1994. 


Tangents Law 
see LAW OF TANGENTS 


AK XA 
Y Y AA 
oo 0 


A region in a KNOT or LINK projection plane surrounded 
by a CIRCLE such that the KNOT or LINK crosses the 
circle exactly four times. Two tangles are equivalent if a 
sequence of REIDEMEISTER MOVES can be used to trans- 
form one into the other while keeping the four string 
endpoints fixed and not allowing strings to pass outside 
the CIRCLE. | 


Tangle 


The simplest tangles are the oo-tangle and 0-tangle, 
shown above. A tangle with n left-handed twists is 
called an n-tangle, and one with n right-handed twists 
is called a —n-tangle. By placing tangles side by side, 
more complicated tangles can be built up such as (—2, 3, 
2), etc. The link created by connecting the ends of the 
tangles is now described by the sequence of tangle sym- 
bols, known as CONWAY’S KNOT NOTATION. If tangles 
are multiplied by 0 and then added, the resulting tangle 
symbols are separated by commas. Additional symbols 
which are used are the period, colon, and asterisk. 


Amazingly enough, two tangles described in this NOTA- 
TION are equivalent IFF the CONTINUED FRACTIONS of 


the form 


1 
24 ———— 


1 
3+ — 
2 


are equal (Burde and Zieschang 1985)! An ALGEBRAIC 
TANGLE is any tangle obtained by ADDITIONS and MUL- 
TIPLICATIONS of rational tangles (Adams 1994). Not all 
tangles are ALGEBRAIC. 


see also ALGEBRAIC LINK, FLYPE, PRETZEL KNOT 
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all about crystal sets 


List of Materials 


C1 - 365 mmf variable capacitor. 

D1 - Germanium diode (1N34A or 
equiv.). i 

Li - Ferrite coil (see text). 

4 -= Fahnestock clips. 

2 - wood sections; 6 X 1/2-inch 
square (see text). 

BASE - 8 1/2 X 6-inch sheet 
plastic (see text). 

PHONES - 2000-ohm headphones 

MISC, - plastic tube section for 

L1 primary winding (see text), 

solder lugs, machine screws and 

nuts, wood screws, bracket for Cl 

(see text), knob for Cl, hookup wire. 
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Tanglecube 


Tanglecube 


A QUARTIC SURFACE given by the implicit equation 


gt — 5g? y — By? + 24 — 527 +11.8 =0. 
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Tangled Hierarchy 
A system in which a STRANGE LOOP appears. 


see also STRANGE LOOP 
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Tangram 


212 


A combination of the above plane polygonal pieces such 
that the EDGES are coincident. There are 13 convex 
tangrams (where a “convex tangram” is a set of tangram 
pieces arranged into a CONVEX POLYGON). 


see also ORIGAMI, STOMACHION 
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Taniyama-Shimura Conjecture 1785 


Tanh 
see HYPERBOLIC TANGENT 


Taniyama Conjecture 
see TANIYAMA-SHIMURA CONJECTURE 


Taniyama-Shimura Conjecture 

A conjecture which arose from several problems pro- 
posed by Taniyama in an international mathematics 
symposium in 1955. Let E be an ELLIPTIC CURVE 
whose equation has INTEGER COEFFICIENTS, let N be 
the CONDUCTOR of E and, for each n, let an be the num- 
ber appearing in the Z-function of E. Then there exists 
a MODULAR FORM of weight two and level N which is 
an eigenform under the HECKE OPERATORS and has a 
FOURIER SERIES >) ang”. 


The conjecture says, in effect, that every rational ELLIP- 
TIC CURVE is a MODULAR FORM in disguise. Stated for- 
mally, the conjecture suggests that, for every ELLIPTIC 
CURVE y” = Ar? + Bx? + Cr+ D over the RATIONALS, 
there exist nonconstant MODULAR FUNCTIONS f(z) and 
g(z) of the same level N such that 


[f(z)}° = Alg(z)}° + Cg(z) + D. 


Equivalently, for every ELLIPTIC CURVE, there is a 
MODULAR FORM with the same DIRICHLET L-SERIES. 


In 1985, starting with a fictitious solution to FERMAT’S 
LAST THEOREM, G. Frey showed that he could create 
an unusual ELLIPTIC CURVE which appeared not to be 
modular. If the curve were not modular, then this would 
show that if FERMAT’S LAST THEOREM were false, then 
the Taniyama-Shimura conjecture would also be false. 
Furthermore, if the Taniyama-Shimura conjecture were 
true, then so would be FERMAT’S LAST THEOREM! 


However, Frey did not actually prove whether his curve 
was modular. The conjecture that Frey’s curve was 
modular came to be called the “epsilon conjecture,” and 
was quickly proved by Ribet (RIBET’S THEOREM) in 
1986, establishing a very close link between two math- 
ematical structures (the Taniyama-Shimura conjecture 
and FERMAT’S LAST THEOREM) which appeared previ- 
ously to be completely unrelated. 


As of the early 1990s, most mathematicians believed 
that the Taniyama-Shimura conjecture was not accessi- 
ble to proof. However, A. Wiles was not one of these. He 
attempted to establish the correspondence between the 
set of ELLIPTIC CURVES and the set of modular elliptic 
curves by showing that the number of each was the same. 
Wiles accomplished this by “counting” Galois represen- 
tations and comparing them with the number of mod- 
ular forms. In 1993, after a monumental seven-year ef- 
fort, Wiles (almost) proved the Taniyama-Shimura con- 
jecture for special classes of curves called SEMISTABLE 
ELLIPTIC CURVES. 


1786 Tank 


Wiles had tried to use horizontal Iwasawa theory to cre- 
ate a so-called CLASS NUMBER formula, but was initially 
unsuccessful and therefore used instead an extension of 
a result of Flach based on ideas from Kolyvagin. How- 
ever, there was a problem with this extension which 
was discovered during review of Wiles’ manuscript in 
September 1993. Former student Richard Taylor came 
to Princeton in early 1994 to help Wiles patch up this 
error. After additional effort, Wiles discovered the rea- 
son that the Flach/Kolyvagin approach was failing, and 
also discovered that it was precisely what had prevented 
Iwasawa theory from working. 


With this additional insight, he was able to success- 
fully complete the erroneous portion of the proof us- 
ing Iwasawa theory, proving the SEMISTABLE case of the 
Taniyama-Shimura conjecture (Taylor and Wiles 1995, 
Wiles 1995) and, at the same time, establishing FER- 
MAT’S LAST THEOREM as a true theorem. 


see also ELLIPTIC CURVE, FERMAT’S LAST THEOREM, 
MODULAR FORM, MODULAR FUNCTION, RIBET’S THE- 
OREM 
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Tank 
see CYLINDRICAL SEGMENT 


Tantrix 
see TANGENT INDICATRIX 


Tapering Function 
see APODIZATION FUNCTION 


Tarry-Escott Problem 

For each POSITIVE INTEGER IJ, there exists a POSITIVE 
INTEGER n and a PARTITION of {1, ..., n} as a disjoint 
union of two sets A and B, such that for 1 <2 < J, 


Y a =>) 0 


acA bEB 


The results extended to three or more sets of INTEGERS 
are called PROUHET’S PROBLEM. 


see also PROUHET’S PROBLEM 


References 

Dickson, L. E. History of the Theory of Numbers, Vol. 2: 
Diophantine Analysis. New York: Chelsea, pp. 709-710, 
1971. 

Hahn, L. “The Tarry-Escott Problem.” Problem 10284. 
Amer. Math. Monthly 102, 843-844, 1995. 


Tau Conjecture 


Tarry Point 

The point at which the lines through the VERTICES of a 
TRIANGLE PERPENDICULAR to the corresponding sides 
of the first BROCARD TRIANGLE, are CONCURRENT. 
The Tarry point lies on the CIRCUMCIRCLE opposite the 
STEINER POINT. It has TRIANGLE CENTER FUNCTION 


be 


~ bt 4 4 — a2? — ace = sec(A +w), 


Q 
where w is the BROCARD ANGLE. The SIMSON LINE 
of the Tarry point is PERPENDICULAR to the line OK, 
when O is the CIRCUMCENTER and K is the LEMOINE 
POINT. 


see also BROCARD ANGLE, BROCARD TRIANGLES, CIR- 
CUMCIRCLE, LEMOINE POINT, SIMSON LINE, STEINER 
POINTS 
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Tarski’s Theorem 

Tarski’s theorem states that the first-order theory of the 
FIELD of REAL NUMBERS is DECIDABLE. However, the 
best-known ALGORITHM for eliminating QUANTIFIERS 
is doubly exponential in the number of QUANTIFIER 
blocks (Heintz et al. 1989). 
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Tau Conjecture 
Also known as RAMANUJAN’S HYPOTHESIS. Ramanujan 
proposed that 


T(n) ay On), 


where T(n) is the TAU FUNCTION, defined by 


> r(nja” =2(1-30 +50 — 72° +... 


n=1 
This was proven by Deligne (1974), who was subse- 
quently awarded the FIELDs MEDAL for his proof. 
see also TAU FUNCTION 
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Tau-Dirichlet Series 
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Tau-Dirichlet Series 


where r(n) is the TAU FUNCTION. Ramanujan conjec- 
tured that all nontrivial zeros of f(z) lie on the line 
R[s] = 6, where 


oO 


f(s)= ` T(n)n~* 


n=l 


and r(n) is the TAU FUNCTION. 
see also TAU FUNCTION 
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Tau Function 

A function T(n) related to the DIVISOR FUNCTION 
a(n), also sometimes called RAMANUJAN’S TAU FUNC- 
TION. It is given by the GENERATING FUNCTION 


a (nja” = 


and the first few values are 1, —24, 252, —1472, 4380, 
. (Sloane’s A000594). t(n) is also given by 


OO 


[ [a -., (1) 


n=1 


g(—2) = Y (-D"r(ma” (2) 
y= du (37) (3) 
Yor a(1— 3g + 50% — 7z? +...)5. (4) 


In ORE’S CONJECTURE, the tau function appears as the 
number of DIVISORS of n. Ramanujan conjectured and 
Mordell proved that if (n, n’), then 


T(nn') = r(n)r(n'). (5) 


Ramanujan conjectured and Watson proved that r(n) is 
divisible by 691 for almost all n. If 


T(p)=0 (mod p), (6) 


Tau Function 1787 


then 
T(pn) = 0 (mod p). (7) 


Values of p for which the first equation holds are p = 2, 
SS 


Ramanujan also studied 


f(x) = So rinn”, (8) 


which has properties analogous to the RIEMANN ZETA 
FUNCTION. It satisfies 


F(s)P'(s) _ f(12- s) 
(2m)e (27) 12-8? (9) 


and Ramanujan’s TAU-DIRICHLET SERIES conjecture al- 
leges that all nontrivial zeros of f(s) lie on the line 
R[s] = 6. f can be split up into 

f(6 + it) = z(t)”, (10) 


where 


z(t) =T(6 + it) f(6 + it) (27) * 


sinh(rt) (11) 
mt(1 + t2)(4 + £2)(9 + 2) (16 + t2)(25 + t?) 
6(t) =—2iln peer = a — tIn(27). (12) 
The SUMMATORY tau function is given by 
T(n) = Y t(n). (13) 


noe 


Here, the prime indicates that when z is an INTEGER, 
the last term r(x) should be replaced by $7(z). 


Ramanujan’s tau theta function Z(t) is a REAL function 
for REAL t and is analogous to the RIEMANN-SIEGEL 
FUNCTION Z. The number of zeros in the critical strip 
from ¢ = 0 to T is given by 


nit) = OO +Sinlros(6+i7} yy 


T 


where O is the RIEMANN THETA FUNCTION and Tops is 
the TAU-DIRICHLET SERIES, defined by 


(15) 


Ramanujan conjectured that the nontrivial zeros of the 
function are all real. 


1788 Tauberian Theorem 


Ramanujan’s T; function is defined by 


Tz(t) = PG + it)(Qn)y (16) 


tps (6 + it) sinh(wt) 


5 2 2 
nt | [E +t 


where Tps(z) is the TAU-DIRICHLET SERIES. 


see also ORE’S CONJECTURE, TAU CONJECTURE, TAU- 
DIRICHLET SERIES 
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Tauberian Theorem 

A Tauberian theorem is a theorem which deduces the 
convergence of an INFINITE SERIES on the basis of the 
properties of the function it defines and any kind of aux- 
iliary HYPOTHESIS which prevents the general term of 
the series from converging to zero too slowly. 


see also HARDY-LITTLEWOOD TAUBERIAN THEOREM 


Tautochrone Problem 

Find the curve down which a bead placed anywhere will 
fall to the bottom in the same amount of time. The solu- 
tion is a CYCLOID, a fact first discovered and published 
by Huygens in Horologium oscillatorium (1673). Huy- 
gens also constructed the first pendulum clock with a 
device to ensure that the pendulum was isochronous by 
forcing the pendulum to swing in an arc of a CYCLOID. 


The parametric equations of the CYCLOID are 


xz = a(b — sin 0) (1) 
y = a(l — cos 0). (2) 


To see that the CYCLOID satisfies the tautochrone prop- 
erty, consider the derivatives 


gz = a(l — cos 0) (3 
y =asinð, (4 
and 
2? +y? =a*[(1 — 2cos0 + cos? 0) + sin” 6] 
= 2a? (1 — cos 8). (5) 
Now 
¿mu* = mgy (6) 


Tautology 


i= ds a/ dz? + dy? 
V2gy V2gy 


a/2(1 — cos 0) dé a 
= > = ,/- dé, (8) 
,/2ga(1 — cos 6) 9 


so the time required to travel from the top of the CY- 
CLOID to the bottom is 


= [a= fen (9) 


However, from an intermediate point ĝo, 


ds 
v= dt 29(y — yo), (10) 
SO 
4/ 2a? (1 — cos 8) 
5 2ag( cos ło — 2ag(cos ĝo — cos 0) 
1 — cos 8 
cos 04 — cos cos do cos O” 
pa ar 
cos? ( ar — L 50) 
Now let 
cos( 44) 
i (12) 
cos(300) 
sin(50)d0 
du = — 2 
“ 2 cos(ĝo) (13) 
SO 


| 
Z 
~ 
j 

| 
ie 

fl 

bo 
a | 

a 

a 
or 
5 


(14) 
and the amount of time is the same from any point! 


see also BRACHISTOCHRONE PROBLEM, CYCLOID 
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Tautology 
A logical statement in which the conclusion is equivalent 
to the premise. If p is a tautology, it is written H p. 


Taxicab Number 


Taxicab Number 

The nth taxicab number Ta(n) is the smallest num- 
ber representable in n ways as a sum of POSITIVE 
CUBES. The numbers derive their name from the 
HARDY-RAMANUJAN NUMBER 


Ta(2) = 1729 
= 1% + 12* 
= 9? + 10°, (1) 


which is associated with the following story told about 
Ramanujan by G. H. Hardy. “Once, in the taxi from 
London, Hardy noticed its number, 1729. He must have 
thought about it a little because he entered the room 
where Ramanujan lay in bed and, with scarcely a hello, 
blurted out his disappointment with it. It was, he de- 
clared, ‘rather a dull number,’ adding that he hoped that 
wasn’t a bad omen. ‘No, Hardy,’ said Ramanujan, ‘it is 
a very interesting number. It is the smallest number 
expressible as the sum of two [POSITIVE] cubes in two 
different ways'” (Hofstadter 1989, Kanigel 1991, Snow 
1993). 


However, this property was also known as early as 1657 
by F. de Bessy (Berndt and Bhargava 1993, Guy 1994). 
Leech (1957) found 


Ta(3) = 87539319 
= 167° + 436° 
= 228° + 423° 
= 255° + 414°, (2) 


Rosenstiel et al. (1991) recently found 


Ta(4) = 6963472309248 
= 2421° + 19083° 
= 5436° + 18948° 
= 10200° + 18072° 
= 13322° + 16630°. (3) 


D. Wilson found 


Ta(5) = 48988659276962496 
= 38787% + 365757° 
= 107839° + 362753* 
= 205292” + 342952° 
= 221424° + 336588° 
= 231518° + 331954°. (4) 


The first few taxicab numbers are therefore 2, 1729, 
87539319, 6963472309248, ... (Sloane’s A011541). 


Hardy and Wright (Theorem 412, 1979) show that the 
number of such sums can be made arbitrarily large but, 
updating Guy (1994) with Wilson’s result, the least ex- 
ample is not known for six or more equal sums. 


Taylor Circle 1789 


Sloane defines a slightly different type of taxicab num- 
bers, namely numbers which are sums of two cubes in 
two or more ways, the first few of which are 1729, 4104, 
13832, 20683, 32832, 39312, 40033, 46683, 64232, ... 
(Sloane’s A001235). | 


see also DIOPHANTINE EQUATION—CUBIC, HARDY- 
RAMANUJAN NUMBER 
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Taylor Center 
The center of the TAYLOR CIRCLE, which is the SPIEKER 
CENTER of AH;¡H2H3, where H; are the ALTITUDES. 
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Taylor Circle 
From the feet of each ALTITUDE of a TRIANGLE, draw 
lines PERPENDICULAR to the adjacent sides. Then the 
feet of these perpendiculars lie on a CIRCLE called the 
TAYLOR CIRCLE. 


see also TUCKER CIRCLES 
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1790 Taylor's Condition 


Taylor?s Condition 


e>————— HA 
n=2 n=3 
1 
4 
2 
n=4 


For a given POSITIVE INTEGER n, does there exist a 
WEIGHTED TREE with n VERTICES whose paths have 


weights 1, 2,..., ls where (2) is a BINOMIAL COEF- 


FICIENT? Taylor showed that no such TREE can exist 
unless it is a PERFECT SQUARE or a PERFECT SQUARE 
plus 2. No such TREES are known except n = 2, 3, 4, 
and 6. 


see also GOLOMB RULER, PERFECT DIFFERENCE SET 
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Taylor Expansion 
see TAYLOR SERIES 


Taylor-Greene-Chirikov Map 
see STANDARD MAP 


Taylor Polynomial 
see TAYLOR SERIES 


Taylor Series 

A Taylor series is a series expansion of a FUNCTION 
about a point. A 1-D Taylor series is an expansion of a 
SCALAR FUNCTION f(z) about a point x = a. Ifa = 0, 
the expansion is known as a MACLAURIN SERIES. 


J fP (æ) de = [0D (o) 2 = FP (a) = f(a) 
° (1) 


| / pata) de de = / ip @iap as 
no fP (x) a fP (a) — (x — OD (a). (2) 


Continuing, 


J / J $ (æ) (da)? = f° (a) — (2 — a) fa) 


-4 (z — a) f"%(a) (3) 


Taylor Series 


fej f™ (x) (d2)" = f(x) — f(a) - (z — a) f'(a) 


a 


La @ 


Therefore, we obtain the 1-D Taylor series 


f(x) = f(a) + (2—a)f' (a) + ¿(2 -ay f" (a) +... 
+ Ele a FP (a) + Ra, (5) 


where R, is a remainder term defined by 


hs J 7 J Fa) (da). (6) 


Nariz, ras 


TL 


Using the MEAN-VALUE THEOREM for a function g, it 
must be true that 


J e E Goie) (7) 


for some zx* € [a,x]. Therefore, integrating n times gives 


the result y 
z—a a 
Rn = ae eer a). (8) 


The maximum error is then the maximum value of (8) 
for all possible x* € [a, æ]. 


An alternative form of the 1-D Taylor series may be 
obtained by letting 


r—-az=Agr (9) 
so that 
z =a + Ât Z= To + åz. (10) 


Substitute this result into (5) to give 

Hao + Az) = f(20) + Ax f (20) + (Ar) f" (20) +.... 
(11) 

A Taylor series of a FUNCTION in two variables f(z, y) 


is given by 


f(z + Az, y+ Ay) = Hz, y) + [folz,y)Ar + fy (x, y)Ay] 
+5[(40) fos (2, y) + 2ArAyfay(z,y) + (Ay) fuylz, y)] 
+[((A0) fono (2, y) + 3(A2) Ayfesy(z, y) 

+3Ar(AyY feyy(z, y) AN (Ay)? fuyy(z, y)] ss (12) 


This can be further generalized for a FUNCTION in n 
variables, 


F£., En) 


Taylor Series 


Rewriting, 


f(21+41,...,Tn + Gn) 


NE F De er f(a{,...,24) 


Taking n = 2 in (13) gives 


f(z1, 12) = > E 6 — “aa 


j=0 


, 2 
Ha 0) a) T 
zr! ¡01,8% =2x2 


= f(a1,a2) + (2 — ay 2b + (22 — aa) SZ] 


Ox, 
1 2 OF 3’ f 
+3 lo - aj)” Das + 2(x1 — a1)(22 — a2) om 
O° f 
+(22 — a2)? sA +.. (15) 


Taking n = 3 in (14) gives 


f(21 + a1, £2 + a2, £3 + as) 


OO 


x f (£1, 22, 23) , (16) 


fo fo to 
TT] ,L212,Tg—E3 


or, in VECTOR form 


Do 1 
f(r+a)=) ES Ver) fr | (17) 
jo LI’ r'=r 
The zeroth- and first-order terms are 
f(r) | (18) 
and 
(a- Ve) fr) lem (19) 
respectively. The second-order term is 
(a: Ver )(a- Ve) Ar) lr ar 
= ja-Ve[a-(VF(r')) eer 


Vie(Verf(r'))] lear, (20) 


so the first few terms of the expansion are 


= f(r) +(a- Ve) ale 
+32: la: Va (Vef) ler (21) 


fr +a) 


Tchebychett 1791 


Taylor series can also be defined for functions of a COM- 
PLEX variable. By the CAUCHY INTEGRAL FORMULA, 


E fz) de 1& _ 1 f(z’) dz' 
He) = m” Zi J (z! — zo) — (z — zo) 
=— O Jd? (22) 
T c (2-20) (1 53) 
In the interior of C, 
|z — zol 
<1 23 
|z’ — zo! ( ) 
so, using 
1 So 
Tot 2, (24) 


it follows that 
L [om (z— 20)" f(z’) dz 
2) = — A 
f(z) = 5 J LA 
1 e n f(z')dz 
= — — A 2 
2ri dU zo) / (z! — 2p)+1 (25) 
Using the the CAUCHY INTEGRAL FORMULA for deriva- 


tives, 
fe)=ġ e 


see also CAUCHY REMAINDER FORM, LAGRANGE EX- 
PANSION, LAURENT SERIES, LEGENDRE SERIES, MAC- 
LAURIN SERIES, NEWTON’S FORWARD DIFFERENCE 
FORMULA 


mz, 
so E (26) 
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Tchebycheff 


see CHEBYSHEV APPROXIMATION FORMULA, CHEBY- 
SHEV CONSTANTS, CHEBYSHEV DEVIATION, CHEBY- 
SHEV DIFFERENTIAL EQUATION, CHEBYSHEV FUNC- 
TION, CHEBYSHEV-GAUSS QUADRATURE, CHEBY- 
SHEV INEQUALITY, CHEBYSHEV INEQUALITY, CHEBY- 
SHEV INTEGRAL, CHEBYSHEV PHENOMENON, CHEBY- 
SHEV POLYNOMIAL OF THE FIRST KIND, CHEBY- 
SHEV POLYNOMIAL OF THE SECOND KIND, CHEBY- 
SHEV QUADRATURE, CHEBYSHEV-RADAU QUADRA- 
TURE, CHEBYSHEV-SYLVESTER CONSTANT 


1792 Teardrop Curve 
Teardrop Curve 
A plane curve given by the parametric equations 


z = cost 


y = sintsin™ (4t). 


see also PEAR-SHAPED CURVE 
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Technique 

A specific method of performing an operation. The 
terms ALGORITHM, METHOD, and PROCEDURE are also 
used interchangeably. 


see also ALGORITHM, METHOD, PROCEDURE 


Teichmüller Space 

TEICHMÜLLER’S THEOREM asserts the EXISTENCE and 
UNIQUENESS of the extremal quasiconformal map be- 
tween two compact RIEMANN SURFACES of the same 
GENUS modulo an EQUIVALENCE RELATION. The 
equivalence classes form the Teichmüller space Tp of 
compact RIEMANN SURFACES of GENUS p. 


see also RIEMANN’S MODULI PROBLEM 


Teichmüller’s Theorem 

Asserts the EXISTENCE and UNIQUENESS of the ex- 
tremal quasiconformal map between two compact RIE- 
MANN SURFACES of the same GENUS modulo an EQUIV- 
ALENCE RELATION. 


see also TEICHMULLER SPACE 


Telescoping Sum 
A sum in which subsequent terms cancel each other, 
leaving only initial and final terms. For example, 


i=l 


is a telescoping sum. 


see also ZEILBERGER’S ALGORITHM 


Tennis Ball Theorem 


Temperature 
The “temperature” of a curve I is defined as 


E 
In (G) 


where l is the length of [ and h is the length of the 
PERIMETER. of the CONVEX HULL. The temperature 
of a curve is 0 only if the curve is a straight line, and 
increases as the curve becomes more “wiggly.” 


T= 


see also CURLICUE FRACTAL 
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Templar Magic Square 


A MAGIC SQUARE-type arrangement of the words in the 
Latin sentence “Sator Arepo tenet opera rotas” (“the 
farmer Arepo keeps the world rolling”). This square has 
been found in excavations of ancient Pompeii. 


see also MAGIC SQUARE 
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Tennis Ball Theorem 

A closed simple smooth spherical curve dividing the 
SPHERE into two parts of equal areas has at least four 
inflection points. 


see also BALL, BASEBALL COVER 
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Tensor 


Tensor 

An nth-RANK tensor of order m is a mathematical ob- 
ject in m-dimensional space which has n indices and 
m” components and obeys certain transformation rules. 
Each index of a tensor ranges over the number of dimen- 
sions of SPACE. If the components of any tensor of any 
RANK vanish in one particular coordinate system, they 
vanish in all coordinate systems. 


Zeroth-RANK tensors are called SCALARS, and first- 
RANK tensors are called VECTORS. In tensor notation, 
a vector v would be written v;, where i = 1, ..., mM. 
Tensor notation can provide a very concise way of writ- 
ing vector and more general identities. For example, 
in tensor notation, the DOT PRODUCT u- v is simply 
written 

uU. V = uit, (1) 


where repeated indices are summed over (EINSTEIN 
SUMMATION) so that uiv; stands for uivi +... + UmUm. 
Similarly, the CRoss PRODUCT can be concisely written 
as 

UX V= ekuo", (2) 


where €;;, is the LEVI-CIVITA TENSOR. 


Second-RANK tensors resemble square MATRICES. CON- 
TRAVARIANT second-RANK tensors are objects which 


transform as aa! 
Ox! L 
Ti LLS Ar 


Ərk Ox; (3) 


COVARIANT second-RANK tensors are objects which 
transform as 


AY = _ 


i Ox, Ox 
Ci = — dx! ðr! ! (4) 


MIXED second-RANK tensors are objects which trans- 
form as 


Oz; Ox; 


ii 
B i «Owe da! (5) 


If two tensors A and B have the same RANK and the 
same COVARIANT and CONTRAVARIANT indices, then 


A + BY = C4 (6) 
Ai + Bij = Ci; (7) 
Ai + BS = C}. (8) 


A transformation of the variables of a tensor changes the 
tensor into another whose components are linear HOMO- 
GENEOUS FUNCTIONS of the components of the original 
tensor. 


see also ANTISYMMETRIC TENSOR, CURL, DIVER- 
GENCE, GRADIENT, IRREDUCIBLE TENSOR, ISOTROPIC 
TENSOR, JACOBI TENSOR, RICCI TENSOR, RIEMANN 
TENSOR, SCALAR, SYMMETRIC TENSOR, ‘TORSION 
TENSOR, VECTOR, WEYL ‘TENSOR 


Tensor Spherical Harmonic 1793 
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Tensor Calculus 
The set of rules for manipulating and calculating with 
TENSORS. 


Tensor Density 
A quantity which transforms like a TENSOR. except for 
a scalar factor of a JACOBIAN. 


Tensor Dual 
see DUAL TENSOR 


Tensor Product 
see DIRECT PRODUCT (TENSOR) 


Tensor Space 

Let E be a linear space over a FIELD K. Then the 
DIRECT PRODUCT Di E is called a tensor space of 
degree k. 
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Tensor Spherical Harmonic 
see DOUBLE CONTRACTION RELATION 


1794 Tensor Transpose 


Tensor Transpose 
see TRANSPOSE 


Tent Map 


A piecewise linear, 1-D MAP on the interval [0,1] ex- 


hibiting CHAOTIC dynamics and given by 


En+1 = p(1 — 2|en — 3)). 


The case u = 1 is equivalent to the LOGISTIC EQUATION 
WITH r = 4, so the NATURAL INVARIANT in this case is 


1 


p(z) = n/a r) 


see also 2x MOD 1 MAP, LOGISTIC EQUATION, LOGISTIC 


EQUATION WITH r= 4 


Terminal 
see SINK (DIRECTED GRAPH) 


Ternary 
The BASE 3 method of counting in which only the digits 


0, 1, and 2 are used. These digits have the following 


multiplication table. 


NH | Xx 
o coolo 
yv e Oje 
e bo Dj 


Erdős and Graham (1980) conjectured that no POWER 


of 2, 2”, is a SUM of distinct powers of 3 for n > 8. 


This is equivalent to the requirement that the ternary 


expansion of 2” always contains a 2. This has been 
verified by Vardi (1991) up to n = 2-3%°. N. J. A. Sloane 
has conjectured that any POWER of 2 has a 0 in its 
ternary expansion (Vardi 1991, p. 28). 

see also BASE (NUMBER), BINARY, DECIMAL, HEXA- 
DECIMAL, OCTAL, QUATERNARY 
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Tessellation 


Tessellation 

A regular TILING of POLYGONS (in 2-D), POLYHEDRA 
(3-D), or POLYTOPES (n-D) is called a tessellation. Tes- 
sellations can be specified using a SCHLAFLI SYMBOL. 


Consider a 2-D tessellation with q regular p-gons at each 
VERTEX. In the PLANE, 


2) 2m 
0-5) 4 0 


1 1 1 
p + I 2? (2) 
(p - 2)(q — 2) = (3) 
(Ball and Coxeter 1987), and the only factorizations are 
4=4-1=(6-2)(3 — 2) > {6,3} (4) 
= 2. 2 = (4 — 2)(4 — 2) > {4,4} (5) 
=1-4= (3 — 2)(6 — 2) => {3,6}. (6) 


Therefore, there are only three regular tessellations 
(composed of the HEXAGON, SQUARE, and TRIANGLE), 
illustrated as follows. 


{6,3} {4, 4} {3, 6} 


There do not exist any regular STAR POLYGON tes- 
sellations in the PLANE. Regular tessellations of the 
SPHERE by SPHERICAL TRIANGLES are called TRIAN- 
GULAR SYMMETRY GROUPS. 


Regular tilings of the plane by two or more convex reg- 
ular POLYGONS such that the same POLYGONS in the 
same order surround each VERTEX are called semireg- 
ular tilings. In the plane, there are eight such tessella- 
tions, illustrated below. 


simple projects 


FERRITE COIL CRYSTAL SET 


This crystal set has a large ferrite core coil L1 of a 
type that is normally used for a built-in antenna in 
portable radios, This type of coil has a very high "Q" 
and may be more selective than an air-core coil. As you 
can see in the schematic, a primary coil is wound around 
the ferrite coil, The original winding is used as the 
secondary. 


The primary coil (connected to the antenna and ground) 
can be moved close to, or away from, the secondary 
(original winding connected to D1), This variable 
coupling is used to control the selectivity of the 
crystal set. 


PRIMARY COIL 


The primary coil is wound ona 1-inch section of plastic 
tube that can fit loosely over the ferrite rod. A 
1/2-inch diameter plastic tube is used on the receiver 
shown in the illustration. Wind 12-turns of hookup wire 
evenly over the tube and twist the ends together to 
prevent movement, Leave 4-inch leads from the primary 
coil winding. Slide the. primary coil over the center of 
El, 


BASEBOARD 


The crystal set components are mounted on a 8 1/2-inch by 
6-inch section of sheet plastic, The thickness of the 
plastic is not critical, but it must be rigid enough to 
hold the parts without bending. A 6-inch long 1/2-inch 
square wood section is installed under each end of the 
baseboard, A section of wood can be used for the 
baseboard with wood screws to mount the parts, in place 
of machine screws and nuts. 
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Tessellation 


In 3-D, a POLYHEDRON which is capable of tessellating 
space is called a‘SPACE-FILLING POLYHEDRON. Exam- 
ples include the CUBE, RHOMBIC DODECAHEDRON, and 
TRUNCATED OCTAHEDRON. There is also a 16-sided 
space-filler and a convex POLYHEDRON known as the 
SCHMITT-CONWAY BIPRISM which fills space only ape- 
riodically. 


A tessellation of n-D polytopes is called a HONEYCOMB. 


see also ARCHIMEDEAN SOLID, CELL, HONEY- 
COMB, SCHLAFLI SYMBOL, SEMIREGULAR POLYHE- 
DRON, SPACE-FILLING POLYHEDRON, TILING, TRIAN- 
GULAR SYMMETRY GROUP 


References 

Ball, W. W. R. and Coxeter, H. S. M. Mathematical Recre- 
ations and Essays, 13th ed. New York: Dover, pp. 105- 
107, 1987. 

Cundy, H. and Rollett, A. Mathematical Models, 3rd ed. 
Stradbroke, England: Tarquin Pub., pp. 60—63, 1989. 

Gardner, M. Martin Gardner’s New Mathematical Diver- 
sions from Scientific American. New York: Simon and 
Schuster, pp. 201-203, 1966. 

Gardner, M. “Tilings with Convex Polygons.” Ch. 13 
in Time Travel and Other Mathematical Bewilderments. 
New York: W. H. Freeman, pp. 162—176, 1988. 

Kraitchik, M. “Mosaics.” $8.2 in Mathematical Recreations. 
New York: W. W. Norton, pp. 199-207, 1942. 

Lines, L. Solid Geometry. New York: Dover, pp. 199 and 
204-207 1965. 

Pappas, T. “Tessellations.” The Joy of Mathematics. San 
Carlos, CA: Wide World Publ. /Tetra, pp. 120-122, 1989. 
Peterson, I. The Mathematical Tourist: Snapshots of Modern 
Mathematics. New York: W. H. Freeman, p. 75, 1988. 
Rawles, B. Sacred Geometry Design Sourcebook: Universal 
Dimensional Patterns. Nevada City, CA: Elysian Pub., 

1997. 


Tetrachoric Function 1795 


Walsh, T. R. S. “Characterizing the Vertex Neighbourhoods 
of Semi-Regular Polyhedra.” Geometriae Dedicata 1, 117— 
123, 1972. 


Tesseract 


The HYPERCUBE in R* is called a tesseract. It 
has the SCHLAFLI SYMBOL {4,3,3}, and VERTICES 
(+1, +1,+1,+1). The above figures show two visual- 
izations of the TESSERACT. The figure on the left is a 
projection of the TESSERACT in 3-space (Gardner 1977), 
and the figure on the right is the GRAPH of the TESSER- 
ACT symmetrically projected into the PLANE (Coxeter 
1973). A TESSERACT has 16 VERTICES, 32 EDGES, 4 
SQUARES, and 8 CUBES. 


see also HYPERCUBE, POLYTOPE 
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Tesseral Harmonic 

A SPHERICAL HARMONIC which is expressible as prod- 
ucts of factors linear in x*, y*, and z? multiplied by one 
of 1, £, Y, Z, yz, 21, Ty, and tyz. 


see also ZONAL HARMONIC 


Tethered Bull Problem 

Let a bull be tethered to a silo whose horizontal CROSS- 
SECTION is a CIRCLE of RADIUS R by a leash of length 
L. Then the AREA which the bull can graze if L < Ra 
is 
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Tetrabolo 
A 4-POLYABOLO. 


Tetrachoric Function 
The function defined by 


— (-1)""* nm—1 
Tn = ye) 


1796 Tetracontagon 
where j 
20) st. 
(x) Jan: 


see also NORMAL DISTRIBUTION 
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Tetracontagon 
A 40-sided POLYGON. 


Tetracuspid 
see HYPOCYCLOID—4-CUSPED 


Tetrad 
A SET of four, also called a QUARTET. 


see also HEXAD, MONAD, PAIR, QUARTET, QUINTET, 
TRIAD, TRIPLE, TWINS 


Tetradecagon 
A 14-sided POLYGON, sometimes called a TETRAKAI- 
DECAGON. 


Tetradecahedron 
A 14-sided POLYHEDRON, sometimes called a TETRA- 
KAIDECAHEDRON. 


see also CUBOCTAHEDRON, TRUNCATED OCTAHEDRON 
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Tetradic 

Tetradics transform DYADICS in much the same way 
that DYADICS transform VECTORS. They are repre- 
sented using Hebrew characters and have 81 compo- 
nents (Morse and Feshbach 1953, pp. 72-73). The use 
of tetradics is archaic, since TENSORS perform the same 
function but are notationally simpler. 
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Tetradyakis Hexahedron 
The DUAL POLYHEDRON of the CUBITRUNCATED CUB- 
OCTAHEDRON. 


Tetraflexagon 


Tetraflexagon 
A FLEXAGON made with SQUARE faces. Gardner (1961) 
shows how to construct a tri-tetraflexagon, 


see also FLEXAGON, FLEXATUBE, HEXAFLEXAGON 
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Tetragon 


Tetragon 
see QUADRILATERAL 


Tetrahedral Coordinates 
Coordinates useful for plotting projective 3-D curves of 
the form f(zo, £1, £2, £3) = 0 which are defined by 


A eee ee Or 
g—=1l—z+v2e2 
13 =1+2+ V2y 
a3 =1+2- v2y. 


see also CAYLEY CUBIC, KUMMER SURFACE 


Tetrahedral Graph 


A POLYHEDRAL GRAPH which is also the COMPLETE 
GRAPH Ka. 


see also CUBICAL GRAPH, DODECAHEDRAL GRAPH, 
ICOSAHEDRAL GRAPH, OCTAHEDRAL GRAPH, TETRA- 
HEDRON 


Tetrahedral Group 

The POINT GROUP of symmetries of the ‘TETRAHE- 
DRON, denoted Ty. The tetrahedral group has symmetry 
operations E, 8C3, 3C2, 654, and 604 (Cotton 1990). 


see also ICOSAHEDRAL GROUP, OCTAHEDRAL GROUP, 
POINT GROUPS, TETRAHEDRON 


References 

Cotton, F. A. Chemical Applications of Group Theory, 3rd 
ed. New York: Wiley, p. 47, 1990. 

Lomont, J. S. “Icosahedral Group.” $3.10.C in Applications 
of Finite Groups. New York: Dover, p. 81, 1987. 


Tetrahedral Number 
A FIGURATE NUMBER Te, of the form 


Ten = Y T = ¿n(n + 1)(n + 2) = ee (1) 


where Tn is the nth TRIANGULAR NUMBER and (™) is a 
BINOMIAL COEFFICIENT. These numbers correspond to 
placing discrete points in the configuration of a TETRA- 
HEDRON (triangular base pyramid). Tetrahedral num- 
bers are PYRAMIDAL NUMBERS with r = 3, and are 
the sum of consecutive TRIANGULAR NUMBERS. The 
first few are 1, 4, 10, 20, 35, 56, 84, 120, ... (Sloane’s 
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A000292). The GENERATING FUNCTION of the tetrahe- 
dral numbers is 


£ 2 2 3 4 

Tetrahedral numbers are EVEN, except for every fourth 
tetrahedral number, which is ODD (Conway and Guy 
1996). 


The only numbers which are simultaneously SQUARE 
and TETRAHEDRAL are Te; = 1, Tez = 4, and Te4s = 
19600 (giving Sı = 1, S2 = 4, and S140 = 19600), as 
proved by Meyl (1878; cited in Dickson 1952, p. 25). 
Numbers which are simultaneously TRIANGULAR and 
tetrahedral satisfy the BINOMIAL COEFFICIENT equa- 


tion 
Q-Q 


the only solutions of which are (m,n) = (10,16), (22, 
56), and (36, 120) (Guy 1994, p. 147). Beukers (1988) 
has studied the problem of finding numbers which are 
simultaneously tetrahedral and PYRAMIDAL via INTE- 
GER points on an ELLIPTIC CURVE, and finds that the 
only solution is the trivial Te, = P, = 1. 


see also PYRAMIDAL NUMBER, TRUNCATED TETRAHE- 
DRAL NUMBER 
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Tetrahedral Surface 
A SURFACE given by the parametric equations 


x= A(u — a)” (v — a)” 
y = B(u — b)” (v — b)” 


z = C(u — c)” (v — c)”. 
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Tetrahedroid 
A special case of a quartic KUMMER SURFACE. 
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Tetrahedron 


The regular tetrahedro 
hedron, is the PLATONIC SOLID Pı with four VERTICES, 
six EDGES, and four equivalent EQUILATERAL TRIAN- 
GULAR faces (4{3}). It is also UNIFORM POLYHEDRON 
U,. It is described by the SCHLAFLI SYMBOL {3,3} and 
the WYTHOFF SYMBOL is 3|23. It is the prototype of 
the TETRAHEDRAL GROUP Tu, 


The tetrahedron is its own DUAL POLYHEDRON. It 
is the only simple POLYHEDRON with no DIAGONALS, 
and cannot be STELLATED. The VERTICES of a 
tetrahedron are given by (0,0, V3), (0, 2v6, -4v3), 
(—V2, -5 6, -4 V3), and (V2, -4 v6, -3v3), or by 
(0, 0, 0), (0, 1, 1), (1, 0, 1), (1, 1, 0). In the latter case, 
the face planes are 


etytz=2 (1) 
ze-y—z=0 (2) 
—x+y-z=0 (3) 
e+y—z=0. (4) 


Let a tetrahedron be length a on a side. The VERTICES 
are located at (x, 0, 0), (—d, +a/2, 0), and (0, 0, A). 
From the figure, 


Perspective View Bottom View Side View 


A. 


Tetrahedron 


This gives the AREA of the base as 


A= ja(R+x)= $a (Bat Za) 
12 [v3 243 
36 (B+ 78) 
7 pad =1434 (7) 


The height is 


h=wyal-—12=a,/1-3=3v6a. (8) 


The CIRCUMRADIUS R is found from 


a? + (h-— RY = R? (9) 
22 +h? —2hR+ R? = R. (10) 
Solving gives 
2 2 Ep3 
x” +h ais 1 /3 
R = —— = 324 = 14/72 = jv6a % 0.61237. 
2h 2/2 2V2 1 Ñ a 
(11) 
The ĪNRADIUS r is 
2 | 
r=h-R= go v8 4 = +3 6 a = 0.20412a, (12) 
which is also 
r=3h=3¿R. (13) 


The MIDRADIUS is 


p = Vr? +e =a- += fio=} 2a 
= 0.35355a. | (14) 

Plugging in for the VERTICES gives 
(aV3,0,0),(—4V3a,+4a,0), and (0,0,3v6a). (15) 


Since a tetrahedron is a PYRAMID with a triangular base, 
Y= 3 Arh, and 


V=3(4V30") (e) = 3120. (16) 


The DIHEDRAL ANGLE is 


0 =tan"*(2V2) = 2sin (4v6) = cos *(3). (17) 


Tetrahedron 


By slicing a tetrahedron as shown above, a SQUARE can 
be obtained. This cut divides the tetrahedron into two 
congruent solids rotated by 90°. 


Now consider a general (not necessarily regular) tetra- 
hedron, defined as a convex POLYHEDRON consisting of 
four (not necessarily identical) TRIANGULAR faces. Let 
the tetrahedron be specified by its VERTICES at (x;, yi) 
where i=1,..., 4. Then the VOLUME is given by 


tı Yi 21 

V liza ya 22 
3! | £3 Y3 23 

L4 Ya 4 


(18) 


Hop pa a 


Specifying the tetrahedron by the three EDGE vectors 
a, b, and c from a given VERTEX, the VOLUME is 


V = ¿la- (b x c)l. (19) 


If the faces are congruent and the sides have lengths a, 
b, and c, then 


| (a? + b? — c?) (a? + c? — b?) (b? + c? — a? 


(Klee and Wagon 1991, p. 205). Let a, b, c, and d be 
the areas of the four faces, and define 


B= Led (21) 
C = £bd (22) 
D = Lbe, (23) 


where 47k means here the ANGLE between the PLANES 
formed by the FACES j and k, with VERTEX along their 
intersecting EDGE. Then 


a? = b? +c? +d? —2cd cos B—2bd cos C—2bccos D. (24) 


The analog of GAUSS’S CIRCLE PROBLEM can be asked 
for tetrahedra: how many LATTICE POINTS lie within a 
tetrahedron centered at the ORIGIN with a given INRA- 
DIUS (Lehmer 1940, Granville 1991, Xu and Yau 1992, 
Guy 1994). 


see also AUGMENTED TRUNCATED TETRAHEDRON, 
BANG’S THEOREM, EHRHART POLYNOMIAL, HERONIAN 
TETRAHEDRON, HILBERT’S 3RD PROBLEM, ISOSCELES 
TETRAHEDRON, SIERPINSKI TETRAHEDRON, STELLA 
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OCTANGULA, TETRAHEDRON 5-COMPOUND, TETRAHE- 
DRON 10-COMPOUND, TRUNCATED TETRAHEDRON 
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Tetrahedron 5-Compound 


A POLYHEDRON COMPOUND composed of 5 TETRA- 
HEDRA. Two tetrahedron 5-compounds of opposite 
CHIRALITY combine to make a TETRAHEDRON 10- 
COMPOUND. The following diagram shows pieces which 
can be assembled to form a tetrahedron 5-compound 


 (Cundy and Rollett 1989). 


see also POLYHEDRON COMPOUND, TETRAHEDRON 10- 
COMPOUND 
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Tetrahedron 10-Compound 


Two TETRAHEDRON 5-COMPOUNDS of opposite CHI- 
RALITY combined. 


see also POLYHEDRON COMPOUND, TETRAHEDRON 5- 
COMPOUND 
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Tetrahedron Inscribing 

Pick four points at random on the surface of a unit 
SPHERE. Find the distribution of possible volumes of 
(nonregular) TETRAHEDRA. Without loss of generality, 
the first point can be chosen as (1, 0, 0). Designate the 
other points a, b, and c. Then the distances from the 
first VERTEX are 


cos 61 — 1 | 
a = sin Ay (1) 
0 
cos 02 sin @2 — 1 
b= sin 02 sin 2 (2) 
cos G2 
cos 03 sin p3 — 1 
c= sin 03 sin 3 E (3) 
cos $3 


The average volume is then 
7 1 27 27 27 wf2 7/2 
0 0 0 7/24 —m/2 
dos dba d63 df. d91, (4) 
where 


27 27 27 T/2 
C= / / / / dos doz d03 dbz dO, = 8x° 
0 0 0 —7/2 


(5) 


Tetrakaidecahedron 


and 


a- (b x c) = — cos ¢2 sin 6; + cos 3 sin 91 
— cos 3 cos 82 sin ¢2 sin O, + cos $ cos O sin $3 sin #1 
— cos @3 sin da sin 92 + cos $3 cos O, sin ¢2 sin 2 


+ cos da sin 3 sin 93 — cos 2 cos 61 sin ġ3 sin 63. (6) 


The integrals are difficult to compute analytically, but 
10° computer TRIALS give 


(V) = 0.1080 (7) 
(V*) = 0.02128 (8) 
oy” = (V°) — (Vy? = 0.009937. (9) 


see also POINT-POINT DISTANCE—1-D, TRIANGLE IN- 
SCRIBING IN A CIRCLE, TRIANGLE INSCRIBING IN AN 
ELLIPSE 
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Tetrahemihexacron 
The DUAL POLYHEDRON of the TETRAHEMIHEXAHE- 
DRON. 


Tetrahemihexahedron 


The UNIFORM POLYHEDRON U4 whose DUAL POLYHE- 
DRON is the TETRAHEMIHEXACRON. It has SCHLAFLI 
SYMBOL r'[3) and WYTHOFF SYMBOL $ 3] 2. Its faces 
are 4{3} + 3{4}. It is a faceted form of the OCTAHE- 
DRON. Its CIRCUMRADIUS is 


R= 142. 
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Tetrakaidecagon 
see TETRADECAGON 


Tetrakaidecahedron 
see TETRADECAHEDRON 


Tetrakis Hexahedron 


Tetrakis Hexahedron 


The DuAL POLYHEDRON of the TRUNCATED OCTAHE- 
DRON. 


Tetranacci Number 

The tetranacci numbers are a generalization of the FI- 
BONACCI NUMBERS defined by To = 0, 71 = 1, Ta = 1, 
T = 2, and the RECURRENCE RELATION 


Tn = Ín-1 + Ines -+ Tn-3 + Imma 


for n > 4. They represent the n = 4 case of the FI- 
BONACCI n-STEP NUMBERS. The first few terms are 1, 
1, 2, 4, 8, 15, 29, 56, 108, 208, ... (Sloane’s A000078). 
The ratio of adjacent terms tends to 1.92756, which is 
the REAL Root of x° — 2x4 +1=0. 

see also FIBONACCI n-STEP NUMBER, FIBONACCI NUM- 
BER, TRIBONACCI NUMBER 
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Tetrix 


A 


The 3-D analog of the SIERPINSKI SIEVE illustrated 
above, also called the SIERPIŃSKI SPONGE or SIERPINSKI 
TETRAHEDRON. Let N, be the number of tetrahedra, 
Ln the length of a side, and A, the fractional VOLUME 
of tetrahedra after the nth iteration. Then 


Nn = 4" | (1) 
Ln = (3) =2" (2) 
AN (3) 


The CAPACITY DIMENSION is therefore 


lin Na ; In(4”) 
decap = im Inn — ase In(2-™) 
In 4 2 In 2 
In 2 In 2 ( ) 


Theorem 1801 
so the tetrix has an INTEGRAL CAPACITY DIMENSION 
(albeit one less than the DIMENSION of the 3-D TETRA- 
HEDRA from which it is built), despite the fact that it is 
a FRACTAL. 


The following illustration demonstrates how this coun- 
terintuitive fact can be true by showing three stages of 
the rotation of a tetrix, viewed along one of its edges. 
In the last frame, the tetrix “looks” like the 2-D PLANE. 


see also MENGER SPONGE, SIERPIŃSKI SIEVE 
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Tetromino 


J PF fb EH 


The five 4-POLYOMINOES, known as STRAIGHT, L-, T-, 
SQUARE, and SKEW. | 
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Thales’ Theorem 


An ANGLE inscribed in a SEMICIRCLE is a RIGHT AN- 
GLE. 


see also RIGHT ANGLE, SEMICIRCLE 


Theorem 

A statement which can be demonstrated to be true by 
accepted mathematical operations and arguments. In 
general, a theorem is an embodiment of some general 
principle that makes it part of a larger theory. 


According to the Nobel Prize-winning physicist Richard 
Feynman (1985), any theorem, no matter how diffi- 
cult to prove in the first place, is viewed as “TRIVIAL” 


1802 Theorema Egregium 


by mathematicians once it has been proven. There- 
fore, there are exactly two types of mathematical ob- 
jects: TRIVIAL ones, and those which have not yet been 
proven. | 

see also AXIOM, AXIOMATIC SYSTEM, COROLLARY, 
DEEP THEOREM, PORISM, LEMMA, POSTULATE, PRIN- 
CIPLE, PROPOSITION 
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Theorema Egregium 
see GAUSS’S THEOREMA EGREGIUM 


Theta Function 

The theta functions are the elliptic analogs of the Ex- 
PONENTIAL FUNCTION, and may be used to express the 
JACOBI ELLIPTIC FUNCTIONS. Let t be a constant COM- 
PLEX NUMBER with S[t] > 0. Define the NOME 


g= pit — ERE) (1) 
where K'(k) 
t ~" K(k)? (2) 


and K(k) is a complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND, k is the MODULUS, and k’ is the comple- 
mentary MODULUS. Then the theta functions are, in 
the NOTATION of Whittaker and Watson, 


d(2 9) = 2 Y ye sin((2n +1)2] 


n=0 
oO 


= zq!” S (yan sin[(2n + 1)z] (3) 


n=0 


2 2 
dalz g) =2 X gC cos[(2n + 1)z] 
n=0 


= 20t Sa") O 


n=0 


03(z,q)=1+2 y ga cos(2nz) (5) 


n=1 


Oo 


n_n? 2niz 
Baz) = AENA 


n= — 0090 


1+2 D cos(2nz). (6) 


Written in terms of t, 


= 2 

dat) = Y get? sta (7) 
~ 2 

dalta) = Y ge”. (8) 


n=— 00 


Theta Function 


These functions are sometimes denoted ©; or 6;, and a 
number of indexing conventions have been used. For a 
summary of these notations, see Whittaker and Watson 
(1990). The theta functions are quasidoubly periodic, 
as illustrated in the following table. 


D(z +n)/0i(z) (RIMA 


vı —1 -N 
V2 —1 N 
v3 1 N 
Da 1 -N 


N=q se. (9) 


Here, 


The quasiperiodicity can be established as follows for 
the specific case of Ya, 


oO 
2 . . 
Ba(z 4 T, q) — 5 | (—1)"q" elni o nir 


= Y Cpg e a(z) (10) 
Valz + Tt, q) — Y (—1)"g" e?it ani 

= Y (—1)"q” Pre? 

_ q le? y (HL) th git)? gaiz 

— ate? y (—1)"q” gar 

= O 0) (11) 


The theta functions can be written in terms of each 
other: 


O1(z,q) = ie" grlz+ int, q) (12) 
Da(z,q) = D(z + 37,9) (13) 
Valz, q) = Valz + 37,9). (14) 


Any theta function of given arguments can be expressed 
in terms of any other two theta functions with the same 
arguments. 


Pp 


bo AO oO 


0.20.40.60.8 1 


10 
8 


8 
6 
4 
2 


6 
4 
2 


-1 -0.5 0.5 1 -1 -0.5 0.5 1 


Theta Function 


Define 
9; = 0i(z = 0), (15) 


which are plotted above. Then we have the identities 


91 (z)04? = 037 (2)02* — 92* (2)03* (16) 
9 (z) 04" = Da (z) 92" _ 017 (z)03" (17) 
V3 (204 = 94 (z)03* — 91 (2)02* (18) 
Va (2)04* = 037 (2)93* — 92 (z) 00". (19) 


Taking z = 0 in the last gives the special case 
Vat = Dt — Bo". (20) 


In addition, 


Va (z) = Ss 


Nn— — OO 


L? =14+20+ 20 +20 +... (21) 


2 T gp? 5 7 
y = Í + 4| — — — — —— +... 
s (2) + (; l—z 1 — gz? 1 — 25 ar + ) 


(22) 

2g? 323 4q* 

Pa (2) + Ie lie 1— a 1+ 2x4 
(23) 


The theta functions obey addition rules such as 


93(z + y)0s (2 — y)03? = 03 (y)03 (2) + 91 (y) 91 (2). 
Letting y = z gives a duplication FORMULA 22 

Va (22793? = 93 (2) + 91*(2). (25) 
For more addition FORMULAS, see Whittaker and Wat- 


son (1990, pp. 487-488). Ratios of theta function deriva- 
tives to the functions themselves have the simple forms 


aa = = cotz +4 re 1, sin(2nz) (26) 
A ah St 
(27) 
a Er Eno 
> ei 
E y so (29) 


Theta Function 1803 


The theta functions can be expressed as products in- 
stead of sums by 


vı (z) = 2Gq'4 sinz Tle — 2q°" cos(2z) + q*”] (30) 
n=1 
Va (2) =2Gg*”* cos z Tle + 2q°” cos(2z) + q*”](31) 
n=1 
%a(2) =G [Ju + 2q?"—* cos(22) + q?” *] (32) 
n=1 
Va(2) =G Tle — 2q?"~* cos(2z) + q*”~”], (33) 
n=1 
where sc 
G= Ie - g”) (34) 


(Whittaker and Watson 1990, pp. 469-470). 


The theta functions satisfy the PARTIAL DIFFERENTIAL 


EQUATION > | 
y , Oy 
mi + =~ =), 35 
Moa Tor (35) 
where y = 9;(2|t). Ratios of the theta functions with 94 
in the DENOMINATOR also satisfy differential equations 


a [o] _ , 2 do(2)0a(2) 
4 | e] = p O (36) 
d |2(z) 2 U1(2)03(2) 
de el E 67 
d | 93(z)) _ _ g 201(2)02(2) 
dz Ba — IO (38) 
Some additional remarkable identities are 
vy = Vaa Va (39) 


ba (z, t) = (it) e7 "tg, (2,5) » (40) 


t t 


which were discovered by Poisson in 1827 and are equiv- 
alent to | 


oo 


oO 
y otla+ny? _ ¿7 y” 2rikx—(m?k? /t) 
€ = vZ 2 . (41) 


n= = 00 k=—oo 


Another amazing identity is 


20113 (-b4+c+d+e)]92[3(b—c+d+e)]93[5(0+c-d+e)] 
xd [3(b+ ¢ +d —e)] = 03(b)94(c)01(d)92(e) 
+82 (b)01 (c)04(4)03(e) — 91 (0)92(c)03(d)Va(e) 
+04(b)93(c)92(d)91(e) (42) 


(Whittaker and Watson 1990, p. 469). 


1804 Theta Function 


The complete ELLIPTIC INTEGRALS OF THE FIRST and 
SECOND KINDS can be expressed using theta functions. 
Let 


(43) 


and plug into (36) 


($) = (02? — €7937)(937 — ED). (44) 


dz 
Now write 3 
3 
— = 4 
qa Y (45) 
and 
203? = u. (46) 
Then , 
dy 2 2 2 
X=) =(1- 1—k 47 
(Z) =a-v)0-#y’), (47) 
where the MODULUS is defined by 
92" (q) 
k=k(q) = 48 
Define also the complementary MODULUS 
2 
k = k'(q) = HE) 49 
Now, since 
Oo" + 04° = 03°, (50) 
we have shown 
k? +k?” = 1. (51) 
The solution to the equation is 
-2 
— 2s lud O — salu, k), (52) 


= Bo valud lt) 
which is a JACOBI ELLIPTIC FUNCTION with periods 
4K (k) = 2793” (q) (53) 


and 
2¿K'(k) = nts” (q). (54) 


Here, K is the complete ELLIPTIC INTEGRAL OF THE 
FIRST KIND, 
K(k) = ¿m0s* (q). (55) 


see also BLECKSMITH-BRILLHART-GERST THEOREM, 
ELLIPTIC FUNCTION, ETA FUNCTION, EULER’S PEN- 
TAGONAL NUMBER THEOREM, JACOBI ELLIPTIC FUNC- 
TIONS, JACOBI TRIPLE PRODUCT, LANDEN’S FOR- 
MULA, Mock THETA FUNCTION, MODULAR EQUATION, 
MODULAR TRANSFORMATION, MORDELL INTEGRAL, 
NEVILLE THETA FUNCTION, NOME, POINCARÉ-FUCHS- 
KLEIN AUTOMORPHIC FUNCTION, PRIME THETA 


Third Curvature 


FUNCTION, QUINTUPLE PRODUCT IDENTITY, RAMANU- 
JAN THETA FUNCTIONS, SCHROTER’S FORMULA, WE- 
BER FUNCTIONS 
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Theta Operator 
In the NOTATION of Watson (1966), 


v= 27. 
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Theta Subgroup 
see LAMBDA GROUP 


Thiele’s Interpolation Formula 
Let p be a RECIPROCAL DIFFERENCE. Then Thiele’s 
interpolation formula is the CONTINUED FRACTION 


T — Ti TtT — T2 
g) = f(z) + -s —_ E A IA 
A ) Fl 1) p(#1,22)+ p2(£1, £2, £3) — f(u1)+ 
£ — T3 
ps (£1, £2, £3, %4) — p(z1, £2) +... 
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Thiessen Polytope 
see VORONOI POLYGON 


Third Curvature 


Also known as the TOTAL CURVATURE. The linear ele- 
ment of the INDICATRIX 


dsp = y dsr? + dsp’. 


see also LANCRET EQUATION 


all about crystal sets 


The model shown uses a plastic variable tuning capacitor, 
but an air type capacitor can be used for Cl instead. 
Make a metal bracket approximately 1-inch wide by 1 
1/4-inch high and a 1/2-inch right angle mounting foot 
from sheet aluminum, Drill a hole in the top of the 
bracket to fit Ci and two holes in the mounting foot to 
fit small machine screws. Locate the components on the 
baseboard as shown in the illustration and then drill 
mounting holes. If you have a cardboard or plastic 
mounting supplied with ferrite coil L1, you can mount it 
on the baseboard. If not, L1 can be taped loosely on top 
of the baseboard. Th ferrite coil Li in our crystal set 
was obtained from an old radio. Install the components on 
the board with solder lugs, machine screws, and nuts. 


WIRING 


Connect the parts with hookup wire as shown in the 
illustration. Use the schematic diagram as a guide. Make 
sure that the ground lead from Li secondary passes inside 
the primary coil. Also check that the primary coil slides 
freely over the L1 winding. Install a knob on the Cl 
shaft, and mark the terminal designations on the 
baseboard. 


Experiment 1 

Hookup the antenna, ground and 2000-ohm headphones to the 
crystal set terminals. Slide the primary coil over the 
center of the Li winding. Tune (Cl for radio stations. 
Then slide the primary coil towards the ground end of L1 
while tuning Cl. Note the difference in selectivity. 
Experiment 2 


Change the number of turns of the primary winding and 
repeat Experiment 1. 
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Thirteenth 


Thirteenth 
see FRIDAY THE THIRTEENTH 


Thom’s Eggs 


EGG-shaped curves constructed using multiple CIRCLES 
which Thom (1967) used to model Megalithic stone rings 
in Britain. 

see also EGG, OVAL 
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Thomae’s Theorem 


Mr+y+w8+1) —a, =b + y+s+l,, 
M2+s+1)M(y+s +1) "A et+stiyts+1! 


_ Pla + b + s +1) (2 ve+b+s+1,, 
Tiats+i)P(b+s+1)° "A a+s+lb4+s41 °}? 


where T'(2) is the GAMMA FUNCTION and the function 
3 F2(a, b,c; d,e; z) is a GENERALIZED HYPERGEOMETRIC 
FUNCTION. 


see also GENERALIZED HYPERGEOMETRIC FUNCTION 
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Thomassen Graph 


The GRAPH illustrated above. 
see also THOMSEN GRAPH 


Thompson’s Functions 
see BEI, BER, KELVIN FUNCTIONS 


Thomson Problem 1805 


Thompson Group 
The SPORADIC GROUP Th. 
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Thomsen’s Figure 


Take any TRIANGLE with VERTICES A, B, and C. Pick 
a point A, on the side opposite A, and draw a line PAR- 
ALLEL to AB. Upon reaching the side AC at Bı, draw 
the line PARALLEL to BC. Continue (left figure). Then 
A3 = Ai for any TRIANGLE. If A; is the MIDPOINT of 
BC, then Az = Ax (right figure). 


see also MIDPOINT, TRIANGLE 
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Thomsen Graph 

The COMPLETE BIPARTITE GRAPH K33, which is 
equivalent to the UTILITY GRAPH. It has a CROSSING 
NUMBER 1. 


see also COMPLETE BIPARTITE GRAPH, CROSSING 
NUMBER (GRAPH), THOMASSEN GRAPH, UTILITY 
GRAPH 


Thomson Lamp Paradox 

A lamp is turned on for 1/2 minute, off for 1/4 minute, 
on for 1/8 minute, etc. At the end of one minute, the 
lamp switch will have been moved No times, where No is 
ALEPH-0. Will the lamp be on or off? This PARADOX 
is actually nonsensical, since it is equivalent to asking if 
the “last” INTEGER is EVEN or ODD. 
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Thomson’s Principle 
see DIRICHLET’S PRINCIPLE 


Thomson Problem 

Determine the stable equilibrium positions of N clas- 
sical electrons constrained to move on the surface of a 
SPHERE and repelling each other by an inverse square 
law. Exact solutions for N = 2 to 8 are known, but 
N =9 and 11 are still unknown. 


1806 Thousand 


In reality, Earnshaw’s theorem guarantees that no sys- 
tem of discrete electric charges can be held in stable 
equilibrium under the influence of their electrical inter- 
action alone (Aspden 1987). 


see also FEJES TOTH’S PROBLEM 
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Thousand 

1,000 = 10%. The word “thousand” appears in com- 
mon expressions in a number of languages, for example, 
“a thousand pardons” in English and “tusen takk” (“a 
thousand thanks”) in Norwegian. 


see also HUNDRED, LARGE NUMBER, MILLION 


Three 


see 3 


Three-Colorable 
see COLORABLE 


Three-In-A-Row 
see Tic-TAc-TOE 


Three Jug Problem 

Given three jugs with z pints in the first, y in the second, 
and z in the third, obtain a desired amount in one of the 
vessels by completely filling up and/or emptying vessels 
into others. This problem can be solved with the aid of 
TRILINEAR COORDINATES. 
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Thue-Morse Constant 


Three-Valued Logic 

A logical structure which does not assume the Ex- 
CLUDED MIDDLE LAW. Three possible truth values are 
possible: true, false, or undecided. There are 3072 such 
logics. 


see also EXCLUDED MIDDLE LAw, Fuzzy LOGIC, LOGIC 


Threefoil Knot 
see TREFOIL KNOT 


Thue Constant 
The base-2 TRANSCENDENTAL NUMBER 


0.11011011111011011111...2, 


where the nth bit is 1 if n is not divisible by 3 and is 
the complement of the (n/3)th bit if n is divisible by 3. 
It is also given by the SUBSTITUTION MAP 


0 — 111 
1> 110. 


In decimal, the Thue constant equals 0.8590997969.... 
see also RABBIT CONSTANT, THUE-MORSE CONSTANT 


References 


Thue-Morse Constant 
The constant also called the PARITY CONSTANT and 
defined by 


P=} X P(n)2"" =0.4124540336401075977... (1) 


n=0 


(Sloane's A014571), where P(n) is the PARITY of n. 
Dekking (1977) proved that the Thue-Morse constant 
is TRANSCENDENTAL, and Allouche and Shallit give a 
complete proof correcting a minor error of Dekking. 


The Thue-Morse constant can be written in base 2 by 
stages by taking the previous iteration an, taking the 
complement a,, and appending, producing 


ao = 0.02 

a; = 0.012 

az = 0.01102 

ag = 0.01101001.2 

a4 = 0.01101001100101102. (2) 


This can be written symbolically as 
Qn+1 = Un + an ‘ al (3) 


with aọ = 0. Here, the complement is the number a, 
such that an + an = 0.11...2, which can be found from 


am 


ae CS hoe (4) 


y łŁ 
k=1 2 


Thue-Morse Sequence 


Therefore, 5 
relsi n (5) 


and a : 
tanie +(1—2°" <anj2*. (6) 


The regular CONTINUED FRACTION for the Thue-Morse 
constant is [0222143521421544141241 
115141501551114214143141213161 
21215012 4241252111552 2251141 1274 
3521114141415 15472122121150141 
2 867374111551161272 1650 23311125 
3 84 1 1 1 1284 ...] (Sloane’s A014572), and seems to 
continue with sporadic large terms in suspicious-looking 
patterns. A nonregular CONTINUED FRACTION is 


Pes H a 


A related infinite product is 


1-3- 15-255- 65535 --- 
= 2 = >___ _— 
2.4-16- 256 - 65536--- (8) 


The SEQUENCE Gx = 0110100110010110100101100... 
(Sloane’s A010060) is known as the THUE-MORSE SE- 
QUENCE. 


see also RABBIT CONSTANT, THUE CONSTANT 
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Thue-Morse Sequence 
The INTEGER SEQUENCE (also called the MORSE-THUE 
SEQUENCE) 


01101001100101101001011001101001... (1) 


(Sloane’s A010060) which arises in the THUE-MORSE 
CONSTANT. It can be generated from the SUBSTITUTION 
MAP 


0 > 01 (2) 
1-5 10 (3) 


Thue-Morse Sequence 1807 
starting with 0 as follows: 
0 — 01 > 0110 > 01101001 > .... (4) 


Writing the sequence as a POWER SERIES over the GA- 
LOIS FIELD GF(2), 


F(x) =0+ 1g + 12 +00 410% +..., (5) 


then F satisfies the quadratic equation 


T 


1 y = 
di ia 1+ z? 


(mod 2). (6) 


This equation has two solutions, F and F’, where F” is 
the complement of F, i.e., 


F+F=1l4+ed¢e'?+e?+...= pm 


which is consistent with the formula for the sum of the 
roots of a quadratic. The equality (6) can be demon- 
strated as follows. Let (abcdef...) be a shorthand for 
the POWER series 


a+ br + cer? + dr? +... (8) 


so F(x) is (0110100110010110...). To get F”, simply 
use the rule for squaring POWER SERIES over GF (2) 


(A+ BY = A? + B? (mod 2), (9) 


which extends to the simple rule for squaring a POWER 
SERIES 


(ao+ais+azr? +. : Oe = ao tair +a2x*+. bs (mod 2), 

(10) 
i.e., space the series out by a factor of 2, (0110100 
1 ...), and insert zeros in the ODD places to get 


F? = (0010100010000010...). (11) 


Then multiply by x (which just adds a zero at the front) 
to get 
xF?’ = (00010100010000010...). (12) 


Adding to F? gives 
(1+2)F? = (0011110011000011...). (13) 


This is the first term of the quadratic equation, which 
is the Thue-Morse sequence with each term doubled up. 
The next term is F, so we have 


(1+2)F? = (0011110011000011...) (14) 


F = (0110100110010110...). (15) 


1808 Thue Sequence 


The sum is the above two sequences XORed together 
(there are no CARRIES because we're working over 
GF(2)), giving 


(1+2)F? + F = (0101010101010101...). (16) 


We therefore have 


T 
1+ 2x? 
=g +r? pr +r +r? +a +... (mod 2). (17) 


(l+a)F°+F= 


The Thue-Morse sequence is an example of a cube- 
free sequence on two symbols (Morse and Hedlund 
1944), i.e., it contains no substrings of the form WWW, 
where W is any WORD. For example, it does not con- 
tain the WoRrps 000, 010101 or 010010010. In fact, 
the following stronger statement is true: the Thue- 
Morse sequence does not contain any substrings of the 
form WWa, where a is the first symbol of W. We 
can obtain a SQUAREFREE sequence on three sym- 
bols by doing the following: take the Thue-Morse se- 
quence 0110100110010110... and look at the sequence 
of WORDS of length 2 that appear: 01 11 10 01 10 00 
01 11 10 .... Replace 01 by 0, 10 by 1, 00 by 2 and 
11 by 2 to get the following: 021012021.... Then this 
SEQUENCE is SQUAREFREE (Morse and Hedlund 1944). 


The Thue-Morse sequence has important connections 
with the GRAY CODE. Kindermann generates fractal 
music using the SELF-SIMILARITY of the Thue-Morse 
sequence. 


see also GRAY CODE, PARITY CONSTANT, RABBIT SE- 
QUENCE, THUE SEQUENCE 
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Thue Sequence 

The SEQUENCE of BINARY DIGITS of the THUE CON- 
STANT, 0.110110111110110111110110110...> (Sloane’s 
A014578). 


see also RABBIT CONSTANT, THUE CONSTANT 
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Thurston’s Geometrization Conjecture 


Thue-Siegel-Roth Theorem 

If œ is a TRANSCENDENTAL NUMBER, it can be approx- 
imated by infinitely many RATIONAL NUMBERS m/n to 
within n `”, where r is any POSITIVE number. 


see also LIOUVILLE’S RATIONAL APPROXIMATION THE- 
OREM, LIOUVILLE-ROTH CONSTANT, ROTH’S THEO- 
REM 


Thue-Siegel-Schneider-Roth Theorem 
see THUE-SIEGEL-ROTH THEOREM 


Thue’s Theorem 

If n > 1, (a,n) = 1 (i.e., a and.n are RELATIVELY 
PRIME), and m is the least integer > yn, then there 
exist an x and y such that 


ay = +z (mod n) 


where 0<x<mand0<y<m. 
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Thurston’s Geometrization Conjecture 
Thurston’s conjecture has to do with geometric struc- 
tures on 3-D MANIFOLDS. Before stating Thurston’s 
conjecture, some background information is useful. 3- 
dimensional MANIFOLDS possess what is known as a 
standard 2-level DECOMPOSITION. First, there is the 
CONNECTED SUM DECOMPOSITION, which says that ev- 
ery COMPACT 3-MANIFOLD is the CONNECTED SUM of 
a unique collection of PRIME 3-MANIFOLDS. 


The second DECOMPOSITION is the JACO-SHALEN- 
JOHANNSON TORUS DECOMPOSITION, which states that 
irreducible orientable COMPACT 3-MANIFOLDS have a 
canonical (up to ISOTOPY) minimal collection of dis- 
jointly EMBEDDED incompressible TORI such that each 
component of the 3-MANIFOLD removed by the TORI is 
either “atoroidal” or “Seifert-fibered.” 


Thurston’s conjecture is that, after you split a 3- 
MANIFOLD into its CONNECTED SUM and then JACO- 
SHALEN-JOHANNSON TORUS DECOMPOSITION, the re- 
maining components each admit exactly one of the fol- 
lowing geometries: 


1. EUCLIDEAN GEOMETRY, 

. HYPERBOLIC GEOMETRY, 
SPHERICAL GEOMETRY, 
the GEOMETRY of S? x R, 
. the GEOMETRY of H? x R, 
the GEOMETRY of SIR, 
NIL GEOMETRY, or 


O NOT Rw 


SOL GEOMETRY. 


Thwaites Conjecture 


Here, S? is the 2-SPHERE and H? is the HYPERBOLIC 
PLANE. If Thurston's conjecture is true, the truth of 
the POINCARE CONJECTURE immediately follows. 


see also CONNECTED SUM DECOMPOSITION, EUCLID- 
EAN GEOMETRY, HYPERBOLIC GEOMETRY, JACO- 
SHALEN- JOHANNSON TORUS DECOMPOSITION, NIL GE- 
OMETRY, POINCARE CONJECTURE, SOL GEOMETRY, 
SPHERICAL GEOMETRY 


Thwaites Conjecture 
see COLLATZ PROBLEM 


Tic-Tac-Toe 

The usual game of tic-tac-toe (also called TICKTACK- 
TOE) is 3-in-a-row on a 3 x 3 board. However, a gen- 
eralized n-IN-A-ROW on an n x m board can also be 
considered. For n = 1 and 2 the first player can always 
win. If the board is at least 3 x 4, the first player can 
win for n = 3. 


However, for Tic-TAC-TOE which uses a 3 x 3 board, 
a draw can always be obtained. If the board is at least 
4 x 30, the first player can win for n = 4. Forn =5, a 
draw can always be obtained on a 5 x 5 board, but the 
first player can win if the board is at least 15 x 15. The 
cases n = 6 and 7 have not yet been fully analyzed for 
an n x n board, although draws can always be forced 
for n = 8 and 9. On an œ x œ board, the first player 
can win for n = 1, 2, 3, and 4, but a tie can always be 
forced for n > 8. For 3 x 3 x 3 and 4 x 4 x 4, the first 
player can always win (Gardner 1979). 


see also PONG HAU K’I 
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Ticktacktoe 
see TIC-TAC-TOE 


Tight Closure 

The application of characteristic p methods in COMMU- 
TATIVE ALGEBRA, which is a synthesis of some areas of 
COMMUTATIVE ALGEBRA and ALGEBRAIC GEOMETRY. 


see also ALGEBRAIC GEOMETRY, COMMUTATIVE ALGE- 
BRA 
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Tightly Embedded 

Q is said to be tightly embedded if |Q N Q%| is ODD for 
all g € G— Na(Q), where Ne(Q) is the NORMALIZER 
of Q in G. 


Tiling 

A plane-filling arrangement of plane figures or its gener- 
alization to higher dimensions. Formally, a tiling is a col- 
lection of disjoint open sets, the closures of which cover 
the plane. Given a single tile, the so-called first CORONA 
is the set of all tiles that have a common boundary point 
with the tile (including the original tile itself). 


WANG’S CONJECTURE (1961) stated that if a set of tiles 
tiled the plane, then they could always be arranged to 
do so periodically. A periodic tiling of the PLANE by 
POLYGONS or SPACE by POLYHEDRA is called a TES- 
SELLATION. The conjecture was refuted in 1966 when 
R. Berger showed that an aperiodic set of 20,426 tiles 
exists. By 1971, R. Robinson had reduced the num- 
ber to six and, in 1974, R. Penrose discovered an aperi- 
odic set (when color-matching rules are included) of two 
tiles: the so-called PENROSE TILES. (Penrose also sued 
the Kimberly Clark Corporation over their quilted toi- 
let paper, which allegedly resembles a Penrose aperiodic 
tiling; Mirsky 1997.) 


It is not known if there is a single aperiodic tile. 


3 any 
4 any 
5 14 
3 


The number of tilings possible for convex irregular 
POLYGONS are given in the above table. Any TRIAN- 
GLE or convex QUADRILATERAL tiles the plane. There 
are at least 14 classes of convex PENTAGONAL tilings. 
There are at least three aperiodic tilings of HEXAGONS, 
given by the following types: 


A+B+C = 360° 
A+ B + D = 360° 
A=C=E 


a=d,c=e (1) 
(Gardner 1988). Note that the periodic hexagonal TES- 
SELLATION is a degenerate case of all three tilings with 


A=B=C=D=Bb=F a=Sb=c=d=es=]. 
(2) 


1810 Tiling Theorem 


There are no tilings for convex n-gons for n > 7. 


see also ANISOHEDRAL TILING, CORONA (TILING), 
GOSPER ISLAND, HEESCH’S PROBLEM, ISOHEDRAL 
TILING, KOCH SNOWFLAKE, MONOHEDRAL TILING, 
PENROSE TILES, POLYOMINO TILING, SPACE-FILLING 
POLYHEDRON, TILING THEOREM, TRIANGLE ‘TILING 
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Tiling Theorem 

Due to Lebesgue and Brouwer. If an n-D figure is cov- 
ered in any way by sufficiently small subregions, then 
there will exist points which belong to at least n + 1 of 
these subareas. Moreover, it is always possible to find a 
covering by arbitrarily small regions for which no point 
will belong to more than n + 1 regions. 


see also TESSELLATION, TILING 


Times 

The operation of MULTIPLICATION, i.e., a times b. Vari- 
ous notations are a x b, a-b, ab, and (a)(b). The “multi- 
plication sign” x is based on SAINT ANDREW’S C..OSS 
(Bergamini 1969). Floating point MULTIPLICATION is 
sometimes denoted ©. 


see also Cross PRODUCT, DoT PRODUCT, MINUS, 
MULTIPLICATION, PLUS, PRODUCT 
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Toeplitz Matrix 


Tit-for-Tat 

A strategy for the iterated PRISONER’S DILEMMA in 
which a prisoner cooperates on the first move, and there- 
after copies the previous move of the other prisoner. Any 
better strategy has more complicated rules. 


see also PRISONER’S DILEMMA 
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Titanic Prime 

A PRIME with > 1000 DiGITS. As of 1990, there were 
more than 1400 known (Ribenboim 1990). The table 
below gives the number of known titanic primes as a 
function of year end. 


Year Titanic Primes 


1992 2254 
1993 9166 
1994 9779 
1995 12391 
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Titchmarsh Theorem 

If f(w) is SQUARE INTEGRABLE over the REAL w axis, 

then any one of the following implies the other two: 

1. The FOURIER TRANSFORM of f(w) is 0 for t < 0. 

2. Replacing w by z, the function f(z) is analytic in 
the COMPLEX PLANE z for y > O and approaches 
f(z) almost everywhere as y > 0. Furthermore, 
E. |[f(2+iy)ó de < k for some number k and y > 0 
(i.e., the integral is bounded). 


3. The REAL and IMAGINARY PARTS of f(z) are 
HILBERT TRANSFORMS of each other. 


Tits Group 
A finite SIMPLE GROUP which is a SUBGROUP of the 
TWISTED CHEVALLEY GROUP 7 F4(2). 


Toeplitz Matrix 


Given 2N — 1 numbers rk where k = -N+1,..., —1, 
0,1,..., N — 1, a MATRIX of the form 

TO T1 T2 T-n+1 

rı ro — T-n+2 


Tn-1 Tn—2 Tn-3 5" TO 


Togliatti Surface 


is called a Toeplitz matrix. MATRIX equations of the 


form 
N 


> Tigh; = Yi 


j=l 
can be solved with O(N?) operations. 


see also VANDERMONDE MATRIX 
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Togliatti Surface 

Togliatti (1940, 1949) showed that QUINTIC SURFACES 
having 31 ORDINARY DOUBLE POINTS exist, although 
he did not explicitly derive equations for such sur- 
faces. Beauville (1978) subsequently proved that 31 dou- 
ble points are the maximum possible, and quintic sur- 
faces having 31 ORDINARY DOUBLE POINTS are there- 
fore sometimes called Togliatti surfaces. van Straten 
(1993) subsequently constructed a 3-D family of solu- 
tions and in 1994, Barth derived the example known as 
the DERVISH. 


see also DERVISH, ORDINARY DOUBLE POINT, QUINTIC 
SURFACE 
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Tomography 

Tomography is the study of the reconstruction of 2- and 
3-dimensional objects from 1-dimensional slices. The 
RADON TRANSFORM is an important tool in tomogra- 


phy. 


Rather surprisingly, there exist certain sets of four direc- 
tions in Euclidean n-space such that X-rays of a convex 
body in these directions distinguish it from all other 
convex bodies. 


see also ALEKSANDROV’S UNIQUENESS ‘THEOREM, 
BRUNN-MINKOWSKI INEQUALITY, BUSEMANN-PETTY 
PROBLEM, DVORETZKY’S THEOREM, RADON TRANS- 
FORM, STEREOLOGY 
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Tooth Surface 


The QUARTIC SURFACE given by the equation 
ety? +24 — (2? +y +27) =0. 
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Topological Basis 

A topological basis is a SUBSET B of a SET T' in which 
all other OPEN SETS can be written as UNIONS or finite 
INTERSECTIONS of B. For the REAL NUMBERS, the SET 
of all OPEN INTERVALS is a basis. 


Topological Completion 

The topological completion C of a FIELD F with respect 
to the ABSOLUTE VALUE |- | is the smallest FIELD con- 
taining F for which all CAUCHY SEQUENCES or rationals 
converge. 
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Topologically Conjugate 

Two MAPS ġ, Y : M — M are said to be topologically 
conjugate if there EXISTS a HOMEOMORPHISM h: M => 
M such that poh = hoy, i.e., h maps y-orbits onto 
g-orbits. Two maps which are topologically conjugate 
cannot be distinguished topologically. 

see also ANOSOV DIFFEOMORPHISM, STRUCTURALLY 
STABLE 


Topological Dimension 
see LEBESGUE COVERING DIMENSION 


Topological Entropy 
The topological entropy of a MAP M is defined as 


hr(M) = sup h(M,{W:}), 


where {W;} is a partition of a bounded region W con- 
taining a probability measure which is invariant under 
M, and sup is the SUPREMUM. 
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1812 Topological Groupoid 


Topological Groupoid 

A topological groupoid over B is a GROUPOID G such 
that B and G are TOPOLOGICAL SPACES and a, 6, and 
multiplication are continuous maps. Here, œ and ĝ are 
maps from G onto R° with a : (2,y,y) > z and £ : 


(x,y, yY) => y. 
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Topological Manifold 

A TOPOLOGICAL SPACE M satisfying some separability 
(i.e., it is a HAUSDORFF SPACE) and countability (i.e., it 
is a PARACOMPACT SPACE) conditions such that every 
point p € M has a NEIGHBORHOOD homeomorphic to 
an OPEN SET in R” for some n > 0. Every SMOOTH 
MANIFOLD is a topological manifold, but not necessarily 
vice versa. The first nonsmooth topological manifold 
occurs in 4-D. 


Nonparacompact manifolds are of little use in math- 
ematics, but non-Hausdorff manifolds do occasionally 
arise in research (Hawking and Ellis 1975). For man- 
ifolds, Hausdorff and second countable are equivalent 
to Hausdorff and paracompact, and both are equiva- 
lent to the manifold being embeddable in some large- 
dimensional Euclidean space. 


see also HAUSDORFF SPACE, MANIFOLD, PARACOM- 
PACT SPACE, SMOOTH MANIFOLD, TOPOLOGICAL 
SPACE 
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Topological Space 
A SET X for which a TOPOLOGY T has been specified 
is called a topological space (Munkres 1975, p. 76). 


see also KURATOWSKI'S CLOSURE-COMPONENT PROB- 
LEM, OPEN SET, TOPOLOGICAL VECTOR SPACE 
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Topological Vector Space 
A TOPOLOGICAL SPACE such that the two algebraic op- 
erations of VECTOR SPACE are continuous in the topol- 


ogy. 
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Topology 


Topologically Transitive 

A FUNCTION f is topologically transitive if, given any 
two intervals U and V, there is some POSITIVE INTEGER 
k such that f*(U) NV = Y. Vaguely, this means that 
neighborhoods of points eventually get flung out to “big” 
sets so that they don’t necessarily stick together in one 
localized clump. 


see also CHAOS 


Topology 

Topology is the mathematical study of properties of ob- 
jects which are preserved through deformations, twist- 
ings, and stretchings. (Tearing, however, is not allowed.) 
A CIRCLE is topologically equivalent to an ELLIPSE (into 
which it can be deformed by stretching) and a SPHERE 
is equivalent to an ELLIPSOID. Continuing along these 
lines, the SPACE of all positions of the minute hand on 
a clock is topologically equivalent to a CIRCLE (where 
SPACE of all positions means “the collection of all po- 
sitions”). Similarly, the SPACE of all positions of the 
minute and hour hands is equivalent to a TORUS. The 
SPACE of all positions of the hour, minute and second 
hands form a 4-D object that cannot be visualized quite 
as simply as the former objects since it cannot be placed 
in our 3-D world, although it can be visualized by other 
means. 


There is more to topology, though. Topology began with 
the study of curves, surfaces, and other objects in the 
plane and 3-space. One of the central ideas in topology 
is that spatial objects like CIRCLES and SPHERES can 
be treated as objects in their own right, and knowledge 
of objects is independent of how they are “represented” 
or “embedded” in space. For example, the statement 
“if you remove a point from a CIRCLE, you get a line 
segment” applies just as well to the CIRCLE as to an 
ELLIPSE, and even to tangled or knotted CIRCLES, since 
the statement involves only topological properties. 


Topology has to do with the study of spatial objects 
such as curves, surfaces, the space we call our universe, 
the space-time of general relativity, fractals, knots, man- 
ifolds (objects with some of the same basic spatial prop- 
erties as our universe), phase spaces that are encoun- 
tered in physics (such as the space of hand-positions of 
a clock), symmetry groups like the collection of ways of 
rotating a top, etc. 


The “objects” of topology are often formally defined as 
TOPOLOGICAL SPACES. If two objects have the same 
topological properties, they are said to be HOMEOMOR- 
PHIC (although, strictly speaking, properties that are 
not destroyed by stretching and distorting an object are 
really properties preserved by ISOTOPY, not HOMEO- 
MORPHISM; ISOTOPY has to do with distorting embed- 
ded objects, while HOMEOMORPHISM is intrinsic). 


Topology is divided into ALGEBRAIC TOPOLOGY (also 
called COMBINATORIAL TOPOLOGY), DIFFERENTIAL 
TOPOLOGY, and LOW-DIMENSIONAL TOPOLOGY. 


Topology 


There is also a formal definition for a topology defined in 
terms of set operations. A SET X along with a collection 
T of SUBSETS of it is said to be a topology if the SUBSETS 
in T obey the following properties: 


1. The (trivial) subsets X and the EMPTY SET Ø are 
in T. 
2. Whenever sets A and B are in T, then so is AN B. 


3. Whenever two or more sets are in T', then so is their 
UNION 


(Bishop and Goldberg 1980). 


A SET X for which a topology T has been specified 
is called a TOPOLOGICAL SPACE (Munkres 1975, p. 76). 
For example, the SET X = (0, 1, 2, 3) together with the 
SUBSETS T = {0}, {1, 2, 3}, 9, (0, 1, 2, 3}} comprises 
a topology, and X is a TOPOLOGICAL SPACE. 


Topologies can be built up from TOPOLOGICAL BASES. 
For the REAL NUMBERS, the topology is the UNION of 
OPEN INTERVALS. 


see also ALGEBRAIC TOPOLOGY, DIFFERENTIAL To- 
POLOGY, GENUS, KLEIN BOTTLE, KURATOWSKI RE- 
DUCTION THEOREM, LEFSHETZ TRACE FORMULA, 
LOW-DIMENSIONAL TOPOLOGY, POINT-SET TOPOL- 
OGY, ZARISKI TOPOLOGY 
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Topos 
A CATEGORY modeled after the properties of the CAT- 
EGORY of sets. 


see also CATEGORY, LOGOS 
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Toric Variety 

Let m1, M2, ..., Mn be distinct primitive elements of 
a 2-D LATTICE M such that det(m;,m:+1) > 0 for i = 
1,..., n. Each collection D = {mi,mz,...,mn} then 
forms a set of rays of a unique complete fan in M, and 
therefore determines a 2-D toric variety Xr. 
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Torispherical Dome 


A torispherical dome is the surface obtained from the 
intersection of a SPHERICAL CAP with a tangent TORUS, 
as illustrated above. The radius of the sphere R is called 


1814 Torn Square Fractal 


’ and the radius of the torus is called 
the “knuckle radius.” ‘Torispherical domes are used to 
construct pressure vessels. 


the “crown radius,’ 


see also DOME, SPHERICAL CAP 


Torn Square Fractal 
see CESARO FRACTAL 


Toroid 


A SURFACE OF REVOLUTION obtained by rotating a 
closed PLANE CURVE about an axis parallel to the plane 
which does not intersect the curve. The simplest toroid 
is the TORUS. 

see also PAPPUS’S CENTROID THEOREM, SURFACE OF 
REVOLUTION, TORUS 


Toroidal Coordinates 


J 
ON 


Pat 


a | 


A system of CURVILINEAR COORDINATES for which sev- 
eral different notations are commonly used. In this work 
(u, v, @) is used, whereas Arfken (1970) uses (£, 7, p). 
The toroidal coordinates are defined by 


_ asinhucosg 1 
“= cosh v — cosu (1) 
_ asinhvsing 
cosh y — cos u 
asinu 


cosh v — cosu’ 


Toroidal Field 


where sinh z is the HYPERBOLIC SINE and cosh z is the 
HYPERBOLIC COSINE. The SCALE FACTORS are 


a 
hu = ———— 4 
cosh v — cos u ( ) 
a 
ho = — 5 
cosh v — cos u ( ) 
a sinh y 
hg = LM (6) 


cosh v — cosu 


The LAPLACIAN is 


2 = — 
vi a? Ou 


+ (cosh y — cos u)? a ( 
a? sinh v ðv 
(cosh v — cos u)? əf (7) 
a? sinh v Og? 
—3 cos coth? v + cosh v coth? v 


cosh v — cos u 


(cosh v — cosu)? 9 ( 1 2A 
cosh v — cos u Ou 
sinh v SL) 


cosh v — cos u Ov 


+3 cos? u coth v csch v — cos? ucsch? v \ 8? 
O¢? 


cosh v — cos u 


+(cos u — cosh v) sin ue + (cosh v — cos u)? 2 


ð ðu? 
+(coshv — cos u) (cosh v coth v — sinh v 
— cos u coth v) 2 + (cosh? y — cos u)? x (8) 
Ov ðv? 


The HELMHOLTZ DIFFERENTIAL EQUATION is not sepa- 
rable in toroidal coordinates, but LAPLACE’S EQUATION 
is. 

see also BISPHERICAL COORDINATES, LAPLACE’S 


EQUATION— TOROIDAL COORDINATES 
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Toroidal Field 

A VECTOR FIELD resembling a TORUS which is purely 
circular about the z-AXIS of a SPHERE (i.e., follows lines 
of LATITUDE). A toroidal field takes the form 


~ 86 


see also DIVERGENCELESS FIELD, POLOIDAL FIELD 
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simple projects 


Operating Tips 


After operating a crystal set for some time, you may 
notice a difference between day, evening, and night 
reception of radio stations. This is due to the two ways 
that radio signals travel between the transmitting 
antenna and a receiving antenna. 


(a) The ground wave; which moves along the surface of 
the earth. 

(b) The sky wave; which travels upward and is 
reflected by the ionosphere, 


The reception of broadcast stations is dependent upon the 
time of day. During daylight hours, stations are received 
primarily by ground wave transmission. At night, the 
broadcast stations will be received via sky wave 
transmission. Also, some radio stations change to a lower 
power at night. Reception in the evening may be more 
difficult as the fading ground wave is interfered with by 
reflected waves, But later, it may be possible to hear 
far-away stations transmitted by sky wave, 


Your geographical location to radio: stations is very 
important for reception, as a crystal set receiver does 
not amplifiy signals, It is entirely dependent upon the 
strength of the radio waves, If you are in a deep valley 
surrounded by high mountains, reception will be 
difficult. If you live in a flat plain, with no obstacles 
to radio transmission, reception may be very good, 


An outside antenna is necessary for for best reception, 
If possible, try erecting an extra antenna at a right 
angle to the original one, and switch it in to provide a 
directional effect for increased signal strength. Keeping 
a log of received stations for a week may be helpful in 
determining the radio reception conditions in your area. 
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Toroidal Function 


Toroidal Function 

A class of functions also called RING FUNCTIONS which 
appear in systems having toroidal symmetry. Toroidal 
functions can be expressed in terms of the LEGENDRE 
FUNCTIONS and SECOND KINDS (Abramowitz and Ste- 
gun 1972, p. 336): 


p* 


*_,jplcoshn) = [P(1 — 4) 2 (1 — e) eT F/I 


x 2Fi (4 — pMm3+v-pu1-2u431-e 7”) 


D(n +m + $)(sinh 7)” 
PP »(coshn) = — AAA 
1/2 Tin-m+ 29 /rT (m + 1) 
o (coshn + cos dsinhn)™+™+1/2 
QP _1/_(coshy) = [PL +)" Vre™"T(5 tv + y) 
x (1 MeN (Gm, 3 tet us +p; le”) 
_ (-1)"P(n+ 5) 
= T(n-m+ ?) 
x [7 cosh(mijdi 
9 (coshn + cosh tsinh n)”+!/? 


Qn-1/2 (cosh n) 


for n > m. Byerly (1959) identifies 


n/a Pm (coth xz) = csch *—“Teotha)* z)” 


as a TOROIDAL HARMONIC. 
see also CONICAL FUNCTION 
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Toroidal Harmonic 
see TOROIDAL FUNCTION 


Toroidal Polyhedron 

A toroidal polyhedron is a POLYHEDRON with GENUS 
g > 1 (ie., having one or more HOLES). Examples of 
toroidal polyhedra include the CsASZAR POLYHEDRON 
and SZILASSI POLYHEDRON, both of which have GENUS 
1 (i.e., the TOPOLOGY of a TORUS). 


The only known TOROIDAL POLYHEDRON with no DI- 
AGONALS is the CSASZAR POLYHEDRON. If another ex- 
ists, it must have 12 or more VERTICES and GENUS 
g = 6. The smallest known single-hole toroidal POLy- 
HEDRON made up of only EQUILATERAL TRIANGLES is 
composed of 48 of them. 


Torsion (Differential Geometry) 1815 


see also CSASZAR POLYHEDRON, SZILASSI POLYHEDRON 
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Toronto Function 


1 1 
n!ly-2n+m-1 


(II 


T(m,n,r) 1Fi(4;i+n;r°*), 
where ;f\(a;b;z) is a CONFLUENT HYPERGEOMET- 
RIC FUNCTION and [(z) is the GAMMA FUNCTION 
(Abramowitz and Stegun 1972). 
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Torricelli Point 


see FERMAT POINT 


Torsion (Differential Geometry) 

The rate of change of the OSCULATING PLANE of a 
SPACE CURVE. The torsion 7 is POSITIVE for a right- 
handed curve, and NEGATIVE for a left-handed curve. 
A curve with CURVATURE «x Æ 0 is planar IFF 7 = 0. 


The torsion can be defined by 
r=-N.B', 


where N is the unit NORMAL VECTOR and B is the 
unit BINORMAL VECTOR. Written explicitly in terms of 
a parameterized VECTOR FUNCTION X, 


r= ex _ ESE 

or € i 
where jab c| denotes a SCALAR TRIPLE PRODUCT and 
p is the RADIUS OF CURVATURE. The quantity 1/7 is 
called the RADIUS OF TORSION and is denoted o or @. 


see also CURVATURE, RADIUS OF CURVATURE, RADIUS 
OF TORSION 
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1816 Torsion (Group Theory) 


Torsion (Group Theory) 

If G is a GROUP, then the torsion elements Tor(G) of G 
(also called the torsion of G) are defined to be the set 
of elements g in G such that g” = e for some NATURAL 
NUMBER n, where e is the IDENTITY ELEMENT of the 
GROUP G. 


In the case that G is ABELIAN, Tor(G) is a SUBGROUP 
and is called the torsion subgroup of G. If Tor(G) con- 
sists only of the IDENTITY ELEMENT, the GROUP G is 
called torsion-free. 


see also ABELIAN GROUP, GROUP, IDENTITY ELEMENT 


Torsion Number 

One of a set of numbers defined in terms of an invariant 
generated by the finite cyclic covering spaces of a KNOT 
complement. The torsion numbers for KNOTS up to 9 
crossings were cataloged by Reidemeister (1948). 
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Torsion Tensor 
The TENSOR defined by 


T’ je = —(T’ je — Tay), 


where I';, are CONNECTION COEFFICIENTS. 
see also CONNECTION COEFFICIENT 


Torus 


A torus is a surface having GENUS 1, and therefore pos- 
sessing a single “HOLE.” The usual torus in 3-D space is 
shaped like a donut, but the concept of the torus is ex- 
tremely useful in higher dimensional space as well. One 
of the more common uses of n-D tori is in DYNAMICAL 
SYSTEMS. A fundamental result states that the PHASE 
SPACE trajectories of a HAMILTONIAN SYSTEM with n 
DEGREES OF FREEDOM and possessing n INTEGRALS OF 
MOTION lie on an n-D MANIFOLD which is topologically 
equivalent to an n-torus (Tabor 1989). 


The usual 3-D “ring” torus is known in older literature 
as an “ANCHOR RING.” Let the radius from the center 
of the hole to the center of the torus tube be c, and the 


Torus 


radius of the tube be a. Then the equation in CARTE- 
SIAN COORDINATES is 


(e= yr? + y?)? +27 =a". (1) 


The parametric equations of a torus are 


x = (c +acosv)cosu (2) 
y = (c+acosv)sinu (3) 
z=asinv (4) 


for u,v € [0,27). Three types of torus, known as the 
STANDARD TORI, are possible, depending on the relative 
sizes of a and c. c > a corresponds to the RING TORUS 
(shown above), c = a corresponds to a HORN TORUS 
which is tangent to itself at the point (0, 0, 0), and 
c < a corresponds to a self-intersecting SPINDLE ‘TORUS 
(Pinkall 1986). 


If no specification is made, “torus” is taken to mean 
RING Torus. The three STANDARD TORI are illustrated 
below, where the first image shows the full torus, the 
second a cut-away of the bottom half, and the third a 
CROSS-SECTION of a plane passing through the z-AXISs. 


full view 


cross-section 


Oro 


cutaway 
ring 


torus 


horn 
torus 
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The STANDARD TORI and their inversions are CY- 
CLIDES. If the coefficient of sinv in the formula for z 
is changed to b a, an ELLIPTIC TORUS results. 


A 


Zz 


To compute the metric properties of the ring torus, de- 
fine the inner and outer radii by 


r=c-—a (5) 
=c+a. (6) 


Y 
| 


Torus 


Solving for a and c gives 
a=HR-r) (7) 
c= 5(R+r). (8) 
Then the SURFACE AREA of this torus is 
S = (2ra) (2rc) = 4’ ac (9) 
=n (R+r)(R—?r), (10) 


and the VOLUME can be computed from PAPPUS’S CEN- 
TROID THEOREM 


V = (ma) ne = 2%a*c (11) 


=17°(R+r)(R-r)’. (12) 


The coefficients of the first and second FUNDAMENTAL 
FORMS of the torus are given by 


e = —(c+ acos v) cos v (13) 
f=0 (14) 
g=-a (15) 
E = (c+acosu) (16) 
F=0 (17) 
G=a’, (18) 


giving RIEMANNIAN METRIC 
ds? = (c + acos v)? du? +a? dv’, (19) 
AREA ELEMENT 
dA = a(c + acos v) du A du (20) 


(where du A du is a WEDGE PRODUCT), and GAUSSIAN 
and MEAN CURVATURES as 


COS v 

K = —— 21 

a(c+acosv) (21) 

H-=- c+ 2acos v (22) 
2a(c + acos v) 


(Gray 1993, pp. 289-291). 


A torus with a HOLE in its surface can be turned inside 
out to yield an identical torus. A torus can be knotted 
externally or internally, but not both. These two cases 
are AMBIENT ISOTOPIES, but not REGULAR ISOTOPIES. 
There are therefore three possible ways of embedding a 
torus with zero or one KNOT. 


Torus 1817 
An arbitrary point P on a torus (not lying in the gy- 
plane) can have four CIRCLES drawn through it. The 
first circle is in the plane of the torus and the second 
is PERPENDICULAR to it. The third and fourth CIR- 
CLES are called VILLARCEAU CIRCLES (Villarceau 1848, 
Schmidt 1950, Coxeter 1969, Melnick 1983). 


To see that two additional CIRCLES exist, consider a 
coordinate system with origin at the center of torus, with 
z pointing up. Specify the position of P by its ANGLE Q 
measured around the tube of the torus. Define ¢ = 0 for 
the circle of points farthest away from the center of the 
torus (i.e., the points with x* + y? = RS), and draw the 
x-ÁxIS as the intersection of a plane through the z-axis 
and passing through P with the xy-plane. Rotate about 
the y-AXIS by an ANGLE 0, where 


9 = sin! ($). (23) 

c 

In terms of the old coordinates, the new coordinates are 
x = £1 cosl — zı sin 0 (24) 
z = x1sin9 + zı cos ð. (25) 


So in (21,41, 21) coordinates, equation (1) of the torus 
becomes 


[Y (21 cos 8 — zı sin 0)? + y1? — c}? 


+(a1 sin ð + zı cos 6)? =a’. (26) 
Squaring both sides gives 


(zı cos @ — zi sin0) + y1? + e 


—2c4/ (x1 cos 9 — zı sin 0)? + y1? 


+(a1 sinf + zı cos 9)? =a’. (27) 
But 


(zı cos 6 — 21 sin 6)? + (zı sin @ + 21 COS oy = 21? + 27, 


(28) 
SO 
wy? +y +217 +07 —2c4/ (21 cos @ — 21 sin 8)? + yy? =a’. 
(29) 


In the zı = 0 plane, plugging in (23) and factoring gives 
2" + (y1 — a)” —cólle + (yı +a) -= c°] =0. (30) 

This gives the CIRCLES 
gı + (y -a =e (31) 


and 
Ti” + (y +a) =e (32) 


1818 Torus 


in the zı plane. Written in MATRIX form with parameter 
t € [0, 27), these are 


 ccost 
csnt+a (33) 
0 
ccost 
Cz = | csint—a |. (34) 
0 


Cı 


In the original (x, y, 2) coordinates, 


cos 0 -—sin8 ccost 
C= 0 1 0 csint+a 
—~sin@ 0  cos@ 0 
ccos @ cost 
= | csint+a (35) 
—csin@cost 
cos@ 0 sinó ccost 
Ca = 0 1 0 csint—a 
—sin@ 0 cosé 0 
ccos@ cost 
= esint —a : (36) 
—csin@ cost 
The point P must satisfy 
z=asing=csinécost, (37) 
so ng 
asin 
t= 38 
ee csin @ (38) 


Plugging this in for zı and yı gives the ANGLE y by 
which the CIRCLE must be rotated about the z-AXIS in 
order to make it pass through P, 


j= tan”? (2) = csint+a _ cV 1 — cos? t + a 
x ccos cost ccos 6 cost 
| 39) 
The four CIRCLES passing through P are therefore 
cosy siny 0 ccosÓO cost 
Cı = | -siny cosy 0 csint+a (40) 
0 0 1 —csin Ó cost 
cosy siny 0 ccosÓ cost 
C2 = |-sinp cosy 0 csint — a (41) 
0 0 1 —csin O cost 
(c + acos p) cost 
C3 = | (c+acosd) sin t (42) 
a sin $ 
c+ acost 
C4 = 0 . (43) 
asint 


see also APPLE, CYCLIDE, ELLIPTIC TORUS, GENUS 
(SURFACE), HORN TORUS, KLEIN QUARTIC, LEMON, 


Torus Coloring 


RING TORUS, SPINDLE TORUS, SPIRIC SECTION, STAN- 
DARD TORI, TOROID, TORUS COLORING, TORUS CUT- 
TING 
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Torus Coloring 

The number of colors SUFFICIENT for MAP COLORING 
on a surface of GENUS g is given by the HEAWOOD CON- 
JECTURE, 


x(g) = (7 + 48g + 1)| 


where |x] is the FLOOR FUNCTION. The fact that x(g) 
(which is called the CHROMATIC NUMBER) is also NEC- 
ESSARY was proved by Ringel and Youngs (1968) with 
two exceptions: the SPHERE (which requires the same 
number of colors as the PLANE) and the KLEIN BOT- 
TLE. A g-holed TORUS therefore requires x(g) colors. 
For g = 0, 1, ..., the first few values of x(g) are 4, 7, 
8, 9, 10, 11, 12, 12, 13, 13, 14, 15, 15, 16, ... (Sloane’s 
A000934). 


see also CHROMATIC NUMBER, FOUR-COLOR THEO- 
REM, HEAWOOD CONJECTURE, KLEIN BOTTLE, MAP 
COLORING | 
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Torus Cutting 


Torus Cutting 
With n cuts of a TORUS of GENUS 1, the maximum 
number of pieces which can be obtained is 

N(n) = Hn? + 3n* + 8n). 


The first few terms are 2, 6, 13, 24, 40, 62, 91, 128, 174, 
230, ... (Sloane's A003600). 


see also CAKE CUTTING, CIRCLE CUTTING, CYLINDER 
CUTTING, PANCAKE CUTTING, PLANE CUTTING, PIE 
CUTTING, SQUARE CUTTING 
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Torus Knot 

A (p,q)-torus KNOT is obtained by looping a string 
through the HOLE of a TORUS p times with q revolutions 
before joining its ends, where p and q are RELATIVELY 
PRIME. A (p, q)-torus knot is equivalent to a (q, p)-torus 
knot. The CROSSING NUMBER of a (p, q)-torus knot is 


c = min{p(q — 1), q(p — 1)} (1) 


(Murasugi 1991). The UNKNOTTING NUMBER of a 


(p, q)-torus knot is 
u=¿(p-1)(4—1) (2) 


(Adams 1991). 


Torus knots with fewer than 11 crossings are the TRE- 
FOIL KNOT 03001 (3, 2), SOLOMON’S SEAL KNOT 05001 
(5, 2), 07001 (7, 2), 08019 (4, 3), 09001 (9, 2), and 10124 
(5, 3) (Adams et al. 1991). The only KNOTS which are 
not HYPERBOLIC KNOTS are torus knots and SATEL- 
LITE KNOTS (including COMPOSITE KNOTS). The (2, q), 
(3, 4), and (3,5)-torus knots are ALMOST ALTERNATING 
KNOTS. 
The JONES POLYNOMIAL of an (m,n)-TORUS KNOT is 
e mee La E qmtl x ¿”+1 £ ¿min 
— A a (3) 


The BRACKET POLYNOMIAL for the torus knot K, = 
(2,n) is given by the RECURRENCE RELATION 


(Kn) = A(Kn-1) + (-1)" A*t, (4) 


where 


(Kı) = —A’. (5) 


see also ALMOST ALTERNATING KNOT, HYPERBOLIC 
KNOT, KNOT, SATELLITE KNOT, SOLOMON’S SEAL 
KNOT, TREFOIL KNOT 


Total Space 1819 
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Total Angular Defect 
see DESCARTES TOTAL ANGULAR DEFECT 


Total Curvature 

The total curvature of a curve is the quantity VT? + K«?, 
where r is the TORSION and « is the CURVATURE. The 
total curvature is also called the THIRD CURVATURE. 


see also CURVATURE, TORSION (DIFFERENTIAL GEOM- 
ETRY) 


Total Differential 
see EXACT DIFFERENTIAL 


Total Function 
A FUNCTION defined for all possible input values. 


Total Intersection Theorem 

If one part of the total intersection group of a curve 
of order n with a curve of order nı + nz constitutes 
the total intersection with a curve of order nı, then the 
other part will constitute the total intersection with a 
curve of order na. 
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Total Order 

A total order satisfies the conditions for a PARTIAL OR- 
DER plus the comparability condition. A RELATION < 
is a partial order on a SET S if 


1. Reflexivity: a < a for alla € S 
2. Antisymmetry: a < b and b < a implies a = b 
3. Transitivity: a < b and b < c implies a < c, 


and is a total order if, in addition, 
4. Comparability: For any a,b € S, either a < b or 
b< a. 


see also PARTIAL ORDER, RELATION 


Total Space 

The SPACE E of a FIBER BUNDLE given by the MAP 
f: E — B, where B is the BASE SPACE of the FIBER 
BUNDLE. 


see also BASE SPACE, FIBER BUNDLE, SPACE 


1820 Totative 

Totative 

A POSITIVE INTEGER less than or equal to a number 
n which is also RELATIVELY PRIME to n, where 1 is 
counted as being RELATIVELY PRIME to all numbers. 
The number of totatives of n is the value of the TOTIENT 
FUNCTION ¿(n). 


see also RELATIVELY PRIME, TOTIENT FUNCTION 


Totient Function 
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The totient function ¢(n), also called Euler's totient 
function, is defined as the number of POSITIVE INTE- 
GERS < n which are RELATIVELY PRIME to (i.e., do 
not contain any factor in common with) n, where 1 is 
counted as being RELATIVELY PRIME to all numbers. 
Since a number less than or equal to and RELATIVELY 
PRIME to a given number is called a TOTATIVE, the to- 
tient function ¢(m) can be simply defined as the number 
of TOTATIVES of n. For example, there are eight TOTA- 
TIVES of 24 (1, 5, 7, 11, 13, 17, 19, and 23), so p(24) = 8. 


By convention, p(0) = 1. The first few values of $(n) 
for n = 1, 2,... are 1, 1, 2, 2, 4, 2, 6, 4, 6, 4, 10, ... 
(Sloane’s A000010). ¿(n) is plotted above for small n. 


For a PRIME p, 


since all numbers less than p are RELATIVELY PRIME to 
p. If m = p” is a POWER of a PRIME, then the numbers 
which have a common factor with m are the multiples of 
p: p, 2p,..., (p*7*)p. There are p*”* of these multiples, 
so the number of factors RELATIVELY PRIME to p” is 


pp) = p* — p% = p% (p — 1) = p° (a - 3 - (2) 


Now take a general m divisible by p. Let ¢p(m) be the 
number of POSITIVE INTEGERS < m not DIVISIBLE by 


p. As before, p, 2p, ..., (m/p)p have common factors, 
SO | 
m 1 
éo(mm) == =m (1-7 . 3 
p(m) > > (3) 


Now let q be some other PRIME dividing m. The INTE- 
GERS divisible by q are q, 2q, ..., (m/q)q. But these du- 
plicate pq, 2pq, ..., (m/pq)pg. So the number of terms 
which must be subtracted from ¢, to obtain @pg is 


-m m m_i 
Adm) = q pa q € 2) 4) 


Totient Function 


and 


Ppalm) = palm) — Adg(m) 


P 
1 1 
=m (1-2) (1-2). (5) 


An interesting identity relates ¢(n) to (n), 


(n?) = no(n). (7) 


Another identity relates the DIVISORS d of n to n via 


Y o(d) =n. (8) 


The DIVISOR FUNCTION satisfies the CONGRUENCE 
no(n) = 2 (mod ¿(n)) (9) 


for all PRIMES and no COMPOSITE with the exceptions of 
4, 6, and 22 (Subbarao 1974), where a(n) is the DIVISOR 
FUNCTION. No COMPOSITE solution is currently known 
to 

n—12=0 (mod ¢(n)) (10) 


(Honsberger 1976, p. 35). 


Walfisz (1963), building on the work of others, showed 
that | 


S ¢(n) = sn + O[N(In Ny (nn Ny, (11) 


and Landau (1900, quoted in Dickson 1952) showed that 


N 
y 1 In N 
q] AN +B+o (57), (12) 


where 


OS ulk ¢(2)¢(3) 315 
A=) kolk) (6) an 


k=1 
= 1.9435964368 .... (13) 
315 = [u(k)}? In k 
BD -S ko 
k=1 
= —0.0595536246..., (14) 


Totient Function 


p(k) is the MOBIUS FUNCTION, ¢(z) is the RIEMANN 
ZETA FUNCTION, and y is the EULER-MASCHERONI 
CONSTANT (Dickson). A can also be written 


a=] (1 — pk™?)(1— pk?) 1. 10 al 
i (15) 


Note that this constant is similar to ARTIN’S CONSTANT. 


If the GOLDBACH CONJECTURE is true, then for every 
number m, there are PRIMES p and q such that 


plp) + p(q) = 2m (16) 


(Guy 1994, p. 105). 


Curious equalities of consecutive values include 


$(5186) = $(5187) = (5188) = 2°3° (17) 
(25930) = $(25935) = 6(25940) = p(25942) = 273° 

(18) 

(404471) = (404473) = 6(404477) = 2°375°7 (19) 

(Guy 1994, p. 91). | 
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The SUMMATORY totient function, plotted above, is de- 
fined by 


=> o(k) (20) 
k=1 
and has the asymptotic series 
(2) ~ q? + (eine) (21) 
2¢(2) 
oa? 4 O(a] 22 
ia + O(xInz), (22) 


where ¢(z) is the RIEMANN ZETA FUNCTION (Perrot 
1881). The first values of P(n) are 1, 2, 4, 6, 10, 12, 18, 
22, 28, ... (Sloane's A002088). 


see also DEDEKIND FUNCTION, EULER’S TOTIENT 
RULE, FERMAT’S LITTLE THEOREM, LEHMER’S PROB- 
LEM, LEUDESDORF THEOREM, NONCOTOTIENT, NON- 
TOTIENT, SILVERMAN CONSTANT, TOTATIVE, TOTIENT 
VALENCE FUNCTION 


Totient Valence Function 1821 


References 

Abramowitz, M. and Stegun, C. A. (Eds.). “The Euler 
Totient Function.” §24.3.2 in Handbook of Mathematical 
Functions with Formulas, Graphs, and Mathematical Ta- 
bles, 9th printing. New York: Dover, p. 826, 1972. 

Beiler, A. H. Ch. 12 in Recreations in the Theory of Numbers: 
The Queen of Mathematics Entertains. New York: Dover, 
1966. 

Conway, J. H. and Guy, R. K. “Euler?s Totient Num- 
bers.” The Book of Numbers. New York: Springer-Verlag, 
pp. 154-156, 1996. 

Courant, R. and Robbins, H. “Euler’s p Function. Fermat’s 
Theorem Again.” §2.4.3 in Supplement to Ch. 1 in What 
is Mathematics?: An Elementary Approach to Ideas and 
Methods, 2nd ed. Oxford, England: Oxford University 
Press, pp. 48-49, 1996. 

DeKoninck, J.-M. and Ivic, A. Topics in Arithmetical Func- 
tions: Asymptotic Formulae for Sums of Reciprocals of 
Arithmetical Functions and Related Fields. Amsterdam, 
Netherlands: North-Holland, 1980. 

Dickson, L. E. History of the Theory of Numbers, Vol. 1: 
Divisibility and Primality. New York: Chelsea, pp. 113- 
158, 1952. 

Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/totient/totient.html. 
Guy, R. K. “Euler's Totient Function,” “Does ¢(n) Properly 
Divide n — 1,” “Solutions of ¢(m) = o(n),” “Carmichael's 
Conjecture,” “Gaps Between Totatives,” “Iterations of ¢ 
and g,” “Behavior of ¢(a(n)) and o(¢(n)).” $B36-B42 in 
Unsolved Problems in Number Theory, 2nd ed. New York: 

Springer-Verlag, pp. 90-99, 1994. 

Halberstam, H. and Richert, H.-E. Sieve Methods. New York: 
Academic Press, 1974. 

Honsberger, R. Mathematical Gems II. Washington, DC: 
Math. Assoc. Amer., p. 35, 1976. 

Perrot, J. 1811. Quoted in Dickson, L. E. History of the 
Theory of Numbers, Vol. 1: Divisibility and Primality. 
New York: Chelsea, p. 126, 1952. 

Shanks, D. “Euler’s ¢ Function.” 82.27 in Solved and Un- 
solved Problems in Number Theory, 4th ed. New York: 
Chelsea, pp. 68-71, 1993. 

Sloane, N. J. A. Sequences A000010/M0299 and A002088/ 
M1008 in “An On-Line Version of the Encyclopedia of In- 
teger Sequences.” 

Subbarao, M. V. “On Two Congruences for Primality.” Pa- 
cific J. Math. 52, 261-268, 1974. 


Totient Function Constants 
see SILVERMAN CONSTANT, TOTIENT FUNCTION 


Totient Valence Function 

Ng(m) is the number of INTEGERS n for which ¢(n) = 
m, also called the MULTIPLICITY of m (Guy 1994). The 
table below lists values for p(N) < 50. 


1822 Totient Valence Function 


1, 2 

3,4, 6 

5, 8, 10, 12 

7, 9, 14, 18 

15, 16, 20, 24, 30 

11, 22 

13, 21, 26, 28, 36, 42 

17, 32, 34, 40, 48, 60 

19, 27, 38, 54 

25, 33, 44, 50, 66 

23, 46 

35, 39, 45, 52, 56, 70, 72, 78, 84, 90 

29, 

31, 

51, 64, 68, 80, 96, 102, 120 

37, 57, 63, 74, 76, 108, 114, 126 

41, 55, 75, 82, 88, 100, 110, 132, 150 

43, 49, 86, 98 

69, 92, 138 

47, 94 

65, 104, 105, 112, 130, 140, 144, 
156, 168, 180, 210 


A table listing the first value of p(N) with multiplicities 
up to 100 follows (Sloane’s A014573). 


2 
3 
4 
4 
5 
2 
6 
6 
4 
9 
2 
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It is thought that Ng(m) > 2 (i.e., the totient valence 
function never takes on the value 1), but this has not 
been proven. This assertion is called CARMICHAEL’S 
TOTIENT FUNCTION CONJECTURE and is equivalent to 
the statement that for all n, there exists m Æ n such 
that b(n) = ¢(m) (Ribenboim 1996, pp. 39-40). Any 
counterexample must have more than 10,000,000 DIGITS 
(Schlafly and Wagon 1994, Conway and Guy 1996). 


Tournament Matrix 


see also CARMICHAEL’S TOTIENT FUNCTION CONJEC- 
TURE, TOTIENT FUNCTION 
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Touchard’s Congruence 


Bo+r = Br + Br41 (mod p), 


when p is PRIME and B, is a BELL NUMBER. 
see also BELL NUMBER 


Tour 

A sequence of moves on a chessboard by a CHESS piece 
in which each square of a CHESSBOARD is visited exactly 
once. 


see also CHESS, KNIGHT’S TOUR, MAGIC TOUR, TRAV- 
ELING SALESMAN CONSTANTS 


Tournament 

A COMPLETE DIRECTED GRAPH. A so-called SCORE 
SEQUENCE can be associated with every tournament. 
Every tournament contains a HAMILTONIAN PATH. 


see also COMPLETE GRAPH, DIRECTED GRAPH, HAM- 
ILTONIAN PATH, SCORE SEQUENCE 


References 

Chartrand, G. “Tournaments.” §27.2 in Introductory Graph 
Theory. New York: Dover, pp. 155-161, 1985. 

Moon, J. W. Topics on Tournaments. New York: Holt, Rine- 
hart, and Winston, 1968. 

Ruskey, F. “Information on Score Sequences.” http://sue. 
csc.uvic.ca/-cos/inf/nump/ScoreSequence.html. 


Tournament Matrix 

A matrix for a round-robin tournament involving n play- 
ers competing in n(n — 1)/2 matches (no ties allowed) 
having entries 


1 if player į defeats player 7 

aij = 4 —1 if player 1 loses to player 7 
0 if i= j. 

The MATRIX satisfies 


A+A? +l=J, 


where | is the IDENTITY MATRIX, J is an n X n MATRIX 
of all 1s, and AT is the MATRIX TRANSPOSE of A. 


Tower of Power 


The tournament matrix for n players has zero DETER- 
MINANT IFF n is ODD (McCarthy and Benjamin 1996). 
The dimension of the NULLSPACE of an n-player tour- 
nament matrix is | 


O for n even 


dim [nullspace] = f Er dd 
or no 


(McCarthy 1996). 
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Tower of Power 
see POWER TOWER 


Towers of Hanoi 


A PUZZLE invented by E. Lucas in 1883. Given a stack of 
n disks arranged from largest on the bottom to smallest 
on top placed on a rod, together with two empty rods, 
the towers of Hanoi puzzle asks for the minimum number 
of moves required to reverse the order of the stack (where 
moves are allowed only if they place smaller disks on top 
of larger disks). The problem is ISOMORPHIC to finding 
a HAMILTONIAN PATH on an n-HYPERCUBE. 


For n disks, the number of moves h,, required is given 
by the RECURRENCE RELATION 


hn = 2An--1 + 1. 


Solving gives 
An = 2” => l. 


The number of disks moved after the kth step is the 
same as the element which needs to be added or deleted 
in the kth ADDEND of the RYSER FORMULA (Gardner 
1988, Vardi 1991). 


A HANOI GRAPH can be constructed whose VERTICES 
correspond to legal configurations of n towers of Hanoi, 
where the VERTICES are adjacent if the corresponding 
configurations can be obtained by a legal move. It can 
be solved using a binary GRAY CODE. 


Poole (1994) gives Mathematica® (Wolfram Research, 
Champaign, IL) routines for solving an arbitrary disk 
configuration in the fewest possible moves. The proof 
of minimality is achieved using the LUCAS CORRESPON- 
DENCE which relates PASCAL’S TRIANGLE to the HANOI 
GRAPH. ALGORITHMS are known for transferring disks 
for four pegs, but none has been proved minimal. For 
additional references, see Poole (1994). 


% Poole, D. G. “Towers of Hanoi.” 


Trace (Matrix) 1823 


see also GRAY CODE, RYSER FORMULA 
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Trace (Complex) 

The image of the path y in C under the FUNCTION f is 
called the trace. This term is unrelated to that applied 
to MATRICES and TENSORS. 


Trace (Group) 
see CHARACTER (GROUP) 


Trace (Map) 

Let a PATCH be given by the map x : U > R”, where U 
is an open subset of R*, or more generally by x : A > 
IR", where A is any SUBSET of R*. Then x(U) (or more 
generally, x(A)) is called the trace of x. 


see also PATCH 
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Trace (Matrix) _ 
The trace of an n x n SQUARE MATRIX A is defined by 


Tr(A) = Qui, (1) 


where EINSTEIN SUMMATION is used (i.e., the ai is 
summed over i = 1, ..., n). For SQUARE MATRICES 
A and B, it is true that 


Tr(A) = Tr(A”) (2) 
Tr(A + B) = Tr(A) + Tr(B) (3) 
Tr(aA) = aTr(A) (4) 


1824 Trace (Matrix) 


(Lange 1987, p. 40). The trace is invariant under a SIM- 
ILARITY 'TRANSFORMATION 


A’ =BAB * (5) 
(Lange 1987, p. 64). Since 


(bab™"):; = biaind;; , (6) 


Tr(BAB~*) = bizarb ki 
= (b-*b)x1aux = Oki Qik 
= akk = Tr(A), (7) 


where 6;; is the KRONECKER DELTA. 
The trace of a product of square matrices is independent 
of the order of the multiplication since 
Tr(AB) = (ab)ii = Qijbji = Onair 
= (ba)j; = Tr(BA). (8) 


Therefore, the trace of the COMMUTATOR of A and B is 
given by 


Tr([A, B]) = Tr(AB) — Tr(BA) = 0. (9) 


The product of a SYMMETRIC and an ANTISYMMETRIC 
MATRIX has zero trace, 


Tr(AsBa) = 0. (10) 


The value of the trace can be found using the fact that 
the matrix can always be transformed to a coordinate 
system where the z-AxXIS lies along the axis of rotation. 
In the new coordinate system, the MATRIX is | 


cosp sing 0 
A’ = ES cos ġ ] , (11) 
0 0 1 


so the trace is 


Tr(A’) = Tr(A) = as = 1 + 2cos¢. (12) 
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Tractrix 


Trace (Tensor) 
The trace of a second-RANK TENSOR T is a SCALAR 
given by the CONTRACTED mixed TENSOR equal to TŻ. 
The trace satisfies 


ð 


Tr [M7 (2) M(2)] = zp Inidet(x)], 


and 


ô In[detM] = ln[det(M + 6M)] — In(detM) 


a hae + al 
detM 

= InfdetM~*(M + 6M) 

= In[det(1 + M~*6M)] 

~ In[1 + Tr(M~*6M)] 

~ Tr(M"*5M). 


see also CONTRACTION (TENSOR) 


Tractory 
see TRACTRIX 


Tractrix 


The tractrix is the CATENARY INVOLUTE described by a 
point initially on the vertex. It has a constant NEGATIVE 
CURVATURE and is sometimes called the TRACTORY or 
EQUITANGENTIAL CURVE. The tractrix was first studied 
by Huygens in 1692, who gave it the name “tractrix.” 
Later, Leibniz, Johann Bernoulli, and others studied the 
curve. 


dog 
leash 


master 

The tractrix arises from the following problem posed to 
Leibniz: What is the path of an object starting off with 
a vertical offset when it is dragged along by a string of 
constant length being pulled along a straight horizontal 
line? By associating the object with a dog, the string 
with a leash, and the pull along a horizontal line with 
the dog’s master, the curve has the descriptive name 
HUNDKURVE (hound curve) in German. Leibniz found 
the curve using the fact that the axis is an asymptote 
to the tractrix (MacTutor Archive). 


In CARTESIAN COORDINATES the tractrix has equation 


z = asech™* (2) — fa? — y?. (1) 


T all about crystal sets 


D1 
ee ° 
== Al 
L1 ¿== 
== y 
er A 
GND 
List of Materials 
Ci - 365 mmf variable capacitor, 


Di - Catwhisker crystal detector 
(or 1N34A or equiv. diode). 

L1 - Spiderweb coil (see text). 

4 -—- Fahnestock clips. 

- small alligator clips 

BASE - 8 X 6 X 1/2-inch section 
of wood (see text). 

MTG. POST - 5 x 3/4 x 3/8-inch 
wood section (see text). 

PHONES - 2000 ohms headphones, 

MISC. - Coil form (see text), 

No. 22 enameled copper wire, 

solder lugs, hook-up wire, 

wood screws, machine screws; 

and nuts. 


SPIDERWEB COIL CRYSTAL SET 
26 


Tractrix 


One parametric form is 


z(t) = a(t — tanh t) (2) 
y(t) = asecht. (3) 
t t t 


The ARC LENGTH, CURVATURE, and TANGENTIAL ÁN- 
GLE are 


s(t) = In(cosh t) (4) 
k(t) = cscht (5) 
p(t) = 2tan”? [tanh(3t)). (6) 


A second parametric form in terms of the ANGLE ¢ of 
the straight line tangent to the tractrix is 


x = a{In[tan($¢)] + cos $) (7) 
y = asing (8) 


(Gray 1993). This parameterization has CURVATURE 


K($) = | tang]. (9) 


A parameterization which traverses the tractrix with 
constant speed a is given by 


-v/a for v € [0, 00) 
ty — ¿ae , 10 
z(t) Ez for v € (—00,0] (10) 
a[tanh~*(V/1 — e7??/4) — y1 — e72v/a] 

for v € [0, 00) 
a[—tanh"*(y1 — e?v/2) + Y1 — e2v/a] 


for v € (—00,0). 


(11) 


y(t) = 


When a tractrix is rotated around its asymptote, a 
PSEUDOSPHERE results. This is a surface of constant 
NEGATIVE CURVATURE. For a tractrix, the length of 
a TANGENT from its point of contact to an asymptote 
is constant. The AREA between the tractrix and its 
asymptote is finite. 


see also CURVATURE, DINI’S SURFACE, MICE PROBLEM, 
PSEUDOSPHERE, PURSUIT CURVE, TRACTROID 
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Transcendental Equation 1825 
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Tractrix Evolute 
The EVOLUTE of the TRACTRIX is the CATENARY. 


Tractrix Radial Curve 
The RADIAL CURVE of the TRACTRIX is the KAPPA 
CURVE. 


Tractroid 


The SURFACE OF REVOLUTION produced by revolving 
the TRACTRIX 


x = sech u (1) 


z = u — tanh u (2) 


about the z-AXIS is a tractroid given by 


x = sech u cos v (3) 
y = sech u sin v (4) 
z = u -— tanhu. (5) 


see also PSEUDOSPHERE, SURFACE OF REVOLUTION, 
TRACTRIX 


Transcendental Curve 

A curve which intersects some straight line in an infin- 
ity of points (but for which not every point lies on this 
curve). 
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Transcendental Equation 
An equation or formula involving TRANSCENDENTAL 
FUNCTIONS. 


1326 Transcendental Function 


Transcendental Function 

A function which “transcends,” i.e., cannot be expressed 

in terms of, the usual ELEMENTARY FUNCTIONS. Define 
l1(2) = H(z) = In(z) 


ei(z) = e(z) = e” 


afle) = sfl) = J f(z) dz, 


and let lo = 1(1(2)), etc. These are called the “elemen- 
tary” transcendental functions (Watson 1966, p. 111). 


see also ALGEBRAIC FUNCTION, ELEMENTARY FUNC- 
TION 
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Transcendental Number 

A number which is not the ROOT of any POLYNOMIAL 
equation with INTEGER COEFFICIENTS, meaning that it 
not an ALGEBRAIC NUMBER of any degree, is said to be 
transcendental. This definition guarantees that every 
transcendental number must also be IRRATIONAL, since 
a RATIONAL NUMBER is, by definition, an ALGEBRAIC 
NUMBER of degree one. 


Transcendental numbers are important in the history 
of mathematics because their investigation provided the 
first proof that CIRCLE SQUARING, one of the GEOMET- 
RIC PROBLEMS OF ANTIQUITY which had baffied math- 
ematicians for more than 2000 years was, in fact, insolu- 
ble. Specifically, in order for a number to be produced by 
a GEOMETRIC CONSTRUCTION using the ancient Greek 
rules, it must be either RATIONAL or a very special kind 
of ALGEBRAIC NUMBER known as a EUCLIDEAN NUM- 
BER. Because the number 7 is transcendental, the con- 
struction cannot be done according to the Greek rules. 


Georg Cantor was the first to prove the EXISTENCE of 
transcendental numbers. Liouville subsequently showed 
how to construct special cases (such as LIOUVILLE’S 
CONSTANT) using LIOUVILLE’S RATIONAL APPROXIMA- 
TION THEOREM. In particular, he showed that any num- 
ber which has a rapidly converging sequence of ratio- 
nal approximations must be transcendental. For many 
years, it was only known how to determine if special 
classes of numbers were transcendental. The determi- 
nation of the status of more general numbers was con- 
sidered an important enough unsolved problem that it 
was one of HILBERT’S PROBLEMS. 


Great progress was subsequently made by GELFOND’S 
THEOREM, which gives a general rule for determining if 
special cases of numbers of the form a’ are transcen- 
dental. Baker produced a further revolution by proving 
the transcendence of sums of numbers of the form aln 8 
for ALGEBRAIC NUMBERS « and £. 


Transcendental Number 


The number e was proven to be transcendental by Her- 
mite in 1873, and PI (7) by Lindemann in 1882. e” is 
transcendental by GELFOND’S THEOREM since 


(—1)* = (e) =e”. 


The GELFOND-SCHNEIDER CONSTANT 2"? is also trans- 
cendental. Other known transcendentals are sin 1 where 
sin x is the SINE function, Jo(1) where Jo(z) is a BES- 
SEL FUNCTION OF THE FIRST KIND (Hardy and Wright 
1985), In 2, In3/1n 2, the first zero zo = 2.4048255... of 
the BESSEL FUNCTION Jo(zo) (Le Lionnais 1983, p. 46), 
x +In2 + 2 1n3 (Borwein et al. 1989), the THUE- 
MORSE CONSTANT P = 0.4124540336... (Dekking 
1977, Allouche and Shallit), the CHAMPERNOWNE CON- 
STANT 0.1234567891011..., the THUE CONSTANT 


0.110110111110110111110110110..., 


T(2) (Le Lionnais 1983, p. 46), D(¿)r7*/* (Davis 1959), 
and I'(;) (Chudnovsky, Waldschmidt), where T(x) is the 
GAMMA FUNCTION. At least one of re and m+ e (and 
probably both) are transcendental, but transcendence 
has not been proven for either number on its own. 


İt is not known if ef, n”, nf, y (the EULER-MASCHERONI 
CONSTANT), Io(2), or 11(2) (where 1, (1) is a MODIFIED 
BESSEL FUNCTION OF THE FIRST KIND) are transcen- 
dental. 


The “degree” of transcendence of a number can be char- 
acterized by a so-called LIOUVILLE-ROTH CONSTANT. 
There are still many fundamental and outstanding prob- 
lems in transcendental number theory, including the 
CONSTANT PROBLEM and SCHANUEL’S CONJECTURE. 


see also ALGEBRAIC NUMBER, CONSTANT PROB- 
LEM, GELFOND’S THEOREM, IRRATIONAL NUM- 
BER, LINDEMANN-WEIERSTRAB THEOREM, LIOUVILLE- 
ROTH CONSTANT, ROTH’S THEOREM, SCHANUEL’S 
CONJECTURE, THUE-SIEGEL-ROTH THEOREM 
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Transcritical Bifurcation 
Let f : Rx R > R be a one-parameter family of C? 
maps satisfying 


f(0, u) =0 (1) 
lees (2) 
Ea Di ES p=dia=j (3) 
be z5 de (4) 
AO a (5) 


Then there are two branches, one stable and one unsta- 
ble. This BIFURCATION is called a transcritical bifurca- 
tion. An example of an equation displaying a transcrit- 
ical bifurcation is 


t= po — g’. (6) 


(Guckenheimer and Holmes 1997, p. 145). 
see also BIFURCATION 
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Transfer Function 

The engineering terminology for one use of FOURIER 
TRANSFORMS. By breaking up a wave pulse into its 
frequency spectrum 


fu ae F(v)e?"™*, (1) 


the entire signal can be written as a sum of contributions 
from each frequency, 


f(t) = f j fe dv = f Ñ F(v)je dv. (2) 


OO 


Transform 1827 


If the signal is modified in some way, it will become 


glt) = bv) f.lt) = Ov) Fer (3) 
att) = | aga MAMA, 


(4) 


where ¢(v) is known as the “transfer function.” FOUR- 
IER TRANSFORMING @¢ and F, 


6) = | B (ten? at (5) 
F(v) = J Abe dt. (6) 


From the CONVOLUTION THEOREM, 
O=O] FHB- C 


see also CONVOLUTION THEOREM, FOURIER TRANS- 
FORM 


Transfinite Diameter 
Let 
lz) = cz + co + az + c22? 4+... 


be an ANALYTIC FUNCTION, REGULAR and UNIVALENT 
for |z| > 1, which maps |z| > 1 CONFORMALLY onto the 
region T preserving the POINT AT INFINITY and its di- 
rection. Then the function ¢(z) is uniquely determined 
and c is called the transfinite diameter, sometimes also 
known as ROBIN’S CONSTANT or the CAPACITY of ġ(z). 


see also ANALYTIC FUNCTION, REGULAR FUNCTION, 
UNIVALENT FUNCTION 


Transfinite Number 

One of Cantor's ORDINAL NUMBERS w, w+1, w+2,..., 
wtw,w+tw+1,...which is “larger” than any WHOLE 
NUMBER. 


see also No, N¡, CARDINAL NUMBER, CONTINUUM, OR- 
DINAL NUMBER, WHOLE NUMBER 
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Transform 
A shortened term for INTEGRAL TRANSFORM. 


Geometrically, if S and T are two transformations, then 
the SIMILARITY TRANSFORMATION TST? is some- 
times called the transform (Woods 1961). 


1828 Transformation 


see also ABEL TRANSFORM, BOUSTROPHEDON TRANS- 
FORM, DISCRETE FOURIER TRANSFORM, FAST FOUR- 
IER TRANSFORM, FOURIER TRANSFORM, FRAC- 
TIONAL FOURIER TRANSFORM, HANKEL TRANS- 
FORM, HARTLEY TRANSFORM, HILBERT TRANSFORM, 
LAPLACE-STIELTJES TRANSFORM, LAPLACE TRANS- 
FORM, MELLIN TRANSFORM, NUMBER ‘THEORETIC 
TRANSFORM, PONCELET TRANSFORM, RADON TRANS- 
FORM, WAVELET TRANSFORM, z-TRANSFORM, Z- 
TRANSFORM 
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Transformation 
see FUNCTION, MAP 


Transitive 

A RELATION R on a SET S is transitive provided that 
for all z, y and z in S such that Ry and yRz, we also 
have zz. 


see also ASSOCIATIVE, COMMUTATIVE, RELATION 


Transitive Closure 

The transitive closure of a binary RELATION R on a 
SET X is the minimal TRANSITIVE relation R' on X 
that contains R. Thus aR'b for any elements a and b of 
X, provided either that aRb or that there exists some 
element c of X such that afc and cRb. 


see also REFLEXIVE CLOSURE, TRANSITIVE REDUC- 
TION 


Transitive Reduction 

The transitive reduction of a binary RELATION R on 
a SET X is the minimum relation R' on X with the 
same TRANSITIVE CLOSURE as R. Thus aR'b for any 
elements a and b of X, provided that aRb and there 
exists no element c of X such that aRc and cRb. 


see also REFLEXIVE REDUCTION, TRANSITIVE CLO- 
SURE 


Transitivity Class 

Let S(T) be the group of symmetries which map a 
MONOHEDRAL TILING T onto itself. The TRANSITIV- 
ITY CLASS of a given tile T is then the collection of all 
tiles to which T can be mapped by one of the symmetries 
of S(T). 

see also MONOHEDRAL TILING 
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Transposition Group 


Translation 

A transformation consisting of a constant offset with no 
ROTATION or distortion. In n-D EUCLIDEAN SPACE, a 
translation may be specified simply as a VECTOR giving 
the offset in each of the n coordinates. 


see also AFFINE GROUP, DILATION, EUCLIDEAN 
GROUP, EXPANSION, GLIDE, IMPROPER ROTATION, IN- 
VERSION OPERATION, MIRROR IMAGE, REFLECTION, 
ROTATION 
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Translation Relation 

A mathematical relationship transforming a function 
f(x) to the form f(x +a). 

see also ARGUMENT ADDITION RELATION, ARGUMENT 
MULTIPLICATION RELATION, RECURRENCE RELATION, 
REFLECTION RELATION 


Transpose 

The object obtained by replacing all elements a;; with 
aji. For a second-RANK TENSOR aij, the tensor trans- 
pose is simply aji. The matrix transpose, written AT, 
is the MATRIX obtained by exchanging A’s rows and 
columns, and satisfies the identity 


(AT)? — (AD? 
The product of two transposes satisfies 


(BAS) = (0) in (a) ej = Dri jn = ajkbri = (AB) ji 
= (AB);;. 


Therefore, 


(AB)* =B*A?. 


Transpose Map 
see PULLBACK MAP 


Transposition 

An exchange of two elements of a SET with all others 
staying the same. A transposition is therefore a PER- 
MUTATION of two elements. For example, the swapping 
of 2 and 5 to take the list 123456 to 153426 is a trans- 
position. 


see also PERMUTATION, TRANSPOSITION ORDER 


Transposition Group 
A PERMUTATION GROUP in which the PERMUTATIONS 
are limited to TRANSPOSITIONS. 


see also PERMUTATION GROUP 


Transposition Order 


Transposition Order 

An ordering of PERMUTATIONS in which each two adja- 
cent permutations differ by the TRANSPOSITION of two 
elements. For the permutations of {1,2,3} there are 
two listings which are in transposition order. One is 
123, 132, 312, 321, 231, 213, and the other is 123, 321, 
312, 213, 231, 132. 


see also LEXICOGRAPHIC ORDER, PERMUTATION 
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Transversal Array 

A set of n cells in an n xXx n SQUARE such that no two 
come from the same row and no two come from the same 
column. The number of transversals of an n xn SQUARE 
is n! (n FACTORIAL). 


Transversal Design 


A transversal design TD,(k,n) of order n, block size k, 
and index A is a triple (V, G, B) such that 


1. V is a set of kn elements, 


2. G is a partition of V into k classes, each of size n 
(the “groups”), 

3. B is a collection of k-subsets of V (the “blocks”), 
and 


4. Every unordered pair of elements from V is contained 
in either exactly one group or in exactly A blocks, but 
not both. | 
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Transversal Line 
A transversal line is a LINE which intersects each of a 
given set of other lines. It is also called a SEMISECANT. 


see also LINE 


Transylvania Lottery 
A lottery in which three numbers are picked at random 
from the INTEGERS 1-14. 


see also FANO PLANE 


Trapdoor Function 

An easily computed function whose inverse is extremely 
difficult to compute. Án example is the multiplication 
of two large PRIMES. Finding and verifying two large 
PRIMES is easy, as is their multiplication. But factoriza- 
tion of the resultant product is very difficult. 


see also RSA ENCRYPTION 
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Trapezoidal Hexecontahedron 1829 


Trapezium 

There are two common definitions of the trapezium. The 
American definition is a QUADRILATERAL with no PAR- 
ALLEL sides. The British definition for a trapezium is 
a QUADRILATERAL with two sides PARALLEL. Such a 
trapezium is equivalent to a TRAPEZOID and therefore 
has AREA 

A= 5(a+b)h. 


see also DIAMOND, LOZENGE, PARALLELOGRAM, 


QUADRILATERAL, RHOMBOID, RHOMBUS, SKEW QUAD- 
RILATERAL, TRAPEZOID 


Trapezohedron 


The trapezohedra are the DUAL POLYHEDRA of the Ar- 
chimedean ANTIPRISMS. However, their faces are not 
TRAPEZOIDS. 


see also ANTIPRISM, DIPYRAMID, HEXAGONAL SCALEN- 
OHEDRON, PRISM, TRAPEZOID 
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EA 
i b 


A QUADRILATERAL with two sides PARALLEL. The 
trapezoid depicted above satisfies 


Trapezoid 


m= 3 (a +b) 


and has AREA 


The trapezoid is equivalent to the British definition of 
TRAPEZIUM. 


see also PYRAMIDAL FRUSTUM, TRAPEZIUM 
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Trapezoidal Hexecontahedron 
see DELTOIDAL HEXECONTAHEDRON 


1830 Trapezoidal Icositetrahedron 


Trapezoidal Icositetrahedron 
see DELTOIDAL ICOSITETRAHEDRON 


Trapezoidal Rule 
fix) 


f 


The 2-point NEWTON-COTES FORMULA 
2 3 q. 
J f(a) de = (fi + fa) — EFE), 
T1 


where f; = f(zi), his the separation between the points, 
and é is a point satisfying xı < € < x2. Picking € to 
maximize f”(€) gives an upper bound for the error in 
the trapezoidal approximation to the INTEGRAL. 


- see also BODE’S RULE, HARDY’S RULE, NEWTON- 
COTES FORMULAS, SIMPSON’S 3/8 RULE, SIMPSON’S 
RULE, WEDDLE’S RULE 
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Traveling Salesman Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let L(n, d) be the smallest TOUR length for n points in a 
d-D HYPERCUBE. Then there exists a smallest constant 
a(d) such that for all optimal Tours in the HYPER- 
CUBE, 
lim sup _ Und) — 
n—>00 n(d-1)/d./qg 7 


and a constant (d) such that for almost all optimal 
tours in the HYPERCUBE, 


a(d), (1) 


L(n, d) 


jim raag AD (2) 


These constants satisfy the inequalities 


0.44194 < y2 = 5 V2 < B(2) 
< $ < 0.6508 < 0.75983 < 37*/% < a(2) 
< $ < 0.98398 (3) 


0.37313 < y3 < B(3) < 121%67*/? < 0.61772 < 0.64805 
< 21/63712 < a(3) < 0.90422 (4) 


Traveling Salesman Constants 


0.34207 < ya < B(4) < 121/96 *? < 0.55696 
< 0.59460 < 27% < a(4) < 0.8364 (5) 


(Fejes Tóth 1940, Verblunsky 1951, Few 1955, Beard- 
wood et al. 1959), where 
 T(3+3)[TGa+D]U? 


ME ara O 


T(z) is the GAMMA FUNCTION, 6 is an expression involv- 
ing STRUVE FUNCTIONS and NEUMANN FUNCTIONS, 


280(3 — V3) 


= NN 7 
ý 840 — 28043 + 4/5 — v10 (7) 

(Karloff 1989), and 
y = 137? (4 + n3)? (8) 


(Goddyn 1990). In the LIMIT d => œ, 


< lim inf G(d) 


OTe d— oo 


0.24197 < lim ya = 


< lim sup (d) < lim 12/00g-1/2 
doo d— 00 


1 
= — < 0.40825 (9 
Jë (9) 
and 
0.24197 < —— < lim a(d) 
' vv 27re T doo 
2(3 — /3)0 
< —— < 0.4052, 10 
< amo (10) 
where 
L<g= lim [9(a)]'/* < 0.6602, (11) 


and 0(d) is the best SPHERE PACKING density in d-D 
space (Goddyn 1990, Moran 1984, Kabatyanskii and 
Levenshtein 1978). Steele and Snyder (1989) proved 
that the limit a(d) exists. 


Now consider the constant 


k= lim 2422 - gv, (12) 
n-—00 n 
50 
5 =w2V2< k < 8V2 < 0.9204. (13) 


The best current estimate is k Y 0.7124. 


A certain self-avoiding SPACE-FILLING CURVE is an op- 
timal TOUR through a set of n points, where n can be 
arbitrarily large. It has length 


Lm 4(1+242)V51 
A= lim — = — 


= = 0.7147827... 
mM oO Thm, 153 0.7 8 ? 


(14) 


Traveling Salesman Problem 


where Lm is the length of the curve at the mth iteration 
and nm is the point-set size (Moscato and Norman). 
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Traveling Salesman Problem 

A problem in GRAPH THEORY requiring the most effi- 
cient (i.e., least total distance) TOUR (i.e., closed path) 
a salesman can take through each of n cities. No gen- 
eral method of solution is known, and the problem is 
NP-HARD. 


see also TRAVELING SALESMAN CONSTANTS 
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Trawler Problem 

A fast boat is overtaking a slower one when fog suddenly 
sets in. At this point, the boat being pursued changes 
course, but not speed. How should the pursuing vessel 
proceed in order to be sure of catching the other boat? 


The amazing answer is that the pursuing boat should 
continue to the point where the slow boat would be if it 
had set its course directly for the pursuing boat when the 
fog set in. If the boat is not there, it should proceed in 
a SPIRAL whose origin is the point where the slow boat 
was when the fog set in. The SPIRAL can be constructed 
in such a way that the two boats will intersect before a 
complete turn is made. 


Tree 1831 
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Trebly Magic Square 
see TRIMAGIC SQUARE 


Tredecillion 
In the American system, 10%. 


see also LARGE NUMBER 


Tree 
| © 
2 e. 
3 o—o—o 


epo K X 


A tree is a mathematical structure which can be viewed 
as either a GRAPH or as a DATA STRUCTURE. The two 
views are equivalent, since a tree DATA STRUCTURE con- 
tains not only a set of elements, but also connections 
between elements, giving a tree graph. 


A tree graph is a set of straight line segments connected 
at their ends containing no closed loops (cycles). A tree 
with n nodes has n—1 EDGES. The points of connection 
are known as FORKS and the segments as BRANCHES. 
Final segments and the nodes at their ends are called 
LEAVES. A tree with two BRANCHES at each FORK and 
with one or two LEAVES at the end of each branch is 
called a BINARY TREE. 


When a special node is designated to turn a tree into 
a ROOTED TREE, it is called the ROOT (or sometimes 
“Eve.” ) In such a tree, each of the nodes which is one 
EDGE further away from a given EDGE is called a CHILD, 
and nodes connected to the same node are then called 
SIBLINGS. 


Note that two BRANCHES placed end-to-end are equiva- 
lent to a single BRANCH which means, for example, that 
there is only one tree of order 3. The number t(n) of 
nonisomorphic trees of order n = 1, 2,... (where trees — 


1832 Tree 


of orders 1, 2, ..., 6 are illustrated above), are 1, 1, 1, 
2, 3, 6, 11, 23, 47, 106, 235, ... (Sloane's A000055). 


Otter showed that 


lim ——~—— =$, (1) 


n= 00 ar 


(Otter 1948, Harary and Palmer 1973, Knuth 1969), 
where the constants a and @ are sometimes called OT- 
TER’S TREE ENUMERATION CONSTANTS. Write the 
GENERATING FUNCTION for ROOTED TREES as 


He) = So fiz’, (2) 


where the COEFFICIENTS are 
1 i 
fis. = A Ss S df fi-j4i; (3) 
j=1 \ aij 
with fo = 0 and fi = 1. Then 
& = 2.955765... (4) 


is the unique POSITIVE ROOT of 


f (=) =1, (5) 


T 
and 
oo 3/2 
1 ,ıf 1 1 
= — {1+ (>) —. = 0.5349485.... 
p y 2r df Ak/ Ak 


(6) 
see also B-TREE, BINARY TREE, CATERPILLAR GRAPH, 
CAYLEY TREE, CHILD, DIJKSTRA TREE, EVE, FOREST, 
KRUSKAL’S ALGORITHM, KRUSKAL’S TREE THEOREM, 
LEAF (TREE), ORCHARD-PLANTING PROBLEM, OR- 
DERED TREE, PATH GRAPH, PLANTED PLANAR TREE, 
PÓLYA ENUMERATION THEOREM, QUADTREE, RED- 
BLACK TREE, ROOT (TREE), ROOTED TREE, SIBLING, 
STAR GRAPH, STERN-BROCOT TREE, WEAKLY BINARY 
TREE, WEIGHTED TREE 
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Tree Searching 
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clopedia of Integer Sequences. San Diego: Academic Press, 
1995. 


Tree-Planting Problem 
see ORCHARD-PLANTING PROBLEM 


Tree Searching 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


In database structures, two quantities are generally of 
interest: the average number of comparisons required to 
1. Find an existing random record, and 

2. Insert a new random record into a data structure. 


Some constants which arise in the theory of digital tree 
searching are 


2 1 
a=% 7 = 16066951524... (1) 
k=1 
=S 1 
= Y" 5 =11 bo 
B >, CARENE 373387363 (2) 


Erdős (1948) proved that a is IRRATIONAL. The ex- 
pected number of comparisons for a successful search 
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_ Inn, y-1 3 -1/2 
E= nd a+54+d(n)+ O(n") (3) 
~ Ign — 0.716644...+ d(n), (4) 


and for an unsuccessful search is 


MR Y 2,1 -1/2 
= 513 +13 a+ +0(n)+ O(n ) (5) 


~ Ign — 0.273948...+6(n). (6) 


Here d(n), e(s), and p(n) are small-amplitude periodic 
functions, and LG is the base 2 LOGARITHM. The VARI- 
ANCE for searching is 


1 2 
LETS 4g 4e(s) ~ 2.844383...+e(s) (7) 


Vom 
12 6(In 2)? 


and for inserting is 


1 n? 
V ~ — —— — — m U, eae . 
mt 6(in 2)? œ — B + efs) ~ 0.763014... + e(s) 
(8) 


Tree Searching 


The expected number of pairs of twin vacancies in a 
digital search tree is 


(An) = ori (patea) + om] 


+ O(/n), (9) 
where 
= 1 
Q= |] € — =) = 0.2887880950... (10) 
k=1 
1 1 1 1 
— 2 4 (1 
3 3.7 3-5-5 3.5-15-21° (11) 
= 1 
= - 12 
= | nET ( ) 
E ES ES 
~ V in2 24 6ln2 | 
71 drén 
x lI 1 exp (- PE )| (13) 
and 
= Korth S 1 
0 = ari nop Vea 
k=1 | j=l 
= 7.7431319855.... (14) 


(Flajolet and Sedgewick 1986). The linear COEFFICIENT 
of (An) fluctuates around 


1 1 ) 
= 0+1- = | — — ) =o, 20486812..., 
c + 5 (mate Q 3720 
(15) 
which can also be written 
1 “ g 
c= — 
In 2 0 l+zx 
d 
- (16) 


(Flajolet and Richmond 1992). 


References 

Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/bin/bin.html. 

Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/dig/dig.html. 

Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/qdt/qdt .html. 

Flajolet, P. and Richmond, B. “Generalized Digital Trees and 
their Difference-Differential Equations.” Random Struc- 
tures and Algorithms 3, 305-320, 1992. 

Flajolet, P. and Sedgewick, R. “Digital Search Trees Revis- 
ited.” SIAM Review 15, 748-767, 1986. 

Knuth, D. E. The Art of Computer Programming, Vol. 3: 
Sorting and Searching, 2nd ed. Reading, MA: Addison- 
Wesley, pp. 21, 134, 156, 493-499, and 580, 1973. 


Trefoil Knot 1833 


Trefoil Curve 


The plane curve given by the equation 


pt + gy? + y — g(r? — y’). 


A 


The knot 03001, also called the THREEFOIL KNOT, which 
is the unique PRIME KNOT of three crossings. It has 
BRAID WORD o1°. The trefoil and its MIRROR IMAGE 
are not equivalent. The trefoil has ALEXANDER POLY- 
NOMIAL —2? + z — 1 and is a (3, 2)-TorUS KNOT. The 
BRACKET POLYNOMIAL can be computed as follows. 


(L) = Aa + A? Bd'~' + ACB? + AB’ dad" 
+ A* Bd! + AB?’ qd"! + AB?*¿d?* + Beg? 
= Ad! + 3A?’ Bd" + 3AB7d' + Bed’. 


Trefoil Knot 


Plugging in 


B=A’ 
d=-A-A* 


gives 


(L) = A- A? - A’. 


The normalized one-variable KAUFFMAN POLYNOMIAL 
X is then given by 


Xr — (ANY (L) — (Aya? _ A? — A’) 
= AT + AT! _ Al? 


where the WRITHE w(L) = 3. The JONES POLYNOMIAL 
is therefore 


V€ =LA= =t -t tlt t). 


Since V(t7*) Æ V(t), we have shown that the mirror 
images are not equivalent. 
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1834 Trench Diggers’ Constant 


Trench Diggers’ Constant 
see BEAM DETECTOR 


Triabolo 
A 3-POLYABOLO. 


Triacontagon 
A 30-sided POLYGON. 


Triacontahedron 
A 30-sided POLYHEDRON such as the RHOMBIC TRIA- 
CONTAHEDRON. 


Triad 
A SET with three elements. 


see also HEXAD, MONAD, 
TETRAD 


QUARTET, 


QUINTET, 


Triakis Icosahedron 


The DUAL POLYHEDRON of the TRUNCATED DODECA- 
HEDRON ARCHIMEDEAN SOLID. The triakis icosahedron 
is also ICOSAHEDRON STELLATION #2. 

References 


Wenninger, M. J. Polyhedron Models. New York: Cambridge 
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Triakis Octahedron 


see GREAT TRIAKIS OCTAHEDRON, SMALL TRIAKIS 
OCTAHEDRON 


Triakis Tetrahedron 


The DUAL POLYHEDRON of the TRUNCATED TETRAHE- 
DRON ARCHIMEDEAN SOLID. 


Triangle 


Trial 

In statistics, a trial is a single measurable random event, 
such as the flipping of a COIN, the generation of a RAN- 
DOM NUMBER, the dropping of a ball down the apex of 
a triangular lattice and having it fall into a single bin at 
the bottom, etc. 


see also BERNOULLI TRIAL, LEXIS TRIALS, POISSON 
"TRIALS 


Trial Division 

A brute-force method of finding a DIVISOR of an INTE- 
GER n by simply plugging in one or a set of INTEGERS 
and seeing if they DIVIDE n. Repeated application of 
trial division to obtain the complete PRIME FACTOR- 
IZATION of a number is called DIRECT SEARCH FACTOR- 
IZATION. Án individual integer being tested is called a 
TRIAL DIVISOR. 


see also DIRECT SEARCH FACTORIZATION, DIVISION, 
PRIME FACTORIZATION 


Trial Divisor 
An INTEGER n which is tested to see if it divides a given 
number. 


see also TRIAL DIVISION 


Triamond 


The unique 3-POLYIAMOND, illustrated above. 
see also POLYIAMOND, TRAPEZOID 


Triangle 
Ácute Equilateral Isosceles Obtuse Right 
Scalene Triangle Triangle Triangle Scalene Triangle Triangle 


A triangle is a 3-sided POLYGON sometimes (but not 
very commonly) called the TRIGON. All triangles are 
convex. An ACUTE TRIANGLE is a triangle whose three 
angles are all ACUTE. A triangle with all sides equal is 
called EQUILATERAL. A triangle with two sides equal 
is called ISOSCELES. A triangle having an OBTUSE AN- 
GLE is called an OBTUSE TRIANGLE. A triangle with a 
RIGHT ANGLE is called RIGHT. A triangle with all sides 
a different length is called SCALENE. 


D A E 
7 p 


B C 


The sum of ANGLES in a triangle is 180%. This can be es- 
tablished as follows. Let DAE||BC (DAE be PARALLEL 
to BC) in the above diagram, then the angles a and 8 


simple projects 


SPIDERWEB COIL CRYSTAL SET 


The spiderweb coil is a tuning coil that is wound on a 
flat wheel form that has an uneven amount of spokes. This 
type of coil was also used as a loop antenna in early 


y & 
(Um = E 


JIM 


Our receiver uses a tapped spiderweb coil that is tuned 
by a variable capacitor. As shown in the illustration, 
the spiderweb coil is mounted at the rear of a 8-inch by 
6-inch by 3/4-inch wood base. A catwhisker crystal 
detector and a variable capacitor are mounted near the 
front of the wood base. 


a 


SPIDERWEB 


The spiderweb coil is wound on a 6-inch diameter flat 
form that has nine vanes. Make a tracing of the spiderweb 
coil form template con the next page. Then use carbon 
paper to transfer the tracing to a section of 1/8-inch 
fibreboard or sheet plastic. Cut the coil form out with a 
jeweler's saw, and drill a center hole to fit a small 
wood screw. 
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Triangle 


satisfy a = ¿DAB = ¿ABC and 8 = LEAC = ¿BCE, 
as indicated. Adding y, it follows that 


a+ B+ y= 180", (1) 


since the sum of angles for the line segment must equal 
two RIGHT ANGLES. Therefore, the sum of angles in the 
triangle is also 180°. 


Let S stand for a triangle side and A for an angle, and 
let a set of Ss and As be concatenated such that adja- 
cent letters correspond to adjacent sides and angles in a 
triangle. Triangles are uniquely determined by specify- 
ing three sides (SSS THEOREM), two angles and a side 
(AAS THEOREM), or two sides with an adjacent angle 
(SAS THEOREM). In each of these cases, the unknown 
three quantities (there are three sides and three angles 
total) can be uniquely determined. Other combinations 
of sides and angles do not uniquely determine a trian- 
gle: three angles specify a triangle only modulo a scale 
size (AAA THEOREM), and one angle and two sides not 
containing it may specify one, two, or no triangles (ASS 
THEOREM). 


Ps 
Equilateral Triangle 


The RULER and COMPASS construction of the triangle 
can be accomplished as follows. In the above figure, take 
OPo as a RADIUS and draw OB 1 OP. Then bisect OB 
and construct P2P;||OPo. Extending BO to locate Ps 
then gives the EQUILATERAL TRIANGLE AP, P2P3. 


In Proposition 1V.4 of the Elements, Euclid showed how 
to inscribe a CIRCLE (the INCIRCLE) in a given triangle 
by locating the CENTER as the point of intersection of 
ANGLE BISECTORS. In Proposition IV.5, he showed how 
to circumscribe a CIRCLE (the CIRCUMCIRCLE) about a 
given triangle by locating the CENTER as the point of 
intersection of the perpendicular bisectors. 


If the coordinates of the triangle VERTICES are given by 
(zi, yi) where i = 1, 2, 3, then the AREA A is given by 
the DETERMINANT 


Ti Yı 1 
A=—|22 y 1 (2) 
2! 
£3 Y3 1 


Triangle 1835 


If the coordinates of the triangle VERTICES are given in 
3-D by (zi, Yi, zi) where i = 1, 2, 3, then 


A = 


NN (1,0) 


In the above figure, let the CIRCUMCIRCLE passing 
through a triangle's VERTICES have RADIUS r, and de- 
note the CENTRAL ANGLES from the first point to the 
second 01, and to the third point by 62. Then the AREA 
of the triangle is given by 


A = 2r? [sin(301) sin($2) sin[F(91 — 92)]|. (4) 


b 


If a triangle has sides a, b, c, call the angles opposite 
these sides A, B, and C, respectively. Also define the 
SEMIPERIMETER s as HALF the PERIMETER: 


s=3p=3(a+b+c). (5) 
The AREA of a triangle is then given by HERON’S FOR- 


MULA 
A = y s(s — a)(s — b)(s — c), (6) 


as well by the FORMULAS 


A=i3iyl(a+b+c)(b+c-—a)(c+a-— b)(a +b- c) 


(7) 
= 3 y 2(a?b? + arc? + bec?) — (at + bt +ct) (8) 
= /[(a +b) — Alle = (a — b7] (9) 
= į v p(p — 2a)(p — 2b)(p — 2c), (10) 
— 2R? sin Asin BsinC (11) 

abc 

= apa" (12) 
= 5aha (13) 
= ¿bcsin A. (14) 


1836 Triangle 

In the above formulas, fh; is the ALTITUDE on side 2, R 
is the CIRCUMRADIUS, and r is the INRADIUS (Johnson 
1929, p. 11). Expressing the side lengths a, b, and c in 
terms of the radii a’, d', and c’ of the mutually tangent 
circles centered on the TRIANGLE vertices (which define 
the SODDY CIRCLES), 


a=b +e (15) 
b=a +e (16) 
c=a +b, (17) 


gives the particularly pretty form 


A = ya'b'd (a! +b +e). (18) 


For additional FORMULAS, see Beyer (1987) and Baker 
(1884), who gives 110 FORMULAS for the AREA of a 
triangle. 


The ANGLES of a triangle satisfy 
b? + c? _ a? 


cot A= TA (19) 


where A is the AREA (Johnson 1929, p. 11, with missing 
squared symbol added). This gives the pretty identity 


cot A + cot B + cot C = LADA (20) 
Let a triangle have ANGLES A, B, and C. Then 
sin Asin B sin C < kABC, (21) 
where Y 3 
e= (35) (22) 


(Abi-Khuzam 1974, Le Lionnais 1983). This can be used 
to prove that 
8w? < ABC, (23) 


where w is the BROCARD ANGLE. 


TRIGONOMETRIC FUNCTIONS of half angles can be ex- 
pressed in terms of the triangle sides: 


cos(5 A) = e (24) 
sin(LA) = s— Ms 7 (25) 
tan(}A) = (EA, (26) 


where s is the SEMIPERIMETER. 


Triangle 


The number of different triangles which have INTEGRAL 
sides and PERIMETER n is 


T(n)=Ps(n)— Y Pa() 
1<j<l|n/72] 
JS 
ES for n even 


| (27) 
[ERË] forn odd, 


where Pz and P} are PARTITION FUNCTIONS P, [z] is 
the NINT function, and |x| is the FLOOR FUNCTION 
(Jordan et al. 1979, Andrews 1979, Honsberger 1985). 
The values of T(n) for n = 1, 2,... are 0, 0, 1, 0, 1, 1, 2, 
1, 3, 2, 4, 3, 5, 4, 7, 5, 8, 7, 10, 8, 12, 10, 14, 12, 16, ... 
(Sloane’s A005044}, which is also ALCUIN’S SEQUENCE 
padded with two initial 0s. T(n) also satisfies 


T(2n) = T(2n — 3) = P3(n). (28) 


It is not known if a triangle with INTEGER sides, ME- 
DIANS, and AREA exists (although there are incorrect 
PROOFS of the impossibility in the literature). How- 
ever, R. L. Rathbun, A. Kemnitz, and R. H. Buchholz 
have shown that there are infinitely many triangles with 
RATIONAL sides (HERONIAN TRIANGLES) with two Ra- 
TIONAL MEDIANS (Guy 1994). 


In the following paragraph, assume the specified sides 
and angles are adjacent to each other. Specifying three 
ANGLES does not uniquely define a triangle, but any two 
triangles with the same ANGLES are similar (the AAA 
THEOREM). Specifying two ANGLES A and B and a side 
a uniquely determines a triangle with AREA 


a’sinBsinC a’ sin Bsin(x — A — B) 


A= 2sin A 2sin A 


(29) 


(the AAS THEOREM). Specifying an ANGLE A, a side 
c, and an ANGLE B uniquely specifies a triangle with 


AREA 
c? 


~ 2(cot A + cot B) (30) 


(the ASA THEOREM). Given a triangle with two sides, 
a the smaller and c the larger, and one known ANGLE 
A, ACUTE and opposite a, if sin A < a/c, there are two 
possible triangles. If sin A = a/c, there is one possible 
triangle. If sin A > a/c, there are no possible triangles. 
This is the ASS THEOREM. Let a be the base length 
and h be the height. Then 


A = tah = lacsin B (31) 


1 
2 2 


Triangle 


(the SAS THEOREM). Finally, if all three sides are spec- 
ified, a unique triangle is determined with AREA given 
by HERON’S FORMULA or by 


A= (32) 


where R is the CIRCUMRADIUS. This is the SSS THEO- 
REM. 


There are four CIRCLES which are tangent to the sides 
of a triangle, one internal and the rest external. ‘Their 
centers are the points of intersection of the ANGLE BI- 
SECTORS of the triangle. 


Any triangle can be positioned such that its shadow un- 
der an orthogonal projection is EQUILATERAL. 


see also AAA THEOREM, AAS THEOREM, ACUTE TRI- 
ANGLE, ALCUIN’S SEQUENCE, ALTITUDE, ANGLE BI- 
SECTOR, ANTICEVIAN TRIANGLE, ANTICOMPLEMEN- 
TARY TRIANGLE, ANTIPEDAL TRIANGLE, ASS THE- 
OREM, BELL TRIANGLE, BRIANCHON POINT, BRO- 
CARD ANGLE, BROCARD CIRCLE, BROCARD MID- 
POINT, BROCARD POINTS, BUTTERFLY THEOREM, 
CENTROID (TRIANGLE), CEVA’S THEOREM, CEVIAN, 
CEVIAN TRIANGLE, CHASLES’S THEOREM, CIRCUM- 
CENTER, CIRCUMCIRCLE, CIRCUMRADIUS, CONTACT 
TRIANGLE, CROSSED LADDERS PROBLEM, CRUCIAL 
POINT, D-TRIANGLE, DE LONGCHAMPS POINT, DESAR- 
GUES’ THEOREM, DISSECTION, ELKIES POINT, EQUAL 
DETOUR POINT, EQUILATERAL TRIANGLE, EULER 
LINE, EULER’S TRIANGLE, EULER TRIANGLE FOR- 
MULA, EXCENTER, EXCENTRAL TRIANGLE, EXCIR- 
CLE, EXETER POINT, EXMEDIAN, EXMEDIAN POINT, 
EXRADIUS, EXTERIOR ANGLE THEOREM, FAGNANO’S 
PROBLEM, FAR-OUT POINT, FERMAT POINT, FER- 
MAT’S PROBLEM, FEUERBACH POINT, FEUERBACH’S 
THEOREM, FUHRMANN TRIANGLE, GERGONNE POINT, 
GREBE POINT, GRIFFITHS POINTS, GRIFFITHS’ THE- 
OREM, HARMONIC CONJUGATE POINTS, HEILBRONN 
TRIANGLE PROBLEM, HERON’S FORMULA, HERO- 
NIAN TRIANGLE, HOFSTADTER TRIANGLE, HOMOTH- 
ETIC TRIANGLES, INCENTER, INCIRCLE, INRADIUS, 
ISODYNAMIC POINTS, ISOGONAL CONJUGATE, IsO- 
GONIC CENTERS, ISOPERIMETRIC POINT, ISOSCELES 
TRIANGLE, KABON TRIANGLES, KANIZSA TRIANGLE, 
KIEPERT’S HYPERBOLA, KIEPERT’S PARABOLA, LAW 
OF COSINES, LAW OF SINES, LAW OF TANGENTS, LEIB- 
NIZ HARMONIC TRIANGLE, LEMOINE CIRCLE, LEMOINE 
POINT, LINE AT INFINITY, MALFATTI POINTS, MEDIAL 
TRIANGLE, MEDIAN (TRIANGLE), MEDIAN TRIANGLE, 
MENELAUS’ THEOREM, MID-ARC POINTS, MITTEN- 
PUNKT, MOLLWEIDE’S FORMULAS, MORLEY CENTERS, 
MORLEY’S THEOREM, NAGEL POINT, NAPOLEON’S 
THEOREM, NAPOLEON TRIANGLES, NEWTON’S FOR- 
MULAS, NINE-POINT CIRCLE, NUMBER TRIANGLE, 


Triangle 1837 


OBTUSE TRIANGLE, ORTHIC TRIANGLE, ORTHOCEN- 
TER, ORTHOLOGIC, PARALOGIC TRIANGLES, PAS- 
CAL’S TRIANGLE, PASCH’S AXIOM, PEDAL TRIAN- 
GLE, PERPENDICULAR BISECTOR, PERSPECTIVE TRI- 
ANGLES, PETERSEN-SHOUTE THEOREM, PIVOT THEO- 
REM, POWER POINT, POWER (TRIANGLE), PRIME TRI- 
ANGLE, PURSER’S THEOREM, QUADRILATERAL, RATIO- 
NAL TRIANGLE, ROUTH’S THEOREM, SAS THEOREM, 
SCALENE TRIANGLE, SCHIFFLER POINT, SCHWARZ 
TRIANGLE, SCHWARZ’S TRIANGLE PROBLEM, SEIDEL- 
ENTRINGER-ARNOLD TRIANGLE, SEYDEWITZ’S THE- 
OREM, SIMSON LINE, SPIEKER CENTER, SSS THEO- 
REM, STEINER-LEHMUS THEOREM, STEINER POINTS, 
STEWART’S THEOREM, SYMMEDIAN POINT, TANGEN- 
TIAL TRIANGLE, TANGENTIAL TRIANGLE CIRCUMCEN- 
TER, TARRY POINT, THOMSEN’S FIGURE, TORRICELLI 
POINT, TRIANGLE TILING, TRIANGLE TRANSFORMA- 
TION PRINCIPLE, YFF POINTS, YFF TRIANGLES 
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1838 | Triangle Arcs 


Triangle Arcs 


B P Q C 
In the above figure, the curves are arcs of a CIRCLE and 


a = BC (1) 
b=CA=CP (2) 
c= BA = BQ. (3) 
Then 
PQ? =2BP . QC. (4) 


The figure also yields the algebraic identity 


(b +e- yb + eY = (yb + e — b)( yb + e oe). 
(5) 


see also ARC 
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Triangle Center 

A triangle center is a point whose TRILINEAR COORDI- 
NATES are defined in terms of the side lengths and an- 
gles of a TRIANGLE. The function giving the coordinates 
a: : y is called the TRIANGLE CENTER FUNCTION. 
The four ancient centers are the CENTROID, INCENTER, 
CIRCUMCENTER, and ORTHOCENTER. For a listing of 
these and other triangle centers, see Kimberling (1994). 


A triangle center is said to be REGULAR IFF there is a 
TRIANGLE CENTER FUNCTION which is a POLYNOMIAL 
in A, a, b, and c (where A is the AREA of the TRIANGLE) 
such that the TRILINEAR COORDINATES of the center 
are 


f(a,b,c): f(b,c,a) : f(e, a,b). 


A triangle center is said to be a MAJOR TRIANGLE CEN- 
TER if the TRIANGLE CENTER FUNCTION a is a function 
of ANGLE A alone, and therefore G and y of B and C 
alone, respectively. 


see also MAJOR TRIANGLE CENTER, REGULAR TRIAN- 
GLE CENTER, TRIANGLE, TRIANGLE CENTER FUNC- 
TION, TRILINEAR COORDINATES, TRILINEAR POLAR 
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Plane of a Triangle.” Math. Mag. 67, 163-167, 1994. 

Kimberling, C. “Triangle Centers and Central Triangles.” 
Congr. Numer. 129, 1-295, 1998. 


Triangle Center Function 
A HOMOGENEOUS FUNCTION f(a,b,c), i.e., a function 
f such that 


f (ta, tb, tc) = t” f(a, b,c), 


which gives the TRILINEAR COORDINATES of a TRIAN- 
GLE CENTER as 


a:B:y= f(a,b,c): f(b,c,a) : f(c, a, b). 


The variables may correspond to angles (A, B, C) or 
side lengths (a, b, c), since these can be interconverted 
using the LAW OF COSINES. 


see also MAJOR TRIANGLE CENTER, REGULAR TRIAN- 
GLE CENTER, TRIANGLE CENTER, TRILINEAR COOR- 
DINATES 
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Triangle Coefficient 
A function of three variables written A(abc) = A(a, b,c) 
and defined by 


(a+b—c)!(a—b+c)!(-a+b+c)! 
(a+b+c+1)! 


References 
Shore, B. W. and Menzel, D. H. Principles of Atomic Spectra. 
New York: Wiley, p. 273, 1968. 


Triangle Condition 
The condition that 7 takes on the values 


i=h+j +1... — Jal, 


denoted A(j1j27). 


References 


Sobelman, I. I. Atomic Spectra and Radiative Transitions, 
2nd ed. Berlin: Springer-Verlag, p. 60, 1992. 


Triangle Counting 


Triangle Counting 
Given rods of length 1, 2, ..., n, how many distinct 
triangles T(n) can be made? Lengths for which 


li => de 


obviously do not give triangles, but all other combina- 
tions of three rods do. The answer is 


Tye 3n(n — 2)(2n — 5) for n even 
sq (n — 1)(n — 3)(2n — 1) for n odd. 
The values for n = 1, 2, ... are 0, 0, 0, 1, 3, 7, 13, 22, 34, 
50, ... (Sloane’s A002623). Somewhat surprisingly, this 
sequence is also given by the GENERATING FUNCTION 


ri 


fa) = — > = r + 3r” + 7r? + 13r +... 
(1 — gx)? (1-— z?) 
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Triangle of Figurate Numbers 
see FIGURATE NUMBER TRIANGLE 


Triangle Function 


lx] > 1 
jz] < 1 


_ fo 
Ma) = |i- 


= I(x) x I(x) (2) 
= (e) H(<+ 5) - U(x) * A(x — 5), (3) 


where II is the RECTANGLE FUNCTION and H is the 
HEAVISIDE STEP FUNCTION. Án obvious generalization 
used as an APODIZATION FUNCTION goes by the name 
of the BARTLETT FUNCTION. 


There is also a three-argument function known as the 
triangle function: 


Alz, y, z) = £? ty? +2 — 2ry — 202 — 2yz. (4) 
It follows that 
Na’, b,c?) = (a+b+c)(a+b—c)(a—-b+c)(a—b—c). (5) 


see also ABSOLUTE VALUE, BARTLETT FUNCTION, 
HEAVISIDE STEP FUNCTION, RAMP FUNCTION, SGN, 
TRIANGLE COEFFICIENT 


Triangle Inscribing in a Circle 1839 
Triangle Inequality 
Let x and y be vectors 
Ix] — ly] < [x + y] < [x] + ly]. (1) 
Equivalently, for COMPLEX NUMBERS zı and 22, 
[211 — [22] < [21 + 22) < [211 + |221. (2) 


A generalization is 


3 


< Y laz). (3) 


see also p-ADIC NUMBER, STRONG TRIANGLE INEQUAL- 
ITY 
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Abramowitz, M. and Stegun, C. A. (Eds.). Handbook 
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Mathematical Tables, 9th printing. New York: Dover, 
p. 11, 1972. 


Triangle Inscribing in a Circle 


EN (1, 0) 


Select three points at random on a unit CIRCLE. Find 
the distribution of possible areas. The first point can 
be assigned coordinates (1, 0) without loss of generality. 
Call the central angles from the first point to the second 
and third 0; and 02. The range of 6, can be restricted 
to [0, m] because of symmetry, but 02 can range from 
[0, 27). Then 


A(01,02) = 2 |sin(301) sin(302) sin[3(@1 — 92)]|, (1) 


sO 


-S [Z A(01,02) d02 d0, 
A 2 (2) 


w 27 
C= / J dbz dh, = 21”. (3) 
0 0 


where 


1840 Triangle Inscribing in a Circle 


Therefore, 


7 27 
_ 2 l ; ; 
A= 2; | / [sin(281) sin(02) sin(3 (61 — 62)]| d82 dO, 
0 0 


= af sin(> 4, ) p sin( +02) [sin[5(02 — 6:)]| i, dO, 


= 14 J i sin( $ 61) sin( > 92) sin[> (61 = 62 )| dð, dé; 


72 02-91>0 
ee h 
+ o Sin(z 01) sin(3 62) sin[ 2 (0, — 02)] d0, dA, 
T? 62-6, 


TT 27 
= 1 sin(>01) J sin( 562) sin[> (62 = 91) i dé, 
0 01 


FT 


91 
+ = sin( 561) / sin( 562) sin[ > (02 — 01) i do, . 
0 
(4) 
But 


fos sin[}(@2 — 6,)] d@2 


= [sco [sin( 362) cos( 562) — sin(F8,) cos(462)| dô; 


coo) faint (30a) de - sin(301) f sin(a) cox 46) as, 


Il 


¿congo Ja — cos 92) d82 — peincgen) | sine, dz 
> (501)(02 — sin 02) + 


| 

l 

O 

© 

fA 
Nile 


z Sin( 561) cos(02). (5) 


Re 5 pi sin( 101); dô: +j sin( $61) I2 do 
0 0 
(6) 


bo 
pa 
lil 


[ sin(302) sin[5 (02 — 01)] d62, (7) 


and 


eS 
il 


91 
J sin(502) sin[5(01 — 02)] d@2. (8) 


From (6), 


Iı = 3 cos(502)[02 — sin 02157 + 3 sin(50,)[cos 0237 
3 cos(501)(27 — 91 + sin 41) 

+ 3 sin(501)(1 — cos 01) 

= rcos(501) — 301 cos(301) + 3[cos(501) sin 61 


— cos 6; sin(501)] + 5 sin(501) 


= dnn 18, cos(401) + 5 + 5sin(01 — 501) 
+ 3 sin(301) 
E e 301 cos(501) + sin(501), (9) 


Triangle Inscribing in an Ellipse 


so re 
J l sin(5 01) dé; = ST. (10) 
0 
Also 
Iz = 1 cos(361) [sin 02 — 02]! — 1 sin(291)[cos 62]¢! 
= 4 cos($62)(sin@1 — 01) — 4 sin(501)(cos 01 — 1) 
= —501 CO s(501) 
+ 3 7 > [sin 61 cos( $01) — cos 61 sin(402)] 
+ 5 sin(501) 
a cos(501) + sin(501), (11) 
SO a 
/ iD sin(> 61) dé = ir. (12) 
0 
Combining (10) and (12) gives 
= 1 (57 7 3 
a ie Le A 1 
A = (5 =) 0.4775 (13) 
The VARIANCE is 
= = f / [A(@,, 62) — 2] dô, dé, 
27? T 
=f fi 2 [sin(26,) sin(592) sin[5 (8; — 92)] 
a dô dé, 
2 
= af 1 {4 sin’ G 6,) sin” ( 1 9,) sin” [$(@2 — 6,)] 
pee © |sin(4 6, ) sin(302) sin[} (8, — 62)]| + 9 a} d- dé, 
1 i 2 
Zea / (2 + 6,) sin?(26,) d0, 
27? A 
6 [57 TT 3 
a 
2 1 (= 2) = 1 (3m” 3 
Qn? \ 4 2j] Qn? ( 4-9 
= a - 6) 0.1470 (14) 


see also POINT-POINT DISTANCE—1-D, TETRAHEDRON 
INSCRIBING 


Triangle Inscribing in an Ellipse 
(0, b) 


(a, 0) 


(~x, y) 


Triangle Postulate 


To inscribe an EQUILATERAL TRIANGLE in an ELLIPSE, 
place the top VERTEX at (0,6), then solve to find the 
(x,y) coordinate of the other two VERTICES. 


y a? + (b — y)? = 2x (1) 
r? + (b -yy = 4a’ (2) 
3x27 = (b — yy. (3) 


Now plugging in the equation of the ELLIPSE 


2 2 
Y _ 
gives 
2 y” 2 2 
3a => = bf — 2by + y (5) 
3 143% — 2by + (b° — 3a”) = 0 (6) 
y Be y 24 J = 
2 
2b — ,/4b? — 4(b? — 3a) (1+ 325) 
CSS a Ce a 
2(1+ 3%) 
1— 4/1- (1-345) (14+ 325) 
A es 7 
143% (7) 
and 


2 
z= tay 1- 5. (8) 


Triangle Postulate 

The sum of the ANGLES of a TRIANGLE is two RIGHT 
ANGLES. This POSTULATE is equivalent to the PARAL- 
LEL AXIOM. 
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Triangle Squaring 


A D B 
Let CD be the ALTITUDE of a TRIANGLE AABC and 
let E be its MIDPOINT. Then 


area(AABC) = $AB-CD= AB DE, 


Triangular Cupola 1841 


and LJIABFG can be squared by RECTANGLE SQUAR- 
ING. The general POLYGON can be treated by draw- 
ing diagonals, squaring the constituent triangles, and 
then combining the squares together using the PYTHAG- 
OREAN THEOREM. 


see also PYTHAGOREAN THEOREM, 
SQUARING 


RECTANGLE 
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Triangle Tiling 


„A D 


n=2 n=3 
The total number of triangle (including inverted ones) 
in the above figures is given by 
Nin) = =n(n + 2)(2n + 1) _ for n even 
s[n(n + 2)(2n+1)—1] for n odd. 
The first few values are 1, 5, 13, 27, 48, 78, 118, 170, 


235, 315, 411, 525, 658, 812, 988, 1188, 1413, 1665, ... 
(Sloane’s A002717). 
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Triangle Transformation Principle 

The triangle transformation principle gives rules for 
transforming equations involving an INCIRCLE to equa- 
tions about EXCIRCLES. 


see also EXCIRCLE, INCIRCLE 


References 


Johnson, R. A. Modern Geometry: An Elementary Treatise 
on the Geometry of the Triangle and the Circle. Boston, 
MA: Houghton Mifflin, pp. 191-192, 1929. 


Triangular Cupola 


A 


JOHNSON SOLID J3. The bottom six VERTICES are 


(+13, +3, 0), (0, +1, 0), 


1842 Triangular Dipyramid 


and the top three VERTICES are 


1 2 1 1 2 
Goes) (east) 


see also JOHNSON SOLID 


Triangular Dipyramid 


The triangular (or TRIGONAL) dipyramid is one of the 
convex DELTAHEDRA, and JOHNSON SOLID J12. 


see also DELTAHEDRON, DIPYRAMID, JOHNSON SOLID, 
PENTAGONAL DIPYRAMID 


Triangular Graph 


n 
The triangular graph with n nodes on a side is denoted 
T(n). Tutte (1970) showed that the CHROMATIC POLY- 
NOMIALS of planar triangular graphs possess a ROOT 
close to ¢* = 2.618033..., where ¢@ is the GOLDEN 
MEAN. More precisely, if n is the number of VERTICES 
of G, then 
Pel) <p” 


(Le Lionnais 1983, p. 46). Every planar triangular graph 

possesses a VERTEX of degree 3, 4, or 5 (Le Lionnais 

1983, pp. 49 and 53). 

see also LATTICE GRAPH 
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Triangular Hebesphenorotunda 
see JOHNSON SOLID 


Triangular Matrix 
An upper triangular MATRIX U is defined by 


fori <j 


a J MI 
Uis Lo for i> j. (1) 
Written explicitly, 
411 412 Qin 
0 az d2n 
U= . (2) 


Triangular Number 


A lower triangular MATRIX L is defined by 


ai; fori>j 


Lij = Lo for i < j. (3) 
Written explicitly, 
ai 0 0 
421 022 0 
L= , (4) 
: 0 
Onl an2 ‘**' lnn 


see also HESSENBERG MATRIX, HILBERT MATRIX, MA- 
TRIX, VANDERMONDE MATRIX 


Triangular Number 


A FIGURATE NUMBER of the form Tn = n(n + 1)/2 ob- 
tained by building up regular triangles out of dots. The 
first few triangle numbers are 1, 3, 6, 10, 15, 21, ... 
(Sloane’s A000217). T4 = 10 gives the number and ar- 
rangement of BOWLING pins, while Ts = 15 gives the 
number and arrangement of balls in BILLIARDS. Trian- 
gular numbers satisfy the RECURRENCE RELATION 


Tapi” — Ta = (n + 1)°, (1) 

as well as 
3Tn + Tn-1 = Ton (2) 
38Tn + Tra = Toni (3) 


14+34+5+4+...+(2n—-1)=Tr+Tr-1 (4) 
and 
(2n+1)? = 8T+1=Tr-1+6Tn+Tri1 (5) 


(Conway and Guy 1996). They have the simple GEN- 
ERATING FUNCTION 


f(z) = Z 3 — 12+32 +62 +100*4+152+.... (6) 


(1 — z) 


Every triangular number is also a HEXAGONAL NUM- 
BER, since 


(=+) [2 (4) -1| forr odd 
for r even. 


Triangular Number 


Also, every PENTAGONAL NUMBER is 1/3 of a triangular 
number. The sum of consecutive triangular numbers is 
a SQUARE NUMBER, since 


T, + Tri = Er(r+1) + 3(r — Dr 
1 
2 


r[(r + 1) + (r — 1)] = ro, (8) 


Interesting identities involving triangular numbers and 
SQUARE NUMBERS are 


2n—1 
Y (yt, =n (9) 
k=1 
Tn? =X k=3n (n+1) (10) 
k=1 
Y. PT (11) 
k=1,3,...,q 
for q ODD and 
1/,2 
n= $(q° + 2q -— 1). (12) 


All EVEN PERFECT NUMBERS are triangular T, with 
PRIME p. Furthermore, every EVEN PERFECT NUMBER 
P > 6 is of the form 


P=1+9T, = T3n+1, (13) 


where Tn is a triangular number with n = 8j +2 (Eaton 
1995, 1996). Therefore, the nested expression 


9(9---(9(9(9(9Tn +1) +D)+D)+1)...+1)+1 (14) 


generates triangular numbers for any Tn. An INTEGER k 
is a triangular number IFF 8k +1 is a SQUARE NUMBER 
> 1. 


The numbers 1, 36, 1225, 41616, 1413721, 48024900, 
... (Sloane’s A001110) are SQUARE TRIANGULAR NUM- 
BERS, i.e., numbers which are simultaneously triangular 
and SQUARE (Pietenpol 1962). Numbers which are si- 
multaneously triangular and TETRAHEDRAL satisfy the 
BINOMIAL COEFFICIENT equation 


G- 


the only solutions of which are (m,n) = (10,16), (22, 
56), and (36, 120) (Guy 1994, p. 147). 


The smallest of two INTEGERS for which n? — 13 is four 
times a triangular number is 5 (Cesaro 1886; Le Lionnais 
1983, p. 56). The only FIBONACCI NUMBERS which are 
triangular are 1, 3, 21, and 55 (Ming 1989), and the only 


Triangular Number 1843 


PELL NUMBER which is triangular is 1 (McDaniel 1996). 
The BEAST NUMBER 666 is triangular, since 


Ts.6 = Tse = 666. (16) 


In fact, it is the largest REPDIGIT triangular number 
(Bellew and Weger 1975-76). 


FERMAT’S POLYGONAL NUMBER THEOREM states that 
every POSITIVE INTEGER is a sum of most three TRI- 
ANGULAR NUMBERS, four SQUARE NUMBERS, five PEN- 
TAGONAL NUMBERS, and n n-POLYGONAL NUMBERS. 
Gauss proved the triangular case, and noted the event 
in his diary on July 10, 1796, with the notation 

** EYRHKA num = A+ A+ A. (17) 
This case is equivalent to the statement that every num- 
ber of the form 8m + 3 is a sum of three ODD SQUARES 
(Duke 1997). Dirichlet derived the number of ways in 
which an INTEGER m can be expressed as the sum of 
three triangular numbers (Duke 1997). The result is 
particularly simple for a PRIME of the form 8m + 3, in 
which case it is the number of squares mod 8m+4-3 minus 
the number of nonsquares mod 8m + 3 in the INTERVAL 
4m + 1 (Deligne 1973). 


The only triangular numbers which are the PRODUCT of 
three consecutive INTEGERS are 6, 120, 210, 990, 185136, 
258474216 (Guy 1994, p. 148). 


see also FIGURATE NUMBER, 
SQUARE TRIANGULAR NUMBER 


PRONIC NUMBER, 
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Triangular Orthobicupola 
see JOHNSON SOLID 


Triangular Pyramid 
see TETRAHEDRON 


Triangular Square Number 
see SQUARE TRIANGULAR NUMBER 


Triangular Symmetry Group 


(2, 3, 3) 


(2,3,4) (2, 3, 5) 


Given a TRIANGLE with angles (n/p, n/q, t/r), the 
resulting symmetry GROUP is called a (p, q,r) triangle 
group (also known as a SPHERICAL TESSELLATION). In 
3-D, such GROUPS must satisfy 


1 1 1 
2+2+-=>1, 
p q r 


and so the only solutions are (2,2, n), (2,3,3), (2,3,4), 
and (2,3,5) (Ball and Coxeter 1987). The group (2,3,6) 
gives rise to the semiregular planar TESSELLATIONS of 
types 1, 2, 5, and 7. The group (2,3,7) gives hyperbolic 
tessellations. 


see also GEODESIC DOME 
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Tribar 


Triangulation 

Triangulation is the division of a surface into a set of 
TRIANGLES, usually with the restriction that each TRI- 
ANGLE side is entirely shared by two adjacent TRIAN- 
GLES. It was proved in 1930 that every surface has a 
triangulation, but it might require an infinite number 
of TRIANGLES. A surface with a finite number of trian- 
gles in its triangulation is called COMPACT. B. Chazelle 
showed that an arbitrary SIMPLE POLYGON can be tri- 
angulated in linear time. 


see also COMPACT SURFACE, DELAUNAY TRIANGULA- 
TION, JAPANESE TRIANGULATION THEOREM, SIMPLE 
POLYGON 


Triaugmented Dodecahedron 
see JOHNSON SOLID 


Triaugmented Hexagonal Prism 
see JOHNSON SOLID 


Triaugmented Triangular Prism 


One of the convex DELTAHEDRA and JOHNSON SOLID 
Js1. The VERTICES are (+1,+1,0), (0,0, /2), 
(0, +1,-V3), (+(1+ V6 )/2,0, -(V2 + V3)/2), where 


the x and z coordinates of the last are found by solving 


a +1 + (24 43)? =2? 
(1-1) +1 +27 = 2”. 


see also DELTAHEDRON, JOHNSON SOLID 


Triaugmented Truncated Dodecahedron 
see JOHNSON SOLID 


Triaxial Ellipsoid 
see ELLIPSOID 


Tribar 


An IMPOSSIBLE FIGURE published by R. Penrose (1958). 
It also exists as a TRIBOX. 
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all about crystal sets 


Spiderweb Coil Form Template 


28 
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Tribox 


An IMPOSSIBLE FIGURE. 
see also IMPOSSIBLE FIGURE, TRIBAR 
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Tribonacci Number 

The tribonacci numbers are a generalization of the FI- 
BONACCI NUMBERS defined by Ti = 1, T2 = 1, 73 = 2, 
and the RECURRENCE RELATION 


Tr = tn-1 + Tn-2 + Tn-3 (1) 


for n > 4. The represent the n = 3 case of the FI- 
BONACCI n-STEP NUMBERS. The first few terms are 1, 
1, 2, 4, 7, 13, 24, 44, 81, 149, ... (Sloane's A000073). 
The ratio of adjacent terms tends to 1.83929, which is 
the REAL Root of zt — 22° + 1 = 0. The Tribonacci 
numbers can also be computed using the GENERATING 
FUNCTION 


ol 12422442472 
l-2-22-2 
+132 + 242° + 4427 + 8128 + 1492° +.... (2) 


An explicit FORMULA for Tn is also given by 


y £5 (19+3V33)'° + 5 (19-3V/33)*/243)"(5864 102/33)" 

(586 + 1024/33)2/3 + 4 — 2(586 + 1024/33)!/3 
(3) 
where [x] denotes the NINT function (Plouffe). The first 
part of a NUMERATOR is related to the REAL root of 


z? — q? —x -— 1, but determination of the DENOMINATOR _ 


requires an application of the LLL ALGORITHM. The 
numbers increase asymptotically to 


Tn Ac”, (4) 
where 


c= (12 41/33) 4 1241433) 4 2 
= 1.83928675521... (5) 


(Plouffe). 


Trident 1845 


see also FIBONACCI n-STEP NUMBER, FIBONACCI NUM- 
BER, TETRANACCI NUMBER 
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Trichotomy Law 
Every REAL NUMBER is NEGATIVE, 0, or POSITIVE. 


Tricolorable 

A projection of a LINK is tricolorable if each of the 
strands in the projection can be colored in one of three 
different colors such that, at each crossing, all three col- 
ors come together or only one does and at least two dif- 
ferent colors are used. The TREFOIL KNOT and trivial 
2-link are tricolorable, but the UNKNOT, WHITEHEAD 
LINK, and FIGURE-OF-EIGHT KNOT are not. 


If the projection of a knot is tricolorable, then REIDE- 
MEISTER MOVES on the knot preserve tricolorability, so 
either every projection of a knot is tricolorable or none 
is. 


Tricomi Function 


see CONFLUENT HYPERGEOMETRIC FUNCTION OF THE 
SECOND KIND, GORDON FUNCTION 


Tricuspoid 
see DELTOID 


Tricylinder 
see STEINMETZ SOLID 


Tridecagon 
A 13-sided POLYGON, sometimes also called the 
TRISKAIDECAGON. 


Trident 


The plane curve given by the equation 


3.3 
ty=x-—a. 


see also TRIDENT OF DESCARTES, TRIDENT OF NEW- 
TON 
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Trident of Descartes 


The plane curve given by the equation 
(a+2)(a—2x)(2a— x) = £? — 2az? — ax + 20° = azy 


_ (a + x)(a — z)(2a — z) 


y 


The above plot has a = 2. 


Trident of Newton 
The CUBIC CURVE defined by 


ax? + br’ + cr + d= zy 


with a 4 0. The curve cuts the axis in either one or 
three points. It was the 66th curve in Newton’s classi- 
fication of CUBICS. Newton stated that the curve has 
four infinite legs and that the y-axis is an ASYMPTOTE 
to two tending toward contrary parts. 


References 

Lawrence, J. D. A Catalog of Special Plane Curves. New 
York: Dover, pp. 109-110, 1972. 

MacTutor History of Mathematics Archive. “Trident of New- 
ton.” http: //www-groups.dcs.st-and.ac.uk/-history/ 
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Tridiagonal Matrix 

A MATRIX with NONZERO elements only on the diagonal 
and slots horizontally or vertically adjacent the diagonal. 
A general 4 x 4 tridiagonal MATRIX has the form 


Inversion of such a matrix requires only n (as opposed 
to n°) arithmetic operations (Acton 1990). 


see also DIAGONAL MATRIX, JACOBI ALGORITHM 


References 


Acton, F. 5. Numerical Methods That Work, 2nd printing. 


Washington, DC: Math. Assoc. Amer., p. 103, 1990. 

Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vet- 
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Trigonal Dodecahedron 


Tridiminished Icosahedron 
see JOHNSON SOLID 


Tridiminished Rhombicosidodecahedron 


see JOHNSON SOLID 
Tridyakis Icosahedron 
The DUAL POLYHEDRON of the ICOSITRUNCATED Do- 


DECADODECAHEDRON. 


Trifolium 


Lawrence (1972) defines a trifolium as a FOLIUM with 
b E (0, 4a). However, the term “the” trifolium is some- 
times applied to the FOLIUM with b = a, which is then 
the 3-petalled ROSE with Cartesian equation 


(2° +y°)[y* + 2(@ + a)] = dary” 
and polar equation 
r = acos6(4sin’ 9 — 1) = —acos(36). 


The trifolium with 6 = a is the RADIAL CURVE of the 
DELTOID. 


see also BIFOLIUM, FOLIUM, QUADRIFOLIUM 


References 

Lawrence, J. D. A Catalog of Special Plane Curves. New 
York: Dover, pp. 152-153, 1972. 

MacTutor History of Mathematics Archive. “Trifolium.” 
http: //www-groups.dcs.st-and.ac.uk/~history/Curves 
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Trigon 
see TRIANGLE 


Trigonal Dipyramid 
see TRIANGULAR DIPYRAMID 


Trigonal Dodecahedron 


xo 


An irregular DODECAHEDRON. 


Trigonometric Functions 


see also DODECAHEDRON, PYRITOHEDRON, RHOMBIC 
DODECAHEDRON 


References 
Cotton, F. A. Chemical Applications of Group Theory, 3rd 
ed. New York: Wiley, p. 62, 1990. 


Trigonometric Functions 
see ‘TRIGONOMETRY 


Trigonometric Series 


Asin(2¢) + Bsin(4d) + C'sin(6p) + D sin(8¢) 
= sin(2¢)(A‘ + cos(2¢)(B’ + cos(2¢)(C’ + D' cos(2¢)))), 


where 
A =A-C 
B'=2B-4D 
C*=A4C 
D'=8D. 


Asing + Bsin(3¢) + Csin(5¢) + Dsin(7¢) 
= sin ¢(A’ + sin? $(B’ + sin? 6(C’ + D' sin? ¢))), 


where 


— 


A+3B+5C+7D 
= —4B — 20C — 56D 
16C + 112D 

= -64D. 


-a 


DOY» 
ll 


_ 


| 


A + Bcos(2¢) + Ccos(4¢) + Dcos(6¢) + E cos(86) 
= A' + cos(2¢)(B' + cos(2¢)(C" + cos(2¢) 
x(D' + E cos(2¢)))), 


where 
A=A-C+E 
B'=B-3D 
C'=2C -—8E 
D' =4D 
E' = 8E. 
References 


Snyder, J. P. Map Projections-—A Working Manual. U. S. 
Geological Survey Professional Paper 1395. Washington, 
DC: U. S. Government Printing Office, p. 19, 1987. 
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Trigonometric Substitution 
INTEGRALS of the form 


f ricos 6, sin 6) dé (1) 


can be solved by making the substitution z = e*? so that 
dz = ie? de and expressing 


Ó= — = 2 
cos 5 > (2) 
10 — iĝ —1 
e” —e zZ—2z 
sing = EZ E (3) 


The integral can then be solved by CONTOUR INTEGRA- 
TION. 


Alternatively, making the substitution t = tan(0/2) 
transforms (1) into 


2 1-t?\ 2dt 
, 4 
jE) (4) 


The following table gives trigonometric substitutions 
which can be used to transform integrals involving 
square roots. 


Substitution 


see also HYPERBOLIC SUBSTITUTION 


Trigonometry 

The study of ANGLES and of the angular relationships 
of planar and 3-D figures is known as trigonometry. 
The trigonometric functions (also called the CIRCULAR 
FUNCTIONS) comprising trigonometry are the COSE- 
CANT cscx, COSINE cosx, COTANGENT cot gz, SECANT 
sec x, SINE sing, and TANGENT tang. The inverses of 
these functions are denoted csc~ g, cos”? zx, cot’ g, 
sec.’ x, sin”? g, and tan”?! x. Note that the f~! NOTA- 
TION here means INVERSE FUNCTION, not f to the —1 
POWER. 


- The trigonometric functions are most simply defined us- 


ing the UNIT CIRCLE. Let 0 be an ANGLE measured 
counterclockwise from the z-AXIS along an ARC of the 
CIRCLE. Then cos@ is the horizontal coordinate of the 
ARC endpoint, and sin @ is the vertical component. The 
RATIO sin 0/ cos @ is defined as tan. As a result of this 
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definition, the trigonometric functions are periodic with 
period 27, so 


func(27n + 0) = func(@), (1) 


where n is an INTEGER and func is a trigonometric func- 
tion. 


From the PYTHAGOREAN THEOREM, 

sin? 0 + cos? 0 = 1. (2) 
Therefore, it is also true that 

tan? 0 + 1 = sec’ 6 (3) 


1 + cot? 6 = csc? 0. (4) 


The trigonometric functions can be defined algebraically 
in terms of COMPLEX EXPONENTIALS (i.e., using the 
EULER FORMULA) as 


e*? e” 
] = 5 
sin z > (5) 
1 22 
escz= — = ——— (6) 
sin z er? — e7" 
cosz = TL" (7) 
2 
1 2 
secz = = 7 (8) 
COS Z er? +e >» 
sin z ee 
cosz  t(ei% +e712) (9) 
1 1 iz —iz (1 —2iz 
tanz er — gt 1 — e72tz 


OSBORNE’S RULE gives a prescription for converting 
trigonometric identities to analogous identities for Hy- 
PERBOLIC FUNCTIONS. 


The ANGLES nx/m (with m,n integers) for which the 
trigonometric function may be expressed in terms of fi- 
nite root extraction of real numbers are limited to val- 
ues of m which are precisely those which produce con- 
structible POLYGONS. Gauss showed these to be of the 
form 

m = 2" pipz": Pa, (11) 


where k is an INTEGER > 0 and the p; are distinct FER- 
MAT PRIMES. The first few values are m = 1, 2, 3, 4, 
5, 6, 8, 10, 12, 15, 16, 17, 20, ... (Sloane’s A003401). 
Although formulas for trigonometric functions may be 
found analytically for other m as well, the expressions 
involve ROOTS of COMPLEX NUMBERS obtained by solv- 
ing a CUBIC, QUARTIC, or higher order equation. The 
cases m = 7 and m = 9 involve the CUBIC EQUATION 
and QUARTIC EQUATION, respectively. A partial table 
of the analytic values of SINE, COSINE, and TANGENT 
for arguments m/m is given below. Derivations of these 
formulas appear in the following entries. 


Trigonometry 
° rad sin x cos x tan zx 
A 0 LQ 
15.0 bn 1(v6— v3) UVE+V2) 2-43 
18.0 tar (45 -1) $104 275 ¿4/25 -— 1045 
225 tn 142-vV2 iy2+vV2  v2-1 
30.0 én > 173 2/3 
36.0 tn 14/10-2V5 1(14+v5) 5 — 2/5 
45.0 tr 3v2 3v2 1 
60.0 ¿7 143 5 v3 
90.0 ir 1 0 00 
180.0 7 0 -1 0 


The INVERSE TRIGONOMETRIC FUNCTIONS are gener- 
ally defined on the following domains. 


1 1 
OSyS ¿TOTS YS 37 


Inverse-forward identities are 


tan” *(cot x) = ¿TZ (12) 


sin™ (cosg) = ir — z (13) 


aT — 2, (14) 


sec (cesce) = 3 


and forward-inverse identities are 
cos(sin”* x) = y 1 — 2? (15) 


cos(tan”* 1) = —== (16) 


sin(cos”* x) = 1/1 — q? 


sin{tan * x) = Vine (17) 
tan(cos * x) = via (18) 
tan(sin~? 2) = —*—. (19) 


Inverse sum identities include 


sins’ g +cos™ g = lr (20) 
tan` æ + cot™™ 2 = ¿7 (21) 
sec |x + csc x = in, (22) 


where (20) follows from 


x = sin(sin”? z) = cos(x — sin”? 2). (23) 


Trigonometry 


Complex inverse identities in terms of LOGARITHMS in- 
clude 


sin” * (z) = —iln(iz + y1 — 2?) (24) 
cos *(z) = —iln(z + iy/1-— 22) (25) 


tan (z) = —iln (7) (26) 


l —2z 
ee ( ). 27 
ae 1+ iz Ce 


For IMAGINARY arguments, 


sin(iz) = ¿sinh z (28) 
cos(zz) = cosh z. (29) 


For COMPLEX arguments, 


sin(x + iy) =sinzcoshy+icoszsinhy (30) 


cos(z + iy) = cos z cosh y — ising sinhy. (31) 


For the ABSOLUTE SQUARE of COMPLEX arguments z = 
£t + ty, 


| sin(x + iy)|? = sin? z + sinh? y (32) 
| cos(x + iy)|* = cos? # + sinh? y. (33) 


The MODULUS also satisfies the curious identity 
|sin(x + iy)| = | sin z + sin(iy)|. (34) 
The only functions satisfying identities of this form, 


|f (£ + iy)| = | f(x) + Fley)| (35) 


are f(z) = Az, f(z) = Asin(bz), and f(z) = Asinh(bz) 
(Robinson 1957). 


Trigonometric product formulas can be derived using 
the following figure (Kung 1996). 


(cos œ, sin A) 


(cos 6, sin Ø) 


In the figure, 
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SO 


s = $(sina + sin 8) = cos[$(a — B)sin[5(a + B)] 


(38) 
t = 4 (cosa + cos 8) = cos[$(a — B)] cos[5(a + B)]. 
(39) 
y 
(cos œŒ, sin &) 
(cos $, sin $) 


l 


With @ and y as previously defined, the above figure 
(Kung 1996) gives 


u = cos 8 — cosa =2sin[ ¿(a — B)] sin[} (a + £)] 
(40) 

v = sina — sin f = 2sin[z(a — 8) cos[5(a + 8). 
(41) 


Angle addition FORMULAS express trigonometric func- 
tions of sums of angles a + 8 in terms of functions of 
a and 4. They can be simply derived used COMPLEX 
exponentials and the EULER FORMULA, 


E eil2t8) _ -ilate ¿ia ¿ria ia 
dai de 2i = 24 
_ [cosa + isina)(cos 6 + isin B) 
E 2i 
(cos a — ¿sina)(cos 8 — ¿sin 8) 
2i 
_ cosacosĝ + isin cosa + isina cos — sin a sin 8 
7 2i 
— cos a cos 8 + ¿cos asin P + isin a cos 8 + sin a sin 8 
22 
= sinacos § + sin8 cosa (42) 
eila+s) + e7ilat8) eta ib + ee iA 
A ne a a 
_ (cosa +isina)(cos 8 + isin £) 
eg ne 
(cosa — isina)(cos 8 — isin £) 
+ ee 
2 
_ cosacos$+icosasin§ +isinacos§ — sin a sin p 
= 2 
cos & cos 8 —icosasin§ — isin e cos 8 — sinasin# 
2 
= cos a cos f — sin a sin f. (43) 
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Taking the ratio gives the tangent angle addition FOR- 
MULA 


sin(a + 8) _ sinacosf + sin cos a: 


tan(a = AY 7 i j 
(a+8) cosía + 8) cosacos f — sinasin 8 
i in 8 
cova t cons _ tanattan@ y, 
4 Sinasinf_ 1—tanatanZ 


cos a cos af 


The angle addition FORMULAS can also be derived 
purely algebraically without the use of COMPLEX NUM- 
BERS. Consider the following figure. 


Lsin B 


Leos B 
From the large RIGHT TRIANGLE, 


Lsinf +a 


. _ Lsnp+ta 4 
sin(a +8) Lcos a +b (45) 
L cos 8 
=. 4 

cos(a + 8) Lcos a +b (46) 

But, from the small triangle (inset at upper right), 

Lsi 
a= sin @ (47) 
cos(a + 8) 

b= Lsinatan(a + 8). (48) 


Plugging a and b from (47) and (48) into (45) and (46) 
gives 


Lsinß + L sina 


. _ cos(a4+ 3) 
sin(a + B) _ L L sinasin(a +8) 
cos a + ——~cos(a+B) 
_ sin 8 cos(a + 8)+ sina 
~ cosacos(a + 8) + sinasin(a + 8)’ 
(49) 
and 
Lcos 8 
cos(a + 8) = — 
( ) Lcos a + 282 asintat’) o f) 
cos 3 
_ sin asin(a+8) * (50) 
cos a + ——cosla+f) 


Now solve (50) for cos(a + B), 
cos(a + 8) cosa + sinasin(a + 8) = cos 8 (51) 


to obtain 


cos(a + 2) = cos P manto tA) (52) 


Trigonometry 
Plugging (52) into (49) gives 


sin 8 [ sesBosincsin(ate) | + sing 


cos @ 


cosa [ PsP imasinta+e) ] + sinasin(a + 8) 


cos ar 


sin(a + 8) = 


sin 8 cos 6 — sin a sin PBsin(a + 8) + sin a cosa 
cosa cos 6 — sinacosasin(a + 8) + sina cos a sin(a + 8) 
sin B cos 8 — sin a sin Bsin(a + 8) + sin a cosa 
cos a cos § 


_ sina cos a + sin Gcos 8 B sin a sin G sin(a+8), (53) 
cos a cos 8 cos a cos B 


SO 


sin(a + 3) (a + 


eens | _ sinacosa + sin f cos p 


cos a cos 8 cos Q cos 8 


(54) 


sin(a + B)(cos a cos 8 + sin e sin 8) 


= sina cosa +sinfcosfB, (55) 


and 


sin q cos a: + sin 6 cos 8 


sin(a + 8) = sin asin 8 + cosacos 8 


_ sina:cosa + sin ĝ cos f sin a cos @ + sin PB cos a 
— sinasin 8 + cos a cos 8 sin a cos 8 + sin B cos a` 
(56) 


Multiplying out the DENOMINATOR gives 


(cosa cos 8 + sin a sin 8)(sin a cos 8 + sin 8 cos a) 
= sin a cos a cos” 8 + cos? a sin 8 cos f 
+ sin” asin 8 cos 8 + sin a cos asin” 3 


= sin a cos a + sin {cos 6, (57) 


sO 
sin(a + 8) = sina cos 8 + sin £ cosa. (58) 


Multiplying out (50), 


cos(a + 3) cos a + sinasin(a + 8) = cos 8 (59) 


cos Ú — sina sin(a + 6) 


cos(a+B) = 
cosa 
_ cos Z — sina(sin a cos 8 + sin £ cos a) 
y cosa 
_ cosfB(1— sin? a) + sin a cos asin B 
7 cos a 
E cos? a cos 3 + sina cos asin 8 
7 cosa 
= cosa cos 7 + sin asin 6. (60) 


Trigonometry 


Summarizing, 


sin(a + 8) = sin a cos @ + sin 8 cosa (61) 
sin(a — 3) = sin a cos P — sin f cos a (62) 
cos(a + 8) = cosacos 8 — sin a sin 8 (63) 
cos(a — 8) = cosacos P + sin a sin 8 (64) 
tana + tan 6 
1 — tana tan 6 


tan a — tan 8 
l+tanatanf 


tan(a + PB) = (65) 


tan(a — PB) = (66) 


The sine and cosine angle addition identities can be sum- 
marized by the MATRIX EQUATION 


cosz sing cosy siny 
— sing cosx||-—siny cosy 
_ | cos(a+y)  sin(x + y) | (67) 
~ į—sin(z +y) cos(u+y)|" * 


The double angle formulas are 


sin(2a) = 2sina cosa (68) 
cos(2a) = cos” a — sin a (69) 
= 2cos* a — 1 (70) 
=1-—2sin’a (71) 
2tana 
= . 2 
tan(2a) Stan? a (72) 


General multiple angle formulas are 


sin(na) = 2sin[(n — 1)a] cosa — sin[(n — 2)a] (73) 
sin(nx) = n cos”! esinz 
_n(n=1(n=2) os" 3 z sin? 
172.3 sin +... (74) 
cos(na) = 2cos[(n — 1)a] cos a — cos[(n — 2) a] (75) 
cos(nx) = cos” x — em cos”? x sin? x 
¿Pin — 1)(n — 2)(n = 3) cos” *zsintr—... (76) 


1.2-.3-4 
tan[(n — 1)a] + tana 


1 — tan[(n — 1a] tana (77) 


tan(na) = 
Therefore, any trigonometric function of a sum can be 
broken up into a sum of trigonometric functions with 
sin @ cos & cross terms. Particular cases for multiple an- 
gle formulas up to n = 4 are given below. 


sin(3a) = 3 sino — 4sin” a (78) 
cos(3a) = 4cos* a — 3cosa (79) 
d tana — tan a 
t or 80 
an(3a) = — 3tant a (80) 
sin(4a) = 4sin a cosa — 8sin® a cosa (81) 
cos(4a) =8cos a — 8 cosa + 1 (82) 
A —4 
tan(4a) = ano — 4tan a (83) 


— 6 tan? a + tant a` 
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Beyer (1987, p. 139) gives formulas up to n = 6. 


Sum identities include 


tan(a— 8) sin(a — B)cos(a + £) 
tana +8) cos(a — PB) sin(a + 8) 
_ (sina cos f — sin B cos a) (cos a cos 8 — sin a sin 8) 
-~ (cosacos 8 + sinasin 8)(sin a cos 8 + sin 8 cos a) 
sin a cos a — sin ĝ cos 8 


= ==. (84) 
sin Q cos & + sin B cos 8 (84) 
Infinite sum identities include 
oO —kr ai 

Y e “"sinfky) 1, -1 ( sin y ) Lo 
ee A i . 85 i 
k 2 tan sinh zx, (85) 

k=1, 3,5 


Trigonometric half-angle formulas include 


sin (=) _ /1 — oe (86) 
COS (=) = Y + cosa fees (87) 


a sin a 
t — ————_. 88 
an (5) l+c0sa ) 

]— 

— A (89) 

sin a 
_1+V1+4+ tan? a (90) 

7 tan a 

_ tan asin a . (91) 


tana + sina 


The PROSTHAPHAERESIS FORMULAS are 
sina + sin 8 = 2sin[¿(a +8) cos[¿(a — 8) (92) 


sin a — sin 8 = 2cos[L (a +8) sinfi (a — 6)) (93) 
sin a + cos B = 2cos[i(a + 8)] cos[5(a — BJ] (94) 
cosa — cos 8 = —2sin[¿(a + 8) sin[5(a — 6). (95) 


Related formulas are 


sinacos§ = į [sin(a — p) +sin(a + 8)} (96) 


cosacos 8 = ¿[cos(a: — 8) + cos(a + 8)] (97) 
5[sin(o: + £) — sin(a — P)] (98) 
5[cos(o: — B) — cos(a + B)]. (99) 


Multiplying both sides by 2 gives the equations some- 
times known as the WERNER FORMULAS. 


cos a sin 8 = 


sin a sin 6 = 


Trigonometric product /sum formulas are 


sin(a + 8) sin(a — 8) = sin? a — sin? B = cos” 8 — cos” a 


(100) 
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cos(a + 8) cos(a — 3) = cos” a—sin” 8 = cos” 8 — sin” a. 
(101) 
Power formulas include 
sin” x = ¿[1 — cos(2z)| (102) 
sin? z = 1[3sinz — sin(3z)| (103) 
sin* £ = ¿[3 — 4cos(2x) + cos(42)] (104) 
and 
cos’ g = 3[1 + cos(2z)| (105) 
cos? a = [3 cos æ + cos(3z)| (106) 
cos" z = ¿[3 + 4cos(2x) + cos(4z)] (107) 


(Beyer 1987, p. 140). Formulas of these types can also 
be given analytically as 


+ os Y 1) (77) cos[2(n — k)x] (108) 
can DE ¿(2m+ 1. | 
sin?” t! — r Cv ( k ) sin[(2n + 1 — 2k)2] 


(109) 


1 n—1 on 
bo ` ( k ) cos[2(n — k)x] (110) 


cos?” ti g= L y MN ‘ cos[(2n + 1 — 2k)2] (111) 


(Kogan), where (”) is a BINOMIAL COEFFICIENT. 


see also COSECANT, COSINE, COTANGENT, EUCLIDEAN 
NUMBER, INVERSE COSECANT, INVERSE COSINE, IN- 
VERSE COTANGENT, INVERSE SECANT, INVERSE SINE, 
INVERSE TANGENT, INVERSE TRIGONOMETRIC FUNC- 
TIONS, OSBORNE’S RULE, POLYGON, SECANT, SINE, 
TANGENT, TRIGONOMETRY VALUES: m, 7/2, 7/3, 7/4, 
7/5, 7/6, 7/7, 7/8, 7/9, 7/10, 7/11, 7/12, 7/15, 7/16, 
1/17, 1/18, 7/20, 0, WERNER FORMULAS 
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Trigonometry Values—rz 
By the definition of the trigonometric functions, 


sin” = 0 (1) 
cosr = —1 (2) 
tanr = 0 (3) 
csc rr = 00 (4) 
secr = —1 (5) 
cot 7 = 00. (6) 
Trigonometry Values—x /2 
By the definition of the trigonometric functions, 
_ (\ 
sin (=) =1 (1) 
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see also DIGON 


Trigonometry Values—r /3 


Trigonometry Values—7/3 
From TRIGONOMETRY VALUES: 7/6 


sin (=) =1 0) 
cos (=) = 14/3 (2) 


together with the trigonometric identity 
sin(2a) = 2sinacosa, (3) 


the identity 


sin (=) = 2sin (=) cos (=) = 2(4)(4V3) = 143 


(4) 
is obtained. Using the identity 
cos(2a) = 1 — 2sin’ a, (5) 
then gives 
cos (5) = 1 — 2sin” (=) =1-2($)?=2. (6) 
Summarizing, 
sin (=) = 1,3 (7) 
cos (=) = (8) 
T 
tan (=) = V3. (9) 


see also EQUILATERAL TRIANGLE 

Trigonometry Values—7/4 

For a RIGHT ISOSCELES TRIANGLE, symmetry requires 
that the angle at each VERTEX be given by 


51 + 2a = 7, (1) 


soa = 7/4. The sides are equal, so 


sin? a + cos’ a = 2sin? a = 1. (2) 
Solving, 
sin (2) = 4v2 (3) 
cos (=) = į v2 (4) 
T 
t —)=1. 
an (5) (5) 


see also SQUARE 


Trigonometry Values—n /5 1853 
Trigonometry Values—x /5 
Use the identity 
sin(5a) = 5sina — 20sin® a + 16sin® a. (1) 
Now, let a = 7/5 and z = sina. Then 
sin m = 0 = 5g — 202° + 162° (2) 
162* — 2027 +5 = 0. (3) 


Solving the QUADRATIC EQUATION for x? gives 


in? (2) = 2 204 ./(—20)? —4-16-5 
sin 5 = & HT 6 
20 + /80 | 
=—o = (5 + V5). (4) 


Now, sin(7/5) must be less than 
sin (=) = i/2, (5) 


so taking the MINUS SIGN and simplifying gives 


sin (Z) = Save iy 10 — 245. (6) 


5 8 


cos(7/5) can be computed from 


cos (=) = 4/1 -— sin? (=) =3(1+ v5). (7) 


Summarizing, 


iV 10 — 245 (8) 


sin 


DN ra 
SE 
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sin (= = 1/10 +2V5 (9) 
sin (=) =1/10+2v5 (10) 
sin (=) = 1/10 - 245 (11) 
cos (E) = 1(1+ v5) (12) 
cos (E) = 1(-14 V5) (13) 
cos ( = (1-5) (14) 
cos ( =-1(14+ V5) (15) 


V5- 2v5 

V5+2v/5 

V5 +25 (18) 
V5 — 2v5. 


(19) 


(16) 
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see also DODECAHEDRON, ICOSAHEDRON, PENTAGON, 
PENTAGRAM 


1854 Trigonometry Values—r /6 


Trigonometry Values—x /6 
Given a RIGHT TRIANGLE with angles defined to be a 
and 2a, it must be true that 


a+2a+snr=n, (1) 


so a = 7/6. Define the hypotenuse to have length 1 
and the side opposite a to have length z, then the side 
opposite 2a has length /1-— 2%. This gives sina = gz 


and 
sin(2a) = V/1—2?. (2) 


sin(2a) = 2sin a cosa = 22y 1 — 2?, (3) 


so we have 


But 


y1-x=2ry1-a?. (4) 


This gives 27 = 1, or 
sin (=) =. (5) 


cos(7/6) is then computed from 


cos (Z) = 4/1- sin? (=) = 4/1 — (4)? = 143. 


Summarizing, 
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see also HEXAGON, HEXAGRAM 


Trigonometry Values—r /7 

Trigonometric functions of nr /7 for n an integer cannot 
be expressed in terms of sums, products, and finite root 
extractions on real rational numbers because 7 is not a 
FERMAT PRIME. This also means that the HEPTAGON 
is not a CONSTRUCTIBLE POLYGON. 


However, exact expressions involving roots of complex 
numbers can still be derived using the trigonometric 
identity 


sin(na) = 2sin|(n — 1)a] cos a — sin[(n — 2)a]. (1) 
The case n = 7 gives 


sin(7a) = 2sin(6a) cos a — sin(5a) 
= 2(32cos” asin a—32 cos” asin a+6 cos asin q) cos a 
~(5sina — 20sin® a + 16sin’ a) 

= 64cos° asin a — 64cos* a sina + 12 cos” asin a 
—5sina + 20(1 — cos” a) sina 
—16(1 — 2cos* a + cos* a) sina 


= sin a(64cos® a — 80cos* a + 24 cos? a — 1). (2) 


Trigonometry Values—1 /7 
Rewrite this using the identity cos? a = 1 — sin’ a, 


sin (5) = sin a(7 — 56 sin” a + 112sin* a — 64sin® a) 


= —64sin a(sin® a — 1? sinf a + Š sina — 4). (3) 
Now, let a = 7/7 and z = sin” a, then 

i —~jQae7 Terai 7-2 

sin(r) =0=x GU + $T gi (4) 


which is a CUBIC EQUATION in x. The ROOTS are 
numerically found to be z = 0.188255, 0.611260..., 
0.950484.... But sina = yz, so these ROOTS corre- 
spond to sina = 0.4338, sin(2a) = 0.7817, sin(3a) = 
0.9749. By NEWTON’S RELATION 


][ = GQ, | (5) 


we have 


or 


Similarly, 


cos (5) cos (5) cos (=) -1 (8) 
7 7 7) 8 
The constants of the CUBIC EQUATION are given by 


Q = 5(301 — a2") = 53-5- Ci) = -a (9) 
R= (90201 — 2a3 — 2740) 
= 4 19(-4)(48) - 2-3) -21(-G) 


7 


The DISCRIMINANT is then 


— y 2 343 49 
D= Q + R = 2,985,984 + 11,943,936 


< 0, (11) 


_ __ 49 
— ~~ 442,368 


so there are three distinct REAL RooTs. Finding the 
first one, 


z= VR+VD+VR-VD- las. (12) 


Writing 
VD =3 °P Li, (13) 


128 


plugging in from above, and anticipating that the solu- 
tion we have picked corresponds to sin(37/7), 


simple projects 


Wind the coil with No. 22 enameled copper wire, starting 
from the center and winding outward. Leave about 5-inches 
of the starting end of the wire free, It will be used as 
a connecting lead. Feed the wire behind a vane and over 
the front of the next vane as you wind. Wind the wire 
closely and evenly on the form. It is not necessary to 
count the turns. Wind the wire to about 1/4-inch from the 
end of a form vane. Then drill a small hole near the vane 
end, and bend a solder lug through it. Solder the wire 
end to the lug. 


On one of the vanes, count down five wires and then 
carefully lift it outward. Remove about 1/4-inch of the 
enamel with a section of sandpaper and then bend the end 
of a solder lug aound the bared wire. Solder the lug to 
the wire, then cut off remaining portion of the lug (away 
from the bentover end), Repeat this every five turns 
until you have a total of six lug taps on the coil. 
Stagger the lugs away from each other to keep them from 
shorting. 


BASEBOARD 


As shown in the illustration, the Spiderweb Coil Crystal 
Set parts are mounted on a wood baseboard. Cut the 8-inch 
by 6-inch baseboard from a section of 1/2-inch thick 
wood. White pine was used in our model. Sand the surface 
of the wood after cutting. 


Make the spiderweb coil mounting post by cutting out a 
5-inch by 3/4-inch by 3/8-inch wood section. Then cut a 
notch in the center of the rear of the baseboard to fit 
the wood section. Install the wood section in the notch 
with small wood screws, 


Mount the parts on the baseboard as shown in the 
illustration with small wood screws. If the mounting 
holes of the tuning capacitor C1 are on the bottom, drill 
matching holes in the baseboard and use flathead machine 
screws to hold the capacitor. 


Install solder lugs with the four terminals, and mount 
the spiderweb coil to the mounting post with a wood screw 
through a center hole in the coil form. The coil should 
be positioned with the lugs facing forward (on the left 
side of the coil form). 


29 


Trigonometry Values—r /8 


: 7 PG 7 7 7 
So 3-3/2 į + — — — 3-3/2 į + — 
V 3456 * 128 V 3456 128 12 


see also HEPTAGON 


Trigonometry Values—1/8 


Now, checking to see if the SQUARE ROOT can be sim- 
plified gives 


a? — bce = 2? -1°-2=4-2=2, (2) 


which is not a PERFECT SQUARE, so the above expres- 
sion cannot be simplified. Similarly, 


Cos (=) 260 (52) = Ea (1 + cos E) 
8) “\oq)~ V2 4 


‘ (2) - 2-42 _ /(2-Vv2)? _,/4+2-4v2 
xs) Voz. y dez 2 


=4/=% = Y 3 — 242. (4) 


But 
al —be=3*-2%2=9-8=1 (5) 


is a PERFECT SQUARE, so we can find 
d=3(3+1) =1,2. 


Rewrite the above as 


cot (Z) = : All (7) 


Trigonometry Values—r /9 1855 
Summarizing, 
sin (=) =142-— V2 (8) 
. {3m i 
sin (E) =3 2 + V2 (9) 
cos (=) = 5V2+ V2 (10) 
cos (=) =—ivV2-v2 (11) 
tan (=) = v2 —1 (12) 
tan (=) =V2+1 (13) 


see also OCTAGON 


Trigonometry Values—-7 /9 

Trigonometric functions of n/9 radians for n an in- 
teger not divisible by 3 (e.g., 40° and 80%) cannot be 
expressed in terms of sums, products, and finite root 
extractions on real rational numbers because 9 is not a 
product of distinct FERMAT PRIMES. This also means 
that the NONAGON is not a CONSTRUCTIBLE POLYGON. 


However, exact expressions involving roots of complex 
numbers can still be derived using the trigonometric 
identity | 
sin(3a) = 3sina — 4sin” a. (1) 


Let a = 7/9 and z = sina. Then the above identity 
gives the CUBIC EQUATION 


4g? — 3a + 4V3 =0 (2) 


a? — ĉr = —i v3. (3) 


This cubic is of the form 


z? + pe =4q, (4) 

where 
p=-i (5) 
= —¿v3. (6) 


E A A A eS 
EU 16) 416-4 16-16 256 


= === <0. (7) 


1856 Trigonometry Values—r /10 


There are therefore three REAL distinct roots, which are 
approximately —0.9848, 0.3240, and 0.6428. We want 
the one in the first QUADRANT, which is 0.3240. 


9) — 16 256 16 256 
3f V3 1. 3/vV3 1. 
= V-T t Te V ETS 


= 2 YY Vi — v3 — Vit V3) 


æ 0.3240.... (8) 
Similarly, 
cos (=) = 274/3 (4/14 iV3 + V1-ivV3) 
œ~ 0.7660.... (9) 


Because of the NEWTON’S RELATIONS, we have the iden- 


tities 9 4 
sin (=) sin (=) sin (=) =1 (10) 


cos (=) cos (=) cos (=) = 1v3 (11) 


tan (=) tan (=) tan (=) = V3. (12) 


see also NONAGON, STAR OF GOLIATH 


Trigonometry Values—z /10 


i 


1 — 21+ V5)) =4(VB-D). (1) 
So we have 


(5) -0 (3-2) = Along) 


211 +2(1+v5)] 


1104248, (2) 


and 


Trigonometry Values—r /11 


Summarizing, 
sin (=) = 1(/5 —1) (4) 
cos (=) = iV 10 + 245 (5) 
tan ($) = 11/25 — 1045 (6) 
i (=) = 1/14 v5) (7) 
cos (=) = (10-245) (8) 
tan (=) = ty 25 + 1045. (9) 


An interesting near-identity is given by 


z [cos( +5) + cosh(5) +2 cos(2vV2) cosh( V2)| = 1. 

(10) 
In fact, the left-hand side is approximately equal to 1 + 
2.480 x 10%, 


see also DECAGON, DECAGRAM 


Trigonometry Values—1/11 

Trigonometric functions of nn /11 for n an integer cannot 
be expressed in terms of sums, products, and finite root 
extractions on real rational numbers because 11 is not a 
FERMAT PRIME. This also means that the UNDECAGON 
is not a CONSTRUCTIBLE POLYGON. 


However, exact expressions involving roots of complex 
numbers can still be derived using the trigonometric 
identity 


sin(11a) = sin(12a — a) cosa — cos(12a) sina 
= 2sin(6a) cos(6a) cos a — [1 — 2sin?(6a)]sina. (1) 


Using the identities from Beyer (1987, p. 139), 
sin(6a) = sin a cos a[32 cos* a — 32cos?a+6] (2) 


cos(6a) = 32 cosf a — 48cos*a+18cos*a—1 (3) 


gives 


sin(1la) = 2cos* asin a(32cos* a — 32cos* a + 6) 

x (32 cos? a — 48 cos* a + 18 cos? a — 1) 

— sin a[1 — 2sin? a cos” a(32 cos* a — 32 cos” a + 6)*] 
= sina(11 — 220 sin? a + 1232 sinf aa 

—2816 sinf a + 2816 sin® —1024sin”” a). (4) 


Now, let a = 7/11 and z = sin’ a, then 


sinr = 0 
= 11 — 220x + 1232x* — 2816x° + 281627 — 10242 ?. (5) 


Trigonometry Values—r /12 


This equation is an irreducible QUINTIC EQUATION, so 
an analytic solution involving FINITE ROOT extractions 
does not exist. The numerical ROOTS are z = 0.07937, 
0.29229, 0.57115, 0.82743, 0.97974. So sina = 0.2817, 
sin(2a) = 0.5406, sin(3a) = 0.7557, sin(4a) = 0.9096, 
sin(5a) = 0.9898. From one of NEWTON’S IDENTITIES, 


sá T = (75) a (3T) = a (5) 


NN ES 

1024 32 

cos (+) cos (55) cos (57) cos (57) cos (55) 
== (1) 

tan ($7) tan (77) tan (57) tan (57) tan a (57) 
= v11. (8) 


The trigonometric functions of r/11 also obey the iden- 


tity m 
20 
tan (57) + 4sin (57) = v11. (9) 


see also UNDECAGON 


References 
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Trigonometry Values—zx /12 


Similarly, 


cos (E) = cos 
12/ 


= (V2) + 3V3(-3v2) 
= 1(V6 + V2). (2) 
Summarizing, 

sin (=) = 1(V6 — V2) = 0.25881 (3) 
cos (=) = 1(V6 + V2) ~ 0.96592 (4) 
tan (5) = 2 — V3 ~ 0.26794 (5) 
esc (5) = V6 + V2 = 3.86370 (6) 
sec (5) = V6 — V2 = 1.03527 (7) 
cot (5) = 2 + V3 = 3.73205. (8) 


Trigonometry Values—r /16 1857 


Trigonometry Values—/15 


= sin (=) cos (=) — sin (=) cos (=) 
L/L (5 4-v8) - Slve-1) 
= (2v3 — 2V15 + V40+8V5) (3) 


and 
cos (75) = cos (5 — 55) 
= eos (5) eos (75) + sin (5) sin (75) 
ae (65) ==) 
= 1(1/30+ 6V5 + V5 - 1). (2 


Aaa 


Summarizing, 

sin (=) = 4 (2V3 — 2/15 + V 40 + 8V5) 

zæ 0.20791 (3) 
sin (=) = 1434 v15 — V 10 - 2V5) 

zæ 0.40673 (4) 
cos (Z) = ¿(vV 30 + 6/5 + V5 — 1) = 0.97814 (5) 

2 

cos (=) = 1(V30 — 6V5 + 1) = 0.91354 (6) 
tan (E) = 1(3V3 — yv 15— y 50 — 22/5) 

œ 0.21255. (7) 


Trigonometry Values—z /16 


sin (Z) = sin (5 z) 
16/ 2 8 


1858 Trigonometry Values—r /17 


Summarizing, 


sin (=) = Ł4/ 2 — V2+ V2 = 0.19509 (4) 

sin (=) = 44/2 — V 2 — V2 ~ 0.55557 (5) 

cos (5) =14/2+ 72+ V2~ 0.98079 (6) 
37 7 

cos (5) =14 24 V2- V2 = 0.83147 (7) 

tan (E) = V 4+ 2V2 — V2 — 1 % 0.19891. (8) 


Trigonometry Values—7/17 

Rather surprisingly, trigonometric functions of nr/17 
for n an integer can be expressed in terms of sums, prod- 
ucts, and finite root extractions because 17 is a FER- 
MAT PRIME. This makes the HEPTADECAGON a CoN- 
STRUCTIBLE, as first proved by Gauss. Although Gauss 
did not actually explicitly provide a construction, he did 
derive the trigonometric formulas below using a series of 
intermediate variables from which the final expressions 
were then built up. 


Let 
e= V 17+ v17 
e€ = V17- V17 
a= [J34 + 6V17 + (VBA — V2)e* - BV 26 
B=2 174 3V17 — 2V2€— Ve. 
Then 


sin (=) = 1[34 — 2417 - 2V2 €" 


—24/68 + 12417 + 2V2(V17 — 1)er — 164 2€]'? 


= 0.18375 
cos (=) = 1/30 + 2V17 + 242 €” 


17 
+24/68 + 12417 + 2V2(V17 — 1)e” — 1642€]!” 


~ 0.98297 
2 
sin (=) = 4[136 — 8V17 + 4/2(1 — V17)e" + 16V/2e 
+2(/2 — V34 — 26") 4/344 6V17 + (V34 — V2)e* — 8V2e]?” 
~ 0.36124 


2 
cos ( =) = 2[-1+ V17 + V2e" 


17 
4+4/68 + 12417 — 24 2(1 — V17 )er — 1642 €] 


= 0.0.93247 
4 
sin (=) = ¿1 (-V2 + V34 + 2e" + 2a) 


x 1/68 — 4417 — 2(V34 — V2 Jet + 8V2 e + (V2 — V34 — 2e”) 


= 0.0.67370 


Trigonometry Values—r /18 


8 
sin ($) = 4 [136 ~ 8V17 + 842€ — 2(V34 — 3V2)e* 


-28(1 — V17 — V2e)]P 
= 0.99573 


8 
cos z) = L(-1+ v17 -+ V2€" 


17 
—24/ 17 + 3V17 — V2 e — 242€). 


= 0.09227 


There are some interesting analytic formulas involving 
the trigonometric functions of nr/17. Define 


P(x) = (x ~1)(a — Da? + 1) 


)= 2+ y Plz) 


gi(z 7 
-z 
ga(z) = A 
fi) = 4lgi(x) — 1] 
a= Í tan”? 4, 


where i = 1 or 4. Then 
fi(tan a) = cos (=) 


faltan a) = cos (=) . 


` 


see also CONSTRUCTIBLE POLYGON, FERMAT PRIME, 
HEPTADECAGON 


References 


Casey, J. Plane Trigonometry. Dublin: Hodges, Figgis, & 
Co., p. 220, 1888. 
Conway, J. H. and Guy, R. K. The Book of Numbers. New 
York: Springer-Verlag, pp. 192-194 and 229-230, 1996. 
Dorrie, H. “The Regular Heptadecagon.” 837 in 100 Great 
Problems of Elementary Mathematics: Their History and 
Solutions. New York: Dover, pp. 177-184, 1965. 

Ore, Ø. Number Theory and Its History. New York: Dover, 
1988. 

Smith, D. E. A Source Book in Mathematics. New York: 
Dover, p. 348, 1994. 


Trigonometry Values—z /18 
The exact values of cos(7/18) and sin({7/18) are given 
by infinite NESTED RADICALS. 


sin (E) =1 2-4 2+ 1424 V2=... 
0 


where the sequence of signs +, +, — repeats with period 
3, and 


cos (E) = 4v3 Y8-Y48-V8+vV8-...+1 


= 0.98481, 


where the sequence of signs —, —, + repeats with period 
3. 


Trigonometry Values—1 /20 


Trigonometry Values—zx /20 


= 44/8 — 2V 10 + 245 

~ 0.15643 (1) 
os (=) = cos (55) = a (1 + cos E) 
RADO) 210) V2 10 

= 148424104245 

æ 0.98768... (2) 
tan (=) Sitya 

= 0.15838. (3) 


An interesting near-identity is given by 


, [cos(5) + cosh(z5) + 2cos(¿5v2) cosh(. V2)] ~ 1. 
(4) 


In fact, the left-hand side is approximately equal to 1 + 
2.480 x 107%, 


Trigonometry Values—-0 
By the definition of the trigonometric functions, 


sin0 = 0 
cos0 = 1 
tan0 = 0 
csc O = œ 
secQ = 1 
cot 0 = oo. 


Trigyrate Rhombicosidodecahedron 
see JOHNSON SOLID 


Trihedron 

The TRIPLE of unit ORTHOGONAL VECTORS T, N, and 
B (TANGENT VECTOR, NORMAL VECTOR, and BINOR- 
MAL VECTOR). 

see also BINORMAL VECTOR, NORMAL VECTOR, TAN- 
GENT VECTOR 


Trilinear Coordinates 


Trilinear Coordinates 1859 


Given a TRIANGLE AABC, the trilinear coordinates of 
a point P with respect to AABC are an ordered TRIPLE 
of numbers, each of which is PROPORTIONAL to the di- 
rected distance from P to one of the side lines. Trilinear 
coordinates are denoted a : 8 : y or (a, ß, y) and also 
are known as BARYCENTRIC COORDINATES, HOMOGE- 
NEOUS COORDINATES, or “trilinears.” 


In trilinear coordinates, the three VERTICES A, B, and 
C are given by 1:0:0,0:1:0, and0:0:1. Let the 
point P in the above diagram have trilinear coordinates 
a: B: and lie at distances a’, b', and c' from the 
sides BC, AC, and AB, respectively. Then the distances 
a’ = ka, b' = kG, and c' = ky can be found by writing 
A, for the AREA of ABPC, and similarly for A, and 
Ac. We then have 


A = Aa + Ay + Ac = Laa! + tbb + Lec! 
= Laka + bk + cky) = $k(aa+b8+cy). (1) 


sO 


2A 
>. 2 
aa + b8 + ey’ (2) 


where A is the AREA of AABC and a, b, and c are the 
lengths of its sides. When the values of the coordinates 
are taken as the actual lengths (i.e., the trilinears are 
chosen so that k = 1), the coordinates are known as 
EXACT TRILINEAR COORDINATES. 


k= 


Trilinear coordinates are unchanged when each is mul- 
tiplied by any constant u, so 


ti : ta: t3 = uti : pete : pts. (3) 
When normalized so that 
tı +t +t =1, (4) 


trilinear coordinates are called AREAL COORDINATES. 
The trilinear coordinates of the line 


uz + vy + wz = 0 (5) 


are 
u:v:w = ada : bdp : cdc, (6) 


where d; is the POINT-LINE DISTANCE from VERTEX A 
to the LINE. 


Trilinear coordinates for some common POINTS are sum- 
marized in the following table, where A, B, and C are 
the angles at the corresponding vertices and a, b, and c 
are the opposite side lengths. 


1860 Trilinear Coordinates 
Point Triangle Center Function 
centroid M csc A, 1/a 
circumcenter O cos Á 


cos A — cos B cos C 
sec(3 A) cos(5B) cos(5C) + 1 


de Longchamps point 
equal detour point 


Feuerbach point F 1—cos(B — C) 

incenter J 1 

isoperimetric point sec(5A) cos(5B) cos(3C) — 1 
Lemoine point a 

nine-point center N —_cos(B — C) 

orthocenter H cos B cos C 

vertex A 1:0:0 

vertex B 0:1:0 

vertex C 0:0:1 


- To convert trilinear coordinates to a vector position for 
a given triangle specified by the z- and y-coordinates of 
its axes, pick two UNIT VECTORS along the sides. For 


instance, pick 
n | G1 


A C1 

SH (8) 
where these are the UNIT VECTORS BC and AB. As- 
sume the TRIANGLE has been labeled such that A = xı 
is the lower rightmost VERTEX and C = x2. Then the 
VECTORS obtained by traveling la and le along the sides 
and then inward PERPENDICULAR to them must meet 


ja] 2, 


Solving the two equations 
£i + leci — kyca = Lalaai ~ kaaz (10) 
yi + lec2 + kyc1 = yolaag + kaa, (11) 
gives 


ka(aicı + azc2) — yk(c1? + 027) + c2(£1 — 22) + c (y2 — Y1) 
di — QC] 


l = 
(12) 


la 


Q,Cz — Q21 


(13) 
But â and € are UNIT VECTORS, so 


l = 
ka(aıcı + az¢c2) — yk + c2(£1 — 22) + c1 (y2 — y1) 
41C2 — QA2C1 
(14) 


ka — yk(aicı + a2c2) + az(zı — z2) + ar(y2 — y1) 


&12 — @9C1 
(15) 


Trimagic Square 


And the VECTOR coordinates of the point a: §: y are 


then 
— C1 _ Ca 
x=x1 +k H e| |. (16) 


see also AREAL COORDINATES, EXACT TRILINEAR CoO- 
ORDINATES, ORTHOCENTRIC COORDINATES, POWER 
CURVE, QUADRIPLANAR COORDINATES, TRIANGLE, 
TRILINEAR POLAR 
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Trilinear Line 
A LINE is given in TRILINEAR COORDINATES by 


la+m6+ny = 0. 
see also LINE, TRILINEAR COORDINATES 


Trilinear Polar 
Given a TRIANGLE CENTER X =l: m:n, the line 


latmB+ny=0 


is called the trilinear polar of X~* and is denoted L. 
see also CHASLES’S POLARS THEOREM 


Trillion 

The word trillion denotes different numbers in Amer- 
ican and British usage. In the American system, one 
trillion equals 10*?. In the British, French, and German 
systems, one trillion equals 10**, 


see also BILLION, LARGE NUMBER, MILLION 


Trimagic Square 

If replacing each number by its square or cube in a 
MAGIC SQUARE produces another MAGIC SQUARE, the 
square is said to be a trimagic square. ‘Trimagic squares 
of order 32, 64, 81, and 128 are known. Tarry gave a 
method for constructing a trimagic square of order 128, 
Cazalas a method for trimagic squares of orders 64 and 
81, and R. V. Heath a method for constructing an or- 
der 64 trimagic square which is different from Cazalas’s 
(Kraitchik 1942). 


Trimean 


Trimagic squares are also called TREBLY MAGIC 
SQUARES, and are 3-MULTIMAGIC SQUARES. 


see also BIMAGIC SQUARE, MAGIC SQUARE, MUL- 
TIMAGIC SQUARE 
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Trimean 
The trimean is defined to be 


TM = 1(H, +2M + Ha), 


where H; are the HINGES and M is the MEDIAN. Press 
et al. (1992) call this TUKEY’S TRIMEAN. It is an L- 
ESTIMATE. 


see also HINGE, L-ESTIMATE, MEAN, MEDIAN (STATIS- 
TICS) 
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Trimorphic Number 

A number n such that the last digits of në are the same 
as n. 49 is trimorphic since 49% = 117649 (Wells 1986, 
p. 124). The first few are 1, 4, 5, 6, 9, 24, 25, 49, 51, 75, 
76, 99, 125, 249, 251, 375, 376, 499, .... 

see also AUTOMORPHIC NUMBER, NARCISSISTIC NUM- 
BER, SUPER-3 NUMBER 
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Trinoid 


Trinomial Triangle 1861 
A MINIMAL SURFACE discovered by L. P. M. Jorge and 
W. Meeks III in 1983 with ENNEPER- WEIERSTRAS PA- 
RAMETERIZATION 


=p Y 
g= (2) 
(Dickson 1990). Explicitly, it is given by 
18 19 _ 
-K re o 4 In(re 1) 
3(1 + ret? + r2e210) 9 
+ 2In(1 + re? + a (3) 
9 
y=-13 —3re’? (1 + ret’) 
9 r3e%ið — 1 
3,310 —1 { 142re*? 
443 (rie? — 1) tan (=) 
+ r3e3i® — 1 (4) 
2 2 
= R | -- ==], 5 
2 | 3 3(r3e3i0 — 5 | (5) 


for 8 € [0, 27) and r € [0, 4]. 
see also MINIMAL SURFACE 
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Trinomial 
A POLYNOMIAL with three terms. 


see also BINOMIAL, MONOMIAL, POLYNOMIAL 


Trinomial Identity 


(x? + ary + by”)(t? + atu + bu”) = r? +ars+bs*, (1) 
where 


r = xt — byu (2) 
s = yt + rut ayu. (3) 


Trinomial Triangle 

The NUMBER TRIANGLE obtained by starting with a 
row containing a single “1” and the next row containing 
three 1s and then letting subsequent row elements be 


1862 Triomino 


computed by summing the elements above to the left, 
directly above, and above to the right: 


1 
1 1 1 
1 2 3 2 1 
1 3 6 7 6 3 1 
1 4 10 16 19 16 10 4 1 


(Sloane’s A027907). The nth row can also be obtained 
by expanding (1+ x + x°)” and taking coefficients: 


(l+ae+a7)°=1 
(lt+e+2’)'=14+e24+2’ 
(l+e+a7)? =14 224 32 +20 +2 


and so on. 


see also PASCAL’S TRIANGLE 
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H 


The two 3-POLYOMINOES are called triominoes, and are 
also known as the TROMINOES. The left triomino above 
is “STRAIGHT,” while the right triomino is called “right” 
or L-. 


Triomino 


see also L-POLYOMINO, POLYOMINO, STRAIGHT POLY- 
OMINO 
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Trip-Let 

A 3-dimensional solid which is shaped in such a way that 
its projections along three mutually perpendicular axes 
are three different letters of the alphabet. Hofstadter 
(1989) has constructed such a solid for the letters G, E, 
and B. 


see also CORK PLUG 
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Triple Scalar Product 


Triple 
A group of three elements, also called a TRIAD. 


see also AMICABLE TRIPLE, MONAD, PAIR, PYTHAG- 
OREAN TRIPLE, QUADRUPLET, QUINTUPLET, TETRAD, 
TRIAD, TWINS 


Triple-Free Set 

A SET of POSITIVE integers is called weakly triple-free 
if, for any integer x, the SET {z, 2x, 3x} ¢ S. It is called 
strongly triple-free if z € S IMPLIES 2x € S and 32 € S. 
Define 


p(n) = max[|S|: S C {1,2,...,n} 
is weakly triple-free} 
q(n) = max{|S|: 5 C {1,2,...,n} 
is strongly triple-free}, 


where |S| denotes the CARDINALITY of S, then 


lim 208 > a 
n-o Nn — 5 
and 
lim 20% — 9.6134752692... 
n-+00 Ti 
(Finch). 


see also DOUBLE-FREE SET 
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Triple Jacobi Product 
see JACOBI TRIPLE PRODUCT 


Triple Point 


A point where a curve intersects itself along three arcs. 
The above plot shows the triple point at the ORIGIN of 
the TRIFOLIUM (x? + y*)? + 32%y — y? =0. 

see also DOUBLE POINT, QUADRUPLE POINT 
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Triple Scalar Product 
see SCALAR TRIPLE PRODUCT 


Triple Vector Product 


Triple Vector Product 
see VECTOR TRIPLE PRODUCT 


Triplet 
see TRIPLE 


Triplicate-Ratio Circle 
see LEMOINE CIRCLE 


Trisected Perimeter Point 
A triangle center which has a TRIANGLE CENTER FUNC- 
TION 

a = be(v — c+ a)(v -a +b), 


where v is the unique REAL ROOT of 


2g? —3(a +b + c)r? + (a? +b +e + 8bc + 8ca + 80b)x 
—(b?c + c’a + a°b + 5bc? + 5ca? + 5ab* + 9abc) = 0. 
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Trisection 


9/3 trisection 


Angle trisection is the division of an arbitrary ÁNGLE 
into three equal ANGLES. It was one of the three GEO- 
METRIC PROBLEMS OF ANTIQUITY for which solutions 
using only COMPASS and STRAIGHTEDGE were sought. 
The problem was algebraically proved impossible by 
Wantzel (1836). 


Although trisection is not possible for a general ANGLE 
using a Greek construction, there are some specific an- 
gles, such as 7/2 and v radians (90° and 180°, respec- 
tively), which can be trisected. Furthermore, some AN- 
GLES are geometrically trisectable, but cannot be con- 
structed in the first place, such as 30/7 (Honsberger 
1991). In addition, trisection of an arbitrary angle can 
be accomplished using a marked RULER (a NEUSIS CON- 
STRUCTION) as illustrated below (Courant and Robbins 
1996). 


An ANGLE can also be divided into three (or any WHOLE 
NUMBER) of equal parts using the QUADRATRIX OF HIP- 
PIAS or TRISECTRIX. 


Tritangent 1863 


see also ANGLE BISECTOR, MACLAURIN TRISECTRIX, 
QUADRATRIX OF HIPPIAS, TRISECTRIX 
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Trisectrix 
see CATALAN?S TRISECTRIX, MACLAURIN TRISECTRIX 


Trisectrix of Catalan 
see CATALAN’S TRISECTRIX 


Trisectrix of Maclaurin 


see MACLAURIN TRISECTRIX 


Triskaidecagon 
see TRIDECAGON 


Triskaidekaphobia 

The number 13 is traditionally associated with bad luck. 
This superstition leads some people to fear or avoid 
anything involving this number, a condition known as 
triskaidekaphobia. Triskaidekaphobia leads to interest- 
ing practices such as the numbering of floors as 1, 2, 
..., 11, 12, 14, 15, ..., omitting the number 13, in many 
high-rise hotels. 


see also 13, BAKER’S DOZEN, FRIDAY THE THIR- 
TEENTH, TRISKAIDEKAPHOBIA 


Tritangent 

The tritangent of a CUBIC SURFACE is a PLANE which 
intersects the surface in three mutually intersecting 
lines. Each intersection of two lines is then a tangent 
point of the surface. 


see also CUBIC SURFACE 
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1864 Tritangent Triangle 


Tritangent Triangle 
see EXCENTRAL TRIANGLE 


Trivial 

According to the Nobel Prize-winning physicist Richard 
Feynman (1985), mathematicians designate any THE- 
OREM as “trivial” once a proof has been obtained—no 
matter how difficult the theorem was to prove in the 
first place. There are therefore exactly two types of 
true mathematical propositions: trivial ones, and those 
which have not yet been proven. 


see also PROOF, THEOREM 
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Trivialization 

In the definition of a FIBER BUNDLE f : E > B, the 
homeomorphisms gy : fT (U) + U x F that commute 
with projection are called local trivializations for the 
FIBER BUNDLE f. 


see also FIBER BUNDLE 


Trochoid 


The curve described by a point at a distance b from the 
center of a rolling CIRCLE of RADIUS a. 


xz = aġ — bsing 
y =a — bcos ġo. 


If b < a, the curve is a CURTATE CYCLOID. If b = a, the 
curve is a CYCLOID. If b > a, the curve is a PROLATE 
CYCLOID. 


see also CURTATE CYCLOID, CYCLOID, PROLATE CY- 
CLOID 
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Tromino 
see TRIOMINO 


True 

A statement which is rigorously known to be correct. A 
statement which is not true is called FALSE, although 
certain statements can be proved to be rigorously UN- 
DECIDABLE within the confines of a given set of assump- 
tions and definitions. Regular two-valued LOGIC allows 
statements to be only true or FALSE, but Fuzzy LoGic 
treats “truth” as a continuum which can have any value 
between 0 and 1. 


see also ALETHIC, FALSE, FUZZY LOGIC, LOGIC, TRUTH 
TABLE, UNDECIDABLE 


Truncated Dodecadodecahedron 


Truncate 

To truncate a REAL NUMBER is to remove its nonin- 
tegral part. Truncation of a number z therefore corre- 
sponds to taking the FLOOR FUNCTION |z]. 


see also CEILING FUNCTION, FLOOR FUNCTION, NINT, 
ROUND 


Truncated Cone 
see CONICAL FRUSTUM 


Truncated Cube 


An ARCHIMEDEAN SOLID whose DUAL POLYHEDRON is 


the TRIAKIS OCTAHEDRON. It has SCHLAFLI SYMBOL 


t{4,3}. It is also UNIFORM POLYHEDRON Uy and has 
WYTHOFF SYMBOL 23| 4. Its faces are 8{3}+6{8}. The 
INRADIUS, MIDRADIUS, and CIRCUMRADIUS for a = 1 
are: 
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Truncated Cuboctahedron 
see GREAT RHOMBICUBOCTAHEDRON (ARCHIMEDEAN) 


Truncated Dodecadodecahedron 


The UNIFORM POLYHEDRON Usg, also called the QUA- 
SITRUNCATED DODECAHEDRON, whose DUAL POLYHE- 
DRON is the MEDIAL DISDYAKIS TRIACONTAHEDRON. 


It has SCHLAFLI SYMBOL at 2 } and WYTHOFF SYM- 
BOL 2% |5. Its faces are 12{10} + 30{4} + 122). Its 
CIRCUMRADIUS for a = 1 is 


R= ivil. 


all about crystal sets 


WIRING 


Connect the crystal set components with hookup wire as 
shown in the illustration. Use 6-inch lengths of 
insulated stranded wire to the two small alligator clips. 


Experiment 1 


Connect antenna, ground, and 2000-ohm headphones to the 
crystal set. Then connect the Di alligater clip lead to 
the antenna terminal. Set the tuning capacitor C1 to 
minimum capacity (rotor blades all the way out). Connect 
the antenna clip lead to the tap on Ll near the center of 
the form. 


Adjust the crystal detector Dl catwhisker to a sensitive 
spot and tune Cl for a radio station. It may be easier to 
tune for stations if you temporarily connect a crystal 
diode (1N34A or equiv.) in place of the catwhisker 
crystal detector. 


After a station is heard, you can disconnect the diode 
and probe for a sensistive spot on the crystal with the 
catwhisker. Change the antenna clip lead to other Ll taps 
and continue tuning Cl for radio stations. 


Experiment 2 


Disconnect the Di clip lead and reconnect it to a tap on 
Ll close to the center of the coil. This will load Ll 
more lightly than if the detector was connected to the 
top of the coil. Repeat the tuning procedure of 
Experiment 1 and note the difference in selectivity and 
volume of the received radio stations. Then tune in a 
radio station and move the Dl clip lead to other taps on 
Li. There will be a particular tap point for optimum 
selectivity and volume for each received station. 


30 


Truncated Dodecahedron 
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Truncated Dodecahedron 


An ARCHIMEDEAN SOLID whose DUAL POLYHEDRON is 
the TRIAKIS ICOSAHEDRON. It has SCHLAFLI SYMBOL 
t{5,3}. It is also UNIFORM POLYHEDRON U2. and has 
WYTHOFF SYMBOL 23] 5. Its faces are 20{3} + 12{10}. 
The INRADIUS, MIDRADIUS, and CIRCUMRADIUS for a = 
1 are 


r = ¿(1742 + 3V10) V 37 + 15V5 © 2.88526 
1(5 4+ 375) = 2.92705 


p 
R= 74 + 30V5 œ 2.96945. 


1 
4 


Truncated Great Dodecahedron 


The UNIFORM POLYHEDRON U37 whose DUAL POLYHE- 
DRON is the SMALL STELLAPENTAKIS DODECAHEDRON. 
It has SCHLAFLI SYMBOL t{5,2}. It has WYTHOFF 
SYMBOL 225. Its faces are 12(5) + 12{10}. Its CIR- 
CUMRADIUS for a = 1 is 


R=1V344 1045. 


see also GREAT ICOSAHEDRON 
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Truncated Octahedral Number 1865 


Truncated Great Icosahedron 
see GREAT TRUNCATED ICOSAHEDRON 


Truncated Hexahedron 
see TRUNCATED CUBE 


Truncated Icosahedron 


An ARCHIMEDEAN SOLID used in the construction of 
SOCCER BALLS. Its DUAL POLYHEDRON is the PEN- 
TAKIS DODECAHEDRON. It has SCHLAFLI SYMBOL 
t{3,5}. It is also UNIFORM POLYHEDRON U2s and has 
WYTHOFF SYMBOL 25/3. Its faces are 20{6} + 12{5}. 
The INRADIUS, MIDRADIUS, and CIRCUMRADIUS for 
a = l are 


Ea 5% (21 zh V5 )V 58 + 1845 = 2.37713 
(1+ V5) = 2.42705 


Y 58 + 1845 = 2.47802. 


p 
R= 


Alea plo 00 


Truncated Icosidodecahedron 


see GREAT RHOMBICOSIDODECAHEDRON (ARCHIMED- 
EAN) 


Truncated Octahedral Number 

A FIGURATE NUMBER which is constructed as an OCT- 
AHEDRAL NUMBER with a SQUARE PYRAMID removed 
from each of the six VERTICES, 


TOn = O3n-2 — 6Pa—1 = 4 (3n — 2)[2(3n — 2)? + 1), 


where O, is an OCTAHEDRAL NUMBER and P, is a 
PYRAMIDAL NUMBER. The first few are 1, 38, 201, 586, 

(Sloane’s A005910). The GENERATING FUNCTION 
for the truncated octahedral numbers is 


6x? + 55x* + 34g + 1 
EA = 04 080 + 2012" +... 


1866 Truncated Octahedron 


see also OCTAHEDRAL NUMBER 
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Truncated Octahedron 


An ARCHIMEDEAN SOLID, also known as the MECON, 
whose DUAL POLYHEDRON is the TETRAKIS HEXA- 
HEDRON. It is also UNIFORM POLYHEDRON Ug and 
has SCHLAFLI SYMBOL t{3,4} and WYTHOFF SYM- 
BOL 24/3. The faces of the truncated octahedron are 
8{6}+6{4}. The truncated octahedron has the O, OCT- 
AHEDRAL GROUP of symmetries. 


d=Nv2a/2 
a N 
g 


al2 


The solid can be formed from an OCTAHEDRON via 
TRUNCATION by removing six SQUARE PYRAMIDS, each 
with edge slant height a = s/3 and height h, where s is 
the side length of the original OCTAHEDRON. From the 
above diagram, the height and base area of the SQUARE 
PYRAMID are 


h=/a?—d?=1V2a (1) 


Ap = a’. (2) 


The VOLUME of the truncated octahedron is then given 
by the VOLUME of the OCTAHEDRON 


Voctahedron = 1/2 5" = 9/2 a” (3) 
minus six times the volume of the SQUARE PYRAMID, 


— 6(4 Ash) = (9V2 — V2)a° =8V2a". 
(4) 
The truncated octahedron is a SPACE-FILLING POLYHE- 


DRON. The INRADIUS, MIDRADIUS, and CIRCUMRADIUS 
for a = 1 are 


Y= Voctahedron 


r= ¿v10 © 1.42302 (5) 
=2=1.5 (6) 
R = 5V10 = 1.58114. | (7) 


Truncated Tetrahedral Number 


see also OCTAHEDRON, SQUARE PYRAMID, TRUNCA- 
TION 
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Truncated Polyhedron 
A polyhedron with truncated faces, given by the 


SCHLAFLI SYMBOL t{ ? }. 
see also RHOMBIC POLYHEDRON, SNUB POLYHEDRON 


Truncated Pyramid 
see PYRAMIDAL FRUSTUM 


Truncated Square Pyramid 

The truncated square pyramid is a special case of a 
PYRAMIDAL FRUSTUM for a SQUARE PYRAMID. Let 
the base and top side lengths of the truncated pyramid 
be a and b, and let the height be h. Then the VOLUME 
of the solid is 


V = Ha” + ab+0")h. 


This FORMULA was known to the Egyptians ca. 1850 
BC. The Egyptians cannot have proved it without calcu- 
lus, however, since Dehn showed in 1900 that no proof of 
this equation exists which does not rely on the concept of 
continuity (and therefore some form of INTEGRATION). 


see also FRUSTUM, PYRAMID, PYRAMIDAL FRUSTUM, 
SQUARE PYRAMID 


Truncated Tetrahedral Number 

A FIGURATE NUMBER constructed by taking the (3n — 
2)th TETRAHEDRAL NUMBER and removing the (n — 
1)th TETRAHEDRAL NUMBER from each of the four cor- 
ners, | 


Ttetn = Tezn-3 — 4Ten-1 = in(23n7 — 27n + 10). 


The first few are 1, 16, 68, 180, 375, ... (Sloane's 
A005906). The GENERATING FUNCTION for the trun- 
cated tetrahedral numbers is 


T(107* + 122 +1) 


ET = g + 16x’ + 892" + 1807 +.... 
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Truncated Tetrahedron 


Truncated Tetrahedron 


An ARCHIMEDEAN SOLID whose dual is the T'RIAKIS 
TETRAHEDRON. It has SCHLAFLI SYMBOL t{3,3}. It 
is also UNIFORM POLYHEDRON U2 and has WYTHOFF 
SYMBOL 23|3. Its faces are 4{3} + 4{6}. The INRA- 
DIUS, MIDRADIUS, and CIRCUMRADIUS for a truncated 
tetrahedron with a = 1 are 


r= 222 = 0.95940 
p = 342 = 1.06066 
R = v22 = 1.17260. 


Truncation 

The removal of portions of SOLIDS falling outside a set 
of symmetrically placed planes. The five PLATONIC 
SOLIDS belong to one of the following three truncation 
series (which, in the first two cases, carry the solid to its 
DUAL POLYHEDRON). 


Cube Truncated Cuboctahedron Truncated Octahedron 


Cube Octahedron 


Truncated Dodecahedron 
Dodecahedron 


Icosidodec- 
ahedron 


Truncated 
Icosahedron 


Icosahedron 


Truncated Octahedron 


Tetrahedron 


Tetrahedron 


see also STELLATION, TRUNCATED CUBE, TRUNCATED 
DODECAHEDRON, TRUNCATED ICOSAHEDRON, TRUN- 
CATED OCTAHEDRON, TRUNCATED TETRAHEDRON, 
VERTEX FIGURE 


Truth Table 

A truth table is a 2-D array with n + 1 columns. The 
first n columns correspond to the possible values of n 
inputs, and the last column to the operation being per- 
formed. The rows list all possible combinations of inputs 


Tschirnhausen Cubic Caustic 1867 


together with the corresponding outputs. For example, 
the following truth table shows the result of the binary 


AND operator acting on two inputs A and B, each of 
which may be true or false. 


A B ANB 
Fr F E 
F T F 
T F F 
A E T 


see also AND, MULTIPLICATION TABLE, OR, XOR 


Tschebyshev 


An alternative spelling of the name “Chebyshev.” 


see also CHEBYSHEV APPROXIMATION FORMULA, 
CHEBYSHEV CONSTANTS, CHEBYSHEV DEVIATION, 
CHEBYSHEV DIFFERENTIAL EQUATION, CHEBYSHEV 
FUNCTION, CHEBYSHEV-GAUSS QUADRATURE, CHEBY- 
SHEV INEQUALITY, CHEBYSHEV INTEGRAL, CHEBY- 
SHEV PHENOMENON, CHEBYSHEV POLYNOMIAL OF THE 
FIRST KIND, CHEBYSHEV POLYNOMIAL OF THE SEC- 
OND KIND, CHEBYSHEV QUADRATURE, CHEBYSHEV- 
RADAU QUADRATURE, CHEBYSHEV-SYLVESTER CON- 
STANT 


Tschirnhausen Cubic 


The Tschirnhausen cubic is a plane curve given by 
a = r cos? (30) 


and is also known as CATALAN’S TRISECTRIX and 
L'HOSPITAL'S CUBIC. The name Tschirnhaus's cubic 
is given in R. C. Archibald's 1900 paper attempting to 
classify curves (MacTutor Archive). Tschirnhaus’s cu- 
bic is the NEGATIVE PEDAL CURVE of a PARABOLA with 
respect to the FOCUS. 
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Tschirnhausen Cubic Caustic 
The CAUSTIC of the TSCHIRNHAUSEN CUBIC taking the 
RADIANT POINT as the pole is NEILE’S PARABOLA. 


1868 


Tschirnhausen Cubic Pedal Curve 


The PEDAL CURVE to the TSCHIRNHAUSEN CUBIC for 
PEDAL POINT at the origin is the PARABOLA 


r= 1—t? 


y = 2t. 


see also PARABOLA, PEDAL CURVE, PEDAL POINT, 
TSCHIRNHAUSEN CUBIC 


Tschirnhausen Transformation 

A transformation of a POLYNOMIAL equation f(x) = 0 
which is of the form y = g(x)/h(x) where g and h are 
POLYNOMIALS and h(x) does not vanish at a root of 
f(x) = 0. The CUBIC EQUATION is a special case of such 
a transformation. Tschirnhaus (1683) showed that a 
POLYNOMIAL of degree n > 2 can be reduced to a form in 
which the 277? and 2"7* terms have 0 COEFFICIENTS. 
In 1786, E. S. Bring showed that a general QUINTIC 
EQUATION can be reduced to the form 


r +pe+q=0. 


In 1834, G. B. Jerrard showed that a Tschirnhaus trans- 
formation can be used to eliminate the x77*, 277? and 
r”? terms for a general POLYNOMIAL equation of de- 
gree n > 3. 


see also BRING QUINTIC FORM, CUBIC EQUATION 
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Tubular Neighborhood 

The tubular embedding of a SUBMANIFOLD M™ Cc N” 
of another MANIFOLD N” is an EMBEDDING t: M x 
B""*" — N such that t(z,0) = x whenever z € M, 
where B””™ is the unit BALL in R” ™ centered at 0. 
The tubular neighborhood is also called the PRODUCT 
NEIGHBORHOOD. 


see also BALL, EMBEDDING, PRODUCT NEIGHBORHOOD 
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Tschirnhausen Cubic Pedal Curve 


Tukey’s Biweight 


Tucker Circles 

Let three equal lines P,Q1, P2Q2, and P3Q3 be drawn 
ANTIPARALLEL to the sides of a triangle so that two (say 
P2Q2 and P3Q3) are on the same side of the third line as 
A2P2Q3A3. Then P2Q3P3Q2 is an isosceles TRAPEZOID, 
i.e., P3Q2, PiQs, and P2Q) are parallel to the respective 
sides. The MIDPOINTS C1, C2, and C3 of the antiparal- 
lels are on the respective symmedians and divide them 
proportionally. 


If T divides KO in the same ratio, TC,, TC2, TC; are 
parallel to the radii OA1, OA2, and OAs: and equal. 
Since the antiparallels are perpendicular to the symme- 
dians, they are equal chords of a circle with center T 


which passes through the six given points. This circle is 
called the Tucker circle. 


If E eae 
¿ECG _ KO _ KC; _ KT 


KA KA, KA; KO 
then the radius of the Tucker circle is 


Ry e + (1—c)? tanw, 


where w is the BROCARD ANGLE. 


The COSINE CIRCLE, LEMOINE CIRCLE, and TAYLOR 
CIRCLE are Tucker circles. 


see also ANTIPARALLEL, BROCARD ANGLE, COSINE 
CIRCLE, LEMOINE CIRCLE, TAYLOR CIRCLE 
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Tukey’s Biweight 


The function 


for |z| < c 


0 for |z| > c 


sometimes used in ROBUST ESTIMATION. It has a min- 
imum at z = —c//3 and a maximum at z = c/v3, 


where : 
3x 
p (z) = ] — Peg = 0, 


Tukey's Trimean 


and an inflection point at z = 0, where 
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Tukey’s Trimean 
see TRIMEAN 


Tunnel Number 
Let a KNoT K be n-EMBEDDABLE. Then its tunnel 
number is a KNOT invariant which is related to n. 


see also EMBEDDABLE KNOT 
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Turan Graph 

The (n, k)-Turán graph is the EXTREMAL GRAPH on n 
VERTICES which contains no k-CLIQUE. In other words, 
the Turán graph has the maximum possible number of 
EDGES of any n-vertex graph not containing a COM- 
PLETE GRAPH Kp. TURAN’S THEOREM gives the maxi- 
mum number of edges t(n, k) for the (n, k)-Turán graph. 
For k = 3, 

t(n,3) = in’, 


so the Turán graph is given by the COMPLETE BIPAR- 
TITE GRAPHS 


n even 


n odd. 


Kn/2.n/2 
K (n—1)/2,(n+1)/2 


see also CLIQUE, COMPLETE BIPARTITE GRAPH, 


TURAN’S THEOREM 
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Turan’s Inequalities 

For a set of POSITIVE yx, k = 0, 1, 2..., Turán's in- 


equalities are given by 
Yk — Ye-19e+1 2 0 


fork =1,2,.... 
see also JENSEN POLYNOMIAL 
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Turning Angle 1869 
Turan’s Theorem 

Let G(V, E) be a GRAPH with VERTICES V and EDGES 
E on n VERTICES without a k-CLIQUE. Then 


(k — 2)n? 
t(n,k) < EPA 
where t(n,k) = |El is the EDGE NUMBER. More pre- 
cisely, the K-GRAPH Kn,,....n,_, With |n; — n;] < 1 for 
i Æ j is the unique GRAPH without a k-CLIQUE with the 
maximal number of EDGES t(n, k). 


see also CLIQUE, K-GRAPH, TURÁN GRAPH 
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Amer. Math. 


Turbine | 
A VECTOR FIELD on a CIRCLE in which the directions of 
the VECTORS are all at the same ANGLE to the CIRCLE. 


see also CIRCLE, VECTOR FIELD 


Turing Machine 

A theoretical computing machine which consists of an 
infinitely long magnetic tape on which instructions can 
be written and erased, a single-bit register of memory, 
and a processor capable of carrying out the following 
instructions: move the tape right, move the tape left, 
change the state of the register based on its current value 
and a value on the tape, and write or erase a value on the 
tape. The machine keeps processing instructions until 
it reaches a particular state, causing it to halt. Deter- 
mining whether a Turing machine will halt for a given 
input and set of rules is called the HALTING PROBLEM. 


see also Busy BEAVER, CELLULAR AUTOMATON, 
CHAITIN’S OMEGA, CHURCH-TURING THESIS, COM- 
PUTABLE NUMBER, HALTING PROBLEM, UNIVERSAL 
TURING MACHINE 


References 

Penrose, R. “Algorithms and Turning Machines.” Ch. 2 
in The Emperor’s New Mind: Concerning Computers, 
Minds, and the Laws of Physics. Oxford, England: Oxford 
University Press, pp. 30-73, 1989. 

Turing, A. M. “On Computable Numbers, with an Applica- 
tion to the Entscheidungsproblem.” Proc. London Math. 
Soc. Ser. 242, 230-265, 1937. 

Turing, A. M. “Correction.to: On Computable Numbers, 
with an Application to the Entscheidungsproblem.” Proc. 
London Math. Soc. Ser. 2 43, 544-546, 1938. 


Turning Angle 
see TANGENTIAL ÁNGLE. 


1870 Tutte's Graph 


Tutte’s Graph 


A counterexample to TAIT’S HAMILTONIAN GRAPH 
CONJECTURE given by Tutte (1946). A simpler coun- 
terexample was later given by Kozyrev and Grinberg. 


see also HAMILTONIAN CIRCUIT, TAIT’S HAMILTONIAN 
GRAPH CONJECTURE 
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Tutte Polynomial 

Let G be a GRAPH, and let ea(7') denote the cardinality 
of the set of externally active edges of a spanning tree 
T of G and ia(T) denote the cardinality of the set of 
internally active edges of T. Then 


ta (x, y) = Ss e eet). 


TCG 
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Tutte’s Theorem 

Let G be a GRAPH and S a SUBGRAPH of G. Let the 
number of ODD components in G — S be denoted S’, 
and |S| the number of VERTICES of S. The condition 
|S| > S' for every SUBSET of VERTICES is NECESSARY 
and SUFFICIENT for G to have a 1-FACTOR. 


see also FACTOR (GRAPH) 
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Twin Peaks 


Twin Peaks 
For an INTEGER n > 2, let lpf(x) denote the LEAST 
PRIME FACTOR of n. A PAIR of INTEGERS (z, y) is called 
a twin peak if 


l. 2 <y, 


2. Ipf(x) = Ipf(y), 
3. For all z, x < z < y IMPLIES Ipf(z) < Ipf(z). 


A broken-line graph of the least prime factor function 
resembles a jagged terrain of mountains. In terms of 
this terrain, a twin peak consists of two mountains of 
equal height with no mountain of equal or greater height 
between them. Denote the height of twin peak (z, y) by 
p = lpf(x) = lpf (y). By definition of the LEAST PRIME 
FACTOR function, p must be PRIME. 


Call the distance between two twin peaks (z, y) 
sS=y-t. 


Then s must be an EVEN multiple of p; that is, s = kp 
where k is EVEN. Á twin peak with s = kp is called a 
kp-twin peak. Thus we can speak of 2p-twin peaks, 4p- 
twin peaks, etc. A kp-twin peak is fully specified by k, 
p, and z, from which we can easily compute y = z+ kp. 


The set of kp-twin peaks is periodic with period g = p#, 
where p# is the PRIMORIAL of p. That is, if (z,y) is a 
kp-twin peak, then so is (x +q,y +q). A fundamental 
kp-twin peak is a twin peak having z in the fundamental 
period [0,q). The set of fundamental kp-twin peaks is 
symmetric with respect to the fundamental period; that 
is, if (x, y) is a twin peak on [0, q), then so is (q—y,q—2). 


The question of the EXISTENCE of twin peaks was first 
raised by David Wilson in the math-fun mailing list on 
Feb. 10, 1997. Wilson already had privately showed the 
EXISTENCE of twin peaks of height p < 13 to be unlikely, 
but was unable to rule them out altogether. Later that 
same day, John H. Conway, Johan de Jong, Derek Smith, 
and Manjul Bhargava collaborated to discover the first 
twin peak. Two hours at the blackboard revealed that 
p = 113 admits the 2p-twin peak 


x = 1269725922964049707 208826 79404584182254788131, 


which settled the EXISTENCE question. Immediately 
thereafter, Fred Helenius found the smaller 2p-twin peak 
with p = 89 and 


x = 9503844926749390990454854843625839. 


The effort now shifted to finding the least PRIME p ad- 
mitting a 2p-twin peak. On Feb. 12, 1997, Fred Helenius 
found p = 71, which admits 240 fundamental 2p-twin 
peaks, the least being 


x = 7310131732015251470110369. 


Twin Prime Conjecture 


Helenius’s results were confirmed by Dan Hoey, who also 
computed the least 2p-twin peak L(2p) and number of 
fundamental 2p-twin peaks N(2p) for p = 73, 79, and 
83. His results are summarized in the following table. 


p  L(2p) N (2p) 
71 7310131732015251470110369 240 
73 2061519317176132799110061 40296 
79 3756800873017263196139951 164440 
83 6316254452384500173544921 6625240 


The 2p-twin peak of height p = 73 is the smallest known 
twin peak. Wilson found the smallest known 4p-twin 
peak with p = 1327, as well as another very large 4p-twin 
peak with p = 3203. Richard Schroeppel noted that the 
latter twin peak is at the high end of its fundamental 
period and that its reflection within the fundamental 
period [0, p#) is smaller. 


Many open questions remain concerning twin peaks, 

e.g., 

1. What is the smallest twin peak (smallest n}? 

2. What is the least PRIME p admitting a 4p-twin peak? 

3. Do 6p-twin peaks exist? 

4. Is there, as Conway has argued, an upper bound on 
the span of twin peaks? 


5. Let p< q < r be PRIME. If p and r each admit kp- 
twin peaks, does q then necessarily admit a kp-twin 
peak? 


see also ANDRICA’S CONJECTURE, DIVISOR FUNCTION, 
LEAST COMMON MULTIPLE, LEAST PRIME FACTOR 


Twin Prime Conjecture 

Adding a correction proportional to 1/lnp to a compu- 
tation of BRUN’S CONSTANT ending with ... + 1/p + 
1/(p + 2) will give an estimate with error less than 
c(./p Inp)~*. An extended form of the conjecture states 


that 

” dz 
Pelp, 2) ~ 2IT -—_, 
(p, p + 2) 2 | (ina)? 


where Il is the TWIN PRIMES CONSTANT. The twin 
prime conjecture is a special case of the more general 
PRIME PATTERNS CONJECTURE corresponding to the 
set S = {0,2}. 

see also BRUN’S CONSTANT, PRIME ARITHMETIC PRO- 
GRESSION, PRIME CONSTELLATION, PRIME PATTERNS 
CONJECTURE, TWIN PRIMES 


Twin Primes 

Twin primes are PRIMES (p, q) such that p—q = 2. The 
first few twin primes are n + 1 for n = 4, 6, 12, 18, 30, 
42, 60, 72, 102, 108, 138, 150, 180, 192, 198, 228, 240, 
270, 282, ... (Sloane’s A014574). Explicitly, these are 
(3, 5), (5, 7), (11, 13), (17, 19), (29, 31), (41, 43), ... 
(Sloane’s A001359 and A006512). 


Twin Primes 1871 


Let 72(n) be the number of twin primes p and p+2 such 
that p < n. It is not known if there are an infinite num- 
ber of such PRIMES (Shanks 1993), but all twin primes 
except (3, 5) are of the form 6n+1. J. R. Chen has shown 
there exists an INFINITE number of PRIMES p such that 
p+ 2 has at most two factors (Le Lionnais 1983, p. 49). 
Bruns proved that there exists a computable INTEGER 
Zo such that if x > xo, then 


mola) < dao? (1) 


(Ribenboim 1989, p. 201). It has been shown that 


1 £ In in z 
mam) < el] f (p= y (Ina)? É +O ( In z )] 
p>2 

(2) 
where c has been reduced to 68/9 = 7.5556 (Fouvry and 
Iwaniec 1983), 128/17 = 7.5294 (Fouvry 1984), 7 (Bom- 
bieri et al. 1986), 6.9075 (Fouvry and Grupp 1986), and 
6.8354 (Wu 1990). The bound on c is further reduced 
to 6.8324107886 in a forthcoming thesis by Haugland 
(1998). This calculation involved evaluation of 7-fold in- 
tegrals and fitting of three different parameters. Hardy 
and Littlewood conjectured that c = 2 (Ribenboim 1989, 
p. 202). 


Define 


E = lim inf En, (3) 
n— oo pn 

If there are an infinite number of twin primes, then 
E = 0. The best upper limit to date is E < ; + 7/16 = 
0.44634... (Huxley 1973, 1977). The best previous 
values were 15/16 (Ricci), (2 + /3)/8 = 0.46650... 
(Bombieri and Davenport 1966), and (2V2 — 1)/4 = 
0.45706... (Pil’Tai 1972), as quoted in Le Lionnais 
(1983, p. 26). 


Some large twin primes are 10,006, 428+1, 1,706,595 x 
211235 +1, and 571,305 x 277% +1. An up-to-date table 
of known twin primes with 2000 or more digits follows. 
An extensive list is maintained by Caldwell. 


(p,p +1) dig. Reference 
260,497,545 x 2°65 4 1 2003 Atkin & Rickert 1984 
43,690,485,351,513 x 101° +1 2009 Dubner, Atkin 1985 
2,846!!! + 1 2151 Dubner 1992 
10,757,0463 x 10% 4 1 2259 Dubner, Atkin 1985 
663,777 x 279% 4 1] 2309 Brown et al. 1989 
75,188,117,004 x 107797? + 1 2309 Dubner 1989 

571305 x 27% 4 1 2324 Brown et al. 1989 
1,171,452,282 x 107499 + 1 2500 Dubner 1991 

459 . 28529 4 1 2571 Dubner 1993 
1,706,595 - 211235 4.4 3389 Noll et al. 1989 
4,655,478,828 . 10°42 + 1 3439 Dubner 1993 
1,692,923,232 - 101%? + 1 4030 Dubner 1993 
6,797,727 - 215328 4 1 4622 Forbes 1995 
697,053,81321%852 + 1 4932 Indlekofer & Ja'rai 1994 
570,918,348 - 10%? + 1 5129 Dubner 1995 


242,206,083 - 299880 + 1 11713 Indlekofer & Ja'rai 1995 


1872 Twin Primes 


The last of these is the largest known twin prime 
pair. In 1995, Nicely discovered a flaw in the Intel® 
Pentium™ microprocessor by computing the recip- 
rocals of 824,633,702,441 and 824,633,702,443, which 
should have been accurate to 19 decimal places but were 
incorrect from the tenth decimal place on (Cipra 1995, 
1996; Nicely 1996). 


If n > 2, the INTEGERS n and n+ 2 form a pair of twin 
primes IFF 


A[(n -—1)!4+ 1] +n =0 (mod n(n + 2)). (4) 
n = pp’ where (p,p) is a pair of twin primes IFF 
p(njo(n) = (n — 3)(n + 1) (5) 


(Ribenboim 1989). The values of 72(n) were found by 
Brent (1976) up to n = 10*”*. T. Nicely calculated them 
up to 10** in his calculation of BRUN’S CONSTANT. The 
following table gives the number less than increasing 
powers of 10 (Sloane's A007508). 


n Tan) 
10° 35 
107 205 
10° 1224 
10° 8,169 
107 58,980 
10° 440,312 
10° 3,424,506 
101° 27,412,679 
1072 224,376,048 


107? 1,870,585,220 
1019 —- 15 834,664,872 
10'* 135,780,321,665 


see also BRUN’S CONSTANT, DE POLIGNAC’S CONJEC- 
TURE PRIME CONSTELLATION, SEXY PRIMES, TWIN 
PRIME CONJECTURE, TWIN PRIMES CONSTANT 
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Twin Primes Constant 
The twin primes constant Iz is defined by 


I = l f _ | (1) 
in.) _ p(p — 2) 
In(2II2) = 2 In end 


li 
y 
yM 
Qa 

— 

BS 
ATTN 

|| 

| 
*S | 
Ne” 

| 

bo 

=J 
ATN 

pi 

| 

| 
eee 
A | 


p prime 
=-) n Z p, (2) 
I= PZ 


where the ps in sums and products are taken over 
PRIMES only. Flajolet and Vardi (1996) give series with 
accelerated convergence 


oo 


Mz = | [ka - 277)" (3) 


= 388 ] (cn) - 277) -37")(1-57”) 


n=2 


x(1= 7], (4) 


Twins 


with 


In == Do az, (5) 
d|n 


where u(x) is the MOBIUS FUNCTION. (4) has conver- 
gence like ~ (11/2) ”. 


The most accurately known value of II) is 
Ha = 0.6601618158.... (6) 


Le Lionnais (1983, p. 30) calls C2 the SHAH-WILSON 
CONSTANT, and 2C2 the twin prime constant (Le Lion- 
nais 1983, p. 37). 


see also BRUN’S CONSTANT, GOLDBACH CONJECTURE, 
MERTENS CONSTANT 
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Twins 
see BROTHERS, PAIR 


Twirl 
A ROTATION combined with an EXPANSION or DILA- 
TION. 


see also SCREW, SHIFT 


Twist 

The twist of a ribbon measures how much it twists 
around its axis and is defined as the integral of the in- 
cremental twist around the ribbon. Letting Lk be the 
linking number of the two components of a ribbon, Tw 
be the twist, and Wr be the WRITHE, then 


Lk(R) = Tw(R) + Wr(R) 


(Adams 1994, p. 187). 
see also SCREW, WRITHE 
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Two-Ears Theorem 1873 


Twist Map 
A class of AREA-PRESERVING MAPS of the form 


0541 = 0, + 2ra(r:) 


Ti41 = Pi, 


which maps CIRCLES into CIRCLES but with a twist re- 
sulting from the a = a(r;) term. 


Twist Move 
OO ++ 
twist untwist 


The REIDEMEISTER MOVE of type II. 
see also REIDEMEISTER MOVES 


Twist Number 
see WRITHE 


Twist-Spun Knot 

A generalization of SPUN KNOTS due to Zeeman. This 
method produces 4-D KNOT types that cannot be pro- 
duced by ordinary spinning. 


see also SPUN KNOT 


Twisted Chevalley Groups 

FINITE SIMPLE GROUPS of LIE-TYPE of ORDERS 14, 
52, 78, 133, and 248. They are denoted *D4(q), Es(g), 
En(q), Es(q), Fa(q), *Fa(27Y, Ga(q),’G2(3”), *B(2”). 
see also CHEVALLEY GROUPS, FINITE GROUP, SIMPLE 
GROUP, TITS GROUP 
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Twisted Conic 
see SKEW CONIC 


Twisted Sphere 
see CORKSCREW SURFACE 


Two 


see 2 


Two-Ears Theorem 
Except for TRIANGLES, every SIMPLE POLYGON has at 
least two nonoverlapping EARS. 


see also EAR, ONE-MOUTH THEOREM, PRINCIPAL VER- 
TEX 
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1874 Two-Point Distance 


Two-Point Distance 


see POINT-POINT DISTANCE—1-D, POINT-POINT 
DISTANCE—2-D, POINT-POINT DISTANCE-——3-D 


Two Triangle Theorem 
see DESARGUES’ THEOREM 


Tychonof Compactness Theorem 
The topological product of any number of COMPACT 
SPACES is COMPACT. 


Type 

Whitehead and Russell (1927) devised a hierarchy of 
“types” in order to eliminate self-referential statements 
from Principia Mathematica, which purported to derive 
all of mathematics from logic. A set of the lowest type 
contained only objects (not sets), a set of the next higher 
type could contain only objects or sets of the lower type, 
and so on. Unfortunately, GODEL’S INCOMPLETENESS 
THEOREM showed that both Principia Mathematica and 
all consistent formal systems must be incomplete. 


see also GODEL’S INCOMPLETENESS THEOREM 
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Type I Error 

An error in a STATISTICAL TEST which occurs when a 
true hypothesis is rejected (a false negative in terms of 
the NULL HYPOTHESIS). 


see also NULL HYPOTHESIS, SENSITIVITY, SPECIFICITY, 
STATISTICAL TEST, TYPE II ERROR 


Type II Error 

An error in a STATISTICAL TEST which occurs when a 
false hypothesis is accepted (a false positive in terms of 
the NULL HYPOTHESIS). 


see also NULL HYPOTHESIS, SENSITIVITY, SPECIFICITY, 
STATISTICAL TEST, TYPE I ERROR 


Type II Error 


simple projects 


STATION LOG 


DATE TIME DIAL ¡STATION | NOTES 


31 


U-Number 


U 


U-Number 
see ULAM SEQUENCE 


Ulam Map 


f(z) =1— 22” 


for x € [-1,1]. Fixed points occur at z = —1, 1/2, and 
order 2 fixed points at x = (1 + v5 )/4. The INVARIANT 
DENSITY of the map is 
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Ulam Number 
see ULAM SEQUENCE 


Ulam’s Problem 
see COLLATZ PROBLEM 


Ulam Sequence 

The Ulam sequence {a;} = (u,v) is defined by a1 = u, 
az = v, with the general term a, for n > 2 given by 
the least INTEGER expressible uniquely as the SUM of 
two distinct earlier terms. The numbers so produced 
are sometimes called U- NUMBERS or ULAM NUMBERS. 


The first few numbers in the (1, 2) Ulam sequence are 
1, 2, 3, 4, 6, 8, 11, 13, 16, ... (Sloane’s A002858). Here, 
the first term after the initial 1, 2 is obviously 3 since 
3 = 1+2. The next term is 4 = 1+ 3. (We don't 
have to worry about 4 = 2 + 2 since it is a sum of a 
single term instead of unique terms.) 5 is not a member 
of the sequence since it is representable in two ways, 
5=1+4= 2+3, but 6 = 2 + 4 is a member. 


Ultrametric 1875 


Proceeding in the manner, we can generate Ulam se- 
quences for any (u,v), examples of which are given be- 
low. 


(1,2) = {1, 2, 3, 4,6, 8, 11, 13, 16,18,... 
(1,3) = {1,3, 4,5, 6,8, 10, 12,17, 21,... 
(1,4) = {1,4, 5,6,7,8, 10, 16, 18,19,... 
(1,5) = {1,5,6, 7,8, 9, 10, 12, 20, 22,... 
(2,3) = {2, 3,5, 7,8, 9,13, 14, 18,19,... 

4)= 

) = 


(2, {2, 4, 6, 8, 12, 16, 22, 26, 32, 36,...} 
(2,5) = {2, 5,7,9, 11, 12, 13, 15, 19, 23,...}. 


Schmerl and Spiegel (1994) proved that Ulam sequences 
(2,v) for ODD v > 5 have exactly two EVEN terms. 
Ulam sequences with only finitely many EVEN terms 
eventually must have periodic successive differences 
(Finch 1991, 1992abc). Cassaigne and Finch (1995) 
proved that the Ulam sequences (4,v) for 5 < v = 
(mod 4) have exactly three EVEN terms. 


The Ulam sequence can be generalized by the s- 
ADDITIVE SEQUENCE. 


see also GREEDY ALGORITHM, s-ADDITIVE SEQUENCE, 
STOHR SEQUENCE 
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Ultrametric 
An ultrametric is a METRIC which satisfies the following 
strengthened version of the TRIANGLE INEQUALITY, 


d(x,z) < max(d(z, y), d(y, z)) 


1876 Ultraradical 


for all x,y,z. At least two of d(x, y), d(y,z), and d(x, z) 
are the same. 


Let X be a SET, and let xN (where N is the SET of 
NATURAL NUMBERS) denote the collection of sequences 
of elements of X (i.e., all the possible sequences 21, £2, 
m3, ...). For sequences a = (a1, a2,...), b = (b1, b2,...), 
let n be the number of initial places where the sequences 
agree, i.e., 41 = b1, a2 = bo, ..., Qn = bn, but Qn41 £ 
bn+1. Take n = 0 if aı Æ bi. Then defining d(a,b) = 27” 
gives an ultrametric. 


The p-ADIC NUMBER metric is another example of an 
ultrametric. 


see also METRIC, p-ADIC NUMBER 


Ultraradical 

A symbol which can be used to express solutions not 
obtainable by finite ROOT extraction. The solution to 
the irreducible QUINTIC EQUATION 


zx +r=a 


is written ja. 
see also RADICAL 


Ultraspherical Differential Equation 


(1-—2%)y" — (2a + 1)ey +n(n+2ajy=0. (1) 


Alternate forms are 


(1—a2*)Y¥"+(2\—3)2Y' +(n+1)(n+2A-1)Y = 0, (2) 


where 
Y = (1 - °) Pro), (3) 
2 AP ità- + Ga? 
du (n+ A? + EIA Tar u=0, (4) 
dx? 1 — 22 (1 — x7)? 
where 
u = (1-2? AP PO) (a), (5) 
and , 
deu 2, AI-AI _ 
PTE + inn + an ES 0, (6) 
where 
u = sin? 6 PP (cos 8). (7) 


The solutions are the ULTRASPHERICAL FUNCTIONS 
P (2). For integral n with a < 1/2, the function con- 
verges to the ULTRASPHERICAL POLYNOMIALS Ce (2). 
References 
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Ultraspherical Polynomial 


Ultraspherical Function 
A function defined by a POWER SERIES whose coefh- 
cients satisfy the RECURRENCE RELATION 


(k+ 7)(K+ 9 + 2a) — n(n + 2a) 

4342 = 05 7. aN 
(k+3+ 1 (k+3+2) 

For « 4 —1, the function converges for a < 1/2 and 

diverges for a > 1/2. 


Ultraspherical Polynomial 

The ultraspherical polynomials are solutions P) (2) to 
the ULTRASPHERICAL DIFFERENTIAL EQUATION for IN- 
TEGER n and a < 1/2. They are generalizations of LEG- 
ENDRE POLYNOMIALS to (n + 2)-D space and are pro- 
portional to (or, depending on the normalization, equal 
to) the GEGENBAUER POLYNOMIALS CO (a), denoted 
in Mathematica? (Wolfram Research, Champaign, IL) 
GegenbauerC[n,lambda,x]. The ultraspherical polyno- 
mials are also JACOBI POLYNOMIALS with a = 8. They 
are given by the GENERATING FUNCTION 


(1 — 2xt + t? 


yp Pat, (1) 


and can be given explicitly by 


_T(A+ 3) T(n+2A) 


po (x) — ALI A=1/2 (op), 


P(2A) Tin+A+ 3) * 
(2) 
where P{*~1/?~1/2) is a JACOBI POLYNOMIAL (Szegő 


1975, p. 80). The first few ultraspherical polynomials 
are 


PO (e) = 1 (3) 
PO (x) = 2A2 (4) 
P (x) = —A + 2A(1 + Aja’? (5) 
PLY (x) = —2A(1 + A)e + 4A(1 + A)(2 + A)z?. (6) 
In terms of the HYPERGEOMETRIC FUNCTIONS, 
2A — 1 
PO (a) = ("* ) 
n 
x 2Fi(—n,n+2A;A + 4; (1 — 2)) (7) 


SPA ay 
n 
1 2 
x a Fy (=n, -n -à+ };-2n~2A+1; ——] 
— (n+2d41 (HY 
7 n 2 


(8) 
x 2F; (-n, =n -A+ 4;A+į4; Zi) . (9) 


Ultraspherical Polynomial 


They are normalized by 


_ 9 1—2d T(n + 2A) 
=2 TH aro CY 
Derivative identities include 
<P) (e) = 2\P C1) (x) (11) 
(1-0?) [PO] = [a(n +) n+ 24-1) 
x(n + 2A)P™, (2) — n(n + DP (2) (12) 
= —ngP (z) + (n+ 2d —1)P™, (2) (13) 
= (n+ 2d)eP (x) — (n + 1) P 42 (2) (14) 
A _ d A d A 
nPE (z) = 2 [Px (#)] — ¿[Pa (@)] (15) 
(n+ 22)P (2) = ¿[PL (0) - 22 (16) 
2 pO) (2) PO (e) = An A PY) POE) (17) 
= 24[POTY (2) — PAS” (2) (18) 


(Szegó 1975, pp. 80-83). 


A RECURRENCE RELATION is 


(2) —(n+2A—2)P, (a) 
(19) 


nP (x) = 2(n+A-1)eP 


for n = 2, 3,.... 


Special double-v FORMULAS also exist 


2v+2r—1)\. 
PA (q) = e vee 


(20) 


2v + 2A 
PY) (2) = ( a 1 Jano A + LA + T l — r°) 


(22) 
A 
Jar vyt+rXA+1; 352 r’). 


(23) 


Special values are given in the following table. 


z Special Polynomial 


Legendre 
Chebyshev polynomial of the second kind 


Koschmieder (1920) gives representations in terms of 
ELLIPTIC nonon for a = —3/4 and a = —2/3. 


Umbral Calculus 1877 


see also BIRTHDAY PROBLEM, CHEBYSHEV POLYNOM- 
IAL OF THE SECOND KIND, ELLIPTIC FUNCTION, HY- 
PERGEOMETRIC FUNCTION, JACOBI POLYNOMIAL 
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Umbilic Point 
A point on a surface at which the CURVATURE is the 
same in any direction. 


Umbral Calculus 

The study of certain properties of FINITE DIFFERENCES. 
The term was coined by Sylvester from the word “um- 
bra” (meaning “shadow” in Latin), and reflects the fact 
that for many types of identities involving sequences of 
polynomials with POWERS a”, “shadow” identities are 
obtained when the polynomials are changed to discrete 
values and the exponent in a” is changed to the POCH- 
HAMMER SYMBOL (a)n = a(a — 1)---(a—n+1). 


For example, NEWTON’S FORWARD DIFFERENCE FOR- 
MULA written in the form 


_ — (a)nA” f(z) 
feta =) r (1) 
n=0 
with f(x +a) = fs+a looks suspiciously like a finite 
analog of the TAYLOR SERIES expansion 
_ yaa" D" f(z) 
Ha +a) == (2) 
n=0 


where D is the DIFFERENTIAL OPERATOR. Similarly, 
the CHU-VANDERMONDE IDENTITY 


(e + a)n =>, @ (a)r ()n—m (3) 


k=0 


with (7) a BINOMIAL COEFFICIENT, looks suspiciously 
like an analog of the BINOMIAL ‘THEOREM 


(1+a)" = ` @ afg" " (4) 


1878 Umbrella 


(Di Bucchianico and Loeb). 


see also BINOMIAL THEOREM, CHU-VANDERMONDE 
IDENTITY, FINITE DIFFERENCE 
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Umbrella 
see WHITNEY UMBRELLA 


Unambiguous 
see WELL-DEFINED 


Unbiased 
A quantity which does not exhibit BIAS. An ESTIMATOR 
0 is an UNBIASED ESTIMATOR of 8 if 


(ô) =9. 
see also BIAS (ESTIMATOR), ESTIMATOR 
Uncia 


l uncia = ot 

The word uncia was Latin for a unit equal to 1/12 of 
another unit called the as. The words “inch” (1/12 of a 
foot) and “ounce” (originally 1/12 of a pound and still 
1/12 of a “Troy pound,” now used primarily to weigh 
precious metals) are derived from the word uncia. 

see also CALCUS, HALF, QUARTER, SCRUPLE, UNIT 
FRACTION 
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Uncorrelated 
Variables x; and 2; are said to be uncorrelated if their 
COVARIANCE is zero: 


cov (Ti, x5) ==). 


INDEPENDENT STATISTICS are always uncorrelated, but 
the converse is not necessarily true. 


see also COVARIANCE, INDEPENDENT STATISTICS 


Uncountable Set 
see UNCOUNTABLY INFINITE SET 


Uncountably Infinite Set 

An INFINITE SET which is not a COUNTABLY INFINITE 
SET. 

see also ALEPH-0, ALEPH-1, COUNTABLE SET, COUNT- 
ABLY INFINITE SET, FINITE, INFINITE 


Undulating Number 


Undecagon 


The unconstructible 11-sided POLYGON with SCHLAFLI 
SYMBOL {11}. 


see also DECAGON, DODECAGON, TRIGONOMETRY 
VALUES—7/11 


Undecidable 

Not DECIDABLE as a result of being neither formally 
provable nor unprovable. 

see also GODEL’S INCOMPLETENESS 
RICHARDSON’S THEOREM 


THEOREM, 


Undecillion 
In the American system, 10°°. 


see also LARGE NUMBER 


Undetermined Coefficients Method 

Given a nonhomogeneous ORDINARY DIFFERENTIAL 
EQUATION, select a differential operator which will an- 
nihilate the right side, and apply it to both sides. Find 
the solution to the homogeneous equation, plug it into 
the left side of the original equation, and solve for con- 
stants by setting it equal to the right side. The solution 
is then obtained by plugging the determined constants 
into the homogeneous equation. 


see also ORDINARY DIFFERENTIAL EQUATION 


Undulating Number 

A number of the form aba---, abab---, etc. The first few 

nontrivial undulants (with the stipulation that a Æ b) 

are 101, 121, 131, 141, 151, 161, 171, 181, 191, 202, 212, 
. (Sloane's A046075). Including the trivial 1- and 2- 

digit undulants and dropping the requirement that a Æ b 

gives Sloane’s A033619. 


The first few undulating SQUARES are 121, 484, 676, 
69696, ... (Sloane’s A016073), with no larger such num- 
bers of fewer than a million digits (Pickover 1995). Sev- 
eral tricks can be used to speed the search for square un- 
dulating numbers, especially by examining the possible 
patterns of ending digits. For example, the only possible 
sets of four trailing digits for undulating SQUARES are 
0404, 1616, 2121, 2929, 3636, 6161, 6464, 6969, 8484, 
and 9696. 


The only undulating POWER n” = aba... for 3< p < 31 
and up to 100 digits is 7% = 343 (Pickover 1995). A 
large undulating prime is given by 7+720(100% — 1)/99 
(Pickover 1995). 


Unduloid 


A binary undulant is a POWER of 2 whose base-10 rep- 
resentation contains one or both of the sequences 010 - -- 
and 101---. The first few are 2” for n = 103, 107, 138, 
159, 179, 187, 192, 199, 205, ... (Sloane’s A046076). 
The smallest n for which an undulating sequence of ez- 
actly d-digit occurs for d = 3, 4, ... are n = 103, 138, 
875, 949, 6617, 1802, 14545, ... (Sloane’s A046077). 
An undulating binary sequence of length 10 occurs for 
n = 1,748,219 (Pickover 1995). 
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Unduloid 

A SURFACE OF REVOLUTION with constant NONZERO 
MEAN CURVATURE also called an ONDULOID. It is a 
ROULETTE obtained from the path described by the 
Foc! of a CONIC SECTION when rolled on a LINE. This 
curve then generates an unduloid when revolved about 
the LINE. These curves are special cases of the shapes 
assumed by soap film spanning the gap between pre- 
scribed boundaries. The unduloid of a PARABOLA gives 
a CATENOID. 


see also CALCULUS OF VARIATIONS, 
ROULETTE 


CATENOID, 
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Unexpected Hanging Paradox 
A PARADOX also known as the SURPRISE EXAMINATION 
PARADOX or PREDICTION PARADOX. 


A prisoner is told that he will be hanged on some day 
between Monday and Friday, but that he will not know 
on which day the hanging will occur before it happens. 
He cannot be hanged on Friday, because if he were still 
alive on Thursday, he would know that the hanging will 
occur on Friday, but he has been told he will not know 
the day of his hanging in advance. He cannot be hanged 
Thursday for the same reason, and the same argument 


Uniform Apodization Function 1879 


shows that he cannot be hanged on any other day. Nev- 
ertheless, the executioner unexpectedly arrives on some 
day other than Friday, surprising the prisoner. 


This PARADOX is similar to that in Robert Louis Steven- 
son's “The Imp in the Bottle,” in which you are offered 
the opportunity to buy, for whatever price you wish, a 
bottle containing a genie who will fulfill your every de- 
sire. The only catch is that the bottle must thereafter 
be resold for a price smaller than what you paid for it, or 
you will be condemned to live out the rest of your days 
in excrutiating torment. Obviously, no one would buy 
the bottle for 14 since he would have to give the bottle 
away, but no one would accept the bottle knowing he 
would be unable to get rid of it. Similarly, no one would 
buy it for 24, and so on. However, for some reasonably 
large amount, it will always be possible to find a next 
buyer, so the bottle will be bought (Paulos 1995). 


see also SORITES PARADOX 
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Unfinished Game 
see SHARING PROBLEM 


Unhappy Number 
A number which is not HAPPY is said to be unhappy. 


see also HAPPY NUMBER 


Unicursal Circuit 

A CIRCUIT in which an entire GRAPH is traversed in 
one route. An example of a curve which can be traced 
unicursally is the MOHAMMED SIGN. 


Uniform Apodization Function 


1880 Uniform Boundedness Principle 


having INSTRUMENT FUNCTION 


I(x) — J e` ?rikz dr = — 7 (e7+mita onthe ) 
= Aneto) = 2asinc(27ka). (2) 
7 


The peak (in units of a) is 2. The extrema are given by 
letting @ = 27rka and solving 


d sinf — cos _ 
35 (Bsinp)= HEGEL o (8) 
sin 8 — 8 cos 8 =0 (4) 
tanf =. (5) 


Solving this numerically gives Go = 0, 61 = 4.49341, 
Bo = 7.72525, ...for the first few solutions. The second 
of these is the peak POSITIVE sidelobe, and the third is 
the peak NEGATIVE sidelobe. As a fraction of the peak, 
they are 0.128375 and —0.217234. The FULL WIDTH AT 
HALF MAXIMUM is found by setting I(x) = 1 


sinc(2) = $5, (6) 
and solving for 21/2, yielding 
£z1/2 = 27rk,/20 = 1.89549. (7) 
Therefore, with L = 2a, 


1.20671 


0.603353 
A O) 


FWHM = 2k; /2 = 


see also APODIZATION FUNCTION 


Uniform Boundedness Principle 

If a “pointwise-bounded” family of continuous linear 
OPERATORS from a BANACH SPACE to a NORMED 
SPACE is “uniformly bounded.” Symbolically, if 
sup ||T;:(x)|| is FINITE for each x in the unit BALL, then 
sup||T;|| is FINITE. The theorem is also called the 
BANACH-STEINHAUS THEOREM. 


References 
Zeidler, E. Applied Functional Analysis: Applications to 
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Uniform Convergence 

A SERIES ) _; Un(x) is uniformly convergent to S(x) 
for a set E of values of x if, for each e > 0, an INTEGER 
N can be found such that 


~ S(x)| < € (1) 


for n > N and all x € E. To test for uniform conver- 
gence, use ÁBEL's UNIFORM CONVERGENCE TEST or 
the WEIERSTRAB M-TEST. If individual terms un (1) of 
a uniformly converging series are continuous, then 


[Sn (x) 


Uniform Distribution 


1. The series sum 


f(x) = Y un(z) (2) 


is continuous, 


2. The series may be integrated term by term 


J Í f(x) de = y J ' un(£) dz, (3) 


and 


3. The series may be differentiated term by term 
~ d 
) = Y) no unlo). (4) 
n=1 


see also ABEL’S THEOREM, ABEL’S UNIFORM CONVER- 
GENCE TEST, WEIERSTRAB M-TEST 
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Uniform Distribution 

A distribution which has constant probability is called a 
uniform distribution, sometimes also called a RECTAN- 
GULAR DISTRIBUTION. The probability density function 
and cumulative distribution function for a continuous 
uniform distribution are 


—. fora<z<b 
P = b—a . 
(x) f; forg <a, xz>b (1) 
0 forz <a 
D(z)=4 EE fora<a2<b (2) 
1 for x > b. 


sen(x) — sgn(x — 1) (3) 
— (1-2) sgn(1 — z) + esgníx)]. (4) 


The CHARACTERISTIC FUNCTION is 


2 ¿mt 
o(t) = 7, sin(ht)e"”"”, (5) 
where 
a=m-— 5h (6) 
b=m+ 5h. (7) 


The MOMENT-GENERATING FUNCTION is 


M(t) = (en) = PE ba” 7 a (8) 


Uniform Distribution 


sO 


for t A 0 (9) 


eth _ ¿to 
Mit) = t(b—a) 
) 0 for t= 0, 


M'(t) — > 2 - [E oe” = ae) _ 4 ge _ e**)| 
_ e™*(bt ~ 1) — e**(at — 1) 
= aay (10) 


The function is not differentiable at zero, so the Mo- 
MENTS cannot be found using the standard technique. 
They can, however, be found by direct integration. The 
MOMENTS about 0 are 


Hy = ¿(a +b) (11) 
pa = ¿(a° + ab +b’) (12) 
u3 = ¿(a +b)(a* +”) (13) 
u4 = i (a? + ab + ab? + ab? +b). (14) 


The MOMENTS about the MEAN are 


pı = 0 (15) 
Jia = (b-a) (16) 
pg = 0 (17) 
pa = (ba), (18) 


p=Ha+5) (19) 

o = m= hb- a)" (20) 
H3 

V1 = zaza = 0 (21) 

Y = =$: (22) 


The probability distribution function and cumulative 
distributions function for a discrete uniform distribution 
are 


1 
Pln)= + (23) 
n 
D(n) = = (24) 
forn=1,..., N. The MOMENT-GENERATING FUNC- 
TION is 
N 
Oa Nl EN eto 
M(t) = (e )= dune “CN l-e 
e“(1 _ ent) 
N(1 — ef) (25) 


The MOMENTS about O are 


I 
Hm = 


Ss n™, (26) 


2|= 
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sO 
Hy = 3(N +1) (27) 
pa = (N + 1)(2N +1) (28) 
ps = 1N(N +1)? (29) 


|= 


pa = (N +1)(2N + 1)(3N? +3N — 1), (30) 


© 


and the MOMENTS about the MEAN are 


pa = 7g(N -1N +1) (31) 
ps =0 (32) 
pa = z5 (N — 1 (N + 1)(3N? — 7). (33) 


The MEAN, VARIANCE, SKEWNESS, and KURTOSIS are 


= 3(N +1) (34) 
o = u2 = 4(N—-1)(N +1) (35) 
n= 7 =0 (36) 
= 6(N? +1) 
? 5(N —1)(N +1)’ (97) 
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Uniform Polyhedron 

The uniform polyhedra are POLYHEDRA with identical 
VERTICES. Coxeter et al. (1954) conjectured that there 
are 75 such polyhedra in which only two faces are al- 
lowed to meet at an EDGE, and this was subsequently 
proven. (However, when any EVEN number of faces may 
meet, there are 76 polyhedra.) If the five pentagonal 
PRISMS are included, the number rises to 80. 


The VERTICES of a uniform polyhedron all lie on a 
SPHERE whose center is their CENTROID. The VER- 
TICES joined to another VERTEX lie on a CIRCLE. 


Source code and binary programs for generat- 
ing and viewing the uniform polyhedra are also 
available at http://wwwW.math.technion.ac.il/-r1/ 
kaleido/. The following depictions of the polyhedra 
were produced by R. Maeder’s UniformPolyhedra.m 
package for Mathematica® (Wolfram Research, Cham- 
paign, IL). Due to a limitation in Mathematica’s ren- 
derer, uniform polyhedra 69, 72, 74, and 75 cannot be 
displayed using this package. 
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Uniform Polyhedron 


Name/Dual 


tetrahedron 


tetrahedron 
truncated tetrahedron 
triakis tetrahedron 
octahemioctahedron 
octahemioctacron 
tetrahemihexahedron 
tetrahemihexacron 
octahedron 
cube 
cube 
octahedron 
cuboctahedron 
rhombic dodecahedron 
truncated octahedron 
tetrakis hexahedron 
truncated cube 
triakis octahedron 
small rhombicuboctahedron 


deltoidal icositetrahedron 


truncated cuboctahedron 
disdyakis dodecahedron 
snub cube 

pentagonal icositetrahedron 


small cubicuboctahedron 


small hexacronic icositetrahedron 
great cubicuboctahedron 

great hexacronic icositetrahedron 
cubohemioctahedron 
hexahemioctahedron 


cubitruncated cuboctahedron 


tetradyakis hexahedron 

great rhombicuboctahedron 
great deltoidal icositetrahedron 
small rhombihexahedron 
small rhombihexacron 


stellated truncated hexahedron 


great triakis octahedron 
great truncated cuboctahedron 
great disdyakis dodecahedron 
great rhombihexahedron 

great rhombihexacron 
icosahedron 
dodecahedron 
dodecahedron 
icosahedron 
icosidodecahedron 
rhombic triacontahedron 


truncated icosahedron 


pentakis dodecahedron 


Uniform Polyhedron 


Name/Dual 


truncated dodecahedron 


triakis icosahedron 
small rhombicosidodecahedron 


deltoidal hexecontahedron 


truncated icosidodecahedron 
disdyakis triacontahedron 
snub dodecahedron 
pentagonal hexecontahedron 
small ditrigonal icosidodecahedron 
small triambic icosahedron 
small icosicosidodecahedron 


small icosacronic hexecontahedron 


small snub icosicosidodecahedron 
small hexagonal hexecontahedron 
small dodecicosidodecahedron 
small dodecacronic hexecontahedron 
small stellated dodecahedron 
great dodecahedron 

great dodecahedron 

small stellated dodecahedron 
dodecadodecahedron 


medial rhombic triacontahedron 


truncated great dodecahedron 
small stellapentakis dodecahedron 


rhombidodecadodecahedron 


medial deltoidal hexecontahedron 
small rhombidodecahedron 
small rhombidodecacron 


snub dodecadodecahedron 


medial pentagonal hexecontahedron 

ditrigonal dodecadodecahedron 

medial triambic icosahedron 

great ditrigonal dodecicosidodecahedron 

great ditrigonal dodecacronic hexecontahedron 
small ditrigonal dodecicosidodecahedron 

small ditrigonal dodecacronic hexecontahedron 


icosidodecadodecahedron 


medial icosacronic hexecontahedron 
icositruncated dodecadodecahedron 
tridyakis icosahedron 

snub icosidodecadodecahedron 
medial hexagonal hexecontahedron 
great ditrigonal icosidodecahedron ' 
great triambic icosahedron 

great icosicosidodecahedron 

great icosacronic hexecontahedron 
small icosihemidodecahedron 
small icosihemidodecacron 
small dodecicosahedron 


small dodecicosacron 
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small dodecahemidodecahedron pentagonal prism 


small dodecahemidodecacron pentagonal dipyramid 


great stellated dodecahedron pentagonal antiprism 
great icosahedron pentagonal deltahedron 
great icosahedron pentagrammic prism 
great stellated dodecahedron pentagrammic dipyramid 
great icosidodecahedron pentagrammic antiprism 
great rhombic triacontahedron pentagrammic deltahedron 
great truncated icosahedron pentagrammic crossed antiprism 


great stellapentakis dodecahedron pentagrammic concave deltahedron 


rhombicosahedron 


rhombicosacron 
great snub icosidodecahedron 
great pentagonal hexecontahedron 

small stellated truncated dodecahedron 
great pentakis dodecahedron 

truncated dodecadodecahedron 

medial disdyakis triacontahedron 

inverted snub dodecadodecahedron 

medial inverted pentagonal hexecontahedron 
great dodecicosidodecahedron 

great dodecacronic hexecontahedron 

small dodecahemicosahedron 


small dodecahemicosacron 


great dodecicosahedron 
great dodecicosacron 
great snub dodecicosidodecahedron 
great hexagonal hexecontahedron 

great dodecahemicosahedron 

great dodecahemicosacron 

great stellated truncated dodecahedron 
great triakis icosahedron 

great rhombicosidodecahedron 

great deltoidal hexecontahedron 

great truncated icosidodecahedron 

great disdyakis triacontahedron 

great inverted snub icosidodecahedron 
great inverted pentagonal hexecontahedron 
great dodecahemidodecahedron 

great dodecahemidodecacron 

great icosihemidodecahedron 

great icosihemidodecacron 

small retrosnub icosicosidodecahedron 
small hexagrammic hexecontahedron 
great rhombidodecahedron 

great rhombidodecacron 

great retrosnub icosidodecahedron 

great pentagrammic hexecontahedron 
great dirhombicosidodecahedron 


great dirhombicosidodecacron 


ty 


see also ARCHIMEDEAN SOLID, AUGMENTED POLYHE- 
DRON, JOHNSON SOLID, KEPLER-POINSOT SOLID, PLA- 
TONIC SOLID, POLYHEDRON, VERTEX FIGURE, WYTH- 
OFF SYMBOL 
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Uniform Variate 

A RANDOM NUMBER which lies within a specified range 
(which can, without loss of generality, be taken as [0, 
1]), with a UNIFORM DISTRIBUTION. 
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Unimodal Distribution 
A DISTRIBUTION such as the GAUSSIAN DISTRIBUTION 
which has a single “peak.” 


see also BIMODAL DISTRIBUTION 


Unimodular Matrix 


Unimodal Sequence 
A finite SEQUENCE which first increases and then de- 
creases. A SEQUENCE (s1, 52, ..., Sn} is unimodal if 
there exists a ¢ such that 


S1 < 82... 8 
and 
St > S141 2... 2 Sn. 


Unimodular Group 
A group whose left HAAR MEASURE equals its right 
HAAR MEASURE. 


see also HAAR MEASURE 
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Unimodular Matrix 
A Matrix A with INTEGER elements and DETERMI- 
NANT det(A) = + 1, also called a UNIT MATRIX. 


The inverse of a unimodular matrix is another uni- 
modular matrix. A POSITIVE unimodular matrix has 
det(A) = +1. The nth POWER of a POSITIVE UNIMOD- 
ULAR MATRIX 


M = [ms maa | (1) 
m21 7122 
is 
M” = 
m110Un-1(a) — Un—2(a) m12U,-1(a) 
m21U,,-1 (a) m220,-1(a) — Un-2(a) | ” 
(2) 
where 
a = 5(mi1 + M22) (3) 


and the U,, are CHEBYSHEV POLYNOMIALS OF THE SEC- 
OND KIND, 


sin[(m + 1) cos”? z] 


Un (@) = "a 


(4) 


see also CHEBYSHEV POLYNOMIAL OF THE SECOND 
KIND 
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Y ADVANCED RECEIVER PROJECTS 


DUAL TUNED CRYSTAL SET 


This crystal set circuit uses two variable capacitors Cl 
and C2, As you can see in the schematic drawing, Cl tunes 
the ground circuit, and C2 tunes a tapped coil Ll. The 
taps of Ll are connected via the rotary switch Sl. 


TUNING COIL 


Look at the drawing of the coil form construction details 
on page 34. The tuning coil L1 is wound ona section of 
1/8-inch wall plastic tube, 2-inches in diameter, and 
approximately 4-inches long. 


Drill holes in the form and install three solder lugs 
with machine screws and nuts. Position the solder lug 
ends towards the coil form ends as shown. 
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Unimodular Transformation 


Unimodular Transformation 
A transformation x’ — Ax is unimodular if the DETER- 
MINANT of the MATRIX Á satisfies 


det(A) = +1. 


A NECESSARY and SUFFICIENT condition that a linear 
transformation transform a lattice to itself is that the 
transformation be unimodular. 


Union 

The union of two sets A and B is the set obtained by 
combining the members of each. This is written AU B, 
and is pronounced “A union B” or “A cup B.” The 
union of sets A; through A, is written J", As. 


Let A, B, C,... be sets, and let P(S) denote the prob- 
ability of S. Then 


P(AU B) = P(A)+ P(B) — P(AN B). (1) 
Similarly, 


P(AUBUC)=P[AU(BUC) 

= P(A) +P(BUC)-P[AN(BUC)] 

= P(A) + [P(B) + P(C)-P(BNC)] 
—P(ANB)U(ANC)) 

= P(A) + P(B)+P(0)-P(BNONC) 
AP(ANB)+P(ANC)-P(ANB)N(ANC)); 

= P(A) + P(B) + P(C) - P(AN B) 
-P(ANC)-P(BNC)+P(ANBNC). (2) 


If A and B are DISJOINT, by definition P(AM B) = 0, 
so 
P(AUB) = P(A) + P(B). (3) 


Continuing, for a set of n disjoint elements E1, Ez, ..., 


En 
P (Ù z.) =>» P(E), (4) 


i=l 


which is the COUNTABLE ADDITIVITY PROBABILITY 
AXIOM. Now let 
Bi = AN B;, (5) 


then 
e (Yeon) -rens (6) 
i=l i=l 
see also INTERSECTION, OR 


Uniplanar Double Point 
see ISOLATED SINGULARITY 


Unit Fraction 1885 
Unipotent 

A p-ELEMENT z of a GROUP G is unipotent if F*(Ce¢(z)) 
is a p- GROUP, where F* is the generalized FITTING SUB- 
GROUP. 


see also FITTING SUBGROUP, p-ELEMENT, p-GROUP 


Unique 
The property of being the only possible solution (per- 
haps modulo a constant, class of transformation, etc.). 


see also ALEKSANDROV’S UNIQUENESS THEOREM, EX- 
ISTENCE, MAY-THOMASON UNIQUENESS THEOREM 


Unique Factorization Theorem 
see FUNDAMENTAL THEOREM OF ARITHMETIC 


Unit 

A unit is an element in a RING that has a multiplicative 
inverse. If n is an ALGEBRAIC INTEGER which divides 
every ALGEBRAIC INTEGER in the FIELD, n is called a 
unit in that FIELD. A given FIELD may contain an in- 
finity of units. The units of Z, are the elements RELA- 
TIVELY PRIME ton. The units in Zn which are SQUARES 
are called QUADRATIC RESIDUES. 


see also EISENSTEIN UNIT, FUNDAMENTAL UNIT, 
PRIME UNIT, QUADRATIC RESIDUE 


Unit Circle 


A CIRCLE of RADIUS 1, such as the one used to defined 
the functions of TRIGONOMETRY. 


see also UNIT DISK, UNIT SQUARE 


Unit Disk 


A DISK with RADIUS 1. 


see also FIVE DISKS PROBLEM, UNIT CIRCLE, UNIT 
SQUARE 


Unit Fraction 

A unit fraction is a FRACTION with NUMERATOR 1, also 
known as an EGYPTIAN FRACTION. Any RATIONAL 
NUMBER has infinitely many unit fraction representa- 
tions, although only finitely many have a given fixed 
number of terms. Each FRACTION z/y with y ODD has 
a unit fraction representation in which each DENOMINA- 
TOR is ODD (Breusch 1954; Guy 1994, p. 160). Every 
x/y has a t-term representation where t = O(ylog y) 
(Vose 1985). 
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There are a number of ALGORITHMS (including the 
BINARY REMAINDER METHOD, CONTINUED FRAC- 
TION UNIT FRACTION ALGORITHM, GENERALIZED RE- 
MAINDER METHOD, GREEDY ALGORITHM, REVERSE 
GREEDY ALGORITHM, SMALL MULTIPLE METHOD, and 
SPLITTING ALGORITHM) for decomposing an arbitrary 
FRACTION into unit fractions. 


see also CALCUS, HALF, QUARTER, SCRUPLE, UNCIA 
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Unit Matrix 
see UNIMODULAR MATRIX 


Unit Point 

The point in the PLANE with Cartesian coordinates (1, 
1). 

References 
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1961. 


Unit Ring 

A unit ring is a set together with two BINARY OPERA- 

TORS S{+,*) satisfying the following conditions: 

1. Additive associativity: For all a,b,c € S, (a+b)+c = 
a+(b+c), 

2. Additive commutativity: For all a,b € S, a+ b = 
b+a, 


Unit Vector 


3. Additive identity: There exists an element 0 € S 
such that for alaeS:0+4a=a+0=a, 


4. Additive inverse: For every a € S, there exists a 
—a € S such that a+ (—a) = (-a)+a=0, 

5. Multiplicative associativity: For all a,b,c € S, (ax 
bxc=ax(bx*c), 

6. Multiplicative identity: There exists an element ‘I E 
S such that for alla € S, 1xa=a*1 =a, 

7. Left and right distributivity: For all a,b,c € S, a * 
(b+c) = (axb)+(axc) and (b+c)*a = (bxa) + (cxa). 

Thus, a unit ring is a RING with a multiplicative identity. 

see also BINARY OPERATOR, RING 

References 
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Unit Sphere 
A SPHERE of RADIUS 1. 


see also SPHERE, UNIT CIRCLE 


Unit Square 


l 


|| | 


A SQUARE with side lengths 1. The unit square usually 
means the one with coordinates (0, 0), (1, 0), (1, 1), (0, 
1) in the real plane, or 0, 1, 1+2, and 7 in the COMPLEX 
PLANE. 


see also HEILBRONN TRIANGLE PROBLEM, UNIT CIR- 
CLE, UNIT DISK 


Unit Step 
see HEAVISIDE STEP FUNCTION 


Unit Vector 
A VECTOR of unit length. The unit vector v having the 


same direction as a given (nonzero) vector v is defined 
by 


p v 
Vv oe 


v|’ 

where |v| denotes the NORM of v, is the unit vector in 
the same direction as the (finite) VECTOR v. A unit 
VECTOR in the x, direction is given by 


Or 
Örn 
| Or 
01 


3 


where r is the RADIUS VECTOR. 
see also NORM, RADIUS VECTOR, VECTOR 


Unital 


Unital 
A BLOCK DESIGN of the form (g? + 1, q +1, 1). 
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Unitary Aliquot Sequence 

An ALIQUOT SEQUENCE computed using the analog of 
the RESTRICTED DIVISOR FUNCTION s*(n) in which 
only UNITARY DIVISORS are included. 


see also ALIQUOT SEQUENCE, UNITARY SOCIABLE 
NUMBERS 
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Unitary Amicable Pair 
A PAIR of numbers m and n such that 


a*(m) =0*(n) =m>+n, 


where o*(n) is the sum of UNITARY DIVISORS. Hagis 
(1971) and Garcia (1987) give 82 such pairs. The first 
few are (114, 126), (1140, 1260), (18018, 22302), (32130, 
40446), ... (Sloane’s A002952 and A002953). 
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Unitary Divisor 
A DIVISOR d of c for which 


GCD(d,c/d) =1, 


where GCD is the GREATEST COMMON DIVISOR. 


see also DIVISOR, GREATEST COMMON DIVISOR, UNI- 
TARY PERFECT NUMBER 
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Unitary Group 
The unitary group U,(q) is the set of n x n UNITARY 
MATRICES. 


see also LIE-TYPE GROUP, UNITARY MATRIX 
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Unitary Multiplicative Character 1887 
Unitary Matrix 
A unitary matrix is a MATRIX U for which 
Ut =u," (1) 


where j denotes the ADJOINT OPERATOR. This guaran- 
tees that 
UU = 1. (2) 


Unitary matrices leave the length of a COMPLEX vector 
unchanged. The product of two unitary matrices is itself 
unitary. If U is unitary, then so is UT?. A SIMILARITY 
TRANSFORMATION of a HERMITIAN MATRIX with a uni- 
tary matrix gives 


(uau~*)! = {(ua)(u~*)]" = (ue) (ua)? = (uy (atu) 


= uu! = uau. (3) 


For REAL MATRICES, HERMITIAN is the same as OR- 
THOGONAL. Unitary matrices are NORMAL MATRICES. 


If M is a unitary matrix, then the PERMANENT 
| perm(M)| < 1 (4) 


(Minc 1978, p. 25, Vardi 1991). 


see also ADJOINT OPERATOR, HERMITIAN MATRIX, 
NORMAL MATRIX, ORTHOGONAL MATRIX, PERMA- 
NENT 
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Unitary Multiperfect Number 

A number n which is an INTEGER multiple k of the SUM 
of its UNITARY DIVISORS o*(n) is called a unitary k- 
multiperfect number. There are no ODD unitary multi- 
perfect numbers. 
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Unitary Multiplicative Character 
A MULTIPLICATIVE CHARACTER is called unitary if it 
has ABSOLUTE VALUE 1 everywhere. 


see also CHARACTER (MULTIPLICATIVE) 


1888 Unitary Perfect Number 


Unitary Perfect Number 

A number n which is the sum of its UNITARY DIVISORS 
with the exception of n itself. There are no ODD unitary 
perfect numbers, and it has been conjectured that there 
are only a FINITE number of EVEN ones. The first few 
are 6, 60, 90, 87360, 146361946186458562560000, ... 
(Sloane's A002827). 
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Unitary Sociable Numbers 
SOCIABLE NUMBERS computed using the analog of the 
RESTRICTED DIVISOR FUNCTION s*(n) in which only 
UNITARY DIVISORS are included. 


see also SOCIABLE NUMBERS 
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Unitary Transformation 
A transformation of the form 


A’ =UAU', 


where | denotes the ADJOINT OPERATOR. 
see also ADJOINT OPERATOR, TRANSFORMATION 


Unitary Unimodular Group 
see SPECIAL UNITARY GROUP 


Unity 
The number 1. There are n nth ROOTS OF UNITY, 
known as the DE MOIVRE NUMBERS. 


see also 1, PRIMITIVE ROOT OF UNITY 


Univalent Function 
A function or transformation f in which f(z) does not 
overlap z. 


Univariate Function 
A FUNCTION of a single variable (e.g., f(x), g(z), 9(&), 
etc.). 


see also MULTIVARIATE FUNCTION 


Univariate Polynomial 

A POLYNOMIAL in a single variable. In common usage, 
univariate POLYNOMIALS are sometimes simply called 
“POLYNOMIALS.” 


see also POLYNOMIAL 


Unknotting Number 


Universal Graph 
see COMPLETE GRAPH 


Universal Statement 
A universal statement S is a FORMULA whose FREE vari- 
ables are all in the scope of universal quantifiers. 


Universal Turing Machine 

A TURING MACHINE which, by appropriate program- 
ming using a finite length of input tape, can act as any 
TURING MACHINE whatsoever. 


see CHAITIN’S CONSTANT, HALTING PROBLEM, TURING 
MACHINE 
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Unknot 

A closed loop which is not KNOTTED. In the 1930s, 
by making use of REIDEMEISTER MOVES, Reidemeister 
first proved that KNOTS exist which are distinct from 
the unknot. He proved this by COLORING each part of 
a knot diagram with one of three colors. 


The KNOT SUM of two unknots is another unknot. 


The JONES POLYNOMIAL of the unknot is defined to give 
the normalization 


V(t) = 1. 


Haken (1961) devised an ALGORITHM to tell if a knot 
projection is the unknot. The ALGORITHM is so com- 
plicated, however, that it has never been implemented. 
Although it is not immediately obvious, the unknot is a 
PRIME KNOT. 


see also COLORABLE, KNOT, KNOT THEORY, LINK, 
REIDEMEISTER MOVES, UNKNOTTING NUMBER 
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Unknotting Number 

The smallest number of times a KNOT must be passed 
through itself to untie it. Lower bounds can be com- 
puted using relatively straightforward techniques, but it 
is in general difficult to determine exact values. Many 
unknotting numbers can be determined from a knot’s 
SIGNATURE. A KNOT with unknotting number 1 is a 
PRIME KNOT (Scharlemann 1985). It is not always true 
that the unknotting number is achieved in a projection 
with the minimal number of crossings. | 


The following table is from Kirby (1997, pp. 88-89), with 
the values for 10139 and 10152 taken from Kawamura. 
The unknotting numbers for 10154 and 10161 can be 
found using MENASCO’S THEOREM (Stoimenow 1998). 


Unless 
31 1 89 1 910 20r3 932 1 or 2 
Ay 1 810 1 or 2 911 2 933 1 
51 2 811 1 912 1 934 1 
52 1 812 2 913 2 or 3 935 2or 3 
61 1 813 1 914 1 936 2 
62 1 814 1 915 2 937 2 
63 1 815 2 916 3 938 2or3 
Tı 3 316 2 917 2 939 1 
Ya 1 817 1 918 2 940 2 
73 2 818 2 919 1 941 2 
Ta 2 819 3 Gop 2 Bas ł 
Ts 2 870 1 921 1 943 2 
Te 1 821 1 922 1 944 1 
77 19 4 923 2 945 1 
81 1 92 1 924 1 946 2 
82 2 93 3 925 2 947 2 
83 2 9 2 926 1 94s 2 
84 2 95 2 937 1 949 2 or 3 
85 2 9 3 928 1 10139 4 
86 2 97 2 9 1 10152 4 
87 1 9g 2 930 1 10:54 3 
8s 2 % 3 931 2 10361 3 


see also BENNEQUIN’S CONJECTURE, MENASCO’S THE- 
OREM, MILNOR’S CONJECTURE, SIGNATURE (KNOT) 
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Unless 
If A is true unless B, then not-B implies A, but B does 
not necessarily imply not-A. 


see also PRECISELY UNLESS 


Unlesss 
see PRECISELY UNLESS 


Unmixed 

A homogeneous IDEAL defining a projective ALGEBRAIC 
VARIETY is unmixed if it has no embedded PRIME divi- 

sors. 


Unstable Spiral Point (1889 


Unpoke Move 
see POKE MOVE 


Unsafe 

A position in a GAME is unsafe if the person who plays 
next can win. Every unsafe position can be made SAFE 
by at least one move. 


see also GAME, SAFE 


Unsolved Problem 
see PROBLEM 


Unstable Improper Node 
A FIXED POINT for which the STABILITY MATRIX has 
equal POSITIVE EIGENVALUES. 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL 
EQUATIONS), FIXED POINT, HYPERBOLIC FIXED 
POINT (DIFFERENTIAL EQUATIONS), STABLE IM- 
PROPER NODE, STABLE NODE, STABLE SPIRAL POINT, 
UNSTABLE NODE, UNSTABLE SPIRAL POINT, UNSTA- 
BLE STAR 


References 

Tabor, M. “Classification of Fixed Points.” §1.4.b in Chaos 
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tion. New York: Wiley, pp. 22-25, 1989. 


Unstable Node 
A FIXED POINT for which the STABILITY MATRIX has 
both EIGENVALUES POSITIVE, so Ai > A2 > 0. 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL 
EQUATIONS), FIXED POINT, HYPERBOLIC FIXED 
POINT (DIFFERENTIAL EQUATIONS), STABLE IM- 
PROPER NODE, STABLE NODE, STABLE SPIRAL POINT, 
STABLE STAR, UNSTABLE IMPROPER NODE, UNSTABLE 
SPIRAL POINT, UNSTABLE STAR 
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Unstable Spiral Point 
A FIXED POINT for which the STABILITY MATRIX has 
EIGENVALUES of the form A+ = a +i (with a, > 0). 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL 
EQUATIONS), FIXED POINT, HYPERBOLIC FIXED 
POINT (DIFFERENTIAL EQUATIONS), STABLE IM- 
PROPER NODE, STABLE NODE, STABLE SPIRAL POINT, 
STABLE STAR, UNSTABLE IMPROPER NODE, UNSTABLE 
NODE, UNSTABLE STAR 
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1890 Unstable Star 

Unstable Star 

A FIXED POINT for which the STABILITY MATRIX has 
one zero EIGENVECTOR with POSITIVE EIGENVALUE 
A> 0. 


see also ELLIPTIC FIXED POINT (DIFFERENTIAL 
EQUATIONS), FIXED POINT, HYPERBOLIC FIXED 
POINT (DIFFERENTIAL EQUATIONS), STABLE IM- 
PROPER NODE, STABLE NODE, STABLE SPIRAL POINT, 
STABLE STAR, UNSTABLE IMPROPER NODE, UNSTABLE 
NODE, UNSTABLE SPIRAL POINT 
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Untouchable Number 

An untouchable number is an INTEGER which is not the 
sum of the PROPER DIVISORS of any other number. The 
first few are 2, 5, 52, 88, 96, 120, 124, 146, ... (Sloane's 
A005114). Erdós has proven that there are infinitely 
many. It is thought that 5 is the only ODD untouchable 
number. 
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Upper Bound 
see LEAST UPPER BOUND 


Upper Integral 


The limit of an UPPER SUM, when it exists, as the MESH 
SIZE approaches 0. 


see also LOWER INTEGRAL, RIEMANN INTEGRAL, UP- 
PER SUM 


Urchin 


Upper Limit 

Let the greatest term H of a SEQUENCE be a term which 
is greater than all but a finite number of the terms which 
are equal to H. Then H is called the upper limit of the 
SEQUENCE. | 


An upper limit of a SERIES 


upper lim S, = lim S, =k 
hc Tt OO 


is said to exist if, for every e > 0, |S, — k| < e for 
infinitely many values of n and if no number larger than 
k has this property. 


see also LIMIT, LOWER LIMIT 
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Upper Sum 


For a given function f(x) over a partition of a given in- 
terval, the upper sum is the sum of box areas f(1,)Azrz 
using the greatest value of the function f(x;) in each 
subinterval Azk. 


see also LOWER SUM, RIEMANN INTEGRAL, UPPER IN- 
TEGRAL 


Upper-Trimmed Subsequence 

The upper-trimmed subsequence of x = {z,,} is the se- 
quence A(x) obtained by dropping the first occurrence 
of n for each n. If x is a FRACTAL SEQUENCE, then 
At) = zx. 

see also LOWER-TRIMMED SUBSEQUENCE 
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Upward Drawing 
see HASSE DIAGRAM 


Urchin 
Kepler’s original name for the SMALL STELLATED Do- 
DECAHEDRON. 


Utility Graph Utility Problem 1891 


Utility Graph 


The utility problem asks, “Can a PLANAR GRAPH be 
constructed from each of three nodes (‘house owners’) to 
each of three other nodes (‘wells’)?” The answer is no, 
and the proof can be effected using the JORDAN CURVE 
THEOREM, while a more general result encompassing 
this one is the KURATOWSKI REDUCTION THEOREM. 
The utility graph UG is the graph showing the rela- 
tionships described above. It is identical to the THOM- 
SEN GRAPH and, in the more formal parlance of GRAPH 
THEORY, is known as the COMPLETE BIPARTITE GRAPH 
K3 3. 


see also COMPLETE BIPARTITE GRAPH, KURATOWSKI 
REDUCTION THEOREM, PLANAR GRAPH, THOMSEN 
GRAPH 
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Utility Problem 
see UTILITY GRAPH 


Valence 


y 


Valence 
see VALENCY 


Valency 
The number of EDGES at a GRAPH VERTEX. 


Valuation 
A generalization of the p-ADIC NUMBERS first proposed 
by Kiirschák in 1913. A valuation |- | on a FIELD K isa 
-FUNCTION from K to the REAL NUMBERS R such that 
the following properties hold for all x, y € K: 

1. |x| > 0, 
dal = 0 IFF z = 0, 


. |cy| = jæi lyl, 
. |z| < 1 IMPLIES |1+2a| < C for some constant C > 1 
(independent of zx). 


m WwW bh 


If (4) is satisfied for C = 2, then |- | satisfies the TRI- 
ANGLE INEQUALITY, 


4a. lx + yl < |z! + |y! for all x, y € K. 


If (4) is satisfied for C = 1 then |- | satisfies the stronger 
TRIANGLE INEQUALITY 


4b. |x + y] < max(|z|, |y/). 


The simplest valuation is the ABSOLUTE VALUE for 
REAL NuMBERS. A valuation satisfying (4b) is called 
non-ARCHIMEDEAN VALUATION; otherwise, it is called 
ARCHIMEDEAN. 


If |- |, is a valuation on K and A > 1, then we can define 
a new valuation |- |2 by 


jaja = |alp. (1) 


This does indeed give a valuation, but possibly with a 
different constant C in AXIOM 4. If two valuations are 
related in this way, they are said to be equivalent, and 
this gives an equivalence relation on the collection of 
all valuations on K. Any valuation is equivalent to one 
which satisfies the triangle inequality (4a). In view of 
this, we need only to study valuations satisfying (4a), 
and we often view axioms (4) and (4a) as interchange- 
able (although this is not strictly true). 


If two valuations are equivalent, then they are both non- 
ARCHIMEDEAN or both ARCHIMEDEAN. Q, R, and C 
with the usual Euclidean norms are Archimedean val- 
uated fields. For any PRIME p, the p-ADIC NUMBERS 
Q, with the p-adic valuation | -|p is a non-Archimedean 
valuated field. 


If K is any FIELD, we can define the trivial valuation 
on K by |z| = 1 for all z 4 0 and |0| = 0, which is 
a non-Archimedean valuation. If K is a FINITE FIELD, 
then the only possible valuation over K is the trivial one. 
It can be shown that any valuation on Q is equivalent 


Valuation 1893 
to one of the following: the trivial valuation, Euclidean 
absolute norm |: |, or p-adic valuation | - |p. 


The equivalence of any nontrivial valuation of Q to ei- 
ther the usual ABSOLUTE VALUE or to a p-ADIC NUM- 
BER absolute value was proved by Ostrowski (1935). 
Equivalent valuations give rise to the same topology. 
Conversely, if two valuations have the same topology, 
then they are equivalent. A stronger result is the fol- 
lowing: Let |-|1, |-|2, ..., |> |e be valuations over K 
which are pairwise inequivalent and let az, az, ..., Qk 
be elements of K. Then there exists an infinite sequence 


(x1, 2, ...) of elements of K such that 
lim En = Q1 (2) 
n—>oo w.r.t. |li 
lim Ln = 02, (3) 
moo w.r.t. |-|2 


etc. This says that inequivalent valuations are, in some 
sense, completely independent of each other. For exam- 
ple, consider the rationals Q with the 3-adic and 5-adic 
valuations |- |3 and |- |5, and consider the sequence of 
numbers given by 


43-5" 4 92- 3" 
na AAA 4 
e 3n + 5" (4) 


Then zn > 43 as n > oo with respect to |- |3, but 
In > 92 as n > 00 with respect to |- |s, illustrating 


that a sequence of numbers can tend to two different 
limits under two different valuations. 


A discrete valuation is a valuation for which the VALUA- 
TION GROUP is a discrete subset of the REAL NUMBERS 
R. Equivalently, a valuation (on a FIELD K) is discrete 
if there exists a REAL NUMBER e > 0 such that 


le] € (l—-e1+e)> |z| =1foralxeK. (5) 


The p-adic valuation on Q is discrete, but the ordinary 
absolute valuation is not. 


If | - | is a valuation on K, then it induces a metric 


on K, which in turn induces a TOPOLOGY on K. If 
| - | satisfies (4b) then the metric is an ULTRAMETRIC. 
We say that (K, | - |) is a complete valuated field if the 
METRIC SPACE is complete. 


see also ABSOLUTE VALUE, LOCAL FIELD, METRIC 
SPACE, p-ADIC NUMBER, STRASSMAN’S THEOREM, UL- 
TRAMETRIC, VALUATION GROUP 
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1894 Valuation Group 

Valuation Group 

Let (K,|-|) be a valuated field. The valuation group G 
is defined to be the set 


G = {|z| : z € K,2 £0}, 


with the group operation being multiplication. It is 
a SUBGROUP of the POSITIVE REAL NUMBERS, under 
multiplication. 


Valuation Ring 
Let (K,|-]) be a non-Archimedean valuated field. Its 
valuation ring R is defined to be 


R={xeK:|z|< 1}. 
The valuation ring has maximal IDEAL 
M={«eK:|2| < 1}, 


and the field R/M is called the residue field, class field, 
or field of digits. For example, if K = Q, (p-adic num- 
bers), then R = Z, (p-adic integers), M = pZ, (p-adic 
integers congruent to 0 mod p}, and R/M = GF(p), the 
FINITE FIELD of order p. 


Valuation Theory 
The study of VALUATIONS which simplifies class field 
theory and the theory of algebraic function fields. 


see also VALUATION 


References 

Iyanaga, S. and Kawada, Y. (Eds.). “Valuations.” $425 
in Encyclopedic Dictionary of Mathematics. Cambridge, 
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Value 
The quantity which a FUNCTION f takes upon applica- 
tion to a given quantity. l 


see also VALUE (GAME) 


Value (Game) 
The solution to a GAME in GAME THEORY. When a 
SADDLE POINT is present 


min min a;; = min max a,j; = v, 
im ¡<n jin im 
and v is the value for pure strategies. 


see also ABSOLUTE VALUE, GAME THEORY, MINIMAX 
THEOREM, VALUATION 


Vampire Number 


Vampire Number 

A number v = gy with an EVEN number n of DIG- 
ITS formed by multiplying a pair of n/2-DIGIT numbers 
(where the DIGITS are taken from the original number 
in any order) z and y together. Pairs of trailing zeros 
are not allowed. If v is a vampire number, then zx and 
y are called its “fangs.” Examples of vampire numbers 
include 


1260 = 21 x 60 
1395 = 15 x 93 
1435 = 35 x 41 
1530 = 30 x 51 
1827 = 21 x 87 
2187 = 27 x 81 
6880 = 80 x 86 


(Sloane’s A014575). There are seven 4-digit vampires, 
155 6-digit vampires, and 3382 8-digit vampires. Gen- 
eral formulas can be constructed for special classes of 
vampires, such as the fangs 


2=25-10°+1 
y = 100(10*** + 52)/25, 


giving the vampire 


v = xy = (10°t* + 52)10**? + 100(10%** + 52) /25 
=2* 104? +t 
= 8(26 + 5-10*)(1 + 25 - 10%), 


where 2* denotes z with the DIGITS reversed (Roushe 
and Rogers). 


Pickover (1995) also defines pseudovampire numbers, in 
which the multiplicands have different number of digits. 
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List of Materials © A UN o (ces 

Mit, 04420 i Y 

C1,C2 - 365 mmf variable BA N 
capacitors. AN 

Di - Germanium diode 


(1N34A or equiv.). 


Li - Tuning coil (see text). DUAL TUNED 
Sl - 1-pole, 10-position 
rotary switch (see text). CRYSTAL SET 


4 -= Fahnestock clips. 
1 - Small alligator clip. 
BASEBOARD - 5 x 8 x 3/8-inch 
wood section (see text). 
PHONES - 2000-ohm headphones. 
MISC. - Coil form (see text), 
No. 24 enameled copper wire, 
solder lugs, hook-up wire, 
wood screws and nuts, knobs, 
bracket for Sl, 
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van der Grinten Projection 


van der Grinten Projection 


A MAP PROJECTION given by the transformation 


r = sgn(A — Ap) 


T|A(G — P?) — 


x 


y = sgn(¢) 


where 


A 


P? 4 A? 


m|PQ — Ay/(A? + 1)(P? + 42) - Q? 


P? + A? ' 


1 T A— Ao 
=3 (5 - T 
cos O 

sin @ +cos@ — 1 


2 
P=G(=, -1) 


112 
0 =sin”* 2 
T 
Q = 4? +G. 
The inverse FORMULAS are 
$ = sgn(y)r ma cos(01 + $r) — =| 
3c3 


r[x?+ Y?-1+ 


where 


323318 


= [Y |(14+X? + Y?) 
= c — 2Y’? + X? 
= —2c + 1 +2Y° +(X’? +Y’Y 


y” + 1 2c9* 9c1 Ca 
C3 27 c3? C3? 


1+ 2(X? — Y?) + (X? 4 Y2)2| 


AMG — P2)? — (P? + A?)(G? — P?) 


(1) 
(2) 


van Kampen’s Theorem 1895 


References 
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van der Pol Equation 

An ORDINARY DIFFERENTIAL EQUATION which can be 
derived from the RAYLEIGH DIFFERENTIAL EQUATION 
by differentiating and setting y = y”. It is an equation 
describing self-sustaining oscillations in which energy is 
fed into small oscillations and removed from large os- 
cillations. This equation arises in the study of circuits 
containing vacuum tubes and is given by 


y" —p(l—y*)y +y=0. 


see also RAYLEIGH DIFFERENTIAL EQUATION 
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Kreyszig, E. Advanced Engineering Mathematics, 6th ed. 
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van der Waerden Number 

The threshold numbers proven to exist by VAN DER 
WAERDEN’S THEOREM. The first few are 1, 3, 9, 35, 
178, ... (Sloane's A005346). 
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Honsberger, R. More Mathematical Morsels. Washington, 
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van der Waerden’s Theorem 

For any given POSITIVE INTEGERS k and r, there exists 
a threshold number n(k, r) (known as a VAN DER WAER- 
DEN NUMBER) such that no matter how the numbers 1, 
2, ..., n are partitioned into k classes, at least one of 
the classes contains an ARITHMETIC PROGRESSION of 
length at least r. However, no FORMULA for n(k,r) is 
known. 


see also ARITHMETIC PROGRESSION 
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van der Waerden, B. L. “Beweis einer Baudetschen Vermu- 
tung.” Nieuw Arch. Wiskunde 15, 212-216, 1927. 


van Kampen’s Theorem 

In the usual diagram of inclusion homeomorphisms, if 
the upper two maps are injective, then so are the other 
two. 


References 
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van Wijngaarden-Deker-Brent Method 
see BRENT’S METHOD 


Vandermonde Determinant 


1 1 £1 T1 E 
l za 22 X2 a 
A(21, , Ln) = ; 
1 ln a ara 
= | [= - 25) 
aj 
1>3 
(Sharpe 1987). For INTEGERS ai,..., Gn, A(a1,..., an) 


is divisible by [[_,(— 1)! (Chapman 1996). 
see also VANDERMONDE MATRIX 
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Vandermonde Identity 
see CHU-VANDERMONDE IDENTITY 


Vandermonde Matrix 

A type of matrix which arises in the LEAST SQUARES 
FITTING of POLYNOMIALS and the reconstruction of a 
DISTRIBUTION from the distribution’s MOMENTS. The 
solution of an n x n Vandermonde matrix equation re- 
quires O(n?) operations. A Vandermonde matrix of or- 
der n is of the form 


1 1 T1 T1 1 

1 £2 La La : 
2 = 

1 Tn Tn AS ia” 1 


see also TOEPLITZ MATRIX, TRIDIAGONAL MATRIX, 
VANDERMONDE DETERMINANT 
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Press, W. H.; Flannery, B. P.; Teukolsky, S. A.; and Vetter- 
ling, W. T. “Vandermonde Matrices and Toeplitz Matri- 
ces.” $2.8 in Numerical Recipes in FORTRAN: The Art of 
Scientific Computing, 2nd ed. Cambridge, England: Cam- 
bridge University Press, pp. 82-89, 1992. 


Vandermonde’s Sum 
see CHU- VANDERMONDE IDENTITY 


van Wijngaarden-Deker-Brent Method 


Vanishing Point 


Vandermonde Theorem 
A special case of GAUSS’S THEOREM with a a NEGATIVE 
INTEGER ~n: 


(c — b)n 
(c)n * 


where 2F,(a,b;c;z) is a HYPERGEOMETRIC FUNCTION 
and (a)n is a POCHHAMMER SYMBOL (Bailey 1935, p. 3). 


see also GAUSS’S THEOREM 


2F1(—n,b;c; 1) = 


References 
Bailey, W. N. Generalised Hypergeometric Series. Cam- 
bridge, England: Cambridge University Press, 1935. 


Vandiver’s Criteria 

Let p be a IRREGULAR PRIME, and let P =rp+1bea 
PRIME with P < p? — p. Also let t be an INTEGER such 
that t? #1 (mod P). For an IRREGULAR PAIR (p, 2k), 
form the product 


Th 


On =e? Teer 


b=1 


where 


m = 5(p1— 1) 
d = N m, 
n=l 


If Q2r” Æ 1 (mod P) for all such IRREGULAR PAIRS, 
then FERMAT’S LAST THEOREM holds for exponent p. 


see also FERMAT’S LAST THEOREM, IRREGULAR PAIR, 
IRREGULAR PRIME 


References 
Johnson, W. “Irregular Primes and Cyclotomic Invariants.” 
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Vanishing Point 


vanishing points 
A. ie 
Yh y 


A 7y 
Z Y 
E 7a WN 

/ AON 

/ \ 

/ \ 

Loa 
one-point two-point three-point 


perspective perspective perspective 


The point or points to which the extensions of PARALLEL 
lines appear to converge in a PERSPECTIVE drawing. 
see also PERSPECTIVE, PROJECTIVE GEOMETRY 


References 
Dixon, R. “Perspective Drawings.” Ch. 3 in Mathographics. 
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Varga’s Constant 


Varga’s Constant 


1 


V= A= 9.2890254919..., 


where A is the ONE-NINTH CONSTANT. 
see also ONE-NINTH CONSTANT 


Variance 

For N samples of a variate having a distribution with 
known MEAN u, the “population variance” (usually 
called “variance” for short, although the word “popu- 
lation” should be added when needed to distinguish it 
from the SAMPLE VARIANCE) is defined by 


var(r) = > E — u)? = (a? — Qua + po) 


= (2%) — (2px) + (p°) 

= (27) — 24 (2) + p’, (1) 
where 
1 N 
(a) = + Sou. (2) 
i=l 

But since (x) is an UNBIASED ESTIMATOR for the MEAN 
H= (2), (3) 


it follows that the variance 
o? = var(x = (2 *) = po. (4) 


The population STANDARD DEVIATION is then defined 


or=wyvar(12) = y (x?) — p2, (5) 


A useful identity involving the variance is 
var( f(x) + g(x)) = var(f(x)) + var(g(z)). (6) 


Therefore, 


var(ax + b) = ([(az + b) — (ax + b)]") 
= ((ax +b — a (z) — b) o 
= ((az — au)") = (a(z — p)”) 
=a’ ((z i) ) = a’ var(x) (7) 
var(b) = 0 | (8) 


If the population MEAN is not known, using the sample 
mean Z instead of the population mean pz to compute 


Ss =N i Y (a: — zy (9) 


gives a BIASED ESTIMATOR of the population variance. 
In such cases, it is appropriate to use a STUDENT’S t- 
DISTRIBUTION instead of a GAUSSIAN DISTRIBUTION. 


Variance 1897 


However, it turns out (as discussed below) that an UN- 
BIASED ESTIMATOR for the population variance is given 


by y 
s? =6 Le e (10) 


The MEAN and VARIANCE of the sample standard de- 
viation for a distribution with population mean p and 
VARIANCE are 


Hsn? = N $ (11) 


wy? = EN — 1a — (N = 3). (12) 


The quantity Nsy?*/0? has a CHI-SQUARED DISTRIBU- 
TION. 


For multiple variables, the variance is given using the 
definition of COVARIANCE, 


n Tt m 
var (È “| = cov (E5) 
i=1 i=1 ¿=1 
Tt m 
= Ss Ss cov(xi,2;) 


i=l j=l 


= Ss Sy cov(t;, xj) + y S| cov(xi, 23) 


i=1 j=l i=1 j=1 
j=i jfi 


= 3 cov(xi, £j) + J J cov(xi, £i) 


i=l j=l 
i*i 


>> var(x;) T y cov(2i,2Z;). 


¿=i ¿j=1+1 


(13) 


A linear sum has a similar form: 


var (So = COV B iTi, Ses 
i=l i=1 j=l 
“Yow cov(2;, 25) 
= Yoo aj var(x; )+2 Y y aiaj cov(zi, £j). (14) 


i=l j=i+1 


These equations can be expressed using the COVARI- 
ANCE MATRIX. 


To estimate the population VARIANCE from a sample 
of N elements with a priori unknown MEAN (i.e., the 
MEAN is estimated from the sample itself), we need an 
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UNBIASED ESTIMATOR for ø. This is given by the k- 
STATISTIC k2, where 


N 


=p 


(15) 


and ma = s? is the SAMPLE VARIANCE 


5? i Sle: - 3). (16) 


Note that some authors prefer the definition 


ll 


N 
#2 1 ; —\2 


since this makes the sample variance an UNBIASED Es- 
TIMATOR for the population variance. 


When computing numerically, the MEAN must be com- 
puted before s* can be determined. This requires stor- 
ing the set of sample values. It is possible to calculate 
s’? using a recursion relationship involving only the last 
sample as follows. Here, use p; to denote u calculated 
from the first 7 samples (not the jth MOMENT) 


Hj = ’ (18) 


and s;? denotes the value for the sample variance s” 
calculated from the first 7 samples. The first few values 
calculated for the MEAN are 


pa = 21 (19) 
l- pi + 

u2 = a (20) 
212 +T 

u3 = a. (21) 


Therefore, for 7 =.2, 3 it is true that 


(3 — pj + Ej (22) 


pj = 
7 j 


Therefore, by induction, 


[i +1) — MDug+)-1 + Tj+1 


HMj41 = 


¡+1 
jij + 2541 
= 23 
+1 ) 
pjs +1) = (9 + 1)u5 + (Ej+1 — Hj) (24) 
© o ZIT BG 
Hj+1 = Hj + a4.” (25) 


and > 
3 
. Ti — ; 
5 = Pr (26) 


Variance 


for 7 > 2, so 
¡+1 +1 
. t (ri _ Hii) $ 
JSj+i =J F = S (2, — Hj+1) 
i=1 
j+1 
= > [(z: — 5) (uy — Mj+1)) 
¿i=1 
+1 ¿+1 
2 2 
= Y (zi - pj) + Y (uj — miy) 
i=1 i=1 
j+1 
+2 S (2, — Us — 4541). (27) 
i=1 
Working on the first term, 
j+1 j 
Y (zi = 13)? = X (e = oy)? + (2j — 103) 
¿=1 i=l 


= (j — 1)s;* + (£j+1 15). (28) 


Use (24) to write 


Lit. — Hj = (J + 1) (541 — Hy); (29) 
j+1 
S lau)? = (9 — 1)s3? + (j +1)? (ujt 13)”. (30) 


Now work on the second term in (27), 
j+1 
Y (my — 3491)" = 9 + Dj — uj)’. (31) 


i=l 


Considering the third term in (27), 


j+1 j+1 
S (zi — py) (Hy — oy 41) = (uj — Hjt) S (2; — 1) 
t=1 i=1 


= (Hj — Mj+1) Ye — Hy) + (Ejga — w) 


j 
= (Hj — Hj+1) (sn — Kj — Jog + | . (32) 


i=l 
But | 
J 
Y zi = juj, (33) 
tl 
sO 
j+1 
S (u; — 40) (0541 — Hi) 
i=1 
j+1 
= So (us — +0 + Dl — Hs) 
i=1 


= —(j+1)(uj — Mj41). (34) 


Variance 
Plugging (30), (31), and (34) into (27), 


jej? =(G — 1)s;? + (34D) (usta — ua)" 


+ [Ki + Das — 541) + 21 + 1) (15 — Mj+1)) 
= (j — 1)s;? + (j + Dura — wy)” 

— (j + 1)(u; — ujt) 
= (j = 1)s;? + (j + DIG +1) — Ului — Hy)” 
= (j — 1)837 + 9G + 1) (usta — 19), (35) 


SO 


1 f 
Siti = (a = 5) si +(G+Dípjr1 15). (36) 


To find the variance of s? itself, remember that 


var(s”) = (5) — com (37) 


and 


(82) = 22 pa. (38) 


Working on the first term of (39), 


(ey) (Hatt Dan’) 
(Le) + (Lets?) 


= N (2%) + N(N — 1) (us?) (23°) 
= Nui RE N(N = Dar: (40) 


The second term of (39) is known from k-STATISTICS, 


(Soa 63 25)) = Npa + N(N = Der", (41) 


as is the third term, 


(Ea) (Da) tan-n (Data) 


= Nay + 3N(N — l)u. (42) 


Variance 1899 


Combining (39)-(42) gives 


1 2 
(s*) = ya [Na + N(N— 1)u2"] 
12 
— 1)u3"] 
1 } 12 
+ yya lN ua + 3N(N — 1)p2 ] 
1 2 1 ' 
= (mt ws) 1 
N-1 2AN-1) 
+ a 


2 ' 


N N2? N? 


N DN EIN y 
ZN N Bas 


(N —1)(N? -2N +3) ,2 

N3 H2 
(N — DIN — 1)u4 + (N? — 2N + 3)u3* 
N? ? 


+ 


so plugging in (38) and (43) gives 


var(s*) = (s*) — (a 


> NDIN = Dis + (N? — 2N + 3) ] 


N3 
x a LEN — 1), + (UN? — 2N + 3) 
- N(N — 1)]u2"} 
_ (N=1)IN - Des (UNS 3) (44) 


Student calculated the SKEWNESS and KURTOSIS of the 
distribution of s* as 


y =A — = (45) 


MAA (46) 


and conjectured that the true distribution is PEARSON 
TYPE III DISTRIBUTION 


f(s”) = e ds ahs (47) 
where 


2 Ns? 


(48) 


— N-1 
( N m 1)/2 
C= Vet n (49) 


(57) 


This was proven by R. A. Fisher. 


ra 


1900 Variate 


The distribution of s itself is given by 


N (N-1)/2 
| (as) 


_0oX202) —__ _—ns*/20*? N-2 
f(s) 2 + s (50) 
2 T(3) _ 
(s) = 4| = — 0 =b(N)o, (51) 
A) 
where (x) 
2 PAS 
AN =4/— => (52) 
NEC) 
The MOMENTS are given by 
9 r/2 T N—l+r 
n= (=) ey (53) 
2 


and the variance is 


var(s) = v2 — n’ = N o? — [b(N)o]? 
ail 2? (3) a 


An UNBIASED ESTIMATOR of ø is s/b( N). Romanovsky 
showed that 
3 7 139 


O(N) =1- IN 7 3202  5I849N3 Poco (55) 


see also CORRELATION (STATISTICAL), COVARIANCE, 
COVARIANCE MATRIX, k-STATISTIC, MEAN, SAMPLE 
VARIANCE 
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Variate 
A RANDOM VARIABLE in statistics. 


Variation 

The A-variation is a variation in which the varied path 
over which an integral is evaluated may end at different 
times than the correct path, and there may be variation 
in the coordinates at the endpoints. 


The 6-variation is a variation in which the varied path 
in configuration space terminates at the endpoints rep- 
resenting the system configuration at the same time tı 
and to as the correct path; i.e., the varied path always 
returns to the same endpoints in configuration space, so 


ôq: (tı) = ôq: (t2) = Q0. 


see also CALCULUS OF VARIATIONS,. VARIATION OF ÅR- 
GUMENT, VARIATION OF PARAMETERS 


Variation Coefficient 
Variation of Argument 
Let [arg f(2)] denote the change in argument of a func- 
tion f(z) around a closed loop y. Also let N denote the 


number of ROOTS of f(z) in y and P denote the number 
of POLES of f(z) in y. Then 


larg f(2)] = —(N — P). (1) 
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To find [arg f(z)] in a given region R, break R into paths 
and find [arg f(z)| for each path. On a circular ARC 


z = Re”, (2) 


let f(z) be a POLYNOMIAL P(z) of degree n. Then 


are P(o) = [ane (2E) 


= [arg z”] + [arg (| ' (3) 


Plugging in z = Re* gives 


[arg P(z)] = [arg Re*"] + [are | (4) 
ei 
dm Pee) = [constant], (5) 
Ñ (Rei) 
P( Re’ 
| Retr | > (6) 
and 
[arg P(z)] = [arge'””] = n(62 ~ 01). (7) 
For a REAL segment z = 2, 
[arg f(2)] = tan” PA =0, (8) 
f(x) 
For an IMAGINARY segment z = ty, 
S[P(iy)] |” 
larg f(iy)] = (tan ae | (9) 


Note that the ARGUMENT must change continuously, so 
“jumps” occur across inverse tangent asymptotes. 


Variation Coefficient 
If sz is the STANDARD DEVIATION of a set of samples z; 
and z its MEAN, then 


Variation of Parameters 


Variation of Parameters 
For a second-order ORDINARY DIFFERENTIAL EQUA- 
TION, 

y” +p(x)y' + q(2)y = g(z). (1) 


Assume that linearly independent solutions yi(x) and 
y2(x) are known. Find vı and v2 such that 


y (x) = 01 (x) yi (x) + va(2)ya(x) (2) 
y" (x) = (vi + vaya) + (vit + veya). (3) 


Now, impose the additional condition that 


viy + vaya = 0 | (4) 

so that 
y" (x) = (viy, + vaya) (5) 
y" (2) = ory, + U2Y2 + vy] + vyz. (6) 


x ti 


Plug y*, y*’, and y*” back into the original equation to 


obtain 


vi(yi +pyi +qy1) +u2(ya +pya +qya)+u1y1 + vaya = g(x) 


po? t F (7) 
vi Yi + V2Y2 = g(2). (8) 
Therefore, 
viy1i + vaya =0 (9) 
viy1 + vaya = g(x). (10) 
Generalizing to an nth degree ODE, let y1, ..., yn be 


the solutions to the homogeneous ODE and let vi (x), 
-< Un (1) be chosen such that 


YLVI FYV +... + YnUn =0 
Yvi + yava +... + Yynvy, =0 


(11) 


- (n—1) (n—1) 


Yi vi + Y3 Dy 


va +... +Yya Vh = g(z). 


Then the particular solution is 


yl) = vi(e)yi(e)+...+n(a)yn(z). (12) 


Variety 
see ALGEBRAIC VARIETY 


Vassiliev Polynomial 1901 


Varignon Parallelogram 


The figure formed when the BIMEDIANS (MIDPOINTS 
of the sides) of a convex QUADRILATERAL are joined. 
VARIGNON’S THEOREM demonstrated that this figure is 
a PARALLELOGRAM. The center of the Varignon paral- 
lelogram is the CENTROID if four point masses are placed 
on the VERTICES of the QUADRILATERAL. 


see also MIDPOINT, PARALLELOGRAM, QUADRILAT- 
ERAL, VARIGNON’S THEOREM 


Varignon’s Theorem 

The figure formed when the BIMEDIANS (MIDPOINTS of 
the sides) of a convex QUADRILATERAL are joined in 
order is a PARALLELOGRAM. Equivalently, the BIME- 
DIANS bisect each other. The AREA of this VARIGNON 
PARALLELOGRAM is half that of the QUADRILATERAL. 
The PERIMETER is equal to the sum of the diagonals of 
the original QUADRILATERAL. 


see also BIMEDIAN, MIDPOINT, 
VARIGNON PARALLELOGRAM 


QUADRILATERAL, 
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Vassiliev Polynomial 

Vassiliev (1990) introduced a radically new way of look- 
ing at KNOTS by considering a multidimensional space 
in which each point represents a possible 3-D knot con- 
figuration. If two KNOTS are equivalent, a path then 
exists in this space from one to the other. The paths 
can be associated with polynomial invariants. 


Birman and Lin (1993) subsequently found a way to 
translate this scheme into a set of rules and list of po- 
tential starting points, which makes analysis of Vassiliev 
polynomials much simpler. Bar-Natan (1995) and Bir- 
man and Lin (1993) proved that JONES POLYNOMIALS 
and several related expressions are directly connected 
(Peterson 1992). In fact, substituting the POWER se- 
ries for e” as the variable in the JONES POLYNOMIAL 
yields a POWER SERIES whose COEFFICIENTS are Vas- 
siliev polynomials (Birman and Lin 1993). Bar-Natan 
(1995) also discovered a link with Feynman diagrams 
(Peterson 1992). 
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Vault 

Let a vault consist of two equal half-CYLINDERS of 
length and diameter 2a which intersect at RIGHT 
ANGLES so that the lines of their intersections (the 
“groins”) terminate in the VERTICES of a SQUARE. 
Then the SURFACE AREA of the vault is given by 


A= 4(r —2)a’. 


see also DOME 
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Vector 
A vector is a set of numbers Ao, . 
as 


.., An that transform 


A. Sag A; (1) 


This makes a vector a TENSOR of RANK 1. Vectors 
are invariant under TRANSLATION, and they reverse sign 
upon inversion. 


A vector is uniquely specified by giving its DIVERGENCE 
and CURL within a region and its normal component 
over the boundary, a result known as HELMHOLTZ’S 
THEOREM (Arfken 1985, p. 79). A vector from a point 
A to a point B is denoted AB, and a vector v may be 
denoted Y, or more commonly, v. 


A vector with unit length is called a UNIT VECTOR and 
is denoted with a HAT. An arbitrary vector may be 
converted to a UNIT VECTOR by dividing by its NORM, 
LE: 


v=—. (2) 
[vi 
Let ñ be the UNIT VECTOR defined by 
cos 0 sin ġ 
n= | sinósing |. (3) 
cos Q 


Vector Bundle 


Then the vectors ñ, a, b, c, d satisfy the identities 


(na) E / J (cos 9 sin $) sin $ dé do 
0 o 


= [sin 07 J sin“ odp =0 (4) 

(ni) =0 (5) 

(ninj) = 355; (6) 

(ningn) = 0 (7) 
(NiNkNINm) = F (Oikdim + Fidkm + Sime) (8) 
((a-a)’) = za (9) 
(a-A)(b-#)) = ja -b (10) 
((a- â)â) = za (11) 

((a x ñ)” ) = 2a? (12) 

((a x ñ) - (b x ñ)) = Za-b, (13) 


and 


((a - ñ) (b - â) (c - â)(d - ñ)) 
= L[(bfa-b)(bfc-d)+(bfa-c)(bfb-d)+(bfa-d)(bfb-c)} 
(14) 


where 0:; is the KRONECKER DELTA, a. b is a DOT 
PRODUCT, and EINSTEIN SUMMATION has been used. 


see also FOUR-VECTOR, HELMHOLTZ’S THEOREM, 
NORM, PSEUDOVECTOR, SCALAR, TENSOR, UNIT VEC- 
TOR, VECTOR FIELD 
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Vector Bundle 

A special class of FIBER BUNDLE in which the FIBER 
is a VECTOR SPACE. ‘Technically, a little more is re- 
quired; namely, if f : E — B is a BUNDLE with FIBER 
IR”, to be a vector bundle, all of the FIBERS f~*(a) for 


Vector Derivative 


xz € B need to have a coherent VECTOR SPACE struc- 
ture. One way to say this is that the “trivializations” 
h: f-'(U) + U x R”, are FIBER-for-FIBER VECTOR 
SPACE ISOMORPHISMS. 

see also BUNDLE, FIBER, FIBER BUNDLE, LIE ALGE- 
BROID, STABLE EQUIVALENCE, TANGENT MAP, VEC- 
TOR SPACE, WHITNEY SUM 


Vector Derivative 

The basic types of derivatives operating on a VECTOR 
FIELD are the CURL Vx, DIVERGENCE V-, and GRADI- 
ENT V. 


Vector derivative identities involving the CURL include 


Vx(kA)=kVx A (1) 
Vx (FA) = F(Y x A) H (Vf) xA (2) 
y x (A x B) = (B - V)A — (A - V)B 
+A(V-B)-B(V-A) (3) 
TOR dl 
Vx(A+B)=VxA+VXB. (5) 


In SPHERICAL COORDINATES, 


Vxr=0 (6) 
Vxr=0 (7) 
Vx [rf(r)] = FOV x r) + (Vf(0)] x r 

= f(r)(0) + Lexr=0+0=0, (8) 


Vector derivative identities involving the DIVERGENCE 
include 


V-(kA)=kV-A (9) 
V (FA) =F(V-A)+(Vf)-A (10) 
V-(AxB)=B-(VxA)-A-(VxB) (11) 
V-(A+B)=V-A+V-B (13) 
V(uv) = uV-v4 (Vu): v.’ (14) 


In SPHERICAL COORDINATES, 


VYor=3 (15) 
ves : (16) 
VFN = ¿les + 5 FON + Ff) 

(17) 
a = af Of ðr 
TOER A (18) 
ôr E 2i Da a y = ala? +y + 2?) 1/2 - 

(19) 
Step E + 1 (20) 
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By symmetry, 


V- Efl) = 3f(r) + latya = 3f(r) +r 

(21) 
V- (f(r) = 240) + 4 (22) 
Var my = 39 E lL=(n+2)r""?. (23) 


Vector derivative identities involving the GRADIENT in- 
clude 


V(kf) = kVf (24) 
Vif9) = IVg+y9Vf (25) 
V(A-B)=Ax (V x B)+Bx (V x A) 


4(A-V)B+(B-V)A (26) 
=Ax(VxVf)+Vfx(V x A) 
+A-V(Vf)+VF-VA 
=VfFXxX(VxA)+A-V(VA)+VE°-VA (27) 


V(A - Vf) 


E (£) _ VÍ- fY9 (28) 
g g 

V(F+9)=Vf+V9g (29) 

V(A.A)=2A x (Vx A)+2(A - V)A (30) 


(A- V)A = V(ŁA°) — A x (V x A). (31) 


Vector second derivative identities include 


V’t= V. (Vt) = 


V?A =V(V-A)-Vx(V xA). (33) 


This very important second derivative is known as the 
LAPLACIAN. 


V x (Vt) =0 (34) 
V(V-A)=V°A +V x(V xA) (35) 
V-(VxA)=0 (36) 
Vx(VxA)=V(V-A)- VÍA 
V x (V?A) = V x [V(V - A)] - V x [V x (V x A)] 

= -Vx[V x(V x A)] 

=-(V[V-(VxA)] - V(V x A)]) 

=V AVR ri (37) 

Vi(V-A)=V-[V(V-A)] 

Ye O ise - (VA) (38) 

V*[V x (V x A)] = V?[V(V - A) - VA] 

= V[V(V-A)]- VÍA (39) 
V x [V*(V x A)] = VÍ[V(V - a (40) 
VA = -V°[V x (V x A)| + oo pe 

= V x [VW (VxA)]- V7[V x (V x A). (41) 
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Combination identities include 


Ax (VA)=3¿V(A-A)-—(A-V)A (42) 
V x (@V¢) = PV x (VG) + (VG) x (Vp)=0 (43) 
(A. yje = LED (44) 
Vf-A=V-(fA)- F(V-A) (45) 
f(V-A)=V- (fA) — AVE, (46) 


where (45) and (46) follow from divergence rule (2). 


see also CURL, DIVERGENCE, GRADIENT, LAPLACIAN, 
VECTOR INTEGRAL, VECTOR QUADRUPLE PRODUCT, 
VECTOR TRIPLE PRODUCT 
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Vector Direct Product 
Given VECTORS u and v, the vector direct product is 


~~ T 
uv=auOv , 


where ® is the MATRIX DIRECT PRODUCT and v” is 
the matrix TRANSPOSE. For 3 x 3 vectors 


uv: uivi U1V2 u1U3 

T 
uv — ua V = u2U1 urvo U2VU3 
uzv? u3gUi U3V2 U3U3 


Note that if u = X;, then u; = 6;;, where ĝ;; is the 
KRONECKER DELTA. 


see also MATRIX DIRECT PRODUCT, SHERMAN- 
MORRISON FORMULA, WOODBURY FORMULA 


Vector Division 

There is no unique solution A to the MATRIX equation 
y = Ax unless x is PARALLEL to y, in which case A is a 
SCALAR. Therefore, vector division is not defined. 


see also MATRIX, SCALAR 


Vector Field 
A Map f : R” +} R” which assigns each x a VECTOR 
FUNCTION f(x). FLOWS are generated by vector fields 
and vice versa. A vector field is a SECTION of its TAN- 
GENT BUNDLE. 


see also FLOW, SCALAR FIELD, SEIFERT CONJECTURE, 
TANGENT BUNDLE, VECTOR, WILSON PLUG 
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Vector Norm 


Vector Function 

A function of one or more variables whose RANGE is 
3-dimensional, as compared to a SCALAR FUNCTION, 
whose RANGE is 1-dimensional. 


see also COMPLEX FUNCTION, REAL FUNCTION, 


SCALAR FUNCTION 


Vector Harmonic 
see VECTOR SPHERICAL HARMONIC 


Vector Integral 
The following vector integrals are related to the CURL 
THEOREM. If 


F = c x P(z, y, 2), (1) 
then 
[axes | (dax V) xr. (2) 
C Ss 
If 
F = cF, (3) 
then 


[vars | dax ve © (4 


The following are related to the DIVERGENCE THEO- 
REM. If 


F = c x P(z,y,z), (5) 
then 
f vxvav= f daxE (6) 
4 S 
Finally, if 
F = cF, (7) 
then 


| veav= | Pas. (8) 


see also CURL THEOREM, DIVERGENCE THEOREM, 
GRADIENT THEOREM, GREEN’S FIRST IDENTITY, 
GREEN’S SECOND IDENTITY, LINE INTEGRAL, SURFACE 
INTEGRAL, VECTOR DERIVATIVE, VOLUME INTEGRAL 


Vector Norm 
Given an n-D VECTOR 


a vector norm ||x|| (sometimes written simply |x|) is a 
NONNEGATIVE number satisfying 


1. |jz|| > 0 when x 4 0 and [|x|] = 0 IFF x = 0, 
2. |ikx|| = || ||x|| for any SCALAR k, 
3. [ix + yl] < lix] + Ilyll. 


all about crystal sets 


The coil Ll is wound with No. 24 enameled copper wire, 
and is tapped every five turns for a total winding of 75 
turns. 


Drill a small hole in the coil form approximately 1 
1/4-inch from the "A" lug. Remove the enamel from the 
end of the No. 24 wire and then feed the wire end through 
the hole. Solder the wire to lug "A". 


Wind five closely spaced tight turns around the coil 
form. Then bend back and twist together 1/2-inch of the 
wire to make a tap. Position’the tap outward and then 
continue winding the coil, keeping the turns as tight and 
close together as possible. Make a tap every five turns 
and then drill a small hole in the coil form after the 
75th turn. Feed the wire through the hole, remove enamel, 
and solder the end to lug "B". 


BASEBOARD 


The Dual-Tuned Crystal Set is built on a wood baseboard 
as shown in the illustration. Cut the 5-inch by 8-inch 
baseboard from a section of 1/4-inch thick plywood. Sand 
the edges and surface of the baseboard to remove any 
splinters. Drill holes in the baseboard and install the 
parts with small machine screws and nuts in the locations 
shown in the illustration. Drill mounting holes at each 
end of the tuning coil L1 and position it on the rear of 
the baseboard with the coil taps toward the front. The 
illustration shows a commercial rotary switch, but a 
wooden rotary switch can be used for S51 instead. (See 
page 53 for construction details.) 
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Vector Ordering 


see also COMPATIBLE, MATRIX NORM, NATURAL 
NORM, NORM 
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Vector Ordering 

If the first NONZERO component of the vector difference 
A — B is > 0, then A > B. If the first NONZERO 
component of A — B is < 0, then A < B. 


see also PRECEDES, SUCCEEDS 


Vector Potential 
A function A such that 


B=V x A. 


The most common use of a vector potential is the rep- 
resentation of a magnetic field. If a VECTOR FIELD has 
zero DIVERGENCE, it may be represented by a vector 
potential. 


see also DIVERGENCE, HELMHOLTZ’S THEOREM, PO- 
TENTIAL FUNCTION, SOLENOIDAL FIELD, VECTOR 
FIELD 


Vector Quadruple Product 


(A x B) - (C x D) = (A - C)(B - D) —(A-D)(B-C) 
(1) 
(A x B)? = (A x B). (A x B) 
= (A-A)(B-B)-(A-B)(B- A) 
= A’B’ —(A-B)’ (2) 
A x (Bx (C x D)) = B(A- (C x D)) — (A-B)(C x D) 
(3) 
(A x B) x (C x D) = [A, B, DJC — [A, B, C]D 
= (C xD) x (Bx A) = [C, D, AJD - [C, D, B]A, (4) 


where [A, B, D] denotes the VECTOR TRIPLE PROD- 
UCT. Equation (1) is known as LAGRANGE’S IDENTITY. 


see also LAGRANGE’S IDENTITY, VECTOR TRIPLE 
PRODUCT 


Vector Space 

A vector space over R” is a set of VECTORS for which 
any VECTORS X, Y, and Z € R” and any SCALARS r, 
s € R have the following properties: 


1. COMMUTATIVITY: 


X+Y=Y+X. 


2. ASSOCIATIVITY of vector addition: 


(X+ Y) +Z=X+(Y +2). 
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3. Additive identity: For all X, 
O+X%=X+0= X. 


4. Existence of additive inverse: For any X, there exists 
a —X such that 


X + (-X) = 0. 

5. ASSOCIATIVITY of scalar multiplication: 
r(sX) = (rs)X. 

6. DISTRIBUTIVITY of scalar sums: 


(r+s)K=rX + sX. 


7. DISTRIBUTIVITY of vector sums: 


r(X + Y) =rX + rY. 


8. Scalar multiplication identity: 


1X =X. 


An n-D vector space of characteristic two has 


S(k,n) = (2 — 2°)(2” — 2")... (27 — 2%?) 


distinct SUBSPACES of DIMENSION k. 


A MODULE is abstractly similar to a vector space, but 
it uses a RING to define COEFFICIENTS instead of the 
FIELD used for vector spaces. MODULES have COEFFI- 
CIENTS in much more general algebraic objects. 


see also BANACH SPACE, FIELD, FUNCTION SPACE, 
HILBERT SPACE, INNER PRODUCT SPACE, MODULE, 
RING, TOPOLOGICAL VECTOR SPACE 
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Vector Spherical Harmonic 

The SPHERICAL HARMONICS can be generalized to vec- 
tor spherical harmonics by looking for a SCALAR FUNC- 
TION Y and a constant VECTOR c such that 


M = V x (cp) = ¥(V xc) + (Ve) xe 
= (Vy) x e = =c x V, % (1) 
SO 
V.M=0. (2) 
Now use the vector identities 
V2M = V*(V x M) = V x (V*M) 
= V x (Vey) = V x (cV?) (3) 
KM = k’?V x (ew) = V x (cV*p), (4) 
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sO 
V?M + k?M = V x [e(Vy + k?y), (5) 


and M satisfies the vector HELMHOLTZ DIFFERENTIAL 
EQUATION if y satisfies the scalar HELMHOLTZ DIFFER- 
ENTIAL EQUATION 


Vip +k’ =0. (6) 


Construct another vector function 


V x M 


N = 
k 3 


(7) 


which also satisfies the vector HELMHOLTZ DIFFEREN- 
TIAL EQUATION since 


V?N = ¿V(V x M) = iV x (V2M) 


= zv x (—k°M) = -kV x M = —k’N, (8) 


which gives 
V’N+k’N=0. (9) 


We have the additional identity 


V xN = ŁV x (V x M)=V(V-M) 
La os —V*M 
E — — = = kM. 
Y M= VM 7 kM. (10) 


In this formalism, y is called the generating function and 
c is called the PILOT VECTOR. The choice of generating 
function is determined by the symmetry of the scalar 
equation, i.e., it is chosen to solve the desired scalar 
differential equation. If M is taken as 


M = V x (rẹ), (11) 


where r is the radius vector, then M is a solution to 
the vector wave equation in spherical coordinates. If we 
want vector solutions which are tangential to the radius 
vector, 


M-r=r-(Vw~xc)=(Vy)(ce xr) =0, (12) 
Ñ cxr=0 (13) 


and we may take 
c= rT (14) 


(Arfken 1985, pp. 707-711; Bohren and Huffman 1983, 
p. 88). 


Vector Transformation Law 


A number of conventions are in use. Hill (1954) defines 


[+1 es 1 OY,” A 
A A et 0 
(1+1)(21+1) 09 


+iM,/(1+1)(2l + 1) sin 9Y” (15) 


pd A 1 OY,” a 
WP = 4| Y" — == 0 
i A+ F il 1(21+1) 00 


Vi" =-— 


sf E __ ym r (16) 
1(21 + 1) sin 6 
M o 2 OY,” + 
So a a, CI “b. 
(+ sinó Jill+1) 00 á 
(17) 


Morse and Feshbach (1953) define vector harmonics 
called B, C, and P using rather complicated expres- 
sions. 
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Vector Transformation Law 
The set of n quantities v; are components of an n-D 
VECTOR v IFF, under ROTATION, 


Vv; = 0;jU; 
fori = 1, 2,..., n. The DIRECTION COSINES between 
x, and x; are 
i 
Per Ox; _ Ox; 
2 Oa; Ox; 


They satisfy the orthogonality condition 


Ox; Ox; Ox ; 
= == Ôjk, 


Ox Ox = Orn 


QijQik = 


where 0; is the KRONECKER DELTA. 
see also ‘TENSOR, VECTOR 


Vector Triple Product 


Vector Triple Product 
The triple product can be written in terms of the LEVI- 
CIVITA SYMBOL €ijk as 

À- (B x C) = eijk A’ BIC". (1) 
The BAC-CAB RULE can be written in the form 


A x (B x C) = B(A- C) — C(A - B) (2) 
(A x B) x C= -C x (A xB) 
= —-A(B-C)+ B(A-C). (3) 


Addition identities are 


A-(B x C)=B.(Cx A)=C-(A xB) (4) 
[A, B,C]D = [D,B, C]A + [A, D, C]B + [A, B, DIC 
(5) 
qer qr qor” 
iq, q, q ir, r’, r”] = q’ 'r q y! a r”). (6) 
l q” , r q” , y” q” . r” 


see also BAC-CAB RULE, CROSS PRODUCT, DOT 
PRODUCT, LEVI-CIVITA SYMBOL, SCALAR TRIPLE 
PRODUCT, VECTOR QUADRUPLE PRODUCT 
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Vee 


The symbol V variously means “disjunction” (in LOGIC) 
or “join” (for a LATTICE). 


see also WEDGE 


- Velocity 


where r is the POSITION VECTOR and d/dt is the de- 
rivative with respect to time. Expressed in terms of the 
ARC LENGTH, 

_ ds; 


¿da 
a 


where T is the unit TANGENT VECTOR, so the SPEED 
(which is the magnitude of the velocity) is 


v= | = Ë = P). 


see also ANGULAR VELOCITY, POSITION VECTOR, 
SPEED 
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Venn Diagram 


NW 


The simplest Venn diagram consists of three symmetri- 
cally placed mutually intersecting CIRCLES. It is used 
in LOGIC theory to represent collections of sets. The 
region of intersection of the three CIRCLES AN BNC, 
in the special case of the center of each being located at 
the intersection of the other two, is called a REULEAUX 
‘TRIANGLE. 


In general, an order n Venn diagram is a collection of n 
simple closed curves in the PLANE such that 


1. The curves partition the PLANE into 2” connected 
regions, and 

2. Each SUBSET S of {1, 2, ..., n} corresponds to a 
unique region formed by the intersection of the inte- 
riors of the curves in S (Ruskey). 


see also CIRCLE, FLOWER OF LIFE, LENS, MAGIC CIR- 
CLES, REULEAUX TRIANGLE, SEED OF LIFE 
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Verging Construction 
see NEUSIS CONSTRUCTION 


Verhulst Model 
see LOGISTIC MAP 


Veronese Surface 
A smooth 2-D surface given by embedding the PROJEC- 
TIVE PLANE into projective 5-space by the homogeneous 
parametric equations 


vie z= (x?, Y, 2°, LY, LZ, YZ). 


The surface can be projected smoothly into 4-space, but 
all 3-D projections have singularities (Coffman). The 
projections of these surfaces in 3-D are called STEINER 
SURFACES. The VOLUME of the Veronese surface is 27”. 


see also STEINER SURFACE 
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1908 Veronese Variety 


Veronese Variety 
see VERONESE SURFACE 


Versed Sine 
see VERSINE 


Versiera 
see WITCH OF AGNESI 


Versine 


vers(z) = 1 — cos z, 


where cos z is the COSINE. Using a trigonometric iden- 
tity, the versine is equal to 


vers(z) = 2sin"(1z). 


see also COSINE, COVERSINE, EXSECANT, HAVERSINE 
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Vertex Angle 


vertex 


The point about which an ÁNGLE is measured is called 
the angle's vertex, and the angle associated with a given 
vertex is called the vertex angle. 


see also ANGLE 


Vertex Coloring 

BRELAZ’S HEURISTIC ALGORITHM can be used to find 
a good, but not necessarily minimal, VERTEX coloring 
of a GRAPH. 


see also BRELAZ’S HEURISTIC ALGORITHM, COLORING 


Vertex Connectivity 
The minimum number of VERTICES whose deletion from 
a GRAPH disconnects it. 


see also EDGE CONNECTIVITY 


Vertex Cover 
see HITTING SET 


Vertex (Parabola) 


Vertex Degree 

The degree of a VERTEX of a GRAPH is the number of 
EDGES which touch the VERTEX, also called the LOCAL 
DEGREE. The VERTEX degree of a point A in a GRAPH, 
denoted p(A), satisfies 


i=1 


where E is the total number of EDGES. DIRECTED 
GRAPHS have two types of degrees, known as the IN- 
DEGREE and the OUTDEGREE. 


see also DIRECTED GRAPH, INDEGREE, LOCAL DE- 
GREE, OUTDEGREE | 


Vertex Enumeration 
A CONVEX POLYHEDRON is defined as the set of solu- 
tions to a system of linear inequalities 


mx < b, 


where m is a REAL s x d MATRIX and b is a REAL s- 
VECTOR. Given m and b, vertex enumeration is the 
determination of the polyhedron’s VERTICES. 


see also CONVEX POLYHEDRON, POLYHEDRON 
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Vertex Figure 

The line joining the MIDPOINTS of adjacent sides in a 
POLYGON is called the polygon's vertex figure. For a 
regular n-gon with side length s, 


T 
v= §&Ccos|—]. 
n 


For a POLYHEDRON, the faces that join at a VERTEX 
form a solid angle whose section by the plane is the 
vertex figure. 


see also TRUNCATION 


Vertex (Graph) 
A point of a GRAPH, also called a NODE. 


see also EDGE (GRAPH), NULL GRAPH, TAIT COLOR- 
ING, TAIT CYCLE, TAIT’S HAMILTONIAN GRAPH CON- 
JECTURE, VERTEX (POLYGON) 


Vertex (Parabola) 

For a PARABOLA oriented vertically and opening up- 
wards, the vertex is the point where the curve reaches a 
minimum. 


Vertex (Polygon) 


Vertex (Polygon) 


vertex 


edge 


A point at which two EDGES of a POLYGON meet. 


see also PRINCIPAL VERTEX, VERTEX (GRAPH), VER- 
TEX (POLYHEDRON) 


Vertex (Polyhedron) 


vertex 


edge 


A point at which three of more EDGES of a POLYHE- 
DRON meet. The concept can also be generalized to a 
POLYTOPE. 


see also VERTEX (GRAPH), VERTEX (POLYGON) 


Vertex (Polytope) 
The vertex of a POLYTOPE is a point where edges of the 
POLYTOPE meet. 


Vertical 


Oriented in an up-down position. 


see also HORIZONTAL 


Vertical-Horizontal Illusion 


The HORIZONTAL line segment in the above figure ap- 
pears to be shorter than the VERTICAL line segment, 
despite the fact that it has the same length. 


see also ILLUSION, MULLER-LYER ILLUSION, POGGEN- 
DORFF ILLUSION, PONZO’S ILLUSION 


References 
Fineman, M. The Nature of Visual Illusion. New York: 
Dover, p. 153, 1996. 


Vibration Problem 1909 


Vertical Perspective Projection 


A MAP PROJECTION given by the transformation equa- 
tions 


gz = k' cos@sin(A — Ao) (1) 
y = k'[cos ¢1 sin $ — sin ġı cos¢cos(A — Ao)!, (2) 


where P is the distance of the point of perspective in 
units of SPHERE RADII and 
P-1 
k = — 3 
P — cosc (3) 
cosc = sin ġı sing + cos ġı cos@cos(A— ào). (4) 


References 
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Vertical Tangent 
A function f(x) has a vertical tangent line at zo if f is 
continuous at zo and 


lim f'(x) = oo. 
TITO 


Vesica Piscis 
see LENS 


Vibration Problem 

Solution of a system of second-order homogeneous ordi- 
nary differential equations with constant COEFFICIENTS 
of the form 


where B is a POSITIVE DEFINITE MATRIX. To solve the 
vibration problem, 


1. Solve the CHARACTERISTIC EQUATION of B to get 
EIGENVALUES Aq, ..., An. Define wi = Vj. 


2. Compute the corresponding EIGENVECTORS €1,..., 
en. 

3. The normal modes of oscillation are given by x1 = 
A, sin(wit + ai)e1, ..., Xn = Ansin(wnt + an)en, 
where A1,..., An and Q1,..., œn are arbitrary con- 
stants. 


TL 


4. The general solution is x = Yi: Xi. 


1910 Vickery Auction 


Vickery Auction 

An AUCTION in which the highest bidder wins but pays 
only the second-highest bid. This variation over the nor- 
mal bidding procedure is supposed to encourage bidders 
to bid the largest amount they are willing to pay. 


see also AUCTION 


Viergruppe 
The mathematical group Za 8 Z4, also denoted Do. Its 
multiplication table is 


see also DIHEDRAL GROUP, FINITE GROUP— Z4 


Vieta’s Substitution 
The substitution of | 
P 


g = w — — 
3w 


into the standard form CUBIC EQUATION 
z? + pe =q, 


which reduces the cubic to a QUADRATIC EQUATION in 


w, 


see also CUBIC EQUATION 


Vigesimal 

The base-20 notational system for representing REAL 
NUMBERS. The digits used to represent numbers using 
vigesimal NOTATION are 0, 1, 2, 3, 4, 5, 6, 7, 8, 9, A, B, 
C, D, E, F, G, H, I, and J. A base-20 number system was 
used by the Aztecs and Mayans. The Mayans compiled 
extensive observations of planetary positions in base-20 
notation. 


see also BASE (NUMBER), BINARY, DECIMAL, HEXA- 
DECIMAL, OCTAL, QUATERNARY, TERNARY 
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Vigintillion 
In the American system, 10°. 
see also LARGE NUMBER 


Villarceau Circles 

Given an arbitrary point on a TORUS, four CIRCLES can 
be drawn through it. The first is in the plane of the torus 
and the second is PERPENDICULAR to it. The third and 
fourth CIRCLES are called Villarceau circles. 


see also ‘TORUS 


Visible Point 
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Vinculum 

A horizontal line placed above multiple quantities to 
indicate that they form a unit. It is most commonly 
used to denote ROOTS (vy 12345 ) and repeating decimals 
(0.111). 


Vinogradov’s Theorem 3 
Every sufficiently large ODD number is a sum of three 
PRIMES. Proved in 1937. 


see also GOLDBACH CONJECTURE 


Virtual Group 
see GROUPOID 


Visibility 
see VISIBLE POINT 


Visible Point 


Two LATTICE POINTS (x,y) and (2’,y’) are mutually 
visible if the line segment joining them contains no fur- 
ther LATTICE POINTS. This corresponds to the require- 
ment that (1' — z, y' — y) = 1, where (m,n) denotes the 
GREATEST COMMON DIVISOR. The plots above show 
the first few points visible from the ORIGIN. 


If a LATTICE POINT is selected at random in 2-D, the 
probability that it is visible from the origin is 6/x*. This 
is also the probability that two INTEGERS picked at ran- 
dom are RELATIVELY PRIME. If a LATTICE POINT is 
picked at random in n-D, the probability that it is visible 


Visible Point Vector Identity 


from the ORIGIN is 1/¢(n), where ¢(n) is the RIEMANN 
ZETA FUNCTION. 


An invisible figure is a POLYGON all of whose corners are 
invisible. There are invisible sets of every finite shape. 
The lower left-hand corner of the invisible squares with 
smallest x coordinate of AREAS 2 and 3 are (14, 20) and 
(104, 6200). 


see also LATTICE POINT, ORCHARD VISIBILITY PROB- 
LEM, RIEMANN ZETA FUNCTION 
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Visible Point Vector Identity 
A set of identities involving n-D visible lattice points 
was discovered by Campbell (1994). Examples include 


JI (1 = eo aaa = (1 ee 2) 7/9) 


(a,b)=1 
a>0,b<1 


for |yz|,|z| < 1 and 


I] (1 E zty? z)" = (1 _ z) 710-2) -y)] 


(a,b,c)=1 
a,b>0,c<1 


for |zyz|, luz], [yzl, |z| < 1. 
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Vitali’s Convergence Theorem 

Let fn(z) be a sequence of functions, each regular in a 
region D, let |fn(z)| < M for every n and z in D, and let 
fn(z) tend to a limit as n > co at a set of points having 
a LIMIT POINT inside D. Then f,(z) tends uniformly 
to a limit in any region bounded by a contour interior 
to D, the limit therefore being an analytic function of 
z. 


see also MONTEL’S THEOREM 
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Viviani’s Theorem 1911 


Viviani’s Curve 


The SPACE CURVE giving the intersection of the CYL- 
INDER 
(a +y =a (1) 


and the SPHERE 
ety? tH g. (2) 


It is given by the parametric equations 


z = a(l + cost) (3) 
y =asint (4) 
z = 2asin($?). (5) 


The CURVATURE and TORSION are given by 


_ vi3+3cost 
= a(3 + cos t)3/2 (8) 
6 cos(st) 
a= a(13 + 3cost)' (7) 


see also CYLINDER, SPHERE, STEINMETZ SOLID 
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Viviani’s Theorem 

For a point P inside an EQUILATERAL TRIANGLE 
AABC, the sum of the perpendiculars p; from P to 
the sides of the TRIANGLE is equal to the ALTITUDE A. 
This result is simply proved as follows, 


AABC = APBC + APCA+ APAB. (1) 
With s the side length, 
ssh = 5 SPa + = spo + = SD, (2) 


SO 
h = pa + pot De. (3) 


see also ALTITUDE, EQUILATERAL TRIANGLE 


1912 Vojta’s Conjecture 


Vojta’s Conjecture 

A conjecture which treats the heights of points relative 
to a canonical class of a curve defined over the INTE- 
GERS. 


References 
Cox, D. A. “Introduction to Fermat’s Last Theorem.” Amer. 
Math. Monthly 101, 3-14, 1994. 


Volterra Integral Equation of the First Kind 
An INTEGRAL EQUATION of the form 


fía) = J " b(w, t) p(t) de 


1 


see also FREDHOLM INTEGRAL EQUATION OF THE 
FIRST KIND, FREDHOLM INTEGRAL EQUATION OF THE 
SECOND KIND, INTEGRAL EQUATION, VOLTERRA IN- 
TEGRAL EQUATION OF THE SECOND KIND 
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Volterra Integral Equation of the Second 
Kind 
An INTEGRAL EQUATION of the form 


p(z) = f(z) + J bla, t)4(t) de. 


see also FREDHOLM INTEGRAL EQUATION OF THE 
FIRST KIND, FREDHOLM INTEGRAL EQUATION OF THE 
SECOND KIND, INTEGRAL EQUATION, VOLTERRA IN- 
TEGRAL EQUATION OF THE FIRST KIND 
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Volume 

The volume of a solid body is the amount of “space” it 
occupies. Volume has units of LENGTH cubed (i.e., cm”, 
m*, in®, etc.) For example, the volume of a box (RECT- 
ANGULAR PARALLELEPIPED) of LENGTH L, WIDTH W, 
and HEIGHT H is given by 


V=LxwWw xd. 


The volume can also be computed for irregularly-shaped 
and curved solids such as the CYLINDER and CUBE. The 


Volume Element 


volume of a SURFACE OF REVOLUTION is particularly 
simple to compute due to its symmetry. 


The following table gives volumes for some common 
SURFACES. Here r denotes the RADIUS, h the height, A 
the base AREA, and s the SLANT HEIGHT (Beyer 1987). 


Surface V 

cone inr’h 

conical frustum ¿Th(Ri* + Ro? + Ry Re ) 
cube a? 

cylinder nr?h 

ellipsoid $ rabe 

oblate spheroid Sna? b 

prolate spheroid $ tab? 
pyramid 5 Ah 
pyramidal frustum 5 h(Aı + Ao + VAIA?) 
sphere sare 

spherical sector 5 ar? h 


spherical segment ¿Th*r(3r — h) 
torus 2n? Rr? 


Even simple SURFACES can display surprisingly coun- 
terintuitive properties. For instance, the SURFACE OF 
REVOLUTION of y = 1/x around the z-axis for z > 1 
is called GABRIEL'S HORN, and has finite volume, but 
infinite SURFACE AREA. 


The generalization of volume to n DIMENSIONS for n > 4 
is known as CONTENT. 


see also ARC LENGTH, AREA, CONTENT, HEIGHT, 


LENGTH (SIZE), SURFACE AREA, SURFACE OF REVO- 
LUTION, VOLUME ELEMENT, WIDTH (SIZE) 
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Volume Element 

A volume element is the differential element dV whose 
VOLUME INTEGRAL over some range in a given coordi- 
nate system gives the VOLUME of a solid, 


v= fff dedyaz. (1) 


In R”, the volume of the infinitesimal n-HYPERCUBE 
bounded by da, ..., dz, has volume given by the 
WEDGE PRODUCT 


dV = dzi A... A dEn (2) 


(Gray 1993). 


The use of the antisymmetric WEDGE PRODUCT instead 
of the symmetric product dæı...d£n is a technical re- 
finement often omitted in informal usage. Dropping the 


Volume Integral 


wedges, the volume element for CURVILINEAR COORDI- 
NATES in R? is given by 


dV = (hi ty du) (h2û2 duz) x (h3ús duz)| (3) 


= hy ha3h3 du; duz dus (4) 
Or Or Or 
= Dui : Jis x Jus dui duz dus (5) 


Oy oy ae du; duz dus (6) 


du; duz dus, (7) 


Ox Ox Ox 
O(u1, U2, uz) 


where the latter is the JACOBIAN and the h; are SCALE 
FACTORS. 


see also AREA ELEMENT, JACOBIAN, LINE ELEMENT, 
RIEMANNIAN METRIC, SCALE FACTOR, SURFACE IN- 
TEGRAL, VOLUME INTEGRAL 
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Volume Integral 
A triple integral over three coordinates giving the VOL- 
UME within some region R, 


v= [ff asayaz 


see also INTEGRAL, LINE INTEGRAL, MULTIPLE INTE- 
GRAL, SURFACE INTEGRAL, VOLUME, VOLUME ELE- 
MENT 


von Aubel’s Theorem 
RR 


Given an arbitrary QUADRILATERAL, place a SQUARE 
outwardly on each side, and connect the centers of op- 
posite SQUARES. Then the two lines are of equal length 
and cross at a RIGHT ANGLE. 


see also QUADRILATERAL, RIGHT ANGLE, SQUARE 
References 
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von Staudt-Clausen Theorem 1913 


von Dyck’s Theorem 
Let a GROUP G have a presentation 


G= (21,...,Tolrj(L1,--., En), j = J) 


so that G = F/R, where F is the FREE GROUP with ba- 
sis (11,...,2n) and R is the NORMAL SUBGROUP gen- 
erated by the r;. If H is a GROUP with H = (y1,..., Yn) 
and if r; (y1, ..-, Yn) = 1 for all j, then there is a surjec- 
tive homomorphism G > H with zx; ++ y; for all 2. 


see also FREE GROUP, NORMAL SUBGROUP 
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von Mangoldt Function 
see MANGOLDT FUNCTION 


von Neumann Algebra 

A GROUP “with bells and whistles.” It was while study- 
ing von Neumann algebras that Jones discovered the 
amazing and highly unexpected connections with KNOT 
THEORY which led to the formulation of the JONES 
POLYNOMIAL. 
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von Staudt-Clausen Theorem 


Ban=An- >> 


Pk 
Pr—1|2n 

where Ba, is a BERNOULLI NUMBER, A» is an INTEGER, 
and the pss are the PRIMES satisfying pk — 112k. For 
example, for k = 1, the primes included in the sum are 
2 and 3, since (2—1)|2 and (3—1)|2. Similarly, for k = 6, 
the included primes are (2, 3, 5, 7, 13), since (1, 2, 3, 
6, 12) divide 12 = 2-6. The first few values of A, for 
n=1,2,... are 1, 1, 1, 1, 1, 1, 2, —6, 56, —528, ... 
(Sloane's A000164). 


- The theorem was rediscovered by Ramanujan (Hardy 


1959, p. 11) and can be proved using p-ADIC NUMBERS. 
see also BERNOULLI NUMBER, p-ADIC NUMBER 
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1914 von Staudt Theorem 


von Staudt Theorem 
see VON STAUDT-CLAUSEN THEOREM 


Voronoi Cell 
The generalization of a VORONOI POLYGON to n-D, for 
n > 2. 


Voronoi Diagram 


The partitioning of a plane with n points into n con- 
vex POLYGONS such that each POLYGON contains ex- 
actly one point and every point in a given POLYGON is 
closer to its central point than to any other. A Voronoi 
diagram is sometimes also known as a DIRICHLET TES- 
SELLATION. The cells are called DIRICHLET REGIONS, 
THIESSEN POLYTOPES, or VORONOI POLYGONS. 


see also DELAUNAY TRIANGULATION, MEDIAL AXIS, 
VORONOI POLYGON 
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Voronoi Polygon | 

A POLYGON whose interior consists of all points in the 
plane which are closer to a particular LATTICE POINT 
than to any other. The generalization to n-D is called a 
DIRICHLET REGION, THIESSEN POLYTOPE, or VORONOI 
CELL. 


Voting 

It is possible to conduct a secret ballot even if the 
votes are sent in to a central polling station (Lipton 
and Widgerson, Honsberger 1985). 


see also ARROW’S PARADOX, BALLOT PROBLEM, 
May’s THEOREM, QUOTA SYSTEM, SOCIAL CHOICE 
THEORY 
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Vulgar Series 


VR Number 
A “visual representation” number which is a sum of 
some simple function of its digits. For example, 


1233 = 12? + 33” 


2661653 = 16537 — 266° 
221859 = 22° + 18° + 59° 
40585 + 4!+ 0+ 5!4+ 8!+5! 
148349 =11+14+18+13+14+19 
4913 = (44+9+4+1+3)° 
are all VR numbers given by Madachy (1979). 
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Vulgar Series 
see FAREY SERIES 


advanced projects 


Install the four fahnestock clips (used as antenna, 
ground and headphone terminals) with solder lugs. Mount 
an additional solder lug on the baseboard midway between 
S1 and Li, 


WIRING 


Connect the crystal set parts with hookup wire as shown 
in the pictorial illustration and the schematic diagram. 
Use the center solder lug as a junction point for leads 
from Cl, C2 and 51 as shown in the illustration. Connect 
the leads from 51 to the taps on Ll in numerical 
sequence; every 5 turns for 7 taps. Then connect the last 
three leads every 10 taps. Insert the lead ends into the 
taps and hold them with a drop of solder. This will make 
it easier to move leads to other Ll taps. Use a 5-inch 
length of stranded hookup wire for the alligator clip 
lead connected to Di at solder lug C., 


Experiment 1 


Connect 2000-ohm headphones, antenna and ground leads, 
to the crystal set terminals. Then connect the D1 clip 
lead to the L1 "A" solder lug. 


Set $1 to each tap position in turn and tune Cl and C2 
for received radio stations. If all of the local 
stations can not be heard, experiment with different 
connections to the L1 taps. More turns may have to be 
added to Li (with additional five-turn taps) to receive 
stations at the lower frequency end of the broadcast 
band. 


Experiment 2 


Remove the Di clip lead from "A" and then connect ¡it to 
the "B" solder lug on Ll. Repeat the tuning method of 
Experiment 1 and note if the crystal set is more 
selective. This is possible, because L1 is now connected 
as an rf transformer. You can also connect the Di clip 
lead to each of the S51 taps and note if there has been 
any improvement in reception. 
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W2-Constant 


W 


W 2-Constant 


Wa = 1.529954037.... 
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W-Function 
see LAMBERT’S W-FUNCTION 


Wada Basin 

A BASIN OF ATTRACTION in which every point on the 
common boundary of that basin and another basin is 
also a boundary of a third basin. In other words, no 
matter how closely a boundary point is zoomed into, all 
three basins appear in the picture. 


see also BASIN OF ATTRACTION 
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Walk 

A sequence of VERTICES and EDGES such that the VER- 
TICES and EDGES are adjacent. A walk is therefore 
equivalent to a graph CYCLE, but with the VERTICES 
along the walk enumerated as well as the EDGES. 


see also CIRCUIT, CYCLE (GRAPH), PATH, RANDOM 
WALK 


Wallace-Bolyai-Gerwein Theorem 

Two POLYGONS are congruent by DISSECTION IFF they 
have the same AREA. In particular, any POLYGON is 
congruent by DISSECTION to a SQUARE of the same 
AREA. Laczkovich (1988) also proved that a CIRCLE 
is congruent by DISSECTION to a SQUARE (furthermore, 
the DISSECTION can be accomplished using TRANSLA- 
TIONS only). 


see also DISSECTION 
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Wallace-Simson Line 
see SIMSON LINE 


Wallis Formula 1915 


Wallis’s Conical Edge 


The RIGHT CONOID surface given by the parametric 
equations 


z(u,v) = vcosu 


y(u,v) = vsinu 


z(u,v) = cy a? — b? cos? u. 


see also RIGHT CONOID 
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Wallis Cosine Formula 


mn {2 n 1:3-5--(n—1) 
n — J) 2 2:4:6:n 
J cos gz dz = 2.4:6- (m1) 
0 —“T35-n 


see also WALLIS FORMULA, WALLIS SINE FORMULA 


for n = 2,4,... 
for n = 3,5,.... 


Wallis Formula 
The Wallis formula follows from the INFINITE PRODUCT 
representation of the SINE 


mo==2]] (1-22). (1) 


nol 


Taking z = 7/2 gives 


SO 


™ oT (2n)? _2-24-46-6 
lem! “T33657 U O 


1916 Wallis’s Problem 


A derivation due to Y. L. Yung uses the RIEMANN ZETA 
FUNCTION. Define 


| 
| 
E 
jua 
ta 
m, 
| 
Pa 
— 
Ii 
Ms 
~~ 
| 
pl 
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F(s) = = 
= (1-2 *)¢(s) (4) 
F'(s) = > ( Ta (5) 


SO 


2.4-6:-- 

ae 

(; ee eee (6) 

Taking the derivative of the zeta function expression 
gives 


(1 = 2°-*)C(8) = 2" (1 2)C(8) + (1-2: (6) (7) 
d ls Ss ; 

Za -2 KOJN = =1n2- (0) 
= —In2+ $In(27) = In (| = In ( z) - (8) 


Equating and squaring then gives the Wallis formula, 
which can also be expressed 


; 2 
z > paces del | (9) 
The g-ANALOG of the Wallis formula for q = 2 is 
[ [a - 47 = 3.4627466194... (10) 


k=1 


(Finch). 
see also WALLIS COSINE FORMULA, WALLIS SINE FOR- 
MULA 
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Wallis’s Problem 
Find solutions to a(x?) = o(y’) other than (x,y) = 
(4,5), where o is the DIVISOR FUNCTION. 


see also FERMAT’S SIGMA PROBLEM 


Walsh Function 


Wallis Sieve 
A compact set Wæ with AREA 


© 

bo 

a 
S| 
© 
E 


created by punching a square hole of length 1/3 in the 
center of a square. In each of the eight squares remain- 
ing, punch out another hole of length 1/(3 - 5), and so 
on. 


Wallis Sine Formula 


for n = 2, Ls 
forn = 3). Des 


see also WALLIS COSINE FORMULA, WALLIS FORMULA 


Wallpaper Groups 

The 17 PLANE SYMMETRY GROUPS. Their symbols are 
pl, p2, pm, pg, cm, pmm, pmg, pgg, cmm, p4, p4m, 
p4g, p3, p3lm, p3ml, p6, and p6m. For a description 
of the symmetry elements present in each space group, 
see Coxeter (1969, p. 413). 
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Walsh Function 

Functions consisting of a number of fixed-amplitude 
square pulses interposed with zeros. Following Harmuth 
(1969), designate those with EVEN symmetry Cal(k, t) 
and those with ODD symmetry Sal(k,t). Define the SE- 
QUENCY k as half the number of zero crossings in the 
time base. Walsh functions with nonidentical SEQUEN- 
CIES are ORTHOGONAL, as are the functions Cal(k, t) 
and Sal(k,t). The product of two Walsh functions is 
also a Walsh function. The Walsh functions 


_ J Cal(k/2,t) for k = Q0, 2, 4,. 
di Sal((k+1)/2,t) for k =1, 3,5, 
The Walsh functions Cal(k,t) for k = 0, 1,...,n/2—-1 


and Sal(k,t) for k = 1, 2,..., n/2 are given by the rows 
of the HADAMARD MATRIX Hp. 


see also HADAMARD MATRIX, SEQUENCY 


Walsh Index 
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Walsh Index 
The statistical INDEX 


Pw = Ss > y dofn Pn 
y y doln Po 


where pn is the price per unit in period n and q, is the 
quantity produced in period n. 


see also INDEX 
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Wang’s Conjecture 

Wang’s conjecture states that if a set of tiles can tile 
the plane, then they can always be arranged to do so 
periodically (Wang 1961). The CONJECTURE was re- 
futed when Berger (1966) showed that an aperiodic set 
of tiles existed. Berger used 20,426 tiles, but the number 
has subsequently been greatly reduced. 


see also TILING 
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Ward's Primality Test 

Let N be an ODD INTEGER, and assume there exists 
a LUCAS SEQUENCE {Un} with associated SYLVESTER 
CYCLOTOMIC NUMBERS {Qn } such that there is an n > 
VN (with n and N RELATIVELY PRIME) for which N 
DIVIDES Qn. Then N is a PRIME unless it has one of 
the following two forms: 


1. N = (n — 1)’, with n — 1 PRIME and n > 4, or 


Waring’s Problem 1917 


2. N =n’? —1, with n — 1 and n + 1 PRIME. 


see also LUCAS SEQUENCE, SYLVESTER CYCLOTOMIC 
NUMBER 
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Waring’s Conjecture 


see WARING’S PRIME CONJECTURE, WARING’S SUM 
CONJECTURE 


Waring Formula 


n/a) 
A"+B"™ = Y (-1) 


j=0 


— (" ; J ) (AB\ (A+B)"”, 


n=) 


where |x] is the FLOOR FUNCTION and (;) is a BINO- 
MIAL COEFFICIENT. 


see also FERMAT’S LAST THEOREM 


Waring’s Prime Conjecture 
Every ODD INTEGER is a PRIME or the sum of three 
PRIMES. 


Waring’s Problem 

Waring proposed a generalization of LAGRANGE’S 
FOUR-SQUARE THEOREM, stating that every RATIO- 
NAL INTEGER is the sum of a fixed number g(n) of nth 
POWERS of INTEGERS, where n is any given POSITIVE 
INTEGER and g(n) depends only on n. Waring origi- 
nally speculated that g(2) = 4, g(3) = 9, and g(4) = 19. 
In 1909, Hilbert proved the general conjecture using an 
identity in 25-fold multiple integrals (Rademacher and 
Toeplitz 1957, pp. 52-61). 


In LAGRANGE'S FOUR-SQUARE THEOREM, Lagrange 
proved that g(2) = 4, where 4 may be reduced to 3 
except for numbers of the form 4”(8k + 7) (as proved 
by Legendre). In the early twentieth century, Dickson, 
Pillai, and Niven proved that g(3) = 9. Hilbert, Hardy, 
and Vinogradov proved g(4) < 21, and this was sub- 
sequently reduced to g(4) = 19 by Balasubramanian 
et al. (1986). Liouville proved (using LAGRANGE’S 
FOUR-SQUARE THEOREM and LIOUVILLE POLYNOMIAL 
IDENTITY) that g(5) < 53, and this was improved to 
47, 45, 41, 39, 38, and finally g(5) < 37 by Wieferich. 
See Rademacher and Toeplitz (1957, p. 56) for a simple 
proof. J.-J. Chen (1964) proved that g(5) = 37. 


Dickson, Pillai, and Niven also conjectured an explicit 
formula for g(s) for s > 6 (Bell 1945), based on the 


relationship 


1918 Waring’s Problem 


If the DIOPHANTINE (i.e., n is restricted to being an 
INTEGER) inequality 


(3) 0-() a 
is true, then 


IO 


This was given as a lower bound by Euler, and has been 
verified to be correct for 6 < n < 200,000. Since 1957, 
it has been known that at most a FINITE number of k 
exceed Euler's lower bound. 


There is also a related problem of finding the least IN- 
TEGER n such that every POSITIVE INTEGER beyond a 
certain point (i.e., all but a FINITE number) is the SUM 
of G(n) nth POWERs. From 1920-1928, Hardy and Lit- 
tlewood showed that 


G(n) < (n- 227 *+5 (4) 
and conjectured that 


2k+1 for k not a power of 2 
G(k) < La for k a power of 2. 


The best currently known bound is 


(5) 


G(k) < ckInk (6) 


for some constant c. Heilbronn (1936) improved Vino- 
gradov’s results to obtain 


G(n) < 6nlnn + [+31 (342) [m+3, (7) 


a 


It has long been known that G(2) = 4. Dickson and 
Landau proved that the only INTEGERS requiring nine 
CUBES are 23 and 239, thus establishing G(3) < 8. 
Wieferich proved that only 15 INTEGERS require eight 
CUBES: 15, 22, 50, 114, 167, 175, 186, 212, 213, 238, 
303, 364, 420, 428, and 454, establishing G(3) < 7. The 
largest number known requiring seven CUBES is 8042. 
In 1933, Hardy and Littlewood showed that G(4) < 19, 
but this was improved in 1936 to 16 or 17, and shown to 
be exactly 16 by Davenport (1939b). Vaughan (1986) 
greatly improved on the method of Hardy and Little- 
wood, obtaining improved results for n > 5. These 
results were then further improved by Briidern (1990), 
who gave G(5) < 18, and Wooley (1992), who gave G(n) 
for n = 6 to 20. Vaughan and Wooley (1993) showed 
G(8) < 42. 


Let G* (n) denote the smallest number such that almost 
all sufficiently large INTEGERS are the sum of G*(n) 
nth POWERS. Then G*(3) = 4 (Davenport 1939a), 
Gt (4) = 15 (Hardy and Littlewood 1925), G*(8) = 32 
(Vaughan 1986), and G*(16) = 64 (Wooley 1992). If 


Waring’s Problem 


the negatives of POWERS are permitted in addition to 
the powers themselves, the largest number of nth Pow- 
ERS needed to represent an aribtrary integer are denoted 
eg(n) and EG(n) (Wright 1934, Hunter 1941, Gardner 
1986). In general, these values are much harder to cal- 
culate than are g(n) and G(n). 


The following table gives g(n), G(n), Gt (n), eg(n), and 
EG(n) for n < 20. The sequence of g(n) is Sloane’s 
A002804. 


eT a) [omy Tew Tate) EGE) 


143 
279 
548 
1079 
2132 
4223 
8384 
16673 
33203 
66190 
132055 
263619 
526502 
1051899 


see also HULER'S CONJECTURE, SCHNIRELMANN’S THE- 
OREM, VINOGRADOV’S THEOREM 
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Waring’s Sum Conjecture 
see WARING’S PROBLEM 


Waring’s Theorem 

If each of two curves meets the LINE AT INFINITY in 
distinct, nonsingular points, and if all their intersections 
are finite, then if to each common point there is attached 
a weight equal to the number of intersections absorbed 
therein, the CENTER OF MASS of these points is the 
center of gravity of the intersections of the asymptotes. 
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Watchman Theorem 
see ART GALLERY THEOREM 


Watson’s Formula 

Let J,(2) be a BESSEL FUNCTION OF THE FIRST KIND, 
Y (2) a BESSEL FUNCTION OF THE SECOND KIND, and 
K,(z) a MODIFIED BESSEL FUNCTION OF THE FIRST 
KIND. Also let R[z] > 0 and require R[u — y] < 1. Then 


Sy (2)Yo(2) — Jr(z)¥,(2) 


4 . e oo 
= ssn el f K,y_,(2zsinht)e “t+” dt. 
0 


The fourth edition of Gradshteyn and Ryzhik (1979), 
Iyanaga and Kawada (1980), and Ito (1987) erroneously 
give the exponential with a PLUS SIGN. A related inte- 
gral is given by 


OY (z) OJ, (2) 
42) ðv WY) Ov 
= -4j Ko(2zsinht)e "* dt 
T Jo 
for R[z] > 0. 


see also DIXON-FERRAR FORMULA, NICHOLSON’S FOR- 
MULA 


Watt’s Curve 1919 
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Watson-Nicholson Formula 
Let HS be a HANKEL FUNCTION OF THE FIRST or 
SECOND KIND, let x,v > 0, and define 


Then 


HP (x) =3 Pwexpt(-1)P i[r/6 + v(w — Ly? 


— tan”? w))H7,(3vw) + Ol|. 
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Watson Quintuple Product Identity 
see QUINTUPLE PRODUCT IDENTITY 


Watson’s Theorem 


DOG +o) +a+b)NT(G- za- 5b+c) 
rii + aT (1 +d — ¿a+ o)I(3-5b+c)' 


where 3F2(a, b,c; d, e; 2) is a GENERALIZED HYPERGEO- 
METRIC FUNCTION and T'(2) is the GAMMA FUNCTION. 


Watt’s Curve 


A curve named after James Watt (1736-1819), the Scot- 
tish engineer who developed the steam engine (MacTu- 
tor Archive). The curve is produced by a LINKAGE of 


1920 Watt's Parallelogram 


rods connecting two wheels of equal diameter. Let the 
two wheels have RADIUS 6 and let their centers be lo- 
cated a distance 2a apart. Further suppose that a rod 
of length 2c is fixed at each end to the CIRCUMFERENCE 
of the two wheels. Let P be the MIDPOINT of the rod. 
Then Watt’s curve C is the Locus of P. 


The POLAR equation of Watt's curve is 


r? =b — (asin + ye? — a? cos? 6)’. 


If a = c, then C is a CIRCLE of RADIUS b with a figure 
of eight inside it. 
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Watt’s Parallelogram 

A LINKAGE used in the original steam engine to turn 
back-and-forth motion into approximately straight-line 
motion. 


see also LINKAGE 
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Wave 


A 4-POLYHEX. 
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Wave Equation 
The wave equation is 
1 Oy 
2, — 
where V° is the LAPLACIAN. 
The 1-D wave equation is 
8? 1 8? 
ov = 10 (2) 
Ox? v? Ot? 


In order to specify a wave, the equation is subject to 
boundary conditions 


(0, t) = 0 (3) 


Wave Equation 


p(L, t) = 0, (4) 

and initial conditions 
p(z, 0) = f(z) (5) 
Se (2,0) = g(a). (6) 


The wave equation can be solved using the so-called 
d’Alembert’s solution, a FOURIER TRANSFORM method, 
or SEPARATION OF VARIABLES. 


d’Alembert devised his solution in 1746, and Euler sub- 
sequently expanded the method in 1748. Let 


€=x-at (7) 
n=x+at. (8) 
By the CHAIN RULE, 
a? 2 2 92 
ov = Y 49 Y + 02p (9) 
Ox? OF? 0OE0n On? 


2 2 2 2 
ERAS AA Oe (10) 
v? at OE “Otan On? 


The wave equation then becomes 


Pyp 
Dion = 0. (11) 


Any solution of this equation is of the form 


VEn) = f(n) + 91€) = f(x + vt) + g(x — vt), (12) 


where f and g are any functions. They represent two 
waveforms traveling in opposite directions, f in the 
NEGATIVE z direction and g in the POSITIVE 2 direc- 
tion. 


The 1-D wave equation can also be solved by applying 
a FOURIER TRANSFORM to each side, 


© 22 
f O ve, t) _-20ike dz 
1 f7 ayle, t) 


= —2rikr 


which is given, with the help of the FOURIER TRANS- 
FORM DERIVATIVE identity, by 


1 8 U(k,t) (14) 


. y y2 
(Qrik)"W(k,t) = a yz 


U(k,t) = Fly(ze, t)] = J p(e,t)e "de. (15) 


Wave Equation 


This has solution 
U(k, t) E A(k)e?™***! 4 Bye (16) 


Taking the inverse FOURIER TRANSFORM gives 


p(z, t) = f U(k, te?" ** de 


coo 


= [tater 


oo 


4+ e ee ere dk 


a / Alkje Hee dk 


+ I B(k)e *ritle+ve) dk 


— 00 


= fila — vt) + 0(k)falw@+vt), (17) 


where 


fi(u) = F[A(k)] = / A(k)e +" dk (18) 


OO 


fo(u) = F[B(k)] = / B(k)e°™**” dk. (19) 


— 00 


This solution is still subject to all other initial and 
boundary conditions. 


The 1-D wave equation can be solved by SEPARATION 
OF VARIABLES using a trial solution 


vo, t) = X(x)T (t). (20) 


This gives 
X Dear 


Ca T a ae G 
2 2 
So the solution for X is 
X(x) = C cos(kz) + Dsin(kz). (23) 
Rewriting (22) gives 
1 T 2,2 2 | 
Pas TUK ==, (24) 
so the solution for T' is 
T(t) = Ecos(wt) + F sin(wt), (25) 


where v = w/k. Applying the boundary conditions 
w(0,t) = p(L,t) = 0 to (23) gives 


C=0 kL = mr, (26) 
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where m is an INTEGER. Plugging (23), (25) and (26) 
back in for Y in (21) gives, for a particular value of m, 


Wm (x,t) = [Em sin(wmt) + Fm cos(Wmt)|Dm sin (=) 


= [Am cos(wmt) + Bm sin(wmt)] sin (=) : 
(27) 


The initial condition p(w,0) = 0 then gives Bm = 0, so 
(27) becomes 


Wm (x,t) = Am cos(wmt) sin (=) (28) 


The general solution is a sum over all possible values of 
m, SO 


(et) = y Am cos(wmt) sin (=) . (29) 


Using ORTHOGONALITY of sines again, 


L 
| sin (=) sin (=) dx = + Lôim, (30) 


where dim is the KRONECKER DELTA defined by 


(fl m=n 
bmn = { 0 min?” (31) 


gives 


E p(x, 0) sin (=) dx 


so we have 


2 g . MUL 
Am = = / p(z, 0) sin (=) dz. (83) 


The computation of Ams for specific initial distortions 
is derived in the FOURIER SINE SERIES section. We 
already have found that Bm = 0, so the equation of 
motion for the string (29), with 

UMT 


m = m — , 4 
w vk 7 (34) 


is 


ap (est), y Am cos (=5) sin (==) (35) 


m1 
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where the Am COEFFICIENTS are given by (33). 


A damped 1-D wave 


Oy 18y aw 
da woe + OE (36) 


given boundary conditions 


w{0,¢) =0 (37) 
w(L,t) = 0, (38) 
initial conditions 
WED = Fla) (39) 
So (2,0) = g(a), (40) 


and the additional constraint 


27 
— 41 
0<b< iy (41) 


can also be solved as a FOURIER SERIES. 


w(x, t) 
= y sin (=) eT tN an sin(unt) + bn cos(Hnt)], 
n=l 
(42) 
where 
_ Vinin? PLu yin — PD? 
Mn = A TO ATTE (43) 
2 f” NTL 
a2 _, ( nae 44 
b i | sin ( T ) $2) de (44) 
2 L NTE vb 
an = o, p sin (=) ate + F(a) dz. 
(45) 


To find the motion of a rectangular membrane with sides 
of length Ls and L, (in the absence of gravity), use the 
2-D wave equation 


2 
_ 10% (46) 


v? Ot?’ 


ae | oe 
Ox? — Oy? 


where z(x,y,t) is the vertical displacement of a point — 


on the membrane at position (x,y) and time t. Use 
SEPARATION OF VARIABLES to look for solutions of the 
form 


2(x,y,t) = X (x)Y (y T (1). (47) 
| Plugging (47) into (46) gives 


2 2 2 
TX pi Ll yy A (48) 


YT 
dx? dy v? dt? ’ 


Wave Equation 


where the partial derivatives have now become complete 
derivatives. Multiplying (48) by v*/XYT gives 
vY 1T 
Y dy T d’ 


v? X 
X dx? 


(49) 


The left and right sides must both be equal to a con- 
stant, so we can separate the equation by writing the 
right side as 


1 ËT 2 
This has solution 
T(t) = Cu cos(wt) + Du sin(wt). (51) 


Plugging (50) back into (49), 


2 72 2 72 
vt d X v dY 2 
X de ' Yap”? (52) 
which we can rewrite as 
1X 1d7Y v © p 2 53 
X d2? Ydy v  ” (53) 


since the left and right sides again must both be equal to 
a constant. We can now separate out the Y (y) equation 


1 Y 2 w? 2 

=> = ks - > = —ky, 4 

Y dy? ye” (54) 
where we have defined a new constant k, satisfying 


w? 


ke” + ky =. (55) 


q? 
Equations (53) and (54) have solutions 
X(x) = Ecos(k,¿1) + F sin(k,x) (56) 


Y (y) = Gcos(k,y) + H sin(kyy). (57) 


We now apply the boundary conditions to (56) and (57). 
The conditions z(0, y,t) = 0 and z(x,0,t) = 0 mean that 


E=0 G=0. (58) 


Similarly, the conditions z(Lz, y,t) = 0 and z(z, Ly, t) = 
0 give sin(ks Lr) = 0 and sin(k,L,) = 0, so Lek: = pr 
and Lyk, = qr, where p and q are INTEGERS. Solving 
for the allowed values of kz and ky then gives 


ka = Z 


qr 
7 ky = E. (59) 


Plugging (52), (56), (57), (58), and (59) back into (22) 
gives the solution for particular values of p and q, 


Zpq(@, y, t) = [Cu cos(wt) + Do sin(wt)| 


x (F; sin (==)] El sin (=) (60) 


Wave Equation 


Lumping the constants together by writing Ap = 
Cu FpH¿ (we can do this since w is a function of p and 
q, so Cu can be written as Cpg) and Bpa = Du Fp Hq, we 
obtain 


Zpa(T, Y, t) = [Apg cos(wpgt) + Bpa sin(wpgt)] 
x sin (Z=) sin (=) . (61) 


Plots of the spatial part for modes (1, 1), (1, 2), (2, 1), 
and (2, 2) follow. 


£ 
AZ 
FELT IR RSA 
LEER 
> 


ET 


The general solution is a sum over all possible values of 
p and q, so the final solution is 


z(x,y, t) = y S [Apo cos(Wpgt) + Bpa sin(wpat)] 
p=1 g=1 : 


x sin (=) sin (z2) , (62) 


where w is defined by combining (55) and (59) to yield 


Weg = TU (EY + (2). (63) 


Given the initial conditions z(x, y, 0) and Ez, y, 0), we 
can compute the Aj, gs and Bpgs explicitly. To accom- 
plish this, we make use of the orthogonality of the SINE 
function in the form 


l= “sin (E) sin 
TJ LJ” 


where dmn is the KRONECKER DELTA. This can be 
demonstrated by direct INTEGRATION. Let u = mg/L 
so du = (7/L) dz in (64), then 


nL 


L T 
I= F sin(mu) sin(nu) du. (65) 
T 
0 
Now use the trigonometric identity 


sinasin 8 = 5|[cos(a — B) — cos(a + £)] (66) 


to write 


I= al cos|(m — n)u] aus | cos[(m + n)u] du. 
0 0 (67) 
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Note that for an INTEGER | Æ 0, the following INTEGRAL 
vanishes 


[sin(lr) — sin 0] 


f cos(lu) du = 7 [sin(tu)]ő = 
= + sin(br) = 0, (68) 


since sin(Iz) = 0 when / is an INTEGER. Therefore, 
I =0 when l = m — n XA 0. However, I does not vanish 
when / = 0, since 


[ costo wyau= f ausa (69) 


We therefore have that I = Lómn/2, so we have derived 
(64). Now we multiply z(x, y,0) by two sine terms and 
integrate between 0 and L, and between 0 and Ly, 


I= P Ja z(z,y,0)sin (==) de 


x sin (4) dy. (70) 


y 


Now plug in z(x, y,t), set t = 0, and prime the indices 
to distinguish them from the p and q in (70), 


Making use of (64) in (71), 
co Ly © Le 
I = > | y Ap! q! “a pp! 
q'=1 p'=1 


/ 
x sin (=) sin (x=) dy, (72) 


so the sums over p' and q’ collapse to a single term 


La e L 
[= 5 D Are g in = A Apg: (73) 
q= 


Equating (72) and (73) and solving for Ap, then gives 


Apq = 4 É É z(x, y, 0) sin ES dx 
Pq — LaLy o o , Y, Le 


x sin ( eu) dy. (74) 
Ly 


1924 Wave Operator 


An analogous derivation gives the Bpgs as 


L Le a 
4 y * Oz . (pre 
Bra = —— = (£, y, 0 d 
Pa ir, | / at e ¥ 0) sin ( La ) J 


x sin (5) dy. (75) 


y 


The equation of motion for a membrane shaped as a 
RIGHT ISOSCELES TRIANGLE of length c on a side and 
with the sides oriented along the POSITIVE x and y axes 
is given by 


plz, y, t) = [Cpa cos(wpgt) + Dog sin[wpgt)] 


x sin (=) sin (=) — sin (=) sin (=) , 
C C C Cc 


(76) 


where ry 

Wpa = r p? +g? (77) 
and p, q INTEGERS with p > q. This solution can be 
obtained by subtracting two wave solutions for a square 
membrane with the indices reversed. Since points on 
the diagonal which are equidistant from the center must 
have the same wave equation solution (by symmetry), 
this procedure gives a wavefunction which will vanish 
along the diagonal as long as p and q are both EVEN or 
ODD. We must further restrict the modes since those 
with p < q give wavefunctions which are just the NEG- 
ATIVE of (q,p) and (p,p) give an identically zero wave- 
function. The following plots show (3, 1), (4, 2), (5, 1), 
and (5,3). 
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Wave Operator 
An OPERATOR relating the asymptotic state of a Dy- 
NAMICAL SYSTEM governed by the Schrödinger equation 


d 


O) = Hyp(t) 


to its original asymptotic state. 


see also SCATTERING OPERATOR 


Wavelet 


Wave Surface 
A SURFACE represented parametrically by ELLIPTIC 
FUNCTIONS. 


Wavelet 
Wavelets are a class of a functions used to localize a 
given function in both space and scaling. A family of 
wavelets can be constructed from a function y(x), some- 
times known as a “mother wavelet,” which is confined in 
a finite interval. “Daughter wavelets” 4Y%?*(x) are then 
formed by translation (b) and contraction (a). Wavelets 
are especially useful for compressing image data, since a 
WAVELET TRANSFORM has properties which are in some 
ways superior to a conventional FOURIER TRANSFORM. 


An individual wavelet can be defined by 


y(n) = lay (E). (1) 


Then 


t—b 
a 


meds om) a 


and CALDERON’S FORMULA gives 


f= ff (RU) aa dadb (3 


A common type of wavelet is defined using HAAR FUNC- 
TIONS. 


see also FOURIER TRANSFORM, HAAR FUNCTION, 
LEMARIÉ’S WAVELET, WAVELET TRANSFORM 
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Wavelet Matrix 

A MATRIX composed of HAAR FUNCTIONS which is used 
in the WAVELET TRANSFORM. The fourth-order wavelet 
matrix is given by 


1.1.1.0 
1 1 —1i 0 
W=l1i -1 0 1 
Lol $ = 
1 1 1 
de Sl 1 
= 1 1 1 
de a 0 
1 1 
sel 
x 


A wavelet matrix can be computed in O(n) steps, com- 
pared to O(n lg 2) for the FOURIER MATRIX. 


see also FOURIER MATRIX, WAVELET 


TRANSFORM 


WAVELET, 


Wavelet Transform 

A transform which localizes a function both in space 
and scaling and has some desirable properties compared 
to the FOURIER TRANSFORM. The transform is based 
on a WAVELET MATRIX, which can be computed more 
quickly than the analogous FOURIER MATRIX. 


see also DAUBECHIES WAVELET FILTER, LEMARIE’S 
WAVELET 
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Weak Convergence 

Weak convergence is usually either denoted £n “2 or 
Tn — gz. A SEQUENCE {zn} of VECTORS in an IN- 
NER PRODUCT SPACE £ is called weakly convergent to 
a VECTOR in £E if 


as n—>00, for all y € E. 


(En, Y) > (2, y) 
Every STRONGLY CONVERGENT sequence is also weakly 
convergent (but the opposite does not usually hold). 
This can be seen as follows. Consider the sequence 
{zn} that converges strongly to g, i.e., ||zn — z|| > 0 as 
n — 00. SCHWARZ’S INEQUALITY now gives 


| (an — 2,y) |< lan — el) llyl] as n + oo. 


The definition of weak convergence is therefore satisfied. 


see also INNER PRODUCT SPACE, SCHWARZ’S INEQUAL- 
ITY, STRONG CONVERGENCE 


Weak Law of Large Numbers 

Also known as BERNOULLI’S THEOREM. Let £1, ..., Tn 
be a sequence of independent and identically distributed 
random variables, each having a MEAN (zi) = pw and 
STANDARD DEVIATION ø. Define a new variable 


zı +... t En 
E (1) 


n 


8 
Iii 


Then, as n > oo, the sample mean (x) equals the pop- 
ulation MEAN p of each variable. 


(x) = (UE) = = ((1)+. a) = = =p 
(2) 
var(1) = var (= an 
= var (= de . + var (=) 
= a Fak a 22 (3) 


Therefore, by the CHEBYSHEV INEQUALITY, for all e > 
0, 

var(z) 0 

P — > < = —. 4 

(je — pl > €) $ === (4) 
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As n > oo, it then follows that 
lim P(|x — p| > e) =0 (5) 


for e arbitrarily small; i.e., as n — oo, the sample MEAN 
is the same as the population MEAN. 


Stated another way, if an event occurs x times in s 
TRIALS and if p is the probability of success in a sin- 
gle TRIAL, then the probability that the relative fre- 
quency of successes is z/s differs from p by less than 
any arbitrary POSITIVE quantity e which approaches 1 
as s — CO. 


see also LAW OF TRULY LARGE NUMBERS, STRONG 
LAW OF LARGE NUMBERS 


Weakly Binary Tree 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


A ROOTED TREE for which the ROOT is adjacent to 
at most two VERTICES, and all nonroot VERTICES are 
adjacent to at most three VERTICES. Let b(n) be the 
number of weakly binary trees of order n, then b(5) = 6. 
Let 


a) =>) gi", (1) 
¿i=0 
where 
go = 0 (2) 
g9=g2=93=1 (3) 
92i41 = Y gri+1-595 (4) 
j=l 

i-1 
gai = hgs(gs +1) + Y 92-593 (5) 

3=1 


Otter (Otter 1948, Harary and Palmer 1973, Knuth 
1969) showed that 


3/2 
Im eo 6) 
where 
E = 2.48325... (7) 


is the unique POSITIVE ROOT of 
1 
(z) 5D 


and | 
n = 0.7916032.... (8) 


€ is also given by 


£ = lim (en)? >, (9) 


Web Graph 


where c, is given by 


Co = 2 (10) 
Cn = (Cn_-1)° + 2, (11) 
giving 
1 /£ 1 1 1 
= ~=4/ 74/384 — mena 12 
1 mE ds C1 F C1C2 A C1C2€3 g ( ) 
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Weakly Complete Sequence 

A SEQUENCE of numbers V = {vn } is said to be weakly 
complete if every POSITIVE INTEGER n beyond a cer- 
tain point N is the sum of some SUBSEQUENCE of V 
(Honsberger 1985). Dropping two terms from the Fi- 
BONACCI NUMBERS produces a SEQUENCE which is not 
even weakly complete. However, the SEQUENCE 


F, = F, — (-1)” 


is weakly complete, even with any finite subsequence 
deleted (Graham 1964). 


see also COMPLETE SEQUENCE 
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Weakly Independent 

An infinite sequence {a;} of POSITIVE INTEGERS is 
called weakly independent if any relation > ea; with 
ci = 0 or +1 and e; = 0, except finitely often, IMPLIES 
e; = 0 for all z. 


see also STRONGLY INDEPENDENT 
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Weakly Triple-Free Set 
see TRIPLE-FREE SET 


Web Graph 


A graph formed by connecting several concentric 
WHEEL GRAPHS along spokes. 


see also WHEEL GRAPH 


Weber Differential Equations 


Weber Differential Equations 
Consider the differential equation satisfied by 
w=2 We -1/0(32), (1) 


where W is a WHITTAKER FUNCTION. 


d |d(wz*/?) 1 2k 3 1/2 
zdz k H(-p+ tga) e= 0) 
d? 
q + (2k ~ 1? )w =0 (3) 
This is usually rewritten 
d* Dn(z 
T Dalz) + (n + 5 — 12)Dn(z) = 0. (4) 


The solutions are PARABOLIC CYLINDER FUNCTIONS. 


The equations 


d2 

E + k?u7)U = 0 (5) 
2 

a +(c—k*v*)V = 0, (6) 


which arise by separating variables in LAPLACE’S EQUA- 
TION in PARABOLIC CYLINDRICAL COORDINATES, are 
also known as the Weber differential equations. As 
above, the solutions are known as PARABOLIC CYLIN- 
DER FUNCTIONS. 


Weber’s Discontinuous Integrals 


fj 0 a<c 
Jo(ax) cos(ex) dx = 1 
J o(az) cos(ez) rer 
> = z a <e 
J Jolazx)sin(cx) dx = c?—a 
0 0 a>c, 


where Jo(z) is a zeroth order BESSEL FUNCTION OF THE 
FIRST KIND. 
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Weber’s Formula 


A = (a?+8")/(4n?) p [00 
2p? 2p? 


oO 2,2 
= e?” * J (at)J,(btjt dt, 
0 


where R[v] > —1, | argp| < 7/4, and a, b > 0, JL(z) is 
a BESSEL FUNCTION OF THE FIRST KIND, and 1, (z) is 
a MODIFIED BESSEL FUNCTION OF THE FIRST KIND. 


see also BESSEL FUNCTION OF THE FIRST KIND, MOD- 
IFIED BESSEL FUNCTION OF THE FIRST KIND 
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Weber Functions 

Although BESSEL FUNCTIONS OF THE SECOND KIND 
are sometimes called Weber functions, Abramowitz and 
Stegun (1972) define a separate Weber function as 


E (z) = = / sin(v@ — z sin 0) dé. (1) 


Letting ¢, = e2"*/" be a ROOT OF UNITY, another set 
of Weber functions is defined as 


n(3(z+1)) 


fle) = LE (2) 
fle) = > (3) 
falo) = VA (4) 
or 
DAA o 


Fez) 


(Weber 1902, Atkin and Morain 1993), where 7(z) is 
the DEDEKIND ETA FUNCTION. The Weber functions 
satisfy the identities 


fa +1) = AQ) (7) 
per = 2 6) 
falz +1) = Qa fal2) (9) 

(2) =f) (10) 
fi (5) = RO (11) 
f (==) = A0) (12) 


(Weber 1902, Atkin and Morain 1993). 


see also ANGER FUNCTION, BESSEL FUNCTION OF 
THE SECOND KIND, DEDEKIND ETA FUNCTION, 7- 
FUNCTION, JACOBI IDENTITIES, JACOBI TRIPLE PROD- 
UCT, MODIFIED STRUVE FUNCTION, Q-FUNCTION, 
STRUVE FUNCTION 
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1928 Weber-Sonine Formula 
Weber-Sonine Formula 
For Rlu + nu] > 0, |argp| < 7/4, and a > 0, 


pd 2,2 
f J (atje? © t”! dt 
0 


a \ Tl¿(U+a)] i E a. tue 
(5) A E E 


where J, (2) is a BESSEL FUNCTION OF THE FIRST 
KIND, ['(z) is the GAMMA FUNCTION, and 1F (a; b; z) 
is a CONFLUENT HYPERGEOMETRIC FUNCTION. 
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Weber”s Theorem 

If two curves of the same GENUS (CURVE) > 1 are in 
rational correspondence, then that correspondence is BI- 
RATIONAL. 
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Wedderburn’s Theorem 
A FINITE DIVISION RING is a FIELD. 


Weddle’s Rule 


J ” Hæ) de = SMA + Shot fh 


T1 


+6fa +5fs + fe +-..+5fen-1 + fon) 


see also BODE’S RULE, HARDY’S RULE, NEWTON- 
COTES FORMULAS, SIMPSON’S 3/8 RULE, SIMPSON’S 
RULE, TRAPEZOIDAL RULE, WEDDLE’S RULE 


Wedge 

A right triangular PRISM turned so that it rests on one 
of its lateral faces. 

see also CONICAL WEDGE, CYLINDRICAL WEDGE, 
PRISM 


Wedge Product 
An antisymmetric operation on DIFFERENTIAL FORMS 
(also called the EXTERIOR DERIVATIVE) 


dx; \ dz; = —d2 j A dzi, (1) 
which IMPLIES 
dz; ^ dz; = 0 (2) 
b; A dz; = dx; A bi = b; dz; (3) 
dz; A (bi dz ;) = b; dx; A dz ; (4) 


01 AO = (by dx, + ba dx2) A (c1 dzi + Ca dzz) 
= (b1C2 — b3C1) dz, A dx2 
= —027 A i. (5) 


Weekday 


The wedge product is ASSOCIATIVE 
(sAthAu=sA(tAu), (6) 
and BILINEAR 
(9181 + @282) At = ai(s1 At) +ae(seAt) (7) 


sA (arty + Qt) = ails Ati) + a2(s A te), (8) 


but not (in general) COMMUTATIVE 
sAt=(-D*Y(tAs), (9) 


where s is a p-form and t is a q-form. For a 0-form s 
and 1-form t, 
(SAD). = stu. (10) 


For a 1-form s and 1-form t, 
GAP = >(Suty — Suty). (11) 


The wedge product is the “correct” type of product to 
use in computing a VOLUME ELEMENT 


AV SAT Don NA (12) 


see also DIFFERENTIAL FORM, EXTERIOR DERIVATIVE, 
INNER PRODUCT, VOLUME ELEMENT 


Weekday 

The day of the week W for a given day of the month D, 
month M, and year 100C + Y can be determined from 
the simple equation 


W = D+ |2.6M — 0.2] + |3Y | +|3C] -2C (mod 7), 


where months are numbered beginning with March and 
W = 0 for Sunday, W = 1 for Monday, etc. (Uspensky 
and Heaslet 1939, Vardi 1991). 


A more complicated form is given by 
W=D+M+C+Y (mod 7), 


where W = 1 for Sunday, W = 2 for Monday, etc. and 
the numbers assigned to months, centuries, and years 
are given in the tables below (Kraitchik 1942, pp. 110- 
111). 


Month 


January 
February 
March 
April 

May 

June 

July 
August 
September 
October 
November 
December 


= 


NO O ANO ia FPOO0mt RA 


Weibull Distribution 


Gregorian 
Century C 
15, 19, 23 1 
16, 20,24 0 
17,21,25 5 
18, 22,26 3 
Julian 
Century C 
00,07,14 5 
01,08,15 4 
02, 09,16 3 
03, 10,17 2 
04, 11,18 1 
05, 12,19 0 
06, 13,20 6 
Year Y 
00 06 17 23 28 34 45 0 
01 07 12 18 29 35 40 46 1 
02 13 19 24 30 41 47 2 
03 08 14 25 31 36 42 3 
09 15 20 26 37 43 48 4 
04 10 21 27 32 38 49 5 
05 11 16 22 33 39 44 50 6 
51 56 62 73 79 84 90 0 
57 63 68 74 85 91 96 1 
52 58 69 75 80 86 97 2 
53 59 64 70 81 87 92 98 3 
54 65 71 76 82 93 99 4 
55 60 66 77 83 88 94 5 
61 67 72 78 89 95 6 


see also FRIDAY THE THIRTEENTH 
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Weibull Distribution 
The Weibull distribution is given by 


Pla) = apr eTA (1) 
D(z) = 1 — e7 @/9)" (2) 


for x € [0,00) (Mathematica® Statistics‘Continuous 
Distributions ‘WeibullDistribution[a,b], Wolfram 
Research, Champaign, IL). The MEAN, VARIANCE, 
SKEWNESS, and KURTOSIS of this distribution are 


p= pl(l+a~*) (3) 
o = 8 T(1+2a")-T*(1+a07")] (4) 
— 2e(1+a7*) - 3F(1+a*)P(1 + 2a7*) 
N= PO +2e4) oe 


Weierstrag-Casorati Theorem 1929 
Pts) 

+ DA + 2071) - T2(1 + a71)]3/2 (5) 

f(a) (6) 


2 T(4+201)-T*(1+a-2)]?” 
where T(z) is the GAMMA FUNCTION and 


f(a) =-6(1+07 5) +12F7(1+a7*)I(1+ 2a*) 
3T? (1 4+ 207?) - 47 (1 +.a7')P(1 + 3a7*) 
+T(1+4a75). (7) 


A slightly different form of the distribution is 


r) = Sette 2/8 
P(z) 3 (8) 
Día)=1-e 8 (9) 


(Mendenhall and Sincich 1995). The MEAN and VARI- 
ANCE for this form are 


u= T +a) (10) 
o? = BPA +207!) -rA +a. 1) 


The Weibull distribution gives the distribution of life- 
times of objects. It was originally proposed to quantify 
fatigue data, but it is also used in analysis of systems 
involving a “weakest link.” 


see also FISHER-TIPPETT DISTRIBUTION 
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Weierstraf Approximation Theorem 
If f is continuous on [a,b], then there exists a POLY- 
NOMIAL p on [a,b] such that 


|f(x) — Ple)| < € 


for all z € [a,b] and e > 0. In words, any continuous 
function on a closed and bounded interval can be uni- 
formly approximated on that interval by POLYNOMIALS 
to any degree of accuracy. 


see also MUNTZ’S THEOREM 


Weierstrai-Casorati Theorem 

An ANALYTIC FUNCTION approaches any given value 
arbitrarily closely in any e-NEIGHBORHOOD of an Es- 
SENTIAL SINGULARITY. 


1930 Weierstrag Constant 


Weilerstraf Constant 


1 
al 2 lI | Tm 
x et/[2(m+ni)]+1/[8(m+ni)?] 


5/4 x /8 
Y vre" _ 94749493799... 


1 
TM (3) 
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Weierstraf Elliptic Function 


The Weierstraf elliptic functions are elliptic functions 
which, unlike the JACOBI ELLIPTIC FUNCTIONS, have a 
second-order POLE at z = 0. The above plots show the 
Weierstraf elliptic function p(z) and its derivative g'(z) 
for invariants (defined below) of g2 = 0 and g3 = 0. 
Weierstraf elliptic functions are denoted p(z) and can 
be defined by 


1 i 1 
| Si z? y 2 E — 2muw1 — 2nwe)? 


“al (0) 


(2muw1 + 2nwe)? 


Write Qmn = 2mu1 + 2nw. Then this can be written 


plz) =2 + [(2- Oma)? - O52). (2 


Weierstra8 Elliptic Function 


An equivalent definition which converges more rapidly 
is 


x y? 1 ~ 2 [z — 2nwz 
A) [og + oe’ (Gs) 


Z y csc? (=r) . (3) 


n= — 00 


p(z) is an EVEN FUNCTION since gp(—z) gives the 
same terms in a different order. To specify gp com- 
pletely, its periods or invariants, written o(z|w1,we) and 
p(z; ga, 93), respectively, must also be specified. 


The differential equation from which Weierstraf elliptic 
functions arise can be found by expanding about the 
origin the function f(z) = p(z) — z7?. 


plz) =z" = f(0) + £(0)2+ HF" (0)2° 
+4 F” (02? +4 (O AN (4) 


But f(0) = 0 and the function is even, so f'(0) = 
f'"(0) = 0 and 


F(z) = (z) — 27? = 4f” (O)2? + FO (O)z4 +... (5) 


Taking the derivatives 


fl = -22'[(2 — Qin) *] (6) 
f" =6E'(2-— Omn) * (7) 
PS a Man) (8) 
f = 1208 (2 —Qmn)7®. (9) 
So 
F"(0) = 6D'Qnn (10) 
f (0) = 120007. (11) 


Plugging in, 
plz) -27° = 3E'Amnz +52 Maz" + Olz). (12) 


Define the INVARIANTS 


g2 = 60E Qnn (13) 
g3 = 140E Os, (14) 
then 
plz) = 277 + Lg + gr +0(2f) (15) 
p (z)= ey A 5922 + Lg + O(z°). (16) 


Now cube (15) and square (16) 


Pa= + ig 7 + 3934+ O(27) (17) 


Weierstrag Elliptic Function 


pz) = 427° ~ 2goz7? — 293 + O(2’). (18) 


Taking (18) — 4 x (17) cancels out the z~° term, giving 


gs + O(2°) (19) 


p (z) — 4p°(z) + gz? +.93 =0(2?). (20) 
But, from (5) 


p(z)= 2° + gf” (0) + Gf (0) +..., (21) 


so p(z) = z7? + O(z”) and (20) can be written 
o (z) — 40°(2) + gaz) + gs =0(2). (22) 


The Weierstraf8 elliptic function is analytic at the ori- 
gin and therefore at all points congruent to the origin. 
There are no other places where a singularity can oc- 
cur, so this function is an ELLIPTIC FUNCTION with no 
SINGULARITIES. By LIOUVILLE’S ELLIPTIC FUNCTION 
THEOREM, it is therefore a constant. But as z — 0, 
O(z?) — 0, so 


pz) = 4p°(z) — gap(z) — gs. (23) 


The solution to the differential equation 


2 
y = 4y? — goy — 93 (24) 


is therefore given by y = p(z + a), providing that num- 
bers wı and wa exist which satisfy the equations defin- 
ing the INVARIANTS. Writing the differential equation 
in terms of its roots e1, ez, and ez, 


72 


= 4y” — gay — gs = Ay — ex) (y — e2)(y—e3) (25) 


2in(y’) = In4 + Y In(y — er) (26) 
r=1 
3 
9 if 
Ty doy er) (27) 
y r=1 
2y” — 
ye = Dl er) (28) 
r=1 


yy" _ y"(2y y") , _a 
O Y ye? (29) 


2y" 4y"? A 
-a 7 a =- Y (v-e) o. (30) 


Welerstrag Elliptic Function 1931 


Now take (30)/4 + [(30)/4]?, 


3 
tit 
y —2 -1 
4 aya = is S (v-er) -$y [[@-e-) . (32) 
r=1 r=1 
The term on the right is half the SCHWARZIAN DERIV- 
ATIVE. 


The DERIVATIVE of the Weierstraf elliptic function is 
given by 


I 


o'(2) = p(2) = -25 aF ny 


= 222 Y (z — Amn). (33) 


This is an ODD FUNCTION which is itself an elliptic func- 
tion with pole of order 3 at z = 0. The INTEGRAL is 
given by 


z= J (4t? — got — ga)" dt. (34) 
p(z) 


A duplication formula is obtained as follows. 


p'(z) — p'(y) 


p(2z) = lim p(y + z) = z lim | p(z) — p(y) | 


1. 
— lim 
4 h—=0 


li 


DECO ; 
eer zolz) 


me = OEE M] fin tY 
h noo 9(z) — plz +h) 


= i Ea — 29(z). (35) 


Hl 
e| = 
—, 
tc“ 
"E 
l 
o 


A general addition theorem is obtained as follows. Given 
p (2) = Ap(z) +B (36) 


p (y) = Aply) +B (37) 


with zero y and z where z # +y (mod 2w1, 2w2), find the 
third zero ¢. Consider gp'(() — Ag(() — B. This has a 
pole of order three at ¢ = 0, but the sum of zeros (= 0) 
equals the sum of poles for an ELLIPTIC FUNCTION, so 
2+y+(=0and (=-2-y. 


p (—z- y) = Apl-z— y) +B (38) 


1932 Weierstrag Elliptic Function 


-p (2 +y) = Aplz + y) +B. (39) 
Combining (36), (37), and (39) gives 


plz) p(z) 1 A 0 
| p(y) o (y) ] A = ol (40) 


p(zt+y) —=pla+y) 1] LB 0 
sO 
p(z) p' (2) 1 
p(y) y (y) 1) =0. (41) 
pla+y) —ple+y) 1 


Defining u + v + w = 0 where u = z and v = y gives the 
symmetric form 


plu) p(u) 1 
plv) (v) 1|=0. (42) 
plw) p(w) 1 


To get the expression explicitly, start again with 
p'(¢) — Ap(¢) - B = 0, (43) 
where [ = Z, Y, —Z — y. 
o” (O) — [Aw(¢) + BP? = 0. (44) 
But p° (C) = 4p*(C) — g2@(¢) — ga, so 
ap (¢)—A*p"(¢)—(2AB+92)(¢)—(B* +93) = 0. (45) 
The solutions p(() = z are given by 
4z° — AM? — (2AB+ g2)z — (B? + g3) =0. (46) 


But the sum of roots equals the COEFFICIENT of the 
squared term, so 


plz) + ply) + p(z +y) = 34” (47) 

p (2) — p (y) = Alp(z) — p(y) (48) 
_ g'(z) — p(y) 

a p(z) — ply) des 


lle MP 
piety) E plz) — (y). (50) 


Half-period identities include 


(e1 — €2)(e1 — es) 


ii ai ial A 
2 


ene fa elles) (51) 


Multiplying through, 
z? — es = ex — e +(e — ez) (€1 — e3) (52) 


z’ — 2e1 + fei” — (e1 — e2) (e1 — e3)] = 0, (53) 


Weierstras Elliptic Function 
which gives 


p(tu1) = 4 f 2e, LE ae E oe cs) | 


= € T (ez aE ez)(e1 == e3). (54) 


From Whittaker and Watson (1990, p. 445), 


(eree) (ei = ea) 


x (ver — ez + vel — €3 ). (55) 


p (Swi) = -2 


The function is HOMOGENEOUS, 
p(Az|Aw1, Awe) = A~*p(z|wi, wa) (56) 


(Az; Aga, A Pg) = A p(z; 92,93). (57) 
To invert the function, find 2w1 and 2we of g(z|w,,w2) 
when given p(z; 92,93). Let es, es, and ez be the roots 
such that (es —e2)/(e1 —e3) is not a REAL NUMBER > 1 
or < 0. Determine the PARAMETER 7 from 


ee _ 94*(0|7) (58) 
erez %3°(O|7) 
Now pick 
Ae (59) 
va” (Olr) 
As long as g2” Æ 2793, the periods are then 
241 =TA (60) 
2w = —. (61) 


A 


Weierstraf elliptic functions can be expressed in terms 
of JACOBI ELLIPTIC FUNCTIONS by 


plu; g2,93) = e3 + [es — ez) 


xns* (uva —€z, 2-2) , (62) 
e — €3 
where 

go(wi) = € (63) 
plwz) = e2 (64) 
plws) = —pl—w — we) = es, (65) 

and the INVARIANTS are 
g2 = 60D'N;* (66) 
gs = 140D'07%. (67) 


Here, Qmn = 2mu1 — 2nwx. 


Weierstras Elliptic Function 


An addition formula for the Weierstraf elliptic function 
can be derived as follows. 


plz +w) + p(z) + pw) 


1[e()-e(0)]_1_e*) _ 
| p(z) — p(wr) | Saro ay (8 
Use 
3 
p (z)=4 [ [fee — er], (69) 
plz + w1)= —pl(z) — er + DUCO 
= —p(z) — eı + bel ee 
(70) 


Use Na, er =0, 


plz +w1) -e 4 ZE IS -el 


plz) — el 
p(z) — p(z)(e2 + e3) + eze3 
+ AAA AÁáóá 
plz) — el 
— e y ZE) (en + e2 + es) + ezes 4201" (71) 
p(z) — e 
But an e, = 0 and 
2e17 +e2€3 = e1° —e1(e€2 +e3)+e2€3 = (e1 —e2)(e1 —e3), 
(72) 
SO 
plz + wr) =e, + ETE = es), (73) 


plz) — el 
The periods of the Weierstraf elliptic function are given 
as follows. When g2 and g3 are REAL and g2” — 2793* > 


O, then e;, e2, and ez are REAL and defined such that 
€1 > €2 > e3. 


ay = f (at? — got — g3) 0” dt (74) 


e3 
w3 = -i | (93 + gat — 4) 1? dt (75) 


— 00 


Wo = —4Y1] — Wa. (76) 


The roots of the Weierstraf elliptic function satisfy 


e1 = e(w1) (77) 


e2 = p(w2) (78) 
€3 = plws), (79) 


Weierstrag Function 1933 
where w3 = —w1 —w2. The e;s are ROOTS of At? — gat—93 
and are unequal so that e, Æ ez % e3. They can be 
found from the relationships 

er +Fe2+e3s=-—a2=0 (80) 
es€3 + e3e1 + €1€2 = 01 =-392 (81) 
€1€2€3 = —ao = 393. (82) 


see also EQUIANHARMONIC CASE, LEMNISCATE CASE, 
PSEUDOLEMNISCATE CASE 
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Weierstraf-Erdman Corner Condition 
In the CALCULUS OF VARIATIONS, the condition 


fy! (zx, Y, y (2-_)) = fy (a, Y, y (2+)) 


must hold at a corner (x,y) of a minimizing arc E12. 


Weierstrai Extreme Value Theorem 
see EXTREME VALUE THEOREM 


Weierstraf Form 
A general form into which an ELLIPTIC CURVE over any 
FIELD K can be transformed is called the Weierstraf 
form, and is given by 

y +ay = r? +br? + czy + dz +e, 


where a, b, c, d, and e are elements of K. 


Weierstraß Function 


1934 Weierstra8’s Gap Theorem 


A CONTINUOUS FUNCTION which is nowhere DIFFER- 
ENTIABLE. It is given by 


Ae y b” cos(a” ra) 


where n is an ODD INTEGER, b € (0,1), and ab > 1 + 
37/2. The above plot is for a = 10 and b = 1/2. 


see also BLANCMANGE FUNCTION, CONTINUOUS FUNC- 
TION, DIFFERENTIABLE 
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Weierstra’s Gap Theorem 

Given a succession of nonsingular points which are on a 
nonhyperelliptic curve of GENUS p, but are not a group 
of the canonical series, the number of groups of the first 
k which cannot constitute the group of simple POLES 
of a RATIONAL FUNCTION is p. If points next to each 
other are taken, then the theorem becomes: Given a 
nonsingular point of a nonhyperelliptic curve of GENUS 
p, then the orders which it cannot possess as the single 
pole of a RATIONAL FUNCTION are p in number. 
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Weierstraf Intermediate Value Theorem 

If a continuous function defined on an interval is some- 
times POSITIVE and sometimes NEGATIVE, it must be 0 
at some point. 


Weierstraf M-Test 
Let $7, Un(x) be a SERIES of functions all defined for 
a set E of values of x. If there is a CONVERGENT series 


of constants 
oo 


NM 


Weierstrag Sigma Function 


such that 
jun(2)] < Mn 


for all x € E, then the series exhibits ABSOLUTE CON- 
VERGENCE for each x € E as well as UNIFORM CoN- 
VERGENCE in È. 


see also ABSOLUTE CONVERGENCE, UNIFORM CONVER- 
GENCE 
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Weierstraí Point 
A POLE of multiplicity less than p + 1. 
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Welerstral?s Polynomial Theorem 

A function, continuous in a finite close interval, can be 
approximated with a preassigned accuracy by POLYNO- 
MIALS. A function of a REAL variable which is continu- 
ous and has period 27 can be approximated by trigono- 
metric POLYNOMIALS. 
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Weierstrafi Product Inequality 
If 0 < a,b,c,d < 1, then 


(1-a)(1—b)(1—c)(1—d) +a+b+e+d>1. 
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Weierstraf Sigma Function 
The QUASIPERIODIC FUNCTION defined by 


d 
= ino(z) = ¢(2), (1) 


where ((2) is the WEIERSTRAS ZETA FUNCTION and 


lim 22) = (2) 

Then 
o(2)=2 || (2- a) exp (a +) (3) 
o(z + 201) = —e? 1 4441) 5 (2) (4) 
o(z + 2we) = -e 724742) 5/7) (5) 


advanced projects 


SELECTIVE CRYSTAL SET 


This receiver uses two spiderweb coils in a two-circuit 
tuner for good selectivity and sensitivity. As you can 
see in the schematic diagram, the antenna-ground Ef 
input circuit is tuned by L1i-C1 for maximum signal gain. 
Li acts as the primary winding of an rf transformer, with 
L2-C2 as the tuned secondary. Coupling between L1 and L2 
is variable for best selectivity. L2 is connected to a 
catwhisker crystal detector and the audio signals are fed 
through the phone jack to 2000-ohm headphones. 


As shown in the illustration, the crystal set parts are 
mounted on the rear of a black plastic panel. This type 
of layout is similar to the type of construction of the 
old-time crystal sets, 
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SPIDERWEBS 


Both Li and L2 spiderweb coils are made exactly the same 
way. Ll and L2 are wound on 17-vane coil forms 3 
5/8-inches in diameter, The coil forms in our receiver 
are made from 1/16-inch sheet plastic of the same type 
used for printed circuit boards (but without the copper 
foil). Any kind of rigid sheet plastic should be suitable 
for the coil forms. 
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Weierstrag’s Theorem 


e "2 o(z + ur) 


E = 6 
ata = <—E 6) 
for P= 1-20: 
QW poi! We 
, = = ne 0 ( = | E T 
o(zlwi, w2) ro" exp ( 6a thy m (7) 
where v = nz/(2w1), and 
2 att 
T i 
= — 8 
VETO (8) 
n wd mi 
m=- O E (9) 
12w1 A 241 
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Mathematical Tables, 9th printing. New York: Dover, 
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Weierstrafi’s Theorem 

The only hypercomplex number systems with commu- 
tative multiplication and addition are the algebra with 
one unit such that e = e° and the GAUSSIAN INTEGERS. 


see also GAUSSIAN INTEGER, PEIRCE’S THEOREM 


Weierstral Zeta Function 
The QUASIPERIODIC FUNCTION defined by 


KO) = 2) (a) 

with 
lim [¢(z) — 2] = 0. (2) 

Then 


= a] (Das) o Onld (8) 


(a)=x + Y [(2-Qmn) 7 + Onn +20) (4) 
so ¢(z) is an ODD FUNCTION. Integrating p(z + 241) = 
p(z) gives 

C(z + 2w1) = (2) + 2m. (5) 


Letting z = —w 1 gives ((—w1) + 291 = —C(w1) + 271, so 
m = C(wi). Similarly, n2 = ¢(w2). From Whittaker and 
Watson (1990), 


niw: — hwi = iri. (6) 


Weighings 1935 
Ifz+y+z=0, then 


(C(x) + C(y) + el? e'a) eae) =0. (7) 


Also, 

1 plz) @ (a) 

1 a Ae 

1 et) etal_ 

2 ; =((1+y+2) — (zx) —- Cly) —Clz 
Tote) e) 7 SUH eec — Cle) 
1 ply) p(y) 

1 p(z) p(z) 
(8) 

(Whittaker and Watson 1990, p. 446). 
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Weighings 

n weighings are SUFFICIENT to find a bad COIN among 
(3” — 1)/2 COINS. vos Savant (1993) gives an algorithm 
for finding a bad ball among 12 balls in three weighings 
(which, in addition, determines if the bad ball is heavier 
or lighter than the other 11). 


Bachet’s weights problem asks for the minimum number 
of weights (which can be placed in either pan of a two- 
arm balance) required to weigh any integral number of 
pounds from 1 to 40. The solution is 1, 3, 9, and 27: 1, 
2=-1+3,3,4=1+3,5= —1- 3+9, 6 = -3+09, 
7=1-3+4+9,8 = -1+9, 9,10 =1+9, 11 = -143-+9, 
12 = 349, 13 = 1 + 3 +9, 14 = -1- 3- 9 + 27, 
15 = -3 — 9 + 27, 16 = 1 — 3 — 9 + 27, 17 = —1 —9 + 27, 
and so on. 


see also GOLOMB RULER, PERFECT DIFFERENCE SET, 
THREE JUG PROBLEM 
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1936 Weight 

Weight 

The word weight has many uses in mathematics. It 
can refer to a function w(z) (also called a WEIGHTING 
FUNCTION or WEIGHT FUNCTION) used to normalize 
ORTHONORMAL FUNCTIONS. It can also be used to in- 
dicate one of a set of a multiplicative constants placed in 
front of terms in a MOVING AVERAGE, NEWTON-COTES 
FORMULAS, edge or vertex of a GRAPH or TREE, etc. 


see also WEIGHTED TREE, WEIGHTING FUNCTION 


Weight Function 
see WEIGHTING FUNCTION 


Weighted Tree 
A TREE in which each branch is given a numerical 
WEIGHT (i.e., a labelled TREE). 


see also LABELLED GRAPH, TAYLOR'S CONDITION, 
TREE 


Weighting Function 
A function w(x) used to normalize ORTHONORMAL 
FUNCTIONS 


[tr w(x) dz = Nn. 


see also WEIGHT 


Weingarten Equations 

The Weingarten equations express the derivatives of the 
NORMAL using derivatives of the position vector. Let 
x: U > R? a REGULAR PATCH, then the SHAPE OP- 
ERATOR S of x is given in terms of the basis {xx, X» } 


by 
fF — eG eF -— fE 
-S(%) = Na = ¿gp a O) 
gF -— fG fF- gE 
250%) =N, = Fae + gg O 


where N is the NORMAL VECTOR, E, F, and G the 
coefficients of the first FUNDAMENTAL FORM 


ds? = E du? + 2F du dv + Gdv’, (3) 


and e, f, and g the coefficients of the second FUNDA- 
MENTAL FORM given by 


e = -Nu Xu = N- Xuu (4) 
= N, Xu = N -Xuv 
= Nuu Xou = -Nu Xo (5) 
g= -N.s xX =N- xv. (6) 


see also FUNDAMENTAL FORMS, SHAPE OPERATOR 
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Welch Apodization Function 


Weingarten Map 
see SHAPE OPERATOR 


Weird Number 

A number which is ABUNDANT without being SEMIPER- 
FECT. (A SEMIPERFECT NUMBER is the sum of any 
set of its own DIVISORS.) The first few weird numbers 
are 70, 836, 4030, 5830, 7192, 7912, 9272, 10430, ... 
(Sloane’s A006037). No ODD weird numbers are known, 
but an infinite number of weird numbers are known to 
exist. The SEQUENCE of weird numbers has POSITIVE 
SCHNIRELMANN DENSITY. 


see also ABUNDANT NUMBER, SCHNIRELMANN DEN- 
SITY, SEMIPERFECT NUMBER 
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Welch Apodization Function 


Its FULL WIDTH AT HALF MAXIMUM is V2a. Its IN- 
STRUMENT FUNCTION is 


= J3¡2(21rka) 
I(k) = a2V27 enka? 


_ sin(2rka) — 2rak cos(27ak) 


2a3 k3 73 


where J (z) is a BESSEL FUNCTION OF THE FIRST 
KIND. It has a width of 1.59044, a maximum of $, maxi- 
mum NEGATIVE sidelobe of —0.0861713 times the peak, 
and maximum POSITIVE sidelobe of 0.356044 times the 
peak. 


see also APODIZATION FUNCTION, INSTRUMENT FUNC- 
TION 
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Well- Defined 


Well-Defined 

An expression is called well-defined (or UNAMBIGUOUS) 
if its definition assigns it a unique interpretation or 
value. Otherwise, the expression is said to not be well 
defined or to be AMBIGUOUS. 


For example, the expression abc (the PRODUCT) is well- 
defined if a, b, and c are integers. Because integers are 
ASSOCIATIVE, abc has the same value whether it is in- 
terpreted to mean (ab)c or a(bc). However, if a, b, and 
c are MATRICES or CAYLEY NUMBERS, then the expres- 
sion abc is not well-defined, since MATRICES and CAY- 
LEY NUMBER are not, in general, ASSOCIATIVE, so that 
the two interpretations (ab)c and a(bc) can be different. 


Sometimes, ambiguities are implicitly resolved by no- 
tational convention. For example, the conventional in- 
terpretation of a Ab A c =a” is a), never (a°)°, so 
that the expression a A b A c is well-defined even though 
exponentiation is nonassociative. 


Well-Ordered Set 

A SET having the property that every nonempty SUBSET 
has a least member. 

see also AXIOM OF CHOICE, HILBERT’S PROBLEMS, 
SUBSET, WELL-ORDERING PRINCIPLE 


Well-Ordering Principle 

Every nonempty set of POSITIVE integers contains a 
smallest member. 

see also WELL-ORDERED SET 
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Werner Formulas 


2sina cos 8 = sin(a — B) + sin(a + 6) (1) 
2 cosa cos 8 = cos(a — B) + cos(a + 8) (2) 
2 cosa sin @ = sin(a + BP) — sin(a — 6) (3) 
2 sin a sin 8 = cos(a — 8) — cos(a + 8). (4) 


see also TRIGONOMETRY 


Weyl's Criterion 
A SEQUENCE (21, 22,. 


a 5 eo Ee 
Nœ N 
n<N 


..} is EQUIDISTRIBUTED IFF 


for each m = 1, 2,.... 


see also EQUIDISTRIBUTED SEQUENCE, RAMANUJAN’S 
SUM 
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Wheel 1937 
Weyl Tensor 
The TENSOR 


CYL, = Ria — 26 RT + 158,59, R, 


where R‘j,, is the RIEMANN TENSOR and R is the CUR- 
VATURE SCALAR. The Weyl tensor is defined so that 
every CONTRACTION between indices gives 0. In partic- 
ular, C*,,x. = 0. The number of independent compo- 
nents for a Weyl tensor in N-D is given by 


Cn = ¿N(N + 1)(V + 2)(N — 3). 


see also CURVATURE SCALAR, RIEMANN TENSOR 
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Weyrich’s Formula 
Under appropriate constraints, 


oo : 2 
1. (1) a eikV r? +k 
-2 H TA k2 — r? Je dr = == 
2 IM . ( ) V r? + q? 


where Hi” (z) is a HANKEL FUNCTION OF THE FIRST 
KIND. 
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Wheat and Chessboard Problem 

Let one grain of wheat be placed on the first square of a 
CHESSBOARD, two on the second, three on the third, etc. 
How many grains total are placed on an 8 x 8 CHESS- 
BOARD? Since this is a GEOMETRIC SERIES, the answer 
for n squares is 


n-1 


S02 = 2" -1. 


{= 


Plugging in n = 8 x 8 = 64 then gives 2% — 1 = 
18446744073709551615. | 
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Wheel 


see ARISTOTLE’S WHEEL 
WHEEL, WHEEL GRAPH 


PARADOX, BENHAM’S 


1938 Wheel Graph 


Wheel Graph 


W, Ws We 

A GRAPH W,, of order n which contains a CYCLE of 
order n — 1, and for which every NODE in the cycle is 
connected to one other NODE (known as the Hus). In 
a wheel graph, the HUB has DEGREE n — 1, and other 
nodes have degree 3. W4 = K4, where K, is the COM- 
PLETE GRAPH of order four. 

see also COMPLETE GRAPH, GEAR GRAPH, HUB, WEB 
GRAPH 


Wheel Paradox 
see ARISTOTLE’S WHEEL PARADOX 


Whewell Equation 

An INTRINSIC EQUATION which expresses a curve in 
terms of its ARC LENGTH s and TANGENTIAL ANGLE 
Q. 

see also ARC LENGTH, CESÀRO EQUATION, INTRINSIC 
EQUATION, NATURAL EQUATION, TANGENTIAL ANGLE 
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Whipple’s Transformation 


r| ża,1+a-—-b,1+a-c, 
l+a-d,1+a-e1+a+m 
(1+ajn(1+4a-d-— €)m 

(1+a-— d)m(1+a-—e)m 
1+a—b—-—c,d,e,—m | 


a,1+ 5a,b,c,d,e,—m | 


ae Fra pactar naan 


where Fé and 4F3 are GENERALIZED HYPERGEOMET- 
RIC FUNCTIONS and T'(z) is the GAMMA FUNCTION. 


see also GENERALIZED HYPERGEOMETRIC FUNCTION 


Whitehead Link 


Whirl 


polygons (each having the same number of sides), each 
slightly smaller and rotated relative to the previous one. 


see also DAISY, SWIRL 
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Whisker Plot 
see BOX-AND-WHISKER PLOT 


Whitehead Double 
The SATELLITE KNOT of an UNKNOT twisted inside a 
TORUS. 


see also SATELLITE KNOT, TORUS, UNKNOT 
References 
Adams, C. C. The Knot Book: An Elementary Introduction 
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Whitehead Link 


The LINK 587, illustrated above, with BRAID WORD 


0120201, 710277 and JONES POLYNOMIAL 


VISIO (Er E= w 4 aor ar), 


The Whitehead link has LINKING NUMBER 0. 


Whitehead Manifold 


Whitehead Manifold 
An open 3-MANIFOLD which is simply connected but is 
topologically distinct from Euclidean 3-space. 


References 
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Whitehead’s Theorem 

MAPS between CW-COMPLEXES that induce ISOMOR- 
PHISMS on all HOMOTOPY GROUPS are actually HOMO- 
TOPY equivalences. 


see also CW-COMPLEX, HOMOTOPY GROUP, ISOMOR- 
PHISM 


Whitney-Graustein Theorem 

A 1937 theorem which classified planar regular closed 
curves up to regular HOMOTOPY by their WINDING 
NUMBERS. In his thesis, 5. Smale generalized this re- 
sult to regular closed curves on an n- MANIFOLD. 


Whitney-Mikhlin Extension Constants 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let B,(r) be the n-D closed BALL of RADIUS r > 1 
centered at the ORIGIN. A function which is defined 


on B(r) is called an extension to B(r) of a function f 
defined on B(1) if 


F(z) = f(x)V x € B(1). (1) 


Given 2 BANACH SPACES of functions defined on B(1) 
and B(r), find the extension operator from one to the 
other of minimal norm. Mikhlin (1986) found the best 
constants x such that this condition, corresponding to 
the Sobolev W(1, 2) integral norm, is satisfied, 


n 2 
J, | rer Y (22) | de 


then for n > 2, 


LO I(r) Kvyi(1) + Ke (r) +1(1) 


x(n,r)=4/1+ 


Lal) LNK()-K(nL() | 


(4) 


Whitney-Mikhlin Extension Constants 


1939 


where I (z) is a MODIFIED BESSEL FUNCTION OF THE 
FIRST KIND and K,(z) is a MODIFIED BESSEL FUNC- 
TION OF THE SECOND KIND. For n = 2, 


x(Q,r) = max 
4 LO I(r)K 14101) + 


1 K 
Tall) LOOK) -KNLO 


14 [1 (1) Ii(r)Ko(1) + Ki(r)Jo(1) 
L(1) +11) L(r)K,(1) - K (1) iQ) 
(5) 
For r > œ, 
_ LO K0) 
x(n, 00) =— L+1(1) K,(1) 3 (6) 
which is bounded by 
n= 1<x(n,00) < y (n-— 1)? + 4. (7) 
For ODD n, the RECURRENCE RELATIONS 
Qk+1 = @k-1 — (2k — Lax (8) 
br+1 = be-1 + (2k — 1)bx (9) 
with 
ag =e+t+e (10) 
as =e-e? (11) 
bo = e+ (12) 
by = e`! (13) 


where e is the constant 2.71828. .., give 


b 
x(2k + 1,00) = 4/1 + = 2i, (14) 
Gr+1 Dx 


The first few are 


x(3,00) = e (15) 


x(5,00)=3/ 5 (16) 
(7 x0) =)? == (17) 
NOE V TY 37 — 5e? 

1 e? 


x(9, 00) = a A/ 1802 — 133 ( 


1 e? 
= —_,/—___*___ 19 
x(11, 00) = 331) 2431 — 32902 (19) 


2 e? 
= ,/—_,/—__* __. 20 
x(13, 00) 2431 V 3655e2 — 27007 (20) 


Similar formulas can be given for even n in terms of 


Ip(1), (1), Ko(1), ki (1). 
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1940 Whitney Singularity 
Whitney Singularity 
see PINCH POINT 


Whitney Sum 

An operation that takes two VECTOR BUNDLES over a 
fixed SPACE and produces a new VECTOR BUNDLE over 
the same SPACE. If Ej and Ez are VECTOR BUNDLES 
over B, then the Whitney sum E, O Ez is the VECTOR 
BUNDLE over B such that each FIBER over B is naturally 
the direct sum of the Ej, and Ez FIBERS over B. 


The Whitney sum is therefore the FIBER for FIBER di- 
rect sum of the two BUNDLES E and Ez. An easy for- 
mal definition of the Whitney sum is that E, O Ez is 
the pull-back BUNDLE of the diagonal map from B to 
B x B, where the BUNDLE over B x Bis Ex x Ez. 


see also BUNDLE, FIBER, VECTOR BUNDLE 


Whitney Umbrella 


A surface which can be interpreted as a self-intersecting 
RECTANGLE in 3-D. It is given by the parametric equa- 
tions 


T = UV (1) 
y=u (2) 
zur (3) 


for u,v € [-1,1]. The center of the “plus” shape which 
is the end of the line of self-intersection is a PINCH 


POINT. The coefficients of the first FUNDAMENTAL 
FORM are 

E=0 | (4) 

2v 
= FFAA (5) 

Vut + 4u* + du 

2 

Gs A A (6) 
Ju? + 4v? + dy? 


and the coefficients of the second FUNDAMENTAL FORM 
are 


e=1+0* 
f= uv 
g=u +40", 


O o N 
we e 


Whittaker Differential Equation 


giving GAUSSIAN CURVATURE and MEAN CURVATURE 


k= E (10) 
o (u? + 4u? + 4y1)? 


u(1 + 3v’) 


iS), 
(u? + 4v? + 4y4)3/2 


(11) 
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Whittaker Differential Equation 
2 1 _ m2 
ort G+ (E+ ss Juno (1) 
Z Z 


Let u = e */ We m(z), where Wk m(2z) denotes a WHIT- 
TAKER FUNCTION. Then (1) becomes 


bd 1 RRN W ee Lo ea 4 2/2447") 
z 
k Eag _ 
+ (24 4 Je 207 = 0. (2) 
2 
Rearranging, 
(Le Py — Leo 2/2 yy! = be 2/2 yy! +e 7? W")p 


k iom 
+(-be*?W+e*?w')+ e —— |e *?w 
5 z ze 


=0 (3) 
1 2 

AA ES: | 22/2yy — 
a yA 

(4) 
SO i 5 
l k łom 

w" —- + 744 —.|/we=0 5 

+( E ae ; (5) 


where W' = dW/dz. The solutions are known as WHIT- 
TAKER FUNCTIONS. 
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Whittaker Function 


Whittaker Function 
Solutions to the WHITTAKER DIFFERENTIAL EQUA- 
TION. The linearly independent solutions are 


Mil APA 
be: > +m>-—k de 
x< — _ _Ñ__— _—_n_—_—_—. 
11(2m +1) 
(1) 


and Mx —m(2), where Mx, m(2) is a CONFLUENT HYPER- 
GEOMETRIC FUNCTION. In terms of CONFLUENT HY- 
PERGEOMETRIC FUNCTIONS, the Whittaker functions 
are 


Mkn) = gee eee By (a +m—k,1+2m;z) (2) 


(2+m—k)($+m-—k) a 
21(2m + 1)(2m + 2) ij 


Wiemlz) = E E +m—k,1+2m;z) (3) 


(see Whittaker and Watson 1990, pp. 339-351). How- 
ever, the CONFLUENT HYPERGEOMETRIC FUNCTION 
disappears when 2m is an INTEGER, so Whittaker func- 
tions are often defined instead. The Whittaker functions 
are related to the PARABOLIC CYLINDER FUNCTIONS. 
When jarg z| < 37/2 and 2m is not an INTEGER, 


Wimíz) = Sy Mim (2) 
T(2m) 
tg a ge _mlz). (4) 
When | arg(—z)| < 37/2 and 2m is not an INTEGER, 
W_im(—2) = Mesa) 
T(2m) 
feta AA (5) 


Whittaker functions satisfy the RECURRENCE RELA- 
TIONS 


Wk malz) = 2PWe-1/2m21/2(2) + (4 —k+m)We-1,m(2) 
(6) 
Wieml2)=2"We-1/2m+1/2(2)+(3-k-=m)Ws-1,m(2) 
(7) 
Wimi2) = (k- 32) Wem (z)—[m? —(k—- 3)" ]|We-1,m(2)- 
(8) 
see also CONFLUENT HYPERGEOMETRIC FUNCTION, 
KUMMER’S FORMULAS, PEARSON-CUNNINGHAM FUNC- 
TION, SCHLOMILCH’S FUNCTION, SONINE POLYNOMIAL 
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Wieferich Prime 1941 
Whole Number 

One of the numbers 1, 2, 3,... (Sloane’s A000027), also 
called the COUNTING NUMBERS or NATURAL NUMBERS. 
0 is sometimes included in the list of “whole” numbers 
(Bourbaki 1968, Halmos 1974), but there seems to be no 
general agreement. Some authors also interpret “whole 
number” to mean “a number having FRACTIONAL PART 
of zero,” making the whole numbers equivalent to the 
integers. 


Due to lack of standard terminology, the following terms 
are recommended in preference to “COUNTING NUM- 
BER,” “NATURAL NUMBER,” and “whole number.” 


Set Name Symbol 
...,=2,-—1,0,1,2,... integers Z, 

A E positive integers Le 
OL o nonnegative integers Z' 

—1, —2, -3, —4,... negative integers LZ 


see also COUNTING NUMBER, FRACTIONAL PART, IN- 
+ Zt TE 
TEGER, N, NATURAL NUMBER, Z,%', f 
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Width (Partial Order) 
For a PARTIAL ORDER, the size of the longest AN- 
TICHAIN is called the width. 


see also ANTICHAIN, LENGTH (PARTIAL ORDER), PAR- 
TIAL ORDER 


Width (Size) 

The width of a box is the horizontal distance from side 
to side (usually defined to be greater than the DEPTH, 
the horizontal distance from front to back). 


see also DEPTH (SIZE), HEIGHT 
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Wiedersehen Manifold 


The only Wiedersehen manifolds are the standard round 
spheres, as was established by proof of the BLASCHKE 
CONJECTURE. 


see also BLASCHKE CONJECTURE 


Wieferich Prime 


A Wieferich prime is a PRIME p which is a solution to 
the CONGRUENCE equation 


| (mod p ) 


1942 Wieferich Prime 


Note the similarity of this expression to the special case 
of FERMAT’S LITTLE THEOREM 


2P7* =1 (mod p), 


which holds for all ODD PRIMES. However, the only 
Wieferich primes less than 4 x 107” are p = 1093 and 
3511 (Lehmer 1981, Crandall 1986, Crandall et al. 1997). 
Interestingly, one less than these numbers have sugges- 
tive periodic BINARY representations 


1092 = 100010001002 
3510 = 1101101101102. 


A PRIME factor p of a MERSENNE NUMBER My = 27-1 
is a Wieferich prime IFF p° |27—-1. Therefore, MERSENNE 
PRIMES are not Wieferich primes. 


If the first case of FERMAT’S LAST THEOREM is false for 
exponent p, then p must be a Wieferich prime (Wieferich 
1909). If p|2”+1 with p and n RELATIVELY PRIME, then 
p is a Wieferich prime IFF p? also divides 2” + 1. The 
CONJECTURE that there are no three POWERFUL NUM- 
BERS implies that there are infinitely many Wieferich 
primes (Granville 1986, Vardi 1991). In addition, the 
ABC CONJECTURE implies that there are at least Cin x 
Wieferich primes < x for some constant C (Silverman 
1988, Vardi 1991). 


see also ABC CONJECTURE, FERMAT’S LAST THEO- 
REM, FERMAT QUOTIENT, MERSENNE NUMBER, MIRI- 
MANOFF’S CONGRUENCE, POWERFUL NUMBER 
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Wiener-Khintchine Theorem 


Wielandt’s Theorem 
Let the n X n MATRIX A satisfy the conditions of the 
PERRON-FROBENIUS THEOREM and the n x n MATRIX 
C= Cij satisfy 

| |cij| < Gij 


for i,j = 1, 2,..., n. Then any EIGENVALUE Ao of C 
satisfies the inequality |Ao| < R with the equality sign 
holding only when there exists an n xn MATRIX D = ĝi; 
(where 6;; is the KRONECKER DELTA) and 


_opap-t 
C= A PAD . 
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Wiener Filter 

An optimal FILTER. used for the removal of noise from 
a signal which is corrupted by the measuring process 
itself. 


see also FILTER 
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Wiener Function 
see BROWN FUNCTION 


Wiener-Khintchine Theorem 
Recall the definition of the AUTOCORRELATION function 
C(t) of a function E(t), | 


C(t) J E*(r)E(t + 7) dr. (1) 


oo 


Also recall that the FOURIER TRANSFORM of E(t) is 
defined by 


E(r) = J Eve T dy, (2) 
— 00 
giving a COMPLEX CONJUGATE of 


E*(r) =) Etgtrtv” dv. (3) 


— 00 


Wiener Measure 


Plugging E*(r) and E(t + 7) into the AUTOCORRELA- 
TION function therefore gives 


C(t) = J | J Breet a 
x / Brie Un a! dr 
=| J J ESE MT =v] eri Teda 


= / J E Ep bv — permet dv dv’ 


=| Eber dv 


oO 


eo . 
=f |En] e7?" dv 


— OO 


SFE], (4) 


so, amazingly, the AUTOCORRELATION is simply given 
by the FOURIER TRANSFORM of the ABSOLUTE SQUARE 
of E(v), 

C(t) = FE(I (5) 
The Wiener-Khintchine theorem is a special case of the 
CROSS-CORRELATION THEOREM with f = g. 


see also AUTOCORRELATION, CROSS-CORRELATION 
THEOREM, FOURIER TRANSFORM 


Wiener Measure 

The distribution which arises whenever a central limit 
scaling procedure is carried out on path-space valued 
random variables. 


Wiener Space 
see MALLIAVIN CALCULUS 


Wigner 37-Symbol 
The Wigner 37 symbols are written 


$ 72 J (1) 
Hy ma m | 
and are sometimes expressed using the related 
CLEBSCH-GORDON COEFFICIENTS 
Chim = (Jijamaimaljijajm) (2) 


(Condon and Shortley 1951, pp. 74-75; Wigner 1959, 
p. 206), or RACAH V-COEFFICIENTS 


V(j1j2j; mimm). (8) 
Connections among the three are 


(jijomimealjijom) 


— (_.1\7h1tj2-™m . jı j2 j 
=i) VTA Ba) O 


Wigner 3j-Symbol 1943 


(j1j2mime|jijejm) 


= (—1) "4/29 + 1V (jrjoj; mime —m) (5) 


varie 2 ee ee Jio gJr. Ji 
V(jij2ji mimm) = (—1) A Pa A 


(6) 


The Wigner 37-symbols have the symmetries 


i AIN foe jd j 

m1 Ma m m2 m mi 

_fj h B (Lys jz fa J 
m mi mao ma Mi m 


{pit ( h Í R ) 


m mima 


= (1) t+ j R2 on 
m ma Mli 


| jı j2 j ). (7) 


—mMi1 


The symbols obey the orthogonality relations 


2 mı Ma m m, ma m 
Jem 


= mim! Omom! (8) 


jı j2 j jı je F ZS as i 
m ma m mi ma m she od 
m1 ma 
(9) 
where 6;; is the KRONECKER DELTA. 


General formulas are very complicated, but some spe- 
cific cases are 


ji J 

mti miz 
oe (241) (252)! 

(291 + 2j2 + 1)!(j1 + m1)! 


jit je 
—mMı — Ma 


= (A+ +ma 


, , , 1/2 
(ji + j2 + mi + mz)!(ji + ja — mi — m2)! f 


(jı — m1)!(j2 + mz)!(j2 — ma)! 
(10) 


mo Js Iys (1)"H tat 
hh == m 
> (iO l—h + J2 +3)! 
Gita + + DG ja +) 
2 
(ju + jz + m)! m) x 


(ji + j2 Mehta — m)!(j + m)! 


(11) 


1944 


hn JJ) 
0 0 0 
(19, /@a=2i a= 24129-23) dl 
(29+1)! (9-31) !(g—J2)!(g—-7)! 


0 


Wigner 37-Symbol 


if J = 2g + 1, 
(12) 


for J = ji + J2 +3. 


For SPHERICAL HARMONICS Yım(0, 0), 
Yi m1 (9, P)Yizmo(0, $) 


a (2h, + 1)(2l2 + 1)(2l + 1) la l 
An mi m: m 
e Wi 20) om 


For values of l3 obeying the TRIANGLE CONDITION 
A(lilals), 


J Yiımı (9, P)Yizm2(0, P)Yizms(0, $) sin 0 dd do 


An 


la k ls ly lo l3 
á 0 0 0 ES mo m3 ) (14) 
1 


3 | Putcos0)P(c0s0)P (080) sin 6 d@ 
2 
_ {ha k la 
=(% 0 +e (15) 


see also CLEBSCH-GORDON COEFFICIENT, RACAH V- 
COEFFICIENT, RACAH W-COEFFICIENT, WIGNER 67- 
SYMBOL, WIGNER 97-SYMBOL 


and 
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Wigner 67-Symbol 

A generalization of CLEBSCH-GORDON COEFFICIENTS 
and WIGNER 37-SYMBOL which arises in the coupling of 
three angular momenta. Let tensor operators TY and 
SS act, respectively, on subsystems 1 and 2 of a system, 
with subsystem 1 characterized by angular momentum 
jı and subsystem 2 by the angular momentum j2. Then 
the matrix elements of the scalar product of these two 
tensor operators in the coupled basis J = ji + j2 are 
given by 


(ji Taja J MUITO UP mjrojaJM) 


7 , sl J da ji 
= ô 10 ¿(—1 ji tjg +J s ln 
JJP OMM ( ) k ji ja 


RATA rij) alu ra), (1) 


-f -} 
where p J2 Jt Vis the Wigner 6j-symbol and 71 


k ji je 
and Tz represent additional pertinent quantum numbers 
characterizing subsystems 1 and 2 (Gordy and Cook 
1984). 


Edmonds (1968) gives analytic forms of the 6j-symbol 
for simple cases, and Shore and Menzel (1968) and 
Gordy and Cook (1984) give 


abe aa MED | 

k c rr ar 1) 5 

E b ;}-— H 

1 c bf ,/2(2b+1)(0b + 2)2c(2e + 1) (2c + 2) 
(3) 

_ &(=1)*[3X(X — 1) — 4b(b + 1)e(c + 1)] 


(2b — 1)26(20 + 1)(2b + 2)(2b + 3) 
1 


SA 
N a 
CO oOo 
ene 


an, (4) 
(2c — 1)2c(2c + 1)(2c + 2)(2c + 3) 
where 
s=a+b+e (5) 
X =b(b+ 1) + c[(c+ 1) — ala +1). (6) 


see also CLEBSCH-GORDON COEFFICIENT, RACAH V- 
COEFFICIENT, RACAH W-COEFFICIENT, WIGNER 33- 
SYMBOL, WIGNER 97-SYMBOL 
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all about crystal sets 


Make a tracing of the spiderweb coil template. Then use 
carbon paper to transfer the tracing on a section of 
1/16-inch thick sheet plastic. Cut out the vanes with a 


jeweler's saw. Drill two holes as shown, and install the 
two solder lugs. 


COIL FORM TEMPLATE FOR L1—L2 


Wind as much No.22 enameled wire as possible on each coil 
form. Solder the wire to a solder lug before winding a 
coil. Then wind the wire over ‘a vane and under the next 
vane. Wind the wire closely and evenly on the form. It is 
not necessary to count the turns. Solder the wire end to 
the remaining solder lug 
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Wigner 9j7-Symbol 

A generalization of CLEBSCH-GORDON COEFFICIENTS 
and WIGNER 3j- and 67-SYMBOLS which arises in the 
coupling of four angular momenta and can be written in 
terms of the WIGNER 33- and 67-SYMBOLS. Let tensor 
operators T*D and UC?) act, respectively, on subsys- 
tems 1 and 2. Then the reduced matrix element of the 
product TD x U*2) of these two irreducible operators 
in the coupled representation is given in terms of the 
reduced matrix elements of the individual operators in 
the uncoupled representation by 


(r'r jiraja TZ x USP | len ji tejeJ) 


hh k 
=Y/QI+ DOS + I)(2k +1)X_{ j2 jz he 
m (J J k 


(r'r ji TE? r riji) (77353 UE? rrj), (1) 


ji j ki 
where < ja jo ka > is a Wigner 9j-symbol (Gordy 
J’ J k 


and Cook 1984). 


Shore and Menzel (1968) give the explicit formulas 


a b C 
d e F+=) (-1) (2r +1) 
G H J e 
DK b C d e F G H J (2) 
F J z bx H z a d 
a b J q yb te JA K 
c d J OV 1) $ b x} 
K K0 (2J + 1)(2K + 1) c 
(3) 
s LJ JL S 
S S 1 L S 1(1L Jı 
L L 2%= 
TJ 4 {7 L I 
L 1 1 
S JL 
(-1)9+1+3+1 J S 1 
o . (4 
+ 15(2L +1) 2 L L (4) 
L 1 1 


Wigner-Eckart Theorem 1945 


see also CLEBSCH-GORDON COEFFICIENT, RACAH V- 
COEFFICIENT, RACAH W-COEFFICIENT, WIGNER 33- 
SYMBOL, WIGNER 67-SYMBOL 
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Wigner-Eckart Theorem 

A theorem of fundamental importance in spectroscopy 
and angular momentum theory which provides both (1) 
an explicit form for the dependence of all matrix ele- 
ments of irreducible tensors on the projection quantum 
numbers and (2) a formal expression of the conservation 
laws of angular momentum (Rose 1995). 


The theorem states that the dependence of the ma- 
trix element (j’m'|Tru|jm) on the projection quan- 
tum numbers is entirely contained in the WIGNER 33- 
SYMBOL (or, equivalently, the CLEBSCH-GORDON Co- 
EFFICIENT), given by 


(j'm'|Tim|jm) = C(QGL7'; mMm )(7'||TxII9), 


where C(jLj";mMm!') is a CLEBSCH-GORDON COEFFI- 
CIENT and Tim is a set of tensor operators (Rose 1995, 
p. 85). 


see also CLEBSCH-GORDON COEFFICIENT, WIGNER 33- 
SYMBOL 
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1946 Wilbraham-Gibbs Constant 


Wilbraham-Gibbs Constant 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


Let a piecewise smooth function f with only finitely 
many discontinuities (which are all jumps) be defined 
on [—r, 7] with FOURIER SERIES 


1 f 
ak == f f(t) cos(kt) dt (1) 


be = Z J f(t) sin(kt) dt, (2) 


k=1 


Sn(f,x) = 340 + (De cos(kx) + by sae} . (3) 


Let a discontinuity be at x = c, with 


lim f(z) > lim, f(x), (4) 
so 
D=| jim s| -| 5m sæ] >0 0 
Define 
ó(c)=3 | lim f(x) + lim fi], (© 
and let x = £n < c be the first local minimum and 


£ = n > C the first local maximum of Sn(f, x£) on either 
side of zn. Then 


lim Sa(f, 0) = oc) + 26 (7 
lim Salf, ên) =0(c) - =", (8) 
where 
G'= f sinc 9 d = 1.851937052.... (9) 
0 


Here, sincz = sinz/z is the SINC FUNCTION. The 
FOURIER SERIES of y = x therefore does not converge 
to —r and v at the ends, but to —2G’ and 2G’. This 
phenomenon was observed by Wilbraham (1848) and 
Gibbs (1899). Although Wilbraham was the first to note 
the phenomenon, the constant G" is frequently (and un- 
fairly) credited to Gibbs and known as the GIBBS CON- 
STANT. A related constant sometimes also called the 
GIBBS CONSTANT is 


= lg = 2 / sinc z dx = 1.17897974447216727... 
T 
0 


WV 
(10) 
(Le Lionnais 1983). 
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Wilf-Zeilberger Pair 


Wilcoxon Rank Sum Test 
A nonparametric alternative to the two-sample t-test. 


see also PAIRED t-TEST, PARAMETRIC TEST 


Wilcoxon Signed Rank Test 

A nonparametric alternative to the PAIRED t-TEST 
which is similar to the FISHER SIGN TEST. This test as- 
sumes that there is information in the magnitudes of the 
differences between paired observations, as well as the 
signs. ‘Take the paired observations, calculate the differ- 
ences, and rank them from smallest to largest by ABSO- 
LUTE VALUE. Add all the ranks associated with PosI- 
TIVE differences, giving the T} statistic. Finally, the P- 
VALUE associated with this statistic is found from an ap- 
propriate table. The Wilcoxon test is an R-ESTIMATE. 


see also FISHER SIGN TEST, HYPOTHESIS TESTING, 
PAIRED t-TEST, PARAMETRIC TEST 


Wild Knot 
A KNOT which is not a TAME KNOT. 


see also TAME KNOT 
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Wild Point 

For any point P on the boundary of an ordinary BALL, 
find a NEIGHBORHOOD of P in which the intersection 
with the BALL’s boundary cuts the NEIGHBORHOOD 
into two parts, each HOMEOMORPHIC to a BALL. A 
wild point is a point on the boundary that has no such 
NEIGHBORHOOD. 


see also BALL, HOMEOMORPHIC, NEIGHBORHOOD 


Wilf-Zeilberger Pair 
A pair of CLOSED FORM functions (F,G) is said to be 
a Wilf-Zeilberger pair if 


Fin+1,k) - F(n,k) = G(n,k +1) -Gíln,k). (1) 


The Wilf-Zeilberger formalism provides succinct proofs 
of known identities and allows new identities to be dis- 
covered whenever it succeeds in finding a proof cer- 
tificate for a known identity. However, if the starting 
point is an unknown hypergeometric sum, then the Wilf- 
Zeilberger method cannot discover a closed form solu- 
tion, while ZEILBERGER’S ALGORITHM can. 


Wilf-Zeilberger pairs are very useful in proving HYPER- 
GEOMETRIC IDENTITIES of the form 


S t(n, k) = rhs(n) (2) 


for which the SUMMAND t(n, k) vanishes for all k outside 
some finite interval. Now divide by the right-hand side 


to obtain 
Y F(n,k)=1, (3) 
k 


Wil£ Zeilberger Pair 


where 


t(n, k) 
= . (4) 
rhs(n) 
Now use a RATIONAL FUNCTION R(n,k) provided by 
ZEILBERGER’S ALGORITHM, define 


F(n,k) 


G(n,k) = R(n,k)F(n, k). (5) 


The identity (1) then results. Summing the relation over 
all integers then telescopes the right side to 0, giving 


Y F(n+1,k) = Y F(n,h). (6) 


Therefore, Y>, F(n, k) is independent of n, and so must 


be a constant. If F is properly normalized, then it will 
be true that X`, F(0,k)= 1. 


For example, consider the BINOMIAL COEFFICIENT 


identity 
= (7) =" y 
k k=0 ` 


the function R(n, k) returned by ZEILBERGER’S ALGO- 
RITHM is 


Therefore, 
F(n,k) = @ 27” (9) 
and 


Gin, k) = R(n, k)F(n, k) = sy @ gr 


kn!27” o n Yyon-1 
~~ 2An+1—k)kln=k!  \k-1 
(10) 


Taking 
F(n+1,k) — F(n,k) =G(n,k+1)-G(n,k) (11) 


then gives the alleged identity 


m+ 1 —n— i1 n —n 
ro) 
=- @ gant h Ñ jor (12) 


Expanding and evaluating shows that the identity does 
actually hold, and it can also be verified that 


2) 1 fork=0 (13) 


F(0,k) = ( ~ LO otherwise, 


so Y, F(0,k) = 1 (Petkovšek et al. 1996, pp. 25-27). 


Wilf-Zeilberger Pair 1947 
For any Wilf-Zeilberger pair (F, G), 
y G(n, 0) = Y lF(n,n —-1)+G(n-1,n-1)] (14) 
n=0 n=1 


whenever either side converges (Zeilberger 1993). In ad- 
dition, 


Ss G(n,0) = Y ros 1), n) + > G(sn+:i,n)|, 


n=0 n=0 i=0 


(15) 
Y" F(0,k) = Y Gin, 0), (16) 
and 
Y a(n, 0) = > Y F(s(n+1),tn +5) 

+ Y G(sn +i, J , (17) 

where 
F, (n,k) = y F(sn,tk + j) (18) 
G.i(n,k) = y G(sn + i, tk) (19) 


(Amdeberhan and Zeilberger 1997). The latter identity 
has been used to compute APERY’S CONSTANT to a large 
number of decimal places (Plouffe). 


see also APERY’S CONSTANT, CONVERGENCE IMPROVE- 
MENT, ZEILBERGER’S ALGORITHM 
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1948 Wilkie’s Theorem 


Wilkie’s Theorem 

Let $(21,...,2%n) be an Lexp formula, where Lexp = 
LU {e7} and £ is the language of ordered rings £ = 
{+,—,:,<,0,1}. Then there are n > mand fi,..., fs € 


Z[%1,..., Ene” *,...,e*”] such that ¢(21,...,2n) is 
equivalent to 
Tr a eos 

= A E A 7) = 0 


(Wilkie 1996). In other words, every formula is equiva- 
lent to an existential formula and every definable set is 
the projection of an exponential variety (Marker 1996). 
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Williams p + 1 Factorization Method 

A variant of the POLLARD p — 1 METHOD which uses 
LUCAS SEQUENCES to achieve rapid factorization if some 
factor p of N has a decomposition of p+1 in small PRIME 
factors. 


see also LUCAS SEQUENCE, POLLARD p — 1 METHOD, 


PRIME FACTORIZATION ALGORITHMS 
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Wilson Plug 

A 3-D surface with constant VECTOR FIELD on its 
boundary which traps at least one trajectory which en- 
ters it. 


see also VECTOR FIELD 


Wilson’s Primality Test 
see WILSON’S THEOREM 


Wilson Prime 
A PRIME satisfying 


W(p) = 0 (mod p), 
where W(p) is the WILSON QUOTIENT, or equivalently, 
(p-1j!=-1 (mod p) ; 


5, 13, and 563 are the only Wilson primes less than 
5 x 10 (Crandall et al. 1997). 


References 

Crandall, R.; Dilcher, K; and Pomerance, C. “A search for 
Wieferich and Wilson Primes.” Math. Comput. 66, 433- 
449, 1997. 

Ribenboim, P. “Wilson Primes.” §5.4 in The New Book 
of Prime Number Records. New York: Springer-Verlag, 
pp. 346-350, 1996. 

Vardi, I. Computational Recreations in Mathematica. Read- 
ing, MA: Addison-Wesley, p. 73, 1991. 


Winding Number (Contour) 
Wilson Quotient 


wo) = LIA 


Wilson’s Theorem 
IFF p is a PRIME, then (p — 1)! + 1 is a multiple of p, 
that is 

(p — 1)! =-—1 (mod p). 


This theorem was proposed by John Wilson in 1770 and 
proved by Lagrange in 1773. Unlike FERMAT’S LITTLE 
THEOREM, Wilson’s theorem is both NECESSARY and 
SUFFICIENT for primality. For a COMPOSITE NUMBER, 
(n — 1)! =0 (mod n) except when n = 4. 

see also FERMAT’S LITTLE THEOREM, WILSON’S THEO- 
REM COROLLARY, WILSON’S THEOREM (GAUSS’S GEN- 
ERALIZATION) 
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Wilson’s Theorem Corollary 
Iff a PRIME pis of the form 4g + 1, then 


[(2x)!]* = —1 (mod p). 


Wilson’s Theorem (Gauss’s Generalization) 
Let P be the product of INTEGERS less than or equal to 
n and RELATIVELY PRIME to n. Then 


for n = 4, p*, 2p” 
otherwise. 


When m = 2, this reduces to P = 1 (mod 2) which is 
equivalent to P = —1 (mod 2). 


see also WILSON’S THEOREM, WILSON’S THEOREM 
COROLLARY 


Winding Number (Contour) 
Denoted n(y, zo) and defined as the number of times a 
path y curve passes around a point. 


The contour winding number was part of the inspiration 
for the idea of the DEGREE of a MAP between two COM- 
PACT, oriented MANIFOLDS of the same DIMENSION. In 
the language of the DEGREE of a MAP, if y : [0,1] + € 


Winding Number (Map) 


is a closed curve (i.e., y(0) = y(1)), then it can be con- 
sidered as a FUNCTION from S' to C. In that context, 
the winding number of y around a point p in C is given 
by the degree of the MAP 


y—p 
ly — pl 


from the CIRCLE to the CIRCLE. 


Winding Number (Map) 


The winding number of a map is defined by 


| n | 
W = lim a 
n->00 n 

which represents the average increase in the angle 0 per 
unit time (average frequency). A system with a RA- 
TIONAL winding number W = p/q is MODE-LOCKED, 
whereas a system with an IRRATIONAL winding number 
is QUASIPERIODIC. Note that since the RATIONALS are 
a set of zero MEASURE on any finite interval, almost all 
winding numbers will be irrational, so almost all maps 
will be QUASIPERIODIC. 


Windmill 
One name for the figure used by Euclid to prove the 


PYTHAGOREAN THEOREM. 
see BRIDE’S CHAIR, PEACOCK’S TAIL 


Window Function 
see RECTANGLE FUNCTION 


Winkler Conditions 

Conditions arising in the study of the ROBBINS EQua- 
TION and its connection with BOOLEAN ALGEBRA. Win- 
kler studied Boolean conditions (such as idempotence or 
existence of a zero) which would make a ROBBINS AL- 
GEBRA become a BOOLEAN ALGEBRA. Winkler showed 
that each of the conditions 


AC,3D,C+D=C 


IC, 3D, n(C + D) = n(C), 


known as the first and second Winkler conditions, SUF- 
FICES. A computer proof demonstrated that every ROB- 
BINS ALGEBRA satisfies the second Winkler condition, 
from which it follows immediately that all ROBBINS AL- 
GEBRAS are BOOLEAN. 
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Witch of Agnesi 1949 


Winograd Transform 

A discrete FAST FOURIER TRANSFORM ALGORITHM 
which can be implemented for N = 2, 3, 4, 5, 7, 8, 
11, 13, and 16 points. 


see also FAST FOURIER TRANSFORM 


Wirtinger’s Inequality 
If y has period 27, y' is L?, and 


27 
f y dx = 0, 
0 


then 
21 27 
/ y dr < J y? dz 
0 0 
unless 
y = Acosx+ Bsinz. 
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Wirtinger-Sobolev Isoperimetric Constants 
Constants y such that 


1/3 N 
q Of 
d < > 
pA | a [ qe lez 


where f is a real-valued smooth function on a region 2 
satisfying some BOUNDARY CONDITIONS. 


1/ 
P 
dx ; 
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Witch of Agnesi 


4 
SIZ 


A curve studied and named “versiera” (Italian for “she- 
devil” or “witch”) by Maria Agnesi in 1748 in her book 
Istituzioni Analitiche (MacTutor Archive). It is also 
known as CUBIQUE D’AGNESI or AGNESIENNE. Some 
suggest that Agnesi confused an old Italian word mean- 
ing “free to move” with another meaning “witch.” The 
curve had been studied earlier by Fermat and Guido 
Grandi in 1703. 


It is the curve obtained by drawing a line from the origin 
through the CIRCLE of radius 2a (OB), then picking the 
point with the y coordinate of the intersection with the 
circle and the x coordinate of the intersection of the 
extension of line OB with the line y = 2a. The curve 


1950 Witness 


has INFLECTION POINTS at y = 3a/2. The line y = 0 is 
an ASYMPTOTE to the curve. 


In parametric form, 


x= 2acoté (1) 
y = all — cos(29)), (2) 
x = 2at (3) 

2a | 
pe (4) 


In rectangular coordinates, 


8a" 


T? + da?' (5) 


y = 


see also LAMÉ CURVE 
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Witness 

A witness is a number which, as a result of its number 
theoretic properties, guarantees either the composite- 
ness or primality of a number n. Witnesses are most 
commonly used in connection with FERMAT'S LITTLE 
THEOREM CONVERSE. A PRATT CERTIFICATE uses 
witnesses to prove primality, and MILLER’S PRIMALITY 
TEST uses witnesses to prove compositeness. 


see also ADLEMAN-POMERANCE-RUMELY PRIMALITY 
TEST, FERMAT’S LITTLE THEOREM CONVERSE, MIL- 
LER’S PRIMALITY TEST, PRATT CERTIFICATE, PRIMAL- 
ITY CERTIFICATE 


Witten’s Equations 
Also called the SEIBERG-WITTEN INVARIANTS. For a 
connection A and a POSITIVE SPINOR ¢ €T(V,), 


Dad =0 
FÍ = io(¢, 4). 


The solutions are called monopoles and are the minima 
of the functional 


J (IFA — io($, EN 
XxX 


Wolstenholme’s Theorem 


see also LICHNEROWICZ FORMULA, LICHNEROWICZ- 
WEITZENBOCK FORMULA, SEIBERG-WITTEN EQUA- 
TIONS 
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Wittenbauer”s Parallelogram 


Divide the sides of a QUADRILATERAL into three equal 
parts. The figure formed by connecting and extending 
adjacent points on either side of a VERTEX is a PARAL- 
LELOGRAM known as Wittenbauer’s parallelogram. 


see also QUADRILATERAL, WITTENBAUER’S THEOREM 


Wittenbauer’s Theorem 
The CENTROID of a QUADRILATERAL LAMINA is the 
center of its WITTENBAUER’S PARALLELOGRAM. 


see also CENTROID (GEOMETRIC), LAMINA, QUADRI- 
LATERAL, WITTENBAUER’S PARALLELOGRAM 


Wolstenholme’s Theorem 
If p is a PRIME > 3, then the NUMERATOR of 


A +t- 


p 
is divisible by p* and the NUMERATOR of 


1 


1 1 
ekaa tar To 


223 


is divisible by p. These imply that if p > 5 is PRIME, 


then 
bare = 1 (mod př). 
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Woodall Number 


Woodall Number 


Numbers of the form 
Wn = 2%n — 1, 


The first few are 1, 7, 23, 63, 159, 383, ... (Sloane's 
A003261). The only Woodall numbers W, for n < 
100,000 which are PRIME are for n = 5312, 7755, 9531, 
12379, 15822, 18885, 22971, 23005, 98726, ... (Sloane’s 
A014617; Ballinger). 


see also CULLEN NUMBER, CUNNINGHAM NUMBER, 
FERMAT NUMBER, MERSENNE NUMBER, SIERPINSKI 
NUMBER OF THE FIRST KIND 
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Woodbury Formula 


(A + UVT)! =A7 — [AT U(1 + VTATtU) VTA). 


Word 
N.B. A detailed on-line essay by S. Finch was the start- 
ing point for this entry. 


A finite sequence of n letters from some ALPHABET is 
said to be an n-ary word. A “square” word consists of 
two identical subwords (for example, acbacb). A square- 
free word contains no square words as subwords (for ex- 
ample, abcacbabcb). The only squarefree binary words 
are a, b, ab, ba, aba, and bab. However, there are ar- 
bitrarily long ternary squarefree words. The number of 
ternary squarefree words of length n is bounded by 


6 - 1.032" < s(n) < 6 - 1.379” (1) 
(Brandenburg 1983). In addition, 


S= lim [s(n)]'/” = 1.302... (2) 


TL OO 


(Brinkhuis 1983, Noonan and Zeilberger). Binary cube- 
free words satisfy 


2 - 1.080” < e(n) < 2- 1.522”. (3) 


A word is said to be overlapfree if it has no subwords of 
the form zyzyx. A squarefree word is overlapfree, and an 


Worm 1951 


overlapfree word is cubefree. The number t(n) of binary 
overlapfree words of length n satisfies 


p: 7155 < t(n) < q: n 887 (4) 


for some constants p and q (Restivo and Selemi 1985, 
Kobayashi 1988). In addition, while 


lim In t(n) (5) 


noo Inn 


does not exist, 


1.155 < Tr < 1.276 < 1.332 < Ty < 1.587, (6) 


where 
T; = liming BE) (7) 
n—00 In 
Ty = lim sup In t(n) (8) 


n>0 Inn 


(Cassaigne 1993). 
see also ALPHABET 


References 

Brandenburg, F.-J. “Uniformly Growing kth Power-Free Ho- 
momorphisms.” Theor. Comput. Sci. 23, 69-82, 1983. 

Brinkhuis, J. “Non-Repetitive Sequences on Three Symbols.” 
Quart. J. Math. Ozford Ser. 2 34, 145-149, 1983. 

Cassaigne, J. “Counting Overlap-Free Binary Words.” 
STACS *93: Tenth Annual Symposium on Theoretical As- 
pects of Computer Science, Würzburg, Germany, Febru- 
ary 25-27, 1993 Proceedings (Ed. G. Goos, J. Hartma- 
nis, A. Finkel, P. Enjalbert, K. W. Wagner). New York: 
Springer-Verlag, pp. 216-225, 1993. 

Finch, S. “Favorite Mathematical Constants.” http://www. 
mathsoft.com/asolve/constant/words/words .html. 

Kobayashi, Y. “Enumeration of Irreducible Binary Words.” 
Discrete Appl. Math. 20, 221-232, 1988. 

Noonan, J. and Zeilberger, D. “The Goulden-Jackson Cluster 
Method: Extensions, Applications, and Implementations.” 
Submitted. 


World Line 
The path of an object through PHASE SPACE. 


Worm 


A 4-POLYHEX. 
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1952 Worpitzky's Identity 


Worpitzky”s Identity 


n-—1l 
pr Y (2) n+k 
E k n i 
k=0 
where ee. is an EULERIAN NUMBER and (E) is a BI- 
NOMIAL COEFFICIENT. 


Writhe 
Also called the TWIST NUMBER. The sum of crossings 
p of a LINK L, f 


w(L)= X` cp), 


pEc(L) 


where e(p) defined to be +1 if the overpass slants from 
top left to bottom right or bottom left to top right and 
C(L) is the set of crossings of an oriented LINK. If a 
KNOT K is AMPHICHIRAL, then w(K) = 0 (Thistle- 
thwaite). Letting Lk be the LINKING NUMBER of the 
two components of a ribbon, Tw be the TWIST, and Wr 
be the writhe, then 


Lk(K) = Tw(K) + Wr(K). 


(Adams 1994, p. 187). 
see also SCREW, ‘TWIST 
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Wronskian 


orl da sete dn 
$ P2 co On 
W(¢1,.-->¢n) = : . . . 


$ AD pa”) bn), 

If the Wronskian is NONZERO in some region, the func- 
tions @; are LINEARLY INDEPENDENT. If W = 0 over 
some range, the functions are linearly dependent some- 
where in the range. 


see also ABEL’S IDENTITY, GRAM DETERMINANT, LIN- 
EARLY DEPENDENT FUNCTIONS 
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Wulff Shape 

An equilibrium MINIMAL SURFACE for a crystal which 
has the least anisotropic surface energy for a given vol- 
ume. It is the anisotropic analog of a SPHERE. 


see also SPHERE 


Wythoff’s Game 


Wynn’s Epsilon Method 

A method for numerical evaluation of SUMS and PROD- 
UCTS which samples a number of additional terms in the 
series and then tries to fit them to a POLYNOMIAL mul- 
tiplied by a decaying exponential. 


see also EULER-MACLAURIN INTEGRATION FORMULAS 


Wythoff Array 
A INTERSPERSION array given by 


1 2 3 5 8 13 21 34 55 

4 7 11 18 29 47 76 123 199 
6 10 16 26 42 68 110 178 288 
9 15 24 39 63 102 165 267 432 
12 20 32 52 84 136 220 356 576 
14 23 37 60 97 157 254 411 665 
17 28 45 73 118 191 309 500 809 
19 31 50 81 131 212 343 555 898 
22 36 58 94 152 246 398 644 1042 


the first row of which is the FIBONACCI NUMBERS. 


see also FIBONACCI NUMBER, INTERSPERSION, STO- 
LARSKY ARRAY 
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Wythoff Construction 
A method of constructing UNIFORM POLYHEDRA. 


see also UNIFORM POLYHEDRON 
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Wythoff’s Game 

A game played with two heaps of counters in which a 
player may take any number from either heap or the 
same number from both. The player taking the last 
counter wins. The rth SAFE combination is (x, + r), 
where x = |¢r|, with ¢ the GOLDEN RATIO and |z} the 
FLOOR FUNCTION. It is also true that 2 +r = |g°r]. 
The first few SAFE combinations are (1, 2), (3, 5), (4, 
7), (6, 10), .... 


see also NIM, SAFE 
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Wythoff Symbol 


Wythoff Symbol 
A symbol used to describe UNIFORM POLYHEDRA. For 
example, the Wythoff symbol for the TETRAHEDRON 
is 3|23. There are three types of Wythoff symbols 
plqar, pq|r and pqr|, and one exceptional symbol 
5 232 used for the GREAT DIRHOMBICOSIDODECAHE- 
DRON. Some special cases in terms of SCHLAFLI SYM- 
BOLS are 


p|q2=p|2q= {q.p} 


i-L 
mee] 


2q|p = t{p, q) 


2pal=t dP 

q 

aras PS 
q 


For the symbol pqr|, permuting the letters gives the 
same POLYHEDRON. 


see also UNIFORM POLYHEDRON 
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Wythoff Symbol 


1953 


T-ÁAxils 
Z-AXIS 


X-axis 
y-axis 


The horizontal axis of a 2-D plot in CARTESIAN COOR- 
DINATES, also called the ABSCISSA. 


see also ABSCISSA, ORDINATE, y-AXIS, z-AXIS 


x-Intercept 
y-axis 


5 y-intercept 


x-intercept 


X-axis 


The point at which a curve or function crosses the z- 
Axis (i.e., when y = 0 in 2-D). 


see also LINE, y-INTERCEPT 


Xi Function 


(z - DIEz+ DE) 
Ve 
(1) 
where ¢(z) is the RIEMANN ZETA FUNCTION and T(z} is 
the GAMMA FUNCTION (Gradshteyn and Ryzhik 1980, 
p. 1076). The £ function satisfies the identity 


(1 — 2) = &(z). (2) 


XOR 1955 
The zeros of €(z) and of its DERIVATIVES are all located 
on the CRITICAL STRIP z = g + it, where 0 < o < 1. 
Therefore, the nontrivial zeros of the RIEMANN ZETA 
FUNCTION exactly correspond to those of £(z). The 
function (z) is related to what Gradshteyn and Ryzhik 
(1980, p. 1074) call E(t) by 


E(t) = ¿(2), (3) 


where z = 5 it. This function can also be defined as 


Bit) = HO — Dr Ap (St +) (4) 
giving 


E(t) = —3 (2 + pr TG NG it). (5) 


to |= 


The DE BRUIJN-NEWMAN CONSTANT is defined in terms 
of the =(t) function. 


see also DE BRUIJN-NEWMAN CONSTANT 
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XOR 

An operation in LOGIC known as EXCLUSIVE OR. lt 
yields true if exactly one (but not both) of two condi- 
tions is true. The BINARY XOR operator has the fol- 
lowing TRUTH TABLE. 


A B AXORB 
r E F 
F T T 
T F T 
T T F 


The BINOMIAL COEFFICIENT (”) mod 2 can be com- 
puted using the XOR. operation n XOR m, making PAS- 
CAL's TRIANGLE mod 2 very easy to construct. 


see also AND, BINARY OPERATOR, BOOLEAN ALGEBRA, 
LoGic, NOT, OR, PASCAL’S TRIANGLE, TRUTH TABLE 


advanced projects 


CONSTRUCTION 


The panel used in our receiver is a 7 3/4-inch by 4 
1/2-inch section of 1/4-inch thick black acrylic plastic. 
The size is not critical, but it should be large enough 
to mount all of the parts as shown in the illustration. 


Layout and drill the mounting holes of the components on 
the panel. Make sure that Cl and C2 are positioned so 
that the edges of the tuning knob dials are more than 
1/2-inch apart. Install the catwhisker crystal detector 
assembly, antenna and ground terminals, and the phone 
jack in the locations shown. 


As you can see in the illustration, L1 is installed on 
the end of a variable coupling metal rod. This 1/4-inch 
diameter rod is 3-inches long with a flat side. Drill and 
tap a small hole close to the end of the rod. The rod 
used in our model came from a discarded volume control. 
Cut a 2-inch long by 1/2-inch wide by 3/8-inch thick wood 
section and drill holes to fit the rod, two mounting 
screws, and a hole for the rod set screw. Locate and 
mount the wood section in the center of a spiderweb coil 
L1 so that the rod will be 3/4-inch down from the edge of 
the top vane. 
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z-axis 


x-axis . 
y-axis 


The vertical axis of a 2-D plot in CARTESIAN COORDI- 
NATES, also called the ORDINATE. 


see also ABSCISSA, ORDINATE, z-AXIS, z-AXIS 


y-Intercept 


y-axis 


pP 


x-intercept 


x-axis 


The point at which a curve or function crosses the y- 
AXIS (i.e., when z = 0 in 2-D). 


see also LINE, z-INTERCEPT 


References 


Golomb, S. W. Polyominoes: Puzzles, Patterns, Problems, 
and Packings, 2nd ed. Princeton, NJ: Princeton University 
Press, p. 92, 1994. 


Yacht 


A 6-POLYIAMOND. 


Yanghui Triangle 
see PASCAL’S TRIANGLE 


Yff Center of Congruence 

Let three ISOSCELIZERS, one for each side, be con- 
structed on a TRIANGLE such that the four interior 
triangles they determine are congruent. Now parallel- 
displace these ISOSCELIZERS until they concur in a single 
point. This point is called the Yff center of congruence 
and has TRIANGLE CENTER FUNCTION 


a = sec(> A). 


see also CONGRUENT ISOSCELIZERS POINT, ISOSCE- 
LIZER 


References 
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YF Points 


1957 


YfF Points 


Let points A’, B’, and C’ be marked off some fixed dis- 
tance z along each of the sides BC, CA, and AB. Then 
the lines AA’, BB’, and CC" concur in a point U known 
as the first Yff point if 


z” = (a — x)(b — z)(c — x). (1) 


This equation has a single real root u, which can by 
obtained by solving the CUBIC EQUATION 


f(z) = 20 — pr? + qz — r = 0, (2) 
where 
p=a+b+c (3) 
q = ab + ac + be (4) 
r = abc. (5) 


The ISOTOMIC CONJUGATE POINT U” is called the sec- 
ond Yff point. The TRIANGLE CENTER FUNCTIONS of 
the first and second points are given by 


1 fe-u\i/4 
a= a (6) (6) 
and 1/3 
a = = (= 4) (7) 
a Xe=u 


respectively. Analogous to the inequality w < 7/6 for 
the BROCARD ANGLE w, u < p/6 holds for the Yff 
points, with equality in the case of an EQUILATERAL 
TRIANGLE. Analogous to 


w <a <T — 3w (8) 
fori = 1, 2, 3, the Yf points satisfy 

u < ai < p— 3u. (9) 
Yf (1963) gives a number of other interesting properties. 
The line UU’ is PERPENDICULAR to the line containing 


the INCENTER J and CIRCUMCENTER O, and its length 
is given by 


UU = YO (10) 


where A is the AREA of the TRIANGLE. 
see also BROCARD POINTS, YFF TRIANGLES 
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1958 YF Triangles 


Yff Triangles 


C 


A u C B 


The TRIANGLE AA'B'C” formed by connecting the 
points used to construct the YFF POINTS is called the 
first Yff triangle. The AREA of the triangle is 


where R is the CIRCUMRADIUS of the original TRIANGLE 
AABC. The second Yff triangle is formed by connecting 
the ISOTOMIC CONJUGATE POINTS of A’, B', and C”. 


see also YFF POINTS 
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Yin- Yang 


A figure used in many Asian cultures to symbolize the 
unity of the two “opposite” male and female elements, 
the “yin” and “yang.” The solid and hollow parts com- 
posing the symbol are similar and combine to make a 
CIRCLE. Each part consists of two equal oppositely ori- 
ented SEMICIRCLES of radius 1/2 joined at their edges, 
plus a SEMICIRCLE of radius 1 joining the other edges. 


see also BASEBALL COVER, CIRCLE, PIECEWISE CIR- 
CULAR CURVE, SEMICIRCLE 
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Young Diagram 


Young’s Integral 


A Young diagram, also called a FERRERS DIAGRAM, rep- 
resents PARTITIONS as patterns of dots, with the nth row 
having the same number of dots as the nth term in the 
PARTITION. A Young diagram of the PARTITION 


n=a+b+...+<, 


for a list a, b,..., c of k POSITIVE INTEGERS with a > 
b >... > cis therefore the arrangement of n dots or 
square boxes in k rows, such that the dots or boxes are 
left-justified, the first row is of length a, the second row 
is of length b, and so on, with the kth row of length c. 
The above diagram corresponds to one of the possible 
partitions of 100. 


see also DURFEE SQUARE, HOOK LENGTH FORMULA, 
PARTITION, PARTITION FUNCTION P, YOUNG TABLEAU 
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Young Girl-Old Woman Illusion 


A perceptual ILLUSION in which the brain switches be- 
tween seeing a young girl and an old woman. 


see also RABBIT-DUCK ILLUSION 
References 
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Young Inequality 
For 0 <p<1, 


a< Ey y i) give), 
T p p 


Young’s Integral 
Let f(x) be a REAL continuous monotonic strictly in- 


creasing function on the interval [0,a] with f(0) = 0 
and b < f(a), then 


ab < / f(x) de + / Uy dy, 


where f~! (y) is the INVERSE FUNCTION. Equality holds 
IFF b = f(a). 
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Young Tableau 


Young Tableau 

The YOUNG TABLEAU of a YOUNG DIAGRAM is ob- 
tained by placing the numbers 1, ..., n in the n 
boxes of the diagram. A “standard” Young tableau 
is a Young tableau in which the numbers form a non- 
decreasing sequence along each line and along each 
column. The standard Young tableaux of size three 
are given by {{1,2,3}}, {{1,3},{2}}, 111,2), (3), 
and {{1},{2},{3}}. The number of standard Young 
tableaux of size 1, 2, 3,... are 1, 2, 4, 10, 26, 76, 232, 
764, 2620, 9496, ... (Sloane’s A000085). These numbers 
can be generated by the RECURRENCE RELATION 


a(n) = a(n — 1) + (n — 1ja(n — 2) 


with a(1) = 1 and a(2) = 2. 


There is a correspondence between a PERMUTATION 
and a pair of Young tableaux, known as the SCHEN- 
STED CORRESPONDENCE. The number of all standard 
Young tableaux with a given shape (corresponding to a 
given YOUNG DIAGRAM) is calculated with the Hook 
LENGTH FORMULA. The BUMPING ALGORITHM is used 
to construct a standard Young tableau from a permuta- 
tion of {1,..., n}. 


see also BUMPING ALGORITHM, HOOK LENGTH FOR- 
MULA, INVOLUTION (SET), SCHENSTED CORRESPON- 
DENCE, YOUNG DIAGRAM 
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Young Tableau 


1959 


Z 


Z 
The RING of INTEGERS .. 
denoted Í. 


see also C, C”, COUNTING NUMBER, I, N, NATURAL 
NUMBER, Q, R, WHOLE NUMBER, Z , Z` 


., —2, —1, 0, 1, 2, ..., also 


7- 
The NEGATIVE INTEGERS ..., —3, —2, —1. 


see also COUNTING NUMBER, NATURAL NUMBER, NEG- 
ATIVE, WHOLE NuMBER, Z, Z", Z* 


Zt 


The POSITIVE INTEGERS 1, 2, 3, ..., equivalent to N. 


see also COUNTING NUMBER, N, NATURAL NUMBER, 
POSITIVE, WHOLE NUMBER, Z, Z , Z* 


ke 
The NONNEGATIVE INTEGERS 0, 1, 2, .... 


see also COUNTING NUMBER, NATURAL NUMBER, NON- 
NEGATIVE, WHOLE NuMBER Z, Z`, Z* 


2z-Axis 
Z-axis 


X-axis : 
y-axis 


The axis in 3-D CARTESIAN COORDINATES which is usu- 
ally oriented vertically. CYLINDRICAL COORDINATES 
are defined such that the z-axis is the axis about which 
the azimuthal coordinate ĝ is measured. 


see also AXIS, x-AXIS, y-AXIS 


z-Distribution 


see FISHER’S z-DISTRIBUTION, STUDENT’S z-DISTRIBU- 
TION 


Z-Number 
A Z-number is a REAL NUMBER € such that 


0 < frac [58 < 3 


for all k = 1, 2, ..., where frac(x) is the fractional part 
of x. Mahler (1968) showed that there is at most one Z- 
number in each interval [n,n + 1) for integral n. Mahler 
(1968) therefore concluded that it is unlikely that any 
Z-numbers exist. The Z-numbers arise in the analysis 
of the COLLATZ PROBLEM. 


see also COLLATZ PROBLEM 


Z-Transform 1961 
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z-Score 
The z-score associated with the ¿th observation of a ran- 
dom variable x is given by 


where z is the MEAN and o the STANDARD DEVIATION 
of all observations 71, ..., Zn. 


z-Transform 
The discrete z-transform is defined as 


N-i 


Zla] = y dina N (1) 


n=0 


The DISCRETE FOURIER TRANSFORM is a special case 
of the z-transform with 


E (2) 


A z-transform with 


z= eg 7?mia/N (3) 


for a Æ +1 is called a FRACTIONAL FOURIER TRANS- 
FORM. 


see also DISCRETE FOURIER TRANSFORM, FRACTIONAL 
FOURIER TRANSFORM 
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z-Transform (Population) 
see POPULATION COMPARISON 


Z-Transform 
The Z-transform of F(t) is defined by 


ZIF (t)] = L[F"(8)1, (1) 


where 


F*(t) = F(t)ér(t) = Y F(nT)6(t—nT), (2) 


n=0 


1962 Z-Transform 


6(t) is the DELTA FUNCTION, T is the sampling period, 
and £ is the LAPLACE TRANSFORM. An alternative def- 
inition is 


ZPOl= Y (JA 8) 


residues 


where 


The inverse Z-transform is 
=1 A * ER ea n—1 
O 


It satisfies 


Z[aF (t) + bG(t)] = aZ[F(t)] + bZ[F(t)] (6) 
Z4|F(t+ T)] = 2Z[F(t)] — zF(0) (7) 
Z(F(t + 2T)] = z?Z[F(t)] -z F — zF(t) (8) 


Z[F(t + mT)] = z™Z[F(t)] — Yan "F(rt) (9) 


Z|[F(t-mT)] =z *Z[F(t)] (10) 
Z[e"F(t)] = Zle pe (11) 

Zle “F(t)] = Zle** 2] (12) 
tF(t) = -T2<_ (F(t) (13) 

t” F(t) = JA FO) de (14) 


Transforms of special functions (Beyer 1987, pp. 426- 
427) include 


Z] =1 (15) 
Z(d(t —mT)] =z ™ (16) 
2{H(t)] = + (17) 
ZÍH(t — mT)] = i (18) 
zit] = Ey (19) 
Z[t] = ae (20) 

$ z? yA 
Zj] = ree) (21) 
Zja“*] — r (22) 
costae) esa) (23) 


72-22 cos(wT') + 1 
_  zlz—cos(wT)] 
= z? — 2z cos(wT) +1? 


Zaslavskii Map 


where H(t) is the HEAVISIDE STEP FUNCTION. In gen- 
eral, | 


amor li) 08 
dd DA ( : ; zt 
-— aah. (26) 


where the are EULERIAN NUMBERS. Amazingly, 


n 
:) 
the Z-transforms of t” are therefore generators for Eu- 
LER’S TRIANGLE. 


see also KULER’S TRIANGLE, EULERIAN NUMBER 
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Zag Number 
An EVEN ALTERNATING PERMUTATION number, more 
commonly called a TANGENT NUMBER. 


see also ALTERNATING PERMUTATION, TANGENT NUM- 
BER, ZIG NUMBER 


Zarankiewicz’s Conjecture 
The CROSSING NUMBER for a COMPLETE BIGRAPH is 


ELA 


where |x| is the FLOOR FUNCTION. This has been 
shown to be true for all m,n < 7. Zarankiewicz has 
shown that, in general, the FORMULA provides an up- 
per bound to the actual number. 

see also COMPLETE BIGRAPH, CROSSING NUMBER 
(GRAPH) 


Zariski Topology 
A TOPOLOGY of an infinite set whose OPEN SETS have 
finite complements. 


Zaslavskii Map 


The 2-D map 
Tn+1 = [En +1(1+uYn) + vpcos(2rz,)] (mod 1) 
Yn+1 =e [yn + ecos(272.)], 
where 
Pe et 
e T 


(Zaslavskii 1978). It has CORRELATION EXPONENT y = 
1.5 (Grassberger and Procaccia 1983) and CAPACITY 
DIMENSION 1.39 (Russell et al. 1980). 
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Zassenhaus-Berlekamp Algorithm 


Zassenhaus-Berlekamp Algorithm 
A method for factoring POLYNOMIALS. 


Zeckendorf Representation | 
A number written as a sum of nonconsecutive FI- 
BONACCI NUMBERS, 


where ej, are 0 or 1 and 
Ex€x+1 = 0. 


Every POSITIVE INTEGER can be written uniquely in 
such a form. 


see also ZECKENDORF’S THEOREM 


References 

Grabner, P. J.; Tichy, R. F.; Nemes, I.; and Pethó, A. “On 
the Least Significant Digit of Zeckendorf Expansions.” Fib. 
Quart. 34, 147-151, 1996. 

Vardi, I. Computational Recreations in Mathematica. Read- 
ing, MA: Addison-Wesley, p. 40, 1991. 

Zeckendorf, E. “Répresentation des nombres naturels par une 
somme des nombres de Fibonacci ou de nombres de Lucas.” 
Bull. Soc. Roy. Sci. Liége 41, 179-182, 1972. 


Zeckendorf’s Theorem 

The SEQUENCE {Fn — 1} is COMPLETE even if restricted 
to subsequences which contain no two consecutive terms, 
where Fn is a FIBONACCI NUMBER. 


see also FIBONACCI DUAL THEOREM, ZECKENDORF 
REPRESENTATION 
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Zeeman’s Paradox 

There is only one point in front of a PERSPECTIVE draw- 
ing where its three mutually PERPENDICULAR VANISH- 
ING POINTS appear in mutually PERPENDICULAR direc- 
tions, but such a drawing nonetheless appears realistic 
from a variety of distances and angles. 


see also LEONARDO’S PARADOX, PERSPECTIVE, VAN- 
ISHING POINT 
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Zeilberger’s Algorithm 1963 


Zeilberger’s Algorithm 

An ALGORITHM which finds a POLYNOMIAL recurrence 
for a terminating HYPERGEOMETRIC IDENTITIES of the 
form 


5 G TÉ, (ain + aik + a’)! a 
AR) TIE, (bin + bk + 8)! 
¿Mes (an + a)! 
To, (bin + bi) 


=P 
T , 


— 


Th 


v) is a BINOMIAL COEFFICIENT, ai, aj, Gi, bi, 
b., bi are constant integers and a’, ai, bi’, bi, C, x, and 
z are complex numbers (Zeilberger 1990). The method 
was called CREATIVE TELESCOPING by van der Poorten 
(1979), and led to the development of the amazing ma- 
chinery of WILF-ZEILBERGER PAIRS. 


where ( 


see also BINOMIAL SERIES, GOSPER’S ALGORITHM, HY- 
PERGEOMETRIC IDENTITY, SISTER CELINE’S METHOD, 
WILF-ZEILBERGER PAIR 
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1964 Zeisel Number 

Zeisel Number 

A number N = pip2:--pr (where the pis are distinct 
PRIMES) such that 


with A and B constants and po = 1. For example, 
1885 = 1-5-13-29 and 114985 = 1-5-13.- 29-61 
are Zeisel numbers with (A, B) = (2,3). 
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Zeno’s Paradoxes 
A set of four PARADOXES dealing with counterintuitive 
aspects of continuous space and time. 


1. Dichotomy paradox: Before an object can travel a 
given distance d, it must travel a distance d/2. In 
order to travel d/2, it must travel d/4, etc. Since this 
sequence goes on forever, it therefore appears that 
the distance d cannot be traveled. The resolution of 
the paradox awaited CALCULUS and the proof that 
infinite GEOMETRIC SERIES such as >, (1/2)* = 1 
can converge, so that the infinite number of “half- 
steps” needed is balanced by the increasingly short 
amount of time needed to traverse the distances. 


2. Achilles and the tortoise paradox: A fleet-of-foot 
Achilles is unable to catch a plodding tortoise which 
has been given a head start, since during the time 
it takes Achilles to catch up to a given position, the 
tortoise has moved forward some distance. But this 
is obviously fallacious since Achilles will clearly pass 
the tortoise! The resolution is similar to that of the 
dichotomy paradox. 


3. Arrow paradox: An arrow in flight has an instanta- 
neous position at a given instant of time. At that 
instant, however, it is indistinguishable from a mo- 
tionless arrow in the same position, so how is the 
motion of the arrow perceived? 


4, Stade paradox: A paradox arising from the assump- 
tion that space and time can be divided only by a 
definite amount. 
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Zermelo-Fraenkel Axioms 


Zermelo’s Axiom of Choice 
see AXIOM OF CHOICE 


Zermelo-Fraenkel Axioms 

The Zermelo-Fraenkel axioms are the basis for 
ZERMELO-FRAENKEL SET THEORY. In the following, 
J stands for EXISTS, € for “is an element of,” V for FOR 
ALL, => for IMPLIES, > for NOT (NEGATION), A for AND, 
V for OR, = for “is EQUIVALENT to,” and S denotes the 
union y of all the sets that are the elements of z. 


1. Existence of the empty set: drVu-(u € x). 

2. Extensionality axiom: VzrVy(Vu(u €  2U € y) > 
x= y). 

3. Unordered pair axiom: VzVydzVu(u € z= u=a2Vv 
u = y). 

4. Union (or “sum-set”) axiom: VaedyVu(u € y = 
J(u Ev AvE 2£)). 

5. Subset axiom: YrJyYuļu € y = Volv € u>E 

6. Replacement axiom: For any set-theoretic formula 
A(u, v), 


VuVoVw(A(u,v) A Afu, w) > v = w) 
> VilyVu(v € y = Ju(u € z A A(u, v))). 


7. Regularity axiom: For any set-theoretic formula 
A(u), ae A(z) > Iz( A(x) AIY(Aly) A y € 2)). 
8. AXIOM OF CHOICE: 


VilVulu € x > Jv(v € u)) 
AVuVu((ue cAverAn~u= v) 
> adw(w € u Aw € v)) > Jy[y C S(x) 
AVulu € x +>JIzx(2€6UAzZE y 
AVwlíw E uAwE€ y > w= 2))))) 


9. Infinity axiom: Jr(3u(u € x) AVu(u € z > dv(v € 
Au CuA = u))). 


If Axiom 6 is replaced by 


6’. Axiom of subsets: for any set-theoretic formula A(u), 
VedyVu(u € y © u € z A Alu)), 


which can be deduced from Axiom 6, then the set theory 
is called ZERMELO SET THEORY instead of ZERMELO- 
FRAENKEL SET THEORY. 


Abian (1969) proved CONSISTENCY and independence 
of four of the Zermelo-Fraenkel axioms. 


see also ZERMELO-FRAENKEL SET THEORY 
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Zermelo-Fraenkel Set Theory 


Zermelo-Fraenkel Set Theory 

A version of SET THEORY which is a formal system 
expressed in first-order predicate LoGic. Zermelo- 
Fraenkel set theory is based on the ZERMELO-FRAENKEL 
AXIOMS. 


see also LOGIC, SET THEORY, ZERMELO-FRAENKEL 
AXIOMS, ZERMELO SET THEORY 


Zermelo Set Theory 
The version of set theory obtained if Axiom 6 of 
ZERMELO-FRAENKEL SET THEORY is replaced by 


6’. Axiom of subsets: for any set-theoretic formula A(u), 
VidyVu(uEy=uEzXNAMA(u)), 


which can be deduced from Axiom 6. 
see also ZERMELO-FRAENKEL SET THEORY 
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Zernike Polynomial 
ORTHOGONAL POLYNOMIALS which arise in the expan- 
sion of a wavefront function for optical systems with cir- 
cular pupils. The ODD and EVEN Zernike polynomials 
are given by 

sin 2 om 


= Ra (P) ¿ (Mé) (1) 


with radial function 


(n—m)/2 
Fie ei A A 
R= rm E TP 


(2) 


for n and m integers with n > m > 0 and n — m EVEN. 
Otherwise, 

Ry (p) = 0. (3) 
Here, ¢ is the azimuthal angle with 0 < $ < 27 and p 
is the radial distance with 0 < p < 1 (Prata and Rusch 


1989). The radial functions satisfy the orthogonality 
relation 


J Rr (p) Rp (p)p dp = yen (4) 


where 6;; is the KRONECKER DELTA, and are related to 
the BESSEL FUNCTION OF THE FIRST KIND by 


if Rn (0) Im(vp)e dp = Eom on) (5) 
0 


v 


(Born and Wolf 1989, p. 466). The radial Zernike poly- 
nomials have the GENERATING FUNCTION 


[1 +z — 4/1- 2z(1 — 2p?) + 22]" SR (o), 
== RÈ s\P 
(2zp)™4/1 — 2z(1 — 2p?) + 2? eae +2 


(6) 


Zernike Polynomial 1965 
and are normalized so that 
m ayei (7) 


(Born and Wolf 1989, p. 465). The first few NONZERO 
radial polynomials are 


Ro(p) = 1 

Ri(p) = 

R3(p) = 2p° —1 
R3(p) =p” 

R3(p) = 3p” — 2p 
R3(p) = p 


Ra(p) = 6p" — 6p" +1 
Ri(p) = 4p" — 3p" 
Ri(p) =p" 


(Born and Wolf 1989, p. 465). 


The Zernike polynomial is a special case of the JACOBI 
POLYNOMIAL with 


poa) = y EA (8) 
and 
=1-2p (9) 
B=0 (10) 
a=m (11) 
n= i(n- n). (12) 


The Zernike polynomials: also'satisfy the RECURRENCE 
RELATIONS 


REO) = 3 y [nt m+ DRR) 
+n- m) RETE) (13) 
Raa = ppa a | [et De EZ 
-Comia NS 
m-+1 a 


(Prata and Rusch 1989). The coefficients A,” and Bẹ 
in the expansion of an arbitrary radial function F(p, ¢) 
in terms of Zernike polynomials 


= Y) [AR "Un (0,6) + Br “Ur (0,6) 
m=0n=m 


(16) 


1966 Zernike Polynomial 


are given by 


n= E, [ IM F(p.8) emo e) pad dp 


(17) 
where 
e =(= 4 form =0,n 40 (18) 
“ 1 otherwise 
Let a “primary” aberration be given by 
P = aimn Yi ™ (0,4)p" cos™ 8 (19) 


with 24 + m +n = 4 and where Y* is the COMPLEX 
CONJUGATE of Y, and define 


Aimn = aimn Yr *™ (0,6); (20) 


giving 


1 m 
$ = ——z AimnR,, (p) cos(mé). (21) 


Enm 


Then the types of primary aberrations are given in the 
following table (Born and Wolf 1989, p. 470). 


Aberration l mn A A’ 

spherical 0 4 O Abp? cAoso RY (p) 
aberration 

coma 0 3 1 Ab} p?cosð Aoz: Ri(p) cos 6 

astigmatism 0 2 2 Aj 2p? cos?0 Aoz2R3(p)cos(28) 

field curvature 1 2 0 Alp? eA120R2(p) 

distortion 1 1 1  Aj,,pcosÓ A111 Ri (p) cos 6 


see also JACOBI POLYNOMIAL 
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Zero 


Zero 

The INTEGER denoted 0 which, when used as a counting 
number, means that no objects are present. lt is the only 
INTEGER (and, in fact, the only REAL NUMBER) which 
is neither NEGATIVE nor POSITIVE. A number which is 
not zero is said to be NONZERO. 


Because the number of PERMUTATIONS of 0 elements is 
1, 0! (zero FACTORIAL) is often defined as 1. This def- 
inition is useful in expressing many mathematical iden- 
tities in simple form. A number other than 0 taken to 
the POWER 0 is defined to be 1. 0° is undefined, but 
defining 0° = 1 allows concise statement of the beauti- 
ful analytical formula for the integral of the generalized 
SINC FUNCTION 


oa 1=e/ 43 l(a—b)/2] 
/ sin ay = T Es) 

o z 20e(b— 1)! 
¡a/2|-c 


Ss (1* 


given by Kogan, where a > b > c, c =a-—b (mod 2), 
and |x| is the FLOOR FUNCTION. 


(o) (a — 2k)”*[In(a — 2k)]° 


The following table gives the first few numbers n such 
that n* contains no zeros, for small k. The largest known 
n for which 2” contain no zeros is 86 (Madachy 1979), 
with no other n < 4.6 x 107 (M. Cook), improving the 
3.0739 x 10’ limit obtained by Beeler et al. (1972). The 
values a(n) such that the positions of the right-most 
zero in 2%”) increases are 10, 20, 30, 40, 46, 68, 93, 95, 
129, 176, 229, 700, 1757, 1958, 7931, 57356, 269518, ... 
(Sloane’s A031140). The positions in which the right- 
most zeros occur are 2, 5, 8, 11, 12, 13, 14, 23, 36, 38, 
54, 57, 59, 93, 115, 119, 120, 121, 136, 138, 164, ... 
(Sloane's A031141). The right-most zero of 2781:717-865 
occurs at the 217th decimal place, the farthest over for 
powers up to 2.5 x 10°. 


Sloane at n* contains no Os 


an 
3 
un 
= 
A 
-x 
et 
o 


2 007377 1, 2, 3, 4, 5, 6, 7, 8, 9, 13, 14, 15, 16 

3 030700 1, 2, 3, 4, 5, 6, 7, 8, 9, 11, 12,13, 14, ... 
4 030701 1, 2,3, 4,7, 8, 9, 12, 14, 16, 17, 18,... 

5 008839 1, 2, 3, 4,5, 6, 7, 9, 10, 11, 17, 18, 30,... 
6 030702 1, 2, 3, 4,5, 6, 7, 8, 12, 17, 24, 29, 44,.. 
7 030703 1, 2, 3, 6, 7, 10, 11, 19, 35,... 

8 030704 1, 2, 3, 5, 6, 8, 9, 11, 12, 13, 17, 24, 27,... 
9 030705 1, 2, 3, 4, 6, 7, 12, 13, 14, 17, 34,... 

11 030706 1, 2, 3, 4, 6, 7, 8, 9, 12, 13, 14, 15, 16, ... 


e 
~ 
$ 


While it has not been proven that the numbers listed 

above are the only ones without zeros for a given base, 

the probability that any additional ones exist is van- 

ishingly small. Under this assumption, the sequence of 

largest n such that k” contains no zeros for k = 2, 3, 
. is then given by 86, 68, 43, 58, 44, 35, 27, 34, 0, 41, 
. (Sloane’s A020665). 


Zero Divisor 


see also 10, NAUGHT, NEGATIVE, NONNEGATIVE, NON- 
ZERO, ONE, POSITIVE, Two 
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Zero Divisor 

A NONZERO element x of a RING for which z + y = 0, 
where y is some other NONZERO element and the vec- 
tor multiplication æ - y is assumed to be BILINEAR. A 
RING with no zero divisors is known as an INTEGRAL 
DOMAIN. Let A denote an R-algebra, so that A is a 
VECTOR SPACE over R and 


AxAOA 


(z, y) œ T: y. 
Now define 


Z = {z€ A:x-y=0 for some NONZERO y € A}, 


where 0 € Z. A is said to be m-ASSOCIATIVE if there 
exists an m-dimensional SUBSPACE S of A such that 
(y-x)-z=y-(«“-z) for all y, 2 € A and z € S. Ais said 
to be TAME if Z is a finite union of SUBSPACES of A. 
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Zero (Root) 
see ROOT 


Zero-Sum Game | 
A GAME in which players make payments only to each 
other. One player’s loss is the other player’s gain, so the 
total amount of “money” available remains constant. 


see also FINITE GAME, GAME 
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Zeta Fuchsian 


A class of functions discovered by Poincaré which are 
related to the AUTOMORPHIC FUNCTIONS. 


see also AUTOMORPHIC FUNCTION 


Zigzag Permutation 1967 


Zeta Function 

A function satisfying certain properties which is com- 
puted as an INFINITE SUM of NEGATIVE POWERS. The 
most commonly encountered zeta function is the RIE- 
MANN ZETA FUNCTION, 


¢(n) 


1 
Y 
k=i 


see also DEDEKIND FUNCTION, DIRICHLET BETA 
FUNCTION, DIRICHLET ETA FUNCTION, DIRICHLET 
L-SERIES, DIRICHLET LAMBDA FUNCTION, EPSTEIN 
ZETA FUNCTION, JACOBI ZETA FUNCTION, NINT ZETA 
FUNCTION, PRIME ZETA FUNCTION, RIEMANN ZETA 
FUNCTION 
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Zeuthen’s Rule 

On an ALGEBRAIC CURVE, the sum of the number of 
coincidences at a noncuspidal point C is the sum of the 
orders of the infinitesimal distances from a nearby point 
P to the corresponding points when the distance PC is 
taken as the principal infinitesimal. 
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Zeuthen’s Theorem 

If there is a (v,v’) correspondence between two curves 
of GENUS p and p’ and the number of BRANCH POINTS 
properly counted are @ and 3’, then 


B+ 2v'(p—1) =P" + 2v(p' — 1). 


see also CHASLES-CAYLEY-BRILL FORMULA 
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Zig Number 

An ODD ALTERNATING PERMUTATION number, more 
commonly called an EULER NUMBER or SECANT NUM- 
BER. 


see also ALTERNATING PERMUTATION, EULER NUM- 
BER, ZAG NUMBER 


Zig-Zag Triangle 


see also SEIDEL-ENTRINGER-ARNOLD TRIANGLE 


Zigzag Permutation 
see ALTERNATING PERMUTATION 


all about crystal sets 


Hold L1 behind the panel and using the free end of the 
rod, locate the panel hole. Position L1 midway between Cl 
and C2, and make sure that the top edge of the coil is 
below the top of the panel. Drill a hole to fit the rod 
bushing in the panel hole location. The panel bushing in 
our model was removed from a discarded volume control. 


Drill a hole to fit the bushing in one end of a 2-inch by 
1/2-inch section of sheet aluminum. Bend the other end of 
the section to fit against the flat side of the rod. 
Install the metal section and the bushing in the panel 
hole. 


Insert the rod into the bushing and make sure that the 
metal section end fits close to the flat side to prevent 
rotation of the rod. Install a knob on the rod end and 
make sure that the rod can be pushed in and out easily. 
If necessary, put a small amount of grease on the flat 
Side of the rod, 


Install the remaining spiderweb coil L2 on a wood section 
that is mounted on the rear of the panel with two 
spacers. The spacers should be long enough for L2 to be 
located 1/4-inch behind L1 with the rod pushed all the 
way in. The 5 1/2-inch by 1-inch by 1/4-inch wood section 
in our model is supported with screws installed through 1 
1/2-inch metal spacers into tapped holes in the rear of 
Ci and C2. The screws and bushings can be made longer and 
mount into panel holes in your receiver: 


Install a wood section on the bottom rear of the panel to 
keep the receiver upright. A 5-inch by 3-inch section of 
1/4-inch thick wood is used in our receiver. 


SET WIRING 


Connect the receiver components with hookup wire as shown 
in the illustration and schematic diagram. Use flexible 
stranded wire for connections to Ll. Make sure that the 
Li leads do not touch any component as the variable 
coupling rod is moved in and out. 


Install knobs on Cl, C2, and the variable coupling rod. 
Then place the crystal in the detector assembly. 
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1968 Zillion 
Zillion | 
A generic word for a very LARGE NUMBER. The term 
has no well-defined mathematical meaning. Conway and 
Guy (1996) define the nth zillion as 10%7?** in the Ameri- 
can system (million = 10°, billion = 10°, trillion = 10*?, 
..) and 10%” in the British system (million = 10°, 
billion = 10*?, trillion = 10°, ...). Conway and Guy 
(1996) also define the words n-PLEX and n-MINEX for 
10” and 10”, respectively. 


see also LARGE NUMBER 
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Zipf”s Law 

In the English language, the probability of encountering 
the rth most common word is given roughly by P(r) = 
0.1/r for r up to 1000 or so. The law breaks down for less 
frequent words, since the HARMONIC SERIES diverges. 
Pierce's (1980, p. 87) statement that X` P(r) > 1 for 
r = 8727 is incorrect. Goetz states the law as follows: 
The frequency of a word is inversely proportional to its 
RANK r such that 


1 


P(r) ~ rin(1.78R)’ 


where R is the number of different words. 


see also HARMONIC SERIES, RANK (STATISTICS) 
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Zollner’s Illusion 


In this ILLUSION, the VERTICAL lines in the above figure 
are PARALLEL, but appear to be tilted at an angle. 


see also ILLUSION 
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Zonal Harmonic 

A SPHERICAL HARMONIC which is a product of factors 
linear in x”, y*, and z*, with the product multiplied by 
z when n is ODD. 


see also TESSERAL HARMONIC 


Zonohedron 


Zone 


The SURFACE AREA of a SPHERICAL SEGMENT. Call the 
RADIUS of the SPHERE R, the upper and lower RADII 
b and a, respectively, and the height of the SPHERICAL 
SEGMENT h. The zone is a SURFACE OF REVOLUTION 
about the z-AXIS, so the SURFACE AREA is given by 


s=2m |a 1+ 2 dz. (1) 
In the xz-plane, the equation of the zone is simply that 
of a CIRCLE, 
a= y R? — 2, (2) 
SO 
r = ~-2(R?- 22)? (3) 
2 
12 zZ 
r = page (4) 
and 
4/R2—p2 2 
s= an | y R? — z? L+ ap ee 
V R2—a2 -7 
4/ R? —b2 
= 2R | dz = 27R(y R? — b? — y R? - a?) 
R? —a02 
= 2r Rh. (5) 


This result is somewhat surprising since it depends only 
on the height of the zone, not its vertical position with 
respect to the SPHERE. 


see also SPHERE, SPHERICAL CAP, SPHERICAL SEG- 
MENT, ZONOHEDRON 
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Zonohedron 

A convex POLYHEDRON whose faces are PARALLEL-sided 
2m-gons. There exist n(n — 1) PARALLELOGRAMS in a 
nonsingular zonohedron, where n is the number of differ- 
ent directions in which EDGES occur (Ball and Coxeter 


Zonotype 


1987, pp. 141-144). Zonohedra include the CUBE, EN- 
NEACONTAHEDRON, GREAT RHOMBIC TRIACONTAHE- 
DRON, MEDIAL RHOMBIC TRIACONTAHEDRON, RHOM- 
BIC DODECAHEDRON, RHOMBIC ICOSAHEDRON, RHOM- 
BIC TRIACONTAHEDRON, RHOMBOHEDRON, and TRUN- 
CATED CUBOCTAHEDRON, as well as the entire class of 
PARALLELEPIPEDS. 


Regular zonohedra have bands of PARALLELOGRAMS 
which form equators and are called “ZONES.” Ev- 
ery convex polyhedron bounded solely by PARALLELO- 
GRAMS is a zonohedron (Coxeter 1973, p. 27). Plate 
II (following p. 32 of Coxeter 1973) illustrates some 
equilateral zonohedra. Equilateral zonohedra can be 
regarded as 3-dimensional projections of n-D HYPER- 
CUBES (Ball and Coxeter 1987). 


see also HYPERCUBE 
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Zonotype 
The MINKOWSKI SUM of line segments. 


Zorn’s Lemma 

If S is any nonempty PARTIALLY ORDERED SET in 
which every CHAIN has an upper bound, then S has 
a maximal element. This statement is equivalent to the 
AXIOM OF CHOICE. 


see also AXIOM OF CHOICE 


Zsigmondy Theorem 

If 1 < 6 < aand (a,b) = 1 (i.e., a and b are RELATIVELY 
PRIME), then a” — b” has a PRIMITIVE PRIME FACTOR 
with the following two possible exceptions: 


jy an ae 
2. n=2 and a + b is a POWER of 2. 


Similarly, if a > b > 1, then a” + b” has a PRIMITIVE 
PRIME FACTOR with the exception 2* + 1% = 9. 
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Zsigmondy Theorem 
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Mathematical Astrology 


CHAPTER 1 
ASTROLOGICAL TERMINOLOGY -1 


Under this topic 'Astrological Terminology' we propose to discuss and acquaint our students with various 
terms and their meaning, definition, etc. commonly used in astrology, particularly those used in 
mathematical Astrology. In addition, certain astronomical terminology will also be discussed in these 
lessons, to the extent these are used in mathematical astrology. The various terminology with which the 
students are expected to be familiar are as follows 

The solar system. 

The earth 

The equator of the earth 

Northern hemisphere, and southern hemisphere. 

Geographical longitudes (Rekhansha) & Geographical latitudes (Akshansha) 

Meridian of Greenwich as reference point at the earth's equator 

Celestial sphere or the cosmic sphere 

Celestial poles 

9. Celestial Equator 

10. Ecliptic or the Ravi Marga 

11. Zodiac 

12. Celestial longitude (Sphuta) 

13. Celestial latitude (Vikshepa) 

14. Declination (Kranti) 

15. Right ascension (Dhruva) 

16. Oblique ascension or Rashimaan 

17. Equinoctial points 

18. Precession of the equinoxes and Ayanamsha 

19. Moveable and fixed zodiacs 

20. The Sayana and Nirayana system 

21. The Table of Ascendants 

22. The Table of Houses 

23. The Ephemeris 


2 A AS 


We will now take the above mentioned terms and discuss these one by one so as to make these terms 
clear to the students. It may however be mentioned here: that a large number of the above mentioned 
terms are quite simple and self explanatory. Most of the students, particularly those who have studied the 
geography as a subject during their school education, would be familiar with the terms mentioned above. 
Nevertheless we. will discuss and explain all the above mentioned terms in a systematic manner so that 
the very concept of these terms 1s understood by the students. 

1. The Solar System 

Our Solar System is centered round the Sun. Nine planets viz. Mercury, Venus, Earth, Mars, Jupiter, 
Saturn, Uranus (or Herschel), Neptune and Pluto alongwith belt of Asteroids revolves in elliptical orbits 
around the Sun. 

In Hindu Astrology, the last three planet 1. e. Uranus (or Herschel), Neptune and Pluto have no place. On 
the other hand the classical Hindu Astrology recognizes the Moon and the two shadowy planets 1. e. Rahu 
and Ketu (or the Moon's Nodes) as equivalent to planets. Rahu and Ketu are not physical bodies but are 
mathematically calculated sensitive points of intersection of the orbits of the Moon and the Sun (or in fact 
that of the Earth but which appears to be that of the Sun). 


1.1 The planets Mercury and Venus are situated in the space between the Sun and the Earth. These 
planets are therefore known as 'Inner Planets'. These are also known as ‘Inferior Planets’. 


Figure 1 


1.2 The other three planets namely Mars, Jupiter and Saturn are so situated in the space that their orbits 
are on the outer side of the Eallh. These Planets are therefore known as 'Outer Planets’ or 'Superior 
Planets’. 


2. The Earth 

The Earth 1s ever spinning on its axis. In addition to its spinning, the earth is also revolving round the sun. 
It is therefore always in a state of motion in the space at a speed of nearly 30 kms per second or 1,600 
kms a minute or 96,60,00,000 kms per year. 


2.1 In early times, the earth was believed to be the centre of universe or our solar system. It was thought 
that the Sun, the Moon and other planets (stars) actually revolved around the earth, as they appear to do. 
But now we know that the earth is a globe, that it rotates or spins on its axis and the Sun and stars appear 
to revolve around it from east to west, because the earth is revolving around its axis from west to east. 
This phenomenon can be best explained with the example of a moving train. When we look out side the 
window from a running train, the trees at a distance or the telephone poles, electric posts and other similar 
objects appear to be moving in the opposite direction to that of the train, which actually is not correct. We 
know that the trees, the telephone poles, the electric posts etc., all are fixed at a place. Similarly living on 
the earth's surface, we also keep on moving in the space with the same speed as that of the earth. The sun 
which is actually stationary would appear to us to be moving in the opposite direction to that of the earth. 
As the earth is moving from west to east, the Sun and other stars in the space will appear to be moving in 
the opposite direction 1. e. from east to west. This 1s what we actually observe also. 


2.2 The axis of the Earth slants at an angle of about 231;1° from the perpendicular to the plane of its 
orbit. If the plane of orbit of earth is treated as horizontal, then perpendicular to this lane will be known as 
vertical and then the axis of earth can be stated to be slanting at an angle of about 231;2° (23 degrees 28 
minutes to be precise) to the vertical. 


Figure 2 


The axis of the earth is so inclined that the northern end of the axis always points to the Pole Star or 
commonly known as Dhruv Tara. Where the northern and southern end of the axis of earth meet the 
surface of the earth, those points are known as North and South Poles of the earth, respectively. 


3. The Equator of the Earth 

If we draw a plane passing through the centre of the earth and perpendicular to the earth's axis, it will cut 
the surface of the earth in a circle. This great circle on the surface of the earth is known as the Earth's 
Equator or terrestrial Equator. 


Figure 3 


4. Northern and Southern Hemisphere 

We know that the globe of the earth is not a perfect sphere like a ball. In fact the earth's diameter along 
the equator is larger than its diameter along the axis due to the fact that the earth 1s slightly flattened at the 
poles where as it is slightly bulging out at the equator. The shape of the Earth is comparatively more 
similar to that of an orange or a melon rather than that of a perfect sphere. Even then, for easy 
comprehension/calculations and understanding the various phenomenon, we consider the earth's globe to 
be a perfect sphere, though it is actually not so. In Para 1.6 above we have seen that the imaginary plane 
cuts the earth's surface in a great circle known as earth's equator. However, if the same plane was to cut 
the earth's globe (or the sphere) into two parts, each part will be exactly half of the sphere and will 
therefore be known as the Hemisphere. The hemisphere towards the North end of the axis of the earth is 
known as Northern Hemisphere. Similarly the hemisphere towards the south end of the axis of the eal lh 
is known as Southern Hemisphere. Figure 4 illustrates the above phenomenon clearly where in the two 
halves of the earth's globe have been shown separated at the plane of the earth's equator. 


Figure 4 


5. Geographical Longitudes (Rekhansha) and Geographical Latitudes (Akshansha) 

In order to fix the position of an object or a point on a plane, we have to divide the plane by drawing two 
sets of parallel lines at equal intervals perpendicular to each other. A graph paper which all of us would 
have used in our school days, is a good example to understand this phenomenon. In the adjacent figure 5 
we have two sets of parallel lines which are at equal intervals and at the same time are perpendicular to 
each other, 1. e. to say that all lines in N-S direction are perpendicular to all the Lines in W-E direction. 
Similarly all lines in W-E direction are parallel to each other but perpendicular to the lines in N-S 
direction. 'With the help of these equidistant parallel and perpendicular lines, we can correctly find the 
coordinates of any given point viz. A, B, C or D with reference to any given point of reference (say '0'). 
For example: 

For 'A' we can say 7 units in E direction and 7 units in N direction. 

For 'B' we can say 6 units in W direction and 5 units in N direction. 

For 'C' we can say 8 units in W direction and 8 units in S direction. and similarly 

For 'D' we can say 4 units in E direction and 5 units in S direction. 


Figure 5 


Alternatively, if the coordinates of any point are known, we can locate the point exactly on the plane by 
counting the number of units indicted by the coordinates, in the appropriate direction. The same concept 
is applied to the earth's surface also with slight modifications as the surface of the earth is not a perfect 
plane but is having curvature, the earth's globe being a sphere for all practical purposes. 


5.1 The surface of the earth's sphere is imagined to be cut by several planes each one of them passing 
through the centre of the earth and perpendicular to the plane of Earth's equator. These planes will 
describe imaginary circles on the surface of the earth so that each one of these imaginary circles will be 
passing through the North as well as the South pole of the earth and will have the same centre as that of 
the earth. The distance measured along the surface of the earth between any two such consecutive circles 
will be zero at both the poles (as all the circles will be passing through the poles) and will be maximum at 
the equator. These circles are known as the 'Meridians of Longitude’. These have been explained in the 
figure 6. 


Figure 6 


5.2 Again let us imagine the surface of the earth to be cut by imaginary planes which are all parallel to the 
plane of earth's equator. These planes will also describe circles on the surface of the earth and the centres 
of all such circles will be falling on the axis of the earth and each one of these circles will be parallel to 
each other as well as parallel to the earth's equator. These circles are known as parallels of Latitude. 


5.3 Students will recall that the 'meridians of longitudes' are nothing but concentric circles on the surface 
of the earth whose planes are all perpendicular to the plane of equator. Similarly, the ‘parallels of 
latitudes' are again circles on the earth's surface but with their planes parallel to the plane of earth's 
equator. It is therefore self evident that at any given point on the surface of earth, the meridian of 
longitude and the parallel of latitude will be mutually perpendicular to each other and will therefore 
intersect each other at right angles or 90°. 


5.4 Students are advised to re-read Para 1.8.1 to 1.8.3 above so that the application of the concept of 2 
sets of equidistant parallel lines, each set being mutually perpendicular to the other set (Para 1.8) could be 
properly understood by them to locate or identify any place or city on the surface of the earth. 


Figure 7 


5.5 We have already seen that the earth's equator 1s a circle. As any circle comprises of 3 60° of arc so the 
earth's equator will also have 360°. For easy comprehension, we may imagine that there are 180 numbers 
of concentric circles drawn on the surface of earth in such a way that their planes. are perpendicular to the 
plane of earth's equator. These 180 circles will describe 360 lines on the surface of earth (each circle will 
give two lines 1.e. one in the front and the other at the back) which as we already know (Para 1.8.1) are 
known as meridians of longitudes. Each of these 360 meridians of longitude will pass from both the poles 
of the earth and at equator will be 1 ° apart. The distance between any two consecutive lines measured 
along the surface of earth will be maximum at earth's equator which will go on decreasing as we proceed 
along these lines either towards North Pole or towards the South Pole where it will become 'Zero". 


5.6 We may also consider for easy comprehension that the circles which are known as the Parallels of 
Latitude are also 180 in numbers 1. e. 90 circles in the Northern Hemisphere and the remaining 90 circles 
in the southern Hemisphere so that the angular distance (angle substanded at the centre of earth) between 
any two consecutive circle is 1° again as in the case of Meridians of the longitudes. We will therefore, 
have a set of parallel lines at 1° angular distance apart running from E to W or W to E around the earth's 
globe all of which will be perpendicular to the Meridians of longitude (para 1.8.3). 


5.7 We can now super-impose the figures 6 and 7 and see that the new figure formed by merging or 
superimposing the two figures will have a graph like appearance drawn on the surface of the earth which 
by and large will be somewhat similar to figure 5. The only exception will be that the lines in N-S 


direction or the Meridians of longitudes will not be eactly parallel to each other in the true sense. 
However as the students may be aware that earth's globe has a circumference of about 40,232 kms or 
25,000 miles (approx.), the space of earth's surface covered between two consecutive lines of 1° angular 
distance in N-S as well as E-W directions will be roughly of the order of 110 kms x 110 kms or 69 miles 
x 69 miles. Hence we may consider them to be parallel for the place or city under consideration. 


Figure 8 


5.8 From the figure 8 above though it is clear that the meridians of longitudes are never exactly parallel 
in the strict sense, but as explained in para 1.2.5.7 for the limited spaces marked as 'A”, 'B', and 'C' on the 
earth's surface these meridians (shown by dotted arrows in the figure) are considered as parallel. 
Therefore the conditions of figure 5 in para 1.2.5.8 above are considered to have been fulfilled. 


5.9 Having drawn 2 sets of parallel lines at equal distance which are mutually perpendicular also, we are 
now set to locate any place on the surface of earth. We now only need to know its coordinates from a 
given reference point. In the context of earth's globe these coordinates are known as 'geographical 
longitudes' which are measured along the earth's equator either towards 'East' or 'West' from the reference 
point/line. The other coordinate being the geographical latitudes which are measured in perpendicular 
direction from earth's equator either towards 'North' or 'South' from the reference point or line. For the 
purpose of longitudes, the reference line or the reference meridian has been chosen as the meridian 
passing through Greenwich near London. This meridian 1.e. the meridian passing through Greenwich 1s 
considered as 0° longitude and the longitudes of all other places on earth is measured with reference to 
this meridian only either towards East or towards West. Hence all places, cities etc. on the surface of 
earth are located within either 0°E to 180°E longitude or 0°W to 180°W longitude. Similarly for the 
purposes of latitudes the reference line or parallel of latitude is the equator itself. The latitudes of all 
places, cities etc. situated on the surface of the earth are measured from the equator whose latitude is 0°, 
either towards North or South depending on whether the place is in Northern or Southern Hemisphere. 
Hence the latitudes vary from 0°N to 90°N for places in Northern Hemisphere and from 0°S to 90°S for 
places situated in Southern Hemisphere. Thus the point of intersection of 0° longitude 1.e. the Meridian of 
Greenwich with the Earth's Equator is considered as the reference point 'O' 


5.10 Students would have seen that the explanation for Geographical longitudes and latitudes have been 
dealt with in much greater detail and is quite exhaustive in its content. If the phenomenon is clear with 
reference to the earth's globe, students will find it easy to understand when the same is applied to the 
space and the planets, which is of our primary concern while talking about the Astrology. 


CHAPTER 2 
ASTROLOGICAL TERMINOLOGY II 


2.1 In the previous chapter we have seen how to locate or define a place on the earth's surface. We will 
now apply the similar principles to the space and see how to locate or define the position of various 
planets situated in the space. For this purpose, we will have to imagine that the entire space around our 
planet earth 1s a huge sphere with infinite diameter which extends far beyond the farthest of the planets 
with which we are concerned in Astrology. So living on this planet earth, the other planets in the space 
including the sun and the Moon would appear to us to be situated on the imaginary surface of this 
imaginary sphere. 


2.2 Celestial Sphere or the Cosmic Sphere 
The imaginary sphere in the space surrounding our entire Solar system, mentioned in Para 2.1 above, is 
known as the celestial sphere or the cosmic sphere. 


2.3 Celestial Poles 

If the Earth's axis is extended infinitely towards North and South, it will meet the imaginary surface of 
the cosmic sphere or the celestial sphere at some point. These points on the surface of cosmic sphere are 
known as the Celestial Poles and the extended axis becomes the imaginary axis of the celestial sphere. 


2.4 Celestial Equator 

The projection of earth's equator or the terrestria equator on the imaginary surface of the celestial sphere 
is known as the Celestial Equator. 

2.4.1 As the earth's equator divides the earth's globe into two halves, similarly the celestial equator 
divides celestial or cosmic sphee into two equal halves or hemispheres. These are known as Northern 
celestial hemisphere and the Southern celestial hemisphere. 


2.5 Ecliptic (Ravi Marg) 

The apparent path of the Sun in the space along which it seems to move around the earth is known as 
Ecliptic. This is also known as Ravi Marg. The Ecliptic or the Ravi Marg, like the orbits of other planets 
is not a circle but is elliptical or oval in shape. Ecliptic can also be defined as a projection of Earth's orbit 
around the Sun on to the surface of cosmic sphere. The plane of Ecliptic is inclined to the plane of 
celestial equator at an angle of about 23~ ° due to the slant! inclination of the earth's axis to the vertical. 
Figure 9 given below will clarify the position. 


Figure 9 of book 


2.6 Zodiac 

If one observes the movement of planets, it is seen that they also move in their own orbits along with the 
Sun's path, but their path deflects north-south also. However the planets never proceed more than 9° 
either north or south of the ecliptic. Hence if a parallel line on either side of the ecliptic is drawn at an 
angular distance of about 9° then the ecliptic will come in the middle and either side will be a broad 
band/path way in which all planets can be located. This imaginary belt/band stretching about 9° north and 
9° south of the ecliptic within which the planets and the Moon remain in course of their movement in the 
heavens, 1s known as Zodiac. In astrology we refer to this broad band of 18 ° instead of referring to the 
entire sky. 


2.7 Celestial Longitude (Sphuta) 
This is the arc of the ecliptic intercepted between the first point of Aries (Nirayana) and a perpendicular 
arc to the ecliptic drawn through the body (planet) and the poles of the ecliptic. In other words it can also 


be defined as the angular distance of any heavenly body (viz. planets etc.) measured in degrees along the 
ecliptic, in one direction from the origin (or the reference point - first point of Aries of the zodiacal sign 
or the vernal Equinox). The first point of Aries 1s different in Sayana and Nirayana system. Students 
will recall that in the case of Geographical longitudes, the measurement was along he terrestrial equator 
and it was either towards east or west from the Greenwich or the reference point or 0° longitude so that 
the maximum longitude of any place on the surface of earth could be either 180°E or 180°W. However in 
the case of Zodiac or to say the celestial sphere, the measurement of celestial longitude of any planet 
is in one direction only from the origin or the reference point. As such the celestial longitudes of various 
planets will be from 0° to 360° and in this case there is nothing like measuring towards east or west. 


2.8 Celestial Latitude (Jlikshepa) 
It is the angular distance across the celestial sphere measured north or south from the ecliptic along the 
great circle passing through the poles of the ecliptic and the object. 


2.9 Declination (Kranti) 
It is the angular distance on the celestial sphere north or south of the celestial equator. It is measured 
along the hour circle passing through the celestial object. 


2.10 Right Ascension (Dhruva) 
It 1s the angular distance on the celestial sphere measured eastward along the celestial equator from the 
vernal equinox to the hour circle passing through the celestial object. 


2.11 It is considered necessary here to clarify the position to the students with regard to Para 2.7 to 2.10 
above. While dealing with places on the surface of the earth we had only one system of coordinates viz. 
geographical longitudes in East-West direction and geographical latitudes in North-South direction. 
However in the case of heavenly bodies like planets etc., we have two different systems of coordinates. 
The first system of coordinates 1.e. celestial longitudes and latitudes is normally followed by the 
Astrologers where as the other system i.e. Right Ascension and Declination is followed by the 
Astronomers. In spite of there being two systems, the methodology adopted is by and large the same as is 
applicable to geographical longitudes and latitudes except that in the two systems mentioned above in 
context of celestial sphere the measurements along the Ecliptic as well as the celestial equator are 
unidirectional unlike towards east or west in the case of earth's equator. 


2.12 Secondly in the first system which is followed b . the Astrologers (celestial longitudes and celestial 
latitudes the measurements are along and perpendicular to the Ecliptic where as in the second system 
adopted by Astronomers 1. e. Right Ascension and declination, the measurements are along and 
perpendicular to the celestial equator. The figure give below will make the point clear to the students. 


Figure 10 of book 


Students may please see the figure 10 carefully. It depi a cosmic sphere or a celestial sphere on the 
surface of which a heavenly body e.g. Planet ‘P’ is situated. The other constituents of the figure are: 


(a) WOE Celestial equator 

(b) W¡OE; Ecliptic 

(c)NandS North and South poles of t celestial sphere or of the celestial equator. 
(d) N and S; North and South Poles of Ecliptic. 


(e) NPP2S One side of the great circle (or the hour circle or circle of declination) passing 


(f) N¡PP;S; 


(f) OP; 


(h) PP; 


(i) OP, 


(3) PP, 


through the planet P, and Poles N and S, perpendicular to the celestial equator 
and: intersecting it at point P» 

One side of the great circle passing through the Planet P Poles N,and S; of the 
Ecliptic and perpendicular to it (Ecliptic) and intersecting the ecliptic at P, 


Is the angular distance measured along the ecliptic or we can call this as 

Celestial longitude of planet P. 

is the angular distance measured perpendicular to the ecliptic. It is the celestial 
latitude of Planet P. As P is situated above the ecliptic in the Northern 
hemisphere the celestial latitude will be North. 

it is the angular distance measured along the celestial equator. It is therefore right 
ascension of planet P. 

It is the angular distance measured perpendicular to the celestial equator. It is 
therefore declination of Planet P. As the planet P is situated In the northern 
hemisphere, the declination 'of the planet will be North. 


2.13 Oblique Ascension (Rashimaan) 

Rashimaan means the rising periods of each of the twelve rashis or signs of the Zodiac. It is the time 
required taken by each Rashi to rise completely through its 30 degrees on the eastern horizon of any place 
on earth. The Rashimaans vary from Akshamsha to Akshamsha. These are always given in Sayana 
system 1. e. to say that the time of oblique ascension is computed for the signs of moveable Zodiac. For 
the present studens may remember the definition only. We will revert back to the subject when dealing 
with the traditional method of casting the horoscope. 


advanced projects 


OPERATION 


Connect antenna and ground leads to the receiver 
terminals. Plug in a set of 2000-ohm headphones into the 
panel phone jack. For easier initial operation of the 
receiver, temporarily connect a germanium diode (1N34A or 
equivalent) across the Dl connecting lugs. Make sure that 
the catwhisker is not touching the crystal at this time. 


Push the variable coupling rod half way in and tune Cl 
and C2 for a station. Adjust the variable coupling rod 
and retune C1-C2 for best reception. Check operation over 
the entire broadcast band. It may be necessary to add or 
subtract turns of wire on Ll-L2 for complete coverage. 
After checking operation with the germanium diode, remove 
it and try using the catwhisker crystal detector. 


List of Materials 


C1,C2 - 365 mmf variable capacitor. 
Dl - Catwhisker crystal detector 
assembly. 
L1,L2 - Spiderweb coils (see 
text). 
2 - Terminals. 
1 - Phone jack. 
PHONES - 2000-ohm headphones, 
MISC.- Plastic sheet for spiderweb coils, solder lugs, 
machine screws and nuts, wood screws, hookup wire. 
CONSTRUCTION MATERIALS (See Text), 
A - knob 
- Panel 
- Bushing 
- Aluminum section 
- Rod 
Wood section 
- Setscrew 
- L1 coil form 
- Wood section 
- Spacers (2) 
- Wood section 


E 


QHT OH UQA w 
[ 


41 


CHAPTER 3 
ASTROLOGICAL TERMINOLOGY III 


3.1 Equinoctial Points 

In the celestial sphere the ecliptic intersects the equator at two points because the Sun crosses the celestial 
equator twice a year. These two points are known as Equinoctial points or Equinoxes, because when Sun 
is at either of these two points, the duration of day and night on earth will be equal. 

3.1.1 When the sun crosses the celestial equator on its way from southern hemisphere to northern 
hemisphere that equinoctial point is known as the Spring or Vernal equinox. At that time the 'Sayana' 
longitude of the sun is 0°. Similarly when the Sun, continuing its sojourn of the heavens again crosses the 
celestial Equator on its way from northern hemisphere to southern hemisphere, that Equinoctial point is 
known as Autumnal Equinox. At that moment the Sayana longitude of the sun is 180°. Now-a-days the 
Sun is at Vernal Equinox on or around 21st March and at Autumnal Equinox on 23rd September, each 
year. 


3.2 Precession of the Equinoxes 

It has been observed and can be proved mathematically that the vernal equinox or the first point of Aries 
from where the longitudes (Sayana or Tropical) of all the planets are measured along the ecliptic is not a 
fixed point. Each year when the Sun reaches the vernal equinox, the position of earth with reference to 
some fixed star shifts by 50//3” of arc west wards compared to position at equinoctial moment of the 
previous year. Therefore the vernal (Equinox (VE.) point is receding back along the ecliptic at the rate of 
about 50//3” per year. This slight retrograde motion of the equinoxes is known as the precession of the 
equinoxes. 


3.3 Moveable and fixed Zodiacs 

Due to precession of equinoxes, the V.E. slips backwards from its original position (recognised as star 
Revati by the Hindus). The Zodiac which reckons the first degree of Aries (Mesha) from the VE. (which 
has a precession every year) 1s known as the Moveable Zodiac, while in the case of the Fixed Zodiac, the 


first degree of Aries (Mesha) is reckoned from a particular star in the Revati group of stars, which is 
fixed. 


3.4 Ayanamsha 

The angular distance measured along the Ecliptic, between the first point from where the fixed Zodiac 
commences and the VE. point, at an Epoch is known as Ayanamsha. The exact period when the point of 
beginning of both the Zodiacs 1. e. the Moveable Zodiac and the Fixed Zodiac coincided, is not known. 
Accordingly the Ayanamsha or the precessional distance varies from 19° to 24°. A number of dates are 
given as the year of coincidence. However, we follow the year as given by N.C. Lahiri in his Ephemeries 
1.e. 285 AD. which is same as adopted by the astronomical observatories all over India. 

3.5 The Sayana and Nirayana Systems 

The system of Astronomy which recognises the Moveable Zodiac, belongs to Sayana school while that 
which considers the fixed zodiac is termed as the Nirayana system. The Sayana system is used by the 
western astrologers where as the Hindu Astrologers use the Nirayana system. There are different names 
prevalent for the two types of Zodiacs which are as follows: 


(a) Moveable Zodiac is also known as Tropical Zodiac, Sayana Zodiac and the Zodiac of Signs. 
(b) Fixed Zodiac is also known as Sidereal Zodiac, Nirayana Zodiac and the Zodiac of 
Constellations. 


3.6 Determination of Approximate Ayanamsha 
Though we must always use the Ayanamsha for any Epoch as given in the Ephemeries of N.C. Lahiri, we 
can roughly work out the value of Ayanamsha by following the method given below: 


(a) Subtract 285 from the year of the birth or the given year (A.D.) 
(b) Multiply the remainder by 50 X" and reduce the product into degrees, minutes and seconds. 


Example: Ayanamsha for the year 2002 can be worked out as follows : 
2002 - 285 =1717 

Multiply by 50 1/3"= 1717 x 50 1/3” = or 86422.33" 

Approximate Ayanamsha = 24°-0'-22".33 


3.7 Sign 
The zodiac consists of 360 degrees. This is divided into 12 equal sectors each of 3 0° and each sector is 
called a 'Sign' or a 'Rash1'. The twelve signs/rashis of the zodiac their Names, Lords, etc. are as follows: 


ARIES MESHA MARS 
TAURUS VRISHA  |30%to60 | VENUS 


GEMINI MITHUNA | 60°to 90° | MERCURY 


6. | VIRGO | KANYA__|[ 150° to 180° | MERCURY | 
8. | SCORPIO  |VRISCHIKA | 210° to 240° | MARS | 
9. | SAGITTARIUS | DHANU | 240° to 270° | JUPITER | 


3.8 Nakshatras or Stars/Constellations 

The Hindus have yet another division of the Zodiac. In this system the entire zodiac is divided into 27 
equal parts of 13°20' each. These divisions are called Nakshatras or stars or Constellations or Asterisms. 
Their names, extension in the zodiac, their lords etc. are as follows : 


l. Ashwini 0° to 13°20' Mesha 0° to KETU 7 
Mesha 13°20' 

2. Bharani 13°20' to 26°40' Mesha 13°20' to VENUS 20 
Mesha 26°40' 

3. Krittika 26°40' to 40° Mesha 26°40' to SUN 6 
Vrisha 10° 

4. Rohini 40° to 53°20' Vrisha 10° to MOON 10 
Vrisha 23°20' 

5. | Mriga~hira 53°20' to 66°40' Vrisha 23°20' to MARS 7 
M:ithuna 6°40' 

6.  Ardra 6640" to 80° Mithuna 6°40' to RAHU 18 
Mithuna 20° 


E Punarvasu 80° to 93°20' Mithuna 20° to JUPITER 16 


10. 


11. 


12: 


13. 


14. 


15. 


16. 


17. 


18. 


19. 


20. 


ZA 


22; 


22: 


24. 


25. 


26. 


Pushya 


Ashlesha 


Magha 
Poorva 
Phalguni 
Unra 
Phalguni 
Hasta 
Chitra 
Swati 
Vishakha 


Anuradha 


Jyeshtha 


Moola 


Poorvashadha 


Unrashadha 


Shravana 


Dhanishtha 


Shatahhisha 


Poorva Bhadra 


Uttra Bhadra 


93°20' to 106°40' 


106°40' to 120° 


120° to 133°20' 


133°20'10 146°40' 


146°40' to 160° 


160° to 173°20' 


173°20'10 186°40' 


186°40' to 200° 


200° to 213 °20' 


213°20' 10 226°40' 


226° 40' to 240° 


240° to 253°20' 


253°20' to 266°40' 


266°40' to 280° 


280° to 293°20' 


293°20' to 306°40' 


306°40' to 320° 


320° to 333°20' 


333°20' to 346°40' 


Karka 3°20' 
Karka 3°20' to 
Karka 16°40' 
Karka 16°40' to 
Karka 30° or 
Simha0o 


Simha 0° to 
Simha 13°20" 
Simha 13°20' to 
Simha 26°40" 
Simha 2640" to 
Kanya 10° 
Kanya 10° to 
Kanya 23°20! 
Kanya 23°20' to 
Tula 6°40! 

Tula 6°40' to 
Tula 20° 

Tula 20° to 
Vishchika 3°20! 


Vrishchika3°20'to 
Vrishchika 16°40' 
Vrishchika 16°40' 
to Vrishchika 30° 


or Dhanu 0° 


Dhanu 0° to 
Dhanu 13°20" 
Dhanu 13°20'to 
Dhanu 26°40' 
Dhanu 2640" to 
Makara 10° 
Makara 10° to 
Makara 23°20! 
Makara 23°20' to 
Kumbha 6°40' 
Kumbha 6°40' to 
Kumbha 20° 


Kumbha 20° to 


Meena 3°20! 
Meena 320" to 
Meena 16°40' 


SATURN 


MERCURY 


TOTAL 


KETU 


VENUS 


SUN 


MOON 


MARS 


RAHU 


JUPITER 


SATURN 


MERCURY 


TOTAL 


KETU 


VENUS 


SUN 


MOON 


MARS 


RAHU 


JUPITER 


SATURN 


19 


17 


27. Revati 346240" to 360° Mocna. et MERCURY 17 
Meena 30° or 
Mesha 0° TOTAL 120 


3.9 Ascendant or Lagna 

The ascendant or the lagna point is the point of intersection of the ecliptic at the given time with the 
horizon ofthe place. In astrology it is the first house of the horoscope. This point of intersection is very 
important as it is considered to be the commencing point of the horoscope. The earth rotates on its axis 
from West to East in about 24 hours. Due to this rotatory motion the whole sky (Zodiac) appears to come 
up from below the horizon gradually. The Ascendant or the Lagna is the 'Rising sign' in the eastern 
horizon. The period of each lagna is not equal like the rashi or the sign division. As all the 12 rashis or 
signs must rise one after the other in a day (due to rotation of earth on its axis once a day) each rashi/sign 
becomes the lagna one after the other consecutively, with the passage of time. The names of the lagnas or 
the Ascendants are the same as that of the rash1/sign rising at any given time. 


3.10 The Tenth House or M.C. 

The point of intersection of the ecliptic with the meridian of the place, at any time, is the 'tenth house' for 
that moment. It is also known as the Mid-heaven or Medium Coeli (M.C) and also known as meridian. 
The longitude of this point is, as usual, measured along the ecliptic from the first point of Aries. The right 
ascension of the Me is the sidereal time of the moment which is often called R.A.M. C 


3.11 The Table of Ascendants 

This is a small book containing several tables for use in casting a horoscope. One such book commonly 
used by the students of astrology is by N. C Lahiri. This gives the sidereal time at Noon for the central 
station of India or for the standard Meridian for India (longitude 82° 30'E) for the year 1900 and for each 
day of the year. It also contains tables for correction to be applied for different years and different places 
so that we can find out the sidereal time for any day of any year for all the places on earth. Then this book 
gives the tables for the different Ascendants (the degree and sign of the ecliptic) rising for every 4 
minutes interval of Sidereal Time for different latitudes on the earth (0° North to 60° North). In our 
lessons we will be making extensive use of this book. We shall therefore advise our students to purchase a 
copy of this book (Tables of Ascendants) for their use. 


3.12 The Table of Houses 

This also is a small book like Tables of Ascendants. This is available in Nirayana as well as Sayana 
systems. It gives the longitudes of the 10th, 11th, 12th, 1st (Ascendant), 2nd and 3rd cusps (Midpoint of a 
house according to Hindu system and beginning of a house according to the western system of astrology) 
for different latitudes and sidereal time. With the help of this book one can directly note down the 
longitudes of the aforesaid six houses and by adding 180° or 6 signs to those longitude, the longitudes of 
the remaining six houses 1.e. 4th, 5th , 6th, 7th, 8th and 9 th house can be found out. However since we 
follow the method of house divisions as given by sage Parashara, the tables of ascendants mentioned in 
para 3.11 will meet the requirements and there would be no need to buy the table of houses. 


3.13 The Ephemeris 

This is nothing but a modern Panchang. It is available in book form. It tabulates the positions of celestial 
objects ( planets etc.) in an orderly sequence for one complete year ( for the current years) . condensed 
Ephemeris are available for the past years. In these lessons we shall be following the Indian ephemeris of 
N.C. Lahiri, published by Astro Research Bureau, Calcutta. Students are therefore advised to have with 
them complete set of these ephemeris. 


3.14 We have so far discussed about the Astrological Terminology commonly used in Mathematical 
Astrology. However in addition to the Terms discussed so far we will come across some more terms 
which will be discussed at the appropriate place, as we proceed further with our lessons. 


CHEPTER -4 
Time Measurement 


4.1 The time is measured in hours, minutes, seconds and fractions of second in the western system which 
is now commonly used in India and other countries of the world. However the division of time is peculiar 
to 'Hindus'. It begins with a Tatpara and ends in a kalpa. A kalpa 1s equal to 4,320,000,000 sidereal years. 
The Hindu day (an apparent solar day) begins from Sunrise and ends with the next sunrise when the next 
day begins. 


4.2 The Hindu division of time is as under: 


60 Tatpara = 1 Para 

60 Para = 1 Vilipta 

60 Vilipta = | Lipta (or Vilipta) 
60 Lipta = 1 Vighati (or Pala) 
60 Vighati = | Ghati = 24 minutes 
60 Ghatis = | Day = 24 hours 


4.3 Again a Hindu measure of time is in terms of 'Yuga". 
The details are as under : 


Ist Yuga Sat Yuga = 17,28,000 sidereal years 
2nd Yuga Treta Yuga = 12,96,000 sidereal years 
3rd Yuga Dwapar Yuga = 8,64,000 sidereal years 
4th Yuga Kali Yuga = 4,32,000 sidereal years 
Total of 4 Yugas or 1 Mahayuga = 43,20,000 sidereal years 
l Kalpa = 1,000 Mahayuga 


= 43,20,000 x 1000 
= 43,20,000,000 Sidereal years. 2 Kalpa 


1 day of Brahma = 2 kalpa (i.e. 1 Kalpa day and 1 kalpa night) 
l years of Brahma = 360 x 2 Kalpas 

1 Year of Brahma = 720 Kalpa 

Aayu of Brahma = 1,000 Brahma Varsha. 


4.4 Sidereal Day 
This is the time taken by the earth to rotate once on its axis with reference to any fixed star. This is known 
as Nakshatra Dina among the Hindus and is equal to 23 hrs. 56 min. (approx.) of 'Mean solar day". 


4.5 Sidereal Year 
The Sidereal year is the mean period of revolution of the earth in its orbit with respect to the background 
stars (from fixed star to fixed star). 


4.6 Apparent Solar Day 
This is also known as 'Savana Day'. This is longer than the 'Sidereal Day' by about 4 (four) minutes. 
According to Surya-Sidhanta Savana day is reckoned from sunrise to next sunnse. 


4.7 Mean Solar Day 
This is reckoned by considering the average length of all the days in a year. 


4.8 Months 
There are two types of months in vogue in Hindus which are as follows : 


(a) Lunar Month or Chandra Maan : It has 30 lunar days or Tithis and is measured from New Moon to 
next new Moon. At some other places 1t 1s measured from Full Moon to next Full Moon. 
(h) Solar Month or Saur Maan : It is the time the Sun takes to move in one sign and is measured from one 
Sankranti to the next Sankranti. 


4.9 Years 

In Hindus there are three types of different years in vogue which are as follows. 
(a) The Savana year: It has 360 mean solar days 

. (h) The Lunar year : It has 354 mean solar days 

(c) The Nakshatra year: It has 324 mean solar days 


4.10 Tropical Year 
The Tropical Year or the year of seasons, is the time a the passage of the sun from one Vernal Equinox to 
the next Vernal Equinox. The VE. point slips to the west at the rate 0 50 1/3 per year. 


4.11 Anomalistic Year 

The anomalistic year is the mean interval between successive passages of the earth through perihelion. 
Perihelion is the point on a planetary orbit (in this case earth) when it ; at the least distance from the Sun. 
4.12 The lengths of different years mentioned in pa: 4.5,4.10 and 4.11 above, according to modern 
calculation given by Dr. B. V Raman in his book A Manual of Hindu Astrology) are as follows: 


Year Length 


The Tropical year 365 5 48 45.6 
The Sidereal Year 365 6 9 9.7 


The Anomalistic Year 365 6 13 48 


CHAPTERS- 5 


TEME DIFFERENCES 


5.1 Students are aware that the Sun is the creator of time, day and night and the seasons. A Hindu day 
commences from the sunrise and remains in force till the next sunrise, when the next day commences. 
When the sun is exactly overhead it is called Mid day or Local noon. At the moment of sunrise for any 
place, the local time for that place is Zero hour (or Ghati) as per traditional Hindu system of reckoning the 
time. However as the earth 1s not a flat body but spherical and also rotating on its axis, the Sun rises at 
different times at different places. As the rotation of the earth on its own axis is from west to east, it is 
evident that the eastern part of the earth will see the Sun first, and due to the rotation of the earth, further 
western parts of the earth moves towards east gradually and see the Sun. This process goes on and on. In 
other words, as we live on this planet earth we do not see or feel the rotation of the earth from west to 
east, but we see that the Sun rises in the east and gradually comes over head and then sets in the west. 


5.2 Local Time 


We have seen above that the eastern parts of the earth will see the Sun first and subsequently as more and 
more western parts move to east due to rotation of earth, those parts will also gradually see the Sun. In 
other words it means that the Sun will rise later at a particular place as compared to a place towards east 
of the earlier place. It therefore implies that Zero hour of the day will commence earlier at a place which 
is in the east of another place where the Zero hour of the day will commence later. Similarly the Noon 
time or the Mid day will occur earlier in the eastern part Of the earth as compared to any place towards 
west of the earlier place. We know that earth complete one full rotation (360°) on, its axis in about 24 
hours or 24 x 60 = 1440 minutes. It simply means that Earth will take about 1440/360 = 4 min. to rotate 
by 1 ° on its axis. We can therefore conclude that Zero hour at a place' B' which is 1 ° towards west of 
place 'A’ will commence later by 4 minutes as compared to place 'A’. So the local time differs from place 
to place “A”. Strictly speaking as neither the earth is a perfect sphere nor its orbit around the Sun is a 
perfect circle and as also the axis of earth is inclined by about 231/2 ° to the perpendicular to the plane of 
earth's orbit, even the duration of time or the rate of elapsing of local time is not uniform for the same 
place. In order to have a uniform rate of time lapse' and also to avoid complex mathematical 
computations, a more convenient term has been adopted for Astrological purposes which is known as 
'Local Mean Time' (or a particular place. The local time or more accurately the local meantime (LMT) 
which is created by the gradual rising of the Sun and the roundness and rotation of the earth is the real or 
natural time of a place. This differs from place to place and is dependent on the longitude and latitude of 
the place. In Astrology we reduce every given time into Local Mean Time first and then proceed further. 


5.3 Standard time 

As explained above, the local time differs from place to place. This becomes quite inconvenient when we 
have to refer. to time at a broader perspective say National or International level. With the advent of the 
postal department and later the railways etc., this difficulty increased in india as well as elsewhere. A new 
version of time was therefore decided upon and was called the 'Standard Time' to have the uniformity of 
time which was the L.M.T. of a centrally located longitude in that country. In case of India, it was in the 
year 1906 AD when it was decided that the terrestrial longitude 82°30'E will be taken as the Standard 
Meridian of India for this purpose and the Local Mean Time (L.M.T.) at this Meridian (82°30' East 
longitude) will be the "Indian Standard Time'. By this arrangement, the watches began to show a uniform 
time through out the country. 

5.4 In the case of bigger countries like U.S.A., the entire country was divided into 4 or 5 convenient zones 
and for each zone a standard meridian representing that zone was chosen as standard meridian for that 
zone. The L.M. T. at that particular meridian was considered to be the Zonal Standard Time (ZST) 


applicable for that zone only. Students are advised to see the last page of their Tables of Ascendants by 
N.C. Lahiri, where in the 5 different time zones have been indicated for the U. S.A. 


5.5 Greenwich Mean Time 

As in the case of a country, the necessity to have a uniform time, generated the concept of 'Standard Time' 
for a country, in the international affairs, it was considered necessary to have a standard time which could 
be referred to by all the countries of the world whenever needed. Students will recall that the meridian 
passing through the Greenwich (near London) has been choosen as the 0° longitude or the reference point 
for reckoning the terrestrial longitudes of all places on earth. Therefore the local time at the meridian of 


Greenwich at any epoch (moment) is known as Greenwich Meantime (G.M.T.). 


5.6 Conversion of Time 

Students will recall that while discussing the local time vide Para 5.2 above, we worked out that a 
difference of 1 ° in the geographical longitudes of two adjacent places on earth will make a difference of 
4 minutes in their local time. Therefore by using this principle, we can convert any given time in one form 
to the other two forms viz if the time given is in 1ST, we can convert it to the LMT or GMT as desired or 
required, if the geographical (terrestrial) longitude of the place is known. Similarly, we can always 
convert any meridian of longitude from degrees to time and find out the time zone for any country if the 
longitude of the standard meridian for that country is known. 


5.7 Time Zone 

Time Zone is nothing but the standard meridian for any country (or any zone within a big country) 
expressed in terms of hours and minutes difference with reference to the G.M.T. In other words the 
difference between standard Time of any country or zonal standard time of any zone and the GMT is 
known as the time zone for that country or zone. The time zone 1s (+) or (-) according to the longitude of 
standard meridian for the country or zone being towards the east or west of Greenwich. 


Example 1 : The geographical longitude of the standard meridian for India for IST =.82°30' East 
Multiplying this by 4 we get (as 1° is equal to 4 minutes, 1' will be equal to 4 sec.) 

= 82° x 4 min: 30' x 4 sec 

=328 min : 120 secs 

= 330 min. =5 hrs 30 minutes 

Since India is towards east of Greenwich the time zone for India will be = (+) 5h 30m which means that 
IST will always be ahead of GMT by 5"30" So if the GMT is 6:00 AM, the Equivalent IST will be 6*:00” 
+ 5":30™ = 11 h 30” AM. 


5.8 Similarly, if the time zone of a country is known, we can work out the longitude of the Standard 
Meridian for that country. 
Example 2 : Find out the longitude of the Standard Meridian for Mexico if it falls in Time Zone (-) 6 hrs. 
(a) Since the Time Zone is (-) hence the longitude of the place will be towards "west" of Greenwich 
(b) Time Zone = 6 hours or 6 x 60 

6 x 60 = 360 mins (As 4 mins = 1 ° ) 

So 360 mm= 360/4 = 90° 
Therefore, longitude of Standard Meridian for Mexico = 90°W 


5.8 L.M.T. Correction 

This is duration of time or a measure of time to be applied to find L.M.T. of a place from the standard 
time of that country or zone shown by the watch. This is obtained by multiplying the difference of 
longitude of the place from the Standard Meridian by 4 minutes per degree. The L.M.T correction is 
either (+) or (-) depending on whether the place is towards East (E) or West (W) from the standard 
meridian for that country. In order to find out the L.M.T. correction, one should proceed as follows : 


Step 1: Find out the longitude of Standard Meridian for the country or zone as the case may be. If it 1s 
not readily available, note down the time zone from the list of cities given by N.C.Lahiri in his hook 
Tables of Ascendants or Indian Ephemeris and work out the longitude as explained in Examples 2 above. 


Step 2: Note down the longitude of the place. for which the L.M. T. or L.M. T. correction is desired. 

Step 3: Also note whether the longitude of the place is towards east or west of the Standard Meridian. 
Step 4: Find out the difference in degrees (or the angular difference between the two long). 

Step 5: Multiply the difference (in step 4 above) by 4'. The product will give you the L.M.T. correction. 
(Apply correction at the rate of 4' per degree to find out LMT). 

Step 6: Prefix the sign (+) or (-) to the L.M. T. correction depending whether the place is towards 'E' or 
“W” of the Standard meridian. 

Step 7: Apply the L.M.T. correction to the ST (Standard Time) given to get the L.M.T. 


5.9 If the L.M.T. is given and it is desired to find the Standard Time, then reverse the sign (+ or -) 
prefixed to the L.M.T. correction worked out in step 5 and 6 above and then apply the correction. The 
Examples given below will clarify the above steps. 
Example 3 : If the time of birth of a native born at Delhi is 11:30 AM (IST) find out the Local Mean 
Time of birth of native. 
Solution: 
Step 1: Long. of standard meridian of India 

For IST = 8230' E 
Step 2: Long. of place of Birth 

1. €. Delhi ="77" 13'E 
Step 3: By persual of the two long. it is clear that Delhi is towards west of the standard meridian of India. 
Step 4: Difference in the two long. = 82°30'-77°13' = 5°17' 
Step 5: Multiplying by 4 we get = (5x4)+ (174) =20™" 68° 


Step 6: Keeping in view step 3, the sign to be prefixed will be (-). 
Hence L.M.T. corr = (-) 217 8 


Step 7: Applying the L.M.T. correction we get the L.M.T. of birth 
11 hrs 30 mins (-) 21 mins 8 secs. = IERS? 


Example 4 : Find out the L.M. T. correction in example 2 given earlier. 
Example 2: 

Long. of standard meridian = 90°W 

Long. of Mexico (from the tables)= 99°01'W 


Hence Mexico is further west of standard meridian 


Difference in the two long. = 99°()]'-99° = 9° ]' 
Multiplying by 4 we get = 36" gsee 
Hence L.M.T. correction = (-) 36" 49 


5.10 However we have given the above examples so that the students can practice and understand the 
principle thoroughly. At times the students may come across a city or place which does not find a place in 
the aforesaid lists given by N. C.Lahiri. In such cases though the geographical longitude and latitude can 
be known from any standard Atlas, unless the students are well conversant with the underlying principles, 
they may find 1t difficult to work out the L.M.T. corrections. 


al about crystal sets 


CIA DI J3 
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J6 


List of Materials for Carborundum Crystal Set 


C1A-C1B - Dual 365 mmf variable capacitor. 

C2 - 365 mmf variable capacitor. 

C3 - 0.1 mf capacitor. 

C4 - 1000 mmf capacitor. 

Di - Carborundum crystal and catwhisker detector assembly 
(see text), 

J1 to J6 - Fahnestock clips. 

Li - Tuning coil (see text). 

R1 - 5,000-ohm potentiometer (linear taper). 

BAT - 6-volt battery. 

PHONES - 2000-ohm headphones. 

MISC. Coil form (see text), No.24 enameled copper wire, 

1/2-inch long spacers, perfboard strip (see text), 

push-in clips, solder lugs, knobs, hook-up wire, I1N34A 

diode (or equiv.), wood for base and Di detector assembly 

(see text), wood screws, machine screws and nuts, 

alligator clips X-Y, brackets for LI and Rl. 
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Example 5 : If a child is born at 11:30 AM (LMT) at New Delhi, what will be the: 
(a) ZST of Birth 


(b) GMT of Birth 

(c) IST of Birth 

Solution (a) ZST of Birth 

Step 1: Time Zone of New Delhi = (+) 5 hrs 30 min. 
or =5x60+30  =330"" 
Divide by 4 we get = 82°30' 


Since it is(+), so the Standard Meridian has to be towards *E' of Greenwich. Therefore Long. of Standard 
Meridian = 82°30' E 
Step 2: Long. of New Delhi (from the tables) = 77°13' E 


Step 3: Hence New Delhi is towards west of its Standard Meridian. So the LMT correction will be (-). 
Step 4: Difference in the two long. = 82°30' - 77°13' = 5° 17' 

Step 5: Multiply by 4, we get =20™" 68% 

or = 21m» pgs 

Step 6: Hence L.M.T. correction= (-) 21” 08% 


Now since LMT of Birth is given and we have to find the ZST of Birth, so in accordance with Para 5.9 
above, we have to reverse the sign and then apply the correction. Hence, 


ZST of Birth = 11:30 (AM)(+) 21”” 08° 
or Time of Birth = 11: 51”: 08 (AM) ZST 


(b) GMT of Birth : As the time zone for Los Angels is (+) 5 hrs 30 min , hence the ZST will be more 
(advance) by 5 hrs 30 min from GMT . 


= 11hrs:51m:08sec (-) 5 hrs 30 min ° 
= 06":21™: 08% 
or 6hrs:21m:08sec (AM) 


(c) IST of Birth: As the Time Zone of India is (+) 5 Hours 30 Min. the IST will be ahead (more) of GMT 
by 5 Hrs. 30 Min. the IST of Birth will ahead (more) of GMT by 5 Hrs. 30 Min. 
So IST of Birth = GMT by (+) 5* 30” 

= 6h:21m:08sec (+) 5*:30” 

= 11 h:51”:08% (AM) 


CHAPTER 6 

SIDEREAL TIME 

6.1 We have seen in the previous lesson the three different systems of measuring time viz Local Time or 
Local Mean Time (LMT), Standard Time for any country or Zone (i.e. 1St, ZST etc.,) and the Greenwich 
Mean Time (GMT). There is yet another system/measure of time which is called 'Sidereal Time’. The 
Sidereal Time system is derived from the earth's rotation with respect to the stars. The students will 
recall that while discussing the Time Measures vide Lesson 4, we defined the Sidereal day as the time 
taken by the earth to rotate once on its axis with reference to any fixed star. The duration of this 
sidereal day is equal to 23 hrs 56 min (approximately) or 23 hrs 56 min 4.091 sec. more precisely, of 
mean solar day. In astronomical terminology, the sidereal time at any instant is defined to be the west 
hour angle of the Vernal Equinoctial (VE) point or the first point of Sayana Aries (Mesha) from the 
upper meridian of the place. However for the purpose of its application to mathematical astrology, it 
will suffice to define the Sidereal Time as the Local Time reckoned according to the apparent rotation of 
the celestial sphere. In other words, whenever the time is reckoned with reference to the sidereal day, it is 
called Sidereal Time. The Sidereal Time is 'Zero' hour when the first ponit of Aries or Mesha (in sayana 
system) i.e. vernal or the spring equinox crosses the observer's meridian (which is the great circle on the 
celestial sphere, passing through the zenith and both the celestial poles). 


6.2 Necessity to have the Sidereal Time System 

Students may be aware that for any astrological delineation, the horoscope prepared for a particular epoch 
(moment) is not only a necessity but the only astrological equipment available to the astrologer based on 
which he analyses the shape of things to come in the future. The horoscope which is a map of heavens at 
the given moment, contains 12 houses and the commencement of the horoscope is the 'first house’ or the 
'lagna' or the ‘ascendant’. It is therefore most important to calculate the correct lagna or the ascendant 
without which no horoscope can be prepared. Students may now recall that while discussing about the 
ascendant or lagna vide Para 3.9 of Lesson 3 it was stated that due to the rotatory motion of the earth from 
west to east on its axis, the whole of sky (or the zodiac with which an astrologer is concerned) appears to 
come up (or rising) from below the horizon gradually and the sign or rashi (and more particularly the 
exact degree of the zodiac or that sign) rising in the eastern horizon, is known as the 'lagna' or 'ascendant". 
As the lagna or ascendant or the sign of zodiac rising on the eastern horizon of a place at any time, is 
dependent on the rotation of earth on its axis due to which the time system known as the 'Sidereal Time' is 
also created, so it becomes evident that the rising sign or the lagna, in turn, is dependent on the sidereal 
time of the place at the given moment or epoch. It therefore transpires that in order to know the lagna or 
the rising sign for a particular moment or epoch (be it a birth of a child or birth of a question, incident or 
accident etc.) it is necessary to first calculate the sidereal time of the moment at that place where the birth 
of a child or a question or incident has taken place. Students may please refer to the Tables of Ascendants 
by N.C. lahiri and see themselves that the Ascendants for the different latitudes are given with reference 
to the sidereal time only. We therefore now proceed to discuss the method to calculate the sidereal time of 
a given moment or epoch. 


6.3 How to calculate the Sidereal Time of a given moment or Epoch 
Students are advised to refer to the Tables of Ascendants by N.C. Lahiri (all references in this lesson 
pertain to the seventh edition of the book published in 1985) and proceed as follows: 


Step 1: Note down the sidereal time at 12h noon local mean time for 82°30'E longitude for 1900 AD for 
the day and month of the given moment from Table I at page 2. 


Step 2: Note the correction for the given year from Table II given on pages 3 and 4 o~ the book and apply 
to sidereal time in step 1. 


Step 3 Note the correction for the different localities from Table III given on page 5. A detailed list of 
principal cities of India has been given on pages 100 to 107. The last column of the table indicates the 
correction to the 'Indian Sidereal Time'. Similarly the table for the foreign cities has been given on page 
109 to 111 of the book and the last column of the table again indicates the correction to the Indian 
Sidereal Time. 


Step 4: The correction for the year (step 2) and the correction for the place (step 3) should be applied to 
the sidereal time noted in step 1 according to the sign (+) or (-) prefixed to the correction as shown in the 
respective table. Having applied these corrections, the result obtained (let us call it’ A”) will represent the 
Sidereal time for the given date, year and place but will be for the local noon i.e. 12 hrs, as we have not 
yet applied the correction for the hour and minutes before or after the local noon, as the case may be, for 
the give moment. 


Step 5 Convert the given time of epoch into LMT by applying the LMT correction. This has been 
discussed elaborately in great detail and explained with the help of examples also vide para 5.8 of the 
preceding chapter. However the quantum and the sign (+, -) of the correction to be applied to the 1ST or 
ZST, as the case may be, has also been indicated in the tables at pages 100 to 107 for principal cities of 
India under column LMT from 1ST and, at pages 109 to 111 for foreign cities under column LMT from 
ZST. 


Step 6: As the Sidereal time noted in the step 1 pertains to the local noon, we have to find out as to how 
many hours before or after the local noon, 1s the given time of the moment or Epoch. In other words we 
have to find out the "Time Interval" between the Local Mean Noon (LMN) and the LMT of the given 
moment. So, in case the LMT of the given moment is before noon, subtract 1t from 12:00 hours. In case 
the LMT of the given moment is in the afternoon, the LMT itself becomes the Time Interval (T.I.) also 
because after 12 noon our watches show 1:00 PM and not 13 :00 which means that 12 hours have already 
been deducted. 


Step 7: The Time Interval (T.I.) worked out in step 6 above is to be increased by applying the correction 
given in table IV which gives the correction for hours and minutes of the T.I. By applying this correction 
we get the Increased T.I. Let us call it (B). 


Step 8: The 'Increased T.I.' (B) is added to the corrected Sidereal Time (A) in step 4 above in the case of 
PM (afternoon) births or epoch and, subtracted from the (A) in the case of AM (before noon) births or 
epoch, as the case may be. The result thus obtained is the Sidereal Time of the birth or epoch or the given 
moment. The above mentioned eight steps can be explained with the help of a practical example or 
illustration. 


Example 1 : Find out the Sidereal Time of birth of a native born at Delhi on Saturday the Olst Nov. 2008 
at 09:30 AM (IST) 
Solution: Use Tables of Ascendants by N.C. Lahiri 


Step 1 : Sidereal Time at 12h noon 


on 01st November 1900 (page 3) = 14°: 40": 21' 
Step 2 : Correction for the year 2008 
(from page 4) =  (+)03™: 20' 


Step 3 : Correction for Place (Delhi) 
(page 5 as well as page 102) 
Step 4 : Sid. Time on 25th Oct. 2010 
at Delhi, at noon (A) = 14": 14™: 14! 


I 
2 
o 

5 
O 
pe 


Step 5 : IST of birth (given) = 09 : 30: 00 
LMT correction (page 102) =(-) 21: 08 
Therefore LMT of Birth = 09 : 08 :52 


Step 6: TI from noon (subtract the 

LMT from 12h being AM birth) 

(12 hrs - 9 hrs 8 min 52 sec) = 02:51:08 
Step 7 : Correction to increase the TI from 


table IV (page 5) 
for 2 hrs = 00 : 20 
for 51 min 8 sec = 00 : 09 
Therefore Increased TI (B) =02 : 51:37 
Step 8 : Being AM Birth (A)-(B) = 14°: 14™: 14 
(Cy02*2 51°37 
Sidereal Time of Birth = MEDI 


6.4 Caution 

We hope that by now the students would have understood the methodology to work out the Sidereal Time 
very clearly. However before we end this topic, we will like to caution our students to note carefully the 
few points mentioned below : 


6.4.1 Unlike the civil time (LMT or GMT or IST or 2ST) the Sidereal Time is never expressed in terms 
of AM or PM. It is always starting at 'O' hour and goes upto 24 hour after which it again starts as 0%". 


6.4.2 WAR TIME: From Ist Sept. 1942 to 14th Oct. 1945, the Indian Standard Time (1ST) was 
advanced by one hour all over India including modern Bangla Desh and Pakistan for purposes of 
daylight saving during the war period and was thus ahead of GMT by 6 H 30 min. Therefore any recorded 
time during this period (Both days inclusive) must be reduced by 1 hour to get the corrected IST before 
LMT correction is applied to obtain the LMT of birth. (Provided the same correction is not made while 
noting down the time on the record.) 


6.4.3 SUMMER TIME : Students are advised to refer to page 112 of their Tables of Ascendants and read 
carefully each and every word thereof in order to acquaint themselves with the summer timings being 
observed in Britain, USA, Canada, Mexico, USSR and other European countries mentioned therein. The 
recorded time falling on the dates/ period of summer timings indicated in page 112, must therefore be 
corrected first as applicable, before it is converted to local Mean time of epoch. 


CHAPTER 7 


SUNRISE AND SUNSET 

7.1 In the previous lesson we have seen the methodology for working out the Sidereal Time of birth or of 
an epoch. With this Sidereal Time we enter the relevant Table of Ascendants for the latitude of the place 
of birth to find out the Ascendant. However, before we proceed on to find the ascendant or lagna or the 
rising sign, we deal with the subject of sunrise and sunset in this lesson. The time of sunrise, sunset etc is 
very useful in astrological calculation to find out the dinmaan, ratrimaan (1. e. the duration of: day and 
night), Ishtakala or Ishtaghati which forms the basis to calculate the lagna rising by the traditional 
method,. Kaal haras, Kaal velaas, Hara lagna, Mandi, Rahu kaalam etc., which have great significance in 
the Hindu Astrology. 


7.2 Sunrise 

The exact moment at which the sun first appears at the eastern horizon of a place is time of sunrise. As 
the Sun has a definite diameter, the solar disc takes some time i. e. about 5 to 6 minutes to rise. Therefore, 
from the first visibility cif the upper limb of the solar disc to the time when the bottom limb of the solar 
disc 1s just above the horizon of the place, there will be a time diference of about 5 to 6 minutes. It has, 
therefore, been acknowledged that for astrological purpose we may take the moment at which the centre 
or the middle of the solar disc is at the eastern horizon of the place as the sunrise time for that place. 

7.3 Sunset 

Similarly the sunset for a particular place is the exact moment at which the centre or the middle of the 
solar disc is at the western horizon of the place. 

7.4 Apparent Noon 

This is marked when the centre of the sun or the middle of the Solar Disc is exactly on the meridian of the 
place. The apparent noon is almost the same for all places. 


7.5 Ahas and Ratri 

Ahas is the duration of day 1. e. the duration of time from sunrise to sunset. Ratri is the duration of time 
from sunset to sunrise. On the equator, the Ahas and Ratri are always 30 ghatis or 12 hours each, while on 
other latitudes the sum of Ahas and Ratri will be 24 hours or 60 ghatis. 


7.6 Calculation of time of Sunrise and Sunset 

In this lesson we propose to calculate the time of Sunrise and Sunset by the method of ‘interpolation’ from 
the given data in the Ephemeris. However there is a proper method to calculate the time of sunrise and 
sunset without making any reference to the given data in the Ephemeris. We don't propose to discuss that 
method through this lesson' as the same is not only cumbersome but involves too much mathematical 
calculation needing enormous time which is not warranted being beyond the scope and purview of these 
lessons. 


7.7 Calculation of time of Sunrise and Sunset by Method of Interpolation 


Step l: As the time of sunrise or sunset differs from latitude to latitude we must first of all note the 
latitude for the place where the time of sunrise etc., 1s desired. 


Step 2: Refer to page 93 and 94 of Lahiri's Indian Ephemeris for the year 2002 and select two such 
consecutive dates that the date for which the sunrise time is desired falls in between the two selected 
dates. Similarly select two such consecutive latitudes from the table at page 78 so that the latitude of our 
desired place falls in between the two latitudes so selected. 


Step 3 : Note down the timings of sunrise or the sunset as the case may be, for the above selected dates 
and latitudes as given in the table. 


Step 4 : Find the time of sunrise and/or sunset by interpolation (simple ratio and proportion method). The 
time so obtained will be the Local mean Time (LMT): of the time of visibility of the upper limb of the 
solar Disc. Add 3 minutes to the time of sunrise and deduct 3 minutes from the time of sunset to get the 
LMT of coincidence of the centre of the solar disc with the horizon. 


Step 5 : In case the time is required in terms of IST or ZST, apply LMT correction as applicable by 
reversing the (+) or (-) sign prefixed to the LMT correction as given in the list of table of Ascendants 
from Page 100 to 111. 


7.8 The above method has also been indicated at page 99 of Lahiri's Indian Ephemeris for the year 2008 
and students are advised to follow the same with advantage. However we also give below the illustration 
to explain the steps mentioned above more clearly to our students. 


Example 1 : Desired IST of Sunrise and Sunset at Delhi on Oct 05. 

Solution: Use page 99 of Lahiri's Indian Ephemeris for 2008 . 

Step 1 : Latitude of Delhi (Page 150 of Ephemeris for 2008) = 28°39'N or 28.65°N 

Step 2 : Dates selected are Oct 03 and Oct 07, Latitudes selected are 20°N and 35°N 

Step 3 : The data given for the above mentioned dates and latitudes at page 94 of the Ephemeris is as 
follows: 


Sunrise (LMT) Sunset (LMT) 
Date Latitudes Latitude 
20°N 35°N  20°N 35°N 
Oct 03 5:58 6:13 5:31 5:16 
Oct 31 6:01 6:20 5:26 5:07 
Step 4 : We can now obtain the values for the Oct 27 by simple interpolation which are as follows : 
5:11 (-)17™ 
“aC O17 17 
vanatlOn lor 8.65° = + 15%." (-)15 x8.65 
(Delhi's Lat (-) 20°); (28.65°-20°=8.65°) 


9:80 min solar disc = (+) 0:03 


orsay =(+) 10 min 6.12 AM 
Therefore LMT of = 9:80 min. = (-) 10 min 
upperlirnb visibility= 6: 09 AM (-)0:03 5.15 PM 
LMT for centre of 


Step 5 : Students may now compare this with the Time of sunrise and sunset (upper Limb) for Delhi given 
on page 91 of Ephemeris which is as follows for 27 Oct. 


6:30 AM IST of Sunrise (Upper 6:09 AM LMT of Sunrise . (Upper limb) 
limb) 5:40 PM IST of Sunset (Upper limb) 
Deducting 21” 0:21 0:21 

5:19 PM LMT of Sunset (Upper limb) 


Step 6 : Solar Disc 

correction (+) 0 : 03 (-) 0 : 03 

LMT for Center 6 : 12 AM 5: 16 PM 
of Solar Disc 
which agrees with that worked out in Step 4. 


CHAPTER 8 CASTING OF HOROSCOPE I MODERN AND TRADITIONAL METHOD 

8.1 The horoscope is a map of heavens for a given moment at a particular place. It indicates the sign of 
Zodiac rising on the eastern horizon of the place at the given moment which is known as the lagna or the 
Ascendant. It is also known as the first house and the successive Rashis/ signs becomes the successive 
houses or Bhavas (as called in Hindu Astrology). Apart from the lagna or the Ascendant this map also 
indicates position of various Rashis and Planets at the given moment/epoch. 

8.2 Forms of Horoscope 

There are many types/forms presently in vogue in different parts of India as well as in the European 
countries. For the reference of students we give here some of the most commonly used formats by 
Astrologers in India and abroad. Students are advised to make themselves familiar with these 'Formats', 
though they may follow anyone of these appealing to be the most convenient : 


Pisces Aries Taurus Gemini 
MeenaMesha_ Vrisha Milbuna 


8.2.1 TYPE 1 : This is the format which is commonly used in NorthINorth-west part of India. The top 
middle portion is always treated as the lagna or Asc or the I House and the number of the Rashi/sign 
rising at the moment of birth on the eastern horizon of the place 1s indicated here e.g. 10 for makar or 
Capricorn. Then the counting of houses is done anti-clockwise. So the II house will have the sign! Rashi 
next to Capricon (Makar) i.e. Kumbha or Aquarius written there as NO.1I. The number of the successive 
Rashil sign is then written consecutively one after the other in the succeeding houses, anticlockwise. Then 
the position of the planets at the moment is worked out and posted in the horoscope in the respective 
rashi/sign occupied by them in the Zodiac. 

8.2.2 TYPE II : This type of format of Horoscope is commonly used in the Southern part of India. In this 
type the counting of houses is in clockwise direction. Here the position of Rashis/sign are fixed for all the 
horoscopes, e.g. the top left hand square in the chart represent the sign Pisces (Meena) and succeeding 
Squares in clockwise direction will represent Aries (Mesha), Taurus (Vrisha), Gemini (Mithuna), and so 
on. As this sequence of sign/Rashis is fixed for all the horoscopes, these are never written in chart. The 
sign/Rashis rising on the eastern horizon of the place or the lagna or Asc is marked in the appropriate sign 
in the chart as shown and word lagna or Asc is written in that sign. Afterwards the planets according to 
their position in the Zodiac at the moment are posted in the respective sign in the chart to make the map 
or the horoscope complete. 

8.2.3 TYPE III : This type of chart is commonly used in Bengal and Neighbouring area. In a way it 
combines the two charts discussed earlier 1. e. Type I and Type II in as much as the counting of houses is 
done anticlockwise (like Type I) but the position of Rashis/signs 1s fixed for all the 


horoscope (as in the case of Type Il). The other aspects like posting the position of planets etc., are 
similar to other charts. The lagna is written in the appropriate sign in the chart. 
Type HI Type IV 


8.2.4 TYPE IV: This chart is 
commonly used by Western 
Astrologers. Nowadays some 
Astrologers in India particularly in 
Maharashtra have also started using 
this type of chart for the horoscopes. 
This is a circular chart as shown in the 
figure, the twelve Bhavas or houses 
are marked in chart and symbol along 
with the degree is also indicated on 
each bhava. In Indian (Hindu) 
Astrology, the cusps are treated as 
bhava Madhaya or the middle point of the houses where as in Western Astrology, the Asc cusp means the 
beginning of the first house, the II cusp means end of Ist house and beginning of the II house and so on. 
The planets are also shown with their symbols only and the degrees of the zodiac acquired by a planet is 
also written along with the Planet in the chart. 

8.3 Casting of Horoscope 

The process of casting of horoscope involves two main activities. Firstly we have to find by calculation 
the exact degree of longitude of the Ascendant or the lagna. Secondly 


advanced projects 


CARBORUNDUM CRYSTAL SET 


Materials other than galena, silicon or germanium have 
the property of detection. In the beginning of radio, 
carborundum (the name given to a compound of silicon 
carbide) was also used as a detector, The required heavy 
catwhisker pressure made it suitable for the early radio 
stations on ships, as it did not fall out of adjustment. 
It would also handle the strong signal energy from nearby 
spark transmitters without burning out. But what makes 
this type of crystal detector different, is the necessity 
for a bias battery. 


A crystal detector has a high current flow with voltage 
applied so that it conducts in the forward direction 
(catwhisker to crystal), and a very low current flow in 
the reverse direction. The amount of current flow in the 
forward direction depends upon the characteristics of the 
crystal material and the applied forward voltage. 


FORWARD 

CURRENT GERMANIUM SIL LICON CARBORUNDUM 
MA 1N34A N914 

3.0 
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FORWARD VOLTAGE 


TYPICAL CRYSTAL DIODE CURRENT 


The graph compares carborundum with germanium and silicon 
crystal detectors. Germanium minimum conduction voltage 
is about 0.3 V, Silicon is 0.6 V, and carborundum is 3 V, 
The high carborundum minimum conduction voltage is the 
reason a bias battery is used to move the threshold down 
so that weak radio signal voltages can be detected. 
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we have to calculate the longitudes of all the nine planets or grahas mentioned earlier in chapter 1. 

8.3.1 There are mainly two important methods to find out the lagna and the planetary position at the time 
of birth of a child or a question, event, or incident/accident. The first method is called the modern method 
by using the table of Ascendants and ephemeris. The other method is traditional method adopted by the 
Hindu astrologers where the horoscopes are prepared with the help of traditional Panchangas (almanacs, a 
kind of traditional ephemeris). Now a days with the advent of calculators, log tables, computers etc. 
comparatively more accurtae horoscopes can be prepared by using modern method. In these lessons, 
therefore, our emphasis will be more on to the modern method. However for the academic interest of the 
students we will discuss the traditional method also at the appropriate time and place. But for the present 
let us proceed with the modern method of casting horoscope. 

8.4 Modern Method of Casting Horoscope 

As already metnioned in para 8.3 above it involves or 

consists of two stages, viz: 

(a) calculation of longitude of lagna/Asc (b) calculation of longitudes of planets 

We will therefore take up the above two stages one by one. 

8.4.1 CALCULATION OF LONGITUDE OF LAGNA: 

We have already discussed in earlier lessons that the long. of lagna or the Ascendant is calculated by 
using the Tables of Ascendants which gives the Ascendants rising at different latitudes for each 4 minutes 
interval of Sidereal time. Accordingly the Sidereal time of Birth/epoch is very important to know the 
lagna/ Ascendant. In lesson 7 we have discussed at length how to find out the sidereal time of birth/epoch 
and we hope that by now our students are well 


conversant with the calculation of sidereal time of the epoch. We will now advise our students to proceed 
as follows to calculate the longitude of the lagna or the Ascendant: 

Step 1: Calculate the Sidereal time of birth/epoch by following the 8 steps given in chapter 7. 

Step 2: In the book Table (1.e. Ascendants by N.C.Lahiri, locate the page where Ascendants for the 
appropriate latitude 1. e. the latitude of the place of the Birth are given. In case table for exact latitude 1s 
not available, then the other table for the latitude which is nearest to the latitude of the place of birth could 
be made use of. In case a more precise work 1s needed, the students may find out/calculate the Ascendant 
at two consecutive latitudes falling either side of the given latitude & then find out the exact longitude by 
interpolation of the two Ascendants. However we feel that in most of cases the calculation of Ascendant 
for the nearest latitude may serve the purposes and the interpolation may not be necessary. 

Step 3: Calculate the Ascendant/lagna with the help of the appropriate Table. 

Step 4: As the table of Ascendants by N. C. Lahiri gives the Nirayana longitudes of Ascendants for the 
year 1938, 1t 1s necessary to apply the Ayanamsha correction as given at Page 6 of the book to get the 
correct lagna. The above steps can be best explained with the help of an example. 

Example 1 : Calculate the long of Ascendant/lagna for the Native of Example 1 in Para 6.3. 

Solution: Referring to the example 1 of chapter 6 we get: 

Step 1: Sidereal Time of Birth = 11 hrs 22mts 22secs. 


<\sc for Delhi have been given at page 48. So vVe use the table given at page 48. (Also available it page 
134-35 of Indian Ephemeris for 2002). 
fhe Ascendant/lagna 1s calculated as follows : :Refer Page 134 of Ephemeris for 2002) 

Sidereal Time Long. of Ascendant 

11 h 22” ose 7? 16° 30' 


00220004 
F or additional 22 sec of Sidereal Time increase will be = 12 -;- 60 x 22 = 4' 
... for 11hrs 22mts 22secs= 7 16° 34". 


Ayanamsha correction for the year 2002 (Refer Page 135 of Ephemeris for 2002) = (-) 0° 54' 
Therefore correct lagna/ Asc = 7°-15° -40' 

or Scorpio 15°-40' 

(As 7 signs i.e. upto Libra already passed) 

lle 2 : Calculate the Asc of lagna for the native NO.2 in para 6.3. 

Sid. Time of Birth = 11-49-15 

The latitude of New York 1s 40° 43'N 

(This can be noted from the table given at page 111). An appropriate table giving the longitude (nearest 

latitude 41 ° 0' North) is given at page 62. So we use this table to calculate the Asc. 

Calculate the lagna or Asc as follows : 

Sidereal Time Ascendant/lagna 

11 h 48” osee 7° 15° 28' 

11* 52" osee 7° 16° 17' 

variation in 4 minute = 49' 


49 
Imts 15secs (or 75 sees) = - x75 240 
=15' (Appx.) 
=P 15" 28" FIS 
Step 4: Ayanamsha correction 

for the year 2002 = -54' 
Therefore correct Lagna = 7° 14° 49' or Ascendant is Scorpio 14° 49' 
Question : Students may please choose the places situated in northern Hemisphere out of the 10 places 
given in Question of Exercise 6 and work out the longitude of lagna/ Asc in all those cases. 
CHAPTER 9 
CASTING OF HOROSCOPE II 
9.1 Calculation of Ascendant for places situated in Southern Hemisphere (or the Southern Latitudes) 
The methodology for calculation of lagna/ Ascendant for places located in Southern hemisphere/southern 
latitude is exactly similar as for Northern latitude, if we have with us Tables of Ascendants for Southern 
Latitudes. The Lahiri's tables available to us are for Northern latitude. If the same tables are to be used for 
calculating the Lagna rising in places situated in the Southern latitudes, it is but obvious that some 
modification is definitely called for. As such for calculating the Lagna in Southern Latitude with the help 
of Tables for Northern Latitude, we have to proceed as follows: 
Step 1: Find out the Sidereal Time of Birth by following the eight steps, 1 to 8 given in chapter : 6 as 
done in the case of Northern Latitude. 
Step 2: Add 12 hours to the Sidereal time worked out in step 1. If the total Sidereal Time after adding 12 
Hours exceeds 24 hrs., then subtract 24 Hours from it, and retain the remainder. The Sidereal Time so 
modified will be called as modified Sidereal Time. 


Step 3 Locate the appropriate table for the Latitude of the place of birth in the Tables of Ascendants for 
Northern Latitudes. 

Step 4: By using the Modified Sidereal Time worked out in step 2 above, calculate the Ascendant in the 
similar way as in chapter 8 using the Table located in step 3. 

Step 5: Apply Ayanamsha correction (Page-6) for the appropriate year, 1.e. the year of birth. 

:tep 6: Add 6 Signs to the Ascendant Calculated/worked out in step 5 to get the correct Lagna. If 
the Asc. exceeds 12 signs then subtract 12 signs from it. 

9.2 Students may please note that modification incoported above is applied only for the places in 
Southern Latitudes if the Tables of Ascendants used is for Northern Latitudes and vice-versa. If 
the Tables of Ascendants are available for the same hemisphere in which the birth has taken place, 
no modification is necessary. Students are also ~dvised to read the Example 3 given in the Tables 
of Ascendants for Northern Latitudes by N.C. Lahiri, at page - (viii) in the beginning of the book. 
We will now explain the abOve mentioned 6 steps with the help of an example. 

Example 1 : Calculate the lagna for the native of example no. 3 in chapter 6. (DaB 17-8-2002 TaB 15-25 
hrs. 2ST) 

Solution: Place Sydney, Latitude: 33° 52' South Step 1 : Sid. Time of Birth = 13" 11” 32°° 

Step 2 : By adding 12h we get the modified Sidereal Time as 25" 11 m 32°. As it exceeds 24", deduct 24 
hrs. Therefore, Modified Sidereal Time = I” 11” 32°. 


Step 3 : Latitude of Place of Birth is 33°52'S. Hence use the Table for 34%0'N (Page-55) 
Step 4 : The Lagna is calculated as under : 
Sidereal Time Lagna @ 
I" 8™ 0° 3° 6° 18' 
ial aa 3> 7° 8' 
@ To be corrected 
Variation in 4 Mins. = 50' 
(or in 240 Secs) 
Therefore, variation in 212 Sec. = 50+240x 212 = 44.17' 


or Say =44' 
Hence Lagna for I" llm 32%" = 3°6°18' + 44! 
= 3°7°02' 


Step.5 Apply Ayanamsha Correction for 2002 = (--)0°54' . Corrected Lagna in North Latitude 
3°7°02'(-)54' = 3°6°08' 

Step 6 : Add 6 signs to get the lagna in Southern Latitude = +6° 

= 9°6°8' 

Therefore, Lagna or Asc Capricon 6°8' 

Example 2 : Calculate the lagna for the native born on 14th November 2001 at 4hrs 48mts (ZST) in Lima 
(Peru). 

Solution: Refer N.C. Lahiri's Table of Ascendant at page llO and note birth place i.e. Lima (Peru) and 
latitudes, longitudes, time corrections etc. 

Time Zone ( -) 5 hours. Latitude Longitude 77°-02' west L.M.T. -08 sec. 

12°-02' south fromZST(-)8 min 

[.S.T. from Z.S.T. + 1 Oh-3 om, correction to Indian Sidereal Time (+) Imt. 45 secs. 


Step 5: ZST of the birth of native 
Step 6: LMf Local Tmie Correction (page-110) Step 7: L.M.T. of birth 
Step 8: As it is fore noon birth 
1.1. from noon (12 hours(-) 4"39"52°*) = 7: 20 : 08 
Correction to increase the 1.1. (Page 5)=(+) 01: 12 
Hence the increase 1.1. (B) 7:21 :20 
Being A.M. birth (A)-(B) 8:14:10 
(15:35:30(-)7:21:20) =8:14: 10 
Step 12: The Sidereal time of birth 8:14:10 
Step 13: The Latitude indicates the birth place 1s in southern 
Hemisphere. But the Lahiri's Table of Acendant is for Northern latitudes. Therefore the method prescribed in para 9.1 is 
to be used ¡.e. add 12 hours to the sidereal time available at step 12. 
Step 14: Modified Sidereal Time 12hrs + 8" 14" lOsee 
Step 3 : 
Step 4: 
Step 9: 
Step 10: 
Step 11: 
Sidereal Time of 14 Noy. 1900 
12 noon at Longitude 82°30'East (Page 3) = 
Correction for the )'ear 2001 


(page 4) 
Correction to 1. Sid. Time (P-11 0) Sid. Time of 14th Nov. 2001 of Peru 
at 12 noon (A) 


=(+) 0:2: 08 =(+) 0 : 01 : 45 

=(-)0:8:08 := 4: 39 :,52 

Step 15: Calculate Ascendant on the basis of Latitude 12° 02' North (P-19 of Table of Ascendant), the table is for 12° 
North, which is nearest. The use 1s as under: 


Hence Ascendant is 0115°-30' + 36' or Mesha 
Aynamsha correction (P-6) 
Correct Ascendant 


Sidereal Time Ascendant 
Hrs Mts Secs Rasi degree mts 
20 16 00 0 16 36 
20 12 00 0 15 30 
0 04 00 0 l 06' 


Modified S.T. of birth = 20: 14: 10, which is more by 0:2 10 (20 : 14 : 10 (-) 20 : 12 : 00) or 130 secs Variation is 
4 mins or 240 secs = 66' 
'W ... d66. 858 3 5 varlatIOn m 130 secon s = 240x 130 = 24 =.5.7 
or=36' or 0/16°-06'= 16° 06' 0° -,-53' 
Step 16: 12° 2' is Southern Latitude, hence 
add 6 signs to the above W+ 0115°-13') = 6/15°-13' i.e. Tula Ascendant of 15° 13' 
Step 17: Hence the native born with Tula 15 ° 13' Ascendant. 
EXERCISE - 9 
Calculate the Ascendants for the data given below : 

(a) Jakarta 21-4-1943 5:25 AM (IST) 

(b) Mombasa 11-7-1923 10:30 PM (IST) 


(c) Narobi 17-8-1986 6:24 PM (2ST) 
(d) Canbera 23-4-1972 4:40 PM (2ST) 
(e) Sydney 15-9-1936 3:25 AM (IST) 


CHAPTER 10 CASTING OF HOROSCOPE ITI MODERN METHOD 

10.1 Calculation of Longitudes of Planets/Planetary Position at Birth or Graha Spashta 

We have already advised our students to purchase and have with them a complete set of Lahiri's Indian 
Ephemeris (Please refer Para 3.13 in Chapter 3). A perusal of these Ephemeris reveals that : 

(a) In the yearly Ephemeris e.g. for the year 2001, 2002, 2003, the daily position of all planets including 
Moon has been given at 5:30 AM (IST). 

(b) In the condensed Ephemeris for the year 1941-51, 1951-61, 196L-71, 1971-81, 1981-85, 1986-1990, 
1991~1995 & 1996-2000 etc., daily position of Moon has been given for 5:30 AM (IST) where as for the 
remaining Planets except RahulKetu, the position has been given at 5:30 AM (IST) for every alternate 
day. Rahu's position has been given for | st . of each month for true as well as mean Rahu. 

(c) In the Ephemeris (condensed) for the years 1900 to 1941, the position have been given for 5:30 PM 
(IST) daily for Moon, twice in a week i. e. for Sundays and Wednesdays for Mercury and weekly position 
i. e. for every Sunday in respect of Saturn, Jupiter, Mars, Sun, and Venus. Rahu's position has been given 
monthly i. e. for 1 st of each month. The Rahu's position in this Ephemeris is for 'Mean' Rahu 

(74) 


only and not for "True' Rahu. n'ue Rahu is by considering the actual ova/elliptical shape of orbit of Moon 
and the ecliptic, where as Mean Rahu is calculated by considering their orbits as perfect circle. As the 
later is not factually correct we prefer to have only T7'ue Rahu in our calculations as far as possible. 

10.2 Keeping in view the above three different types of data available in the Ephemeris, we propose to 
discuss the calculation of planetary positions in three different parts. Accordingly we will first of all take 
the Ephemeris for the year 2002 and calculate the planetary position for the given time of Birth of a 
native. It should be noed that the Lahiri's Indian Ephemeris gives the position of Planets either for 5 :30 
AM (IST) or 5:30 PM (1ST). Accordingly any time of Birth whether it is given in LMT or ZST or GMT 
must be first converted to 1ST so as to use these Ephemeris. 

10.3 Calculation of Planetary Position by using Yearly Ephemeris 

The calculation of Planetary position is best explained with the help of an example. However before we 
take up an example it is necessary to advise the students that while selecting the two consecutive dates 
from the ephemeris for obtaining the reference position of planets, care must be taken to see that the dates 
should be such so that our date and time of birth falls in between the two for convenience in interpolation. 
Example 1 : Calculate the planetary position at the time of birth of a native at Delhi on Sunday the' 25 
Oct. 2002 at 09:30 am (IST) [Para 6.3 and para 8.4]. 


Solution: Use Lahiri's Indian Ephemeris for 2002 we will calculate the moon's position first. 


MOON (Page 32) 
Position at 5:30 AM (IST) on 25/10/02 = 1'18°3' 58" Position at 5 :30 AM (IST) on 2611 0/02 = 2* (XPI9' 
32" 
Motion in 24 hours OSI2°15'54" 
Time elapsed from 5:30 AM to 9:30 AM 4 hours 
Therefore motion in 4 hours (1/6th of 24 hourly motion) 
OS2°2'39" 
Add position at 5:30 AM of 25-10-2002 1'18°3'58" 
Position at Birth 1'20°6'37" 
or Vrish 20°6'37" 


or rounding off we can say position of Moon = Vrish20°7' 
Note: The position at 5:30 AM is indicated in the 7th column. The first column gives the dates of the 
month. 
10,4 The above method of finding out the proportionate motion in 4 hours is by simple arithmetic or by 
using an electronic calculator. We can also find out this motion by using the log tables given at page 
(156-57) of the Ephemeris. liowever, as these log tables are proportionate and are meant for use with 24 
hourly motion. 
Therefore motion of Moon in 24 hours =12° 15' 54" Log of motion (i.e. 12° 15' 54" or 12° 16') 

(page 156) =0.2915 

Log of 4 hours =0.7781 
(T11lle Interval from 5:30 AM to Birth T1 1 Ile) 

Total = 1.0696 
By taking antilog of this we will get the desired motion in 4 hours. Since there is no separate table, we 
have to locate the nearest figure to 1.0696 in the table and then read the degrees and minutes. We find that 
antilog of (nearest) 


all about crystal sets 


TUNING COIL 


As shown in the illustration, the tuning coil L1 is wound 
on a cardboard (or plastic ) mailing tube section 
2-inches in diameter and 2 3/4-inches long, 
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TUNING COIL ASSEMBLY 


Locate and drill a hole 1/4-inch from each coil form end 
for machine screws to fit the two spacers. Also drill 
holes for two mounting brackets at one end. Then drill a 
small hole near each spacer hole to feed the wire on the 
form before you start winding. 


Wind the coil with No. 24 enameled copper wire. Tap the 
coil every 10 turns for a total of 9 taps. An easy way to 
make the taps is to twist the wire together for a half 
inch and position the free end out. Make all the coil 
taps in the area between the two spacer holes. Thread the 
free end of the wire through the small hole at the end of 
the form near the spacer hole. Make sure that all of the 
turns are tightly wound and close together. Use a section 
of sandpaper to remove the enamel from the tap wire ends, 
Then tin the ends. 
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1.0720 is 2° 2' 
and 1.0685 is 2° 3' 
Therefore variation of 35 is equal to I' or 60" 
So variation of 1.0696 (-) 1.0685 is 63~x 11 = 18.857" - ) 
Deducting 19" from 2° 3' we get the motion of Moon in 4 hours Adding this to position at 5:30 AM on 
25-10-2002 
Position of the Moon at Birth 

or say = 
10.5 By looking at the above calculation student may feel that using logarithms is rather a cumbersome 
process. Actually it is not so. In the above calculations we have tried to show to the students that if more 
precision 1s required we can work out the longitudes of planets upto seconds (") of arc by log table also. 
However in most of the cases, calculation of longitudes of planets upto nearest Minute (') of arc will 
suffice or meet our requirement. Therefore we need not interpolate the figures while working out the 
Antilog and only the nearest figure will do. In the context of Moon, while taking antilog the nearest figure 
is 1.0685 for which antilog is 2°03' and this will meet our requirement. More over in the instant example 
the time interval from 5:30 AM to time of birth i.e. 9:30 AM is 4 hours which is a round figure and 
students can easily make 1/6 (of 24 hours motion) to get the 4 hours motion. However more often than 
not, the time interval may be like 7 Hrs 21 Min., 11 Hrs 39 Min. and so on. In such cases the use of 
logarithms will be easier and quicker. Students may threfore decide for themselves as 
1'18°3'58" 12006'39" 1 s2001' 


P 15° 11' =+6s 
to which method ¡.e. the calculator method or the logarithm method appears to be the easier one and may 
adopt the same. The whole idea 1s only to get the proportionate motion of planets during the time interval 
from the given reference position to the time of birth. 
10.6 With the above background we can now proceed to find out the longitudes of other planets at the 
time of birth. It may further be mentioned here that unless the planetary positions are required correct 
upto seconds (") of arc, we may round off the same to the nearest minute (') of arc by neglecting 30" or 
less and by adopting next higher minute for 31" and above. In the case of remaining planets, we have 24” 
position for each. Our time interval 4" is also fixed for all the planets. So we can find out/calculate their 
planetary position simultaneously in one operation in a tabular form. (See next page) 
As Ketu 1s always opposite to RAHU or 6 sign away from RAHU, its longitude is calculated by adding 6 
sign to the longitude of Rahu. Accordingly : 
Longitude of True Rahu Add 6 sign 

Longitude of Ketu PASA 
(If it exceeds 12s, deduct 12 signs 
but this is not the case here, 

Therefore Longitude of Ketu 715° II 
Students will recall that we had calculated the longitude of lagna for this native vide Example 1 of 
Chapter 8 (Para 8.4.1) as 7° 15° 40'. We can now draw the chart as follows: 


Calculation of Planetary Position at 09:30 AM (AST) 25-10-2002 


Position of ¡Sun VWlTercurv PYenus ldars  |¡hunite Satur Rahu 
ON P ave 

26-10-2002 6'8'30'11Y26°12' 6'17'14'5'12°4 n 1$15°1 

25-10-2002 16$7°30'215'24°33' 16'17°4615'12°0 3'21°42'5°0 |1'15° 


Motion in 2459'47" [1°39 K )0°3289 [7  K)2 M 


Log of 
in 24 Hrs (P-1 3802 16539 [1 5673) 313 D 857 R 158 
Tos 61' Time 
1.e. 4 Hrs. 0.7781 0.7781 0.7781 0.77810.778 077810.778 


Total .1583 [1.9408 24313 P:34548 091 8.635 3.936 


al om A 
in Qe AO UA 8 Q Z OZ o 


Position a 
on 25-10-6740" 5'2450" 16'17°4115'12°8'B'21°42'5°2' [PIS° 


2 
Rahu15°11' 
Moon 
20°F 


YABc Sun 7°Mal2 
14°40' Yen . 
Kej 17°41' 


10.7 Students may please note that the pOSItiOn of Planets in the heavens is dependent on the date & 
time only and is independent of the place of Birth. The place of birth is important for calculating the 
Rising Sign or Lagna or 


Ascendant. Before we close this discussion we will take up another example to work out the 
longitude/position of planet. 
Example 2 : Calculate the longitude of Planets for a native born at 10:24 PM (IST) on 11 July, 2002. 
Solution : As the place of birth has not been given we can not calculate the lagna. As such only the 
longitudes of planets are required to be calculated. This has been worked out in the tabular form in the 
next page which is self explanatory. 
Question 1 : Calculate the Planetary Position 
(longitudes of Planets) for following date md time : 

(a) 26-1-2003 10:20 AM (IST) 

(b) 25-12-2003 7:30 PM (ZST) London 

(c) 15-08-2003 7:30 AM (IST) 

(d) 25-04-2003 00:45 AM (ZST) New York 
Note : For (b) & (d) students may refer to Para 10.2. 


Position at Sun Moon oon Mere ere enus Venus Mars ars p Sat Ra (R) 


5.30 12-7-2002 525'36'22" BSW2'16" 21502  4"7'22' B*5'03' 'B*130' 1'28'42'  11'23'40' 
5.30 AM 11-7-2002 224'39'08" B81'57'23" 2130r 4615 pB495 B*1"16' 1°28'35'  11'23'44' 
Motion in 24 HI's 57-14" 14'04'53" 


Los Motion in 24 TM's. 1.4025 0.2315 
Log of Time interval* 1573 0.1523 


WI< Am 


Total 1.5548 0.3838 1.2279 1.4846 [1.7309 .1645 4656 .7086 
Nearest figure given 1n11.5563 0.3838 1.2289 1.4863 {1.7270 1584 4594 .6812 
d ble 


Taking anti-log we get 
the motion till time of 


birth 0°10! 0°5' (-)0°3' 
Add reference position "24'39'08" B"1'57'23" 3425' B*1'16' 128'35"  1P23'44' 
Position at birth 251908" B* 11052123" P 14026" 47% Bw45s2 BroJo26' 11" 28°40 l 
*Time Interval for all planets from 5 : 30 A.M. to 10 : 24 P.M. = 16 Hrs 54 Min. (R) Means Retrograde 


i.e. the planet appears to be moving backwards. 
Note: Ketu's position would be six signs away from Rahu and hence not calculated separately. 


ÚS = 
5.30 15-2-2001 T 2 30 Wee 51 9 aa 11 153 - 6 13 1 8 OD Y 36 a 5 
5.30 AM 14-2-2001 10 1 2 6 1754 9 29201114 537542 1 7 = 10 34 20 5 
24 hrs motion 1257 (-) 109 041 0 31 0 2 (-)0 1 
De 


Los 0124 hrs Motion 154 | 16670 2. om 8573 B.1584 
+Iog of Time interval* 0.22 | 0.2213 0.2213 | 0.2213 (0.2213 


Total 1.5943 0.4892 1.540| 1.76 1.8883 2.7776 3.0786 3.3797 
Nearest tigure given 1 1.5902 0.4890 1.545| 1.76 1.8796, 2.8573 3.1584 B.1584 
dhDIc 


Taking anti-log we get 
the motion till time of 
birth 0237 7247" (E) 0°41' 0°25 0°19' 0°2' 0°01'  (-)0°01 
Add reference position 10 1 29 6 1754 9 2920/11 E 7542 1 758 10 34 20 51 


102% 06: for 25°41" p"28°39fl1"  p"erorji"seoo fsor3s Pp 20 
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advanced projects 


Mount 9 push-in clips in a 1/2-inch by 2 1/4-inch perf 
board section. Locate and drill holes on the board and 
install it on the coil form with two solder lugs, 
1/2-inch Spacers, machine screws, and nuts. Solder the 
coil taps to the ends of the push-in clips, Connect the 
coil leads to the solder lugs and mount the two 1/2-inch 
brackets on the coil form. 


DETECTOR 


The crystal detector assembly is vertical, (as shown in 
the illustration) instead of horizontal as in most 
catwhisker detectors, Begin construction by cutting the 2 
1/2-inch diameter base and 2-inch by 4-inch vertical 
section from 1/4-inch thick wood. 
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DETECTOR ASSEMBLY 


Locate and install the two fahnestock clips on the base 
with solder lugs and small wood screws. Mount the 
vertical section on the edge of the base with wood screws 
(or cement). Locate and install the catwhisker holder 
with a solder lug, machine screw and nut near the top of 
the vertical section. 
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Preface 


This book has evolved from a course in mathematical writing offered to second year 
undergraduate students at Queen Mary, University of London. 

Instructions on writing mathematics are normally given to postgraduate stu- 
dents, because they must write research papers and a thesis. However, there are 
compelling reasons for providing a similar training at undergraduate level, and, 
more generally, for raising the profile of writing in a mathematics degree!. 

A researcher knows that writing an article, presenting a result in a seminar, or 
simply explaining ideas to a colleague are decisive tests of one’s understanding of 
a topic. If a sketched argument has flaws, these flaws will surface as soon as one 
tries to convince someone else that the argument is correct. The act of exposition is 
inextricably linked to thinking, understanding, and self-evaluation. 

For this reason, undergraduate students should be encouraged to elucidate their 
thinking in writing, and to assume greater responsibility for the quality of the expo- 
sition of their ideas. Their first written submissions tend to be cryptic collections of 
symbols, which easily hide from view learning inadequacies and fragility of knowl- 
edge. It is quite possible to perform a correct calculation having only limited under- 
standing of the subject matter, but it is not possible to write about it. A good writing 
assignment exposes bad studying habits (approaching formal concepts informally, 
or treating them as mere processes —see [1]), and provides a most effective tool for 
correcting them. 

This course’s declared objective is to teach the students how to develop and 
present mathematical arguments, in preparation for writing a thesis in their final 
year. For those who will not write a thesis, this course represents an indispensable 
minimal alternative, which is also more manageable in terms of teaching resources. 
The writing material is taken mostly from introductory courses in calculus and al- 
gebra. This suffices to challenge even the most capable students, who commented 
on the ‘unexpected depth’ required in their thinking, once forced to offer verbal ex- 


'The poor quality of student writing in Higher Education has raised broad concern [42]. 


planations. The students are asked to use words and symbols with the same clarity, 
precision, and conciseness found in books and lecture notes. This demanding ex- 
ercise encourages logical accuracy, attention to structure, and economy of thought 
—the attributes of a mathematical mind. It also forces us to understand better the 
mathematics we are supposed to know. 

The development of writing techniques proceeds from the particular to the gen- 
eral, from the small to the large: words, phrases, sentences, paragraphs, to end with 
short compositions. These may represent the introduction of a concept, the proof of 
a theorem, the summary of a section of a book, the first few slides of a presentation. 

The first chapter is a warm-up, listing dos and don’ts of writing mathematics. 
An essential dictionary on sets, functions, sequences, and equations 1s presented in 
chapter 2; these words are then used extensively in simple phrases and sentences. 
The analysis of mathematical sentences begins in chapter 3, where we develop some 
constructs of elementary logic (predicates, quantifiers). This material underpins the 
expansion of the mathematical dictionary in chapter 4, where basic attributes of real 
functions are introduced: ordering, symmetry, boundedness, continuity. Mathemat- 
ical arguments are studied in detail in the second part of the book. Chapters 6 and 
7 are devoted to basic proof techniques, while chapter 8 deals with existence state- 
ments and definitions. Some chapters are dedicated explicitly to writing: chapter 1 
gives basic guidelines; chapter 3 1s concerned with mathematical notation and qual- 
ity of exposition; chapter 9 is about writing a thesis. Solutions and hints to selected 
exercises are given in appendix A. 

The symbol [#] appears often in exercises. It indicates that the written material 
should contain no mathematical symbols. (The allied symbol [ £, n] specifies an 
approximate word length n of the assignment.) In an appropriate context, having 
to express mathematics without symbols is a most useful exercise. It brings about 
the discipline needed to use symbols effectively, and is invaluable for learning how 
to communicate to an audience of non-experts. Consider the following question: 


[£, 100] 


I have a circle and a point outside it, and I must find the lines through 
this point which are tangent to the circle. What shall I do? 


The mathematics is elementary; yet answering the question requires a clear under- 
standing of the structure of the problem, and a fair deal of organisation. 


Write down the equation of a line passing through the point. This equa- 
tion depends on one parameter, the line’s slope, which is the quantity 
to be determined. 


Adjoin the equation of the line to that of the circle, and eliminate one 
of the unknowns. After a substitution, you’ll end up with a quadratic 
equation in one unknown, whose coefficients still depend on the param- 
eter. 


Equate the discriminant of the quadratic equation to zero, to obtain an 
equation —also quadratic— for the slope. Its two solutions are the 
desired slopes of the tangent lines. Any geometrical configuration in- 
volving vertical lines (infinite slope) will require some care. 


The most challenging exercise of this kind is the MICRO-ESSAY, where the 
synthesis of a mathematical topic has to be performed in a couple of paragraphs, 
without using any symbols at all. This exercise prepares the students for writing 
abstracts, a notoriously difficult task. 

The available literature on mathematical writing is almost entirely targeted to 
post-graduate students and researchers. An exception is How to think like a math- 
ematician, by K. Houston [19], written for students entering university, which de- 
votes two early chapters to mathematical writing. The advanced texts include Math- 
ematical writing, by D. E. Knuth, T. L. Larrabee, and P. M. Roberts [22], Handbook 
of writing for the mathematical sciences by N. Higham [18], and A primer of math- 
ematical writing by S. G. Krantz [20]. Equally valuable is the concise classic text 
Writing mathematics well, by L. Gillman [12]. Unfortunately, this 50-page booklet 
is out of print, and used copies may command high prices. 

The timeless, concise book The elements of style, by W. Strunk Jr and E. B. 
White [36] is an ideal complement to the present textbook. Anyone interested in 
writing should study it carefully. 


This book was inspired by the lecture notes of a course in logic given by Wilfrid 
Hodges at Queen Mary in 2005-2006. This course used writing as an essential tool, 
in an innovative way. Wilfrid has been an ideal companion during a decade-long 
effort to bring writing to centre stage in our mathematics degree, and I am much 
indebted to him. 

The development of the first draft of this book was made possible by a grant 
from the Thinking Writing Secondment Scheme, at Queen Mary, University of 
London; their support is gratefully acknowledged. I also thank Will Clavering and 
Sally Mitchell for their advice and encouragement throughout this project, and Ivan 
TomasSié for the discussions on logic over coffee. The students of the Mathematical 


Writing course at Queen Mary endured the many early versions of this work; I thank 
them for spotting errors and mis-prints. I also thank Lara Alcock, for her thought- 
ful, detailed feedback on an earlier version of the manuscript, which prompted me 
to re-consider the structure of some chapters. 

Finally, I owe a special debt to my daughter Giulia who had the patience to read 
the final draft, suggesting improvements in hundreds of sentences and removing 
hundreds of commas. 


Franco Vivaldi 
London, 2013. 
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CONTENTS 


Chapter 1 
Some writing tips 


The following short mathematical sentences are poorly formed in one way or an- 
other. Can you identify all the errors and would you know how to fix them? Com- 
pare your answers with those given at page 205. 


Exercise 1.1. 
l. ais positive. 
2. Two is the only even prime. 
3. Ifx>0 g(x) 40. 
4. We minus the equation. 


_ xX? +1 has no real solution. 
. When you times it by negative x, < becomes >. 
. The set of solutions are all odd. 


. Ssin(Tx) =O > x is integer. 


O 0 N WB WN 


. An invertible matrics is when the determinant is non-zero. 
10. This infinete sequence has less negative terms. 
In this chapter you will learn how to recognise and correct common mistakes, 
the first step towards writing mathematics well. By the time you’ll reach the ex- 


ercises at the end of the chapter you should already feel a sense of progress. You 
should return to this chapter repeatedly, to monitor the assimilation of good practice. 


l 


all about crystal sets 


Temporarily position the crystal holder on the base so 
that the catwhisker will touch the center of the crystal. 
Locate and mount the crystal holder in this position with 
a solder lug and machine screw and nut. Connect the 
detector assembly with hookup wire as shown in the 
illustration. Solder a short section of coiled steel 
spring wire to the end of the positioning rod to serve as 
a catwhisker, Cut the end of the wire diagonally to give 
it a sharp point. 


BASEBOARD 


The receiver parts are installed on a 8-inch by 7-inch by 
3/4-inch wood base. Wherever poossible, small wood screws 
are used to hold the components on the base. 


Begin construction by laying out and installing the parts 
in the positions shown in the illustration. It will be 
necessary to make a metal mounting bracket to fit Rl. 
CiA-B and C2 are mounted with machine screws in the 
tuning capacitor frames through countersunk holes in the 
base. Install solder lugs in the rear frame of both 
tuning capacitors. Also mount solder lugs with all of the 
terminals. Install knobs on the tuning capacitors and Rl. 


WIRING 


Use hookup wire to connect the crystal set parts as shown 
in the schematic and illustration. Connect 5-inch leads 
of flexible stranded insulated wire to each alligator 
clip. Solder one lead to the stator lugs of C1A-B and 
connect the other lead to Di. Connect C3 and C4 as shown 
and keep their leads as short and direct as possible. 


Experiment 1 

Connect your antenna to Jl, ground to J2, and 2000-ohm 
headphones to J5 and J6. Temporarily connect a germanium 
diode (1N34A or equiv.) in place of the carborundum 
crystal detector Di. The diode will make it easier to 
check out the receiver. 


Do not attach the battery 
to J3-J4 at this time, or 
the diode may be damaged. 
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2 CHAPTER 1. SOME WRITING TIPS 


1.1 Grammar 


You are advised to use an English dictionary, e.g.!, [32], and to recall the basic 
terminology of grammar (adjective, adverb, noun, pronoun, verb, etc.?) —see, for 
instance, [36, pp. 89-95]. 


e Write in complete sentences. Every sentence should begin with a capital let- 
ter, end with a full stop, and contain a subject and a verb. The expression “A 
cubic polynomial’ is not a sentence, because it doesn’t have a verb. It would 
be appropriate as a caption, or a title, but you can’t simply insert it in the 
middle of a paragraph. 


e Make sure that the nouns match the verbs grammatically. 


Bap: The set of primes are infinite. 
Goob: The set of primes 1s infinite. 


(The verb refers to ‘the set”, which 1s singular.) 
e Make a pronoun agree with its antecedent. 


Bap: Each function should be greater than their derivative. 
Goop: Each function should be greater than its derivative. 


(The pronoun ‘its’ refers to ‘function’, which is singular.) 
e If possible, do not split infinitives. 


Bap: We have to thoroughly examine this proof. 
Goop: We have to examine this proof thoroughly. 
Bap: I was taught to always simplify fractions. 

Goop: I was taught always to simplify fractions. 


(The infinitives are ‘to examine’ and ‘to simplify’.) In some cases a split 
infinitive may be acceptable, even desirable. 


Goop: This is a sure way to more than double the length of the manuscript. 


l Abbreviation for the Latin exempli gratia, meaning ‘for the sake of example’. 
2 Abbreviation for the Latin et cetera, meaning ‘and the rest’. 


1.1. GRAMMAR 3 


e Check the spelling. No point in crafting a document carefully, 1f you then 
spoil it with spelling mistakes. If you use a word processor, take advantage 
of a spell checker. These are some frequently misspelled words: 


Bab: auxillary, catagory, consistant, correspondance, impliment, indispensi- 
ble, ocurrence, preceeding, refering, seperate. 


These are misspelled mathematical words that I found in mathematics exam- 
ination papers: 


Bab: arithmatic, arithmatric, derivitive, divisable, falls (false), infinaty, matrics, 
orthoganal, orthoginal, othogonal, reciprical, scalor, theorom. 


e Be careful about distinctions in meaning. 
Do not confuse it’s (abbreviation for it is) with its (possessive pronoun). 


Bap: Its an equilateral triangle: it’s sides all have the same length. 


Do not confuse the noun principle (general law, primary element) with the 
adjective principal (main, first in rank of importance). 


Bap: the principal of induction 
Bap: the principle branch of the logarithm 


Do not use less (of smaller amount, quantity) when you should be using fewer 
(not as many as). 


Bap: There are less primes between 100 and 200 than between 1 and 100. 


e Do not use where inappropriately. As a relative adverb, where stands for in 
which or to which; it does not stand for of which. 


Bap: We consider the logarithmic function, where the derivative is positive. 
Goop: We consider the logarithmic function, whose derivative is positive. 


The adverb when is subject to similar misuse. 


Bab: A prime number is when there are no proper divisors. 
Goop: A prime number is an integer with no proper divisors. 


e Do not use which when you should be using that. Even when both words 
are correct, they have different meanings. The pronoun that is defining, it 
is used to identify an object uniquely, while which is non-defining, it adds 
information to an object already identified. 


CHAPTER I. SOME WRITING TIPS 


The argument that was used above is based on induction. 
[Specifies which argument. 

The following argument, which will be used in subsequent proofs, 
is based on induction. 

[Adds a fact about the argument in question. | 


A simple rule is to use which only when it is preceded by a comma or by a 
preposition, or when it is used interrogatively. 


e In presence of parentheses, the punctuation follows strict rules. The punctu- 
ation outside parentheses should be correct if the statement in parentheses is 
removed; the punctuation within parentheses should be correct independently 
of the outside. 


BAD: 
GooD: 


BAD: 
GooD: 


This is bad. (Superficially, it looks good). 
This is good. (Superficially, it looks like the BAD one.) 


This is bad, (on two accounts.) 
This is good (as you would expect). 


1.2 Numbers and symbols 


Effectively combining numbers, symbols, and words is a main theme in this course. 
We begin to look at some basic conventions. 


e A sentence containing numbers and symbols must still be a correct English 
sentence, including punctuation. 


BAD: 
GOOD: 
GOOD: 
GOOD: 


BAD: 
GooD: 
GooD: 


a<ba#0 

We have a < b and a FO. 
We find that a < b and a Æ 0. 
Leta < b, with a 4 0. 


= Oe i 
Let x? — 7? = 0; then x = +7. 
The equation x? — 7? = 0 has two solutions: x = +7. 


e Omit unnecessary symbols. 


BAD: 
GooD: 


Every differentiable real function f is continuous. 
Every differentiable real function is continuous. 


1.2. NUMBERS AND SYMBOLS 5 


e If you use small numbers for counting, write them out in full; if you refer to 
specific numbers, use numerals. 


Bap: The equation has 4 solutions. 
Goop: The equation has four solutions. 
Goop: The equation has 127 solutions. 


Bab: Both three and five are prime numbers. 
Goop: Both 3 and 5 are prime numbers. 


e If at all possible, do not begin a sentence with a numeral or a symbol. 


BAD: p is arational number with odd denominator. 
Goop: The rational number p has odd denominator. 


e Do not combine operators (+, +, <, etc.) with words. 


Bap: The difference b—ais < 0 
Goop: The difference b — a is negative. 


e Do not misuse the implication operator = or the symbol .:.. The former is 
employed only in symbolic sentences (section 3.2); the latter is not used in 
higher mathematics. 


BAD: ais an integer > a is a rational number. 
Goop: If ais an integer, then a is a rational number. 


Bap: > x=3. 
BAD: 2°. = 3; 
Goop: hence x = 3. 
Goop: and therefore x = 3. 


e Within a sentence, adjacent formulae or symbols must be separated by words. 


Bab: Consider A,,,n < 5. 
Goop: Consider A,, where n < 5. 


Bab: Add p k times to c. 
Bab: Add p toc k times. 
Goop: Add p to c, repeating this process k times. 


For displayed equations the rules are a bit different, because the spacing be- 
tween symbols becomes a syntactic element. Thus an expression of the type 


An=B,, ALS 


is quite acceptable (see section 5.4). 
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1.3 Style 


A good sentence needs a lot more than grammatical correctness. 


e Give priority to clarity over fancy language. Avoid long and involved sen- 
tences; break long sentences into shorter ones. 


Bab: We note the fact that the polynomial 2x? — x — 1 has the coefficient of 
the x? term positive. 
Goop: The leading coefficient of the polynomial 2x? — x — 1 is positive. 


Bap: The inverse of the matrix A requires the determinant of A to be non-zero 
in order to exist, but the matrix A has zero determinant, and so its inverse 
does not exist. 

Goop: The matrix A has zero determinant, hence it has no inverse. 


e Place important words in a prominent position within the sentence. Suppose 
you are introducing the logarithm: 


Bap: An important example of a transcendental function is the logarithm. 


In this classic bad opening ‘an example of something 1s something else’, the 
focus of attention is the transcendental functions, not the logarithm. 


Goop: The logarithm is an important example of a transcendental function. 
Goop: Let us now define a key transcendental function: the logarithm. 


Suppose you wish to emphasise the scalar product: 


Bap: A commonly used method to check the orthogonality of two vectors is 
to verify that their scalar product is zero. 
Goop: If the scalar product of two vectors is zero, then the vectors are orthog- 
onal. 


e Prefer the active to the passive voice. 


Bap: The convergence of the above series will now be established. 
Goop: We establish the convergence of the above series. 


e Vary the choice of words to avoid repetition and monotony”. 


Bab: The function defined above is a function of both x and y. 


If necessary, consult a thesaurus. 
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Goop: The function defined above depends on both x and y. 
e Do not use unfamiliar words unless you know their exact meaning. 


Bap: A simplistic argument shows that our polynomial is irreducible. 
Goop: A simple argument shows that our polynomial is irreducible. 


e Do not use vague, general statements to lend credibility to your writing. 
Avoid emphatic statements. 


Bap: Differential equations are extremely important in modern mathematics. 


Bap: The proof is very easy, as it makes an elementary use of the triangle 
inequality. 
Goop: The proof uses the triangle inequality. 


e Do not use jargon, or informal abbreviations: it looks immature rather than 
‘cool’. 


Bab: Spse U subs x into T eq. Wot R T soltns? 


e Enclose side remarks within commas, which is very effective, or parentheses 
(getting them out of the way). To isolate a phrase, use hyphenation —it really 
sticks out— or, if you have a word processor, change font (but don’t overdo 
it). 


e Take punctuation seriously. To improve it, read [39]. 


1.4 Preparation and structure 


There are things one must keep in mind when preparing any document. 


e Begin by writing your document in draft form, or at least write down a list of 
key points. Few people are able to produce good writing at the first attempt. 


e Consider the background of your readers; are they familiar with the meaning 
of the words you use? It’s easy to write a mathematics text that’s too difficult; 
it’s almost impossible to write one that’s too easy. 


e Form each sentence in your head before writing it down. Then read carefully 
what you have written. Read it aloud: how does it sound? Have you written 
what you intended to write? Is it clear? Don’t hesitate to rewrite. 
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e Split the text into paragraphs. Each paragraph should be about one ‘idea’, and 
it should be clear how you are moving from one idea to the next. Be prepared 
to re-arrange paragraphs. The first idea you thought of may not have been the 
best one; the sequence of arguments you have chosen may not be optimal. 


e When you finish writing, consider the opening and closing sentences of your 
document. The former should motivate the readers to keep reading, the latter 
should mark a resting place, like the final bars in a piece of music. 


e Word processing has changed the way we write, and often a document is the 
end-product of several successive approximations. After prolonged editing, 
one stops seeing things. If you have time, leave your document to rest for a 
day or two, and then read it again. 


Exercises 
Exercise 1.2. Improve the writing, following the guidelines given in this chapter. 
1. There are 3 special cases. 
2. X is a finite set. 
3. It does not tend to infinaty. 
4. It follows x—1=y". 


5. .. c7! is undefined. 


. The product of 2 negatives is positive. 


aD 


. We square the equation. 
8. We have less solutions than we had before. 
9. x? = y? are two othogonal lines. 

10. Let us device a strategy for a proof. 

11. This set of matrix are all invertible. 

12. If the integral = O the function is undefined. 


13. Purely imaginary is when the real part is zero. 
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14. 
13; 
16. 
17. 
18. 
19. 
20. 
ZA 
2 
23: 
24. 
2): 
26. 
Zola 
28. 
29. 
30. 


Construct the set of vertex of triangles. 

From the fact that x = 0, I can’t divide by x. 

A circle is when major and minor axis are the same. 
The function f is not discontinuous. 

Plug-in that expression in the other equation. 

I found less solutions than I expected. 

When the discriminant is < 0, you get complex. 

We prove Euler theorom. 

The definate integral is where you don’t have integration limits. 
The asyntotes of this hiperbola are othogonal. 
A quadratic function has 1 stationery point. 
The solution is not independent of s. 

ais negative .'. y/a is complex. 

Thus x = a. (We assume that a is positive). 
Each value is greater than their reciprical. 
Remember to always check the sign. 


Differentiate f n times. 
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Chapter 2 


Essential dictionary 


In writing mathematics we use words and symbols to describe facts. We need to 
explain the meanings of words and symbols, and to state and prove the facts. In this 
chapter we consider a mathematical dictionary; we’ll be concerned with facts later. 


Ideally, we ought to explain the meaning of every word and symbol that we use. 
But this is impossible: we would need to explain the words used in the explanation, 
and so on. Instead, we should only explain a word or symbol if our explanation 
will make it clearer than it was before. Accordingly, we shall call a word or symbol 
primitive! if it’s suitable to use without an explanation of its meaning. 


An ordinary English word like ‘thousand’ is obviously primitive, but for more 
specialised words we must consider the context. When we communicate to the gen- 
eral public, the term multiplication can safely be regarded as primitive. Likewise, 
there should be no need to explain to a mathematician what an eigenvalue is, while 
a number theorist will be familiar with conductor. Then there are extremes of spe- 
cialisation: only a handful of people on this planet will know the meaning of Hsia 
Kernel. Finally, terms such as exceptional set mean different things in different 
contexts. Understanding what constitutes an appropriate set of primitives is an es- 
sential pre-requisite for the communication of complex knowledge. Getting it right 
is tricky. 

This chapter describes some two hundred mathematical words, highlighted in 
boldface, and provided with accompanying notation. This is our essential mathe- 
matical dictionary, built around few basic terms: set, function, equation, sequence. 
As we introduce new words, we use them in short phrases and sentences. 


'This terminology is due to Blaise Pascal (French: 1623-1662). 
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advanced projects 


Connect X CiA-B clip lead to the top tap of Li, and Y 
Di clip lead to the second tap from the top. Tune in a 
radio station with C2 and then adjust C1A-B for best 
volume. Change the position of the clip leads and retune 
C1A-B and C2 for best reception. Check operation of the 
receiver over the entire broadcast band, 


Experiment 2 


Tune the receiver to a radio station and then disconnect 
the germanium diode, Do not disturb the receiver tuning. 
Install a carborundum crystal into the Dl assembly. Set 
Ri to mid range, and connect a 6-volt battery to the 
receiver; negative lead to J3, positive lead to J4. 


Adjust the Di catwhisker for a sensitive spot on the 
carborundum crystal, Then set Ri for best volume of 
received signal. Retune C1A-B and C2 and change the clip 
leads on the L1 taps as necessary for reception of radio 
stations. 


Note 
Carborundum that will work as a detector may be hard to 
find. Grinding wheels are not suitable as a source, 


because the carborundum is usually in fine particles 
mixed with other material. Best bet is to contact 
collectors of antique radio parts. But you can use 
this receiver to experiment with minerals for 
semiconductor operation. See the Workshop Section for 
information on mounting mineral sections for detector 
experiments, 


47 
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2.1 Sets 


A set is a collection of well-defined, unordered, distinct objects. (This is the so- 
called ‘naive definition” of a set, due to Cantor”.) These objects are called the 
elements of a set, and a set 1s determined by its elements. We may write 


The set of all odd integers 
The set of vertices of a pentagon 
The set of differentiable real functions 


In simple cases, a set can be defined by listing 1ts elements, separated by com- 
mas, enclosed within curly brackets. The expression 


{1,2,3} 


denotes the set whose elements are the integers 1, 2 and 3. Two sets are equal if 
they have the same elements: 


{1,2,3} = {3,2, 1}. 


(By definition, the order in which the elements of a set are listed is irrelevant.) 

It is customary to ignore repeated set elements: {2,1,3,1,3} = {2,1,3}. This 
convention, adopted by computer algebra systems, simplifies the definition of sets. 
If repeated elements are allowed and not collapsed, then we speak of a multiset: 
{2,1,3,1,3}. The multiplicity of an element of a multiset is the number of times 
the element occurs. Reference to multiplicity usually signals that there is a multiset 
in the background: 


Every quadratic equation has two complex solutions, counting multi- 
plicities. 


Multisets are not as common as sets. 

The set (| with no elements is called the empty set, denoted by the symbol 0. 
The empty set is distinct from ‘nothing’, it is more like an empty container. For 
example, the statements 


This equation has no solutions. 
The solution set of this equation is empty. 


“Georg Cantor (German: 1845-1918). 
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have the same meaning. 
To assign a symbol to a mathematical object, we use an assignment statement 
(or definition), which has the following syntax 


A:= {1,2,3}. (2.1) 


This expression assigns the symbolic name A to the set {1,2,3}, and now we may 

use the former in place of the latter. The symbol *:=" denotes the assignment 
operator. It reads “becomes”, or ‘is defined to be’, rather than ‘is equal to’, to 
underline the difference between assignment and equality (in computer algebra, the 
symbols = and := are not interchangeable at all!). So we can’t write {1,2,3} := A, 
because the left operand of an assignment operator must be a symbol or a symbolic 
expression. 

The right-hand side of an assignment statement such as (2.1) 1s a collection of 
symbols or words that pick out a unique thing, which logicians call the definiens 
(Latin for ‘thing that defines’). The left-hand side is a symbol that will be used to 
stand for this unique thing, which is called the definiendum (Latin for ‘thing to be 
defined’). These terms are rather heavy, but they are widely used [35, chapter 8]. 
The definiendum may also be a symbolic expression —see below. 

While it’s very common to use the equal sign ‘=’ also for an assignment, the 
specialised notation := improves clarity. There are other symbols for the assignment 
operator, namely 
def V 


| (2.2) 


which make an even stronger point. 
To indicate that x is an element of a set A, we write 


xEA x is an element of A x belongs to A. 
The symbol ¢ is used to negate membership. Thus 


(7,55 € 45,145,755 TEAS AS, Ty $. 


(Think about it.) 
A subset B of a set A is a set whose elements all belong to A. We write 


BCA B 1s a subset of A B is contained in A 


and we use Č to negate set inclusion. For example 


mie ek Winey Oc {1} {2,3} £ {2,12,3}}. 
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Every set has at least two subsets: itself and the empty set. Sometimes these are 
referred to as the trivial subsets. Every other subset —if any— is called a proper 
subset. Motivated by an analogy with < and <, some authors write C in place of 
C, reserving the latter for proper inclusion: R C R, Q C R. Proper inclusion is 
occasionally expressed with the pedantic notation E , 

The cardinality of a set is the number of its elements, denoted by the prefix #. 


#{7,—1,0} =3 HA =n. 


The absolute value symbol | - | is also used to denote cardinality: |A| = n. Common 
sense will tell when this choice is sensible. A set is finite if its cardinality is an 
integer, and infinite otherwise (see section 2.3). To indicate that the set A is finite, 
without disclosing its cardinality, we write 


HA < o. (2.3) 


Next we consider the words associated with operations between sets. We write 
AN B for the intersection of the sets A and B: this is the set comprising elements 
that belong to both A and B. If AQB = 0, we say that A and B are disjoint, or 
have empty intersection. The sets A1,A2,... are pairwise disjoint if A; A; = 0 
whenever i £ j. 

We write A U B for the union of A and B, which is the set comprising elements 
that belong to A or to B (or to both A and B). 

We write A \ B for the (set) difference of A and B, which is the collection of 
the elements of A that do not belong to B. The symmetric difference of A and B, 
denoted by AAB, is defined as 


AAB Č (AS B)U(B\A). 


The assignment operator E (cf. (2.2)) makes it clear that this is a definition. This 


notation establishes the meaning of AAB, which is a symbolic expression rather 
than an individual symbol. The following examples illustrate the action of set oper- 
ators. 


41,2,3}N{3,4,5} = {3} 
{1,2,3}U {3,4,5} = {1,2,3,4,5} 
{1,2,3}\ {3,4,5} = (1,2) 
{1,2,3}A{3,4,5} = {1,2,4,5}. 
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The above set operators are binary; they have two sets as operands. The identi- 
ties 
ANB=BNA (ANB)NC=AN(BNC) 


express the commutative and associative properties of the intersection operator. 
Union and symmetric difference enjoy the same properties, but set difference doesn’t. 


Let A be a subset of a set X. The complement of A (in X) is the set X \ 
A, denoted by A’ or by A“. The complement of a set is defined with respect to 
an ambient set X. Reference to the ambient set may be omitted if there is no 
ambiguity. So we write 


The odd integers is the complement of the even integers 


since it’s clear that the ambient set is the integers. 

With set operators we can construct new sets from old ones, although, in a sense, 
we are re-cycling things we already have. To create genuinely new sets, we intro- 
duce the notion of ordered pair. This is an expression of the type (a,b), with a and 
b arbitrary quantities. Ordered pairs are defined by the property 


(a,b) = (c,d) if a=c and b=d. (2.4) 


The ordered pair (a,b) should not be confused with the set {a,b}, since for pairs 
order is essential and repetition 1s allowed. (Ordered pairs may be defined solely in 
terms of sets —see exercise 2.15.) Let A and B be sets. We consider the set of all 
ordered pairs (a,b), with a in A and b in B. This set is called the cartesian product 
of A and B, and is written as 

A xB. 


Note that A and B need not be distinct; one may write A? for A x A, A? forA xA xA, 
etc. Because the cartesian product is associative, the product of more than two sets 
is defined unambiguously. Also note that the explicit presence of the multiplication 
operator ‘x’ is needed here, because the expression AB has a different meaning: 
it’s the algebraic product of two sets, to be defined in section 2.1.2 (see equation 
(2.13)). 

A partition of a set A is a collection of pairwise disjoint non-empty subsets of 
A, whose union is A. A partition may be described as a decomposition of a set into 
classes. For instance, the set {{2},{1,3}} is a partition of {1,2,3}, the even and 
odd integers form a partition of the integers, and the plane may be partitioned into 
concentric circles. 
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The power set P(A) of a set A is the set of all subsets of A. Thus if A = {1,2,3}, 


then 
P(A) = {ib tb Zh 13h UL 2b 13}, 12,35, 11,2, 3} }. 


To construct a subset of A, we consider each element of A, and we decide whether 
to include it or to leave it out. Because any sequence of choices is allowed, if A 
has n elements, then P(A) has 2” elements. (A formal proof requires induction, see 
exercise 7.3, p. 165.) 


2.1.1 Defining sets 


Defining a set by listing its elements 1s inadequate for all but the simplest situations. 
How do we define large or infinite sets? A simple device is to use the ellipsis *...”, 
which indicates the deliberate omission of certain elements, the identity of which is 
made clear by the context. For example, the set N of natural numbers is defined 
as 

Na Bi 


Here the ellipsis represents all the integers greater than 3. Some authors regard O as 
a natural number, so the definition 


Ne=10L, 2300054 


1s also found in the literature. Both definitions have merits and drawbacks; math- 
ematicians occasionally argue about it, but this issue will never be resolved. So, 
when using the symbol N, one may need to clarify which version of this set is em- 
ployed’. The set of integers, denoted by Z (from the German Zahlen, meaning 
numbers), can also be defined using ellipses 


Z:={...,—-2,—-1,0,1,2,...} or LO eral ee see a 


To define general sets we need more powerful constructs. A standard definition 
of a set 1s an expression of the type 


{x:xhas 2) (2.5) 


where “ is some unambiguous property that things either have or don’t have. This 


6.? 


expression identifies the set of all objects x that have property “. The colon <: 


3Some authors denote the second version by the symbol No. 
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separates out the object’s symbolic name from its defining properties. The vertical 
bar ‘|’ or the semicolon ‘;’ may be used for the same purpose. 
Thus the empty set may be defined symbolically as 


pe 10 ys 
The property 4 is ‘x is not equal to x’, which is not satisfied by any x. Likewise, 
the cartesian product A x B of two sets (see section 2.1) may be specified as 


{x :x = (a,b) for some a € A and b € B}. 


The rule ‘x has property Y’ now reads: ‘x is of the form (a,b) with a € A and 
b € B’. The same set may be defined more concisely as 


{(a,b): ac Aandb €B}. 


This is a variant of the standard definition (2.5), where the type of object being 
considered (ordered pair) is specified at the outset. This form of standard definition 
can be very effective. 

The set Q of rational numbers —ratios of integers with non-zero denominator— 
is defined as follows 


Q:= (7: a€Z, bEN, ged(a,b) =1)}. (2.6) 


The property 4 is phrased in such a way as to avoid repetition of elements. This is 
the so-called reduced form of rational numbers. The rational numbers may also be 
defined abstractly, as infinite sets of equivalent fractions —see section 3.6. 

One might think that in the expression for a set we could choose any property 
2. Unfortunately this doesn’t work for a reason known as the Russell-Zermelo 
paradox* (1901). Let Z be the property of being a set that is not a member of 


itself. Thus the quantity 
x = {3,{3,{3,{3}}}} 


has property “, whereas 


x={3,x} or  x=(3,(3,(3,(3,...)p)) 


does not have it. (In the above expression, the nested parentheses must match, so 
the notation {3, {3, {3, {3,...} is incorrect.) Let now W be the set of all sets with 


+ Bertrand Russell, British philosopher and logician (1872-1970); Ernst Zermelo (German: 
1871-1953). 
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property 2. Then a set Sis a member of W if S is not a member of S. Apply this to 
W: W is a member of W precisely if W is not a member of W. Impossible! 


Fortunately, we can define a set in such a way that the definition guarantees the 
existence of the set. A Zermelo definition identifies a set W by describing it as 


The set of members of X that have property Y 


where the ambient set X is given beforehand, and .4 is a property that the members 
of X either have or do not have. In symbols, this is written as 


W := {x € X : x has P}. (2.7) 
For example, the expression 
The set of real numbers strictly between 0 and I 


is a Zermelo definition: the ambient set is the set of real numbers, and we form our 
set by choosing from it the elements that have the stated property. 

Zermelo definitions work because it’s a basic principle of mathematics (the so- 
called subset axiom) that for any set X of objects and any property “, there is 
exactly one set consisting of the objects that are in X and have property “. In 
section 3.3 we shall see that the definiens of a Zermelo definition —a sentence with 
a variable x in it— is just a special type of function, called a predicate. 

Both styles of definitions, standard and Zermelo, are widely used in mathemat- 
ical writing. 


2.1.2 Sets of numbers 


The ‘open face’ symbols N, Z, Q were introduced in the previous section to rep- 
resent the natural numbers, the integers, and the rationals, respectively. Likewise, 
we denote by R the set of real numbers (its symbolic definition is left as exercise 
2.14), while the set of complex numbers is denoted by C. The set C may be written 
as 

C= lx+iy:=-1, xyeER}. 


The symbol 7 is called the imaginary unit, while x and y are, respectively, the real 
part Re(z) and the imaginary part Im(z) of the complex number z = x + iy. The 
sets IR and C are represented geometrically as the real line and the complex plane 
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(or Argand plane), respectively. A plot of complex numbers in the Argand plane is 
called an Argand diagram. We have the chain of proper inclusions 


NCZCQCRCC. 


We turn to operations with numbers. The sum and difference of two numbers x 
and y are always written x + y and x — y, respectively. By contrast, their product 
may be written in several equivalent ways: 


xy x-y XXY, (2.8) 


and so may their quotient: 


(The notation x : y is used mostly in elementary texts.) Do not confuse the product 
dot * with the decimal point ‘.’, e.g., 3-4 = 12 and 3.4 = 17/5. 


The reciprocal of x, defined for x Æ 0, is also written in several ways: 


1 
| Sh 
7 jx x 


The notation for exponentiation is x?, where x is the base and y the exponent. 
If the exponent is a positive integer, then exponentiation is defined as repeated mul- 
tiplication ?, which may be written symbolically as follows: 
def 
Ex x n> 1. 
KK. 


n 


The assignment operator “e indicates that this is a definition. The use of the under- 
brace is necessary to specify the number of terms in the product, because all terms 
are identical. Also note the use of the raised ellipsis *---’ to represent repeated 
multiplication (or repeated applications of any operator), to be compared with the 


ordinary ellipsis *...”, used for sets and sequences (see section 2.4). Thus 
O a e Caf Nirea N E AEA 
"a — ae 
4 4 


Defining exponentiation for a general exponent requires the logarithmic and exponential func- 
tions. 
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whereas the notation x...x 1S incorrect. 
In arithmetic, the symbol *|” is used for divisibility. 


3 |x 3 dividesx x is a multiple of 3. 


EXAMPLE. Turn symbols into words. 


{xE“Z:xZ0,2\ x} 


Bap: The set of integers that are greater than or equal to zero, and such that 2 
divides them. [ Robotic. ] 


Goob: The set of non-negative even integers. 


A positive divisor of an integer n, which is not 1 or n, is called a proper divisor. 
A prime is an integer greater than 1 that has no proper divisors. The acronyms 
gcd and lcm are used for greatest common divisor and least common multiple. 
(The expression highest common factor (hcf) —a variant of gcd which is popu- 
lar in schools— is seldom used in higher mathematics.) Some authors use (a,b) 
for gcd(a,b); this is to be avoided, since this notation is already overloaded. Two 
integers are co-prime (or relatively prime) if their greatest common divisor is 1. 

We now construct new sets from the sets of numbers introduced above. An 
interval is a subset of R of the type 


la, bl :=4x€R:a<x<b) 


where a,b are real numbers, with a < b. This interval is closed, that 1s, 1t contains 
its end points. (A point is sometimes regarded as a degenerate closed interval, by 
allowing a = b in the definition.) We also have open intervals 


(a,b) :={xER:a<x<b} 
as well as half-open intervals 
a,b) (a,b). 


The notational clash between an open interval (a,b) C R and an ordered pair (a,b) € 
R? is unfortunate but unavoidable, since both notations are firmly established. For 
(half) open intervals, there is the following alternative — and very logical— nota- 
tion 

ja,bl [abl fab), 
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which, for some reason, 1s not so common. 
The interval with end-points a = 0 and b= 1 1s the (open, closed, half-open) 
unit interval. A semi-infinite interval 


{xER:a<x} {xER: x <b} 


is called a ray. The rays consisting of all positive real or rational numbers are 
particularly important, and have a dedicated notation 


RT :={xER, x>0} QT :={xEQ, x>0) (2.9) 


whereas Z* is just N. 
Some authors extend the meaning of interval to include also rays and lines, and 
use expressions such as 


(00, 00) a, oo) (00, b]. (2.10) 
As infinity does not belong to the set of real numbers, the notation |1, °°] is incorrect. 


A variant of (2.9) is used to denote non-zero real and rational numbers 


R* := {xe R x40} Q*:={xEQ, x40}. (2.11) 


This notation is common but not universally recognised; before using these sym- 
bols, a clarifying comment may be appropriate (see section 5.2). 

The set R? of all ordered pairs of real numbers is called the cartesian plane, 
which is the cartesian product of the real line with itself. If (x,y) € IR’, then the first 
component x is called the abscissa and the second component y the ordinate. 

The set Q? CRY, the collection of points of the plane having rational coordi- 
nates, is called the set of rational points in R?. The set [0,1]? C R? is called the 
unit square. In R? we have the unit cube [0, 1]?, and for n > 3 we have the unit 
hypercube [0, 1|” CR”. The following subsets of the cartesian plane are related to 
the geometrical figure of the circle: 


{(x,y) ER“: 104 +y*=1) unit circle 
{(x,y) €R*:x7+y? <1} closed unit disc (2.12) 
ERA Ey? = 1h open unit disc. 


Thus the closed unit disc 1s the union of the open unit disc and the unit circle. The 
(unit) circle is denoted by the symbol S!. 


a COMPONENT PROJECTS 


BOOK TUNING CAPACITOR 


During the roaring 20's,the Crosly Radio Corporation used 
a type of tuning capacitor that had two plates hinged 
together on one edge. The dielectric was a sheet of mica 
between the two plates. This type of tuning capacitor was 
called a Book Condenser. 


The tuning capacitor shown in the illustration is similar 
to the Crosly Book Condenser. It uses aluminum foil 
plates cemented to fixed and movable wood sections, and 
a plastic sheet dielectric (cut from thin transparent 
plastic notebook protector material). 


MOVING aon KNOR 
SECTION 


DIELECTRIC 


MEAT AA ee A AN 
OOO E DO O OOO 
SSL: 


FIXED SECTION 


$ 
KISS 


Adjusting the tuning knob causes a metal cam to rotate 
and control the movement of a spring loaded wood section. 
This varies the capacity between the two foil plates. As 
the plates are brought closer together, the capacity 
increases. As they are separated, the capacity decreases. 
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Let X and Y be sets of numbers. The algebraic sum X +Y and product XY 
(also known as Minkowski? sum (product)), are defined as follows: 


X+Y Ë (x+y:xeX yeY) XY = fy: xe X, yey} (2.13) 


with the stipulation that repeated elements are to be ignored. For example, if 
X = {1,3} and Y = {2,4}, then 


X +Y =1{3,5,7} XY = {2,4,6,12}. 


The expression ‘sum of sets’ is always understood as an algebraic sum. In the case 
of product, it is advisable to use the full expression to avoid confusion with the 
cartesian product. 

If X = {x} consists of a single element, then we use the shorthand notation x+ Y 
and xY in place of {x} + Y and {x}Y, respectively. For example 


1 135 
= —<—,-,-.,... 9G SF seen ASA T 
aa ees { , ) 1 Y)2,0, } 


This notation 1s economical and effective; it leads to concise statements such as 
mZ +nZ = gcd(m,n)Z 


(see exercise 2.5). Elementary —but significant— applications of this notation are 
found in modular arithmetic. Let m be a positive integer. We say that two integers 
x and y are congruent modulo m if m divides x — y. This relation is denoted by’ 


x = y (mod m). 
Thus 
—3 = 7 (mod 5) 1% 12 (mod 7). 


The integer m is called the modulus. The set of integers congruent to a given integer 
is called a congruence (or residue) class. One verifies that the congruence class of 
x modulo m is the infinite set x + mZ (involving the algebraic sum and product of 
sets), which is given explicitly as 


x+mZ = {x,xtm,x+2m,x+3m,...}. 


“Hermann Minkowski (Polish: 1864-1909) 
"This notation is due to Carl Friedrich Gauss (German: 1777-1855). 
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For example, the odd integers are the congruence class 1 +22. The congruence 
class of x modulo m is also denoted by [x], x (mod m), or, if the modulus is under- 
stood, by |x] or x. 

The set of congruence classes modulo m is denoted by Z/mZ. If m= pis a 
prime number, the notation F, (meaning ‘the field with p elements’) may be used 
in place of Z/pZ. The set Z/mZ contains m elements: 


Z/mZ = {mZ,1+mZ,2+mZ,...,(m—1)+mZ}. 


Variants of this notation are used extensively in algebra, where one defines the 
sum/product of more general sets, such as groups and rings. 


2.1.3 Writing about sets 


The vocabulary on sets developed so far is sufficient for our purpose. We begin to 
use it in short phrases which define sets. 


I. The set of ordered pairs of complex numbers. 
2. The set of rational points on the unit circle. 
3. The set of prime numbers with fifty decimal digits. 


4. The set of lines in the cartesian plane, passing through the origin. 


Note that we haven't used any symbols. The set in item 1 is CĈ. In item 2, among 
the infinitely many points of the unit circle, we consider those having rational co- 
ordinates. There is no difficulty in writing this set symbolically: 


[ay €Q:1é+y"=1) 


although its properties are not obvious from the definition. This set is non-empty 
(the points (0, +1), (+1,0) belong to it), but is it infinite? This example illustrates 
the power of a verbal definition. Item 3, which defines a subset of N, makes an 
even stronger point. This set must be extremely large, but can we even show that 
it is non-empty? In item 4, each line counts as a single element, rather than an 
infinite collection of points (otherwise our set of lines would be the whole plane). 
The symbolic definition of this set is awkward; to simplify it, in section 2.3 we’ll 
consider suitable representations of this set. 

It is possible to specify a type of set, without revealing its precise identity. In 
each of the following sets there is at least one unspecified quantity. 


24 


CHAPTER 2. ESSENTIAL DICTIONARY 


The set of fractions representing a rational number. 
The set of divisors of an odd integer. 

A proper infinite subset of the unit circle. 

The sum of two finite sets of real numbers. 

A finite set of consecutive integers. 

The set of all partitions of a set. 


A set of partitions of the natural numbers. 


Next we define sets in two ways, first with words and symbols, and then with 


words only. One should consider the relative merits of the two formulations. 


Let X = {3}. 
The set whose only element 1s the integer 3. 


Let X = {m}, withm € Z. 
A set whose only element is an integer. 


Let m € Z, and let X be a set such thatm € X. 
A set which contains a given integer. 


Let X be a set such that X O Z £ 0 
A set which contains at least one integer. 


Let X be a set such that #(X NZ) = 1 
A set which contains precisely one integer. 


In the first two examples the combination of “let” and ‘=’ replaces an assignment 
operator. An expression such as ‘Let X = {3}? would be overloaded. 


The distinction between definite and indefinite articles is essential, the former 


describing a unique object, the latter a class of objects. In the following phrases, a 
change in one article, highlighted in boldface, has resulted in a logical mistake. 


Bap: A proper infinite subset of a unit circle. 


Bap: A set whose only element is the integer 3. 


Bap: The set whose only element is an integer. 
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Bap: The set which contains precisely one integer. 


As a final exercise, we express some geometric facts using set terminology. 
The intersection of a line and a conic section has at most two points. 
The set of rational points in an open interval is infinite. 

A cylinder is the cartesian product of a segment and a circle. 


There is no finite partition of a triangle into squares. 


The reader should re-visit familiar mathematics and describe it in the language 
of sets. 


2.2 Functions 


Functions are everywhere. Whenever a process transforms a mathematical object 
into another object, there is a function in the background. ‘Function’ is arguably the 
most used word in mathematics. 

A function consists of two sets together with a rule® that assigns to each element 
of the first set a unique element of the second set. The first set 1s called the domain 
of the function and the second set is called the co-domain. A function whose 
domain is a set A may be called a function over A or a function defined on A. The 
terms map or mapping are synonymous with function. The term operator is used 
to describe certain types of functions (see below). 

A function is usually denoted by a single letter or symbol, such as f. If x is an 
element of the domain of a function f, then the value of f at x, denoted by f(x) 
is the unique element of the co-domain that the rule defining f assigns to x. The 
notation 

f:A-B xo f(x) (2.14) 


indicates that f 1s a function with domain A and co-domain B that maps x € A 
to f(x) € B. The symbol x is the variable or (the argument) of the function. 
The symbols — and +> have different meanings, and should not be confused. The 
function 

I,:A—-A xXx 


SBelow, we’ll replace the term ‘rule’ with something more rigorous. 
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is called the identity (function) on A. When explicit reference to the set A is un- 
necessary, the identity is also denoted by /d or 1. 

In definition (2.14) the symbols used for the function’s name and variable are 
inessential; the two expressions 


l 1 
f:R\{O} >R xe- x:R\ {0} —R ee 
x 
define exactly the same function (even though the rightmost expression breaks just 
about every rule concerning mathematical notation —see section 5.2). 
Functions of several variables are defined over cartesian products of sets. For 
example, the function 


f:ZxZN (x,y) > ged(x, y) 


depends on two integer arguments, and hence is defined over the cartesian product 
of two copies of the integers. This definition requires a value for gcd(0,0), which 
normally is taken to be zero. 

Let f : A — B be a function. The set 


T(x, f(x)) EAXB:xE€A) (2.15) 


1s called the graph of f. A function 1s completely specified by three sets: domain, 
co-domain and graph. We can now reformulate the definition of a function, re- 
placing the imprecise term “rule” with the precise term ‘graph’. We write a formal 
definition. 


DEFINITION. A function f is a triple (X,Y,G) of non-empty sets. 
The sets X and Y are arbitrary, while G is a subset of X x Y with the 
property that for every x € X there is a unique pair (x,y) € G. The 
quantity y is called the value of the function at x, denoted by f(x). 


We see that, besides sets, the definition of a function requires the constructs of 
ordered pair and triple. It turns out that these quantities can be defined solely in 
terms of sets (see exercise 2.15). So, to define functions, all we need are sets after 
all. 


Given a function f : A — B, and and a subset X C A, the set 


def 


FX) = (f(x) :x EX (2.16) 
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1s called the image of X under f. The assignment operator gives meaning to the 
symbolic expression f(X), which otherwise would be meaningless, since we stipu- 
lated that the argument of a function is an element of the domain, not a subset of it. 
Thus sin(R) is the closed interval [—1, 1]. 

Clearly, f(X) C B, and f(A) is the smallest set that can serve as co-domain for 
f. The set f(A) is often called the image or the range of the function f. This term 
18 Sometimes used to mean co-domain, which should be avoided. A constant is a 
function whose image consists of a single point. 

The notation (2.16) is suggestive and widely used. However, in computer alge- 
bra, the quantities f(x) and f(X) (with x an element and X a subset of the domain, 
respectively) are written with a different syntax, e.g., f(x) and map(f,X) with 
Maple. 

A function is said to be injective (or one-to-one) if distinct points of the do- 
main map to distinct points of the co-domain. A function is surjective (or onto) if 
f(A) =B, that is, if the image coincides with the co-domain. A function that is both 
injective and surjective is said to be bijective. 

For any non-empty subset X of the domain A, we define the restriction of f to 
X as 


fly :X —-B xo f(x). 


Given two functions f : A — B and g: B — C, the composition of f and g is the 
function 


gof:AoC xo g(f(x)). 


The notation go f reminds us that f acts before g. The image g(f(x)) of x under 
go f is denoted by (go f)(x), where the parentheses isolate go f as the function’s 
symbolic name. The hybrid notation go f(x) should be avoided. 

If f : A => Bis a bijective function, then the inverse of f is the function f~! : 
B — A such that 


fof=l fof” =Ip 


where J, g are the identities in the respective sets. A function is said to be invertible 
if its inverse exists. If f : A — B is injective, then we can always define the inverse 
of f by restricting its domain to f(A) if necessary. Let f : A — B be a function, and 
let C be a subset of B. The set of points 


def 


FAO IEA Fae Cl (2.17) 


is called the inverse image of the set C. 
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Since the definition of inverse image does not involve the inverse function, the 
inverse image exists even 1f the inverse function does not. These two concepts 
must be carefully distinguished. When the reciprocal of a function comes into play, 
things get very confusing, since we now have three unrelated objects represented by 
closely related notation: 


Fx) FO) F(x)". 


The first expression is well-defined if x belongs to the image of f, and f is invertible 
there. In the second expression there is no condition on f, and x need only be an 
element of the co-domain. In the third expression the point x must belong to the 
domain of f, and f(x) must be non-zero. Thus 


sin (1) = — sin '({1}) = = +22 sin(1)7? =csc(1). 


In the first expression we tacitly assume that sin”?! = arcsin : [—1,1] => [—7/2, 7/2]. 
In the third expression the symbol csc denotes the cosecant (csc(x) = 1/sin(x)), 
defined in the domain Rx mZ. The hybrid expression 


TC 
sin” '(1) = J +21, 


is, strictly speaking, incorrect, but it is also unambiguous and simpler than the cor- 
rect expression. Some matematicians will reject 1t with outrage, others will consider 
it an acceptable transgression. 

Let us use the word “function” in short expressions. These are function defini- 
tions: 


I. The integer function that squares its argument. 
2. The function that returns 1 if its argument is rational, and O otherwise. 


3. The function that counts the number of primes smaller than a given real num- 
ber. 


4. The function that gives the distance between two points on the unit circle, 
measured along the circumference. 


We surmise that the function in item 2 1s defined over the real numbers. Item 3 is a 
much-studied function in number theory. The image of the function in item 4 is the 
closed interval [0, 7]. 

With a judicious use of definite and indefinite articles, we can specify a func- 
tion’s type without committing ourselves to a specific object. 
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I. The inverse of a trigonometric function. 
2. The composition of a function with itself. 


3. An integer-valued bijective function. 
4, A function which coincides with its own inverse. 


In item 2, we infer that the function maps its domain into itself. Functions of type 
3 will be considered in the next section to define cardinality of sets. Functions of 
type 4 are called involutions. 

Writing about real functions is considered in chapter 4. 


2.3 Representations of sets 


To be able to work with abstract sets, we need concrete representations of them. 
Representing a set means identifying its elements with a collection of familiar ob- 
jects, such as vectors or matrices. This identification gives a description of a set 
in terms of another set, presumably easier to handle. For instance, a representation 
may provide the data structure for computer implementation. 

Two sets A and B are said to be equivalent (written A ~ B) if there is a bi-unique 
correspondence between the elements of A and the elements of B, namely, if there 
exists a bijective function f : A — B. Equivalent sets have the same cardinality, 
and vice-versa. The cardinality of a set is defined using this equivalence. A set 
equivalent to {1,2,...n} is said to have cardinality n, and a set equivalent to N is 
said to be countable or countably infinite. The set Z is countable, and so is mZ, 
for any m € N. A set X is uncountable if it contains a countably infinite subset Y, 
but X is not equivalent to Y. The set R is uncountable. (We see that characterising 
the cardinality of infinite sets requires a more sophisticated approach than mere 
‘counting’ .) 

A representation of a set A is any set B which is equivalent to A. (This is the 
most general acceptation of the term representation. In algebra, representations are 
based on a stronger notion of equivalence than the one given above.) 

For instance, the open unit interval and the real line are equivalent, as established 
by the bijective function 


l l 
f:R— (0,1) xo z Arctan(x) + > (2.18) 


Likewise, the exponential function establishes the equivalence R ~ R*. 


30 CHAPTER 2. ESSENTIAL DICTIONARY 


We consider some representation problems. Let L be the set of lines in the plane 
passing through a point (a,b). This set is infinite, and its meaning is easily grasped. 
Each element A of L is an infinite subset set of R?, which we write symbolically as 


à = { (x,y) ER? : y=b+s(x—a)) 


where s is a real number representing the line’s slope. The line x = a is not of this 
form, and must be treated separately. Collecting all the lines together, we obtain a 
symbolic description of L 


L= {{(x,y) ER? : y=b+s(x—a)}: seR}UL{(a,y) ER” : y ERP). 


The simple verbal definition of L seems to have drowned in a sea of symbols! 
We look for a set equivalent to L with a more legible structure. An obvious 
simplification results from representing £ as a set of cartesian equations: 


Lw~{y=b+s(x—a):sER}U {x=a}. 


We have merely replaced the set of solutions of an equation with the equation itself 
(cf. section 2.5). This identification provides the desired bi-unique correspondence 
between the two sets. 

We can simplify further. Because a and b are given, hence fixed, there is no 
need to specify them explicitly; it suffices to give the (possibly infinite) value of 
the slope. Alternatively, we could identify a line by an angle O between O and 
7, measured with respect to some reference axis passing through the point (a,b). 
Because the angles O and 2 correspond to the same line, only one of them is to 
be included, resulting in the half-open interval |0,7). The equivalence between 
RU {co} and [0, 7) may be achieved with a transformation of the type (2.18), where 
the included end-point O corresponds to the point at infinity. 

Finally, any half-open interval may be identified with the circle S!, by gluing 
together the end-points of the interval. In our case this is achieved with the function 
0 > (cos(20),sin(20)). The essence of our set is now clear: 


L~ RU fo} ~ J0, 2) ~S!. 


As a second example, let us consider the set I’ of open segments in the plane. 
Each segment is identified by its end-points, and each end-point is specified by a 
pair of real numbers. It would seem that I ~ R*, but the correspondence between 
these sets 1s not bi-unique, because a segment does not change 1f we interchange the 
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end-points. Furthermore, if the end-points are the same, we obtain the empty set, 
not a segment. 

Rather than removing from R* the unwanted duplications, we change represen- 
tation. We identify a segment via its mid-point z (a pair of real numbers), length r 
(a positive real number), and orientation 0 (an angle between 0 and m). We see that 


T=P where [T:=R*xR* x (0,2). 


Consider now the subset U of I’ consisting of all segments of unit length. Using our 
representation, we have 


U ~ {(z,7,0) E€: r=1}~ R? x (0,2). 


In the last equivalence, we have removed the idle variable r, because its value is 
fixed. 


2.4 Sequences 


A sequence is an ordered list of objects, not necessarily distinct, called the terms 
(or the elements) of the sequence. The terms of a sequence are represented by a 
common symbol, and each term is identified by an integer subscript: 


(a1,a2,..., an) (a1,a2,...). (2.19) 


Here the common symbol is a, and the integer values assumed by the subscript 
begin from 1. The quantity a; reads “a sub 1”, etc. Subscripts may also begin from 
0, or from anywhere. The expression on the left denotes a finite sequence, the one 
on the right suggests that the sequence is infinite. 

The length of a sequence is the number of its elements. Two sequences are 
equal 1f they have the same length, and 1f the corresponding terms are equal. If k is 
an unspecified integer, then az is called the general term of the sequence. 

For example, the sequence of primes 


(P15 P2, Pays.) = PASAN 


is infinite. The general term pz is the kth prime number. 
There are other notations for sequences; they display the general term alongside 
information about the subscript range: 


(ax )e=1 (ax) (ar): (ak)k>1 (ax). (2.20) 


component projects 


h 
UNDERSIDE “A 


ALUM. FOIL 
TOF 


BOOK TUNING CAPACITOR 


List of Materials 


A = 3x 3 1/2 X 3/8-inch wood section 

B- 3x 1 3/4 x 3/8-inch wood section 

C - 3 x 3 1/8 x 3/8-inch wood section (one end beveled 45 
degrees - see text). 

D - 3/4 - inch diameter wood dowel, 2 1/4 inches long. 

- 3 1/2 x 3 -inch sheet plastic (See text). 

2 triangular 1-inch metal sections 

1/4-inch metal rod, 3 -inches long. 

Metal cam (see text). 

Machine screw (see text) 

Bushing 3/8-inch long (to fit rod G). 

Tuning knob (to fit rod G). 

2 springs 1/4-inch diameter by 1 1/4-inch long. 

M- 4 solder lugs. 

MISC. Small wood screws, nails, aluminum foil, machine 
screws, nuts, solder lugs and washers. 


CORHI O +t 


S S A O E 
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There are also the doubly-infinite sequences, where the subscript runs through all 
the integers: 


(ak) = (. .., (411,00, 41,.. a 


In section 5.2 we shall discuss the usage of these notations. 

The ellipsis is ubiquitous in sequence notation. When we use it, we must make 
sure that the missing terms are defined unambiguously. Thus the general term of 
the sequence of monomials 

(DD 03) 


is clearly equal to 2x*. However, the expression 
(as) 


is ambiguous, because there are several plausible alternatives for the identity of the 
omitted terms, such as (9,11,13,...) or (11,13,17,...). In the former case, we 
resolve the ambiguity by displaying the general term 


(3,5,...,2k+1,...). 


In the latter, we need an accompanying sentence. 

A subsequence of a sequence (ag) is any sequence obtained from (az) by delet- 
ing terms. For instance, the primes that give remainder 1 upon division by 4 form a 
subsequence of the sequence of primes 


(5,13,17,29,...). 


Some types of finite sequences have a dedicated terminology. A two-element 
sequence is an (ordered) pair, and a three-element sequence a triple. Occasionally 
one sees the terms quadruple or quintuple (I wouldn’t go much beyond that), while 
an n-element sequence may be called an n-uple. A finite sequence of numbers may 
be called a vector, in which case we speak of dimension rather than length. 

An infinite sequence (a¡,a>2,...) represents a function defined over the natural 
numbers. If the elements of the sequence belong to a set A, then such a function is 
defined as 

a:N—-A k => a}. 


We see that in the expression ag, the symbol a is the function’s name, the subscript 
k is an element of the domain, and az € A is the value a(k) of the function at k. This 
interpretation clarifies the meaning of expressions such as a,2: it is the composition 
of two functions, much like sin(x7). 
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Finally, we consider sets of sequences and associated notation. Let A be any 
set. We form the set of all finite sequences of elements of A with a given number n 
of elements. This set is the cartesian product A” of n copies of the set A: the first 
element a; of a sequence is chosen from the first copy of A, the second element from 
the second copy of A, and so on. For instance, the set (0, 1)” is the set of all binary 
sequences with n-digits, while Q” is the set of all n-uples of rational numbers. It 
follows that the infinite union 

Uz" 


n>l 
represents the set of all finite integer sequences. 

The set of all infinite sequences of elements of A has the structure of a cartesian 
product with infinitely many terms. It would seem natural to denote it by A”. How- 
ever, the idiomatic notation A is more common, due to its greater flexibility. Thus 
A” denotes the set of doubly-infinite sequences of elements of A, and one even finds 
AZ for the set of two-dimensional arrays: (aij) € AZ 


2.4.1 Some constructs involving sequences 


Let (Az) be a sequence of sets, which may be finite or infinite. The binary set 
operations of union and intersection generalise to an arbitrary number of operands 
as follows: 

(JAk =41UA2U--: (JAk =A NAN. 

k k 
These expressions denote the set of elements belonging to at least one of the sets 
Ax, and to every one of the sets A;, respectively. As with any binary operator, the 
implied unions and intersections are represented by the raised ellipsis. A sequence 
of sets 1s descending (or nested) if 


A; DA2DA30::: 


and ascending if 
A; CA2 CA3 C... 


EXAMPLE. The following symbols 


tell a story. Say it with words [g]. 


34 CHAPTER 2. ESSENTIAL DICTIONARY 


The set of multiples of the power of an integer contains the set of mul- 
tiples of a higher power of the same integer. By considering increasing 
powers we obtain an infinite nested sequence of sets. Apart from trivial 
cases, the only element common to all these sets 1s 0. 


Given a finite sequence of numbers (a;,...,a,), we form the sum and the prod- 
uct of its elements 
n n 
Y ag = 4, +a +: +an [|a= a x az X ++ X an. (2.21) 
k=1 k=1 


Again, the raised ellipses represent repeated additions and multiplications, respec- 
tively. The symbol Y is called the summation symbol. The subscript k is the index 
of summation, while 1 and n are, respectively, the lower limit and upper limit of 
summation. The quantity a; is the general term of the sum. The integer sequence 
(1,2,...,n), specifying the values assumed by the index of summation, is called 
the range of summation. The symbol [|] is called the product symbol, and all 
terminology introduced for sums extends with obvious modifications to products. 


EXAMPLE. For n > 0, the n-dimensional unit sphere S” is defined as follows 
SP SAGs PER an oe ee 1] 


This Zermelo definition, to be compared with the definition (2.12) of the unit circle 
S!, employs finite sequences notation, with a combination of ordinary and raised 
ellipses. For n = 0, we have S? = {—1, 1}. 

A sum with infinitely many summands is called a series. If the limit of finite 
sums of type (2.21) 


n 
lim dk 
"> k=l 
exists, then such a limit is called the sum of the series, and the series is said to 
converge. Otherwise the series diverges. If a series has non-negative terms, then 


convergence is sometimes expressed with the suggestive notation (cf. (2.3), p. 14) 


Y a < o. (2.22) 
k>0 


An infinite product is called just that, and its value is defined as the limit of a 
sequence of finite products. Infinite products are often written in the form 


[IG + ax) 


k>0 
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because convergence requires that a, — 0. Sum and product notation will be con- 
sidered again in section 5.3. 

Let A be a set of numbers, and let (ag,...,a,) be a finite sequence of elements 
of A with a, 4 0. A polynomial over A in the indeterminate x is an expression of 
the type 

ag tax taox* + +a,yx". (2.23) 


The elements of the sequence are called the coefficients of the polynomial, and 
the integer n is its degree. The coefficients ay and a, are called, respectively, the 
constant and the leading coefficient. Each addendum in a polynomial is called a 
monomial, and a polynomial with two terms is a binomial. A polynomial of degree 
two is said to be quadratic; then we have cubic, quartic, and quintic polynomials. 

The set of all polynomials over the set A with indeterminate x is denoted by A|x]. 
For example 


== LED Y € Qly). 


A rational function is the ratio of two polynomials 


ao tayx+-+-+ay,x" 


— o ——aÁ 2.24 
bo +bix+ -+ bmx” ( ) 


Its degree is the largest of m and n (assuming that anbm Æ 0). The set of all rational 
functions with coefficients in a set A and indeterminate x is denoted by A(x). 

A multivariate polynomial is a polynomial in more than one indeterminate. 
(The term univariate is used to differentiate from multivariate.) 


] 
xy — 5x" xy" € Qy]. 


The total degree of each monomial is the sum of the degrees of the indeterminates, 
and the degree of a polynomial is the largest total degree among the monomials with 
non-zero coefficient. A multivariate polynomial is homogeneous if all monomials 
have the same total degree. The expression above may be described as 


A homogeneous quartic polynomial in two indeterminates with rational 
coefficients. 


If we replace the finite sum (2.23) with an infinite sum, we obtain a (formal) 
power series. 


Y apt (2.25) 


k>0 
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This is a ‘polynomial of infinite degree’. The attribute ‘formal’ is used if we are 
not concerned with assigning specific values to the indeterminate x. In this case the 
power series, like a polynomial, is an algebraic object. For the values of x for which 
the series (2.25) converges, the power series represents a function. 


EXAMPLE. Explain what is a polynomial. [g] 


A polynomial is a finite sum. Each term, called a monomial, is the 
product of a coefficient (typically, a real or complex number) and one or 
more indeterminates, each raised to some non-negative integer power. 


2.5 Equations 


Let f and g be functions with the same domain X and co-domain Y. In the most 
general setting, an equation (on or over X) is an expression of the type 


f(x) = g(x). (2.26) 


The quantity x is the equation’s unknown. The expression (2.26) defines a property 
that each point x € X either has or doesn't have”. This prompts the definition of the 
solution set of equation (2.26), given by 


Wx EX : f(x) = 8 lx). 


For instance, the expression x7 — 3x+1 = —(1+3x) is an equation. Over the 
complex numbers, the solution set is {\/—2, —\/—2}, while over R the solution set 
is empty. We see that the solution set of an equation depends on the ambient set. 

If the co-domain Y of f and g is a set of numbers (e.g., Y = Z,Q,R, C), then, 
by replacing f by f — g, we can write equation (2.26) in the simpler form 


f(x) =0. (2.27) 


An element x of the solution set of this equation is called a zero of f, but if f(x) isa 
polynomial, we speak of a root of f. We also say that f vanishes at x. A function 
f vanishes identically on a set if it vanishes at every point of this set. For example, 
the real function x +> sin(7x) vanishes identically on Z. 

More generally, an equation may be reduced to the form (2.27) if the co-domain 
of f and g is a group with respect to addition. In this case the zero on the right-hand 


In chapter 3 we shall see that an equation is a special type of predicate, which in turn is a special 
type of function. 
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side is the zero element of the group. This is not necessarily the number 0, but it 
could be a zero matrix, a zero polynomial, a zero function, etc. 
An equation whose unknown is a set is called a set equation. In the expression 


(x+x)Nx=0 (2.28) 


the quantity x-+ x can only be an algebraic sum of sets, so this is a set equation. It 
may be defined over any set of number sets, say, P(Z), the power set of the integers. 
A solution of this equation is called a sum-free set; thus the set of odd integers is 
sum-free. If we interpret the empty set as ‘zero’, then equation (2.28) 1s again of 
the form (2.27). There exists a procedure to transform any set equation to this form 
(see exercise 2.16). 

An equation whose unknown is a function is called a functional equation 


f(x) = f+) FF) =x. (2.29) 


Here the unknown is f (not x), which belongs to a suitable set of functions (such 
as the set C?(IR) of continuous real functions or the set C! (R) of differentiable real 
functions). To make it evident that f 1s the unknown, let 1 be the identity function 
(over R, say), and let T be the function that increases its argument by 1: T(x) =x+1. 
Equations (2.29) may be rewritten without reference to the argument of f as follows: 


Taror To =d; (2.30) 


If a functional equation is in the standard form (2.27), then the zero on the right- 
hand side is the zero function, namely the constant function that assumes the value 
zero everywhere. 

A differential equation is a functional equation that involves derivatives of the 
unknown: 

dy ody? dy 

a) Y b) x a Ta 

Here the unknown is y (not x), and y = y(x) is a function in a suitable set of func- 

tions. The order of a differential equation is the order of the highest derivative 

appearing in the equation. Thus the order of equation a) is 1 and that of b) is 2. The 

standard form of a differential equation of order n is the following variant of (2.27): 


fly yD, y... y =0 (2.32) 


The quantity y.) denotes the k-derivative of y. The only unknown is y, since its 
derivatives clearly depend on it. The argument x of y is listed if it appears explicitly, 


+ (x7 —1)y = 0. (2.31) 
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as in equation b). The differential equation (2.32) is defined over a set of functions 
that are differentiable n times. Again, the symbol O on the right-hand side of the 
equation represents the zero function. 

An equation whose solution set is equal to the ambient set is called an identity, 
or an indeterminate equation. After simplification, every identity reduces to 
the standard form 0 = 0. This doesn’t mean that identities are trivial, far from 
it; identities express the equivalence of functions. However, they are ephemeral 
quantities, which disappear if they are simplified. 


EXAMPLE. The identity 


n—1 


n n k k 
oy =(x—-y)[][Q@° +y) 
k=0 


gives the full factorisation of the difference of two monomials whose degree is a 
power of 2, into the product of polynomials with integer coefficients. 


EXAMPLE. Over the set R?, the expression x + y = y + x is an identity, representing 
the commutativity of the addition of real numbers. The similar expression x+ y = 
1 — y is an equation, whose solution set is a line in R”. 

By restricting the ambient set to the solution set, every equation becomes an 
identity. Clearly, sin(zx) = 0 is an equation over R and an identity over Z. For 
a more meaningful example, consider the equation f(x) = x? — x = 0. The fac- 
torisation xX — x = x(x — 1)(x+1)(x7 + 1) shows that the solution set over C is 
{0,+1,+,/—1}. Consider now the set 


X =Z/5Z = {0+5Z, 1+5Z,2+5Z,3+5Z,4+5Z} 


of congruence classes modulo 5. Let us evaluate our function f at all points of 
Z/5Z, writing k for k + 5Z: 


f(0) =0=0(mod 5) 
f(1) =0=0 (mod 5) 
f(2) =30= 0 (mod 5) 
f(3) = 240 = 0 (mod 5) 
f (4) = 1020 = 0 (mod 5). 


The function f vanishes identically over Z/5Z, and hence the expression xX = xis 


an identity! 
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An expression of the type 


filx) =0 
ae = ce (2.33) 
fax) =0 


where all functions have the same domain and co-domain, is called a system of n 
simultaneous equations in m unknowns. The solution set of a system of equations 
1s the intersection of the solution sets of the individual equations (see example 3.3, 
p. 59). 


EXAMPLE. Explain what is an equation, and its solutions. [£] 


BAD: An equation is when we equate two functions. The solution is when the func- 
tions are the same. 


The inappropriate use of ‘when’ is easily spotted (see section 1.1), but there is a 
more serious flaw. The expression ‘equating two functions” means that we seek 
conditions under which the two functions become the same function. That's not 
what we had in mind. The operands of the equal sign in expression (2.26) are not 
functions, but rather values of functions. 


Goop: An equation is an expression that identifies the value of two functions at a 
generic point of their common domain. The solutions of an equation are the 
points at which the two functions assume the same value. 


(The expression ‘equating two functions’ may be appropriate for functional equa- 
tions, see (2.29).) 


2.6 Expressions 


The generic term expression indicates the symbolic encoding of a mathematical 
object. For instance, the string of symbols ‘2+ 3’ is a valid expression, and so is 
xo f(x)’, while ‘2+ x3’ is incorrect and does not represent an object. 

It would seem that any correct expression should have —in principle, at least— 
a unique value, representing some agreed ‘fully simplified’ form of the expression. 
For instance, it could be argued that the value of 13/91 is 1/7, and that of 2187 
is 27\/3. The simplified value is more concise and informative, and would enable 


40 CHAPTER 2. ESSENTIAL DICTIONARY 


us —among other things— to recognise when two expressions represent the same 
object. 
This is not so simple. For example, the two expressions 


v3- v2 5—2V6 


have the same value, yet there is no compelling reason for choosing one over the 
other. The same object may be viewed from different angles, and our choice of 
representation will depend on the context. 

The following well-known identity makes an even stronger point: 


Sa ge A 
l—x 

The right-hand side —the sum of n monomials— is the ‘fully simplified’ ver- 
sion, while the ‘unsimplified’ left-hand side has only four terms. While simplifi- 
cation reveals the true nature of the object —a polynomial as opposed to a rational 
function— it’s the unsimplified value which provides information about the sum. 

Given that agreeing on a unique value of an expression proves difficult, we shift 
our attention to the type of value (set, number, function, etc.), which assigns the 
expression to a certain class of objects. This class provides the broadest character- 
isation of the object in question. Again, we must exercise some judgement. The 
expressions 


T 
1+1 / sin(x)dx 
0 


have the same value, but their structure is so different, that the coincidence of their 
values seems secondary. Whereas the expression on the left is unquestionably ‘a 
number’, or ‘a positive integer”, that on the right is ‘a definite integral.” On the 
other hand, there may be circumstances in which the reductionist description of the 
integral as a number is appropriate, for instance when discussing integrability of 
functions. 

Keeping in mind the difficulties mentioned above, we now turn to the description 
of mathematical expressions. 


2.6.1 Levels of description 


We develop the idea of successive refinements in the description of an expression, 
from the general to the particular. The appropriate level of details to be included 
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will vary, depending on the situation. We treat in parallel verbal and symbolic 
descriptions, as far as 1t 1s reasonable to do so. 
Let us consider the definition of a set. The coarsest level of description is 


foder A set 


where the object’s type is identified by the curly brackets. The use of the indeter- 
minate article —‘a’ set rather than ‘the’ set— reflects our incomplete knowledge. 
The next level in specialisation identifies the ambient set: 


MeD en A set of integer pairs 
Now we begin to build the defining properties of our set: 
{(x,y) € Z? : ged(x,y) = 1,...} A set of pairs of co-prime integers 
The final step completes the definition: 


{(x,y) € Z? : gcd(x,y) = 1, 2|xy} The set of pairs of co-prime inte- 
gers, with exactly one even compo- 
nent 


Accordingly, the indefinite article has been replaced by the definite article. Now 
both words and symbols describe one and the same object, and one should consider 
the relative merits of the two presentations. The term ‘exactly’ is, strictly speaking, 
redundant, but it helps the reader realise that x and y cannot both be even. A robotic 
translation of symbols into words 


The set of elements of the cartesian product of the integers with them- 
selves, whose components have greatest common divisor equal to I, 
and such that 2 divides the product of the components 


lacks the synthesis that comes with understanding. 
Expression may be nested, like boxes within boxes. We begin with two expres- 
sions 


Eats A square 


yo A sum 


all about crystal sets 


CONSTRUCTION 


Start construction by cutting the wood sections from 
3/8-thick wood to the sizes shown in the drawing. Section 
C has a 45 degree bevel at one end. This acts as a pivot 
point for the movable section. Drill and countersink a 
hole to fit a flathead machine screw in the places shown 
on sections A and C. Do not install the screws at this 
time. 


Cement aluminum foil on the top of section A and on the 
bottom of section C. Then cut and remove a 1/2-inch strip 
of foil from the front edge of section A. Cut a 1/8-inch 
strip from the remaining edges. Also cut away a 1/8-inch 
strip from all the edges of the foil on section C, 


Carefully slit the foil on top of the machine screw hole 
on section A and press the foil gently inside the hole, 
Install the flathead machine screw into the hole, making 
sure that it is in contact with the foil. Fasten the 
screw with a washer and nut. Make sure that the screw 
does not turn and rip the foil. Install a solder lug and 
nut on the free end of the screw. Repeat this operation 
with section C, 


Cut the sheet plastic E to size and place it on top of 
section A. Then place section B on top of the plastic 
sheet and install it on the end of section A with wood 
screws. Install the two metal sections F with small 
nails. 


Saw the metal rod G to size and tap one end to fit a 
machine screw. Cut the dowel D to size and center drill 
it to fit the rod G. Cut a flat on one side of the dowel. 


Make a tracing of the cam H template and cement it on a 
section of heavy gauge sheet aluminumm. Cut the cam to 
size and drill a hole to fit the rod machine screw in the 
location shown. Install the cam with a lock washer on 
rod G. Insert the free end of the rod into dowel D. Place 
section C on top of the plastic sheet E on section A. 
Then temporarily position dowel D with rod G in the 
center of section B. Rotate the cam so that its long end 
touches the top of section C. Mark the placement of the 
dowel on section B. Drill a hole ín section B to fit 
dowel D. Cement the dowel in place. 
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We only see the outer structure of these objects. We compose them in two different 
ways 


(Y + 8 The square of a sum 
y > y A sum of squares 


The first term in each expression identifies the object’s outer layer. There 1s still one 
indefinite article, reflecting a degree of generality. We specialise further: 


00 2 

y | The sum of the square of the recipro- 

= cal of the natural numbers. 

Words or symbols now define a unique object, with three levels of nesting. By 
contrast, in the nested expression 


2 
y 5 an EQ The square of the sum of the ele- 
n=1 É ý ments of a rational sequence, 


the innermost object —a rational sequence— is still generic. 

In these examples words and symbols are interchangeable; in actual writing, 
some concepts are best expressed with words, others with symbols, while most of 
them require both. For instance, the symbolic expression 


= De sen a) a (2.34) 


defines an infinite sequence succinctly and unambiguously. Using words, we could 
begin to describe it as follows: 


A sequence 
An infinite sequence 


An infinite sequence of binomials 


Increasing further the accuracy of the verbal description is pointless, since the 
symbolic expression (2.34) is clearly superior in delivering exact information. On 
the other hand, words can place this expression in a context, which is something 
symbols cannot do. To illustrate this point, we supplement the description given 
above with additional information which emphasises a particular property. 
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An infinite sequence of binomials 


with integer coefficients 

with unbounded coefficients 

with increasing degree 

whose leading term alternates in sign. 


2.6.2 Characterising expressions 


We expand our dictionary with terms describing broad attributes of expressions. 

An expression involving numbers, the four arithmetical operations, and raising 
to an integer or fractional power (extraction of roots), is called an arithmetical ex- 
pression. The value of an arithmetical expression is a number. A combination of 
rational numbers and square roots of rational numbers is called a quadratic irra- 
tional or a quadratic surd. The following expressions are arithmetical. 


An arithmetic identity, with a sur- 


1918617 —3-110771* = —2 e | 
prising cancellation. 


342/2 The ratio of two quadratic surds hav- 
8— 3v7 ing distinct radicands. 
If indeterminates are present, we speak of an algebraic expression. 
YVab— (ab)”! An algebraic expression with two in- 
Jeb +ab+1 determinates and higher-index roots. 


Polynomials and rational functions are algebraic expressions (see section 2.4.1). 
They may also be characterised as rational expressions, since they don’t involve 
fractional powers of the indeterminates. 


l l l The sum of finitely many rational 
x+1 ji x2 +1 eae xe+] functions, with increasing degree. 

((x2 +1)? + 1)° Ai A rational expression, involving re- 

(ane peated compositions of a polynomial 


function with itself. 


The following mathematical Russian doll 


x+4/2x+4/3x+---+Snx neN 


could be described as 
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An algebraic expression in one indeterminate, involving a finite number 
of nested square roots. 
The functions sine, cosine, tangent, secant, etc., are called trigonometric func- 
tions (or circular functions). A trigonometric expression is an expression con- 
taining trigonometric functions 


8 cos(z)* — 8cos(z)* + 1 A quartic trigonometric polynomial. 


Trigonometric functions belong to the larger class of transcendental functions, 
which are functions not definable by an algebraic expression (the exponential, the 
logarithm, etc.). 

An equation defined by algebraic expressions is called an algebraic equation. 
Likewise, we speak of trigonometric and transcendental equations. 


x*—x—-1=0 An algebraic equation. 
cos(x) = sin(x) A trigonometric equation. 
log(1 +x) = —x A transcendental equation. 


The term analytical expression is used in the presence of infinite processes. 


— l l> 5 The first few terms of the series ex- 
A 37 7 g” y Thal = pansion of an algebraic function 
lim (1 + 3) m Napier’s constant as the limit of a 
n—o n sequence of rational numbers 
> I] (2k)? 7 An infinite product formula for Archimedes’ 
E k= constant. 


An integral expression is an expression involving integrals 


In(x) = / Ln An integral expression for the natu- 
di 0 t ral logarithm. 


The term combinatorial is appropriate for expressions involving counting func- 
tions, such as the factorial function, or the binomial coefficient. 


1 (2k)! A rational combination of exponen- 
22k (k!)? tials and factorials. 
1 (n+k id 
dE 7 A finite sum of binomial coefficients. 
k=0 


In chapter 3 we deal with the expressions found in logic: the boolean expressions. 
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Exercises 
Exercise 2.1. For each of the following topics: 
prime numbers, fractions, complex numbers, 


i) write five short sentences; ii) ask five questions. The sentences should give a 
definition or state a fact; the questions should have mathematical significance, and 
preferably possess a certain degree of generality. [¢]!° 


Exercise 2.2. Define five interesting finite sets. [g] 


Exercise 2.3. The following expressions define sets. Turn words into symbols, 
using standard or Zermelo definitions. 
[Represent geometrical objects, e.g., planar curves, by their cartesian equations. | 


I. The set of negative odd integers. 

The set of natural numbers with three decimal digits. 

The set of rational numbers which are the ratio of consecutive integers. 
The set of rational points in the closed unit cube. 

The complement of the open unit disc in the complex plane. 

The set of vectors of unit length in three-dimensional euclidean space. 
The set of circles in the plane, passing through the origin. 


The set of hyperbolae in the plane, whose asymptotes are the coordinate axes. 


© Re NN MH KF YW NS 


The set of lines tangent to the unit circle. 


Exercise 2.4. The following expressions define sets. Turn symbols into words. [£ ] 
l. (x€Q:0<x<l) 
2. {1/(2n+1):nE€ Z} 
3. {m2-* :mE1+2Z, ke N) 
4. {xER\Z:x° EZ) 
5. [zE CAR: ER) 


10This exercise must be completed without using any mathematical symbol. 
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{z € C : |Re(z)|+|Im(z)| < 1} 
[(m,n) € Z? : m|n} 
{(x,y,z) ER : xyz =0} 
(a...) ER" Y = 0} 


{x ER : sin(27x) = 0} 


. {(x,y) ER” : sin(zx) sin(zy) = 0}. 


Exercise 2.5. Turn symbols into words. [g] 


E, A 2. AO 

a. FO) A. $a) 

Se. Fa) 6. fof 

7. f(RXQ) 8. f(A) f(B) 
9. F'O 10.  F(RINQ. 


Exercise 2.6. For each item, provide two levels of description: [g] 


i) a coarse description, which only identifies the object's type (set, 
function, polynomial, etc); 

ii) a finer description, which defines the object in question, or charac- 
terises its structure. 


PAPH =6 
s 13/(V3/(43)) 


7 17 
EN E T 


3 


. xX —x—_l 


. xy > 0 


(xty)? = 23 + 30%y + 3xy* + y? 


yx —x=0 


d2 


d 
. —x—3—x—2 =0 


dt? dt 
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9. sin(x— y) = sin(x) cos(y) — cos(x) sin( y) 
10. AUB=BUA 
11. X = {X}. 


Exercise 2.7. Same as in previous exercise. 
1. 223142 
2. (4053 
3. (Q\Z)? 
4.R*\Q 
5. (Rx Z)U(Z xR) 
6. 14+2(1+2(1+2Z)) 
7. (aj iaj {a} ...) 
8. (1,—3,5,...,(—1)"(2n+1),...) 
o E 
((x1), (1,2), (1 ,X2,X3),...) 
11. [0,1/+[0,1]|+---+|[0, 1]. 
n 
Exercise 2.8. Same as in previous exercise. 


1. f:R-R, x>ox+l 
FO) 5, 


0 g(x) 
pat) = LO (x) + E poy 


4. fa) = f ay 


5. [Fears 
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co 1 k 2k 
cos(x) -5 ni 
OF (x,y,z 4 OF (x,y, Z) i OF (x, y,Z) 
Ox dy OZ 
LA AA On) 
E o Ok 


Exercise 2.9. Explain clearly and plainly. [£, 50] 


l 


Zi 
3; 


10. 


11. 


How do I divide two fractions? 
I have a positive integer. How do I check if it’s prime? 


I have a positive integer. How do I check if it’s a cube? 


. [have two vectors on the plane. How do I check if they are linearly indepen- 


dent? 


. [have a cartesian equation of a circle, and a point. How do I check if the point 


lies inside the circle? 


. [have two lines in three-dimensional space. How do I check if they intersect? 


. I have two vectors on the plane. How do I check if they are linearly indepen- 


dent? 


. I have a list of quadratic polynomial functions and I must select the functions 


that assume both positive and negative values. What shall I do? 


. I have two real functions. From a sketch, it seems that their graphs intersect, 


and do so at a right angle. How do I verify that this is indeed the case? 


I have three points on the plane. How do I compute the centre of the circle 
passing through them? 


I have four points on the plane. How do I check if the points are vertices of a 
Square? 
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Exercise 2.10. Explain concisely. [£, 30] 
1. What is the difference between an ordered pair and a set? 
2. What is the difference between an equation and an identity”? 


3. What is the difference between a function and its graph? 


Exercise 2.11. I have two finite sets and a function between them. I am able to 
compute the value of the function at each point of the domain, and to count and 
compare the elements of these sets. I need explicit instructions for answering the 
following questions. [g, 50] 


1. How do I check that my function is surjective? 


2. How do I check that my function is injective? 


Exercise 2.12. Answer the questions as clearly as you can. 


1. Let A and B be sets. Why are the sets A? \ B? and (A \ B) not necessarily 
equal? Under what conditions are they equal? 


2. Let f : X — Y be a function, and let A be a subset of X. Why are the sets A 
and f—!(f(A)) not necessarily equal? Under what conditions are they equal? 


3. Let A and B be subsets of the domain of a function f. Why are f(A) A f(B) 
and f(A N B) not necessarily equal? Under what conditions are they equal? 


4. Why are the sets Ø and {Ø} distinct? What are the elements of the set P(P(0))? 
(The symbol P(X) denotes the power set of a set X.) 


Exercise 2.13. Consider the function that performs the prime factorization of a nat- 
ural number greater than 1. What would you choose for co-domain? Explain, dis- 
cussing possible representations. 


Exercise 2.14. 
1. Represent the polynomial set Z|x] as a set of integer sequences. 


2. Represent the real numbers R as as a set of decimal expansions. 
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Exercise 2.15. Prove that the definition 


(a,b) = (La), La, by) 


satisfies (2.4). (This shows that an ordered pair can be defined in terms of a set, so 
there’s no need to introduce a new object.) Hence define an ordered triple in terms 
of sets. 


Exercise 2.16. Let X,Y be sets, and let f,g: X — P(Y). Prove that the set equation 
f(x) = g(x) is equivalent to the equation 


f(x) Ag(x) =0 


in the sense that they have the same solution set. (Thus every set equation may be 
reduced to the form F(x) = Ø, which is a generalisation of 2.27.) 


Chapter 3 


Mathematical sentences 


Consider the following theorem of analysis: 
Let f : R — R be a differentiable function. Then f is continuous. (3.1) 


This statement comprises two sentences. The first sentence does not state a fact: it’s 
an assumption. We aren’t told which function f is, so there is no question of this 
statement about f being true or false. But still we use it as a basis for the rest of the 
argument. The second sentence does just that: it’s a deduction of a new fact from 
the assumption. The symbol f is an internal variable of the statement, and we can 
make it disappear: 


Every differentiable real function 1s continuous. 


This statement is equivalent to (3.1). 

In this chapter we begin to analyse mathematical sentences, and for this purpose 
we need some elements of logic. The chief attribute of a mathematical statement 
is its truth or falsehood. Accordingly, we define the two logical (or boolean) con- 
stants TRUE and FALSE, abbreviated T, F or 1,0, respectively. The simplest sen- 
tences are the relational expressions, formed by combining pairs of mathematical 
objects via relational operators. The value of a relational expression is a logi- 
cal constant. To form more complex sentences we combine relational expressions 
using logical operators, much like combining numbers using addition and multi- 
plication. The formulation of high-level statements such as (3.1) requires logical 
functions —called predicates— and quantifiers, which resemble integrals. 

These constructs have accompanying symbols, and the symbols of logic are 
cryptic and alluring. While they help us understand the structure of sentences, they 
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component projects 


Locate and install solder lugs with wood screws on 
sections A and C as shown in the drawing. Bend over the 
ends of the solder lugs and install two springs L in the 
lugs. 


Mount tuning knob K and bushing J on the free end of rod 
G. Adjust the knob and check that section C moves in and 
out with the cam rotation. changing the capacity between 
the foil plates. 


You may have to experiment with the cam diameter for best 
operation of section C. File the cam edges in small 
increments only and recheck the operation often. Use very 
light springs to keep section C from pressing against the 
cam and moving it. 


Reverse the cam on rod G to alter the direction of 
capacity (clockwise or counterclockwise). The capacitor 
can be installed vertically on a receiver project with a 
small metal bracket mounted on the bottom side of section 
A. 
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don’t necessarily help us write good sentences. Excessive use of logical symbols 
clutters the exposition, obscuring meaning. A recurrent theme of this chapter is that, 
quite often, concepts of great logical depth are better expressed with words. 


3.1 Relational operators 
We begin with a simple symbolic sentence: 
0< 1. (3.2) 


This is a relational expression. The relational operator ‘<’ converts two numbers 
into the logical constant TRUE. Any significant mathematical sentence that evalu- 
ates to TRUE is called a theorem, and expression (3.2) is one of the first theorems 
of analysis; it underpins all inequalities among real numbers. 

Relational operators comprise very familiar objects: 


= E E > ey (3.5) 


These operators are binary, they act on two operands. The first two act on ele- 
ments of any set; the others act on real numbers (more generally, on elements of an 
ordered set —see section 3.6). 

Interesting things can be said with simple relational expressions: 


355 
9° +10=1%+12% 9 7B <3x 107”. (3.4) 


These expressions also feature prominently in programming languages: 


if x<1 then 
x:=-x+1 
else 
Xi=x=1 
LL 


Here the logical value of the expression *x<1” determines which assignment state- 
ment is executed. 

At the most basic level we have the relational operators associated with sets, 
namely the membership and inclusion operators (section 2.1) and their negation: 


€ E C dE D De (3.5) 
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For example, the relational expression 
V2¢Q (3.6) 


is TRUE, that is, the square root of 2 is not a rational number. We shall prove this 
fact in section 6.1. 

There are countless relational operators in mathematics: the divisibility oper- 
ator “|” and the congruence operator ‘=’ in arithmetic (section 2.1.2), the iso- 
morphism operator ‘=’ in algebra, the orthogonality operator ‘L’ in geometry, 
etc. By contrast, the symbol ‘~’, used in mathematical physics, does not repre- 
sent a relational operator because expressions such as 7 ~ 3.14 cannot be assigned 
unequivocally a value TRUE or FALSE. 


9 ¢__9 


3.2 Logical operators 


The following sentence is TRUE: 


The integer 297885161 


— | is prime. (3.7) 
The proof requires a sophisticated theory and a lot of computer time!. However, 
it is not difficult to see that this expression is decomposable into finitely many 
relational expressions. Indeed the primality of p = 27885161 — 1 could in principle 
be established by verifying that p is not divisible by any prime up to ,/p. (The 
locution ‘in principle’ is cheeky; no computer present or future will ever complete 
such a brute-force computation within the lifetime of our Universe.) 

This example motivates the definition of the logical (or boolean) operators 
NOT and AND (to be defined below), with which we rewrite (3.7) as follows: 


NOT(2|p) AND NOT(3|p) AND NOT(5|p) AND 


We have produced a complex symbolic sentence by combining relational expres- 
sions with logical operators. This process is analogous to the construction of com- 
plex arithmetical expressions from arithmetical constants (numbers) and operators 
(+, —, etc.). 

The operator NOT (represented by the symbol —) is unary —it takes one boolean 
operand and produces a boolean value. In this respect NOT resembles the unary 


'This expression refers to the largest known prime (as of February 2013) with 17425170 digits: 
see [5]. 
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arithmetical operator *—”, which changes the sign of a number. The operator AND 
(represented by the symbol ^) is binary: think of it as a kind of multiplication. 

The following truth tables define the operators NOT and AND by specifying 
their action on all possible choices of operands: 


(3.8) 


The expression —P is called the negation of P. Negating relational expressions is 
straightforward, as we already have all the relevant symbols —see (3.3) and (3.5). 
Thus 


a(x <y) = (12 y), (EA) = (x ZA), “(A ZB) =ACB. 


The expression P ^ Q is called a conjunction or compound expression. In a 
compound expression the operator AND may appear implicitly. For instance, the 
expression 0 < x < 1 is compound: (0 <x) A (x< 1). 

Next we define the operator OR (represented by the symbol V) and the implica- 
tion operator (represented by the symbol =), as follows: 


T T T 
TIF T TIF F (3.9) 
FIT T ET T 
FE E FEF T 


These operators could also be expressed in terms of — and A, see exercise 3.1. 
The operator OR is inclusive, namely T V T = T, which is not the meaning usually 
attributed to the conjunction “or” in English usage”. 
The expression 
P => Q (3.10) 


is called an implication, and it reads 


P implies Q O follows from P if P, then Q 
P only if Q P is sufficient for Q. 


2There is also an exclusive version of OR, called XOR (V), for which TYT =F. 
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The expression P is the hypothesis, and O is the conclusion. Many mathematical 
statements have this form, theorem (3.1), for example. 

According to the truth table (3.9), if P is false, then the expression P > O is true 
for any O. This convention, which is perhaps unexpected, 1s in fact in agreement 
with the common usage of an implication: 


If 4 1s a prime number, then I am a Martian. 
If I win the lottery, then Pl buy you a Ferrari. 


The meaning of these sentences 1s clear. In particular, if I don’t win the lottery, then 
I am free do what I want about the Ferrari. 

From (3.9) we see that the expressions P => O and O > P are different. Accord- 
ingly, we introduce the operator = as follows: 


P=Q2Q=5P 
The expression on the left is called the converse of the implication (3.10). It reads 


P is implied by Q P follows from Q 
PifQ P is necessary for O. 


The value of an implication and its converse are unrelated. In the following 
example the former is false and the latter is true: 


(x° = 25) => (x = —5) (x = 25) = (x= —5). (3.11) 


Inappropriate reversal of an implication is a common mistake in proofs —see sec- 
tion 6.7.2. 

Formulae (3.11) combine relational and boolean operators, and the parentheses 
suggest the order in which these operators are evaluated. In this case the parenthe- 
ses are redundant, since relational operators must necessarily take precedence over 
boolean operators. Thus the expression x? = 25 = x = —5 could not be interpreted 
as x? = (25 => x) = —5. However, when two or more boolean operators are present, 
parentheses may be inserted to change the meaning of an expression. For instance, 
the expressions 

(FAT) =>T FA(T=>T) 


evaluate to TRUE and FALSE respectively. As with arithmetical operators, there 1s 
an agreed order with which boolean operators are evaluated: first =, then >, and 
then A and V. The last two operators have the same precedence and are evaluated 
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left to right if both appear. Thus the expression P V =Q => R/S is evaluated as 
(PV (50)) = (RAS); we note that the redundant parentheses add clarity to the 
sentence. 

The equivalence operator < is the conjunction of the direct and converse im- 


plications: 


Po Č (PSQ)A\(P<Q) (3.12) 


and it corresponds to the following truth table: 


T T 
F F 
T F 
F T 


The expression P & Q is read aloud as 


P implies and is implied by Q P is equivalent to Q 
P if and only if Q P is necessary and sufficient for Q 


The awkward expression ‘if and only if’ is quite common; the abbreviated form 
‘iff’ is found in formulae as an alternative to ‘<’. So the expressions 


ACBSAN\B=90 ACB ifAVB=0 


have the same meaning; they are read aloud as 
A 1s a Subset of B if and only if the set difference of A and B 1s empty. 


If —as in this example— the value of P 4 O is TRUE, then the statements P and 
O are logically equivalent, meaning that one is is just a rewording of the other. 
The contrapositive of the implication (3.10) is the implication 


-P<=-=0. (3.13) 


The contrapositive 1s constructed by reversing the operator and negating the operands. 
Great care must be exercised in distinguishing between direct, converse, and con- 
trapositive implications. 


DIRECT : If x is a multiple of 4, then x is even. (TRUE) 
CONVERSE : If x is even, then x is a multiple of 4. (FALSE) 
CONTRAPOSITIVE : If x is odd, then x is not a multiple of 4. (TRUE) 
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While the value of an implication and of its converse are unrelated, every im- 
plication is equivalent to its contrapositive. This is identity (iv) of the following 
theorem. 


Theorem. For all P,Q € {T,F}, the following holds: 
(1) HPVO) <= (PPA-0Q) 
) 


(ii) =~(PAQ) SS (APV0) 
(iii) (P>0) = (=PVQ) 
(iv) (P=0) = (SPE=0). 


ProorF. We prove (iii), leaving the other cases as an exercise. We will show that the 
two sides of the equivalence (111) have the same truth table. The truth table of the 
left-hand side is given in (3.9); that of the right-hand is computed as follows: 


We see that the two truth tables are equal. LI 


The statements (i) and (ii) are known as De Morgan's laws”. Using theorem 3.2, 
one can express the operators V, >, <> in terms of V and A (exercise 3.1). 

All items in the theorem have the form A(P,Q)  B(P, Q), where the statements 
A and B have the same value for any choice of P and O and hence are equivalent. A 
statement of this kind is called a tautology. In logic a distinction 1s made between 
a tautology and a syntactically correct —but not necessarily true— double impli- 
cation, by introducing the symbol —> for the latter circumstance. So one would 
write (PV Q) > (P ^Q) rather than (PV Q) = (PAQ). A similar distinction exists 
between = and —. For our purpose these additional symbols are unnecessary. 


3.3 Predicates 


The sentence 


The integer x 1s divisible by 7 


3 Augustus De Morgan (British: 1806-1871). 
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contains an unspecified symbol, and thus it assumes a logical value only if the sym- 
bol is assigned an integer value. We are prompted to introduce the following func- 
tion: 

P21, > {T,F} xr 7 |x. (3.14) 


We see that (x) is the symbolic translation of our sentence, and that 2 (22) =F, 
P(—91) =T. 

Using a function to encode a sentence is a simple idea with far-reaching conse- 
quences. Let us thus define a predicate (or boolean function) to be any function 
that assumes boolean values. If the domain of a predicate Y is X, then we speak of 
a predicate on (or over) X. So (3.14) is a predicate on the integers. 

Let Y : X — {T,F} be a predicate on X. There is a distinguished subset A of X, 
determined by via the following Zermelo definition: 


A:={xEXx: Al(x)}. (3.15) 


With reference to equation (2.7) and the discussion that follows, we see that the 
expression Z (x), which means ‘x has property P’, is the definiens of the set A. So 
the Zermelo definition (3.15) may be expressed in the language of functions using 
an inverse image 


{xEX: P(x} € PITY 


(cf. definition (2.17), p. 27). 
Conversely, let X be a set and let A be a subset of X. The predicate 


Pa:X — {T,F} xHxXEA (3.16) 


is called the characteristic function of A (in X). Explicitly, A(x) is equal to T if x 
belongs to A and to F otherwise. For example, the function (3.14) is the character- 
istic function of the set 7Z of integer multiples of 7. 

So to every predicate on a set X we associate a unique subset of X, and vice- 
versa. We say that there is a bi-unique correspondence between these two classes 
of objects, established by expressions (3.16) and (3.15). 

Sets are manipulated using set operators. Predicates are manipulated using 
boolean operators in a natural way by defining, say, 

(PN Q)(x) = P(x) \ A(x) 
and similarly for all other operators. The following theorem establishes correspon- 
dences between these two classes of objects. 
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Theorem. Let X be a set, let A,B C X, and let 24, Pg be the corresponding char- 
acteristic functions. The following holds (the prime denotes taking the comple- 
ment): 

(1) APA = Py 

(ii) Pan PB = Pace 

(iii) PAN PB = Pap 

(iv) Pr=> Pp = PAaBy 

(v) PAP = PANBJU(AUB)- 
(This baroque display of symbols is unappealing. In section 5.7 we”1l make it more 
digestible by writing a short essay about it without symbols.) 


Proor. To prove (i) we note that the function x ++ .%4(x) evaluates to TRUE if 
x ZA and to FALSE otherwise. However, from the definition of the complement of 
a set, we have x ZA Sx EA’. 

Next we prove (iv). We’ll prove instead 


(Pa => Pg) = Pars) 


which, together with (i), gives us (iv). Let A, := (x € A) and let Pg := (x € B). 
From the truth table (3.9) of the operator =, we find that =(Y4 > Pg) (x) is TRUE 
precisely when “4 (x) is TRUE and “ (x) is FALSE. This means that 


(x € A) A(x FB), 
but this is just the definition of the characteristic function of the set A \ B, as desired. 


The proof of (ii), (iii), (v) is left as an exercise. LI 
We illustrate the significance of this theorem with examples. 


ExaAmPLE. Let a and b be real numbers. The predicates x > (x > a) and x > (x < b) 
(over R) are the characteristic functions of two rays, the latter without end-point. 
According to theorem 3.3 part (ii), the predicate x +> ((x > a) A (x < b)) is the 
characteristic function of the intersection of these rays. Depending on whether a < 
b, or a > b, this intersection is the half-open interval |a, b) or the empty set. 


EXAMPLE. Let X,Y be sets, and let f,g : X — Y be functions. An equation (on X) 
is a predicate of the type 


PX ZATFS x> (f(x) = 8la)). 
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In the language of predicates, an equation is the characteristic function of its own 
solution set {x E€ X : A(x)} (section 2.5). The system of two equations 


fix) =8g1(x) — fax) = g2(x) 


defined over the same set corresponds to the predicate x > Y (x) A P(x). From 
theorem 3.3, part (ii), it follows that the solution set of a system of two equations is 
the intersection of the solution sets of the individual equations. 


EXAMPLE. If A C B, then As B is empty, and from part (iv) of the theorem we obtain 
(Pa => Pg) = Py = Py. 


The subset relation has been translated into an identity of functions. For example, 
the functional identity 


(Paz, > Poz) = Pz 


says that every multiple of four is even. 


3.4 Quantifiers 


Interesting mathematical statements —such as (3.1)— refer to families of objects 
rather than to individual objects. The formulation of general statements requires 
two special symbols, the universal quantifier V and the existential quantifier J. 
These symbols translate into words in several equivalent ways: 


ge for all given any for any choice of 


Si for some there exists we can find 


Expressions with quantifiers have the following syntax: 


Vx E X, P(x) For all x in X, P(x). 


or ly 
dx E€ X, P(x) There exists x in X, such that P(x). En 


where X is a set, and “ is a predicate over X. The quantifier is followed by the 
symbol being quantified, the membership operator, a set, and a predicate. The 
acronym ‘s.t. (for ‘such that’) is sometimes inserted in the second symbolic ex- 
pression (3.17) before the predicate: 


WEN s.t. A(x). 
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Without predicate the expressions Vx € X is incomplete and meaningless. The ex- 
pression Jx € X is meaningful but not used; one instead writes X 4 0. 

The meaning of the expressions (3.17) should be clear; in particular, each ex- 
pression has a logical value. For example, the following sentences are TRUE: 


VXER, x2>0 The square of every real number is non-negative. 
Ix € Q, O<x<l There is a rational number in the open unit interval. 


In translating the symbolic expressions we haven't merely converted symbols into 
words following (3.17). We have also synthesised meaning, and in doing so the 
quantified variable x has become silent —no explicit reference to it remains in the 
sentence. This is an intrinsic phenomenon, as we shall see. 

If the ambient set is clear from the context, then reference to it may be omitted. 
This is invariably the case if the quantifier appears in conjunction with an inequality 
that restricts the variable’s range. Of the following equivalent expressions 


Vn > 3, n! > 2” Vn ENS {1,2,3}, n! > 2” Wn EN, n>3 => nl > 2" 


the first one is preferable. The presence of the factorial makes it clear that we are 
dealing with natural numbers. 


EXAMPLE. Using quantifiers, it is possible to define relational operators in terms of 
other operators, thereby reducing the number of primitive operators. The inclusion 
operator can be defined in terms of the membership operator: 


ACB & WEA, xeB. (3.18) 


The divisibility operator is defined in terms of multiplication: 


min Æ Ake Z, mk =n. (3.19) 


EXAMPLE. The symbolic sentences (3.17) may be expressed in the language of func- 
tions: 

Vx EX, P(x) & A(X)={T} 

ae XP A RADO AE 
These equivalences may give the impression that we have managed to bypass quan- 
tifiers altogether. This is not the case. The standard definition of image of a set 
under a function (2.16) has a hidden quantifier in it, which is revealed when the 
definition is converted to Zermelo form. Thus if f : A — B is a function, then 


f(A) ={f(s) :x€ A} = {y EB: EA, y= f} 


(3.20) 


all about crystal sets 


ROTARY SWITCH 


List of Materials 


A - 2 1/4 diameter x 3/8-inch wood section. 

B - Flat head machine screws. 

C,L - Solder lugs. 

D - Nuts to fit B. 

E - Machine screw 1 1/4-inches long. 

F - 1/4 diameter x 1/2-inch long bushing (to fit E). 
G - Switch arm 1 x 1/4-inch (sheet brass, see text). 
H,K,M - Nuts to fit E. 

I,J - Washers to fit B. 

N - Small woodscrew. 
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Of the two definitions, the first one 1s more intuitive. 
Several quantifiers may appear within the same sentence. For illustration, let us 
consider the following two-variable predicate: 


L (x,y) := (‘x loves y”). 


This function is defined over the cartesian product G x G, where G is a set of people. 
So the lovers and the loved ones belong to the same set. 

Now choose g € G, say, g = George. Then “everybody loves George’ is a 
boolean expression, which is spelled out as 


For all elements x of G, the value of -Z (x, g) is TRUE. 
This expression translates into symbols as follows: 
Vx EG, L(x,g). 


This sentence may be true or false (depending on how charming George is). The fol- 
lowing sentences with one or two quantifiers exemplify several possible constructs. 


words symbols 
1 Everybody loves George VxE G, L(x,g) 
2 Somebody loves George 11€ G, L(x,g) 
3 Everybody loves himself Yx E G, L(x,x) 
4 George is in love dx E GN {e}, L(g,x) 
5 George is selfish L(g,g)\(VxEGrigh, ~L(g,x)) 
6 Everybody is in love VxXEG, eG, L(x,y) 
7 Somebody is in love dx EG, VEG, L(x, y) 
8 Somebody loves everybody dx € G, VyEG, L (x,y) 
9 Somebody is loved by everybody dy E€ G, VxEG, L(x,y) 


In the sentences 4 and 5, the indeterminate x belongs to the set Gx {g}, to ensure 
that x is distinct from g. It is possible to transfer this constraint to the predicate, e.g., 
in item 4: 

axe G, (14 g)AL(8,x). 
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Two-quantifier sentences have implied parentheses, which establish the order of 
evaluation of the sub-expressions. Thus expression 6 is written in full as 


VxEG, (JyEG, L(x,y)). 


According to (3.17), the quantity in parentheses must be equal to 2(x) for some 
predicate 2 over G; indeed we see that Q(x) =‘x loves somebody”. From the 
sentence’s symbolic structure and meaning, it is clear that the choice of y depends on 
x, in general. Therefore, exchanging the order of the quantifiers alters the meaning 
of the expression, as confirmed by comparing sentences 6 and 9. 

Quantifiers are operators which act on boolean functions producing new func- 
tions. Their effect 1s to reduce the number of variables by one, a process that calls 
to mind definite integration. We should think of the two expressions 


Vx EX Ja 
X 


as being structurally similar. The operator on the left acts on predicates over the 
set X, namely on functions Y : X — {T,F}. The operator on the right acts, say, 
on functions F : X — R, which are integrable over a subset X of the real line. (To 
fix ideas, assume that X is an interval.) Inserting the appropriate functions in each 
expression 


YrEX, P(x) J. dx F(x) 


we obtain a boolean constant (TRUE or FALSE) on the left, and a numerical constant 
(a number) on the right. Now suppose that both Y and F are functions of two 
variables x and y, defined over the cartesian product X x Y of two sets. Then each 
expression 


Vx EX, P(x,y) J axF (xy) 
X 


produces a function of y, the variable that is not quantified in one case, and not 
integrated over in the other. If we quantify/integrate with respect to both variables, 


VxEX, JyEY, P(x, y) [a | ayF (y), 
x JY 


once again we obtain constants. 

Returning to the examples above, we note that -2 (x,g) is a predicate in one 
variable (g is fixed), and so is &(x,x). Hence Ax, Z (x,g) and Vx, -Z (x,x) are 
constants. On the other hand, any expression in which the number of quantifiers 
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is smaller than the number of arguments in the predicate is a predicate with fewer 
arguments, as the following examples illustrate. 


words symbols 
x is in love ay E GN 4x}; LAY) 
x is loved IVE G SAX (V) 
x is a hippy VyEG, L(x,y) 
x is selfish L (x,x) A (Wy E GN {x}, 22 (x,y)) 
x is a lover of George RA ONL (x; 8) NZD EX) 


Now, each predicate is the characteristic function of a subset of G, which we 
construct with a Zermelo definition. 


words symbols 
the people in love fx EG: dye Gv {x}, L(x,y)} 
the loved ones fyeG: axe Gv {y}, LY(x,y)} 
the hippies {xEG:VyEG, L(x,y)} 
the selfish people {xEG: L(x,x) A (Vy € GV {x}, AL (x,y))} 
George’s lovers {xEG:xFA#gN L(x,g) A L(g,x)}. 


The sentence ‘everybody loves somebody’ is of the form 
Vx EX, IVEY, P(x,y) (3.21) 


where X and Y are sets and “ is a predicate over X x Y. Letting X = Y = N and 
P(x,y) = (x < y), we obtain a new statement which has the same formal structure: 


Given any integer, one can find a larger integer. 
or better, 
There is no greatest integer. 


It’s useful to think of the interplay between universal and existential quantifiers 
as a representation of an adversarial system —like a court of law— based on the 
following rules of engagement: 
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V given any (my opponent's move) 
J I can find (my move). 


The quantifiers create a tension between the two contenders, and I should expect 
to be challenged by my opponent. Accordingly, we rewrite our statement more 
emphatically: 


Given any integer, no matter how large, one can always find a larger 
integer. 


The expressions ‘no matter how large’ and ‘always’ are inessential to the claim, but 
they expose the dynamics of the process. This aspect of predicate calculus will be 
considered again in chapter 6, when we deal with proofs. 


EXAMPLE. The Archimedean property of the real numbers states that 


The integer multiples of any positive quantity can be made arbitrarily 
large. 


The symbolic version of this statement requires three quantifiers. 
Vx ER, VyeR, IneN, nx > y. 


In this expression x is the positive quantity in question, y is the (large) quantity 
we want to exceed, and n is the multiple of x needed to achieve this. Note that 
n =n(x,y). Clearly, the Archimedean property is best expressed with words than 
with symbols, and the large number of quantifiers hidden within this sentence may 
be taken as an indication of the concept’s logical depth. 


3.4.1 Quantifiers and functions 


Invariably, statement about functions will refer to the elements of the domain or 
co-domain, and quantifiers may be made to act on these elements. For instance, a 
function is injective if it maps distinct points to distinct points (section 2.2). This 
concise statement unfolds as follows: 


Given any two points in the domain of the function, if they are distinct, 
then so are their images under the function. 


This sentence has a universal quantifier (‘given any”) and an implication operator 
Cif... then”). Let f : A — B. A literal translation into symbols is 


vx, y EA, (14 y) => (f(x) f(y) 
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where Vx, y € A is a shorthand for Vx € A, Vy € A. Replacing the implication by its 
contrapositive (theorem 3.2 (1v), p. 57) we obtain a neater expression: 


Vx, y EA, (f(x) =fly)) > (x= y). 


The original definition (‘distinct points have distinct images”) restricts the ambient 
set to pairs of distinct points. This can be done symbolically: 


Vx EA, Vy EAN {x}, F(x) 4 fO). 


Now the predicate is simpler but the set is more complicated. It is always possible to 
transform an implication by absorbing the hypothesis into the ambient set (exercise 
3.1.3). 

A function f is surjective if image and co-domain coincide: f(A) = B. This 
high-level expression hides two quantifiers; we first spell it out: 


Given any point in the co-domain, we can find a point in the domain 
which maps to it. 


and then we rewrite it symbolically: 
Vy eB, 1EA, f(x) = y. 


This expression is of the form (3.21). 
In section 2.4 we noted that a sequence of elements of a set A may be interpreted 
as a function 
a:N-A k > ag. 


Characterising sequences is then analogous to characterising functions. 

For example, consider the set Z of all integer sequences (this notation was 
developed in section 2.4). To isolate sequences with certain properties —a subset 
of ZN — we use a Zermelo definition. For example, the set 


{ae Zo : a, €2Z} 


consists of all integer sequences whose first term is even. By applying the quantifier 
V to the subscript k (which is the variable in our functions), we can deal with all 
terms of the sequences at once. So the set of integer sequences with only even 
terms is given by 


face Z: YkeN, ape 27} = QZ). (3.22) 
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There seems to be something wrong here. The quantifier ‘integrates out” the inde- 
terminate k: does this mean that the predicate is just a constant? No, because the 
Zermelo variable is actually a = (az), an element of the ambient set Z. If we write 
(3.22) as {a € Z : A(a)}, then we see the structure of the predicate: 


P : ZN — {1,F} am (Vk EN, ag € 2Z). 
Likewise, the set 
{ae ZN : JkEN, a, € 27) 
1S 
The set of integer sequences with an even term. 


The above expression reflects the very literal interpretation of what's written, which 
is what mathematicians —and lawyers— are notorious for. A mathematical geek 
would be entertained by the fact that the statement ‘In London there is an under- 
ground station’, is true; a normal person would instead perceive this as a puzzling 
understatement (‘Where do they go from there?’). So a characterisation of the type 


The set of integer sequences with at least one even term. 


is preferable to the one given before. The qualifier ‘at least’ is superfluous, but helps 
the reader note an essential point. 
The set 
{ae ZN :WneN, n>2 2|a,) 


is described as 


The set of integer sequences whose terms, after the second, are even. 


No information is given about the first two terms, yet this statement could be misin- 
terpreted as meaning that these terms are odd. A more eloquent description of this 
set is 


The set of integer sequences whose terms are all even, with the possible 
exception of the first two terms. 


These examples show how much can be done to improve the clarity of a definition; 
this will be our concern in chapter 5. 
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3.4.2 Existence statements 


An existence statement is a logical expression with a leading existential quantifier 
>. In this section we consider some examples; we shall take a deeper look at the 
question of existence in chapter 8. 

The standard symbolic form of an existence statement is (3.17), but in a mathe- 
matical sentence the quantifier is often hidden: 


The number cos(7/3) is rational. 
To make the quantifier visible, we write 
For some rational number r, we have cos(7/3) =r. 
or, in symbols, 
dr € Q, r=cos(7/3). 


This statement is weaker than the identity cos(1/3) = 1/2, because it does not 
require us to reveal which rational number our expression is equal to. 

Equation (3.19) shows that an existential quantifier is hidden in the definition of 
the divisibility of integers. Therefore the sentence ‘n is even’, or, more generally, 
‘m divides n’ are existence statements. 

The sentence ‘n is not prime’ is an existence statement, because it means ‘there 
1s a proper divisor of n’. We write it symbolically as 


dm EN, (mjn) \(m 41) A(mFn) 
< AmeEN, (HAKEN, mk=n)A(m41)A(mF#n) 
where we have been careful in excluding trivial divisors. 
The following well-known theorem in arithmetic is an existence statement. 
Theorem (Lagrange* 1770). Every natural number is the sum of four squares. 


Let us we analyse it in some detail. First, we consider two instances of the 
theorem 
5=2°+1°+0°+0° Ter +17 +17+17. 
The first identity shows that some integers are the sum of fewer than four squares, 


while one checks that 7 requires all four squares. We restate the second identity 
without disclosing the details: 


Ja,b,c d EZ, T= +b +e +e. 


4Joseph-Louis Lagrange, born Giuseppe Lodovico Lagrangia (Italian: 1736-1813). 


3.5. NEGATING LOGICAL EXPRESSIONS 69 


By replacing 5 or 7 with an unspecified natural number n, we obtain a predicate Z 
over N: 

Ln) := (Aa,b,c,d€Z, n=a +b +c? +d’) (3.23) 
or 


n 1s a sum of four squares. 


To state Lagrange’s theorem with symbols, we quantify the remaining variable n 
Wn EN, da,b,c,d€Z, n= +b +c? +d’. (3.24) 


Five quantifiers are necessary to turn the predicate n = a? + b? + c? + d? (a func- 
tion of five variables) into a boolean constant. In the original formulation of this 
theorem, all five variables have fallen silent. 

Having buried all meaning inside the predicate (3.24), Lagrange’s theorem now 
disappears into a set identity: 


N={neEN: L(n)). 


Any theorem on natural numbers can be put in this form for an appropriate predicate 
SL. (Think about it.) 

Negating expressions with a leading universal quantifier always results in exis- 
tence statements, as we shall see in the next section. 


3.5 Negating logical expressions 


If Z is a logical expression, then its negation is =.2, which is false if Z is true 
and vice-versa. Relational expressions are negated by crossing out the operator 
with a forward slash —see (3.3) and (3.5), section 3.1. The only exceptions are the 
inequalities, whose negations have dedicated symbols. 

Theorem 3.2 provides the negation formulae for the main compound expressions 


a(PAQ) S APV0 
HAÍPVO) S PA-0 (3.25) 
=(P>0) $ PAGO). 
The first two formulae are items (i) and (ii) of the theorem (de Morgan’s laws); the 


third follows immediately from (iii) and (i). Note that the negation of an implication 
does not have the form of an implication. 
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If -Z is an expression with quantifiers and boolean operators, then the expres- 
sion ~% unfolds into an equivalent expression which we seek to determine. The 
following sentences contain a negation and a universal quantifier: 


Not all primes are odd. 
A square integral matrix 1s not necessarily invertible. 
Not all continuous real functions are differentiable. 


We recognise that these are disguised existence statements: 


There is an even prime. 
There is a square integral matrix which is not invertible. 
There is a continuous real function which is not differentiable. 


The following theorem confirms this observation. 


Theorem. Let “ be a predicate on a set A, and let 
L := Yx E A, P(x) M := Ax EA, P(x). 


Then 
aZ Say EA, n2? (x) mM = Yx E A, nP (x). (3.26) 


ProorF. From (3.20), we have the boolean equivalence 
OEP ANA TA 
where “(A) is the image of A under # (see section 2.2). But then 
aL & P(A) + {T} SPA) Z {F}. 
Using again (3.20), we obtain 
AL = kx EA, nP (x) 


as claimed. 
The second formula is proved similarly. From .4 = P(A) 4 {F}, we obtain 


SM > PA= F S AAE T} 


and hence 
aM =S>NxEA, DP (x). 
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E 


Its now easy to deduce the rule for negating expressions with two or more 
quantifiers. Let Y be a predicate on A x B, and let us consider the expression 


ZL:=VxXEA, JyEB, P(x,y). 
Repeated applications of theorem 3.5 give 
nL ES (VXeA, (JyEB, P(x,y))) 
> IXEA, AÍYEB, Yi(x,y)) 
> IXEA, VyEB, AP (x,y). 
It should be clear how similar formulae may be derived, having any combination of 


two quantifiers. 
Finally, we consider the case of an arbitrary sequence of quantifiers, e.g., 


L = Vx, E Xi, Ix E€ X2, ... ,VXn € Xn, PP E 


where the X; are sets, and “ is a predicate on the cartesian product X; x X2 x --- x 
Xn. Parentheses make it clear that this is a nested array of predicates: 


L = Vx, E X], (Axo E X2, (ad , (VXn € Xn, O DE 
Repeatedly applying theorem 3.5, from the outside to the inside, we obtain 
AL dx, EX1, Vx E X2, ... Ay, € Xp, TX pang hy): 


Namely, the negation of .2 is obtained by replacing each V with 3, and vice-versa, 
without changing their order, and then replacing 4 with =.4%. A formal proof 
requires the principle of induction (see chapter 7). 


EXAMPLE. The statement 
Vn,a,b € Z, (nlab) = (nla V n|b) 
is false (why?). We negate it using theorem 3.5, obtaining a true statement: 


dn,a,b € Z, (nlab) Aín fan fb). 


EXAMPLE. Lagrange’s theorem, expressed symbolically in equation (3.24), would 
be false if four squares were replaced by three squares. This fact is written symbol- 
ically as 

dn € N, Va,b,c € Z, nF atb te. 


In words: 


component projects 


ROTARY SWITCH 


In the early days, radio experimenters could not buy 
parts that are readily available today. They had to build 
their radio components from wood sections and common 
hardware.The rotary, switch ilustrated is similar to a 
type constructed for use with tapped coils of crystal 
sets, 


The rotary switch shown uses flat head screws for contact 
points that are mounted on a wood section, The switch arm 
1s cut from sheet brass and is installed on a machine 
screw. 


CONSTRUCTION 


Refer to the drawing of the rotary switch, Begin 
construction by cutting the 2 1/4-inch diameter section A 
from 3/8-inch thick wood. Locate, drill,and countersink 
the holes for the flathead machine screws B. The rotary 
Switch shown has 10 machine screws, but you can space the 
hole locations for the number of switch contact points 
desired. Allow a space between the starting and ending 
contact points for the woodscrew N. This woodscrew is 
used as a stop for the rotary arm G, Locate and drill a 
cer cr hole for the machine screw E, Install the screws B 
in section A with solder lugs C and nuts D. Install the 
woodscrew N. 


Measure and cut the rotary arm G from a section of, sheet 
brass. The arm should be long enough to reach the 
contacts. Make sure that it is not too wide, or it may 
short out to a nearby contact. Make a dent or "dimple" on 
the contact end, and drill a hole for screw E on the 
other end. Bend the rotary arm as shown in the drawing. 
Install screw E into bushing F, and arm G, and tighten 
the assembly with nut H. Place washer I on the screw and 
install screw E into the center hole of A. loosely fasten 
the screw with washer J and nut K. Then rotate the 
bushing F and arm G. Adjust the tightness of nut K as 
required to allow rotation of G with only a slight 
"drag". Install solder lug L on screw E with nut M, and 
bend the lug towards the screw end. Install knob O on 
bushing F, and recheck operation of the arm G. It should 
touch all of the contacts B and stop at screw N. 


The rotary switch is used as shown in the Dual-Tuned 
Crystal Set Construction Project. Make sure that extra 
le: * length is allowed for connection to the solder lug 
L. vend the lead into a "pig-tail," so that it will not 
break as the solder lug L is rotated. 
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There is a natural number which cannot be written as the sum of three 
squares. 


3.6 Relations 


We introduce some general terms whose definition requires predicates and quanti- 
fiers. These terms are ubiquitous in higher mathematics. 

Let X and Y be sets. A relation % on X x Y is a predicate over X x Y. If X =Y, 
we speak of a relation on X. It is customary to write x2y to mean 2 (x,y), and 
the expression x%y is called a relational expression. All relational expressions 
introduced at the beginning of this chapter are of this form. Thus the membership 
operator € defines a relation on X x P(X), where X is some ambient set. 

A relation on a set X is sometimes defined as a subset of X?, rather than a 
predicate over X7. In this sense, the set {(1,1),(2,1)} is a relation on {1,2}. The 
correspondence between sets and predicates described in section 3.3 clarifies the 
connection between the two constructs. 

A relation % on a set X is called an equivalence relation if it satisfies the 
following properties: 


VXEX, xBx reflexivity 
Vx,y EX, XZy > yx symmetry 
Vx, y, Z E X, (xRIYNIRZ) > xz transitivity. 


For an equivalence relation, the expression ‘x ~ y’ is a common alternative to x#y. 


EXAMPLE. The relational operator ‘=’ defines an equivalence relation on any set. 
This is the trivial equivalence. 


ExamPLE. For any natural number m, the congruence relation x = y (mod m) defined 
in section 2.1.2 is an equivalence relation on Z. 


EXAMPLE. The relation ‘~’ on N x N, defined by (m,n) ~ (j,k) if m+k=n+ j, is 
an equivalence relation. By interpreting the pair (m,n) as the quantity z = m — n, 
we see that equivalent pairs correspond to the same value of z. With this device, one 
can construct integers from pairs of natural numbers. More precisely, every integer 
is an infinite set of equivalent natural numbers. This is an abstract definition of the 
integers. The virtue of this construction is that it requires only addition in N, not 
subtraction. 


ExamPLE. The relation ‘~’ on Z x (Zx {0}), defined by (m,n) ~ (j,k) if mk = nj, 
is an equivalence relation. By interpreting the pair (m,n) as r = m/n, we see that 
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equivalent pairs correspond to the same value of r. With this device, one can define a 
rational number as an infinite collection of equivalent pairs of integers. This abstract 
definition of the rational numbers requires only multiplication in Z, not division. 

A relation & on a set X is called a partial ordering if it satisfies the following 
properties: 


VXEX, Xx reflexivity 
Vx. y EX, Zy Nyx) >x=y anti-symmetry 
Vx, y, Z EX, (xBPyNyBz) > xR Z transitivity. 


A set is partially ordered if a partial ordering is defined on it. A partial ordering 
is usually denoted by the symbol ‘<’. So we write x < y instead of x#y. 


EXAMPLE. The relational operator < defines a partial ordering in N, Z, Q, and R, 
but not in C. 


EXAMPLE. The set P(X) of all subsets of a set X is partially ordered by set inclusion, 
whereby < means C. 

A partially ordered set X is said to be ordered, if all pairs of elements of X are 
comparable, meaning that we either have x < y or y < x. The real line is an ordered 
set; the power set P(X) of a set X, which is partially ordered by set inclusion, is not 
ordered. 

An ordered set X is said to be well-ordered if any non-empty subset A C X has 
a smallest element. The symbolic definition requires three quantifiers. 


VA € P(X)~ 0, dae A, Vx EA, a<x. 


ExamPLe. Any finite ordered set is well-ordered. The closed unit interval [0, 1] is 
ordered but not well-ordered, because the subset (0, 1] has no smallest element. The 
natural numbers are well-ordered. This property forms the basis of the principle of 
induction, which we consider in chapter 7. 


Exercises 
Exercise 3.1. Some straightforward proofs. 


1. Show that the operators V,=,< may be defined in terms of = and ^. 


2. Complete the proof of theorems 3.2 and 3.3. 


74 


3. 


CHAPTER 3. MATHEMATICAL SENTENCES 


Show that given any predicates Y, 2 over a set X, there is a subset A of X 
such that 
(VxEX, P(x) > Qx)) S (WxEA, 2(x)). 


This equivalence says that the hypothesis of an implication may be absorbed 
into a suitable ambient set. 


Exercise 3.2. Rewrite each expression with symbols, using the quantifier >. 


L. 


D M aA bon 


Y DX 


NY 40 


ZEX+Y 
#X > 1 


. SINOCOS Æ COS osin 


#X > #Y. 


Exercise 3.3. Write each statement with symbols, using at least one quantifier. 


L. 


10. 


11. 
12, 


The integer n 1s a cube. 


. The fraction a/b is not reduced. 
. The equation f(x) = 0 has a rational solution. 
. The unit circle has a rational point. 


Z 
3 
A 
5. 
6 
7 
8 
9 


The polynomial p(x) has no integer roots. 


. The function f : A — B is not injective. 
. The function f : A — B is not surjective. 
. The function f : A — B 1s constant. 


. The function f : A — B is not constant. 


Every cubic equation with integer coefficients has a real solution. 


The integer n has a square divisor. 


The integer n is not divisible by 3. 


"The square divisor 1? is excluded. 
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13. There are integers that can be written in two different ways as the sum of two 


positive cubes.° 


14, Any open interval contains a rational number. 


15. No open interval contains a smallest element. 


16. The equation f(x) = 0 has infinitely many integer solutions. 


17. The equation f(x) = 0 has finitely many rational solutions. 


Exercise 3.4. Consider the following statements. 


L. 


2 
3 
4, 
5 


A 


Every prime greater than 2 is odd. 


. Two integers which are co-prime are also prime. 


. The reciprocal of a positive reduced fraction is reduced. 


The inverse of an invertible matrix 1s invertible. 


. Every integer that divides the product of two integers also divides one of the 


factors. 
Every subset of an infinite set 1s infinite. 


Three consecutive odd integers greater than 3 cannot all be prime. 


Every integer which is the product of two primes has four distinct divisors.” 


In each case: 


i) Decide if the statement is true or false, hence rewrite it as an explicit implica- 


tion (For all ...x, ifx..., then...). 


ii) State the contrapositive. 


iii) State the converse, and decide whether it’s true or false. 


iv) State the negation. 


“See (3.4), p. 52. 
"You may assume that all relevant integers are positive. 
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Exercise 3.5. (W. Hodges.) We wish to to build up a set of predicates to describe 
family relations. You are given the two predicates 


x is a son of y x 1s a daughter of y. 


Your task is to write definitions of the following predicates, in some appropriate 
order such that the later definitions use only the given predicates and earlier defini- 
tions. (The order below is just alphabetical.) 


x 1s an aunt of y 

x 1s a brother of y 

x is a child of y 

x 1s the father of y 

x is female 

x 1s a grandchild of y 
x is a half-brother of y 
x is male 

x 1s the mother of y 
x is a nephew of y 

x 1s a parent of y 

x 1s a sister Of y 


Use the symbols x,y,z, etc., to denote people, words for everything else, and 
parentheses to specify the order of evaluation of logical operators. 


Exercise 3.6. Let x and y be natural numbers, and let A(x, y) mean: ‘x is a proper 
divisor of y” (that is, xly and x Æ 1, y). Thus 49 is a predicate over N x N. 


(a) Write each statement with words. [g] 


E NAO) 

. HXEN, P(S,x) 

VxXEN, Plx,x?) 

. HEN, VyEN, P(x,y) 

We ENX {1}, WEN, P(x,y) 


RN BB Wo N =e 


(b) Write each predicate 2 with words, apart from the predicate’s argument. [g] 


l. Ly) == EN, A(x y) 
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2. L[(y) =VxEN, 1P(x, y) 
3. 2(x)= 3y EN, P(x,y) 
(c) Define each set with words. [g] 


l. py eN: 1x EN, P(x,y)} 
2. {y eN: VreN, "P(x,y)) 
3. {x EN: IYEN, A(x,y)}. 


Exercise 3.7. The following expressions define sets; turn symbols into words. [£] 
l. {x EN: Vmn EN, (ximn) => (x|mV x|n) | 
2. {x EN: Vm EN, x|m > x|m} 


3. {fx EN: Wm EN, x|m? > x|m?). 


Exercise 3.8. Decide if each sentence is true or false, hence write its negation with 
symbols. Then rewrite both with words. [£] 


1. Vn EN, 1/ngN 

2. NEN, “nE RQ 

3. Vx, y ER, xy = yx 

4. WneZ, 2|n(n+1) 

5. Ym,n E€ Z, (m+n € 2Z) > (mg 22 Vn4 22) 
6. WnEN, Tre Q, n<r?<n+1 

7. VyER, ax ER", log(x) = y 

8. Vx,y> 1, MEN, > y 


9. Ve>0, Je Q, |r—-vV2| <e. 
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Exercise 3.9. Consider the sentences 


1. Everybody loves George 
2. Everybody loves somebody. 
3. Somebody loves everybody. 


We wish to determine the computational effort required to find out if a sentence is 
true or false. With the notation of section 3.4, let the set G have n elements. First 
suppose that the sentence is true. How many evaluations of the predicate ‘x loves y’ 
are needed to verify this? Give the minimum and maximum number of evaluations, 
with an explanation. Do the same assuming that the sentence 1s false. 


Exercise 3.10. Define some interesting predicates on the power set of Z. Do the 
same for the power set of Z|x]. 


Chapter 4 


Describing functions 


We know only a handful of words describing structural properties of functions: 
injective, surjective, bijective (invertible), constant. 


In this chapter we consider attributes of real functions f : IK — IR. We expand 
our vocabulary substantially, and introduce important terms that are found in more 
general settings (periodic, bounded, continuous). Then we export this terminology 
to the real sequences, which are functions defined over N. 


4.1 Ordering properties 


The real line R is ordered, meaning that for any pair (x,y) of real numbers, pre- 
cisely one of the three relational expressions 


X<Y X=y MAY 


is true, and the other two are false. We begin with properties that are formulated in 
terms of ordering. 
A simple attribute of a real function is the sign of the values it assumes. 


VXER, f(x) >0 positive (4.1) 
VXER, f(x) <0 negative (4.2) 


If (4.1) is formulated with the non-strict inequality f(x) > 0, then we say that the 
function is non-negative. For the inequality f(x) < 0, the term ‘non-positive’ is 
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uncommon, and one would normally use negative or zero. For example, the ex- 
ponential function is positive, the absolute value function is non-negative, and the 
sine function is neither positive nor negative. Because inequalities are reversed un- 
der sign change, if a function f has any of the stated properties, then — f has the 
complementary property (e.g, if f is positive, then — f is negative). 

Note that the terms ‘non-negative’ and ‘not negative” have different meaning, 
the latter being the logical negation of negative. This distinction 1s very clear in the 
symbolic definitions. 


VXER, f(x) 20 non-negative 
HER, f(x) >0 not negative 


(The second symbolic expression is obtained by negating (4.2) according to theorem 
3.5.) So anon-negative function is also not negative, but not vice-versa. Two similar 
expressions with different meanings can easily lead to confusion, and one must 
remain vigilant. 

Next we consider how the action of a function affects the ordering of the real 
line; the order may be preserved, reversed, or a bit of both. There are two com- 
peting terminologies, labelled / and // in the table below. Each has advantages and 
disadvantages. 


I HI 
Vx, y ER, x>y > flx) > fO) increasing strictly increasing 
Vx. y ER, x>y =>f(x) > fO) non-decreasing increasing 
Vx,yER, x>y >f(x)< fO) decreasing strictly decreasing 
Vx, y ER, x>y =>f(x) < f (y) non-increasing decreasing 


A function that is either increasing or decreasing (strictly or otherwise) is said 
to be monotonic. 

Thus the arc-tangent is increasing in / and strictly increasing in J. In J no 
function can be both increasing and decreasing, and most functions are neither, for 
instance a constant or the cosine. The constants are the functions that are both 
non-decreasing and non-increasing. 

The disadvantage of / is that, as we did above for ‘non-negative’, we must dif- 
ferentiate between ‘non-increasing’ and the logical negation of increasing (Ax, y € 
R, (x>y) A (f(x) < fO). 

The terminology // eliminates the annoying distinction between the prefixes 
‘non-’ and “not”, but introduces a new problem. Now a constant is both increasing 
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and decreasing, clashing with common usage. (After years without a pay rise, I 
wouldn't say: “my salary is increasing’ .) 
To be safe, use “strictly” to mean strict inequality in any case. 


4.2 Symmetries 


Real functions may have symmetries, expressing invariance with respect to changes 
of the argument. A function f is even or odd, respectively, if 


VXER, f(—x) = f(x) or VxER, f(—x) =—f(x). 


So the cosine is even, the sine is odd, the exponential is neither even nor odd, and 
the zero function is both even and odd. The property of being even or odd has a 
geometrical meaning: graphs of even functions have a mirror symmetry with respect 
to the ordinate axis, while those of odd functions are symmetrical with respect to 
the origin (see figure 4.2). There is an easy way of constructing even/odd functions. 


Figure 4.1: An odd function 


For any real function g, the function x ++ g(x) + g(—x) is even, and so is the function 
g(f(x)) for any even function f. So the function x +> g(|x|) is even. To construct 


Y WORKSHOP 


The construction projects in this book can be built with 
common hand tools found in an average home workshop. 


Useful Hand Tools 


Safety glasses or face shield 
steel rule 
Square 

Hack saw 

Wood saw 
Screwdrivers 
Pliers 
Wirecutters 
Tin snips 
Center punch 
Files 

Hammer 
Soldering Iron 


Wear safety glasses or face shield while working. Observe 
common sense safety precautions. 


SOLDERING 


Make sure that the part to be soldered is clean. Use only 
rosin core solder. Prepare the soldering iron tip as 
follows: 


File each surface of the tip to remove oxidation. Plug in 
the iron and let it heat until you can melt solder on the 
tip (before the copper tip turns blue or bronze color). 
Melt enough solder until all sides of the tip are coated. 
Then wipe off excess solder with a damp sponge or cloth. 
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odd functions, we first define the sign function 


+1 ifx>0 
sien(x) = 0 ifx=0  xER. (4.3) 
=1 ifx<0 
The sign function is odd: sign(—x) = —sign(x). Then, for any real function g, the 


function x +> sign(x) g(|x|) is odd, as easily verified. This construct ensures that our 
function vanishes at the origin, which 1s a property of all odd functions. 

Next we turn to translational symmetry, which is called periodicity. A function 
f is periodic with period T if 


VXER, f(x+T) = f(x) (4.4) 


for some non-zero real number T (see figure 4.2). 


Figure 4.2: A periodic function 


For instance, the sine function is periodic with period T = 27. If a function is 
periodic with period T, then it is also periodic with period 27, 3T, etc. For this 
reason one normally requires the period 7 to be the smallest positive real number 
for which (4.4) is satisfied. To emphasise this point we use the terms minimal or 
fundamental period. 

If we say that a function f is periodic —without reference to a specific period— 
then the existence of the period must be required explicitly: 


IT ERT, VxER, f(xt+T) = f(x) (4.5) 
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where R* is the set of of positive real numbers —see (2.9). Note that the period T 
must be non-zero (lest this definition say nothing) and without loss of generality! 
we shall require the period to be positive. (The case of negative period is dealt with 
the substitution x +> x — T in (4.4).) 

The presence of symmetries reduces the amount of information needed to spec- 
ify a function. If a function is even or odd, knowledge of the function for non- 
negative values of the argument suffices to characterise it completely. Likewise, if a 
periodic function is known over any interval of length equal to the period, then the 
function 1s specified completely. 

One should be aware that symmetries are special; a function chosen ‘at random’ 
will have no symmetry. 


4.3 Boundedness 


A set X C R is bounded if there is an interval containing it”, namely if 
Ja,b ER, VxE Xx, a<x<b (4.6) 


Or 
Jb € R, VxeX, |x| <b. (4.7) 


The two definitions are equivalent (exercise 4.11). The numbers a and b in (4.6) are 
an upper and a lower bound for X. 
A real function f is bounded if its image f(R) is a bounded set. In symbols: 


HER, VxER, |f(x)| <b. 


For example, the sine function is bounded and the exponential is not. The periodic 
function displayed in figure 4.2 is bounded. 

A function f is bounded away from zero if its reciprocal is bounded. This 
means that for some positive constant c we have |f(x)| > c for all values of x. In 
symbols: 

dc ER*, VxER, |f(x)| ><. 


The hyperbolic cosine is bounded away from zero (what could be a value of c in 
this case?) but the exponential function is not. 


l This expression indicates that an inessential restriction or simplification is being introduced. 
See section 6.8 for another example. 
” The term ‘interval’ is intended in the proper sense —rays are excluded, cf. (2.10). 
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4.4 Neighbourhoods 


A neighbourhood of a point x € IR is any open interval containing x. The interval is 
required to be open to ensure that x is not an end-point. Plainly, any real number has 
infinitely many neighbourhoods. Although this definition makes no reference to the 
size of the interval, this construct comes to life only when very small intervals come 
into play. Then the neighbourhood concept characterises ‘proximity’ in a concise 
manner that does not rely on quantitative information. A skillful use of this term 
leads to terse and incisive statements. For instance, the sentence 


The function f 1s bounded in a neighbourhood of xo. 


means that there is an open interval containing xy whose image under f is a bounded 
set. If we write this statement in symbols 


Ja,b ER, Jc ER, x9 € (a,b) A (Vx € (a,b), |f(x)| <c) 


we realise just how much information 1s packed into it. 
The function f has a maximum at x if the value of f at x is greater than the 
value at all other points, namely if 


Vy ER, f(x) > f(y). (4.8) 


The concept of minimum is defined similarly. With a non-strict inequality in 
(4.8) we obtain a weaker variant of this concept. The function f has a local max- 
imum at x if (4.8) holds in some neighbourhood of x, but not necessarily in the 
whole domain of f. Thus the arc-tangent and the exponential have no maximum 
or minimum, the hyperbolic cosine has a minimum but no maximum, and the func- 
tion x + arctan(x) + sin(x) has infinitely many local maxima and minima, but no 
maximum or minimum. 
The statement 


Every neighbourhood of x contains a point of A. 


which is trivial if x € A, has considerable depth if x ¢ A, because it says that there 
are infinitely many open intervals, as small as we please, each containing x as well 
as a point in A. In fact every neighbourhood of x must contain infinitely many points 
of A; equivalently, points in A get arbitrarily close to x. (Think about it.) For 
instance, let A be one of 


(0, 1) (1/n:nenN) sin(N). 
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We see that in all cases 0 does not belong to A (why is 0 ¢ sin(N)?), and the above 
applies. 

By a neighbourhood of infinity we mean a ray {x € R : x > a}, where ais a 
real number. A neighbourhood of —oo is defined similarly, and both points at infinity 
+00 are handled at once with the construct {x € R : |x| > a}. The sentence 


The function f is constant for all sufficiently large x. 
written symbolically as 
Ja ER, Vxe Rt, f(x+a) = f(a). 


or as 
Ja € R, Vx >a, f(x) = f(a) 


says that f is constant in some neighbourhood of infinity. 

Let f be defined in a neighbourhood of a point x, excluding, possibly, the point x 
itself. If f is unbounded in every neighbourhood of x, then we say that f is singular 
at x, and the point x is called a singularity (or a singular point) of the function. A 
function that is not singular is said to be well-behaved or regular, the latter term 
used mostly for function of a complex variable. Singularities are common; we 
collect some ideas in a paragraph. 


A polynomial has no singularities; the same holds for the sine, the co- 
sine, and the exponential. The logarithm is singular at the origin and 
regular everywhere else. A rational function has finitely many singu- 
larities; they are the roots of the polynomial at the denominator. The 
tangent, secant, and co-secant functions have infinitely many singular- 
ities, evenly spaced along the real line. 


We denote the set of all neighbourhoods of x by .4. This is an abstract set, 
and we look for a concrete representation of it (see section 2.1.3). We identify an 
open interval with an ordered pair (a,b) of real numbers representing the interval’s 
end-points’. Collecting all these pairs together, we obtain a subset N, of R°: 


N, = {(a,b) CR? :a<x<bh~ M. (4.9) 


The set N, is the (open) north-west quadrant of the plane with respect to the origin 
(x,x). The symbol ‘~’ in (4.9) indicates that the sets .4% and Ny are equivalent 
rather than equal, meaning that there is a bijective function from .4, to Ny. 


¿By a Freudian coincidence, the ordered pair (a,b) here represents the open interval (a,b). 
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4.5 Continuity 


Continuity is a fundamental concept in the theory of functions. Loosely speaking, a 
function is continuous if it has ‘no jumps’, but this naive definition is only adequate 
for simple situations. We begin by considering continuity at a specific point of the 
domain of a function. An informal —yet accurate— characterisation of continuity 
is to say that a function is continuous at a point if its value there can be inferred 
unequivocally from its values at neighbouring points. Thus neighbourhoods come 
into play. 

For example, the value of the sign function (4.3) at the origin cannot be inferred 
from the surrounding environment; even if we defined, say, sign(0) = 1, the ambi- 
guity would remain. Things can get a lot worse. Consider the real function 


1 ifxeEQ 
x= (a ifx e O. (4.10) 


Given that in any neighbourhood of any real number there are both rational and 
irrational numbers, there is no way of inferring the value of this function at any 
point by considering how the function behaves in the surrounding region. 

We say that f 1s continuous at the point a if 


VIE Nea), HEM, FU) CI. (4.11) 


Let's go though this concise definition in slow motion. The set .4 consists of all 
open intervals containing the point a where continuity is being tested. The set N (a) 
consists of all neighbourhoods of f(a), the value of the function at a. An arbitrary 
interval J containing f(a) is given, typically very small. We must now find an 
interval / containing a whose image fits inside J. The choice of 7 will depend on 
J, and if we succeed in all cases, then the function 1s continuous at a. We don’t 
necessarily know what the set f(T) looks like; all we need to know is that if 7 
becomes small, so does f(T). 

A function that is not continuous at a point of the domain is said to be discon- 
tinuous. A function is discontinuous everywhere if it has no points of continuity, 
like the function (4.10). 

Continuity may be defined without reference to neighbourhoods, but in this case 
one must supply qualitative information. The full notation is considerably more 
involved than (4.11): 


Ve ERT, OER, VER, |x-al < 6 > |f(x)—f(a)| <e 
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and it remains so even 1f we omit all references to the ambient set R: 
ve > 0, 10 > 0, Vx, |x-al < ô => |f(x)— fla)| < e. 


A function is continuous 1f it is continuous at all points of the domain. An 
additional quantifier is required in definition (4.11). If A is the domain of f, then 
we write 

Va €A, WEN iq), UEM, FU) CI. (4.12) 


A function f is differentiable at a 1f the limit 


lim F(x) where FQ) = Ju) F(a) 


x—a X a 


Xa 


exists. The function F is called the incremental ratio of f at a, which is not defined 


See ie a . def ,. 
at x = a. However, if f is differentiable at a, then by letting F(a) = lim,_a F(x), 
the function F becomes continuous at a. Let's sum this up in a sentence. 


A function is differentiable at a point if its incremental ratio is contin- 
uous at that point; in this case the value of the incremental ratio 1s the 
derivative of the function. 


A function is said to be differentiable if it is differentiable at all points of its 
domain. A function that is differentiable sufficiently often (all derivatives up to 
a sufficiently high order exist) is said to be smooth. The expression ‘sufficiently 
often’ is deliberately vague; its precise meaning will depend on the context. 

Many elementary real functions are continuous in their respective domains: the 
polynomials, the trigonometric functions, and the exponential and logarithmic func- 
tions, etc. These functions are also differentiable infinitely often. 


4.6 Other properties 


A function of the form f(x) = ax, where a is a real number, is said to be linear. 

The term linear originates from ‘line’, and functions of the type f(x) = ax + b, 
are sometimes referred to as being ‘linear’ because their graph 1s a line (the correct 
term is affine). Likewise, a function given by a polynomial will be characterised, in 
the first instance, by the degree of the polynomial. So we’ll speak of a quadratic, 
cubic, quartic function, etc. 
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Consider the absolute value function, defined as follows: 


x| = = AS (4.13) 


—x ifx< 0. 


This function is not linear, but it is made of two linear pieces, glued together at the 
origin. Functions made of linear or affine pieces are said to be piecewise linear 
or piecewise affine (see equation (4.3) and figure 4.6). A function is piecewise 
defined if its domain is partitioned into disjoint intervals or rays, with the function 
being specified independently over each interval. The properties of a piecewise- 
defined function may fail at the end-points of the intervals of definition. In this 
case terms such as piecewise increasing, piecewise continuous, piecewise differ- 
entiable, piecewise smooth may be used —see figure 4.4. A piecewise constant 
function is called a step-function. 


Figure 4.3: A continuous piecewise affine function. 


ExAmPLE. If x is a real number, we define the floor of x, denoted by |x|, to be 
the largest integer not exceeding x. Similarly, the ceiling function |x] represents 
the smallest integer not smaller than x. Floor and ceiling are the prototype step 
functions. Closely connected to the floor is the fractional part of a real number x, 
denoted by {x}. (The notational clash with the set having x as its only element is 
one of the most spectacular in mathematics!) The fractional part is defined via the 
equation 


x= |x] +40 
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Figure 4.4: Left: a step function. (The vertical segments are just a guide to the eye; 
they are not part of the graph of the function.) Right: a periodic continuous function 
which is piecewise differentiable. 


from which it follows that O < {x} < 1. This function is discontinuous and piece- 
wise affine. 


ExAMPLE. Describe the following function: [g£] 


This 1s a smooth function, which is bounded and non-negative. It fea- 
tures an infinite sequence of evenly spaced local maxima, whose height 
decreases monotonically to zero for large arguments. There 1s one zero 
of the function between any two consecutive local maxima. 


We rewrite it, borrowing some terminology from physics. 


This function displays regular oscillations of constant period, with am- 
plitude decreasing monotonically to zero. 
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The following functions have a behaviour that is qualitatively similar to that dis- 
played above. 
al 
fassin fo = +S) 


4.7 Describing real sequences 


A sequence may be thought of as a function defined over the natural numbers, or, 
more generally, over a subset of the integers (section 2.4). Indeed in number the- 
ory the real (or complex) sequences are called arithmetical functions. Using this 
analogy, some terminology introduced for real functions translates literally to real 
sequences. So the terms 


positive, negative, increasing, decreasing, monotonic, 
constant, periodic, bounded, bounded away from zero 


have the same meaning for sequences as they have for functions. We write 
The sequence of primes is positive, increasing, and unbounded. 


Other terms require amendments or are simply not relevant to sequences. For 
instance, injectivity 1s not used —we just say that the terms of a sequence are 
distinct— while surjectivity is rarely significant. Invertibility is used in a differ- 
ent sense than for functions —see section 8.4. The terms ‘even’ and ‘odd’ are still 
applicable to doubly-infinite sequences. 

A sequence which settles down to a periodic pattern from a certain point on is 
said to be eventually periodic. More precisely, a sequence (x1,x2,...) is eventually 
periodic if the set {x,,x2,...} is finite. (Think about it.) If the periodic pattern 
consists of a single term, then the sequence is said to be eventually constant. 

The idea of continuity does not apply to sequences because the neighbourhoods 
of an integer are trivial (small neighbourhoods contain a single point). Except at 
infinity, that is. The neighbourhoods of infinity are the sets of the form Ig = {k € 
N : k > K}, for some integer K. They form a sequence of nested infinite sets, which 
is appropriate for defining continuity. 

Accordingly, we say that a real sequence converges if, as a function over N, it’s 
continuous at infinity. Adapting definition (4.11) to the present situation, we say 
that the real sequence (ag) converges to the limit c if 


VJ E M, IKEN, Vk>K, ax € J. 
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This expression says that given any neighbourhood J of c, we have ag € J for all 
sufficiently large k, namely for all k € Ix. 


Exercises 


Exercise 4.1. Write each symbolic sentence without symbols, apart from f. 
1. f(0)=0 2. f(R)=R 
3. #f(R)=1 4. f(Z) = {0} 
5. 0€f(Z) 6. f '(Z)=0 
7. f(R) CZ 8. f(R)DZ 
9 JS 10. f(QNQ=0 
Exercise 4.2. Same as in previous exercise. 
. YxE Z, f(x) =0 
WERIT) =x 
. Vx ER, f(—x)=0 
. Vx € [0,1], f(x) 40 
. Vx €Qvx {0}, f(x) 40 
Vx EQ, f(x) EQ 
.VxEZ, JyEN, f(x+y) =0 
.VxER, JyYER?, |f(x+y)] < |f(x)]. 


Exercise 4.3. Turn words into symbols. 


L. 


2 
3 
4 
5. 
6 
7 


The function f has no zero. 


. The function f vanishes at the origin. 
. The function f does not vanish except, possibly, at the origin. 


. The function f vanishes identically outside the open unit interval. 


The zeros of f include all even integers. 


. The function f may vanish only at the rationals. 


. The function f has infinitely many zeros in the unit interval. 


workshop 


Make sure that the bare wire lead to be soldered is free 
of oxide, It is best to tin it first by melting a bit of 
rosin core solder on the lead end, Crimp the lead in the 
part hole to keep it from moving during soldering. Hold 
the iron tip under the part until it is hot enough to 
melt solder; Apply only enough rosin core solder to cover 
the surface of the part. Remove the iron. Do not move the 
part or wire while it is cooling. 


PROJECT CONSTRUCTION TIPS 


Tape a sheet of graph paper over a project wood section. 
Mark locations of the parts on the paper. Center punch 
mounting hole centers through the paper. Use a compass to 
draw circles the same size as the holes, Then drill holes 
through the paper. 


Lettering on the projects can be done with a labelmaker 
that prints on strips of adhesive coated plastic. You can 
also use decals or dry transfer lettering sheets, 


Small metal brackets can be made from heavy gauge sheet 
aluminum. Layout and drill the mounting holes and then 
cut it to size with a tin snips. Form the bracket by 
using a heavy mallet and a vise. 


Tuning Capacitors, Knobs, and Dials 


Old radios are a good source of components. The radios 
generally use two tuning capacitor sections ganged 
together. The receivers previously described will operate 
with one of the capacitor sections (365 mmf). You can cut 
out cardboard discs and cement them to radio knobs and 
use them as dials with the tuning capacitors, Mark the 
dials with dry transfer lettering, or black drawing ink. 


Panels and Cabinets 


The layout and construction of crystal sets is not 
critical. They can be fitted into many different types of 
wood cabinets. You can use almost any type of 
non-metallic box, but metal boxes are not recommended as 
sheet metal close to the tuning coil may lower its "Q". 
Black sheet plastic used for the front panel with white 
dry transfer lettering will give your receiver project an 
antique look. 
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Exercise 4.4. Consider the following implications, where f is a real function. 


1. If f is decreasing, then — f is increasing. 
. If f is decreasing, then |f| is increasing. 
. If |f| is increasing, then f is monotonic. 


. If f is even, then |f| is also even. 


. If f is continuous, then |f| is continuous. 


Z 
3 
4 
5. If f is unbounded, then f is surjective. 
6 
7. If f is differentiable, then |f| is differentiable. 
8. If f is periodic, then f? is periodic. 

Of each implication: 


(a) state the converse, and decide whether it’s true or false; 
(b) state the contrapositive, and decide whether it’s true or false; 
(c) state the negation. 


Exercise 4.5. As in exercise 3.4, p. 75. 
I. Every differentiable real function 1s continuous. 
2. A bounded real function cannot be injective. 
3. The sum of two odd functions is an odd function. 
4. No polynomial function 1s bounded. 
5. The composition of two periodic functions is periodic. 


Exercise 4.6. Consider the definition (4.5) of a periodic function. What happens if 
we place the quantifiers in reverse order? 


Vx ER, AT € R*, f(x+T) = f(x) (4.14) 
WER ATER, f(x+T)= f(x). (4.15) 


1. Find a function that satisfies (4.14) but not (4.5). 
2. Find a function that satisfies (4.15) but not (4.5). 
3. Characterize the set of functions that satisfy (4.14). Do the same for (4.15). 


4.7. DESCRIBING REAL SEQUENCES 93 


Exercise 4.7. Describe the behaviour of the following functions. [£, 30] 


+A 
Lele 
+A 
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1) 


Ade 
A 


Exercise 4.8. By experimenting on a computer, if necessary, define real functions 
whose behaviour is qualitatively similar to those of the previous problem. 


Exercise 4.9. Give an example of a real function with the stated properties. 


l. 


NY A Aa A 


Increasing, with decreasing derivative. 


. Unbounded, with unbounded derivative. 

. Unbounded, with bounded derivative. 

. Discontinuous, with continuous absolute value. 
. With infinitely many zeros, but not periodic. 

. Unbounded and vanishing infinitely often. 

. The image is a half-open interval. 


. The image is the set of natural numbers. 
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Exercise 4.10. Express each statement with symbols. 


L. 


OD 0 N `A OH A Q N 


— 
© 


The sequences (az) and (bg) are distinct. 


. The sequence (az) is eventually constant. 

. The sequence (az) is not periodic. 

. The sequence (az) is eventually periodic. 

. The sequence (az) has infinitely many negative terms. 

. Eventually, all terms of the sequence (a) become negative. 
. The terms of the sequence (az) get arbitrarily close to zero. 
. Each term of the sequence (ag) appears infinitely often. 

. Each term of the sequence (ag) appears at least twice. 


. Each natural number appears infinitely often in the sequence (ax). 


Exercise 4.11. Prove that the definitions of boundedness (4.6) and (4.7) are equiv- 


alent. 


96 


CHAPTER 4. DESCRIBING FUNCTIONS 


Chapter 5 


Writing well 


In this chapter we consider some techniques for writing mathematics. We deal with 
small-scale features: choosing an appropriate terminology and notation, writing 
clear formulae, mixing words and symbols, writing definitions, introducing a new 
concept. These are pre-requisites for the more substantial task of structuring and 
delivering a mathematical argument, to be tackled in later chapters. 


5.1 Choosing words 


Precision must be the primary concern of anyone who writes mathematics. We list 
some common mistakes and inaccuracies that result from a poor choice of words. 


Bap: the equation x— 3 < 0 
Goop: the inequality x— 3 < 0 
Bap: the equation x? — 1 = (x— 1)(x+ 1) 
Goon: the identity x7 — 1 = (x— 1) (x+ 1) 
Bap: the identity x = Vx? 
Goop: the equation x = V x2 


Bap: the solution of x* = x 
Goop: a solution of x* = x 


Bap: the minima of a quadratic function 
Goop: the minimum of a quadratic function 
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BAD: 
GOOD: 


BAD: 


GOOD: 


BAD: 
GooD: 
BAD: 


GooD: 


BAD: 
GooD: 


BAD: 


GooD: 


BAD: 
GooD: 


BAD: 
GooD: 
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the function sin(x) 
the sine function 


the function f(A) of the set A 
the image of the set A under f 


the interval [1, 0o) 


the ray [1,0o) (the infinite interval [1,0o)) 


the set Z minus kZ 
the set difference of Z and kZ 


the area of the unit circle 
the area of the unit disc 


the absolute value is positive 
the absolute value is non-negative 


the coordinates of a complex number 
the real and imaginary parts of a complex number 


the function crosses the vertical axis at a positive point 
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the graph of the function intersects the ordinate axis at a positive point 


Once our writing is accurate, we consider refining the choice of words to differ- 
entiate meaning, improve legibility, or avoid repetition. 

A set is often called a set, although collection or family are pleasing alternatives. 
A set becomes a space if it has an added structure, like a metric space (a set with a 
distance) or a vector space (a set with an addition and a scalar multiplication). 

The word element expresses a special kind of subsidiary relationship. If A is a 


set and a € A, then we say that a is an element of A. The term member is a variant, 
and so is point, which is the default choice for geometrical sets. So if A C R”, 
then x is a point of A. For sequences, we may replace ‘element’ by term. This is 
necessary if the elements of a sequence are added (multiplied) together, in which 
case the operands are the terms of the sum (product), not the elements. However, if 
V = (vz) is a vector, then vz is a component of V, not a term (even though a vector 
is just a finite sequence). But if M = (m; j) is a matrix, then m; j is an element or an 
entry of M, not a component (even though a matrix is just a sequence of vectors). 
The word variable is used in connection with functions and equations. In the 
former case it has the same meaning as argument, and it refers to the function’s 
input data. In the latter case it means unknown —a quantity whose value is to 
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be found. Polynomials and rational functions may represent functions or algebraic 
objects; for the latter, the term indeterminate is preferable to variable. 

The term parameter is used to identify a variable which is assigned a value that 
remains fixed in the subsequent discussion. For example, the indefinite integral of a 
function is a function which depends on a parameter, the integration constant: 


The two symbols x and c play very different roles here, so we have a one-parameter 
family of functions, rather than a function of two variables. 

A function is not always called a function. This may be true for real functions, 
but in more general settings the terms map, mapping, and transformation are at 
least as common. So a complex function C — C may be called a mapping, and 
a function between euclidean spaces R” — R” is a mapping or a transformation. 
Some functions are called operators. These include basic functions, like addition 
of numbers or intersection of sets, represented by specialised symbols (+,) and 
syntax (x+ y rather than +(x,y)). The arithmetical operators, the set operators, 
the relational operators, and the logical operators are functions of this type. The 
attribute binary means that there are two operands, while unary is used for single 
operands, like changing the sign of a number. The term operator is also used to 
characterise functions acting on functions which produce other functions as a result. 
The differentiation operator is a familiar example. A real-valued function acting 
on functions is called a functional. So definite integration is a functional. 

In logic, a function is called a predicate, a boolean function, or a character- 
istic function. These terms represent the same thing, but they are not completely 
interchangeable. ‘Characteristic function’ should be used if there is explicit ref- 
erence to the associated set, and ‘predicate’ (or ‘boolean function’) otherwise. If 
the arguments of a function are also boolean, then there is a strong case for using 
‘boolean function’. Some examples: 


The negation of a predicate 1s a predicate. 
Let y be the characteristic function of the prime numbers. 


Let us consider the boolean function (x,y) > 7x Ay. 


The predicate ‘n > (3 | n(n+1))’ is the characteristic function of a proper 
subset of the integers. 


A relational operator 1s a boolean function of two variables. 
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In mathematics it is acceptable to change the meaning of established words. The 
following re-definitions of universal geometrical terms were taken from mathemat- 
ics research literature: 


By atriangle we mean a metric space of cardinality three. 


By a segment we mean a maximal subpath of P that contains only light or 
only heavy edges. 


By a circle we mean an affinoid isomorphic to max C,(T,T — 1). 


Re-defining such common words requires some self-confidence, but in an ap- 
propriate context this provocative device may be quite effective. Clearly the new 
meaning is meant to remain confined to the document in which it’s introduced. 


5.2 Choosing symbols 


Choosing mathematical notation is difficult. Mathematicians are notoriously reluc- 
tant to accept standardisation of notation, to a degree unknown in other disciplines. 
Indeed, the ability to adjust quickly to new notation is regarded as one of the skills of 
the trade. The reality is somewhat different: absorbing new notation requires effort, 
and most people would gladly avoid it. So if we intend to communicate mathe- 
matics without confusing or alienating our audience, the notation must be simple, 
logical, and consistent. 


Two golden rules should inform the use of symbols: 
e DO NOT INTRODUCE UNNECESSARY SYMBOLS. 
e DEFINE EVERY SYMBOL BEFORE USING IT. 


Once defined, a symbol should be used consistently. Never use the same symbol for 
two different things or two symbols for the same thing, even in instances appearing 
far apart in the document. Don’t write “A;, for 1 < j <n’ in one place and ‘Ag, for 
1 <k < n in another, unless there is a good reason to do so. Such small incon- 
sistencies produce some ‘notational pollution’. As the pollution piles up, reading 
becomes tiresome. 

In this section we offer guidelines on how to choose symbols. These are not 
laws, and may be adapted to one’s taste or rejected. What's important is to develop 
awareness of notation, and to make conscious decisions about it. 
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SETS. Represent sets by capital letters, Roman or Greek, such as 
S A Q. 


The large variety of fonts available in modern typesetting systems increases our 
choice. When dealing with generic sets, then A,B,C or X,Y,Z are good symbols. 
For specific sets, choose a symbol that will remind the reader of the nature of the set. 
So, for an alphabet {a,b,c,...}, the symbols A,./ are obvious choices; likewise, 
F is appropriate for a set of functions, etc. 

Lower-case symbols like x, y represent the elements of a set. So x € A is a good 
notation, X € A is bad, and X € a is very bad. If more than one set is involved, 
consider using matching symbols. Thus 


acA bEB cEC 


is more coherent than 
xEA yEB ZEC 


Some thought may be required for sets of sets. Consider the expressions 


FANB) FUN. 


The left expression will be interpreted as the image of the intersection of two sets 
under a function. In this case A N B represents a subset of the domain of f. How- 
ever, suppose that the domain of f is a set of sets (e.g., a power set, see section 
2.1). Then the argument of f is a set, and this expression becomes dangerously 
ambiguous. The notation in the right expression removes this ambiguity. The com- 
bination of standard symbols x, y for variables and a set operator makes it clear that 
the argument xN y of the function is an element, rather than a subset, of the domain. 


INTEGERS. When choosing a symbol for an integer, begin from the middle region 
of the Roman alphabet 
i, j,k,l,m,n (5.1) 


particularly if an integer is used as subscript or superscript!. However, use p for a 
prime number, and q if there is a prime different from p. The list of adjacent letters 
(5.1) cannot be extended; the preceding symbols, f, g,h are typical function names 
(see below), while the symbol that follows, o, is rarely used, not only for its re- 
semblance to O (zero), but also because it has an established meaning in asymptotic 


l Physicists use Greek letters for subscripts and superscripts. 


all about crystal sets 


MOUNTING MINERALS FOR CRYSTAL DETECTORS 


Minerals (galena, etc) for experimentation as crystal 
detectors, will work best when mounted ina metallic 
base. For temporary mounting (while testing), wrap 
aluminum foil tightly around the sides and bottom of the 
mineral. Then place it into a sheet metal ring or cup 
that will fit into the detector assembly. 


After testing, the mineral can be permanently mounted in 
a metal slug. Drill a shallow hole of a diameter equal to 
the detector assembly crystal ina block of wood. Fill 
the hole with melted solder. While the solder is still 
molten, carefully place your mineral section into the 
center. Hold the mineral in place with tweezers or long 
nose pliers until the solder cools. Then pry the metal 
slug out of the wood. Be sure that the top of the mineral 
section is free of solder. 


56 
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analysis (it appears in expressions of the form o(logx)). A capital letter in the list 
(5.1) may be used to represent a large integer, or combined with lower-case letters 
to denote an integer range: n = 1,...,N. We’ll return to this point in section 5.3, in 
connection with sums and products. 


RATIONALS. For rational numbers, use lower-case Roman letters in the ranges a—e, 
or p-z. The notation 

m 

r=— 

n 
is good, because ‘r’ reminds us of ‘rational’, while numerator and denominator con- 
form to the convention for integers. If there 1s more than one rational, use adjacent 
symbols, s,t in this case. 


REAL NUMBERS. For real numbers, use the same part of the Roman alphabet as 
for rationals, or the Greek alphabet: 


OD View: 


If there are both rational and real numbers and if the distinction between them is 
important, then use Roman for the rationals and Greek for the reals. 

Some Greek symbols have preferential meaning: small quantities are usually 
represented by €, ô, while for angles one uses @,@,0. Famous real constants have 
dedicated symbols: 


m =3.141592653... Archimedes’ constant (or Pi) 
e =2.718281828...  Napier’s constant” (5.2) 
y =0.333177924... Euler-Mascheroni constant’. 


COMPLEX NUMBERS. Complex numbers tend to occupy the end of the Roman al- 
phabet, and your first choice should be z or w. On the complex plane, we write 
z = x + iy, where x and y are the real and imaginary parts of z, and i is the imagi- 
nary unit. (However, number theorists use y—1, not i.) In polar coordinates, the 
standard notation is z = pe'”. Be careful not to use i for any other purpose, such as 
a summation index. 


UNKNOWNS. The quintessential symbol for an equation’s unknown is x, invariably 
followed by y and z if there are more unknowns. For a large number of unknowns 
it is necessary to use sequence notation x1,...,Xn. This notation is also appropriate 
for the indeterminates of a polynomial or the arguments of a function. 
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COMPOSITE OBJECTS. Composite objects (groups, graphs, matrices) are best rep- 
resented with capital letters, Roman or Greek. So use G or I for a group or a graph, 
and M for a matrix. If you have two groups, use adjacent symbols, like G and H. 
As with sets, for these objects’ components consider using matching symbols, e.g., 
g € G. A notable exception are graphs, where v and e are invariably used for vertices 
and edges, respectively. 


FUNCTIONS. The default choice for a function’s name is, of course, f, and if there 
is more than one function, use the adjacent symbols g,h. Lower-case symbols 
work well with any number of variables: f(x), f(x,y,z), f(x1,.--,Xn). But if the 
co-domain of a function is a cartesian product, then the function 1s a composite ob- 
ject —a vector, in fact— and capital letters are preferable. So a real function of two 
variables may be specified as 


F:R*—R* (x,y) > (fila, y), 2 (, y)). 


Greek symbols, either capital or lower-case, are also commonly used for func- 
tions” names. The contrast between Roman and Greek symbols may be exploited to 
separate out the symbols” roles, as in U(x) or f(A). 

Some famous functions are named after, and represented by, a symbol (often a 
Greek one), thereby creating a strong bond between object and notation. The best 
known are Euler’s gamma function? T 


T(s) = | veras 
0 


(the extension of the factorial function to complex arguments), and Riemann’s zeta- 
function? ¢ 


)= E 5 (5.3) 
n=1 


There is a peculiar notation for this function: its complex argument s is commonly 
written as s = O + iT, with O and 7 real numbers. Other functions with dedicated no- 
tation are Euler’s @-function (see section 5.3), Dedekind’s n -function, Kroneker’s 
6-function, Weierstrass’ “-function, Lambert’s Y -function, etc. 


SEQUENCES AND VECTORS. Sequences pose specific notational problems due to 
the presence of indices. Consider the various possibilities listed in (2.20), p. 31: 


“Leonhard Euler (Swiss: 1707-1783). An accessible account of Euler’s mathematics is found in 
[10]. 
>Berhard Riemann (German: 1826-1866) 
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which one should we choose? Be guided by the principle of economy: a symbol 
should be introduced only if it’s strictly necessary. So the notation (az) is quite 
adequate for a generic sequence, or 1f the specific properties of the sequence (the 
initial value of the index, its finiteness) are not relevant. When more information 
is needed, the notation (az)x>1 is more economical than (a;)7?_,, but the latter may 
be a better choice if it is to be contrasted with (az);_,. In turn, the latter is not as 
friendly as (a,...,d,), although it is more concise. 

If a sequence is referred to often, even the stripped down notation (az) could 
become heavy, and it may be advisable to allocate a symbol for the sequence 


a= (A Ada) Y= (Vb Un 


As usual, we have employed matching symbols, using, respectively, a minimalist 
lower-case Roman character and a lower-case boldface character which is common 
for vectors. When using ellipses, two or three terms of the sequence usually suffice, 
but there are circumstances where more terms or a different arrangement of terms 
1s needed. 

For example, in the expression 


(1+x,1+3,...,1+27,...) 


the insertion of the general term removes any ambiguity, while the ellipsis on the 
right suggests that the sequence is infinite —cf. (2.19). The notation 


CA Gaya) 


denotes a subsequence of a finite sequence obtained by deleting the k-th term, for 
an unspecified value of k £ 1,n. 

Things get complicated with sequences of sequences. This situation is not at all 
unusual; for instance, we may have a sequence of vectors whose components must 
be referred to explicitly. We write 


V = (Vi, V2,...) or  v=(v1,V2,...). 


Let V; (or vz) be the general term of our sequence. How are we to represent its 
components? As usual, we choose the matching symbol v, with a subscript indicat- 
ing the component. However, the integer k has to appear somewhere, and its range 
must be specified. It is advisable to keep k out of the way as much as possible: 
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In this expression we have used ellipses to specify the two ranges of indices; we 
could have used inequalities as well: 


V0) 1<j<n, Est 


The parentheses are obviously needed for the superscript, for otherwise vi would be 


interpreted as v; raised to the k-th power. However, it may just happen that we need 
to raise the vector components to some power. Clearly we can’t use adjacent su- 
perscripts yore so parentheses are needed, but the straightforward notation (y 
1s awkward. For a more elegant solution, we represent k as an additional subscript, 


adopting, in effect, matrix notation: 
Vi = Wiki k > 1. 


As a side note, one should keep in mind that with vectors the multiplication 
symbols ‘:’ and ‘Xx’ are reserved for the scalar and vector products, respectively 
—cf. (2.8), p. 19. Hence for scalar multiplication we must use juxtaposition: 


a(bV -cW) XV X yU. 


DERIVED SYMBOLS. Closely related objects require closely related notation. Prox- 
imity in the alphabet, e.g., x,y,z may be used for this purpose. For a stronger bond, 
the meaning of a symbol may be modified using subscripts, superscripts and other 
decorations: 

AX QT w“ h e Q Z. 


The derived symbol No = NU {0} is often found in the literature. Many symbols 
derived from K are in use: 


RY=4x ER: x>0) R>o = {x ER: x>0) 
R* = Rx {0} R = RU {oo}, 


These sentences illustrate the use of derived symbols: 
Let f :X — X be a function, and let x* = f(x*) be a fixed point of f. 
We consider the endpoints x_ and x of an interval containing x. 


Let f be a real function, and let 


| f(x) iff(x)>0 
>) if f(x) <0. 
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It must be noted that there is no general agreement on the meaning of decora- 
tions. Thus for a set the overbar denotes the so-called closure —adjoining to a set 
all its limit points (the transformation from R to R is essentially a closure opera- 
tion). However, for complex numbers the overbar denotes complex conjugation. If 
f is a function, then f’ is the derivative of f, but for sets a prime indicates taking 
the complement. 


EXAMPLE. We illustrate notational problems raised by the coexistence of variables 
and parameters. For a fixed value of z, the bivariate polynomial 


f(x,z) =z +xz+1 


becomes a polynomial in x, and we wish to adopt a notation that reflects the different 
role played by the symbols x and z. We replace z with a, to keep it far apart from x 
in the alphabet, and we rewrite the expression above as 


fala) =ax+1-a? a ER. (5.4) 


We now have a one-parameter family of linear polynomials in x. For fixed a, 
the equation y = fa(x) is the cartesian equation of a line, so we also have a one- 
parameter family of lines on the plane. Plotting some of these lines reveals a hidden 
structure: they form the envelope of a parabola (figure 5.2). Likewise, if we fix x = 
a we obtain a one-parameter family of quadratic polynomials g,(z) = —z* +az + 1. 


5.3 The sigma-notation 


The notation for sums 


n fore) 
Y a = a, +a +++ +an Ya =a+at-, (5.5) 
= k=1 


was introduced by Fourier?. It is called the (delimited) sigma-notation, as it makes 
use of the capital Greek letter with that name. The index of summation is a dummy 
variable. This a variable used for internal book-keeping (like an integration varl- 
able), and 1ts identity does not affect the value of the sum: 


“Jean Baptiste Joseph Fourier (French: 1768-1830). 
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Figure 5.1: The one-parameter family of lines y = f(x), where fa is given by (5.4). 
These lines are tangent to the parabola y = x7/4+1. 


The summation index is invariably one of the six lower-case roman letters listed in 


(5.1). I suggest that you adopt a summation symbol and stick to it, unless there is a 
good reason to change it. 


A double sum is defined as follows: 


J K def K 
Lak = Alda 
j=1k=1 1 (421 


J 


As 


K 


K 
A1k + y ak T+ y AJ k- 
k=1 k=1 


| 
MM» 


Y 
po 


The sum in parentheses is a function of the outer summation index j; this sum is 
performed repeatedly, each time with a different value of 7. The use of matching 
symbols for the index and the upper limit of summation is particularly appropriate 
here. If the two ranges of summations are independent, inner and outer sums can be 
swapped. The commutative and associative laws of addition ensure that the value 
of the sum will not change. We illustrate this process with an example. 


ajk = (do1+402+403) + (a11 +412 +413) 
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= (ao1 +a11)+ (a02 +a12)+ (a03 +413) 
a 3 


Lx 


k=1 j=0 


This chain of equalities adopts a standard layout and alignment. If the indices in a 
double sum have the same range, then they may be grouped together. The following 
expressions represent the same sum: 


N WN N 
E y Gi, j >: dj, j- (5.6) 


i=1j=1 i,j=1 


There are variants to the delimited sigma-notation (5.5). In an unrestricted sum, 
range information may be omitted altogether: 


eee n>0. 


k 


(This sum has in fact only finitely many non-zero terms.) The summation range 
may also be specified by inequalities placed below the summation symbols: 


y Ak Y a y Ajik (5.7) 


1<k<n k>1 1<j.k<N 


The benefits of this notation become evident if we need to change summation index. 
Consider the following manipulation: 


n= O orel (5.8) 
—2<k<n—3 O<k+2<n-1 O<k<n—1 
After adding 2 to each term in the inequalities, we have simply replaced k+ 2 with k, 
obtaining the sum of a geometric progression. The latter 1s then evaluated explicitly. 
With this notation, the change of summation index is unproblematic. 
The greatest generality is achieved by the standard form of the sigma-notation 


Y a (5.9) 
Pk) 


where 4 is any predicate over Z. The range of summation consists of those values 
of k for which “(k) is TRUE. Expressions (5.7) are of this type and the unrestricted 
summation becomes 

y Ak. 


kEZ, 
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The advantage of this notation is that the summation index 1s no longer restricted 
to a sequence of consecutive integers, and the range of summation may be altered 
by adding conditions: 


y die = (1-3 Hai 0170) 
O<|k|<2 


Ak = a1+45+4d7+41]1 
1<k<12 
gcd(k,12)=1 


y Ak = -Aj taz tas Faz: 
I<k<10 
k prime 


EXAMPLE. For any natural number n, let p(n) be the number of positive integers 
smaller than n and relatively prime to it (with p(1) = 1). Thus q(12) = 4. This is 
Euler’s -function of number theory, which is defined in symbols as follows: 


p(1)=1 ọ(n)= Y. 1, wed 

1<k<n 
gcd(k,n)=1 
Simply by letting a, = 1 in (5.9), we have turned a summation into an algorithm 
that counts the elements of the set of which 4 is the characteristic function. This 
neat device illustrates the flexibility of the sigma-notation. Alternatively, Euler’s 
function may be defined as the cardinality of a set, using the cardinality symbol ‘#’ 
(see section 2.1) 


o(1)=1 p(n) =#{k EN: k <n, gcd(k,n) =1) n>. 


The constructs introduced above for sums are also applicable to products as well 
as to combinations of sums and products. 


5.4 Improving formulae 


When the physicist Stephen Hawking was writing his book A Brief History of Time, 
an editor warned him that every new equation in the book would halve the reader- 
ship. So he included a single equation. When writing for the general public, one 
should expect diffidence —even hostility— towards formulae. Even though math- 
ematicians are trained to deal with formulae, it is still safe to assume that no one 
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likes to struggle with too many symbols. In this section we explore techniques to 
improve the clarity of formulae, through presentation, notation, and layout. 

Formulae may be embedded in the text or displayed, and in a document one 
usually finds both arrangements. In either case a formula must obey standard punc- 
tuation rules. The following passage features embedded formulae with appropriate 
punctuation. 


For each x € X we have the decomposition x = 6 +A, with € € E and 
A € A; accordingly, we define the function P : X — E, x» é, which 
extracts the first component of x. 


The punctuation generates rests as it would in an ordinary English sentence. The 
two items comprising the function definition are separated by a comma, which 
would not be necessary in a displayed formula, see (2.14) p. 25. The formula defin- 
ing P is echoed by a short sentence, for added clarity. 

This is a fully punctuated displayed formula: 


| a=1, 1<k< 10; 
aE RER a k > 10 
k’ a EN 


If full punctuation seems heavy (it may do so here), then we may replace some 
punctuation by increased spacing or by words: 


7 _fa-1 if1l<k<10 
Be GE if k > 10. 


A displayed formula is normally embedded within a sentence, and the punctuation 
at the end of a formula must be appropriate to the structure of the sentence. In 
particular, if a sentence terminates at a formula —as in the example above— then 
the full stop at the end of the formula must always be present. 


EXAMPLE. The following untidy formula 


— 14x-2x* — 2x7 +14 


f(x) EPR 


could represent a typical unprocessed output of a computer algebra system. It con- 
tains redundant information (a common factor between numerator and denomina- 
tor), the monomials at numerator are not ordered, and there are too many negative 
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signs. The properties of the rational function f(x) are not evident from it. There are 
several ways to improve the formula’s layout: 


a ee 

I) = — q 
(x+1)(x? —7) 

fe) = Sa 
3 


2 
— AS OS 5 e 
f (x) y = T 


If the degree or the coefficients of f are important, then the first version is appro- 
priate; the second version makes it easy to solve the equation f(x) = 0; the third 
version is a preparation for integrating f. 


EXAMPLE. The following subset of the rationals 


A={yeQiy= reZ, x<0] 


x 
yE 


is defined with a disproportionate volume of notation. To save symbols we switch 
from the Zermelo to the standard set definition, and consider only elements of the 
required form. We also remove the inequality, and replace it with a negative sign. 
Finally, we use a more appropriate symbol for the natural numbers: 


—n 
A = 4 —— :nEN>. 
E FI” j 
Now the formula is transparent. 


EXAMPLE. To simplify a complex formula, we apply the ‘divide and conquer’ method. 
In the cluttered expression 


R = x(ad — bc) — y(ad — cb} + z(ad — cb)? 


the sub-expression ad — bc appears as a unit. We exploit this fact to improve the 
layout: 
R=xk-yk"+zk K = ad — bc. 


The formula is tidier, and the structure of R is clearer. 


INDEX 


Advanced receiver projects, 32 


Amplifier connection,14,15 
Antenna lead-in,10 
Antenna,10 


Book tuning capacitor,+48 
Boundary, 5 
Bias,5 


Capacitor,8 

Capacity,8 

Carborundum crystal set,43 
Carborundum,43 

Catwhisker detector,4,6 
Catwhisker,6 

Component projects,48 
Construction tips,55 


Crystal detector assembly,45 


Crystal detector,4 


Detected audio signals,?7 
Detection,4,6 

Diode electron flow, 5 
Dual spiderweb coils, 37 
Dual-tuned crystal set, 32 


Farphones,11l 
Enamel insulation,17 
Electron current flow,5 


Ferrite coil crystal set,23 
Ferrite coil,12 
Ferrite rod,23 


Galena,4 
Germanium, 4 
Ground lead,10 
Ground wave,25 
Ground, 10 


Hand tools, 54 
Headphones,7,11 
Headset,11 
Junction diode,4,5 
Knobs and dials,55 
Lettering, 55 


Loading coil,21 
Loopstick,12 
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Modulated radio waves,6 
Mounting minerals, 56 


N type material,4 
Natural crystal,4 


Operating tips,25 
P type material,4 


PN junction, 5 
Panels and cabinets, 5 


Parallel tuned circuit,9 


Point contact diode,4,6 
Primary coil,23 


Reactance ,8 
Receiving radio waves,’ 
Resonant frequency,9 
Rf coil,8 


Rotary switch project, 53 


Schematic symbols,15 
Secondary coil,23 


Selective crystal set, 37 


selectivity,9 
Semiconductor diode,4 
Silicon,4 

Simple crystal set,12 
Simple receivers,12 
Sky wave,25 

Slider tuned coil,17 
Slider tuned set,17 
Soldering, 54 

Space charge region, 5 
Spiderweb coil set,27 
Station log,31l 


Tapped coil, 32,44 
Tapped spiderweb,27 
Transmitted waves,6,7 
Transmitting station,6 
Tuned circuit,7,9 
Tuning crystal set,? 


Untuned detector, 20 


Variable capacitor,8 
Variable coupling, 39 


Wave trap,21 
Workshop, 54 
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EXAMPLE. Our next challenge is to improve an intricate double sum: 


co y¡—1 


z(Y1,Y2)- =). 2 (y+ 1)x (5.10) 


i=] y=0 


The meaning of zis not at all evident. This quantity depends on x, but its dependence 
does not appear explicitly; the poor choice of symbols obscures matters further. We 
note that the parameters y; are integers, since they are the upper limit of the inner 
summation; accordingly, we replace the symbol y with n —see (5.1). Then we adopt 
the “divide and conquer’ method, splitting up the sum as follows: 


oo ni—1 
20 Rigi) aa d; = Y (k+1). 
¡=1 k=0 


We now see that z is a power series in x; its coefficients are finite sums, determined 
by the elements of an integer sequence. These are sums of arithmetic progressions, 
which can be evaluated explicitly. 


k+1)= Y pa 


O<k<n—1 I<k<n 


(In this passage we have dropped the subscript i, since the association n +> nj; is 
clear, and we have switched to the standard sigma-notation to change variable — 
cf. equation (5.8).) Our original double sum (5.10) can now be written as 


| ee 
n) = ¿Lili Va n = (nı,m,...) 


where we have used again the ‘divide and conquer’ method. The dependence of z 
on the variable x and the sequence n is now clear. 


5.5 Writing definitions 


A definition requires a pause, to give the reader time to absorb it. This may be 
achieved by giving the definition twice, first with words then with symbols (or vice- 
versa), by using two different formulations, or by supporting the definition with an 
example. Let us consider some examples of definitions. 
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EXAMPLE. 


Let 4 be a predicate over the rational numbers, that is, a function of 
the type 
P:Q-{T,F}. 


The definition of the symbol 4 uses some jargon (predicate over a set) so the 
second part of the sentence recalls its meaning. A previous exposure to this concept 
is tacitly assumed; for a first encounter we would need a more considerate style, 
such as in the opening paragraph of section 3.3, p. 57. 


EXAMPLE. 


For given € > 0, we define the set 
Se = {(x,y) ER? xy] < £/V2}, 


that is, Sg is a strip of width e symmetrical with respect to the main 
diagonal in the cartesian plane. 


This time the symbolic (Zermelo) definition appears first, while a verbal explana- 
tion clarifies the geometric meaning of Sg, which is not obvious from the formula. 
The quantity € appears as a subscript, indicating that it is a parameter. Zermelo 
definitions should be used sparingly, and should not be used at all if we write for a 
non-mathematical audience. (Lars Ahlfors in his beautifully written text Complex 
analysis deliberately avoids them [2].) 


EXAMPLE. 


For every real number À, let II(À) be the plane in three-dimensional 
euclidean space orthogonal to the vector v(A) = (1,4,A7). Thus I1(A) 
consists of the points z = (x1,x2,x3) € RÌ for which the scalar product 
Z-V = X1 +2x2A +2x3A7 is equal to zero. 


In this definition the quantity A appears as an argument of both II and v, and thus 
the latter represent functions. The second sentence restates the definition in a form 
suitable to computation, recalling the connection between orthogonality and scalar 
product, and introducing further notation. 
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EXAMPLE. 


Let “M be the set of sequences of natural numbers, such that every 
natural number is listed infinitely often. For example, the sequence 


1.121,23 1.20 aia) 
belongs to Y . 


A non-experienced reader will have no idea that such a construction is at all possi- 
ble, so we give an example. 


The definition of a symbol should appear as near as possible to where the sym- 
bol is first used; defining a symbol immediately after its first appearance is also 
acceptable, provided that the definition is given within the same sentence. 


EXAMPLE. We give the same definition three times, articulating the changes in em- 
phasis that accompany each version. 


Consider the power series 
h(x) = E AS 
n=1 


where the coefficient a, is the square of the n-th triangular number. 


The definition of a, immediately follows its first appearance. The displayed formula 
represents a general power series, and its specific nature is revealed only by reading 
the entire sentence. For this reason, this format may not be ideal if the formula is 
to be referred to from elsewhere in the text. This definition puts some burden on 
readers who are unfamiliar with the term triangular number. 

In our second version we change both text and formula. 


Lett, be the n-th triangular number. We consider the power series 


Now ft, is defined before being used, with the symbol t chosen so as to remind us 
of “triangular”. The formula is clearer. Just glancing at 1t makes us want to find out 
what ¢, is, and to do this one would begin to scan the text preceding, rather than 
following, the formula. 

Our third version combines verbal and symbolic definitions. 
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We consider the power series h(x) whose coefficients are the square of 
the triangular numbers, namely, 


The formula is more complex because everything 1s defined within it. But it is also 
self-contained, so it’ll be easy to refer to. 


5.6 Introducing a concept 


Opening the exposition with a formal definition is rarely a good way to introduce 
a new concept, particularly if we write for non-experts. The following examples 
show how to set the scene for a gentle introduction to a new idea. In each case we 
ask a question —a simple rhetorical device to engage and prepare an audience. 


EXAMPLE. Introducing recursive sequences. 


Letn be a natural number. How is the power 2” defined? We could use 
repeated multiplication 


DE DAA 
A pra) 


n 


but we could also write 
21:=2 and = 27:=2x2"! n>1. 


The second formula is an example of a recursive definition of a se- 
quence (an). When n = 1, the first term a, = 2 is defined explicitly; 
then, assuming that a, 1 has been defined, we define a, in terms of it. 


[The recursive definition of a general sequence follows (see section 
8.4)). 


The opening question leads to the familiar definition of exponentiation in terms of 
multiplication. The less familiar recursive definition comes after, illustrated by a 
simple example and supported by an appropriate notation. After this preamble, the 
reader should be ready to confront an abstract definition. 
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EXAMPLE. Introducing the exponential function. 


The process of differentiation turns a real function into another real 
function. For example, differentiation turns the sine into the cosine. 
Are there functions that are not changed at all by differentiation? 


[The definition of the exponential function follows. | 


We recall a structural property of differentiation and present a familiar example. 
The question that follows suggests how the argument will develop. 


EXAMPLE. Introducing the rational numbers. 


A rational number is represented by a pair of integers, the numerator 
and the denominator. As these integers need not be co-prime, we may 
choose them in infinitely many ways. How are we to construct a single 
rational number from an infinite set of pairs of integers? How do we 
define the set Q from the cartesian product Z x (Z~ {0})? 


[The definition of the set of rational numbers follows. | 


The first two sentences recall elementary facts. A question then invites the reader to 
think about this problem more carefully. A second question, which echoes the first, 
uses proper terminology and notation, in preparation for a formal construction. 


EXAMPLE. We design an exercise structured as a list of questions. The topic is the 


number of relations on a finite set. 


What is a relation on a set? 
Can a relation be defined on the empty set? 
How many relations can one define on a two-element set? 


Letn be the number of relations on a set. What values can n assume? 


The first question checks background knowledge; the other questions gently explore 
the problem, guiding the reader from the specific to the general. Textbook exercises 
are sometimes structured in this way, to encourage independence in learning. 

Formulating questions is not just a method to grab attention or structure exer- 
cises. Asking the right questions —those that chart the boundaries of our knowledge— 
is the essence of research. 
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5.7 Writing a short description 


Writing a synopsis of a mathematical topic is a common task. It could be the ab- 
stract of a presentation, the summary of a chapter of a book, an informal explanation 
of a theorem. It could be the closing paragraph of a large document, which distills 
the essence of an entire subject. 

Writing a short essay is difficult —the shorter the essay, the greater the difficulty— 
so this task is appropriate for the final stages of learning. We shall adopt the format 
of a MICRO-ESSAY: 100-150 words (one or two paragraphs) and no mathematical 
symbols. Within such a confined space one is forced to make difficult decisions on 
what to say and what to leave out; the lack of symbols gives further prominence to 
the concepts. Our command of the syntax will be put to the test. 


Our first MICRO-ESSAY is a summary of section 2.1 on sets [£, 150]. We have 
access to all relevant material, and the main difficulty is to decide what are the 
highlights of that section. We select two ideas: how to define a set, and how to 
construct new sets from old ones. 


A set is a collection —finite or infinite— of distinct mathematical ob- 
jects, whose ordering 1s unimportant. A small set may be defined by 
listing all its elements explicitly; a large set 1s instead defined by speci- 
fying the characteristic properties of the elements. 


Combining numbers with arithmetical operators gives new numbers. 
Likewise, combining sets via set operators (union, intersection, differ- 
ence) gives new sets. But this is a bit like recycling what we already 
have. A class of brand-new sets are the so-called cartesian products, 
which are constructed by pairing together elements of existing sets. A 
well-known example is the cartesian plane, which 1s made of pairs of 
elements of the real line, each representing a coordinate. 


The description of set operators exploits an analogy with arithmetical operators, 
and for this reason the first two sentences of the second paragraph have the same 
structure. We avoid a precise definition of the term ‘cartesian product’ (not enough 
space!), opting instead for an informal description and an illustrative example. 


Next we write a MICRO-ESSAY on prime numbers, a synthesis of our knowledge 
of this topic. [¢, 100] 


A prime is a positive integer divisible only by itself and unity. (How- 
ever, 1 is not considered prime.) The importance of primes in arithmetic 
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stems from the fact that every integer admits a unique decomposition 
into primes. The infinitude of primes —known from antiquity— and 
their unpredictability make them object of great mathematical interest. 


Many properties of an integer follow at once from its prime factoriza- 
tion. For instance, looking at the exponents alone, one can determine 
the number of divisors, or decide if an integer is a power (i.e.,’ a square 
or a cube). 


Primality testing and prime decomposition are computationally chal- 
lenging problems with applications in digital data processing. 


This essay begins with a definition. The technical point concerning the primality 
of 1 has been confined within parentheses, to avoid cluttering the opening sentence. 
The following two sentences deliver core information in a casual —yet precise— 
way. We state two important theorems (the Fundamental Theorem of Arithmetic, 
and Euclid’s theorem on the infinitude of the primes) without mentioning the word 
‘theorem’. We also give a hint of why mathematicians are so fascinated by primes. 
The second paragraph elaborates on the importance of unique prime factorisation, 
by mentioning two applications without unnecessary details. The short closing para- 
graph, like the last sentence of the first paragraph, is an advertisement of the subject, 
meant to encourage the reader to learn more. 


Now a real challenge: write a MICRO-ESSAY on theorem 3.3, p. 59, which we 
reproduce here for convenience. 


Theorem. Let X be a set, let A,B C X, and let 24, Pg be the corresponding char- 
acteristic functions. The following holds (the prime denotes taking complement): 


(1) IR = Py 
(11) Pa NPB = Face 
(111) PAN Pg = Pap 
(iv) Pr=> Pp = PIAN BY! 
(v) PAP BE = PY anpyu(Avsy- 
We must extract a theme from a daunting list of inscrutable symbols. We inspect 
the material of section 3.3 leading to the statement of this theorem: it deals with 


characteristic functions, and the main idea is to link characteristic functions to sets. 
We can see such a link in every formula: on the left there are logical operators, on 


7 Abbreviation for the Latin id est, meaning ‘that is’. 
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the right set operators. Given the specialised nature of this theorem, some jargon 1s 
unavoidable, so we write for a mathematically mature audience. 


The action of a logical operator on characteristic functions produces 
a new characteristic function. Now, every characteristic function cor- 
responds to a set, and so the new function corresponds to a new set. 
Since we could have obtained the new set directly from the old sets by 
means of set operators, we now have two different ways to do the same 
thing. This theorem establishes a correspondence between these two 
classes of operators. Under this correspondence, the logical operator of 
negation 1s represented by the set operation of taking the complement. 
More precisely, the negation of the characteristic function of a set 1s the 
characteristic function of the complement of this set. Analogous results 
are established with respect to the main logical operators. 


Here words are better than symbols to describe the structure, but they can’t compete 
with symbols for the details. So, to avoid tedious repetitions, we have chosen to 
explain just one formula carefully (the easiest one!), mentioning the other formulae 
under the generic heading ‘analogous results’. 


Exercises 


Exercise 5.1. Consider the following question: 


Why is it that when the price of petrol goes up by 10% and then comes 
down 10%, it doesn’t finish up where it started? 


1. Write an explanation for the general public. Do not use mathematical sym- 
bols, as most people find them difficult to understand. [g] 


2. Write an explanation for mathematicians, combining words and symbols for 
maximum clarity. You should deal with the more general problem of two 
opposite percentage variations of an arbitrary non-negative quantity, not spe- 
cialised to petrol, or to 10% variation, or to the fact that the decrease followed 
the increase and not the other way around. 
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Exercise 5.2. Consider the following question: 


I drive ten miles at 30 miles an hour, and then another ten miles at 50 
miles an hour. It seems to me my average speed over the journey should 
be 40 miles an hour, but it doesn’t work out that way. Why not? 


Write an explanation for the general public, clarifying why such a confusion may 
arise. You may perform some basic arithmetic, but do not use symbols as most 
people find them difficult to understand. [g] 


Exercise 5.3. Consider the following question: 


I tossed a coin four times, and got heads four times. It seems to me that 
if I toss it again I am much more likely to get tails than heads, but it 
doesn’t work out that way. Why not? 


Write an explanation for the general public, clarifying why such a confusion may 
arise. You may use symbols such as H and T for heads-tails outcomes, but avoid 
using other symbols. [g] 


Exercise 5.4. Consider the following question: 


In a game of chance there are three boxes: two are empty, one contains 
money. I am asked to choose a box by placing my hand over it; if 
the money is in that box, I win it. Once I have made my choice, the 
presenter —who knows where the money 1s— opens an empty box and 
then gives me the option to reconsider. I can change box if I wish. It 
seems to me that changing box would make no difference to my chances 
of winning, but it does not work out that way. Why not? 


Write for the general public, explaining what is the best winning strategy. [£] 


Exercise 5.5. Formulate a list of questions to help a student approach the following 
problem: 


Prove that for all integers m,n, we have mZ +nZ = gcd(m,n)Z. 


The assignment should consist of four of five questions of increasing difficulty, the 
last of which deals with the statement above. 
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Exercise 5.6. Write a MICRO-ESSAY on each topic. [£, 150] 


L. 


N Ua A WwW N 


Quadratic equations and complex numbers. 


. Definite vs. indefinite integration. 
. What are matrices useful for? 

. Images and inverse images of sets. 
. Rational numbers vs. fractions. 


. How to get the integers from pairs of natural numbers. 


Exercise 5.7. Write a two-page essay on each topic. 


le 
2: 


The many ways of defining the logarithm. 


All fractions in a very small interval have very large denominators (with at 
most one exception, that is). 


. In probability, a random variable is not random and is not a variable: it’s a 


function! 


. Sequences racing to infinity: who gets there first? 


all about crystal sets 
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Chapter 6 


Forms of argument 


A mathematical theory begins with a collection of axioms or postulates. These are 
statements that are assumed to be true —no verification or justification 1s required. 
The axioms are the building blocks of a theory. From them we deduce other true 
statements called theorems, and a proof is the process of deduction that establishes 
a theorem. As more and more theorems are proved, the theory is enriched by a 
growing list of true statements. 

When we develop a mathematical argument, we need to organise sentences so 
that every sentence is either an axiom or a true statement derived from axioms or 
earlier statements. In practice only significant statements will be called theorems. 
In the proof of a theorem many true statements may be derived, but these fragments 
are not usually assigned any formal label. Sometimes a proof rests on statements 
which, if substantial, are not of independent significance: they are called lemmas. 
Finally, a proposition is a statement which deserves attention, but which is not 
sufficiently general or significant to be called a theorem. 

In this chapter we survey some methods to give shape to a mathematical argu- 
ment. Our survey will continue in chapter 7, devoted to induction techniques. 


6.1 Anatomy of a proof 


A first analysis course begins with a list of axioms defining the real number system. 
Then one may be asked to prove that 


Vx ER, —(—x) =x. (6.1) 


123 
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But isn’t this statement obvious? In recognising the truth of this assertion we make 
implicit use of knowledge derived from experience, which is not part of the axioms. 
A proof from the axioms requires erasing all previous knowledge. 

We now introduce some axioms, state a theorem equivalent to (6.1), and then 
prove it from the axioms. We put the proof under X-ray. Our purpose is to dissect a 
mathematical argument, articulating every step. We use the language mechanically, 
to facilitate the identification of the logical elements of the proof. To avoid making 
implicit assumptions, we represent familiar objects with an unfamiliar notation. 


We are given a set Q and a binary operator ‘©’ on Q, with the following prop- 
erties: 


Gl: Vx,y,€Q, xOyEQ 

G2: Vx,y,2€ Q, (xOy)Oz=xO(yOz) 
G3: 46 EQ, VXEN, X0OÓ=00x=x 
G4: Vx EQ, Ix EQ, xOx =O 


(These axioms define a general object: a group.) Setting Q = R, and ‘©’ = *+’, 
one recognises that } represents O and x’ represents —x. We are ready to state and 
prove our theorem. 


ay 


. Theorem. 

Vee O. =x 

PROOF. 

. Let x € Q be given; 

. then (by G4) x” € Q; 

. leta = (LOL Ox”, b= 10 (xL Ox"); 

. hence (by Gl and 5) a,b, € Q, and (by G2) a = b; 
. then (by G3 and G4) a = $ Ox” =x"; 


0 9 A AvA ug WN 


. then (by G3 and G4)b=x0%)=X; 


pa 
O 


. hence (by 7, 8, 9) x” =x. 
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11. O 


Items 1,3,11 are logical tags —expressions or symbols that say things about the 
text. They announce the statement of the theorem, and the beginning and the end of 
the proof, respectively. The symbol ‘L’ in item 11 may be replaced by the acronym 
Q.E.D.!. 

Items 5, 8, 9 begin with the logical tag ‘then’, used here to mean that what comes 
after is deduced from the axioms. Formally, item 5 is our first theorem, being a 
true statement deduced from the axioms. Items 7 and 10 are deductions of a slightly 
different nature, and we have flagged them with the tag ‘hence’. These items use 
not only axioms but also facts assembled from previous statements. 

Items 4 and 6 are not statements but instructions. Item 4 instructs us to assume 
that x is an arbitrary element of a set. This standard opening sentence mirrors the 
expression Vx € (2 in the theorem. Item 6 instructs us to define two new quantitites. 
Many different types of instruction may be found in proofs, for instance instructions 
to draw a picture. 

In item 10 we use implicitly the transitivity of the equality operator Gf x = y 
and y = z, then x = z), which depends on the fact that equality 1s an equivalence 
relation (see section 3.6). 


Our next proof establishes the irrationality of v2. We use the same style and 
conventions as in the previous theorem. However, this proof is quite removed from 
the axioms of arithmetic, in that it uses some definitions and facts without justifica- 
tion. In this respect this proof is more typical than the previous one. 


1. Theorem. 
2. \/2 is irrational. 

3. PROOF. 

4. Suppose V2 is rational; 


5. then 3m,n € Z such that \/2 = m/n. 


6. Choose m, n in 5 so that they are co-prime. 
7. Since V2 = m/n, 
8. then 2 = m? /n’; 


! Abbreviation for the Latin quod erat demonstrandum, meaning ‘which had to be demonstrated’. 
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9. then 2n? = m?; 
10. then m? is even: 
11. hence (by 10 and theorem A) m is even; 
12. then m = 2h for some integer h; 
13. hence (by 9 and 12) 2n? = 4h’; 
14. then n? = 2h; 
15. then n? is even; 
16. hence (by 15 and theorem A) n is even; 
17. hence (by 11 and 16) m and n are not co-prime; 
18. hence (by 6 and 17) assumption 4 is false; 
19. then its negation is true. 
20. U 
A fair amount of mathematics is assumed in the proof: 
the definition of the rational numbers and of y2 (items 2,4,5); 
the definition of co-primality (item 6); 
some properties of equations (items 8,9); 


the definition of an even integer (items 12, 17); 


a theorem of arithmetic, referred to as theorem A? (items 11,16). 


The argument contains novel elements. The core of the proof is item 4, the 
assumption that \/2 is rational. This is puzzling: how can we assume that /2 is 
rational when we know it isn’t? How can we let V2 = m/n when we haven't been 
told what numbers m and n are? This is not so strange; assumptions belong very 


much to common reasoning. 


21f a prime divides the product of two integers, then it divides one of the factors. 
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Suppose that I meet Einstein on top of Mount Everest. 


Suppose that people walk laterally. 


We are clearly free to explore the logical consequences of these assumptions. In 
mathematics, assumptions are handled formally via the implication operator =, 
developed in chapter 3. 

The assumption that v2 is rational eventually leads to a contradiction: items 6 
and 17 are conflicting statements. From this fact we deduce that the assumption in 
item 4 is false (item 18). Here we abandon the assumption 4. But if the statement 
V2 € Q is false, then its negation is true. This is item 19, which is what we wanted 
to prove. 

We now abandon the robotic, over-detailed proof style adopted in this section, 
and analyse various methods of proof in more typical settings. 


6.2 Proof by cases 


Some mathematical arguments are made tidier by breaking them into a number of 
cases, of which precisely one holds, while all lead to the desired conclusion. 


EXAMPLE. Consider the following statement: 


The solution set of the inequality 2|x| > |x — 1| is the complement of 
the open interval (—1,1/3). 


Proor. Let x be a real number. There are three cases. 

Case I: If x < 0, then the inequality is —2x > 1 — x, giving x < —1. 

Case II: If 0 <x < 1, then the inequality is 2x > 1 — x, giving 1/3 <x < 1. 

Case III: If x > 1, then the inequality is 2x > x — 1, which is always verified, giving 
Al: 

So the required solution set is the set of x such that x < —1,or1/3<x=<l,orx> 1, 
which is the union of two rays 


(—%,—1]| Y 1/3, I)U 1,09) = (—%,—1]| Y 11/3,00). 


This set is obtained from the real line by removing the open interval (—1,1/3), as 
desired. L 

The opening sentence “Let x be a real number” acknowledges that all real values 
of x will have to be considered. The second sentence announces that the proof will 
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branch into three cases, determined by the sign of the expressions within absolute 
value. Note the careful distinction between strict and non-strict inequalities, to avoid 
missed or repeated values of x. 

The structure of this proof 1s shaped by the structure of the absolute value func- 
tion, which is piecewise defined —see equation (4.13) and section 4.6. A proof 
by cases should be expected with any statement involving piecewise-defined func- 
tions. 


EXAMPLE. A proof by cases on divisibility. 
Letn be an integer; then n> — n is divisible by 30. 
Proor. We factor the integer 30 and the polynomial n° — n: 
W= XI n? —n=n(n—1)(n+1)(n? +1). 


For each prime p = 2,3,5 we will show that, for any integer n, at least one factor of 


n> — n is divisible by p. 


1. p=2. Letn = 2k + j, for some k € Z and j = 0,1. 
If j = 0, then n is divisible by 2. 
If j = 1, then n — 1 is divisible by 2. 


2. p=3. Letn = 3k + j, for some k € Z and j = 0,1. 
If j = 0, then n is divisible by 3; 
if j = +1, then n + 1 is divisible by 3. 


3. p= 5. Letn = 5k + j, for some k € Z and j = 0, +1,2. 
If j = 0, then n is divisible by 5. 
If j = +1, then n = 1 is divisible by 5. 
If j = +2, then n? +1 = 25k? F 20k +5 = 5(5k° F 4k + 1) is divisible by 5. 
The proof is complete. LI 


After the factorisations we declare our intentions. There are three cases, one for 
each prime divisor p of 30. Each prime in turn leads to p cases, corresponding to 
the possible values of the remainder j of division by p. To simplify book-keeping, 
we consider also negative remainders, and then pair together the remainders which 
differ by a sign. Note the presence of the symbols + and + within the same sen- 
tence. The positive sign in the first expression matches the negative sign in the 
second expression, and vice-versa. 
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6.3 Implications 

Many statements take the form of implications: 
If P then O. 

(See section 3.2.) For example: 


If p is an odd prime, then 2?! — 1 is divisible by p. 
If the sequence (ag) is periodic, then (a;) is also periodic. 


Implications may appear in disguise, without the ‘if...then’ construct or the oper- 
ator “=>”: 


A 1s a Subset of B. 


Every repeating decimal is rational. 
The determinant of an invertible matrix 1s non-zero. 


When we rewrite them explicitly as implications, we note that it 1s necessary to 
introduce a new quantity: 


Ifx € A, then x € B. 
If r is a repeating decimal, then r is rational. 


If A is an invertible matrix, then det(A) Æ 0. 


This is due to the presence of a hidden universal quantifier. So in these examples 
the symbolic form of the implication is not P >> O, but rather 


WxEX, Y(x) > Ax) (6.2) 


where “ and 2 are predicates over X. We expand one of our statements, to tell the 
full story: 


For all real numbers r, if the decimal digits of r are repeating, then r 1s 
rational. 


Spelling out an implication in this way will help us organise the proof. 


130 CHAPTER 6. FORMS OF ARGUMENT 


6.3.1 Direct proof 


From the truth table (3.9) we see that if P is false, then P = O is true regardless of 
the value of O, so there is nothing to prove. If P is true, then the implication is true 
provided that O is true. So a direct proof of the implication consists in assuming 
P and deducing Q. The assumption of P lasts only until we have proved Q; after 
that P is discharged and may no longer be used. 

Every direct proof of ‘If P then Q’ must contain a section during which P is 
assumed. The beginning of the section is announced by a sentence such as 


Assume P. Suppose P. LetP. 


The task of the rest of the proof is to prove not the original theorem, but O. We 
make this clear by writing 


RTP: Q 


where RTP stands for Remains To Prove (or Required To Prove). The block ends 
when the proof of O is completed. This is announced with a closing sentence such 
as 


We have proved Q. The proof of O is complete. 


The above considerations suggest what should be the opening sentence of a 
direct proof of an implication: 


Theorem. If p > 3 is a prime and p+ 2 is also prime, then p+ 4 is 
composite. 

ProoF. Suppose p is a prime number greater than 3, such that p+ 2 is 
prime. RTP: p+ 4 is composite. 


All three assumptions (p > 3, p prime, p+ 2 prime) must be used in the proof. If 
not, either the proof is wrong, or the theorem contains redundant information. 

Often you can work out how the proof of an implication must start, even if you 
haven’t the faintest idea of what the mathematics is about. We illustrate this point 
with some real life examples: 


Theorem. A closed subset of a compact set 1s compact. 
Proor. Let X be a compact set, and let C be a subset of X. Assume that C is 
closed. RTP: C is compact. 
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Theorem. If A € C is a root of a monic polynomial whose coefficients are 
algebraic integers, then A is an algebraic integer. 

Proor. Let p be a monic polynomial whose coefficients are algebraic inte- 
gers, and let A € C be a root of p. RTP: A is an algebraic integer. 


Theorem. Every basis of a finite-dimensional linear space has the same num- 
ber of elements. 

Proor. Let V be a finite-dimensional linear space, and let B¡ and B2 be two 
bases for V. Suppose Bı has nı elements and By has nz elements. RTP: 
nı =M2. 


Establishing a good notation is often decisive. In all examples above the proof 
begins by giving names to things. Some authors make this unnecessary by including 
names in the theorem; others obscure the statement of a theorem by putting too 
many names in it. Let us rewrite the last theorem in such a way as to establish some 
notation within the statement itself. 


Theorem. Let V be a finite-dimensional linear space. Then every basis for V 
has the same number of elements. 


Theorem 1. Let V be a finite-dimensional linear space, and let Bı and B3 be 
two bases for V. Then #B, = HB». 


Let us compare the three formulations of this theorem. The first is plain and ef- 
fective. The second contains a minimum of notation, which does no harm but is 
unnecessary. The last version establishes some useful notation. Normally the nota- 
tion should be introduced within the proof, unless one plans to use it at a later stage. 
For instance, one could find the sentence 


Let V, Bı, B2 be as in theorem 1 


in the text following the theorem. 


6.3.2 Proof by contrapositive 


In section 3.2 we have seen that any implication P > O is equivalent to its contra- 
positive ~Q > —P: they are both true or both false for any value of P and O. This 
equivalence gives us a method for proving implications, called proof by contra- 
positive, which is a useful alternative to a direct proof. To prove by contrapositive 
that 
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If P then O, 
we prove instead that 
If not O then not P, 


that is, we assume that O is false and then deduce that P is false. 
A proof by contrapositive 1s structurally identical to a direct proof, only the 
predicates are different. Thus in place of (6.2) we consider the statement 


Vitex, 2) a (6.3) 


In forming the contrapositive we haven’t altered the quantifier; we have merely 
replaced a boolean function with an equivalent function, much like replacing sin? (x) 
with 1 — cos? (x). 

How do we decide between a direct proof and a proof by contrapositive? We 
must compare the assumptions P and ~Q, and decide which of the two is easier to 
handle. Sometimes it’s necessary to try both approaches to find out. The following 
examples show the reasoning behind such decisions. 


EXAMPLE. Consider the statement 
Wn EN, (2% <n!) > (n> 3) (6.4) 


The assumption 2(n) = (2” < n!) is problematic, because its value is not easily 
computable. By contrast, ~2(n) = (n < 3) is straightforward, and the contraposi- 
tive implication 

VEN, n<3=> (2" Sn!) (6.5) 


involves checking that the boolean expression (2” > n!) is true for only three values 
of n. 
ProorF. We only have to check three cases: 


pa Wao vel 
ne? 220-52) =) 
in ed 310. 


Thus the expression (6.5) is true, and the proof is complete. LI 


EXAMPLE. Consider the statement 
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If the average of four distinct integers 1s equal to 10, then one of the 
integers is greater than 11. 


The direct implication involves an assumption on an average value, which en- 
tails loss of information; the contrapositive implication involves four integers of 
bounded size. We opt for the latter, which seems easier. 


Given four distinct integers not greater than 11, their average 1s not 
equal to 10. 


Proor. Let four distinct integers be given. If none of them exceeds 11, then the 
largest value their sum can assume is 11+ 10+9-+8 = 38. So the largest possible 


average is 


38 19 
— = — < 10 
4 2 


as desired. LJ 


6.4 Proving conjunctions 


A conjunction is a statement of the type 
P and O. 


The statements P and O are called the conjuncts. As with implications, conjunc- 
tions are not necessary presented explicitly. 

A direct proof of a conjunction consists of the separate proofs of the two con- 
juncts, which must be differentiated clearly. It’s common practice to put the con- 
juncts in an ordered list, say i) and ii). (If there are more than two conjuncts, the list 
may be extended using lower-case Roman numerals: iii), iv), etc.) Then the proof 
itself should use the matching labels 7) and ii), and in each case we should begin by 
stating what we intend to prove. 


PROOF. 


i) We prove P. ... 
ii) We prove Q. ... 


Equality of sets is a hidden conjunction. 


The sets A and B are equal. 
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What are the conjuncts? Two sets are equal if they have the same elements, namely 
every element of A is an element of B, and vice-versa. 


(A=B) = (ACB)A (BCA). 
The structure of the proof is clear once we recall the definition (3.18) of a subset. 
PROOF. 


i) We prove that A C B. Let x € A be given. RTP: x € B. 
ii) We prove that B C A. Let x € B be given. RTP: x € A. 


The equivalence of two statements is the canonical conjunction, since the equiv- 
alence operator < is the conjunct of an implication and its converse —see (3.12). 


P if and only if Q. 
The structure of the proof is predictable. 
PROOF. 


i) We prove P > Q. ... 
ii) We prove Q >P. ... 


We could replace either part by a proof of the contrapositive implication. 
The following theorem, which provides an alternative characterisation of pri- 
mality, is of the above type. 


Theorem’. A natural number n > 1 is prime if and only if n divides (n—1)!+1. 
This theorem says PA O, where 
P=VYn>1, (nis prime) > (n|(n—1)!+1) 
Q = Yn > 1, (n|(n—1)!4+1) = (nis prime). 
The outline of the proof is now clear. 


PROOF. 


i) Letn be a prime number. 
RTP: n divides (n— 1)!+ 1. 


>This result, known as Wilson’s theorem, was first formulated by Bhaskara (a 7th Century Indian 
mathematician) and first proved by Lagrange. 
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ii) Let n be a natural number greater than 1 which divides (n— 1)!+ 1. 
RTP: n 1s prime. 


The term ‘precisely’ may be used to turn a one-sided implication into an equiv- 
alence, hence a conjunction. Thus the proof of the statement 


The set Z/nZ is a field precisely if n is prime. 
will have to be carried out in two stages. 
Proor. Letn € N be given. 


i) Assume that Z/nZ is a field. RTP: n is prime. 
ii) Assume that n is prime. RTP: Z/nZ is a field. 


6.4.1 Loops of implications 


The equivalence of several statements 1s sometimes expressed by a chains of impli- 
cations in which the last statement in the chain coincides with the first one. This 
argument combines conjunctions with implications. 

The equivalence of two statements P; and P>, may be viewed as a loop: 


Pp Ss Po SP jx 
More generally, we consider loops of n implications: 
Ei fo ee Se E 


Proving all implications in the loops amounts to proving that all statements are 
equivalent, namely that A; = P;, for all i, j =1...,n. This follows from the transi- 
tivity of the implication operator. 

For example, let G be a group and H a subgroup of G. A left coset of H in G is a 
set gH = {gh : h € H} where g is an element of G. (This is a variant of the algebraic 
product of sets (2.13)). A result of group theory states that if x, y are elements of G, 
then the following statements are equivalent: 


(a) xH = yH 
(b) xH CyH 
(c) xHOyH £0 
(d) y ' xed. 


These are usually proved in a circle, for example (a) > (b) > (c) > (d) > (a), 
but other arrangements are possible, e.g., (a) = (b) > (c) > (d) => (b). 

In chapter 7 we will use a loop of implications to show the equivalence of four 
formulations of the principle of induction. 
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6.5 Proof by contradiction 


A proof by contradiction of a proposition P consists of assuming —P and deducing 
a false statement: 
=P > FALSE. (6.6) 


The false statement could be anything, including any assertion that contradicts the 
assumption —P. Contradiction works because if (6.6) holds, then we have the 
boolean equation 

(~P >F)=T 


to be solved for P. This equation has the unique solution P = T, from the truth tables 
(3.8) and (3.9). 

For example, in the proof by contradiction of the irrationality of v2, presented 
in section 6.1, we assumed that v2 € Q, and deduced that 


dm,n E N, (gcd(m,n) = 1) => (m,n € 2Z) 


which is clearly false. 
A classic proof by contradiction is Euclid’s proof of the infinitude of primes. 


Theorem. The number of primes 1s infinite. 


Proor. Assume there are only finitely many primes, pj,...,Pn. Consider the inte- 
ger 
n 
N=1+ [| [pr (6.7) 
k=1 


Then N is greater than all the primes; moreover, if we divide N by pg we get re- 
mainder 1, and therefore N is not divisible by any of the primes. Now, every integer 
greater than 1 is divisible by some prime. It follows that N must be divisible by a 
prime not in the given list, a contradiction. LI 


The statement that every integer greater than 1 is divisible by some prime, which 


is essential to the proof, needs some justification (see section 7.1). 


To apply the method of contradiction to an implication P > Q, we assume the 
negation of the implication, namely =(P => Q). By theorem 3.2, p. 57 this is equiv- 
alent to P A =Q, so our proof amounts to establishing that 


(PA=0) => FALSE. 
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This form of proof by contradiction 1s called the both ends method: To prove that 
if P then O, we assume both P and not-Q, and we deduce something impossible. 
The appealing feature of this method is that 1t gives us two assumptions to exploit, 
namely P and ~Q. This is often how mathematicians work, although this strategy 
may not be made explicit. It also easily causes confusion in writing, as the following 
example (from a textbook) shows. 


Theorem. For all real numbers x, if x > 0, then 1/x > 0. 


Bap Proor: If 1/x < 0 then (—1)/x > 0, so x((—1)/x) > 0, i.e., —1 > 0, a con- 
tradiction. Therefore 1/x > 0. Since 1/x can't be O, we conclude that 1/x > 0. 
L 


In this proof, the assumption of P is hidden, and the assumption of ~Q is con- 
fused. Not helpful writing! 


Proor. We prove it by contradiction. Let us assume that x > 0 and 1/x < 0. Mul- 
tiplying the second inequality by —1, we obtain —1/x > 0, and since x is positive, 
multiplication by x yields x(—1/x) > 0. Simplification gives —1 > 0, which is false. 
E 

The final deduction rests on the inequality O < 1, which may be derived from 
the axioms of the real number system. 


6.6 Counterexamples and conjectures 


Suppose that a statement concerning all elements of a set is false. To prove this, it is 
sufficient to exhibit a single element of that set for which the proposition fails. This 
construct is called a counterexample. In symbols, we show that the statement 


Vx EX, A(x) 
is false by proving its negation, namely 
dx EX, AP (x). 


To explore the idea of a counterexample, let us consider a famous polynomial 
proposed by Euler: p(n) =n*+n+41. We evaluate p(n) at integer values of the 
indeterminate: n = 0,1,.... 


n O 1 2 3 4 5 6 7 8 9 10 >. 20 >. 30 


p(n) 41 43 47 53 61 71 83 97 131 151 181 --- 461 --- 971 


138 CHAPTER 6. FORMS OF ARGUMENT 


All these values of p(n) are prime! Moreover, p(—n) = p(n— 1), so it seems plau- 
sible —if a bit daring— to put forward the following conjecture: 


Conjecture 1. For all integers n, p(n) is prime. 


A conjecture is a statement that we wish were a theorem. Three things may happen 
to a conjecture: i) someone proves it, and the conjecture becomes a theorem; ii) 
someone produces a counterexample, and the conjecture is proved false; iii) none 
of the above, and the conjecture remains a conjecture. 

Our case is ii). The negation of conjecture 1 is 


There is an integer n such that p(n) is composite. 


To prove it, we exhibit such a value of n. For n = 40, we find 
p(40) = 40° + 404+ 41 = 40(40 + 1) +41 = 41(404 1) = 41°. 


So p(40) is not prime, and conjecture 1 is false. 

For a mathematician, the formulation of a conjecture is accompanied by the fear 
of a counterexample. Let us return to conjecture 1: we know it’s false, but can it be 
modified into a weaker statement? It can be verified that n = 40 is the smallest value 
for n for which p(n) is not prime*. Are there other such values? If these values were 
exceptional, then a meaningful weaker version of conjecture 1 could be 


Conjecture 2. For all but finitely many integers n, p(n) is prime. 


Even if p(n) were composite for, say, a billion values of n, the conjecture would 
still hold. Unfortunately, conjecture 2 1s not true either. Its negation 


There are infinitely many integers n for which p(n) is composite 


is established by the simple, devastating counterexample: 
p(41k) = (41k)? +41k +41 =41(41k7+k+1)  k=1,2,... (6.8) 
which says that 41 is a proper divisor of p(41k) for infinitely many values of k. 
Let’s make one final attempt to salvage something from our original claim. 
Conjecture 3. There are infinitely many integers n such that p(n) is prime. 


This is a very meaningful conjecture. Nobody has ever been able to prove that 
any quadratic polynomial with integer coefficients assumes infinitely many prime 


*This phenomenon has deep roots, see [8, p. 155]. 
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values. On the other hand, 1f we perform a numerical experiment we discover that, 
as n increases, p(n) continues to supply prime values, even though the composite 
values slowly become dominant (see exercise 9.3.1). So this conjecture is very 
likely to be true, and 1t makes sense to put 1t forward. 


Arguably, the most famous conjecture in mathematics is the Riemann’s hy- 
pothesis (RH), formulated in 1859. This conjecture (essentially) says that the zeta- 
function defined in equation (5.3), p. 103 vanishes only at points whose real part is 
equal to 1/2. The depth of this statement is not at all apparent from its idiosyncratic 
formulation. 


In a sense, the mathematics community cannot afford to wait for this important 
matter to be settled, and several theorems about the RH have been proved. Some 
of these theorems formulate the RH in terms of equivalent statements, establishing 
the importance of the RH in many areas of mathematics. There are also proofs of 
conditional theorems, which assume the validity of the RH, and deduce some of 
its consequences. 


Other famous conjectures include the twin-prime conjecture, attributed to Eu- 
clid: 


There are infinitely many primes p such that p+ 2 is also prime. 


and the Goldbach conjecture”: 


Every even integer greater than 2 can be written as a sum of two primes. 


Both conjectures are easy to formulate and widely believed to be true, but a proof 
seems hopelessly difficult. This situation is common in the theory of numbers, 
where assessing the difficulty of a problem is not always easy. To illustrate this 
phenomenon, let us arrange the natural numbers into four columns, with the primes 
highlighted in boldface: 


Christian Goldbach (German: 1690-1764) 
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1 2 3 4 
5 6 7 8 
9 10 11 12 
13 14 15 16 
17 18 19 20 


Now we ask some questions about this table, listed in order of increasing diffi- 
culty. 


1. Why is there just one prime in the second column and no primes at 
all in the fourth? 

2. The first two rows combined contain four primes; are there other 
pairs of adjacent rows with the same property? 

3. Does the table contain infinitely many primes? 

4, There are rows without primes. Are there infinitely many of them? 
5. Are there adjacent rows without primes? What about sequences of 
three or more adjacent rows without primes? 

6. Are there infinitely many primes in the first column? 

7. Are ‘half’ of the primes in column 1 and “half” in column 3? 

8. Are there infinitely many rows containing two primes? 


At the end of primary school, a pupil should be able to answer question 1, while 
in secondary school one could see why the answer to question 2 must be negative 
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(one of three consecutive odd integers 1s divisible by 3). The answer to questions 3 
to 7 is affirmative. Euclid”s theorem (p. 136), which answers question 3, is normally 
taught in a first year university course, although we have seen that the proof does not 
require advanced ideas. Answering questions 4 and 5 will involve some ingenuity, 
but no major difficulty. 

The mathematics needed to answer 6 and 7 becomes difficult. The proof that 
column 1 contains infinitely many primes, known since the 17h Century, 1s given 
today in an undergraduate course in number theory. The formulation of question 7 
can be made precise, and the affirmative answer was given at the end of the jgth 
Century. Understanding the proof requires a solid background in analysis. 

Many mathematicians would conjecture that the answer to question 8 is again 
positive, but at present nobody knows how to prove it. This is a variant of the twin 
primes conjecture stated above. 

An accessible introduction to this beautiful part of mathematics is found in [37]. 


6.7 Wrong arguments 


In constructing a mathematical argument it’s easy to make mistakes. In this section 
we identify some common faulty arguments: confusing examples with proofs, as- 
suming what we are supposed to prove, mishandling functions. Other mistakes will 
be examined in chapter 8 and in the exercises. Awareness of these problems should 
help us in avoiding them. 


6.7.1 Examples vs. proofs 


The verification of a statement in specific cases does not constitute a form of proof. 
Our study of Euler’s polynomial in section 6.6 shows how misleading examples can 
be. This state of affairs is peculiar to mathematics, and indeed to modern mathe- 
matics. Ancient Greek, Medieval Arab, and Renaissance western mathematicians, 
instead of giving general arguments tended to offer examples to be copied. In other 
scientific disciplines, such as biology, a proof of a statement consists of careful 
experimental verifications of its validity. 
In our first example the fault is easy to spot. 


Theorem. For all primes p, the integer 2? — 2 is divisible by p. 
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WRONG PROOF. 
PISA. PV 2. Dee, 2 =2= 718. $e 
The theorem has been proved only for p = 2,3,5,7. 
The next example is similar, but not so clear-cut [35, p. 138f]. 
Theorem. For all x, y and z, 1£x+y <x>+2 then y < z. 
WRONG PrRoor. Suppose x+y <x+z. Take x = 0. Then 


y=O0+y<04+2z=z. 


[ 

The mistake here is that we took x to be 0, which is a special value of x. This 
assumption is wholly unjustified, since the quantities x,y,z are controlled by an 
existential quantifier, and hence no condition may be imposed on them. By adding 
the assumption that x = 0, we have in fact proved the 


WEAKER THEOREM. For all y and z, if 0+ y <0+2z, then y< z. 


This 1s not what we claimed to prove. 


6.7.2 Wrong implications 


Inappropriate handling of implications is a common source of mistakes. Often the 
problem originates from confusing an implication with its converse, that is, from 
P = Q and O, incorrectly deducing P. Since both implications T > T and F > T are 


true (see the truth table (3.10)), the statement P could be true or false. These faulty 


deductions are sometimes called circular arguments, or non sequiturs®. 


A common instance of this fault is assuming what one is meant to prove, and 
deducing from it a true statement. 


Prove that V2+ V6 <vy15 


WRONG PROOF. 


V2+V6<V15 => (v2+v6)<15 
=> 842/12 <15 
= 2/12<7 
=> 48 < 49 


Latin for ‘it does not follow’. 
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The last statement is true, which completes the proof. L 


We were supposed to prove P, where P = (v2 +v6 < v15 ). Instead we have 
assumed P, and correctly deduced from it the true statement Q = (48 < 49). There- 
fore we still don’t know 1f the original statement P is true or false. Indeed, had we 
started from the false statement v2 + v6 < — v15, we would have reached exactly 
the same conclusion. 

There are two methods for fixing problems of this kind. 


First method: retracing the steps. 
We regard the chain of deductions displayed above as “rough work”; then we 
start from the end and attempt to prove the chain of converse implications. 


PROOF. 


48<49 => V48< v49 
=> 2v12<7 
=> 8+2v12<15 
> (V2+v6 <15 
=> V2+v6<v15 


where the first and the last implications are justified by the fact that we have taken 
the positive square root of each side. We have proved the proposition TRUE => P, 
from which we deduce that P is TRUE. LJ 

Clearly, we could not have come up with such a proof without having done the 
‘rough work” first. 


Second method: contradiction. 


Proor. Let us assume ~P: 


vV2+v6> v15 = (vV2+Vv6)* 215 
=> 8+2Vv12 >15 
> 2/12>7 
=> 48 >49. 


We have proved that =P = FALSE, which implies that =P is FALSE, that is, P is 
TRUE. U 
The advantage of this method is that it doesn’t require any ‘rough work’. 
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6.7.3 Mishandling functions 


Many things can go wrong when we deal with functions. For instance, we may 
apply a function to arguments outside its domain (e.g., forming In(0)), or invert a 
function incorrectly (e.g., taking the wrong sign of a square root). 

Let us begin with a proof from calculus which isn’t quite correct, even if it 
captures the essence of the argument. The chain rule for differentiating composite 
functions states that if f and g are differentiable, then 


(go f) (x) =g FF E). 
SLOPPY PROOF. Let € be areal number. We compute 
g(f(x+e))—8(f@)) _ sfx +e))—8(fa)) fte- fa) 
E fae- f(x) € | 
Letting e tend to zero gives the desired result. L 


The right-hand side is obtained by multiplying and dividing by f(x+ €) — f(x). 
But this quantity may well be zero for non-zero €, for instance, if f 1s constant, 
which invalidates the argument. A valid proof requires a bit more delicacy. 


Proor. Let y= f(x). Since g is differentiable at y, we write 


g(y+6)—g(y) = 8 (y) + o(y,6)6 


where o is a continuous function with o(y,0) = 0. Letting 6 = f(x+e€)— f(x), we 
have 


elf + E)) 84 (%)) _ of (x)) flate) — f(x) 


E E 
tol fete) — flay) LEE Le 


If we now let e tend to zero, then the last term tends to zero, being the product of 
a function that tends to zero and a function that tends to a finite limit, because f is 
differentiable. This gives the desired result. LI 


Mishandling a non-invertible function may have serious consequences: 


WRONG THEOREM. Every negative real number is positive. 
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WRONG PROOF. Let & be a negative real number. Then 


a = -1a]=(-1)'0]=(-10%a] =[1)Yla1 
= 1 la =|0|>0 


as required. L 


What's wrong with this proof? The function x ++ x? is not one-to-one, hence not 


invertible, and to invert it we must restrict 1ts domain. If we restrict the domain to 
the range x > 0 and then take the positive sign for the square root, then x + x? and 


xt ,/x are the inverse of each other: x22 = Vx? =x. However, 1f x 1s negative, 
to ensure that squaring and square root are still inverse of each other, one must take 
the negative sign of the square root. 

The mistake occurs in the last equality 


12/01 = |a] 


where the original negative argument x = —1 is paired with the positive sign of the 
square root. Had we chosen the correct negative sign, we would have recovered the 
value —1 that we started with. Exercise 6.3 deals with a more general instance of 
the same phenomenon. 


6.8 Writing a good proof 


Proofs come in all shapes and sizes. Correctness is, of course, imperative, but a 
good proof requires more: in a proof we must resolve the conflicting requirements 
of clarity and conciseness. On the one hand, reading a proof is demanding, and any 
assistance will be welcome. On the other hand, a proof is a rigorous exercise in 
logic and the exposition must remain succinct and essential. The level of exposition 
and the amount of detail will depend on the mathematical maturity of the target 
audience. 
There is one universal rule. At all key junctures in a proof: 


e SAY WHAT YOU PLAN TO DO. 

e WHEN YOU” VE DONE IT, SAY SO. 

We now examine statements of theorems and proofs that are less than optimal, 
and we seek to improve them. Our proofs are very detailed, and suitable for first- 


year university students. Occasionally, we also provide a concise version of a proof 
for a mathematically mature audience. 
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Our first theorem is taken from a textbook 
Bap Tueorem. Ifx* Æ 0, then x? > 0. 


BAD PROOF. If x > 0 then x? = xx > 0. If x < 0 then —x > 0, so (—x)(—x) > 0, i.e., 
x S05 O 

The statement of the theorem is incomplete, in that there is no information about 
the quantity x. The theorem is an implication, but in the proof what has happened 
to the assumption x? Æ 0? If the assumption is obvious, one may leave it out, but 
one must judge whether the readers are sophisticated enough to see what it must be. 
Furthermore, this is a proof by cases (see section 6.2), and it would be helpful 1f this 
were made explicit. 


THEOREM. For all real numbers x, if x? Æ 0, then x7 >0. 


Proor. Let x be a real number such that x? Æ 0. Then x Æ 0, and have two cases: 
i) x <0. Then —x > 0, so (—x)(—x) > 0, that is, x? > 0. 
ii) x > 0. Thenx?=xx>0. O 


The following statement establishes a simple relation between rational and irra- 
tional numbers. 
Bap THEorEM. Va,b ER, (a E QADbZEQ) =>a+bEQ. 
Bap Proor: Suppose a+b € Q. Then a+b = m/n. 
If a € Q, then a = p/q, and b = m/n — p/q € Q. O 


The symbolic formulation obscures the simple content of the theorem. The 
proof is simple, but it introduces unnecessary symbols, while clarity could be im- 
proved by inserting some short comments. 


THEOREM. The sum of a rational number and an irrational number is irrational. 


Proor. Let a and z be a rational and an irrational number, respectively. Consider 
the identity z = (a +z)—a. If a+z were rational, then z would also be rational, 
being the difference of two rational numbers. This contradiction shows that a+ z 
must be irrational. L 


The choice of symbols keeps the two numbers well-separated in our mind. 
Next we consider an arithmetical statement. 
Bap THEOREM. Vn € Z, 2/n => 8|n* —1. 


BAD PROOF. 
2k>AjEeZ k=2j+1; 
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k” —1=4j(j +1); 
ViEZ, 2|j(j+1). U 

Both statement and proof are exceedingly cryptic, as they use only symbols. A 
mixture of words and symbols is necessary. 


THEOREM. The square of an odd integer is of the form 8n + 1. 


DETAILED Proor. Let k be an odd integer. We will show that k? = 8n + 1, for some 
n EZ. 
Since k is odd, we have k = 2j + 1, for some integer j. We find 


ko = (274-1) S47 +4j+1=4j(j 1) €1. (1) 


Now, one of j or ¡+ 1 is even, and therefore their product is even. Thus we have 
j(j +1) = 2n, for some n. Inserting this expression in (1) we find k? = 8n +1, as 
desired. L] 

This proof is quite detailed, and can safely be shortened. 


Proor. An odd integer k is of the form k = 27+ 1, for some integer j. A straight- 
forward manipulation gives k? = 4j(j+1)+1. Our claim now follows from the 
observation that the product j(j+ 1) is necessarily even. L 


The adverb ‘necessarily’ is inserted to signal that the conclusion (the product j(j + 
1) is even) requires a moment’s thought. The expression ‘straightforward manipu- 
lation’ 1s used to omit some steps in the derivation, while warning the reader that 
some calculations are required. In such a circumstance, the adjective ‘straightfor- 
ward’ is preferable to ‘easy’, which is subjective, or ‘trivial’, which carries a hint of 
arrogance. So it’s appropriate to claim that the arithmetical identity 


s = (24 THY) RS 
; 2) L-5) 


can be verified with a ‘straightforward calculation’. 


In the following example everything needs re-writing: definition, statement of 
theorem, proof. 


BAD DEFINITION. Let b; be decimal digits. We define 


bi- b, = bi -bbi --- 
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Bap THEOREM. Letm € Z, and let x = m-+0.a,---a,b,---b,. Then x € Q. 


Bab Proor: Let A =0.aj] ::-ax, B=0.b1 ---b,. Then A,B € Q, and 


0.b)b>...b, =Bl( 1+ + + =B a =:B’ EQ 
O see 107 | 102” POr 1 


Thusx=m+A+B10*EQ. O 


In the definition, the periodicity of the sequence of digits is not as clear as it 
could be. In the statement of the theorem, the digits a; are undefined. In addition, a 
hybrid notation is used for x, which appears as the sum of a decimal number and an 
integer expressed symbolically. 

As we did before, we state the theorem with words, which 1s more effective. We 
introduce the notation after the statement of the theorem but before the beginning 
of the proof. This arrangement should be considered if the notation 1s needed out- 
side the confines of the proof, or if the proof is heavy and needs lightening up, or 
simply as a variation from the rigid definition-theorem-proof format. We number 
the various steps in the argument for future reference. 


THEOREM. Every number whose decimal digits eventually repeat 1s rational. 


1. Before proving the theorem, we establish some notation. Let ajaz- and bj b2--- 
be strings of decimal digits: a;,b; € (0,1,...,9). We use the over-bar to denote a 
string of digits consisting of a pattern repeating indefinitely: 


habs eee eee ee (6.9) 
SSS ae 


n n 


DETAILED PROOF. 
2. Let x be a real number with eventually repeating decimal digits. Then x has a 
decimal representation of the type 


x=47:*:04j.Aj41***0mb] +++ Dy 


for some integers m,n, j, with m >0,n > 1, and0 <j <m. 
3. We shall compute the value of x in terms of two integers A and B, defined as 
follows: 
m n 
aio” B =b; -bn = Y b10". 
k=0 k=1 


A = a0: : `am = 
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First, we get rid of the aperiodic part; we shift 1t to the left of the decimal point by 
multiplying by a suitable power of 10, and then we subtract it off, to get 


10” -Jx—A =0.b «+ by. (6.10) 
4. Next we compute, using (6.9) 


A B B B 
0.b1 -bn = + + 10% 


10” - 102 
B : =f 5 a 
10” 10% = 10% 
00 k 
l B 
BY = | 
ra O 10” —1 
5. In the last step we have used the formula of the sum of the geometric series 


y a = É a| <1. 


From equation (6.10) and the result above, we obtain 


7 B 
10” /x—-A = 
él 107 —1 
and hence 5 
— {Q/-" | A+ — —__ }. 
i ( +0) 


The right-hand side of this equation consists of sums and products of rational num- 
bers, and is therefore rational. [L 


Let us examine the main steps in the proof: 


1. Since we don’t begin the proof straight away, we say so. The key notation (the 
over-bar) is established first in words, then in symbols. The under-brace highlights 
the structure of the expression. 

2. In the theorem there is a hidden quantifier, and the proof begins accordingly. 
Then we introduce the notation for x, and we say why. 

3. At every opportunity, we declare our intentions. 

4. In this passage, one must decide what constitutes an appropriate amount of de- 
tails: we have been cautious here. 

5. A reminder of a well-known summation formula. 
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We give a concise version of the same proof. 


Proor. Let x be a real number with eventually repeating decimal digits b}. Without 
loss of generality, we may assume that the integer part of x 1s zero, and that the 
fractional part is purely periodic: 


x=0.b1 br. (1) 


(Any real number may be reduced to this form by first multiplying by a power of 10, 
and then subtracting an integer, and neither operation affects the property of having 
repeated digits.) Defining the decimal integer B = bı --- bn, we find, from (1) 


B B B = i 
© = ati tig t= 82 (57) 
© B 
= 10n—1' 


We see that x is rational. L 

The expression ‘without loss of generality’ indicates that the restriction being 
introduced does not weaken the argument in any way (see also section 4.2). A brief 
parenthetical remark is added for clarification: it too could be omitted. 


Exercises 


Exercise 6.1. You are given mathematical statements with cryptic proofs. Rewrite 
the proofs in a style appropriate for first-year university students, who may have 
forgotten basic facts. 


(a) Prove that the line through the point (4,5,1) € R? parallel to the vector (1, 1,1)? 
and the line through the point (5,—4,0) parallel to the vector (2,—3,1)* in- 
tersect at the point (1,2, —2). (The symbol T denotes the transpose.) 


BAD PROOF. 
v= (4,5,1) +4 (1,1,1) =(4+4,5+4,1+4) 
= (5,—4,0)" +u (2,3, 1) = (5+2u,—4—3u, u)"; 
4+A=5+2u;5+/A =—4-—3u;1+À = u; 
4+A4=54+2(1-A) > 4=-3,4=-2; 
this gives v= (1,2,—2)’. O 
(b) Prove that the real function x > 3x4 + 4x? + 6x2 + 1 is positive. 


BAD PROOF. 
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f'(x) =12(4+x+1)=05x=0; 
f"(0) > 0, f(0) > 0. O 


(c) Prove that for all real values of a, the line 


a— i E 
= ax = 
y 2 


is tangent to the parabola y = x? + x. 


BAD PROOF. 


a= a= AEN 

x* +x(1—a)+(a—1)*/4=0; 
x =(a—1)/2. 

For this x, dy/dx is the same. LI 


(d) Prove that the vector (1,0, 1) does not belong to the subspace of R? generated 
by the vectors (3,1,2) and (—2,1,0). 


BAD PROOF: 


a= 25 S15, 0s = 0; 26 = 1. 
Sf Ss] 12> 3/2=—0, fF 


Exercise 6.2. The following theorem and proof have several faults. (a) Explain 
what they are; (b) write an appropriate revision. 
WRONG THEOREM. For all numbers x and y, 


x2 E y 
xy] 


ze 


WRONG PROOF. For 


x? +y? 


xy | 


A ae x +y” > 2xy 


> 2 E > 0 
> (x-y*>0. 


The last inequality is trivially true, which proves it. LI 
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Exercise 6.3. Identify the flaw in the proof of the following statement. 
WRONG THEOREM. The sine and cosine functions are constant over C. 


WRONG PROOF. We shall be using the formulae 


elf + 710 10 —10 


cos(@) = sin(@) = 


where @ is an arbitrary complex number. We find 


ol? = ol” Sr = e? Tian => Ge 27 == | 27 = 1 


and hence cos(@) = 1 and sin(@) = 0, as desired. LI 


Exercise 6.4. Write the first few sentences of the proof of each statement, introduc- 
ing all relevant notation in an appropriate order, and identifying the RTP. (For this 
task, understanding the meaning of the statements is unimportant.) 


1. On a compact set every continuous function is uniformly continuous. 
2. Every valuation of a field with prime characteristic 1s non-archimedean. 


3. No polynomial with integer coefficients, not a constant, can be prime for all 
integer values of the indeterminate. 


4, Any hyperbolic matrix in SL2(Z) is conjugate to a matrix with non-negative 
coefficients. 


5. The only bi-unique analytic mapping of the interior of the unit disc into itself 
1s a linear fractional transformation. 


6. In a field with a non-archimedean absolute value, the connected component 
of any point 1s the set consisting of only that point. 


7. The characteristic polynomial of the incidence matrix of a Pisot substitution 
is irreducible over Q. 


8. The first Betti number of a compact and orientable Riemannian manifold of 
positive Ricci curvature is zero. 


9. Every differential of the second or third kind differs from some normal dif- 
ferential by a differential of the first kind. 


10. Any two antiderivatives of a generalised function differ only by a constant. 


11. A real function continuous in a closed interval attains all values between 1ts 
upper and lower bounds. 
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12. A subset of a metric space is open if and only if its complement is closed. 


13. A stable set of a graph is maximum if and only if there exists no maximal 
alternating sequence of odd length. 


14. A bi-infinite sequence over the alphabet {0,1} is Sturmian if and only if it is 
balanced and not eventually periodic. 


15. The curvature of a hermitian manifold vanishes if and only if it is possible 
to choose a parallel field of orthonormal holomorphic frames in a neighbour- 
hood of each point of the manifold. 
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Chapter 7 


Induction 


Induction is a fundamental method of proof, used in every corner of mathematics. 
It is applicable to statements of the form 


VneN, A(n) (7.1) 
where “ is a predicate over N. This sentence says that all natural numbers have 


property 4. 
Induction is first met in the proof of summation identities and inequalities: 


1) y ps LA pts Sum of geometric 
= a progression 
nN > L fn k n—k ; 5 
2) (xty)"= 2 eye Binomial theorem 
k=0 
3) +x)" >1+nx el Bernoulli inequality! 
n 
i ly Arithmetico-geometric 
< Je 3 A 
ý L * E Ex) eet mean (AGM) inequality 
5) y < 3 | 2 y | 2 Cauchy-Schwarz 
on el A ds k=1 < inequality” 


(The variables are complex numbers in 1,2, and real numbers in 3,4,5.) 
The expression (7.1) unfolds into an infinite sequence of boolean expressions: 


P), P(2), PR), ... 


155 
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and to prove 1t we must show that all expressions in the sequence are true: 
TI Toeg 
For instance, the Bernoulli inequality unfolds as follows: 
ee ieee Gto A (ia) o x 


each inequality being valid for all real numbers x > —1. 
A special form of mathematical argument is needed for this purpose, called 
mathematical induction. It takes several forms, and we will examine four: 


(A) The well-ordering principle. 
(B) The infinite descent method. 
(C) The induction principle. 

(D) The strong induction principle. 


We will show that these principles are equivalent in the sense that any one of them 
implies all the others. The different forms of the principle are appropriate for dif- 
ferent situations. 

The term mathematical induction was coined by De Morgan around 1840. The 
attribute ‘mathematical’ is used to differentiate this concept from the homonymous 
concept in philosophy, which has a different meaning’. The induction principle — 
in any of the above forms— is one of the five Peano axioms* which characterise 
the structure of the set N of natural numbers. 


7.1 The well-ordering principle 


The well-ordering (or least counterexample) principle states that 
(A) Every non-empty set of natural numbers contains a least element. 


This principle is clearly false for subsets of Z,Q or R, and, less trivially so, for 
subsets of Q* or R*, or of any real or rational interval. A possible strategy for 
proving (7.1) 1s to combine well-ordering with contradiction. Such a proof will 
begin as follows: 


3In philosophy, an inductive argument is one that uses very strong premises to support the prob- 
able truth of a conclusion. 
“Giuseppe Peano (Italian 1858-1932). 
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Proor. Suppose (7.1) is false. Let k be the least natural number n for which 2 (n) 
is false. ... 


Then with this k we try to deduce a contradiction, using the knowledge that 
P (n) is true for n = 1,...,k— 1. The integer k defined in the proof exists by virtue 
of the well-ordering principle: it is the least element of the set {n E€ N : =%(m)|, 
which is a subset of N. By assumption, this subset is non-empty. 

Let us apply this strategy to some specific problems. 


Proposition. [fn > 7, then n! > 3”. 
Proor. Suppose this statement is false, and let k be the least integer n > 7 such 
that n! < 3”. We know that k > 7, since 


7! = 5040 > 2187 = 3’. 
Put j =k—1. Then j > 7, and hence j! > 3/ by choice of k. So 
k!=(j+1)j! > (j+1)3/ > 3-3) = 3* 
contradicting the choice of k. L 


The initial verification that k > 7 creates enough room for the principle to work. 
We note that 6! = 720 and 3° = 729, so the inequality n > 7 is the best possible one. 
Under these circumstances, we say that n > 7 is a strict bound. Our next statement 
is more substantial: 


Theorem. Every integer greater than 1 1s a product of one or more prime numbers. 


Proor. Suppose the statement is false, and let k be the smallest integer greater 
than 1 which is not a product of primes. Then k is not prime, so k = mn for two 
smaller integers m,n > 2. Since m, n are smaller than k and greater than 1, they are 
products of prime numbers. So k is a product of primes too, because k = mn. This 
contradicts the choice of k. LI 


This form of mathematical induction can be very effective. The assumption that 
k is a smallest counterexample puts the maximum amount of information on the 
table; 1t gives us the feeling that we are examining a concrete object. 


7.2 The infinite descent method 


This is a second form of mathematical induction, developed in the 17th Century by 
Fermat”. It exploits the following variant of the well-ordering principle: 


Pierre de Fermat, French lawyer and amateur mathematician (1601 or 1607/8-1665) 
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(B) There is no infinite decreasing sequence of natural numbers. 


This principle follows from the well-ordering principle ((4) = (B)): if there 
were an infinite decreasing sequence of natural numbers 


Ni >N2>M3 >: 


then the set (n,,n2,13,...), which is a non-empty subset of N, would have no small- 
est element. Conversely, well-ordering follows from descent ((B) = (4)): if there 
were a non-empty set $ C N without a smallest element, then choosing an arbitrary 
element nı € S, we could find nz € S with m < nı. Repeating this process we would 
generate an infinite decreasing sequence of natural numbers. 

Fermat applied this method extensively to arithmetical problems. He pointed 
out that infinite descent is a method for proving that certain properties or relations 
for whole numbers are impossible, and for this purpose he combined descent with 
contradiction —as we did for well-ordering. To prove that no positive integer can 
have a certain set of properties, we assume that a positive integer does have these 
properties, and we try to deduce that there is a smaller positive integer with the 
same set of properties. If we succeed, then, by the same argument, these properties 
would hold for some smaller positive integer, and so forth ad infinitum. Because 
a sequence of natural numbers cannot decrease indefinitely, no positive integer can 
have the stated properties. 


Infinite descent was brought to prominence by Euler, who proved with it that it 
is impossible to find natural numbers x, y,x such that 
LHZ. 
This is a special case of the celebrated Fermat’s last theorem, in which the expo- 
nent 3 is replaced by an arbitrary integer n greater than 2. In keeping with this 


tradition, we now apply the method of infinite descent to prove the non-existence of 
integer solutions of a polynomial equation. 


Theorem. For every prime p the equation px? = y? has no solutions in the natural 
numbers. 


This statement is equivalent to the irrationality of ,/p, as one sees by dividing 
each term of the equation by x”, and then taking the positive square root. The 
argument presented here is a variant and a generalisation of that given in section 6.1 
for the irrationality of v2. 
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Proor. Suppose that there are natural numbers no, n1, such that pn; = hig. So pn; 
is the square of a natural number. Since p divides No = nono, by the basic property 
of prime numbers p must divide ng, and we have ny = pm for some natural number 
n2. Then pn; = Di. and hence ni = pny. So m < nı and pn? is the square of a 
natural number. 

Repeating the argument, there is n3 < m such that pn; 1s the square of a natural 
number. This continues for ever, which is impossible. Hence the equation px? = y? 
has no solution, as stated. Ll 


7.3 Peano’s induction principle 


This is a third form of mathematical induction; it was proposed by Dedekind® and 
formalised by Peano. The principle of induction states that: 


(C) If F is a predicate over N such that 


i) P(1) is true 
ii) forallkeN, A(k) > P(k+1) 


then P(n) is true for all n € N. 


The first condition 1s called the basis for the induction (or the base case); the 
second the inductive step. The bi-unique correspondence between predicates 4 
over N and subsets S of N, given by (see equations (3.15) and (3.15)) 


S={nEN: As(n)}, Ps(x) = (x ES) 
allows us to reformulate the induction principle in the language of sets. 
(C) Let S be a subset of N. If 
i) 1ES ii) WkeN, KESS(k+1) ES 
then S = N. 


The principle of induction follows from well-ordering ((A) = (C)). To show 
this, we define the set 


SENSO =n EN An). 


“Richard Dedekind (German: 1831-1916). 
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We prove that S’ is empty by contradiction. If S” is non-empty, then, by the well- 
ordering axiom, S’ has a least element k. Since 1 € S, we have k Æ 1, and since k 
is the smallest element of S’, it follows that k— 1 € S. Then, putting j =k—1, we 
find from condition ii) that j+ 1 = k € S, which contradicts the fact that k € S”. 


The base case for Peano’s axiom could be any integer, not just 1. Indeed if Y(n) 
is valid for all n > k, then by letting m = n — k + 1, the range n > k becomes m > 1. 

Peano’s induction provides straightforward proofs of finite sums and products 
formulae: 


Vn EN, y az = F (n) (7.2) 
Wn EN, [la = G(n) (7.3) 


where (az) is a sequence of numbers (or more generally of elements of a ring), and 
F and G are explicit functions of n, hopefully easier to compute than the original 
sum or product. 

In an inductive proof of (7.2), the base case consists of verifying that a; = F(1). 
For the inductive step, we assume that the formula holds for some n = k, and using 
the induction hypothesis we obtain: 


k+1 k 


La Y aj+ any = F(k) + 4g+1. 
Jl 


Thus the proof reduces to the verification of the statements 
ar =F(1), F(k)+ax+1 =F(k+1) k>1 (7.4) 


which no longer involve summation. For example, to prove the formula 


da 1)(2n+1 
Le a U Da 
= 6 
we must verify that 
1.2.3 k(k+1)(2k=+ 1 k+1)(k+2)(2k+3 
pies (DOD y y yen ENGAGE) 


For a product formula, the expressions (7.4) are replaced by 


a=GD,  G(k) xap =G(k+1) k>1. (7.5) 
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In some cases the identities (7.4) and (7.5) may be established using a computer 
algebra system. This is an instance of computer-assisted proof’ —see exercise 
9.1. 

A similar arrangement applies to the inductive proof of inequalities. However, 
even in the simplest cases, such proofs are not as mechanical as those of summation 
and product formulae, as the following example illustrates. 


Proposition. [fn > 3, then 2” > n?. 
Proor. We prove it by induction on n. The base case n = 4 is immediate: 24 > 4”. 
Assume now that for some k > 4 we have 2* > k*. Then 


ALZAS ai 


where the inequality follows from the induction hypothesis. To complete the proof, 
we must show that for all k > 4 we have 2- k? > (k+1)*. Now the polynomial 


pl) 2 =(k #1) =k =2k=1 
has roots 1 + V2, with 
=i E ei a. 


Thus, for k > 3, we have p(k) > 0, or 2k? > (k+1)?. Hence 2k+l > (kti, 
completing the induction. L 


The next example warns us that a straightforward inductive strategy doesn’t 
always work. 


Proposition. For all integers n > O and real numbers x > —1, we have 


(1 +x)" > nx. (7.6) 


We attempt to prove this by induction on n. 


Base case: n = 0. Since x > —1, we have (1 +x)? = 1 > 0 = Ox, as desired. 
Inductive step: Assume (7.6) for some n = k > 0. Then 


(eo as +x +x 
(1+x)kx (by induction hypothesis) 


kx + kx (2?) 


Iov l 


"This concept raises controversy among mathematicians. 
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We don’t seem to be getting anywhere. 


Proor. We prove the stronger inequality (1 +x)” > 1+nx. This is the Bernoulli 
inequality —see p. 155. 

Base case: n= 0. Since x > —1, we have (1 +x)? = 1 > 1+0x. 

Inductive step: Assume the inequality for n = k > 0. Then 


“aba (1+x)(1+.x)* 
(1+x)(1+Kkx) (by induction hypothesis) 


L+(k+1)x+kx? > 1+(k+ Dx. 


Il We 


The inductive step is complete. L 


7.4 Strong induction 


In an induction proof, the successful completion of the inductive steps rests on the 
assumption that to prove Y(k+1) we only need “(k). Should we instead (or in 
addition) need “(k — 1), then this method would collapse. 

This situation is not unusual. Suppose we want to prove by induction that every 
integer is a product of prime numbers. To prove that this statement is true for, say, 
k+ 1 = 12, the preceding case k = 11 is of no use. We would need instead k = 3 
and k = 4. 

The rescue is a form of induction called strong induction (or complete induc- 
tion), which is formulated as follows: 


(D) Let 4 be a predicate on N. If 
i) P(1) is true; 
ii) for anyk EN, if A(1), 2(2),..., P (k) are true, sois A(k +1); 


then P(n) is true for alln € N. 


As with Peano’s induction, the base case for strong induction can be any integer, 
and there is an equivalent formulation in terms of sets: 


(D'^) Let S be a subset of N. If 


i) 1ES; 
ii) foranyk EN, {1,2,...,.k} CSS k+1ES8S 
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then S = N. 


Strong induction follows from Peano’s induction ((C) = (D)), since the latter 
has fewer conditions. (One could say that induction is stronger than strong induc- 
tion!) 

Let us prove by strong induction that every integer greater than 1 is a product of 
one or more prime numbers. Having established this result earlier by well-ordering, 
it’s instructive to compare the two arguments. 


Proor. We use strong induction. The integer 2 is prime, which establishes the 
base case. Suppose that k is an integer greater than 1 and that every integer j with 
2< j < k is a product of primes. We have two cases: 


Case I: k is a prime. Then k is a product of primes. 
Case II: k is not a prime. Then there are i,j > 1 with ij = k. By the induction 
hypothesis, i and j are products of primes, and hence so is k. L 


With the help of strong induction, Euclid’s elegant proof of the infinitude of 
primes (p. 136) yields an upper bound (or an estimate) for the nth prime number. 


Theorem. For alln > 1, the nth prime p, satisfies the upper bound pn < 20 


Proor. We use strong induction. The base case is clear: pı = 2 < 2? = 2. As- 
suming that for some k > 1 we have p; <S 22" for jJ=1,2,...k, we have 


k k 
i=] 
per < 1+[]g<1+[[2 
j=1 j=1 


= 142% "1422192" 


where the first inequality follows from Euclid”s construction (6.7), p. 136, while the 
second inequality follows from the induction hypothesis. The proof is complete. 
E 


To complete the proof that the four formulations of the induction principle are 
equivalent, it remains to show that well-ordering follows from strong induction 
((D) = (A)). When this is done, we will have proved that 


(A) = (B) and (A) > (C) = (D) = (A) 


and equivalence follows from a loop of implications (cf. section 6.4.1). 
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We use the both ends method. Assume that strong induction holds but that there 
is a non-empty subset S of N without a least element. Let $ = Nx S. Then 1 € S’, 
for otherwise 1 would be the least element of S. Likewise, 1f for some k > 1 we have 
{1,...,k} CS”, then we must also have k+ 1 € S’, because otherwise k + 1 would 
be the smallest element of S. Hence, from strong induction, we have that S’ = N, 
and hence S = 0, contradicting the hypothesis S + 0. 


7.5 Good manners with induction proofs 


Induction proofs are easy to structure, as there is a clear procedure to follow. But 
even if the steps in a proof are predictable, they should be spelled out clearly. 


1. At the beginning of the proof, say with respect to what variable induction is 
performed, unless this is obvious. 


We proceed by induction on the degree d of the polynomial. 


2. If the induction variable is n, then in the inductive step it is considered good 
practice to go from n = k ton = k + 1 rather than from n ton+ 1. 


3. In the inductive step, say at what point the induction hypothesis is used. 
... Where the last inequality follows from the induction hypothesis. 
4. Say when the inductive step is complete. 
This completes the induction. 
If an induction argument is easy, then it may be tempting to skip it altogether. 


n—1 
Let xı = 2, and let x, 1 = de: forn > 1. Then x, =2% . 


The last sentence is a bit blunt, and it could be replaced by more considerate sen- 
tences, such as: 


. . : n—1 
A straightforward induction argument shows that x, = 2? . 


2 . n—1 
Then x = 2?, X3 = 22 and, in general, x, = jae 
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Exercises 


Exercise 7.1. Prove the following formulae by induction, first analytically, then 
with a computer-assisted proof. 


n 
1. Y (k-1)=n" 
k=1 
n 
2. Y kl-k=(n+1)!-1 
k=1 


oS) 
Ms 
er 
Oo 
| 
a~ 
[Ms 
er 
i 
N 


k=1 
dí 1 n 
4. = 
TED n+1 


l1 3 2n+ 1 
k2-1 4 2n(n+1) 


Ms 


k=2 
n—1 28 
(= 
6 (as? ja 14 1. 
ED l—x 


Exercise 7.2. Prove by induction all identites and inequalities listed on page 155. 
(The Bernoulli inequality is proved in section 7.3.) 


Exercise 7.3. Prove the following statements by induction. 
1. The sum of the cubes of three consecutive natural numbers is a multiple of 9. 
2. The sum of the internal angles of a polygon with n sides is (n — 2). 


3. The negation of a boolean expression with n leading quantifiers is obtained 
by interchanging quantifiers and negating the predicate. 


4. The regions in which the plane is subdivided by n lines may be coloured with 
just two colours in such a way that no two neighbouring regions have same 
colour. 
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Exercise 7.4. Find each formula, and then prove it by induction. 
1. The formula for the cardinality of the power set of a finite set. 
2. The formula for the higher-order derivatives of the product of two functions. 


3. The formula for the derivative of the repeated composition of a function with 
itself. 


4. The formula for the maximum number of regions defined by n lines in the 
plane. 


Exercise 7.5. The proof of the following false statements is faulty. Explain in one 
sentence what the flaw is. 


1. WRONG THEOREM. For any natural number n, the following holds: 
2+4+---+2n= (n- 1)(n+2). 


WRONG PROOF. Assume that 2+4+---+2k = (k— 1)(k+2) for some k € N. 
Then 


O 2 (Dl a 
(k—1)(k+2)+2(k+1) (by the induction hypothesis) 


k(k+3) = ((kK+1)—1))((K+1) +2) 


which completes the induction. L 


2. WRONG THEOREM. For any natural number n, the following holds: 
Vi, j EN, (max(i,j) =n) > (i=j). 


(Thus any two natural numbers are equal.) 

WRONG PROOF. The statement is true for n= 1: if max(i, j) = 1, then, necessarily, 
i = j= 1. Now assume the statement to be true for some k > 1, and let i, j be 
natural numbers such that max(i, j) = k+ 1. Then max(i— 1, 7—1) =k, and by the 
induction hypothesis, we have that  — 1 = ¡— 1. But then i = j, and therefore our 
statement is true form = k + 1. This completes the induction. LJ 
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3. WRONG THEOREM. (Pólya) In any group ofn horses, all horses have the same 
colour. 
WRONG PROOF. The statement is clearly true for n = 1. Assume now that the 
statement is true for some n = k > 1, and consider an arbitrary collection of k+ 1 
horses 


By the induction hypothesis, the first k horses have the same colour, and so do the 
last k horses. 


But then all k+ 1 horses have the same colour as the k — 1 horses common to the 
two sets. 


This completes the inductive step. LI 


SGeorge Pólya (Hungarian: 1887-1985). 
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Chapter $ 


Existence and definitions 


In this chapter we take a closer look at existence statements. These statements assert 
that there exists a quantity x that has a certain property “. In symbols: 


dx EX, P(x) 
where X is a set and 4 is a predicate over X. For example, the statement 
The integer 10” is the sum of two primes 


asserts the existence of a pair of prime numbers with a given sum (what are X and 
2P in this case?). 

We shall discuss proofs of existence and the connection between existence and 
definitions. 


9.1 Proofs of existence 


To prove that something exists it is not necessary that the object in question be con- 
structed explicitly. For example, Euclid’s proof of the infinitude of primes (p. 136) 
establishes the existence of infinitely many things without producing any of them. 
By contrast, we proved that Euler’s polynomial n? +n-+ 41 is composite for in- 
finitely many values of n by exhibiting such values explicitly in equation (6.8). 
Accordingly, existence proofs are said to be constructive if an explicit con- 
struction is given, and non-constructive if no explicit construction is given. The 
constructive method may be described as a two-stage process: 


(WHAT?) Identify an element x of X. 
(wHy?) Show that 2 (x) is TRUE. 
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The format of the proof should make clear which part is the WHAT and which part is 
the wuy. 
We begin with a constructive existence proof: 


Theorem. There is a real number a such that a? = 2. 


ProoF [29, p. 13]. Draw a square of side 1. 
(WHAT?) Let œ be the length of a diagonal of the square. 
(wy?) Then by Pythagoras, a7 =2. O 


This minimalist proof takes for granted that the length of a diagonal of the unit 
Square is a real number. A justification of this step requires the tools of analysis. 
Let us re-visit the counterexample (6.8) concerning Euler’s polynomial. 


Theorem. There are infinitely many integers n for which p(n) =n*+n+41 is 
composite. 


PROOF. 
(WHAT?) Letn = 41k, fork € N. 
(wHY?) Then p(41k) = 41 (41k? +k+ 1), not a prime. O 


In this proof the wHar part identifies an infinite sequence of integers. 
Theorem. If two integers are the sum of two squares, then so 1s their product. 


This statement is an implication; the existence statement in the deduction is 
conditional to another existence statement in the hypothesis. We give a concise 
constructive proof, where an eloquent formula supplies at once the wHars and the 
WHYS. 


Proor. This statement follows from the algebraic identity 
(7? +k) (m? +n?) = (jm+kn)? +(km— jn}?. 0 


Many non-constructive existence proofs employ contradiction. One assumes 
that the object being defined does not exist, and derives a false statement. It is not 
Surprising that an argument of this kind could fail to provide information about the 
object in question. 

However, not all non-constructive existence proofs use contradiction. 


Theorem. There is an irrational number a such that av? is rational. 


ProorF. Consider a. We have two cases: 
CASE I: a is rational. Then a = v2 is as required. 


8.1. PROOFS OF EXISTENCE 171 


Case Il: Jz”? is irrational. Then 
v2 
(v2) aa an 


SO a = o is as required. Ll 


This is a proof by cases —see section 6.2. We note that we aren’t given a WHAT. 
There are two different WHATS, and we have no idea which of them works for the 
WHY. 


Our next example is a well-known existence statement, Dirichlet’s box princi- 
ple (or the pigeon-hole principle). 


Theorem. Given n boxes and m objects in them, if m > n, then at least one box 
contains more than one object. 


The proof of this rather self-evident implication is necessarily non-constructive. 
We use contradiction, namely the both ends method described in section 6.5. It’s 
easy to predict where contradiction will lead us. 


Proor. We use contradiction. Let m and n be integers, and let m; be the number of 
objects in the jth box. If m > n and m; < 1, for ¡=1,...,n, then 


ma Eme isn 
j=1 


j=l 
giving m < n, contrary to the assumption. LJ 


In this proof we are not given the wHar, and hence there cannot be a wuy step 
either. The proof begins by introducing the symbol m;; this simple but important 
step makes the rest immediate. 

Dirichlet’s principle may seem informal, as it deals with ‘objects in boxes’ or 
even ‘pigeon-holes’. It is in fact a crisp mathematical statement. For a geometric 
interpretation, let Nj = (NU {0})” be the set of n-dimensional vectors with non- 
negative integer components. Dirichlet's principle says that if m > n, then every 
point of the set 


Om := {(m1,...,7n) ENG : Y m¡=m) 
j 


lies outside the n-dimensional unit cube in Nọ- 
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1.0 ELECTRICAL THEORY 


1.1 THE STRUCTURE OF ATOMS 


Atoms are not solid but composed of three fundamental particles: electrons, protons, and neutrons arranged in 
various combinations. The electron is defined as being negatively ( - ) charged and revolves around the nucleus of 
the atom in various concentric paths called orbits. The proton is defined as being positively ( + ) charged. Neutrons 
are defined as being uncharged or neutral. Protons and neutrons are tightly bound together within the atoms nucleus 
and are not free to orbit. 


In an atom the number of negative electrons and positive protons are the same making it electrically neutral. The 
number of protons present within the atoms nucleus specifies its atomic number. The corresponding numbers of 
electrons are arranged in different elliptical orbits, called shells, around the nucleus. Electrons in different orbits can 
rotate around the nucleus in all directions, thus producing a three-dimensional atom. 


The electrons in the nearest orbit having a great force of attraction while the electrons in the farthest orbit having the 
least force of attraction. Electrons in the farthest orbit which are loosely held to the nucleus are called valence 


electrons and therefore rotate around the valence shell. Copper for instance, has one valence electron. 


An Atoms Structure 


Valence shell atoms nucleus 
(one electron) _ - 
a 
Y — eo : 
1 5” SON elliptical orbits 
A e. 33 (shell 
O ts? J 
\ A q x fixed electrons 
\ 
\ 0 
N 
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valence electron 


The loosely held electrons in the outer shell often break free due to an input of energy such as heat allowing them to 
move randomly around through the space in between the various orbits of the other atoms. Such loose electrons are 
called "free electrons". An atom that loses an electron in this way is left positively charged since it now has an 
excess of protons. lf more electrons attach themselves to the valence shell, then there are more electrons than 
protons and the atom becomes negatively charged. 


1.2 THE UNIT OF CHARGE The more free electrons 
ARANA the valence shell has the 


The unit of charge is the Coulomb, C. The symbol of electric charge is Q. The 
better the conduction of 


charge of one electron is given as: 1.6x10*%, so one Coulomb of charge is 
equal to 1/ 1.6x10°'’ or 6.25x10"° electrons. current by the atom 


Thus: 
Q = 1 Coulomb = charge of 6.25 x 10”? Electrons 
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The non-constructive proof of the following statement employs Dirichlet’s box 
principle. 


Theorem. [n any set of integers with more than n elements there must be two inte- 
gers whose difference is divisible by n. 


ProorF. Let n be given, and let S be a set of m integers, with n < m. We divide each 
element of S$ by n, obtaining m integer remainders. These remainders can assume at 
most n distinct values, and therefore two elements of S, say x; and x;, must have the 
same remainder, by Dirichlet’s box principle. But then x; — x; gives reminder zero 
when divided by n, as desired. LI 


Solving equations is a quintessential mathematical task. In some cases we may 
be looking for a particular number, which means that we are after a constructive 
existence proof. In other cases we may be satisfied by a proof that a solution exists 
at all, or that it exists in a specified range of values of the argument. Let us examine 
a constructive and a non-constructive existence proof of the same statement. 


Proposition. The equation x* — 10x* + 1 = 0 has four distinct real solutions. 


CONSTRUCTIVE Proor. Let f(x) =x — 10x? +1. 
(WHAT?) Letx+ = v3 + v2; then x+ are real numbers. 
(wHY?) We compute, using the binomial theorem 


fr) = (v3+v2)*-10(V43+v2)+1 


9+ 12V6+3648V6+4—-30420V6—20+4+1 
0 


where the top and bottom signs in + and + match. The above calculation shows 
that x+ are roots of f. Since the real numbers x+ are positive and distinct, and f is 
an even function, we conclude that —x+ are also roots of f. LJ 


This constructive existence proof involved ‘guessing’ the solutions, and then 
verifying that the guess was correct. (There was no guess here: I started from x+, 
and then determined the equation of which x+ is a solution.) 


Non-ConstructivE Proor. Let f(x) = xt — 10x? + 1. The computation 


shows that f changes sign twice in the interval (0,4). Because f is continuous, 
there exist two distinct real numbers x_,x, in the open intervals (0,1) and (1,4), 
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respectively, at which the function f vanishes. The real numbers —x are also roots 
of f, because f is even. The four numbers +x+ are clearly distinct. LI 


The key argument in the proof was inferring the existence of a root from a 
change of sign of a continuous function. This is the intermediate value theorem 
from real analysis, which is a non-constructive existence theorem [24, theorem 4.4]: 


Theorem. Any real-valued continuous function f on a closed interval |a,b| as- 
sumes every value between f(a) and f(b). 


Our non-constructive proof provides some information about the solutions, in 
the form of bounds. These bounds can be sharpened by doing some extra work; 
e.g., with f as above we have 


f TN  —503 f 6 \ 1657 
22) 234256 19) 130321 


and hence 


Considering that 7/22 — 6/19 < 3 x 1073, our knowledge of the solution x_ has 
increased markedly. We see that the distinction between a constructive and a non- 
constructive proof 1s blurred. 

A non-constructive existence statement that provides some information about 
an object —typically a number— in the form of bounds, is said to be effective!. 
The above non-constructive proof is effective. Likewise, the estimate of the size 
of the nth prime number given by theorem 7.4 (p. 163) may be characterised as an 
effective version of Euclid’s theorem. 


In the mathematics literature the meaning of ‘constructive proof’ 1s sometimes 
extended to include methods that, while not providing an actual object, provide an 
algorithm for constructing the object. 


8.2 Unique existence 


Unique existence is a stronger version of existence: 


There is exactly one element of X having property 4. 


1Some authors use “effective” to mean ‘constructive’. 
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where, as usual, X is a set and “ is a predicate over X. For example: 


The equation f(x) = 0 has exactly one solution. 
The sets A and B have only one point in common. 
The function g has precisely one stationary point. 


The matrix M has a unique real eigenvalue greater than 1. 


The expressions ‘exactly’, ‘only’, ‘precisely’ differentiate unique existence from 
existence. 
Unique existence is a hidden conjunction; the conjuncts are 


EXISTENCE: There is one element of X with property 4. 


UniQuENEss: If x,y € X have property Y, then x = y. 


The corresponding symbolic expression is overloaded: 
(Ax EX, P(x) A xy EX, (A(x)A Aly)) > (x= y)) (8.1) 
and to simplify 1t we introduce a new quantifier 3! denoting unique existence: 
Axe X, P(x). 
For example, given a function f : X — Y, the concise expression 
VyEY, J!'xeX, f(x) =y 


states that f is bijective. 

In chapter 7 we proved (twice) that any integer n greater than 1 is a product of 
primes. For each n, this statement asserts the existence of an unspecified number 
of primes. The fundamental theorem of arithmetic upgrades existence to unique 
existence. 

Theorem. Every natural number greater than I may be written as a product of 
prime numbers. This representation is unique, apart from re-arrangements of the 
factors. 


The expression ‘apart from re-arrangements of the factors’ gives the impression of 
lack of uniqueness. This is not the case: the theorem states that there exists a unique 
multiset of prime numbers (see section 2.1) with the property that the product of its 
elements is the given natural number. Alternatively, there is a unique set of pairwise 
co-prime prime-powers with the same property. 
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In a proof of unique existence the conjuncts are normally proved separately, in 
either order. 


Theorem. The identity element of a group is unique. 

The group axioms were given in section 6.1. The existence of an identity ele- 
ment does not require a proof, being an axiom (axiom G3). We only have to prove 
uniqueness. 


Proor. Let us assume that a group has two identity elements, <>1 and 2. Applying 
the axiom G3 to each identity element, we obtain 


01002 =%1 01002 = 2 


and hence $1 = $2. L 


Theorem. For every set X and subset Y, there is a unique set Z such that Y U Z = X 
and Y QZ = 0. 


Proor. Let Z = Xx Y. By construction, Y OZ = Ø. Since Y UZ is a subset of X, 
and every element of X belongs to either Z or Y, we have Y UZ = X. So a set Z with 
the required properties exists. 

To prove uniqueness, assume that Z is a set with the stated properties. Then, 
since Y UZ = X, Z must be a subset of X, and it must contain all elements of X that 
aren't in Y. So Z must contain Xx Y. 

Since Y N Z = 0, the set Z can’t contain any elements of X that are in Y. So Z 
mustbeXx Y. LU 


The existence part of this proof is constructive. For this reason, the proof of 
uniqueness does not establish the second conjunct in (8.1) explicitly. Rather than 
considering two objects with the stated properties and showing that they are the 
same, we consider a single object and show that 1t 1s the same as the one defined in 
the existence part. 


Theorem (Fermat). The only natural numbers x for which 1+x Jx Ay isa square 
are x= 1 andx=7. 


Proving existence is immediate: 1 + 1+1? +1? =2*, 1+7 +7? +P = 20°. 
Uniqueness is much harder, see [11, pp. 38, 382]. 
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9.3 Definitions 


Definitions are closely related to unique existence. When we define a symbol or 
a name, we must ensure that this quantity actually exists, and that 1t has the stated 
properties. A definition may identify a unique quantity (Let a be the length of a 
diagonal of a regular pentagon with unit area), or specify membership to a unique 
non-empty set (Let p be a prime such that p +2 1s also prime). If these conditions 
are met, then our object is well-defined; otherwise it is ill-defined. 

Let us begin with definitions of sets. Here there is a distinctive safety net: if 
the conditions imposed on a set are too restrictive, then this set will be empty rather 
than ill-defined. Nonetheless, we should be alert to this possibility, because the 
consequences of an empty definition could be more serious than formally correct 
nonsense. For example, consider the following definition: 


Let M be the set of 2 by 2 integral matrices with odd entries and unit 
determinant. 


The set .4 is empty because the determinant of a matrix with odd entries is an even 
integer, and so it cannot be 1. It’s easy to run into trouble now: Let M € M. 

Less trivially, a set defined by several conditions could be the solution set of a 
system of simultaneous equations, which is the intersection of the solution sets of 
the individual equations. If an empty intersection is possible, then the definition 
should flag it: 


Let Aj,...,An be sets, and let A denote their (possibly empty) common 
intersection 


n 
A = ( |Ak 5A NAN: Ap. (8.2) 
k=1 


For n > 2, the set A is well-defined, because the intersection operator is associative. 
For n = 1, the meaning of formula (8.2) 1s unspecified, but an experienced reader 
will interpret it as meaning A = A. So a separate treatment is not necessary in 
this case. If n = 0 the only possible meaning is A = Ø. The style of this defini- 
tion suggests that n must be positive; otherwise a clarifying remark would become 
necessary. 


Next we consider an innocent-looking integer sequence whose existence is more 
delicate than expected. 


Let q, be the smallest prime number with n decimal digits. 
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Does such a prime exist for all n? Let’s look at the first few terms of the sequence: 
(qn), = (2, 11, 101, 1009, 10007,...). (8.3) 


In all cases, the prime g, lies just above 10”~!, and it seems unavoidable that there 
is at least one prime between 10”~! and 10”. 

However, given that there are arbitrarily large gaps between consecutive primes”, 
an argument is needed to rule out the possibility that a large gap could include all 
integers with n digits, for some n. Such an argument is not elementary, and we 
shouldn’t keep the readers pondering on this. So the definition of the sequence (qn) 
should incorporate a remark or a footnote of the type: 


This sequence is well-defined due to Bertrand’s postulate?: for alln > 1 
there is at least one prime p such thatn < p < 2n [14, p. 343]. 


A function definition f : A — B requires specifying two sets, the domain A and 
the co-domain B, as well as a rule that associates to every point x € A a unique 
point of f(x) € B. For the function f to be well-defined, we must ensure that the 
specification of A and of the rule x —> f(x) do not contain any ambiguity. 

By contrast, there is flexibility in the specification of the co-domain B, in the 
sense that any set containing f(A) may serve as a co-domain. Formally, different 
choices of B correspond to different functions, although such distinctions are often 
unimportant. But then why don’t we always choose f(A) as co-domain? This would 
have the advantage of making every function surjective. The problem is that we may 
not know what f(A) is, or the description of f(A) may be exceedingly complicated. 

For instance, let us return to the sequence qn given in (8.3). Writing 


qn = 10"! +an (8.4) 
we find 
CA UA E 
Let us now define the function 
f:N-N  f(n)=as. 


This function is well-defined but we have limited knowledge of the image f(N). It 
can be shown that f(N) cannot intersect any of the sets 2N, (2+3N), and 5N, but 
we don’t know if there are other constraints —see exercise 9.3.3 p. 202. 


*For n > 1, the integer 1 +n! is followed by n— 1 composite integers. (Why?) 
3Conjectured by Joseph Bertrand (French: 1822-1900) in 1845. Proved by Pafnuty Chebyshev 
(Russian: 1821-1894) in 1850. 
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9.4 Recursive definitions 


Recursion is a method of defining sequences which is connected to the principle of 
induction. This construct can deliver great complexity from minimal ingredients. 

We have pointed out that a sequence (az) corresponds to a function over N, 
whereby a; represents the value of the function at the point k € N. The existence 
of such a function does not necessarily imply that its values are easily recoverable 
from the definition of the sequence. For example, we don’t know any ‘useful’ way 
to express the Ath prime number as an explicit function of k. In absence of an 
explicit formula for the elements of a sequence, we seek to represent az.  1n terms 
of az. These are recursive sequences, which are defined by two data: the first term 
of the sequence, called the initial condition, and the rule which determines a term 
from the previous one. 

For instance, the factorial sequence n! = 1-2-3 --- n, can be defined recursively 
as follows: 

O!=1 (k+1)! =(k+1)-K! k > 0. (8.5) 


This definition, in effect, specifies the order in which the product is computed. 
Likewise, the nth derivative git) of a function g is defined by the recursive rule 


g(x) = g(x) ght) (x) = — 


More generally, given any set X and any function f : X — X, we define a recur- 
sive sequence (az) of elements of X as follows: 


a EX given; ari = flak), kèl. (8.6) 


The first term of the sequence (the initial condition) is given. Because f is a func- 
tion, if az is well-defined for some k > 1, then so is ag+1. The induction principle 
then ensures that the whole sequence is well-defined. Since each initial condition 
in X gives rise to a sequence, we get lots of sequences from just one function! 

The term az, 1 of a recursive sequence may depend on d > 1 preceding terms, 
not just the last one: 

Ak+1 = f (ax, Aki»... „ak-d+1)- (8.7) 

In this case we have f : Xf — X, and d is called the order of the sequence. In a 
recursive sequence of order d, the first d terms of the sequence must be supplied 
explicitly because they don’t have the required number of preceding terms. These 
sequences have d initial conditions and they are well-defined by virtue of strong 
induction. 
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The Fibonacci sequence’ is a second-order sequence: 


ay = 1; a Ap+1 = f (ae, ax-1) =n +ar-1) kèl. 
We find 
(1, 1,2,3,5,8, 13,21,34, 55,89, 144,...). 


Because the term ay_1 = ax,1 — az is a well-defined function of the following two 
terms, we can extend the Fibonacci sequence backwards to obtain a doubly-infinite 
sequence: 


sj 8. 53-91, 1.0, 11,9358 OL so): 


A recursive sequence that can be extended backwards is said to be invertible. Thus 
the Fibonacci sequence is invertible. 

The behaviour of a recursive sequence may be quite unpredictable, as the fol- 
lowing example illustrates. We define the integer function 


pa if x is even 
X > 


:N>N 
aye aadd 


and then we consider the associated first-order recursive sequence: 


xo=n Ar~ f(x), 1>0. (8.8) 
The initial condition xy = 1 leads to a periodic sequence 
(1,4,2,1,4,2,1,...) (8.9) 


consisting of indefinite repetitions of the pattern (1,4,2). If instead we start with 
xo = 7, we find 


(7,22, 11,34, 17,52, 26, 13,40, 20, 10,5, 16,8,4,2, 1,4,2, 1,...) 


so, after an irregular initial excursion, the sequence settles down to the same pe- 
riodic pattern as the previous sequence. The analysis of the sequences (8.8) for 
general initial condition n presents formidable difficulties, which are distilled into a 
famous unsolved problem, the so-called ‘3x + 1’ conjecture [41]: 


Conjecture. For any n, the sequence (8.8) contains 1. 


This conjecture states that all these sequences are eventually periodic and that 
they reach the same periodic pattern. 

We remark that any open conjecture leads to objects whose existence is at 
present undecidable. We explore this issue in exercises 8.4 and 9.3. 


“Leonardo Pisano, known as Fibonacci (Italian: 1170-ca.1240). 
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8.5 Wrong definitions 


As we did in section 6.7 for logical arguments, we consider here some common 
mistakes made in definitions. A faulty definition may imply that the object being 
defined does not exist at all, or that it is not the one we had in mind, or that there is 
more than one object that fits the description. 

We begin with an incorrect function definition which can be put right in several 
ways. 


WRONG DEFINITION. Let f be given by: 
f:Q>0 == +l. 


The mistake is plain but fatal: the expression f(x) involves the unspecified quan- 
tity y. As defined, f is not a function. There are many legitimate interpretations of 
what this formula could mean, each resulting in a different function. 

1. We re-define the domain, supplying the missing information via a second 
argument. 


f:0>0Q f(xy) =x y+. 


In this definition y is also rational; clearly there are other possibilities. 
2. The missing argument is regarded as a parameter (see section 5.1). 


fx, :Q—Q fx (x) =Ax? +1 A EQ. 


We have highlighted the change in status of the variable y by switching to the Greek 
alphabet, and turning it into a subscript. For every value of A, we have a different 
function. 

3. The missing argument is regarded as an indeterminate. In this case f(x) is a 
polynomial in y, and we must re-define the co-domain of f accordingly. 


f:Q => Qb] f(r) =ry+1. 


The symbol Q[y] denotes the set of all polynomials in the indeterminate y with 
rational coefficients (see section 2.4.1). To avoid confusion, we have replaced x 
with a symbol that normally is not used for an indeterminate, and which reminds us 
that this variable is rational. 


In the second example, the existence of a function requires more conditions than 
those given. The definition relies on a hidden assumption, so that using it adds extra 
information (we say that the definition 1s creative). 
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WRONG DEFINITION. Let A and B be sets, and let f,g : A — B be functions. We 
define the function h = f + g as follows: 


h:A—>B x= f(x) +e(x). 


The hidden assumption is that the elements of the co-domain can be added to- 
gether. However, B may be a set where addition is not defined (e.g., f and g are 
predicates) or which is not closed under addition (e.g., B is an interval). We give a 
more restrictive definition without hidden assumptions. 


DEFINITION. LetA be a set, let B be a set closed under addition, and let f, g : A — B 
be functions. ... 


In the next example we attempt to extend to modular arithmetic the concept of 
the reciprocal of an element, but our definition has a hidden assumption. 


Wronc Derinition. Let m be a natural number, and let a be an integer. If |a|m A 
[0],,,, then we define the multiplicative inverse [a],,' as follows: 


la], = bln where {alm[b]m = [1m. 


Take m = 6 and a = 3. We have [3]¢ Æ [0]6, but the equation [3]6|x]6 = [1]¢ has 
no solution. What went wrong? We have assumed that the implication 


if a#0 and ab= ac, then b=c, 


which is valid for real or complex numbers, is also valid for congruence classes. 
Requiring that [a], + [0]m, namely that a is not divisible by the modulus is not 
enough; for this implication to hold, we must assume that a is co-prime to the 
modulus. 


DEFINITION. Let m be a natural number and let a be an integer co-prime to m. We 
define the multiplicative inverse [a],,* of [a], as follows. .. 


In the following definition both existence and uniqueness are problematic. 


WRONG DEFINITION. Let p € Z|x], and let z, be the root of p having smallest mod- 
ulus. 

If p has degree zero, then zp does not exist, so this definition relies on the hidden 
assumption that p has positive degree. If z, exists, then 1t may still not be unique 
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1.3 ELECTRIC CURRENT 


Electric current is the flow of electric charge in the form of free electrons. Current is measured by the number of 
free electrons passing a particular point within a circuit per second. Therefore the flow of charge per unit second 
defines the amount of electric current. When the charge moves at the rate of 6.25 x 10'? electrons flowing past a 
given point per second, the value of the current is one ampere. This is the same as saying one coulomb of charge 
per second. 


The SI (International System of Units) unit of current is the ampere with letter symbol A. A constant current has 


symbol I, while a time-varying current has a symbol i for intensity. Mathematically we can define the relationship 
between charge (Q) and electric current (I) as: 


Where: 


O(coulombs) | = Average Current flowing 


I(amperes) = 
t(seconds) Q = Total Charge passing a fixed point 


t = Time taken to pass point 


Electric current has a direction associated with it. Conventional current flow is 


in the direction of positive charge movement from positive to negative. An electric current of one 
Electron flow is in the opposite direction from negative to positive. The arrow ampere flows in a circuit 
in a circuit specifies the direction of positive current flow. when a charge of one 


coulomb passes a given 
In solid metals only negatively charged free electrons move to produce a 


current flow, the positive protons can not move. But in a liquid or a gas, both 
the positive protons and negative electrons move to produce a current flow. 


point in one second 


Since electric circuits consist almost entirely of solid metal conductors such as copper wire, only negatively charged 
electrons produce a current flow. Current is also a measure of how intense or concentrated the electron flow is. 


1.4 POTENTIAL DIFFERENCE 


When two positive charges or two negative charges are brought near to each other they repel while a positive and 
negative charge are attracted to each other. Then a charged particle has the ability to do work. The ability of a 
charged particle to do work is called an electric potential. Thus two dissimilar charges have a difference of potential 
and the unit of potential difference (pd) is called the volt. 


The volt unit of potential difference, named after Alessandro Volta (1745-1827), involves work which is the measure 
of the amount of work required to move an electric charge, which in turn involves force and distance. The SI unit of 
work is the joule with unit symbol J, the SI unit of force is the newton with unit symbol N, and the SI unit for distance 
is the meter with unit symbol m. 


W (joules) = N (newtons) x m (meters) 


Energy is the capacity to do work. Potential energy, which is the energy a body has because of its physical position. 
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(e.g., p= x’ +1), but the use of the definite article (‘the root”) implies that it 1s. 
Requiring that p be non-constant solves the existence problem. The way we address 
uniqueness depends on the context. If we merely require that no root of p has 
smaller modulus than zp, then we don’t need uniqueness. 

DEFINITION. Let p € Z[x] with deg(p) > 0, and let zp be a root of p with smallest 
modulus. 

This definition does not identify zp; it tells us that zp is a member of a well- 

defined non-empty set, but this set may have more than one element. If, on the 
other hand, we require a specific complex number, then we must supply additional 
information. In the following definition we impose a particular condition on the 
argument of zp, making sure that there is no ambiguity. 
DEFINITION. Let p be a non-constant polynomial with integer coefficients, and let 
Zp be the root of p with smallest modulus; if there is more that one root with this 
property, then let z, be the one with smallest argument (with 27 < arg(z) < 0). 

In our final example, the definition hides a subtle lack of uniqueness. 


Wronc Derinition. Let x € [0,1], and let f be the function that associates to x its 
binary digits sequence 


F:[0,1 > {0,138 — xu>(c],c2,...), 
where A 
Ck 
= y 5 c {0,1}. 8.10 
x ES ck E {0,1} (8.10) 


(The co-domain of f is the set of all infinite binary sequences, see section 5.2.) 
What's wrong with this definition? Consider the rational numbers 


l ar. al 
n= y 5 Le n n> 1. 


If we write x, in the form (8.10), then the above identity shows that there are two 
binary representations, namely 


(0,---,0,1,0,0,0,...) and (0,---,0,0,1,1,1,...). (8.11) 
A rane 
n— n— 


So the function f is not uniquely defined at these rationals and, more generally, at 


all rationals of the form l 
P 


Yat 
k n 
ial 2 
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where c1,...,Cn—1 are arbitrary binary digits. 
We resolve this ambiguity by choosing consistently the first of the two digit 
sequences in (8.11). 


DEFINITION. Let x € [0,1) be given by 
x=} > cx € {0,1}. 


Without loss of generality, we assume that all sequences (cg) contain infinitely many 
zeros. Let now f be the function that associates to x its binary digit sequence 


f :[0,1) — {0,1} XH (C1,C2,...). 


Exercises 
Exercise 8.1. Use Dirichlet’s box principle to prove the following statements. 
1. Given any five points in the unit square, there are two points whose distance 
apart is at most 1/y2. 


2. In any finite group of people, there are two people with the same number of 
friends. 


3. Every recursive sequence of elements of a finite set 1s eventually periodic. 


Exercise 8.2. Each function definition contains an error. Explain what 1s the error, 
and how it should be corrected. 


] 
2. f:RTR xRevVx-1 


3. f:Q0>Z = = a=b] 


4. f:Z3Z  nonZa(n+DZ. 


184 CHAPTER $. EXISTENCE AND DEFINITIONS 


Exercise 8.3. The following definitions have several flaws. Explain what they are, 
hence write a correct, clearer definition. 


l. Let a = (b,,b2,...) be a given sequence of elements of B. We define the 
function 


f:Z=>B  f(m)=Y b;'. 


k=1 


2. Let X be a subset of R, and let f(X) be the number of integers in X, namely 
f:RTN FOO =HxEXNxEZ). 
Exercise 8.4. Use each conjecture to define a function whose existence cannot be 
decided at present. 
1. The twin-primes conjecture (section 6.6). 
2. The Goldbach conjecture (section 6.6). 


3. The 3x+ 1 conjecture (section 8.4). 


Chapter 9 


Writing a thesis 


The highlight of undergraduate mathematical writing 1s the report on a final year 
project, called a thesis or dissertation. This document has a distinctive structure, 
in between a short book and a research paper. A thesis surveys a body of advanced 
literature and presents original work. At undergraduate level, usually the former 
outweighs the latter. 


Writing a thesis is an irreplaceable experience in university education. This 
document can reveal a great deal about the author’s knowledge, understanding, cu- 
riosity, and enthusiasm. Examination scripts do not convey so much information. 


One doesn’t learn how to write a thesis by reading an instruction manual. The 
thesis will take shape gradually, as a result of regular interactions between stu- 
dent and supervisor. The document’s high-level organisation —number of chapters, 
outline of their content— is normally considered at a relatively early stage of the 
project. Planning will also suggest appropriate headings and will aid the sequenc- 
ing of the arguments. Periodic reviews of work in progress may alter priorities, 
or even re-direct the research. The writing process culminates with the exercise of 
proof-reading, in itself a valuable, if painstaking, experience. 


In this chapter I give an overview of the structure of a thesis, and then discuss 
selected aspects of writing —choosing the title, writing the abstract, compiling the 
bibliography— where analysing examples may be helpful. I also include a brief in- 
troduction to IATRX, the software adopted by the mathematical publishing industry. 
Most theses are now typeset in BIEX. 
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9.1 Theses and other publications 


A thesis is a substantial document. Its length varies considerably, depending on 
level, topic, and institutional requirements. An undergraduate thesis could be some 
fifty pages long. There are also theses at master and doctoral level, called MSc and 
PhD theses respectively”. 

A good undergraduate thesis may rise to the level of a master thesis. A doc- 
toral dissertation is longer, has greater depth, and more original research. The 
brief guidelines given in this chapter apply to any thesis. For further reading, see 
Higham’s book [18], which devotes two chapters to PhD theses and has an extended 
bibliography. 

A thesis is subdivided into heading, body, and closing matters. The heading 
supplies essential information: title, abstract, table of contents, acknowledgements. 
One may also find lists of mathematical symbols, figures, and tables, which some 
institutions require explicitly. Title and abstract define the subject matter; we'll 
consider them in some detail in sections 9.2 and 9.3. IATRX will take care of the me- 
nial task of compiling the table of contents. The acknowledgements is a paragraph 
where the author thanks people for their guidance and support (the supervisor, typ- 
ically), for useful discussions, for pointing out things, or for allowing the author to 
use their text in the thesis. 

The body contains the bulk of the material, organised into chapters, sections, 
and, if appropriate, sub-sections. The first chapter is the introduction, written so 
as to make the thesis self-contained. Here we find motivations, background mate- 
rial and key references, enough details to be able to grasp the main results, and a 
description of the content of the rest of the thesis. 

The length of individual chapters may vary, but each chapter must be a sub- 
stantial component of the whole, with a clear identity. A brief closing chapter is 
desirable if not compulsory. This is an opportunity to re-visit ideas and results from 
an informed perspective, discuss limitations of the work, identify open problems, 
and chart directions of future research. 

Any accessory material which should not interfere with the main text (data ta- 
bles, computer programs, tedious proofs, etc.) 1s confined to appendices. The last 
item in a thesis is the bibliography, listing the sources cited in the text; it’I] be con- 
sidered in section 9.4. 

There is a symbiotic relationship between a thesis and a research paper; the 
higher the level of the thesis, the stronger the bond. At doctoral level, research 


l Acronyms for Master of Science and Philosophy Doctor. 
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papers lead to a thesis, or are extracted from it after the thesis 1s completed. At un- 
dergraduate level this connection 1s necessarily more remote, yet a research element 
must be present in every respectable thesis. 

But a thesis is not a research paper. A research paper communicates new results 
to specialists, invariably within tight space constraints. It is seldom self-contained: 
sketchy motivations, unexplained jargon, and terse citations are commonplace. A 
thesis and a paper also differ in format. A paper is shorter, divided into sections, not 
chapters, while its simpler navigation renders a table of contents unnecessary. 

A thesis is not a book either. A book covers thoroughly a body of established 
material. It is longer than a thesis, and we expect it to be wholly self-contained. 
A book begins with a preface, which is neither an abstract nor an introduction, but 
a bit of both. It is rare to find a book without exercises in each chapter, and even 
rarer one without a subject index at the end. (Notably, the celebrated book [14] has 
neither.) A textbook, being conceived as teaching material, may offer solutions or 
hints to exercises. This is a modern trend: hardly any of the classic, timeless math- 
ematics textbooks provided solutions or hints to exercises —a fact worth pondering 
on. Some advanced publications resemble theses: the review articles, published 
in dedicated research journals, and the research monographs, published as books, 
usually within a collection. These are a sort of advanced theses, which collect to- 
gether previously published works. They usually appear when a new research area 
has reached maturity. 

Most scholarly publications are specialised; they are not intended for the gen- 
eral public. So how narrow should the target audience of a thesis be? This is largely 
a question of personal taste. Conscious decisions must be made from the very be- 
ginning, because the title, the abstract, and the first paragraphs of the introduction 
will set the tone for the rest of the document. 

Let us inspect the opening sentences of some theses and research papers, to see 
how strongly the character of the work is established with just few words. Later on, 
we shall analyse titles and abstracts from the same perspective. 


Our first example is a master thesis (from [33], with minor editing). 


Let GL(d, q) denote the general linear group of invertible d x d-matrices 
over the finite field F4 with q elements. In computational group theory, 
it is of interest to calculate the order n of an element A € GL(d, q), i.e., 


n=minf¡eN: A =I} 


where / is the d x d identity matrix. The integer d can be large, e.g., 
d > 100. 
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The style 1s formal, with definitions and symbols appearing straight away. The jar- 
gon (general linear group, finite field, order of a matrix, etc.) and the corresponding 
notation (GL(d,q), F4, etc.) belong to standard introductory algebra. The author 
still provides brief explanations, which convey an impression of helpful, consider- 
ate writing. This document promises to be accessible to any mathematically mature 
reader, a desirable feature of any undergraduate thesis. 


Our next example, from a thesis in geometry [15], illustrates a completely dif- 
ferent expository strategy. 


In 1984, Schechtman et. al. [SGBC84] announced that the symmetry 
group of an aluminium-manganese alloy crystal, produced by rapid 
cooling, was that of the icosahedron. Such a symmetry is not possi- 
ble for a periodic structure in three dimensions. This discovery brought 
down a long-held assumption in crystallography, that the only struc- 
tures with some sense of long-range order were periodic. 


The thesis begins with an account of the surprising outcome of a physics experi- 
ment. (We shall learn about literature citation in section 9.4.) The author tells a 
story, skillfully building some drama. The near complete absence of mathematical 
terms —formal definitions and symbols are given much later— makes this excerpt 
very inviting. An engaging, accessible style is welcome in any publication, at any 
level. 

A thesis can be highly specialised. One could use the established dictionary of a 
particular research area, without explanations or apologies, from the very beginning. 
This choice undoubtedly simplifies the writer’s task, but it creates problems for 
the readers, thereby reducing the readership basis. This is legitimate, as long as 
the jargon is used wisely to sharpen the exposition, not gratuitously to impress the 
reader. 

The following opening passage is taken from a PhD thesis in the area of ergodic 
theory [3]. 


Ergodic optimisation is a branch of the ergodic theory of topological 
dynamics which is concerned with the study of T-invariant probabil- 
ity measures, and ergodic averages of real-valued functions f defined 
on the phase space of a dynamical systems T : X — X, where X is a 
compact metric space. 


This sentence explains the meaning of the expression ‘ergodic optimisation’, which 
features in the thesis’ title. To achieve this within a limited space, the author relies 
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on the reader’s familiarity with half a dozen advanced concepts. Three important 
symbols are also defined in the same sentence. Undeniably, this thesis is for spe- 
cialists. 

In research papers, extremes of specialisation are accepted, or at least tolerated. 
Some editors insist —wisely, in my view— that the author provide clear motiva- 
tions and a minimum of background, but this requirement is by no means universal. 
Papers that begin with a dry, unmotivated list of definitions are not uncommon. The 
following opening paragraph of standard definitions appears unchanged in three re- 
lated publications. [26, 27, 28]. 


Let K be an algebraic extension of Q,, and let @ be its integer ring with 
maximal ideal .4, and residue field k. If K is and algebraic closure of 
K, we denote by @ and .4 be the integral closure of Ê in K and the 
maximal ideal of @, respectively. 


In the following extreme example, the author disposes of definitions altogether [6]. 
1. Introduction. The notation used is that of [2]; in particular ... 


One cannot proceed without the cited publication (by the same author). Only a 
committed reader will accept such a blunt treatment. 


9.2 Title 


The title provides an essential description of the content of a document. The titles of 
research papers compete for attention with other titles in journals, bibliographical 
lists, databases, etc. They help the reader decide whether to read on. A thesis has a 
captive readership —the examiners— so this problem does not arise immediately. 
Nonetheless, a good title can do a lot to give the thesis its unique identity, so it’s 
worth spending some time thinking about it. 

A title is a short phrase without symbols. To get an idea of the wide range of 
possibilities, we now examine titles of various types of publications, and assess the 
suitability of the title for a thesis, possibly after amendments. Alongside each title 
we display the bibliographical data —see section 9.4. 

Introductory real analysis [A. N. Kolmogorov and S. V. Fomin, Dover Publi- 
cations, New York (1970).] The term ‘introductory’ immediately calls to mind a 
textbook, so this term is out of place in a thesis’ title. The shorter title Real analysis 
would be much too general for a thesis, as it defines a vast area of mathematics. 
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Making transcendence transparent. (Subtitle: An intuitive approach to classical 
transcendental number theory.) [E. Burger and R. Tubbs, Springer-Verlag, New 
York (2004).] Subtitles can be quite effective. In this example, the title has an 
appealing alliteration, while the subtitle spells out the title’s promise. However, the 
title’s pedagogical slant and broad take are again the signature of a textbook, not a 
thesis. 

Algebraic aspects of cryptography [N. Koblitz, Springer-Verlag, Berlin (1998). ] 
The subject area covered by this textbook appears to be narrower than in the pre- 
vious examples, whereas in fact it is still rather broad. If this title were used in a 
thesis, an expert would probably expect a literature survey. A thesis with an original 
research component would require a more specific title. 

The arithmetic-geometric mean of Gauss. [T. Gilmore, MSc thesis, Queen 
Mary, University of London (2012).] As the reference to Gauss suggests, this topic 
is classical, and an expert will know that the arithmetic-geometric mean is con- 
nected to many deep mathematical theories. So this is a good title for a thesis, even 
if there is no indication of what might be the original contribution. 

On the zeros of polynomials with restricted coefficients [P. Borwein and T. Erde- 
lyi, Illinois J. Math. 41 (1997) 667—675.] This is a rare instance of a research prob- 
lem with a concise and non-technical description, which makes a good title. The 
preposition “on” lends an authoritative tone to it, promising some general result. 

Toward a theory of Pollard’s p-method [Eric Bach, J. Information and Compu- 
tation 90 (1991) 139-155.] A very eloquent title. It suggests that the method being 
considered was not supported by a theory, and that some progress has been made. 
This would be an ideal title for a thesis. The use of the symbol p is justified, because 
the aforementioned method is invariably associated to it. 

A complete determination of the complex quadratic fields of class number one 
[H. M. Stark, Michigan Math. J. 14 (1967) 1-27.] The forceful, unambiguous title 
of this well-known publication announces the solution of a long-standing problem. 
Such an assertive style suits well a research paper with a strong result; the trimmed 
version Quadratic fields of class number one could be the title of a thesis. 

Diophantine integrability [R. G. Halburd, J. Phys A: Math. Gen. 38 (2005) 
1—7.] This title is short and effective. Each term has an established meaning in 
a specific area of mathematics, and the unexpected juxtaposition of the two terms 
suggests interdisciplinarity. This title would be perfect for a thesis. 

Outer billiards on kites [R. E. Schwartz, volume 171 of Annals of Mathematics 
Studies, Princeton University Press, Princeton and Oxford (2009).] The title of 
this research monograph cleverly exploits double meanings. Both terms ‘Outer 
billiards’ and ‘kites’ are mathematical, but not many readers will be familiar with 
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them. The unlikely significance that this phrase would have in ordinary English is 
bound to raise interest among a general mathematical audience. 

Euclidean algorithms are Gaussian [V. Baladi and B. Vallée, Journal of Num- 
ber Theory 110 (2005) 331-386.] Summarising a result with a sentence makes an 
effective title for a research article, but perhaps less so for a thesis. The variant 
Probabilistic aspects of Euclidean algorithms is not so specific, and would work 
better for a thesis. 

Metric number theory: the good and the bad. [R. E. Thorn, PhD thesis, Queen 
Mary, University of London (2004).] An excellent thesis title, enlivened by a colon. 
After announcing the research area (metric number theory), a clever reference to an 
epic Western provides a hint to the specific topic (badly approximable numbers). 

To persist or not to persist? [J. Holfbauer and S J Schreiber, Nonlinearity 17 
(2004) 1393-1406.] This paper is about ‘uniformly persistent vector fields”, and 
the author has transformed the subject matter into a Shakespearean question. Such 
a self-conscious title must be supported by strong content. 

It is easy to determine whether a given integer is prime, [Andrew Granville Bul- 
letin of the American Math. Soc. 42 (2005) 3-38.] Another title-sentence, with 
the added bonus of being provocative, because primality testing is a notoriously 
difficult problem. A fair deal of self-confidence is needed to choose a title of this 
kind. (This paper won the author the Chauvenet prize, awarded by the Mathemat- 
ical Association of America to the author of an outstanding expository article on a 
mathematical topic.) 


9.3 Abstract 


An abstract is a short summary of a document. If well-written, it complements the 
title and sustains the reader’s attention. The abstract of a research paper is placed 
immediately after the title, on the front page. In a thesis, where space constraints 
are not so severe, the abstract usually appears on a separate page. 

It is difficult to compose a convincing abstract before the work has been com- 
pleted, understood, and written out. So the abstract —the first thing one reads— 
is typically the last thing to be written. The main results must be in evidence, ex- 
pressed with precision and clarity; at the same time, specialised jargon should be 
reduced to a minimum, so as not to alienate potential readers. A delicate balance 
must be achieved between these conflicting requirements. 

Abstracts are short, rarely exceeding 200 words. The use of symbols is to be 
reduced to a minimum, the space is confined and every word counts. The exercise 
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In electronics, potential difference is commonly referred to as voltage, with the symbol V. Sometimes the symbol U 
or E for emf (electromotive force) is used, but the standard symbol V represents any potential difference. This 
applies either to the voltage generated by a source such as a battery or solar cell, or to the voltage dropped across a 
passive component such as a resistor. 


The voltage difference (also called potential difference) between two points is the work in joules required to move 
one coulomb of charge from one point to the other. The SI unit of voltage is the volt and is given as: 


Where: 
W (joules) V = is the Voltage in Volts 


Q(coulombs) W= jis the Work done 


Q = Total Charge passing a fixed point 


V (volts) = 


A constant voltage is called a DC voltage and a voltage that varies sinusoidally 
with time is called an AC voltage. A voltage source such as a battery or solar cell 


provides a constant DC voltage, for example 12 VDC. A voltage source such as The potential difference 
an alternator or generator provides an alternating AC voltage, so for example between two points is 
240 VAC. 


one volt if one joule of 


ae a kisd displaci 
If point a is positive with respect to point b, moving a positive charge arounda | > Peas 


closed circuit from a to b (or a negative charge from b to a) requires work. The 
difference between the two points is the voltage polarity. This voltage polarity is 
indicated by a positive sign ( + ) at point a and a negative sign ( - ) at point b. 


one coulomb of charge 


In the circuit the arrow indicates the direction of current flow. If the arrow points in 
the same direction of the positive charge carriers (conventional current flow) the 
numeric vale of the current receives a positive sign, +2A. If current flow is 
opposite (electron flow), the numerical value receives a minus sign, -2A. The sign 
indicates the direction of current flow with the arrow ( + ) or in reverse ( - ). 


Then Conventional Current Flow gives the flow of electrical current from positive 
to negative and Electron Current Flow around a circuit from the negative 
terminal to the positive. The item which provides a path for the electrons to flow is 
called a conductor. 


The polarity of the voltage is also indicated by the direction of an arrow. If the 
arrow points from more positive to more negative potential, the numerical value of 
the voltage has a positive sign, +6V. If it points from a more negative to a more 
positive potential, then the numerical value receives a minus sign, -6V. 


The battery symbol is often used to denote a DC voltage source, but it may not 
always be a battery. Usually the positive ( + ) and negative ( - ) signs are not 
shown because, by convention, the long end line denotes the positive terminal 
(the Anode) and the short end line the negative terminal (the Cathode). Thus, it is not necessary to put + and - signs 
on the diagram. 


For more information visit our website at: www.electronics-tutorials.ws 


02013 Basic Electronics Tutorials | www.electronics-tutorials.ws Page 5 


192 CHAPTER 9. WRITING A THESIS 


of writing MICRO-ESSAYs (see section 5.7) is good training for writing abstracts, as 
both tasks require similar rigour and discipline. 

We now examine in detail abstracts taken from mathematical literature. They 
are less than optimal, and we seek to improve them. (The original text has been 
edited, mainly to protect anonymity.) We don’t intend to produce templates of well- 
written abstracts —this would be futile, as no two abstracts are the same. Rather, 
we want to sharpen our analytical skills, learn how to spot problems and find ways 
to solve them. For this purpose, understanding the mathematics is not essential. 
Indeed, dealing with some unknown words and symbols has a certain advantage, 
as one must pay attention to the writing’s internal structure. We have met a similar 
situation in chapter 6, when we learnt how to organise the beginning of a proof. 


Our first example, from a research paper, exemplifies a rather common problem: 
the use of unnecessary symbols. 


ABSTRACT. Let F be a rational map of degree n > 2 of the Riemann 
sphere C. We develop a theory of equilibrium states for the class of 
Holder continuous functions f for which the pressure is larger than 
sup f. We show that there exists a unique conformal measure (refer- 
ence measure) and a unique equilibrium state, which is equivalent to 
the conformal measure with a positive continuous density. 


The fault is plain: the symbols F, n, and C are introduced, but not used again in the 
abstract, breaking the first golden rule of symbol usage —see section 5.2. Unused 
symbols distract rather than help. Even if these symbols are used again in the main 
text, the abstract is not the place where the notation is to be established, and these 
definitions should be deferred. On this account, the symbol f in the second sentence 
is used appropriately. Embedded in the second sentence we find the abbreviation 
“sup”, for ‘supremum’. This abbreviation (much like ‘max’, for maximum, or ‘lim’, 
for limit) is meant for formulae, and should not be mixed with words. So we replace 
it by the full expression. 

Re-writing the first sentence without symbols and amending the second sentence 
do not require any understanding of the mathematics. We leave the third sentence 
as it is. 


ABSTRACT. We consider rational maps of the Riemann sphere, of de- 
gree greater than one. We develop a theory of equilibrium states for the 
class of Holder continuous functions f for which the pressure is larger 
than the supremum of f. We show that... 
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The symbol f in the second sentence is not strictly necessary, and can easily be 
disposed of. 


We develop a theory of equilibrium states for the class of Hólder con- 
tinuous functions for which the pressure is larger than the supremum of 
the function. 


The next abstract belongs to a thesis. The author presents an accessible problem 
using limited jargon. 


ABSTRACT. The logistic map is a well-studied map of the unit interval 
into itself. However, if we treat x as a discrete variable, as is done in 
any computer, then every orbit is eventually periodic. Thus the ape- 
riodic behaviour that the continuous map displays for some value of 
the parameter r cannot be obtained from computer simulation. We in- 
vestigated the differences and the similarities between the dynamics of 
a continuous map and its discrete approximation. We found that the 
limit cycles of a discrete map follow the unstable periodic orbits of the 
corresponding continuous map. 


There are unknown words (logistic map, orbit, limit cycle), but also sufficiently 
many familiar terms (map, unit interval, eventually periodic, etc.) to help us discern 
the subject matter. The first sentence says that this work 1s about the ‘logistic map’, 
presented as a well-known object of investigation. The second and third sentences 
motivate the study. The author introduces the symbol x, but we are not told what it 
is. We guess that it must represent the argument of the logistic map, namely a point 
in the unit interval. Furthermore, this symbol is not used again in the abstract, so it 
is unnecessary. The symbol r suffers from similar problems. It’s a parameter, but 
we are not told which quantity depends on it. We guess that this is the logistic map, 
which is referred to as the ‘continuous map’, presumably meaning that its argument 
assumes a continuum, rather than a discrete set, of values. The symbol r is not used 
again either. 

With two important ideas not in sharp focus, the main message of the thesis —if 
we discretise the domain of the logistic map, then we obtain new phenomena worth 
studying— gets a bit lost. 

The closing sentence, which summarises the main findings, 1s vague. What does 
“we found” mean? Presumably this is not a proof, otherwise the author would have 
stated that clearly. What does ‘follow’ mean? Presumably it indicates some form of 
convergence. Even if in the abstract there isn’t enough room for a complete state- 
ment of the results, we must find a way to render these vague statements acceptable. 
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Finally, the author employs the past tense (we investigated, we found). In an ab- 
stract, the present tense is more common. Based on the above considerations, we 
rewrite the abstract as follows. 


ABSTRACT. We consider the logistic map, a well-studied map of the 
unit interval which depends on a parameter. If the domain of this map 
1s discretised, as happens in any computer simulation, then, necessar- 
ily, all orbits become eventually periodic. Thus the aperiodic orbits 
observed for certain parameter values no longer exist. We investigate 
differences and similarities between the original map and its discrete 
approximations. We provide evidence that the limit cycles of the dis- 
crete map converge to the unstable orbits of the original map, in a sense 
to be made precise. 


The last expression states that the thesis contains experimental data or heuristic 
arguments that support a clearly formulated notion of convergence. (We hope that 
this is the case in the present thesis!) 

Next we consider the opening sentences of an abstract of a research paper. The 
problems are more subtle here: there are no superfluous symbols, and we can’t rely 
on an understanding of the mathematics! 


ABSTRACT. In this work we investigate properties of minimal solu- 
tions of multi-dimensional discrete periodic variational problems. A 
well-known one-dimensional example of such a problem is the Frenkel- 
Korontova model. We select a family ... 


The opening sentence begins with the expression ‘in this work’; this is redundant 
and should simply be deleted. Expressions of this type serve a purpose only if 
the present work is being juxtaposed to other works: ‘In 1964, Milnor proved an 
estimate... In this work, we prove...” 

The object of the investigation is described by a long string of attributes: “multi- 
dimensional discrete periodic variational problem’. Such a flat arrangement of 
words requires a pause or a highlight. At this stage however, it’s not clear how 
this should be done, so we read on. 

The second sentence begins with an expression of the type ‘an example of 
this is that’. We have already criticised this format in section 5.6. As written, 
the emphasis is placed on the word ‘example’, but the terms ‘one-dimensional’ or 
“Frenkel-Korontova model’ surely are more significant. The author’s intentions are 
now clearer: the term ‘multi-dimensional’ in the first sentence is contrasted with 
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‘one-dimensional’ in the second sentence, and a known example is given for clari- 
fication. To get across the message that this work generalises ‘one-dimensional’ to 
"multi-dimensional”, we shall isolate the latter in the first sentence and emphasise 
the former in the second. 


ABSTRACT. We investigate properties of minimal solutions of discrete 
periodic variational problems, in the multi-dimensional case. These 
generalise one-dimensional problems, such as the well-known Frenkel- 
Korontova model. We select a family ... 


In our final abstract some symbols are necessary. 


ABSTRACT. Let f : X — X,X =|[0,1), be an IET (interval exchange 
transformation) ergodic with respect to the Lebesgue measure on X. Let 
fi : X, — X; be the IET obtained by inducing f to X, = [0,t),0<t< 1. 
We show that 


Xwm ={0<t<1: ff is weakly mixing} 


is a residual subset of X of full Lebesgue measure. The result is proved 
by establishing a Diophantine sufficient condition on ¢ for f; to be 
weakly mixing. 


The overall content of the abstract is unclear, although we recognise several 
words introduced in chapters 2 and 3. These fragments of understanding are suffi- 
cient to clarify the logic of the argument. 

The set X is the unit interval, and we have a function f of this set into itself. 
This function belongs to a certain class of functions, identified by the acronym IET. 
The author assumes that f has certain properties, specified by some jargon. Then a 
parameter t is introduced, and the same construction is repeated for a one-parameter 
family of functions f; over sub-intervals X;. The functions f;, constructed from f 
via a process we need not worry about, are also of type IET. (Evidently the author 
believes that this assertion does not require justification.) 

Using a Zermelo definition, the author introduces a subset Xy,, of the open unit 
interval, determined by a property of f;, called “weak mixing’. The subscript wm in 
the symbol X,,,, must be an abbreviation for this expression. The paper establishes 
some properties of the set Xym. An indication of the argument used in the proof is 
then given. 
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Our first task 1s to remove some symbols, including the displayed equation. This 
isn’t too difficult; for example, the symbol X,,,, 1s never used. The first two sen- 
tences are formal definitions, which need to be made more readable. The acronym 
IET is useful, since the long expression it represents is used twice. However, the 
primary object is “interval exchange transformation’, not IET, so the latter should 
follow the former, not precede it. Finally, in the expression “Diophantine sufficient 
condition’ the two adjectives compete with each other, so we separate them out. 


ABSTRACT. Let f be an interval exchange transformation (IET) of 
the unit interval, ergodic with respect to the Lebesgue measure, and let 
fi be the IET obtained by inducing f on the sub-interval |0,t), with 
QO <t<_1. We show that the set of values of t for which f; is weakly 
mixing is a residual subset of full Lebesgue measure. The result is 
proved by establishing a Diophantine condition on t, which is sufficient 
for weak mixing. 


More examples of abstracts in need of improvement are given as exercises. 


9.4 Citations and bibliography 


Scholarly writing invariably requires reference to other sources. This is carried out 
in two stages. First, the source is mentioned in the text in an abbreviated manner, so 
as not to interfere with the reading. Second, a full ordered list of all cited sources 
(books, journal papers, web pages, etc.) is presented at the end of the document, in 
a section headed ‘Bibliography’, or “References”. 

There are some conventions for structuring citations and for writing the bibliog- 
raphy. We begin with a passage involving references to books. 


We briefly review some properties of p-adic numbers, introduced by 
Hensel in 1908 [17]. Background material may be found in Gouvea’s 
(2000) [13]; the arithmetical side of the theory is developed in Hasse 
(1980) [16, chapter 7]. 


Each item enclosed in square brackets is a citation, which refers to a bibliograph- 
ical entry. Citations should not intrude upon the text, and a sentence in which all 
citations have been removed should still read well. The citations [13] and [17] refer 
to books as a whole, whereas [16] refers to a specific chapter in a book. The tar- 
geted item within a book may also be a theorem ([14, theorem 191]), a page ([14, 
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p 156]), a range of pages ([14, pp 156-158], [14, 156/71), etc. The bibliographical 
data corresponding to the text above are organised as follows. 


[13] F. Q. Gouvêa, p-adic numbers, Springer-Verlag, Berlin (2000). 


[16] H. Hasse, Number theory, Springer-Verlag, Berlin (1980). 
[17] K. Hensel, Theorie der Algebraischen Zhalen, Teubner, Leipzig and 
Berlin (1908). 


The entries are usually ordered alphabetically by the author’s surname. Each item 
contains the following information: 


label, author(s), title, publisher, publisher’s home town, year of publi- 
cation. 


In our case the labels are numbers (there are other possibilities, see below), and 
the book’s title is typeset in italic font. In [16] the publisher is ‘Springer-Verlag’, 
located in Berlin. As the publishing industry becomes global, the publisher’s ad- 
dress is becoming increasingly irrelevant; publishers with multiple addresses are 
commonplace. The book identifier ISBN (International Standard Book Number), 
often given, is helpful for searches in libraries, catalogues, and databases. (For a 
reference including the ISBN, see [22].) 

There are other ways to cite books, as in the following shorter variant of our 
paragraph. 


We briefly review some properties of p-adic numbers, introduced in 
[17]. Background material may be found in [13]: the arithmetical side 
of the theory is developed in [16, chapter 7]. 


To simplify the citations, we have removed the author’s name and the year of pub- 
lication from the text. However, reading has become more laborious because the 
reference number conveys no information about the source. The following labelling 
method offers a compromise, providing essential information in abbreviated form. 


We briefly review some properties of p-adic numbers, introduced in 
[Hen08]. Background material may be found in [Gous0]; the arith- 
metical side of the theory is developed in [Has80, chapter 7]. 


Citations to journal papers follow the same rules given for books. The biblio- 
graphical information is slightly different. Here is one example: 


“The suffix ff to a page number means “and the following pages’. 


198 CHAPTER 9. WRITING A THESIS 


[30] P. Morton and J. H. Silverman, Periodic points, multiplicities, and dy- 
namical units, J. Reine Angew. Math., 461 (1995) 81-122. 


The data to be supplied comprises 


label, author, title of paper, name of journal, volume number, year of 
publication, page numbers. 


The title is in Roman font, whereas the name of the journal appears in italics, often 
in a standard abbreviated form. Thus J. Reine Angew. Math. stands for Journal für 
die reine und angewandte Mathematik’. The volume number is in boldface. Page 
numbers are normally given in full, but the style 361-7 (rather than 361-367) is 
allowed. As for books, there 1s an identifier for journals, called ISSN (International 
Standard Serial Number). 

Other sources for citations are articles in electronic journals [9], articles in con- 
ference proceedings [31], books in collections [4], reprints of books [8], theses [3], 
etc. There are great variations in the style of a bibliography. The best thing is to 
look around for examples of bibliographical entries of the various types by different 
authors and publishers. 


For unpublished documents on the web there is as yet no agreed format. The 
main information is the URL (Uniform Resource Locator), which identifies a web 
page uniquely. These are two examples of entries for web-based material. 


[7] P. Cvitanovic, R. Artuso, R. Mainieri, G. Tanner, G. Vattay, N. Whelan, 
and A. Wirzba, the Chaos Book, http: //chaosbook.dk/ (Sept 24, 


2010). 
[34] L. Pottmeyer, Heights and totally real numbers, preprint (2012) 


arXiv:1206.2456v1, 12 pages. 


Item [7] is a web-book. In addition to authors, title, and URL, the date is pro- 
vided. Web pages don’t always carry dates, and even when they do, there is no 
way of deciding whether the displayed date corresponds to the last revision. The 
best one can do in this situation is to state when the web source was last accessed. 
Reference [7] has a large number of authors. If the authors need to be mentioned in 
the text, an abbreviation is required. In this case we would write ‘In Cvitanović et 
al.*. [7]...?. The web-book [7] has been available for several years, and it is grad- 
ually evolving. This document structure would not be possible within the confines 
of traditional publishing. 


3This is the oldest mathematics journal still in existence, founded in 1826. 
4 Abbreviation for the Latin et alii, meaning ‘and others’. 
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The item [34] is an unpublished paper. It is stored in a large, open-access archive 
of preprints of scientific papers, called arXiv, supported by Cornell University Li- 
brary. Each preprint in this archive has a unique 8-digit identifier, plus a version 
number (vi, in this example) which reflects the fact the the papers may be updated. 
Most preprints in the arXiv will eventually become available in a more permanent 
form. So, when proof-reading bibliographical entries, one should check that the 
papers in the arXiv haven't been published. Some editors accept only citations to 
permanent and accessible material. 


A word of warning. When quoting from the web, be aware that there is an 
awful lot of rubbish there, and most web pages have no guarantee of correctness. 
Also keep in mind that anybody can type keywords in a search engine and access 
the corresponding entries in Wikipedia. Citations to an online encyclopedia rarely 
deserve a place in a respectable bibliography. 


9.4.1 Avoiding plagiarism 


There is no copyright in mathematical ideas, the law of intellectual property being 
primarily commercial. But there is copyright in using other people’s words, pic- 
tures, and software. The act of publishing material produced by others as if it were 
your own is a serious academic offence, called plagiarism. 


To respect copyright when using other people’s words one must name the au- 
thor, cite the source, and make clear which are the quoted words (either by quotation 
marks or by display). For extensive use of someone else’s text (more than a para- 
graph, say), one must obtain the explicit permission of the copyright holder, and 
then insert a suitable remark in the acknowledgements section: ‘I thank XXX for 
permission to quote Y Y Y”. 


The instant availability of free material on the web has increased considerably 
the risk of plagiarism caused by carelessness and naivety rather than dishonesty. 
When cutting and pasting from other people’s text, it is essential to keep a record of 
the source. A text stored without a note of its source attached could easily be used 
aS our own text at a later time. As articles, books, and theses are now submitted 
in electronic form, it is possible to detect this type of plagiarism using specialised 
software. 
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9.5 TFX and BIFX 


The programming language TẸX, developed by D. E. Knuth [21], and its user- 
friendly offspring BIEX, written by L. Lamport [23], are the standard software in 
mathematical and scientific publishing. This book was typeset in IEX. 

This typesetting system is intended for text containing mathematical formulae. 
It also supports the high-level features needed to manage a complex document: gen- 
erating tables of contents, numbering of chapters and equations, cross referencing, 
handling bibliographical data, etc. 

Let us inspect a very short IATEX source file”: 


\documentclass[12pt] {article} 
\begintdocument + 
In 1735, Leonhard Euler proved the following remarkable formula: 
\begintequation} 

\sum_{n=1}7\infty\fracti}in® 2}=1+\frac{1i}1{4} 

+\frac{1}{9}+\frac{1}{16}+\cdots=\fract{\pi* 2}{6}. 

\end{equation} 
\end{document } 


The information is stored in plain text. We must type it in a file, and then run 
the IEX programme, which generates a new file suitable for display, typically in 
PDF format®. The end result is the following text, placed at the top of an empty page 
with the page number 1 at the bottom: 


In 1735, Leonhard Euler proved the following remarkable formula: 


aaa | 1 1 1 T2 
el a e l 
ie a AO 16 6 (1) 


n=1 


The contrast between the awkwardness of the ATEX source and the neatness of 
the output may be off-putting at first. On closer acquaintance, 1t will instead become 
clear why this logical and powerful language has become so widespread. 

In the source file we note frequent occurrences of the distinctive backslash sym- 
bol ‘V, followed by a word. These are IEX commands, which instruct the pro- 
gramme to do something. We see that, after an initial preamble, a pair of commands 


>The source file for the Mathematical Writing book contains over half a million characters. 
“This is an established format for document representation. 
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delimit the beginning and the end of the document. Within the document, another 
pair delimits a displayed equation, and within the equation various commands gen- 
erate mathematical symbols and structures. It appears that certain things occur au- 
tomatically, such as the centering and numbering of the displayed equation. Also, 
there is some freedom in the way the source code is layed out, since the formula 
1s split between two lines in the source code, but 1t appears on a single line in the 
output. 

You may already guess the shape of commands that will typeset a matrix or a 
table. Of course, there is a lot more than typesetting. For instance I4TRX may be 
expanded by incorporating auxiliary libraries of commands for specific tasks, such 
as BIBTEX, which manages bibliographical information. Similarly, the appearance 
of a document may be altered by means of macros. These are libraries transparent to 
the user, which reset the layout parameters (font type and size, line and paragraph 
spacing, style of bibliographical list, etc.). Publishers use this facility to convert 
standard IATEX source files into documents with the desired appearance. The present 
book used macros. 

Learning ATEX takes some time, but if you plan to write a thesis this is a worth- 
while investment. There is no shortage of introductory material: the Cambridge 
University resources are a good place to start [25]. 


Exercises 


Exercise 9.1. The following abstracts are poorly written. Identify the problems, 
hence write an improved version. 


1. In this project the author examines some properties of continued fractions 
(CF). In the beginning, definitions, notations, and basic results and theorems 
are shown. Periodic continued fractions and best approximations are exam- 
ined subsequently in depth. We examined a number of applications to math- 
ematics and astronomy. 


2. The most representative example of a 2-dimensional area-preserving twist 
map is the standard map, which is studied. Orbits for which the momentum 
p grows linearly (plus a periodic function) are shown to exist, classified and 
determined numerically. These orbits are the accelerator modes. The linear 
stability of these orbits is determined. The range in the parameter values for 
which they exist is also determined. 


3. We consider equal parameter generalized quadrangles, GO(s,s). All GQs of 
order 2 and 3, GQ(2,2) and GQ(3,3), are known. It is conjectured all the GQ 
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1.5 AC WAVEFORMS 


Alternating current, (AC) is current that changes direction (usually many times per second) cyclically, passing first 
in one direction, then in the other through a circuit. Such alternating currents are produced by generators and other 
such voltage sources whose polarities alternate between a positive direction and a negative direction rather than 
being fixed in a constant direction as with DC sources. By convention, alternating currents are called AC currents 
and alternating voltages are called AC voltages. The most common AC source is the commercial AC power system 
that supplies energy to your home. 


The variation of an AC voltage or an AC current over time is called a waveform. Since these waveforms vary with 
time, AC supplies are designated by lowercase letters v(t) for voltage, and ¡(t) for current instead of uppercase letters 


V and I for DC values. Note that the subscript (t) represents time. 


There are many different types and shapes of waveforms but the most 


fundamental is the sine wave (also called sinusoid). The sine wave or Sinusoidal waveforms are 
sinusoidal AC waveform is the voltage and current waveform shape at the wall produced by rotating a coil 
socket outlets in your home. of wire at a constant 

angular velocity within a 
The waveform starts at zero, increases to a positive maximum (called the fixed magnetic field 


peak), and then decreases to zero, changes polarity, increases to a negative 

maximum, then returns again back to zero. One complete variation between 

the same points on the waveform is referred to as a cycle. Since the waveform repeats itself at regular intervals 
over time, it is called a periodic waveform. 


al ee eget Sea eee 1 
ia fe (Ha) 


Arms) = Aímax) x 0.707 T 
= Åra = Amas X 0.636 
AA o=2nf (rads/s) 


> A = An sin (ot) 


A 
(ab) — max = 
g a A ms, = de = 0.7071V_ 
E o 2 
= 
< LA n 
A = = 0.637 V 
(AVG) max 
T 
Sinusoidal Waveform k 2447 


Form Factor = ——= 
2/2 


Periodic Time (T) 
Crest Factor = J2 = 1.414 


The calculation of Average, R.M.S, Form Factor and Crest Factor can be use with any type of periodic waveform 
including Triangular, Square, Sawtoothed or any other irregular or complex voltage or current waveform shape. 


For a pure sinusoidal waveform the effective or R.M.S. value will always be equal to 1/V2 x Amax which is equal to 
0.707 x Amax and this relationship also holds true for RMS values of current. The RMS value for a sinusoidal 
waveform is always greater than its Average value. 
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of order five are known as well. The known GO of order 5 is the symplectic 
GQ, W(5). W(5) along with its dual are conjectured to be the only GQs 
of order 5. The construction of a symplectic GQ is given and then used to 
construct the known GO of order 5. Information about GO was gathered, 
including some basic combinatorics, affine GQ, and incidence matrices in an 
attempt to prove the above conjecture. 


4. Under the boundary condition on the initial value 7,(0) (7(0) > 0;k = 1,2,...) 
that 7,(0) — 0 (k — œ), we integrate the semi-infinite system of nonlinear 
differential equations 7 = 2T;(T+41 — Tr-1), (k = 1,2,...;7 = 0) to obtain 
their general solution. We further investigate the asymptotic time behaviours 
of this general solution as t — too, 


Exercise 9.2. This is the longest opening sentence of a mathematical abstract I 
managed to find in the literature [38]. 


By Morava’s point of view on the stable homotopy category, the quo- 
tient in some sense associated to the filtration related to the height of 
formal group laws is studied by the category of modules over the func- 
tion ring of the deformation space of the Honda group law of height n 
with the lift of the action of the automorphism group on the closed fibre 
through the Adams-Novikov spectral sequence. 


1. Can you break it into shorter sentences? 


2. Can you find a longer opening sentence in any mathematical publication? 


Exercise 9.3. This exercise proposes some MICRO-PROJECTS in experimental math- 
ematics. You are given a sequence to study; your task is to generate numerically a 
sufficient number of terms, analyse the data, and then write a succinct report — 
three/four pages, say. 

In the report you must define the problem, give a concise account of your find- 
ings, and synthesise them in a precise mathematical conjecture. Invariably, some 
plots will be necessary. You should provide at least one bibliographical item, and 
include the numerical code in an appendix. 

For an introduction to experimental mathematics, see [40]. 
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1. EULER’S POLYNOMIAL. Let p(n) = n? +n+41 be Euler’s polynomial (see 
section 6.6), and let a, be the number of prime values assumed by p over the 
first n natural numbers, that 1s, 


a, =#{kKEN:k<n, p(k) is prime} n>l. 


Refine conjecture 3 of section 6.6 by identifying non-trivial bounds of the 
form 
f(n) <a, < g(n) (9.1) 
to hold for all sufficiently large n. The functions f and g must be chosen so 
as to minimise the growth rate of the difference g — f. 
2. EXPONENTIAL SUMS. Given a real sequence (ag) we define a sequence (zn) 


of complex numbers via the sum 


n 
Zn = y or Tia n> 1. 
k=1 


The number z, may be interpreted as the end-point of a walk on the complex 
plane, consisting of n steps of unit length. Study (z,) for one of the following 
sequences (aj): 


(a) az =k*/50 
(b) az = k? /(50 + 1/100) 
(c) az = klog(k). 


Formulate a conjecture concerning the behaviour of zn or |z,| as n tends to 
infinity. 


3. PRIMES AND POWERS OF TEN. Let a, be as in (8.4), p. 177. 
(a) Prove that f(N) C A, where 
A=Nx (2NU (2+3N)U5N?). (9.2) 


(b) Provide experimental evidence that f(N) is unbounded. 


(c) Provide experimental evidence that f(N) =A. 
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Appendix A 


Solutions to exercises 


Exercise 1.1 (p. 1): 


l. 


2. 


10. 


The number a is positive. 


The only even prime is 2. 
(The integer 2 is the only even prime.) 


. If x > 0, then g(x) 4 0. 
. We change sign to both sides of the equation. 


. The polynomial x? + 1 has not real roots. 


(The equation x? + 1 = 0 has no real solutions.) 
(The solution set consists of odd integers.) 


. Multiplying both sides by a negative value of x, the inequality is reversed. 


. All solutions are odd. 


. If sin(zx) = 0, then x is an integer. 


(The condition sin(7x) = 0 implies that x is an integer.) 


. A matrix is invertible 1f its determinant is non-zero. 


This infinite sequence has fewer negative terms. 
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Exercise 1.2 (p. 8): 


l 


3; 


. Therefore c` 


There are three special cases. 


It does not tend to infinity. 


l is undefined. 


. We square both sides of the equation. 

. The equation x? = y? describes two orthogonal lines. 
. All matrices in this set are invertible. 

. Purely imaginary means that the real part is zero. 

. Since x is zero, I can’t divide by x. 

. The function f 1s continuous. 

. I found fewer solutions than I expected. 

. We prove Euler’s theorem. 

. The asymptotes of this hyperbola are orthogonal. 

. The solution depends on s. 


. Thus x = a. (We assume that a is positive.) 


Always remember to check the sign. 


Exercise 2.1 (p. 45): 


BAD: 
GOOD: 


BAD: 
GooD: 


BAD: 


GooD: 


Is 39 a prime number? [Specific and insignificant.] 
Why is 1 not a prime number? 

What is 1/2 + 1/2? +1/2°? 

Is a fraction the same as a rational number? 


What is the real part of 2 + 3i? 
What is the real part of i' ? 
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Exercise 2.2 (p. 45): 


BAD: 
GOOD: 


The set of natural number less than 10. 
The power set of a finite set. 


Exercise 2.3 (p. 45): 


l. 


[1-2n:neN) 
((neZ :n<0,2/my) 


. {(n+1)/n: ne Z~ {O}} 
creta kiai 


. Let F (x,y) = 0 be the equation of a circle with the stated property. The func- 


tion F must be such that F(0,0) = 0. 


. No such a line goes through the origin, so we represent lines as ax + by + 1 = 


0. The tangency condition results in a relation between a and b. 


Exercise 2.4 (p. 45): 


l. 
3. 
5. 


11. 


The set of rational points in the open unit interval. 
The set of rationals whose denominator 1s a power of 2. 


The imaginary axis in the complex plane, excluding the origin. 


. The set of integer pairs whose first component divides the second. 


(The set of integer points on the plane lying on lines with integer slope.) 


. The set of points in a finite-dimensional Euclidean space whose coordinates 


have zero sum. 


A regular array of orthogonal lines on the plane, each parallel to one coordi- 
nate axis and lying at integer distance from it. 


Exercise 2.5 (p. 46): 


1. 


O N NN &W 


The inverse of a function. 


. The value of a function at the reciprocal of the argument. 
. The square of the value of a function at a point. 
. The image of the irrational numbers under a function. 


. The pre-image of the origin under a function. 
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Exercise 2.6 (p. 46): 


l. 


11. 


i) An identity. 
(ii) An arithmetical identity, expressing a cube as the sum of three cubes. 


. 1) A chain of inequalities. 


ii) Upper and lower rational bounds for the square root of 2. 


. 1) An inequality. 


(11) An algebraic inequality in two unknowns. 
(The inequality defining the first and third open quadrants in the cartesian 
plane.) 


. 1) An equation. 


ii) The cartesian equation of a parabola passing through the origin. 


. 1) An identity. 


11) The trigonometric formula for the sine of the difference of two angles. 


i) An equation. 
ii) A set equation, whose solutions are the sets having themselves as the only 
element. 


Exercise 2.7 (p. 47): 


l. 


11. 


1) A set. 
11) The set of even integers that are not divisible by 4. 


. 1) A set. 


11) The set of rational points on the plane, with non-integer components. 
(The set of pairs of rational numbers that are not integers.) 


. See exercise 2.4.11. 


1) A sequence. 
ii) An infinite sequence of sets, each containing one and the same element. 


1) A finite sequence. 
ii) A finite sequence, obtained by raising consecutive natural numbers to the 
same even power. 


1) A set. (A set of real numbers.) 
ii) The algebraic sum of a finite numbers of copies of the closed unit interval. 
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Exercise 2.8 (p. 47): 


1. 


1) A function. 
ii) The real function that adds 1 to its argument. 
(The function that performs the right unit translation on the real line.) 


. 1) An identity. (A functional identity.) 


ii) The formula for the derivative of the product of two functions. 


i) An integral. 
ii) The indefinite integral of a function of two variables, performed with re- 
spect to the first variable. 


i) An identity. (A definition.) 
ii) The power series of the cosine. 


i) A finite product of functions. (An analytic expression.) 
ii) The product of all the partial derivatives of a function of several variables. 


Exercise 2.9 (p. 48): 


l. 


The quotient of two fractions is a fraction. Its numerator (denominator) is the 
product of the numerator (denominator) of the first fraction and the denomi- 
nator (numerator) of the second fraction. 


Compute the cube of the natural numbers: 1, 8, 27, etc. Stop when either 
i) you obtain your integer (which is then a cube); or ii) you obtain a larger 
integer, in which case your integer is not a cube. 


If your integer is 1, then it’s a cube; otherwise, perform its prime factoriza- 
tion. If the exponent of each prime factor is divisible by 3, then your integer 
is a cube. 


Transform the equation of the circle so that one side is zero, and the other 
side has positive quadratic coefficients. Then substitute the coordinates of the 
point into the equation. If you get a negative value, then the point is inside 
the circle; otherwise it’s outside (or on the boundary). 


. Form the matrix that has your vectors as rows (or columns). Then compute 


the determinant of the matrix, and verify that 1t is non-zero. 
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9. Two things must happen: i) there is a point at which the value of the two 


11. 


functions is the same; ii) at this point, the product of the derivatives of the 
two functions is equal to —1. 


Represent these points as complex numbers. Compute their arithmetic mean, 
and subtract it from each point. Now choose one of the translated points, and 
multiply it by increasing powers of the imaginary unit. If you get all the other 
translated points, in some order, then the original points form the vertices of 
a square. 


Exercise 2.11 (p. 49): 


l. 


Compute the value of the function at each point of the domain, collecting to- 
gether the resulting values. Eliminate all duplicates, so as to turn this list into 
a set. Your function is surjective precisely when the cardinality of this set is 
the same as that of the co-domain. 


Compute the value of the function at each point of the domain, collecting 
together the resulting values. Now verify that each element of the co-domain 
also belongs to your list of values. If this 1s true, then your function 1s surjec- 
tive; otherwise it isn’t. 


Exercise 2.12 (p. 49): 


l. 


Let X = (423. B?) and Y = (AxĒ B)?. If A C B, then, necessarily, A? C B?, and 
hence X = Y = @. If A and B are disjoint, then so are A? and B?, and hence 
X = Y =A’. We will show that in all other cases Y is a proper subset of X. 


We begin with an example. Let A = {1,2} and B= {1}. The pair (2,1) 
belongs to A? ~ B? = {(1,2), (2,1), (2,2)} but not to (A\ B)? = {(2,2)}, as 
desired. Let us generalise this argument. If A is not a subset of B, then there 
is an element a in Ax B, and if A and B are not disjoint, then we can find 
b € AMB. Now, the pair z = (a,b) belongs to X (because z € A? and z ¢ B^) 
but doesn’t belong to Y (because the second component of z is not in A x B). 
We have shown that Y is a proper subset of X, as desired. 


Exercise 2.13 (p. 49): Consider infinite sequences of non-negative integers, where 
the kth term represents the power of the kth prime in the prime factorisation of an 
integer. 
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Exercise 2.14 (p. 49): 
1. Consider infinite integer sequences. 
2. Consider sums of the type 
Y dto 
k=n 
where n is an integer, and the coefficients dg are decimal digits. 


Exercise 3.1 (p. 73): 
1. Use theorem 3.2, page 57. 
3. Consider the set of which is the characteristic function. 
Exercise 3.2 (p. 74): 
l. xeEX, xg Y 
3. IX EX, Ty EY, z=x+y 
5. dx €R, sin(cos(x)) Æ cos(sin(x)). 
Exercise 3.3 (p. 74): 
1. IkEZ, n=k 
3. dx EQ, f(x) =0 
5. VXEZ, p(x) 40 
7. tye B, Vx EA, f(x) Fy 
9. AxyeA, f(x) Af) 
11. SkKEN\ {1}, Ime Z, mk? =n 
13. da,b,c,d EN, (a #c)^(a#d)^ (a +b? = e +d?) 
15. Va,b,x E R, (a<x<b) > (JyER, a<y<x) 


17. MEN, HxeQ: f(x) =O} =n. 
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Each repetition of a set of positive and negative instantaneous values of the alternating waveform is called a cycle. 
The sine wave function is periodic in time. This means that the instantaneous 
value at time t will be exactly the same at a later time. The time taken by the 


alternating waveform to complete one full cycle is known as its time period An Alternating Current 

(also called wavelength in radio), denoted by T seconds. (AC) waveform is defined 
as one which changes 

The number of cycles per second of a waveform is defined as its frequency. periodically both in 

Then we can say that frequency is the reciprocal of the time period as f = 1/T, magnitude and direction 


and has the unit of inverse seconds, s” 


In the SI system, the unit of frequency is the hertz ( Hz ) and by definition: 


1 Hertz (Hz) = 1 cycle per second 


Angular frequency ( w ) is the waveforms frequency expressed in electrical radians per second. As one cycle of an 
alternating waveform corresponds to 27 radians, the angular frequency can therefore be expressed as: 
2m cycles/sec. Angular frequency has the units of radians/second. The relationship between frequency, f and 
angular frequency, W Is: 


2 , 
o=2nfrad/sec. or o= = radians/sec. 


The advantage of using alternating voltages and currents for electronic power supplies is that they can be raised and 
lowered with the help of a device called a transformer. In DC circuits, raising and lowering voltages is not so easy 
because transformers cannot be used with direct current. 


1.6 HALF-WAVE RECTIFIED WAVEFORMS 


+ TT RDA Cm Vmax Voc = V max = 0.318 V aax 
T 
Vias pose Ripple Factor = 1.21 


TU 


ip 


Form Factor = an 


Vio = ns =0.636V. 


Ripple Factor = 0.482 


Form Factor = 2 1.11 


pa 
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Exercise 3.4 (p. 75): In part i) there is freedom in the choice of the ambient set: 
the smaller the set, the simpler the predicate. (But if the set becomes too small, then 
the implication disappears, see exercise 3.1.3.) 


l. i) For all primes p, if p > 2, then p is odd. (TRUE) 
ii) For all primes p, if p is even, then p < 2. 


iii) For all primes p, if p is odd, then p > 2. (TRUE) 


iv) There is a prime p such that p > 2 and pis even. 


) 
) 
) 
3. i) For all positive fractions a/b, if a/b is reduced, then b/a is reduced. 
(TRUE) 


(For all fractions a/b, if a/b is positive and reduced, then b/a is re- 
duced.) 


ii) For all positive fractions a/b, if b/a is not reduced, then a/b is not re- 
duced. 


iii) For all positive fractions a/b, if b/a is reduced, then a/b is reduced. 
(TRUE) 


iv) There is a positive fraction a/b such that a/b is reduced but b/a is not 
reduced. 


5. See example 3.5, p. 71. 


7. i) For all odd integers n, if n is greater than 3, then one of n, n+ 2, n +4 is 
not prime. (TRUE) 
(For all integers n, if n is odd and greater than 3, then one of n, n+ 2, 
n+ 4 is not prime.) 


ii) For all odd integers n, if n, n+ 2 and n + 4 are all prime, then n < 3. 


iii) For all odd integers n, if one of n, n+ 2 and n + 4 is not prime, then 
n > 3. (FALSE) 


iv) There is an odd integer n such that n > 3, and n, n+ 2, n+ 4 are all 
prime. 


Exercise 3.5 (p. 76): This is the definition of nephew: 


x is a nephew of y := There is z such that x is a son of z and 
(z is a brother of y or z is a sister of y). 


Thus to define nephew we must first define of brother and sister; in turn these will 
require other definitions. 
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Exercise 3.6 (p. 76): 


(a.1) The integer 5 has a proper divisor. (FALSE) 


(a.3) Every natural number properly divides its square. (FALSE) 


(a.5) Every integer greater than 1 1s a proper divisor of some integer. (TRUE) 


(b.1) The integer y has a proper divisor. 


(b.3) The integer x is a proper divisor of some integer. 


(c) Consider part (b). 


Exercise 3.7 (p. 77): 


l. 


The set of prime numbers, together with the integer 1. 


Exercise 3.8 (p. 77): Use theorem 3.5, p. 70. 


1. 


(FALSE). In € N, 1/n EN. 
The reciprocal of a natural number is not a natural number. 
There is a natural number whose reciprocal is also a natural number. 


. (TRUE). Jx,y ER, xy Æ yx. 


The product of real numbers is commutative. 
The product of real numbers is not commutative. 


. (FALSE). dm,n € Z, (m+n €2Z) Ame2ZAn€2Z. 


If the sum of two integers is even, then at least one summand is odd. 
There are two even integers whose sum is even. 


. (TRUE). JyER, Vx E RT, log(x) X y. 


The logarithmic function is surjective. 
The logarithmic function is not surjective. 


. (TRUE). Je >0, VreQ, |r—vV2| >€ 


There are rational numbers arbitrarily close to the square root of 2. 
There is a neighbourhood of the square root of 2 without any rational number. 
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Exercise 3.9 (p. 78): Let G= {1,...,n}. Think of the computation of the predicate 
as the evaluation of the entries of an n x n matrix, where the (i, j)-entry is the value 
of ‘i loves j’. Then fix the order in which the entries are evaluated. 


1. Let g = n, say. If the sentence is true, then for all k = 1,...,n we must verify 
that -Z (k,g) = T (George is included), so in any case we need n function 
evaluations. 


If the sentence is false, then the minimum is 1 (we find Z (1,2) = F at the 
first evaluation). The maximum is n (we find Z (k,g) =T for all k Æ n, and 


Z (8,8) =F). 


Exercise 4.1 (p. 91): First translate symbols into words literally; then synthesise the 
meaning of the literal sentence. (It may be helpful to draw the graph of a function 
that has the stated property, and a function that hasn't.) 


1. The function f vanishes at the origin. 
. The function f is constant (over the reals). 
. The function f vanishes at some integer. 


. The function f assumes only integer values (over the reals). 


O N Nn W 


. The function f coincides with its own inverse. 
(The function f is an involution.) 


Exercise 4.2 (p. 91): 
1. The zeros of f include all the integers. 
3. The function f is identically zero for negative values of the argument. 
5. The function is non-zero at all rationals, with the possible exception of 0. 


7. The function f has infinitely many integer roots. 
Exercise 4.3 (p. 91): 
1. VxER, f(x) £0. 


3. Vx ER, f(x) =0=>x=0. 
5. Vx €2Z, f(x) =0. 
7. Vx € (0,1), 3y € (0,1), f(x+y) =0. 
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Exercise 4.4 (p. 92): 


1. (a) If — f is increasing, then f is decreasing. (TRUE) 
(b) If —f is not increasing, then f is not decreasing. (TRUE) 
(c) There is a decreasing function f such that — f is not increasing. 


3. (a) If f is monotonic, then |f| is increasing. 
(FALSE, e.g., f(x) =x) 
(b) If f is not monotonic, then |f| is not increasing. 
(FALSE, e.g., f(x) = e” for x < 0 and —e* for x > 0.) 
(c) There is a non-monotonic function whose absolute value is increasing. 


5. (a) If f is surjective, then f is unbounded. (TRUE) 
(b) If f is not surjective, then f is bounded. 


(FALSE, e.g., f(x) = |x|.) 
(c) There is an unbounded function which 1s not surjective. 


Exercise 4.5 (p. 92): 
l. i) For all real functions f, if f is differentiable, then f is continuous. 
(TRUE) 
ii) For all real functions f, if f is discontinuous, then f is not differentiable. 
iii) Every continuous real function is differentiable. (FALSE) 
iv) There is a real function f which is differentiable but not continuous. 
3. i) For all real functions f and g, if f and g are odd, then f + g is odd. 
(TRUE) 


ii) For all real functions f and g, if f + g is not odd, then one of f or g is 
not odd. 


iii) For all real functions f and g, if f +g is odd, then f and g are odd. 
(FALSE) 


iv) There are odd real functions f and g such that f + g is not odd. 
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Exercise 4.7 (p. 93): 


1. A smooth bounded odd function, which vanishes infinitely often and ap- 
proaches zero alternating sign as the argument tends to infinity. 


3. This is a step function defined only for positive arguments. The steps have 
unit length, while their heights increases monotonically. 


5. A differentiable even function, with a global minimum at the origin and no 
maximum. For positive arguments the function increases monotonically, ap- 
proaching a positive limit. 


Exercise 4.9 (p. 94): 

1. The logarithm. 

3. The identity. 

5. The sine of the square of the argument. 

7. The square of the arc-tangent. 
Exercise 4.10 (p. 95): 

l. KEN, ag £ bk 

3. Vn EN, JKEN, ak F Akin 

de EN] EN 

7. VEER, KEN, laz] <€ 


9. Vn EN, dk € Z~ {0}, An+k = Ak. 
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Exercise 5.1 (p. 119): 


1. When we say that the price of petrol, say, on Thursday, is ten percent higher 
that the price on Wednesday, we mean that the Thursday price is equal to the 
Wednesday price plus one tenth of the Wednesday price, so it’s (1+ 1/10) = 
11/10 = 1.1 times the Wednesday price. Likewise, if we say that the Friday 
price is 10 percent lower than the Thursday price, that means it’s the Thursday 
price minus one tenth of the Thursday price (not one tenth of the Wednesday 
price!); so the Friday price is (1 — 1/10) = 9/10 = 0.9 times the Thursday 
price. In all, the Friday price is the Wednesday price times 11/10 times 9/10, 
which is 99/100=0.99 times the Wednesday price —nearly the Wednesday 
price but not quite. 


2. Let R” be the set of non-negative real numbers, representing the values of an 
observable (e.g., the price of a commodity). We consider the function 


fo: R’ > Rt 


where f(x) is the result of varying x by a given percentage amount p, fol- 
lowed by a variation by —p. The parameter p is a real number, which we 
require to be in the range —100 < p < 100, to ensure that the process does 
not result in negative quantities, i.e., that f,(x) € R™. 


A single change of x by p% corresponds to the mapping 


P 
142). 
se ( * T00 
If this transformation is followed by a percentage change with the opposite 


sign, we obtain 


st] 


For fixed p, this is a linear function of x, whose coefficient depends on |p]. 
If we exclude the trivial case p = 0, we have f(x) < x, which means that 
at the end of the process the value of x has become smaller. The decrease 1s 
maximal if p = +100, in which case the final value is zero, irrespective of the 
initial value. 


Exercise 5.4 (p. 120): Imagine that there are 100 boxes, instead of three; the 
presenter opens 98 boxes, all of them empty. 
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Exercise 5.5 (p. 120): Consider the extended Euclid’s algorithm. 
Exercise 5.7 (p. 121): 


l. 
2 


4. 


You should identify at least three ways. 


Construct a sequence of intervals with given mid-point and length converging 
to zero. 


. The domain of a ‘random variable’ is the space of events, such as the set of 


outcomes of n coin tosses. For each outcome, the ‘random variable” gives us 
a real number. 


Begin with the following lineup: n!,n!°, 2”. Consider n'°8) against log(n)”. 


Exercise 6.1 (p. 150): 


(a) A point on the first line is represented by the position vector 


(A) = (4,5,1) +4(1,1,1)) =(444,54+4,144)" 


for some real number A. Similarly, a point on the second line has position 
vector 


m(1) > (5, 4,0) + (23: i)" E (5+2u,-4-3p, u)" 


for some real u. For the lines to intersect, there must exist values of À and u 
for which the two position vectors are the same, namely 


(A) = m(u). (A.1) 
The above vector equation corresponds to three scalar equations: 
4+A = 54+2u (A.2) 
S5tA = —4-3u (A.3) 
1424 = u. (A.4) 


Eliminating u from equations (A.2) and (A.4), we obtain 
4+A=54+2(1+A) 


which yields the solution A = —3, u = —2. This solution also satisfies equa- 
tion (A.3), and hence it satisfies all three equations. Substituting these values 
in equation (A.1) we obtain 


I(—3) = m(—2) = (1,2, —2)" 


which is the position vector of the common point of the two lines. L 
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(c) Let a be a real number, and let y = L¿(x) be the equation of the line with 
parameter a. Likewise, let y = P(x), be the equation of the parabola. The 
points of intersection of the two curves are the solutions of the equation 
La(x) = P(x), which reads 


1? 
ax E 


A straightforward rearrangement yields 


—1) SIN 
eid eae =0) (1) 
4 2 
and we find two identical solutions: 
a—1 
UN 
se 2 


It remains to verify that, at the point x, at which L, and P intersect, the two 
curves have the same slope, that is, their derivatives are the same. Now, the 
derivative of La is equal to a at every point; for P we find 


Poe P'(x,) = P'((a—1)/2) =24 


+1 =a, 
as desired. LJ 


Exercise 6.2 (p. 151): 
(a) The statement of the theorem is imprecise in several respects. 


The nature of the numbers x and y is not specified (the inequality would be 
meaningless for complex numbers). 


The case in which one of x or y 1s zero should be excluded, since in this case 
the left-hand side of the inequality is undefined. 


The statement is false unless the inequality is made non-strict; indeed the 
equality holds for infinitely many values of x and y. 


There are several flaws in the proof. 


The basic deduction is carried out in the wrong direction, which proves noth- 
ing. This is the main flaw. (Proving that P = TRUE gives no information 
about P.) 
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The assertion “the last equation is trivially true’ 1s, in fact, false for x = y. 


The writing is inadequate, without sufficient explanations, and also imprecise 
(the expression (x — y)? > 0 is an inequality, not an equation). 


(b) Revised statement: 


THEOREM: For all nonzero real numbers x and y, the following holds 


x2 + y? 
xy] 


ie. 


Proor: Let x and y be real numbers, with xy + 0. Since the square of a real 
number is non-negative, we have (x+y)? > 0. We shall deduce our result from this 
statement. (Both signs will be used.) 

We begin by noting the chain of implications 


(x+y)? >0 > Ytayty>0 > xr4+y > 7x0. 


Now, since xy is non-zero, we may divide both sides of the rightmost inequality by 
the positive quantity |xy|, to obtain 


a a Ea 
xy] bol 


To complete the proof, we must consider the value of xy/|xy|. We have two cases: 

Case I: If xy is positive, then xy = |xy|, and by choosing the positive sign on the 
right-hand side our result is proved. 

Case II: If xy is negative, then —xy = |xy|, and by choosing the negative sign on 
the right-hand-side our result is proved. L 
Exercise 6.3 (p. 152): The flaw is subtle: it’s related to the incorrect inversion 
of the logarithmic function. In section 6.7.3 we dealt with the same problem in a 
simpler setting. 

Exercise 6.4 (p. 152): 


1. Let X be a compact set, and let f be a function over X. Assume that f is 
continuous: RTP: f is uniformly continuous. 


3. Let f(x) be a polynomial with integer coefficients, and assume the f is not a 
constant. RTP: There is an integer n such that f(n) is not prime. 
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5. Let D be the interior of the unit disc, and let f be a bi-unique analytic mapping 
of D into itself. RTP: f is a linear fractional transformation. 


7. Let P be a Pisot substitution, let M be its incidence matrix, and let f be the 
characteristic polynomial of M. RTP: f is irreducible over Q. 


9. Let D be a differential of the second or third kind. RTP: There is a normal 
differential N such that D— N is a differential of the first kind. 


11. Let f be a real continuous function over a closed interval /, and let m and M 
be the upper and lower bounds of f, respectively. RTP: For all m < y <M, 
there is an x € J such that f(x) = y. 


Exercise 7.1 (p. 165): The difficulty in a computer-assisted proof consists in con- 
verting the two members of each identity in (7.4) to the same form. In the following 
Maple codes the functions expand and normal are used for this purpose. In each 
case, the output of the last expression is the boolean constant TRUE. 


l. a:=k->2x*k-1: 
F:=n->n?2: 
a(1)=F(1) and F(k)+a(k+1)=expand(F (k+1)); 


3. a(1)=F(1) and normal (F(k)+a(k+1))=F (k+1) ; 


5. The base case 1s n = 2. 


a:=k->1/(k*2-1): 

F:=n->3/4-(2*n+1)/(2*n*(n+1)): 

a(2)=F(2) and normal (F(k)+a(k+1))=normal (F(k+1)); 
Exercise 7.4 (p. 166): 


1. The formula is given in section 2.1. 


3. Define f” = fofo---of, and x, = f"(x), with xy = x. Then 
A Aam 


n 


n—1 
OV = |] fx). 
k=0 
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1.8 TRIANGULAR WAVEFORMS 


1.9 SAWTOOTHED WAVEFORMS 
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Not all alternating voltage waveforms are sine waves. There are also square waves, asymmetrical triangle, 
rectangular and complex waveforms. Complex waveforms generally consist of base fundamental waveform plus 
various harmonics superimposed on top. The exact appearance of a complex waveform will depend on the 
frequencies, magnitudes, and phase relationships of the voltage waves superimposed upon the fundamental wave. 


Note that the terms wave and waveform do not refer to the same thing as a wave is a varying voltage or current, 
but a waveform is a graphical representation of such a varying voltage or current. 


For more information visit our website at: www.electronics-tutorials.ws 
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Exercise 7.5 (p. 166): 
1. The base case 1s not proved. 


3. The inductive step fails for k = 2. 


Exercise 8.1 (p. 183): 
1. Divide the square into four suitable regions. 
2. Consider the function giving the number of friends of a person. 


3. The boxes are the elements of the set X. What are the objects”? 


Exercise 8.2 (p. 183): 


1. The denominator of f(x) vanishes at x = (—1 + /5)/2. Hence the domain of 
the function should be restricted to Rx {(—1 + V5) /2}. 


3. The value of the function at a/b is not well-defined, because a and b are not 
necessarily co-prime. Such a value should be changed to ¡a — b|/gcd(a, b). 
Alternatively, one could change the domain to the set of reduced rationals, or 
to the set of co-prime integer pairs in Zx N. 


Exercise 8.3 (p. 184): 


1. FAULTS: 


The integer m must be positive, otherwise the summation 1s undefined. Alter- 
natively, the sum should be defined to be 0 if m < 1. 


The set B is undefined. In particular, we cannot conclude that the reciprocal 
of the terms of the sequence is well-defined. 


The co-domain of f is not necessarily B, even if the sum is well-defined. 
The symbol a is introduced but not used. 


To improve clarity, the dependence of f on the sequence should be made 
explicit, as a parameter or a second argument. For coherence, this quantity 
should be called b, not a. Stating that the sequence is infinite would also be 
helpful. 


REVISED STATEMENT: 
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Let b = (bi, b2,...) be a fixed infinite sequence of non-zero complex numbers. 
We define the function fp as follows 


fp: NC m= ae 
k=1 


(The set C could be replaced by any field.) 


Exercise 8.4 (p. 184): 
1. Consider the number of twin primes smaller than a given bound. 
2. Is the representation of an even integer as a sum of two primes unique? 


3. Consider the smallest non-negative integer t for which the sequence with ini- 
tial condition xy = n has x; = 1. 


Exercise 9.1 (p. 201): 


1. The writing is clumsy; remove reference to project and author in the first 
sentence; the acronym CF is not used; the verb ‘examine’ is over-used. 


2. Bad first sentence: “an example of this is that’; the numeral ‘2’ is inappropri- 
ate; the topic of the thesis (accelerator modes) should be given more promi- 
nence; a symbol is introduced but not used; the last two sentences could be 
merged into one. 


3. Inappropriate and heavy use of symbols obscures the main message; intro- 
duce a concise symbol for to GQ(s,s); the conjecture is formulated twice; the 
last sentence is clumsy. 


4. The first sentence should be re-arranged; some symbols are unnecessary, e.g., 
those specifying the range of k-values. 
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Exercise 9.3 (p. 202): 
1. The following Maple code generates the sequence (an): 


N:=10000: 
a:=array(1..N,[1]): 
for n from 2 to N do 
if isprime(n”2+n+41) then 
a[n] :=a[n-1]+1 
else 
a[n] :=a[n-1] 
end if 
end do: 


We start with the lower bound f(n) = y/n, while the counterexample (6.8), p. 
138 shows that g(n) < 40n/41 for n > 41. The following code displays the 
ratios f(n)/a, and g(n)/a, within the same plot: 


with(plots): 
f ,g:=n->sqrt(n) ,n->n*40/41: 
display(tplot([seq([n,f(n)/aln]],n=1..N)]), 

plot (Lseq([n,g(n)/aln]] ,n=1..N)],color=blue) }) ; 


Sharpen these bounds by experimenting with fractional powers and loga- 
rithms. (In particular, choose g so that g(n)/n — 0.) A pertinent reference 
is Golbach’s theorem (1752), which states that no non-constant polynomial 
with integer coefficient can be prime for all (or all sufficiently large) values 
of the indeterminate, see [14, theorem 21]. 


2. This code generates and plots the sequence (zn): 


a:=n->n~2/50: 
N:=5000: 
TwoPil:=evalf (2*Pixl): 
z:=array(1..N): 
zl1]:=evalf (exp(TwoPil*a(1))): 
for n from 2 to N do 
z[n]:=z[n-1]+evalf (exp(TwoPilxra(n))): 
end do: 
plot([seg([Re(z[n]),Im(z[n])],n=1..N)]): 
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To increase speed, the exponentials are converted to floating-point with evalf. 
These sequences produce beautiful patterns, but the latter will become appar- 
ent only if several thousand terms are plotted. 


Gauss first studied these sums in the case a, = n*/p, N = p, with p prime. 
This is a quadratic Gauss’ sum, which can be the starting point for a biblio- 
graphical search. 


. (a) Ifa, E N\A, then q, 1s divisible by 2,3, or 5. 


(b-c) The following code generates the sequence (an): 


N:=500: 
a:=[seq(nextprime(10” (n-1))-107 (n-1),n=1..N)]: 


This computation 1s very time-consuming, as 1t deals with huge integers. 


Define the sequences of sets 
An = laz: kant W, =A N Áp, n> 1, 


where A is given in (9.2). Let a, be the largest element of A, and let a, be 
the smallest element of W,,. Both sequences are non-decreasing. The set f(N) 
is unbounded if and only if a} — co, whereas the condition a, — © is seen 
to be equivalent to f(N) =A. 


F 


The following code generates the sequences (a; 


A:={$1..N} minus 
select(n->igcd(n,10)>1 or (n mod 3)=2, {$1..N}): 

ap,am:=array(1..N),array(1..N): 
for n to N do 

fop(a[1..n])}: 

A minus %: 

ap [n] :=max (%/) : 

am [n] :=min (4%) 
end do: 


You may consider replacing a with the less volatile arithmetical mean of 
the elements of A,, generated with the command add(k,k=a[1..n])/n. A 
plot of few hundred terms of this sequence should convince you that f (N) is 
unbounded, but you must decide if your data provide enough support to the 
conjecture that f(N) =A. 


226 APPENDIX A. SOLUTIONS TO EXERCISES 


The bibliography could refer to expository works on the randomness of prime 
numbers, e.g., [37, chapter 3]. 
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2.0 RESISTANCES AND THEIR CIRCUITS 


2.1 RESISTANCE 


The current flowing in an electrical circuit not only depends upon the voltage pushing this current around but also on 
the resistance of the wires, connections and components that make up the circuit. Resistance, ( R ) of a circuit is its 
ability to resist or prevent the flow of current (electron flow) through itself making it necessary to apply a greater 
voltage to the electrical circuit to cause the current to flow again. Resistance opposes current flow. 


The amount of resistance a circuit element has determines whether the element is a "good conductor" with low 
resistance, or a "bad conductor" (insulator) with high resistance or somewhere in between. 


Low resistance, for example one ohm or less implies that the circuit is a good 
conductor made from materials with lots of free electrons in its valence shell. 


Examples of good conductors are generally metals such as copper, Resistance 1s the opposition 
aluminium, gold, silver or non-metals such as carbon, mercury and some to current flowing around 
acids and salts. an electrical circuit. The 


unit of resistance is the 
High resistance, one mega-ohm or more implies the circuit is a bad Ohm 
conductor of electricity made from insulating materials with no free electrons, 
or tightly grouped electrons in its valence shell. Examples of insulators 
include glass, porcelain, rubber, pvc (polyvinyl chloride) plastics, mineral oils and dry wood or paper, etc. 


Copper Cable 


Insulator Conductor 


2.2 UNIT OF RESISTANCE 


The SI unit of resistance is the Ohm with Greek symbol Q (Omega). A conductor is said to have a resistance of one 
ohm when one volt causes one ampere of current to flow through it. Note that Resistance cannot be negative in 
value only positive and in AC circuits, AC resistance equals DC resistance, Zp = R. 


Prefixes used for Ohms 


Prefix for Ohms Abbreviation 


The most common prefixes used are: Kilo-ohms ( KQ = 10°Q ) and Mega-ohms ( MQ = 10% ). 
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co-domain, 23, 175 
co-prime, 18 
coefficient, 33 
commutative, 13, 36 
complement, 13 
complex 

number, 17, 100 

plane, 17 
component, 96 


composition of functions, 25, 30, 41 
computer-assisted proof, 159 


congruence 
class, 20 
operator, 51 

congruent, 20 

conjecture, 136 


conjunction, 52, 131, 132, 172 


conjuncts, 131 
continuous, 84 


contradiction, see proof 
contrapositive, 54, 129-131 


convergence, 88 
converse, 53, 54, 141 
coset, 133 
countable, 27 
counterexample, 135 


De Morgan, 154 

laws, 55, 64, 67 
decimal point, 17, 147 
Dedekind, 101, 157 
definition, 11, 174 

recursive, 113 
degree, 33 

total, 33 
descending, 31 
difference, 17 
dimension, 30 
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Dirichlet’s box principle, 169, 170, 181 
discontinuous, 84, 87 
disjoint, 12 
divide and conquer method, 109, 110 
divisibility, 18 
operator, 51 
domain, 23, 175 
double sum, 105 
dummy variable, 104 


eigenvalue, 9 

element, 10, 29, 96 

ellipsis, 14, 15, 32, 39 
raised, 17, 31, 32 

empty set, 10, 15, 174 

entry, 96 

envelope, 104 

equality, 50 

equation, 34, 57 
algebraic, 41 
difference, 176 
differential, 35 
functional, 35, 37 
polynomial, 156 
simultaneous, 37 
transcendental, 41 

equivalence relation, 70 

equivalent 
equations, 48 
Sets, 27, 28, 83 
Statements, 54, 55 

estimate, see bound 

Euclid, 137, 161 
theorem, 134, 167 

Euler, 101, 135, 156, 198, 201 
@-function, 107 
gamma-function, 101 

Euler-Mascheroni constant, 100 
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eventually periodic, 88, 146, 177, 191 
exceptional set, 9 
existence proof, 167 
constructive, 167 
effective, 171 
non-constructive, 167, 168 
existence statement, 167 
exponent, exponentiation, 17 
expression, 37 
algebraic, 41 
arithmetical, 41 
combinatorial, 42 
compound, 52 
integral, 42 
nested, 42 
relational, 49, 50, 77 
trigonometric, 42 


factorial, 42, 59, 176 

Fermat, 156, 173 

Fibonacci sequence, 177 

finite, 12 

floor, 86 

Fourier, 104 

fractional part, 86 

function, 24, 101 
arithmetical, 88 
bounded, 81 
constant, 25 
continuous, 84, 85 
decreasing, 78 
differentiable, 85 
discontinuous, 84 
even, 79, 170 
increasing, 78 
invertible, 25 
linear, 85 
monotonic, 78 
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negative, 77 
odd, 79 
periodic, 80 
positive, 77 
regular, 83 
singular, 83 
smooth, 85 
functional, 97 
fundamental theorem of arithmetic, 172 


Gauss, 20, 188, 222 
gcd, see greatest common divisor 
general term, 29, 30, 32, 102 
geometric progression, 106 
Goldbach 
conjecture, 137, 182 
theorem, 222 
graph, 24, 46, 96, 101 
greatest common divisor, 18, 20, 24, 39 
group, 34, 35, 101, 133 
axioms, 122, 173 
identity, 173 


hef, see greatest common divisor 


identity, 36, 38, 58, 66, 145, 198 
identity function, 24, 35 
if, iff, see boolean operator 
ill-defined, 174 
image, 25, 68, 81 
imaginary 

part, 17 

unit, 17, 100 
implication, see boolean operator, only if 
inclusion operator, 50 
incremental ratio, 85 
indeterminate, 33, 97, 178 
indeterminate equation, see identity 
induction, 154, 176 
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basis of, 157 
inductive step, 157 
strong, 154, 160, 176 
inequality, 50 
infinite, 12 
infinite descent, 154, 156 
infinity, 19 
initial condition, 176 
injective, 25, 63, 64 
integer, 14, 99 
intermediate-value theorem, 171 
intersection, 12, 23 
interval, 57 
closed, 18 
half-open, 18, 28 
open, 18 
inverse, 25 
inverse image, 25, 56 
invertible, 25 
involution, 27 
ISBN, 195 
ISSN, 196 


Kroneker, 101 


Lambert, 101 
Latin 

O.E.D., 123 

definiendum, 11 

definiens, 11 

e.g., 2 

et al., 196 

etc., 2 

i.e., 116 

non sequitur, 140 
Icm, see least common multiple 
least common multiple, 18 
least counterexample, 154 
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lemma, 121 

length, 29 

linear, 85 

logical 
constant, 49 
equivalence, 54 
expression, 51 
operator, 49, 51 
tag, 123 


map, mapping, 23, 97 
mathematical induction, see induction 
maximum, 82 
local, 82 
member, 11, 96 
membership operator, 50 
metric space, 96 
micro-essay, 7, 115, 116, 119, 190 
micro-project, 201, 221 
minimal period, 80 
minimum, 82 
Minkowski, 20 


sum (product), see algebraic sum (prod- 


uct) 
modular arithmetic, 20, 36, 179 
modulus, 20 
monomial, 33 
multiplicity, 10 
multiset, 10, 172 
multivariate, 33 


Napier’s constant, 42, 100 
natural number, 14 
necessary and sufficient, 132 
negation of logical expression, 52, 67 
neighbourhood, 82 

of infinity, 83, 88 
nested 
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expression, 39, 42, 69 
parentheses, 15 
sequence of sets, 31, 32, 88 


number 


complex, 17, 100 
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Pi, 7, see Archimedes’ constant 

piecewise, 86, 87, 126 

pigeon-hole principle, see Dirichlet’s box 
principle 

point, 96 


integer, 14 polynomial, 33, 41 
natural, 14 homogeneous, 33 
rational, 15, 100 multivariate, 33 
real, 16, 100 univariate, 33 
postulate, see axiom 
one-to-one, see injective power series, 34, 112 
onto, see surjective power set, 14, 35, 47, 97 
operand, 13 predicate, 16, 57, 60, 62, 97, 111, 172 
operator, 23, 61 prime, 18, 99, 115, 134, 137, 138, 167, 
arithmetical, 97 172 
assignment, 11 primitive, 9 
binary, 50, 52 product, 17 
boolean, 13 infinite, 33 
differential, 97 symbol, 32 
divisibility, 59 product of sets, see algebraic product 
equivalence, 54 proof, 121 
inclusion, 59 both ends method, 135, 162, 169 
logical, 49, 97 by cases, 125, 168 
membership, 59 by contradiction, 134, 141, 154, 156, 
relational, 97 158, 169 
unary, 52 by contrapositive, 129-131 
order, 35, 176 by induction, 153 
ordered pair, 13 direct, 128 
ordering, 78 of conjunction, 131 
partial, 71 proper 
ordinate, 19 divisor, 18 
subset, 12 
pairwise disjoint, 12 proposition, 121 


parameter, 6, 97, 104, 178, 191, 193,214 punctuation, 4, 108 

partition, 13 

Peano, 157 quadratic irrational, 41 
axioms, 154 quantifier, 49 

periodic, 80 existential, 58, 62, 172 
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universal, 58, 62, 127 
quotient, 17 


range, see image 
rational 
function, 33, 41 
number, 15, 100 
point, 19 
ray, 19 
real 
function, 77 
line, 17 
number, 16, 100 
part, 17 
sequence, 77 
reciprocal, 17, 26, 40, 81 
recursive 
definition, 113 
sequence, 113 
reduced form, 15 
regular, 83 
relation, 70 
anti-symmetric, 71 
equivalence, 70 
reflexive, 70 
symmetric, 70 
transitive, 70 
relational 
expression, 49, 50, 70 
operator, 49, 50 
representation, 27, 28, 83 
restriction, 25 
Riemann 
hypothesis, 137 
zeta-function, 101 
root of polynomial, 34, 83, 170 
Russell-Zermelo paradox, 15 


sequence, 29, 101 
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doubly-infinite, 30, 177 
finite, 29-31 
infinite, 29, 31 
invertible, 177 
periodic, 177 
recursive, 176 
series, 32 
convergent, 32 
divergent, 32 
geometric, 147 
sum of, 32 
set, 10, 39, 99 
abstract, 27, 83 
bounded, 81 
finite, 12 
infinite, 12 
ordered, 71 
partially ordered, 71 
set difference, 12, 173 
set equation, 35, 48 
set operator, 13, 97 
sigma-notation, 104 
sign function, 80 
singular, singularity, 83 
solution set, 34 
space, 96 
square root, 41, 123, 143 
standard definition, 14, 15 
step function, 86 
subscript, 29, 30, 99 
subsequence, 30, 102 
subset, 11, 59 
operator, see inclusion operator 
sum, 17 
sum of sets, see algebraic sum 
sum-free set, 35 
summation, 104 
index, 32 
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limits, 32 

range, 32 

standard form, 107 

symbol, 32 
surjective, 25, 64 
symmetric difference, 12 


tautology, 55 

term, 29, 96 

theorem, 50, 121 
conditional, 137 

thesis, 183 

transitive, 123 

triangular number, 112 

triple, 24, 30, 47 

trivial, 145 
equivalence, 70 
subset, 12 

truth table, 52, 54 

twin-primes conjecture, 137, 139, 182 


unary, 97 
uncountable, 27 
union, 12 
unique existence, 171 
unit 
circle, 19 
cube, 19, 169 
disc, 19 
hypercube, 19 
interval, 19 
sphere, 32 
square, 19 
univariate, 33 
unknown, 34, 96, 100 
URL, 196 


value 
of a function, 23, 24 
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of an expression, 37 
vanishing, 34 
identically, 34 
variable, 23, 96 
dummy, 104 
random, 119 
vector, 30, 101, 102 
dimension, 30 
vector space, 96 


Weierstrass, 101 
well- 
behaved, 83 
defined, 174 
ordered, 71 
ordering principle, 154 
Wilson’s theorem, 132 
without loss of generality, 81, 148, 181 


Zermelo definition, 16, 34, 56, 62, 109 
Zero 

function, 35 

of equation, 34 
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LOOP & FRAME AERIALS 
and ANTENNA TUNING UNITS 


LOOPS 

A Loop or Frame aerial is a wonderful tool to assist long wave and medium wave reception and, 
indeed, absolutely essential for serious long distance reception (DX-ing). Fortunately a loop aerial is 
extremely easy and very cheap to construct, you may even have most of the parts required in your 
junk box. | offer a few pointers to the construction of loop aerials below. 


ATUs 

For good Short Wave reception long 'random wire' aerial really is required to dig those distant 
stations out of the ether. To effectively couple such an aerial to a radio a matching unit called an ATU 
(Antenna Tuning Unit) can be extremely helpful. An ATU is relatively straightforward to construct and 
uses simple parts that are quite easy to obtain. 

> Go to the ATUs page for a few pointers. 


LOOP AERIALS 


A loop aerial is extremely helpful when trying to receive long distance stations, not only will it 
dramatically 'boost' the signal received compared to using a portable radio's internal ferrite rod aerial 
because a loop aerial is much bigger than a ferrite rod, but it also has two other very useful 
properties: Directivity and Selectivity. Directivity is very useful in that it can often be used to ‘null 
out’ an interfering station and selectivity is useful to overcome overloading of the radio's ‘front end' as 
the loop will tune very sharply to the required frequency will rejecting all others. 


When using a communications receiver a frame aerial might be more convenient than installing a 
long wire’ antenna. Although a frame aerial might not collect as large a signal as a really long wire, 
the directional properties are very useful for nulling out interference from unwanted stations. 


Construction 


A loop can be made for Medium Wave and Long Wave and can be of almost any size you wish, 
although it must be small enough to fit in your listening room! The bigger the area of the loop the 
more signal it will collect, the portable loop described below is around 40 cm in diameter and is 
probably the smallest size worth considering to be effective and useful. 


Traditionally loop aerials have been made on large frames about 1 meter square for use with 
communications receivers and is essentially just one long piece of thin 'hook-up' wire wound 
approximately 8 to10 times around a wooden (or other non metallic) frame. The frame can be 
somewhere between about 50cm square and 1m square - the dimensions are not especially critical 
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but some experimentation will be required to find the exact number of turns required for a particular 
size of frame so that the desired tuning range will be obtained. - As the size of the frame is 
increased the inductance of the windings will increase, therefore it may be found that slightly fewer 
turns will be needed for correct coverage. For example for the Medium Wave band a 1m square 
frame may only need - say - eight turns on the main winding compared with ten turns on a smaller 
frame. 


The bigger the area of the frame, the larger the signal pick-up will be. 


The wire ends of this main winding are simply connected across pretty much any standard medium 
wave tuning capacitor with a value of something about 300pF or 500pF or similar. Again this is not 
especially critical, though like the number of turns of wire it will affect the tuning range. Therefore if a 
very low value capacitor is used - say 150pF or 200pF - then an additional turn or more on the main 
winding may be required to enable the lower frequencies to be tuned. Even with a 300pF tuning 
capacitor it will probably be necessary to include an additional fixed capacitor - connected in parallel 
with the tuning capacitor - that can be switched in and out of circuit. This will enable the tuned circuit 
to resonate at lower frequencies and is shown in the diagrams below. 


470pF may be a good value to try for the fixed capacitor, but experimentation with different values 
may be necessary to suit the particular value of tuning capacitor and size of frame being used. 


This loop of wire and tuning capacitor form a simple ‘Tuned Circuit" which can be tuned across the 
Medium Wave band using the variable tuning capacitor. 


MW and LW Frame Aerial 


The illustration opposite was taken from a very old 
listening guide and shows the basic method of 
constructing a traditional style large frame aerial. It 
is 40 inches (100cm) square and made of wood 
sie ey with the loop windings wound over the four plywood 


7 2" pitch 


2 puta of Ta 1” 
53 long 3 


'paddles. | have tried this method and it works very 
well. Certainly the increased surface area really 
improves signal pick-up and is ideally suited to 
'communications' receivers. 


| have also experimented with different shapes, 


| y === i anaes pi since 40 inches (100cm) can be a bit too wide for 
ki a | some small rooms. My favourite is taller than it is 
fo or) ¡Bu supporting often . a : 
aN ell 279 5147 plywood long and is hexagonal in shape being 150cm tall 
E > EAN and 70cm wide. 
j . s 


Woodes base ts ia dowel mast a 
irte? z eL IH lo recencar 


For Medium Wave reception 9 turns are required 
for the main winding. A switched capacitor to 
extend the tuning range could also be included if 
A A the tuning range is found not to cover the whole of 
ASES > Citcurt diagram the band. 


ae u i ia n 


Constructional details Coupling or Connecting To The Receiver: 


When using a portable radio with a built in ferrite 
rod ("Loopstick") aerial, it could be quite easy to 
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place the radio inside the loop and therefore use 
Inductive Coupling between loop aerial and the 
radio's own aerial. Rotating the loop and radio 
together for best reception by making use of the 
aerial's directional properties. 


However when using a communications receiver 
that has a dedicated aerial socket or antenna 
terminals then the frame aerial must be connected 
to the radio by a cable. Since a communications 
receiver will not, in most cases, have a ferrite rod / 
loopstick antenna, the frame aerial cannot be 
inductively coupled to the radio in the same way as 
for an ordinary portable radio: 


Therefore a second loop of wire - the inductive 
coupling loop - is wound over the main winding: 
This is just one single turn of wire, the ends of 
which can form a 'fly-lead' that can be connected to 
the antenna terminals on the receiver. This single 
turn of wire is shown in blue in the diagrams a little 
further down this page. 


Long Wave 


| | For use for Long Wave reception approximately 30 
A Long Wave Loop Aerial turns will be needed. The exact number will be 
established by a little experimentation and 
adjustment. The photo on the left shows a Long 
Wave loop aerial. The windings are wound over 
the 'paddles' described above and consist of 31 
turns plus the one coupling turn. 


The frame is made from broom handles which are 
joined together using halving joints and a screw. 
The base is used for this aerial and a Medium 
Wave loop aerial and is made from an off-cut of 
kitchen worktop which is dense and heavy. A block 
is screwed to the base with a hole bored in it to suit 
the diameter of the 'broom handle' frames. 


The tuning capacitor, switch and sockets are neatly 
housed in a plasic enclosure of the same type as 
the one used for the portable loop described above. 


1 meter square is probably the largest size that would normally be considered practical. for a frame 
aerial that is used in the home, but even this may be too large in some domestic circumstances. This 
Long Wave loop is only 55cm wide and 150cm high and is more easily accommodated in a small 
‘box room’. 


Some Helpful Wiring Diagrams: 
Applicable to all styles, shapes and sizes of loop aerial: 
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The Loop is 10 turns of any 
type of thin wire wound 


er sit : Connect wire ground a wooden frame 
eae to the frame 
cay Y i ora plastic hoop, or even 


cardboad box, or plastic 


E waste paper bin! 
V ies About 20 inches 
Connect wire to ` (50 em) diameter 
the terminal if circular. 
VARIABLE CAPACITOR 


Value - somewhere in egion of 
14 to 300pF or 14 - 500 pF approx 


Red Wires are connected to the 10 Turn Loop 


(Note: The frame of the variable capacitor is connected to the Moving vanes 
while the terminal or solder lug etc is connected to the Fixed plates) 


At Least 


40 to 50 
em each 


To radio's aerial 
terminal 
(optional) 


Blue wires are for the Inductive 
Loop - that would be used to connect 


directly to a medium wave radio tuner 


or H.F. radio ete 


Basic Wiring of a Medium Wave Loop Aerial 


DUAL GANG TUNING CAPACITOR 


ihe 


The switch allows both gangs of the 
to be connected together in parallel 
thus increasing the capacitance thereby 
allowing lower frequencies to be tuned 


Blue wire E 

inductive loop 
To aerial input 

terminals of 
tuner or radio 


Using a dual gang tuning capacitor to tune to lower frequencies 
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2.3 FACTORS AFFECTING ITS RESISTANCE 


1. Length of Material: The resistance of a material is directly proportional to its length. The longer the material 
the more resistance it has. 


2. Cross-sectional Area: The resistance of a material is indirectly proportional to its width. The wider or thicker 
the material is the less resistance it has allowing more free electrons to flow. 


3. Type of Material: The type of material affects the amount of free electrons able to flow through it. A material 
which is a conductor has less resistance while a material which is an insulator has more resistance. 


4. Temperature: The temperature of the material affects its resistance. Some materials such as thermocouples 
and thermistors are design to change their resistance with temperature. 


Then the resistance of any material which has a uniform cross-sectional area, A and length, 2 can be represented in 
mathematical form as: 


Where: p is known as the resistivity of the material in ohm-meters 


The circuit element used to model this current resisting behaviour of a material is called a resistor. The resistor is 
the simplest passive element used in Electrical and Electronic circuits that is they contain no source of power or 
amplification but only attenuate or reduce the voltage or current signal passing through them. The circuit symbols 
used to show a resistor in schematic diagrams are given below, where R stands for the resistance of the resistor, in 


this case 1000's. 
R= 1000 R= 1000 The symbol used in schematic and electrical drawings 
or for a Resistor can either be a "zig-zag" type line or a 
VVV hh rectangular box. 


A resistor can either be fixed or variable. Most resistors are of the fixed type, meaning their resistance remains 
constant. 


Resistor Symbols 


xi 
Fixed Value Fixed Value Variable Variable (LDR) Light 
Resistor Resistor Resistor Resistor Dependant 
(IEC Symbol) (IEEE Symbol) (Potentiometer) (Rheostat) Resistor 
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The Loop is 10 turns of any 
type of thin wire wound 


PANS ali Connectwlre around a wooden frame 
= | 4 = ik oa », do the frame 


ora plastic hoop, or even Ai Least 
ea: 

40 to 50 

em each 
side 


a cardboad box, or plastic 
waste paper bin! 

About 20 inches 
(50 cm) diameter 

if circular. 


ae 
VP ae 

Connect wire to? 

the terminal 


VARIABLE CAPACITOR 


Value - somewhere in region of 


LOOP 
10 to 300pF or 10-500 pF approx Y 
Fixed Value Capacitor 
4/OpF approx 
Red Wires are connected To domme ie 
to the 10 Turn Loop emia 
(optional) 


sA 


Switch the 470pF capacitor into circuit to enable “$ 


tuni Ebel tofih di Rend Blue wires are for the Inductive 
Le come Matin: Vas, oats ey ee a, one Loop - that would be used to connect 


directly to a medium wave radio tuner 


or H.F. radio ete 
Increasing the low frequency tuning ability by adding 
a switchable fixed 470pF capacitor 


(The frame ofa variable capacitor is connected to the Moving vanes 
while the terminal or solder lug ete ls connected to the Fixed plates) 


The Loop is 10 turns ofany 
type of thin wire wound 


ls Connect wire around a wooden frame 
q bh to the frame 


ora plastic hoop, oreven At Least 
ea: 

40 to 50 

em each 
side 


a cardboad box, or plastic 
waste paper bin! 

About 20 inches 
(50 cm) diameter 
if circular. 


Connect aie to 
the terminal 
VARIABLE CAPACITOR 


\ SWITCH 


Red Wires are connected To ás 
to the 10 turn loop E 
P (optional) 
Options ‘ond Variable Capacitor 
switched to cover the lower part of the medium wave band Blue wires are for the Inductive 
Value of variable capacitors can be approximately 14 to 300pF or 14-500 pF eto EREE -that would be used to sanai 
(Note: The frame ofa variable capacitor is connected to the Moving vanes directly to a medium wave radio tuner 
while the terminal or solder lug etc is connected to the Fixed plates) or H.F. radio etc 
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Increasing the low frequency tuning ability by 
adding an additional switchable tuning capacitor 


Shown Above: A close up photo showing the "control box' and the joint of the broom handles that for 
the frame. The loop windings which are first taken to a tag-strip and soldered in place before the 
wires are taken into the control box, this help keep the windings taught. The circuit for this loop is the 
same as for the portable loop above except for the addition of a variable 1k resistor across the 
coupled output to act as a simple attenuator. 
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qn | E ee e GIL Lin Ds 
BO” Lan FoR coorte 
E Lo 


Lia E 


DOTRI (APRO) FoR 
Linder IAE LJ Ddr. 


Diagram of Long Wave Loop 


As shown above: For a size that might be more easily accommodated in a smaller listening room, a 
frame aerial can be taller than it is wide - for example between 120cm and 150cm tall and 50cm to 
80cm wide. 


Tuning and Operation 


Find a very weak station that is almost inaudible. Couple the radio to the antenna and rotating the 
tuning capacitor on the frame aerial: As the resonance of the loop aerial approaches the frequency of 
the radio station the recovered audio will rapidly become louder and clearer until it reaches a peak. 
The peak of loudness will be at the exact point of resonance of the aerial - i.e. if tuned to a weak 
radio station on, say, 1566 Kilohertz when the audio is at its loudest the aerial will also be tuned 
(resonated) at 1566kHz. 


The automatic gain control (a.g.c.) circuits of most radios can mask these peaking effects somewhat, 
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but it should still be quite obvious when the point of resonance is achieved. 


Band Coverage 


Two separate frame aerials will be needed to cover both Long Wave (150 to 280 kHz) and Medium 
Wave (510 to 1611 kHz). 


With the medium wave aerial the band wave may possibly need to be covered in two parts by either 
having 2 tuning capacitors wired in parallel (depending on their value), or by having one tuning 
capacitor (of about 500pF) and a fixed capacitor that can be switched in to circuit (wired in parallel) to 
cover the lower part of the band. 


To get the correct coverage the trick is to set the loops aerial's tuning capacitor to its minimum value 
(vanes open) and tune the receiver to the top of the medium wave band (1611 kHz in Europe and 
1705 kHz in North America) then adjust the number of turns of wire wound around the frame until the 
top of the band can be tuned in and 'peaked up' by the aerial's tuning control. Since the may not be 
a broadcast station present it will be necessary to listen for a peak in the overall noise level. 


Important: Use as many turns of wire on the loop that will still allow the top of the band to be tuned in. 
Don't remove a turn unless really necessary since the more turns of wire there are on the loop the 
better the pick up will be. 


Once that is done check how far down the medium wave band the aerial will resonate.It may only 
tune down to 700kHz or 800 kHz for example. If that's the case then a fixed value capacitor will need 
to be added that can be switched into circuit - connected in parallel with the tuning capacitor. The 
value will vary depending upon what value tuning capacitor is being used, the size of the frame and 
the number of turns on the loop, but maybe somewhere between 200pF and 600pF (ish). With 
careful experimentation the exact value can be established that will allow a particular loop to tune 
down to 510 kHz - the lowest end of the medium wave band. 


A Portable MW Loop Aerial 


With smaller loops and a small portable radio with a built in ferrite rod ("Loopstick") aerial, it is very 
easy to place the radio inside the loop to obtain the best Inductive Coupling between loop aerial and 
the radio's own aerial. Rotating the loop and radio together for best reception by making use of the 
aerial's directional properties. 


The Portable MW Loop Aerial, shown to the left, 
is much smaller than many traditional frame 
aerials at 40cm (17") diameter. It is designed for 
use with a portable radio. The radio is simply 
placed in the middle of the loop and the signals 
collected are transferred to the radio via its 
internal ferrite rod aerial. 


The circuit for a loop aerial could not be simpler: 

A continuous length of wire, such as 7/0.2mm 

‘hook-up’ wire, is wound around the 40cm former 

to form a loop of approximately 10 turns*. The 

tuning capacitor is connected across the loop so 

that it can be adjusted to resonate at different 
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The portable loop in use, the portable radio is simply placed 
into the centre of the loop and the signals collected are 
inductively coupled to the internal ferrite rod antenna of the 
radio 


g 10 Turn 
F main coil 


1 Turn 
4 coupling 
coil 
3.5mm jack 


The circuit diagram of the loop showing the 10 turn main 
winding (100uH) and the tuning capacitor, together with a 
second capacitor that can be switched into circuit to provide 
tuning of the lower frequencies of the medium wave band. 
The second 1 turn coupling winding allows direct 
connection to the aerial terminals of a receiver. 


For Long Wave reception about 40 to 50 turns may be 
required. 


AERIALS 1 - Loop Aerials & ATU's 


frequencies. 
(“about 40 to 50 turns for Long Wave). 


If it is required to connect the loop to a radio via 
its aerial input terminal then a second winding of 
just 1 turn of wire is wound over the main 10 turn 
winding. This secondary winding acts as an 
inductive coupling coil - this is then connected to 
a suitable socket so that a cable (‘fly lead') can 
be run from the loop aerial to the radio receiver's 
antenna jack or terminals. 


The circuit diagram on the left shows the main 
loop winding of ten turns (100uH) and the 
variable capacitor which tunes the loop aerial to 
the required frequency. Ideally the tuning 
capacitor should have a value of 700pF to cover 
the whole of the medium wave band. However 
standard 500pF tuning capacitors seem to be 
more widely available and will generally tune the 
medium wave band from around 700 kHz to 
1600 kHz with a 10 turn winding. 


To Tune the lower portion of the band a second 
capacitor can be switched into the circuit to 
provide the increased capacity required. The 
second capacitor can be in the form of a variable 
trimmer that can be pre-set to the required value, 
usually around 200pF. The second capacitor 
could be another tuning capacitor (as shown in 
the diagram), but that could be rather expensive. 
Alternatively a fixed capacitor could be used, the 
best value determined after a little 
experimentation. 


The second coupling winding is of one turn and 
allows the aerial to be directly connected to any 
radio with antenna terminals or and aerial socket. 


Scanned in below are my notes for the construction of the portable loop. The former of the loop 
was made out of 'Trent' plastic edge strip that was available from my local DIY store. This edging is 
about 20mm wide with a 6mm channel, though any similar edging or plastic product such as curtain 
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track, perhaps, could be used. The strip is bent into a circle of 40 cm in diameter with the channel 
on the outerside and fastened to a wooden block with some large head screws. The 10 turns of 
7/0.2mm hook up wire are carefully wound side by side around the former and connected to the 


tuning capacitor. | used red strip and blue wire to be colourful. 


The single turn coupling winding is wound next to the main winding and connected to the output 


socket. 
any coaxial socket could be used such as Belling Lee or PL259 etc. 


| simply used a 3.5mm jack socket as this is the same as on a Sony portable radio, though 


The loop and wooden block are fixed into a suitable plastic box of about 150mm x 100mm x 60mm, 
the wooden block and heavy tuning capacitor adding weight to aid stability. A suitable box would be 


BOX034 from Bowood Electronics. 


Loof FORMER A" DIAMETER CONSTRUCTED FROM 
“TRENT PUASTIc fn cub erp — AVAILABLE FROM 
HANY. DIY CENTRES 


SECTow OF THE 
EDENDE steer: A 


Aa 

THE COL 13 weuph IH} We CHANE OF Tsg 
Ebbinge STA — kencH 15 AVAILABLE le SEVERAL 
coLoyRS , RED BENG CHOSEN FoR THE RowTYiE. 


SMALL RURGER FEET for. RADI To AEST oF. 
FiXpob SCREWS Fok LD OF Box 

a i 
a qb mes Bot Blas FO aa AVAILABLE Fona APLI 
LARGE Sami RUSE. FEET - 


Turia MOE, 
—— RANE SICH 
— COIL WINDINGS —1o TAS OF Thi) Holan Ho tE 
FOR inte & Vann Fok Courling Loop. 
Drawing showing the external appearance of the Portable Loop Aerial 


~~ Ebi Sa EnTErS 
Boe ‘TWheveH oe 
of- OTS Aro 15 
FED Te wespen 
ALocit PIE 


Wome BLOCK FIZEP To 
== i i 4 SERES: 1 Neg Race TA. Rond WERD 
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Drawing showing how the loop is fixed to a wooden block and secured into the 
enclosure 


a t 


E 
ES 
s 


Internal photo of loop aerial showing air-spaced Tuning Capacitor (bottom left), Range Switch (top 
left), Output Socket (top), Wooden Block to which the loop former is attached (centre). 


[Note the 3.5mm jack socket on the back panel (top right), this is for a crystal earphone as this loop is also a portable 
crystal set - see below] 


Hate Fan FoR 
SARET 


A suitable box with cut-outs to accommodate the entry of the loop into the box and holes for tuning 
capacitor, switch and output socket. 
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A solid Dielectric Jackson type tuning capacitor 
can simply be mounted through the front of the 
box and held in place with the brass nut. 


A traditional ET TEF capacitor can be 
glued to a wooden block using Araldite 
which is then screwed to the bottom of the box. 


T“ CAPACERSR. LA S00 PE (Arao) CERAMIC 0% Sam IL, 
rta BE USED HERE Te Ab 


Connecting a loop to a radio receiver or Hi-Fi tuner 


A Crystal Set Loop! 


LOOP CRYSTAL SET 


Crustal 
Ear- 
phone 


ange 
switch 
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Crystal Set Loop! 


The circuit diagram above is an interesting modification to the loop aerial, and can be made to any 
loop aerial. With the addition of a germanium diode (not silicon) such as an OA81, OAQ1 or OA4/7, 
a 47k ohm resistor and a crystal earphone, the loop aerial becomes a portable crystal set which is 
quite effective given sufficient signal strength at your locality. 


If signal strength is low then a long wire aerial could be connected to the crystal set and used in a 
more standard crystal set configuration. Such a long wire aerial could be coupled to the tuned circuit 
via a small trimmer capacitor of, say, 100pF. The capacitor would be connected to the top of the 
tuned circuit ("hot" side) at the junction of the main loop, tuning capacitor and diode. Alternatively 
the aerial could be connected by inductive coupling and would be acheived by adding a second 
winding around the loop consisting of, for example, one, two or three turns of wire: One end of this 
wire would be connected to the long wire aerial and the other end of the loop to the ‘earthy’ side of 
the tuned circuit (junction of main loop, tuning capacitor, 47k resistor and earphone in the above 
diagram. ) 


In Use 


The photo on the left shows the finished Portable 
Medium Wave Loop in use, in this case merely 
placing the radio inside the loop will obtain much 
improved reception! 


The loop is tuned to the frequency of the 
required radio station with the tuning knob which 
will really peak up the reception. 


Rotating the loop will maximise the signal 
strength &/or minimise co-channel or adjacent 
channel interference for clearer reception. 


Using this loop | can hear distant local stations 
that would otherwise be completely impossible to 
receive and it helps improve reception on all 
other weak stations. It's a nice little project that 
produces a really useful listening aid. 


Once you've built this little beauty you may want 
to try something a larger frame aerial design 
shown near the top of this page. 


http://www.mds975.co.uk/Content/aerials1.html 13/24 


1/15/2018 AERIALS 1 - Loop Aerials & ATU's 
The Portable Loop in use! 


LOOPS FOR HIGHER FREQUENCIES 


| have done a little experimentation with loops above 1.8 MHz, but not too much. My observations 
are thus: 


It will take a little experimentation with the number of windings on the loop to get the required 
frequency coverage. The actual number depends on the size of the frame that you are using. To 
be able to resonate these higher frequencies the loop aerial requires fewer turns than the standard 
medium wave loop. Try removing 2 or 3 turns of winding from a medium wave loop and see where 
that gets you: Then subtract one turn at a time until the desired frequency range is achieved. 
Ideally the starting point of tuning at the lower end of the range should be around 1.8 MHz with the 
tuning range going up to about 3 MHz. This should cover some interesting transmissions including 
the "Top Band" of the Amateur Radio (‘HAM’) bands. 


The coupling loop remains at one single turn whatever frequency range you are receiving. 


It is important to note, however, that the fewer turns that the loop has (i.e. in order to tune to these 
higher frequencies) the less signal will actually be picked up - in my experience this reduced signal 
pick up has been quite noticeable! | found that for acceptable pick-up the frame needed to be at 
least 1m square. Smaller loops just don't present enough signal. It is for this reason that loops 
designed for long wave reception will necessarily have many more turns than a medium wave loop 
and will therefore be much more effective at collecting signals. 


A loop for the higher frequencies above the medium wave band could be useful for direction finding 
and particularly for reducing co-channel interference (assuming the interfering station is at about 90 
degrees to the required station), but for chasing weak signals a long random wire, possibly with an 
ATU, will be much better from my observations. An interesting experiment none-the-less. 
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The two most common types of fixed resistors are wirewound and carbon composition Carbon composition resistors 
are used when large resistance is needed while wirewound resistors with their metal finned body are used for very 
high wattage applications. Variable resistors, called potentiometers or rheostats can be either linear or logarithmic 
types having an adjustable resistance value from zero ohms to their maximum resistance. 


2.4 OHMS LAW 


The relationship between Voltage, Current and Resistance in any DC electrical circuit was firstly discovered by the 
German physicist Georg Ohm. Georg Ohm found that, at a constant temperature, the electrical current flowing 
through a fixed linear resistance is directly proportional to the voltage applied across it, and also inversely 
proportional to the resistance. 


This relationship between the Voltage, Current and Resistance forms the 


bases of Ohms Law and is shown below. Ohms Law states that a 
voltage, V across a resistor, 


R is directly proportional to 
Voltage (V) in Amperes (A) the current, I flowing 
Resistance (R) through the same resistor 


Current (1) = 


By knowing any two values of the Voltage, Current or Resistance quantities we can use Ohms Law to find the third 
missing value. Ohms Law is used extensively in electronics formulas and calculations so it is "very important to 
understand and accurately remember these formulas". 


To find the Voltage, ( V 


[V=IxR] V (volts) = I (amps) x R(Q) 


To find the Current, (1) 


[I=VW=R] I(amps) = V (volts) + R(Q) 


To find the Resistance, ( R 


[R=V+I] R(Q) = V (volts) + I (amps) 


A resistor (or resistance) which obeys the above rules of Ohm’s law is known as a /inear resistor. Linear resistors 
have a constant resistance for all values of positive or negative voltages and currents. This linear relationship gives 
a current-voltage ( I-V ) characteristic of a straight line. A nonlinear resistor does not obey Ohm’s law and will 
therefore have a non-straight I-V curve. 


For more information visit our website at: www.electronics-tutorials.ws 
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Above: Photo of a frame aerial sent in by an MDS975 reader 
- Avery fine example! 


AN INCONSPICUOUS LOOP AERIAL 


An Interesting Loop Aerial Idea by Alberto San Juan who writes: 


| like very much your web page (radio section), being very helpful to me. | also have a Lowe HF-150 and have installed my 
loop antenna around the small chest of drawers next to my desk, as you can see from the photograph below. 


This method of construction has many advantages: 


No big frames on your table. 

Strong support, so it never falls over. 

Gives you extra space. 

Easy to move and rotate, it also has 4 wheels! 

Easy to clean. 

Easy and quick to hide under the desk/table. 

You can place your radio on top of the aerial windings, or connect to receiver via cable. 
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oo > 
Alberto San Juan' S LOOD A Aerial design 


So there you are - LOOP and FRAME AERIALS - cheap and very easy to make! The portable 
loop certainly looks the part, being very neat and tidy. The larger frame aerials are by their 
very nature more obtrusive, but can be even more effective at collecting radio wave energy 
due to their extra size. If construction is kept neat and tidy with the rough edges rounded off 
and the controls housed in a neat box a big loop need not be a major eye-sore. 
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Good Luck with YOUR loop aerial and happy LW and MW DX-ing! 


Next I'll take a look at Antenna Tuning Units which will help match your long random wire 
aerial to your radio. ATU's, as they are known, will help with Short Wave reception as well as 
Long and Medium Wave too. AI U's Aerial Tuning Units 


QUESTIONS ABOUT AERIALS 


Hi Mike, | like to listen to the George Noory programme Coast To Coast AM (I miss Art Bell) on 
WFLA 970KHz AM. The problem is, when | do copy the station, it's always oscillating in and out 
and/or mixing with some tropical station (I'm in South Florida US). 


I tried an external loop with fewer turns and no capacitor and just got similar results as a long wire 
(except when | turned the loop to attenuate both stations simultaneously). My DX'ing SWL longwire 
just picks up the QRM even with a selective Hallicrafter's Sky Champion. | was considering building 
and aiming a beverage antenna of hundreds of feet with a terminating resistor just to try to isolate 
this station. 


Upon building your 40 cm loop with 10 turns and a 400 pF air cap, | now make the station resonate 
so well that it successfully overpowers the interference and takes charge when aimed and tuned. | 
only regret making the housing out of cardboard. The loop is that orange plastic race track that 
Hotwheels or Matchbox cars use from the 70's (it's that old, too). 


| can't believe I'm listening to near-perfect "Coast to Coast" exoscience and UFO's etc. real time over 
the air. Ham Art Bell who started the show would be proud. 


And I can add a switched 200 or so mica cap for the lower AM € take this with me to play with on the 
road (my radio to use with this is one of those Sangean, Tecsun, or Crane-like radios but sold by 
Radio Shack in their death throws and it just loves the loop). Can't wait to try top band. | wonder if I 
would ever pick up any long wave here with a LW loop? | was going to try the long-wire and switch 
the ground/cap configuration on my L-Match to effectively lengthen it, but darn the loop might work 
better. 


Cheers and thanks again! 


Jeff Burris 
W4VEY 

Tampa FL USA 
(February 2016) 


Hi Jeff, 


Great to hear from you! | have listened to Coast To Coast with George Noory on past visits to 
Canada and enjoyed the programme very much too! 


| am glad that you built the loop antenna and find it so useful and effective! | use mine regularly. 


There is an AM station that | like to listen to - Manx Radio on the Isle Of Man. Unusually for a UK 
station, their transmitter has a ‘figure of eight’ radiation pattern. About 20 kW e.m.r.p. to the north- 
east and south-west, but only about 200 watts e.m.r.p. to the north-west and south-east - in my 
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direction. The loop really helps bring it in at night! 


Not sure if you'll receive European long wave in FL, but | think it's been done. You'll need a big aerial, 
so perhaps the larger 150cm loop could work for you! 


| want to make the most of this AM reception while | can since it is quite likely that many, if not most, 
AM transmitters in the UK will close by 2018 to 2020. BBC Radio Four on long wave is quite likely to 
close in 2020 and the largest AM 'network' in the UK (BBC Radio 5) may close by 2023. All these 
radio stations are already simulcast on DAB Digital Radio in many parts of the UK, with many 
listeners already choosing that method of listening. Some AM transmitters may carry on for a while 
after 2023 to cover areas that are difficult to reach with VHF radio (DAB digital radio is on VHF in the 
UK). 


| love those big powerhouse (50kW) north American AM radio stations! They often have complex 
transmitter systems, with multiple mast phased arrays so that the radiation pattern can be extremely 
directional, with different day and night patterns and powers. 


Often the night time power is a fraction of the day time power, and often more directional too, so that 
interference to other, more distant stations is limited. This can, of course, considerably weaken the 
reception to some of the station's more local listeners - possibly as you have found, particularly with 
interference coming in from foreign stations, causing co channel interference and fading. 

WFLA 970 has five towers. | can only see three of them in the Google Maps screen shot below. 


Four towers are used during the day to produce a directional pattern with a maximum power of 
25kW. 


Five towers are used at night to produce a more restricted coverage area, with a maximum power of 
11kW. See maps below. 
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transmitter site - only three of the five towers can be seen 
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73 for now!! Happy listening and DXing! 
Mike. 


Hi Mike, | am in outback Queensland Australia, quite remote, so radio is very important to us out 
here. My use for my antenna will be to pull in distant AM broadcasts from within Queensland (200 to 
500 kilometres away) and just very occasionally from interstate in outback areas of Australia. Mostly 
the signal may not be reflected, just very weak due to distance. Hope you understand my dilemma. 


| have constructed a square loop frame with 750 mm sides (diameter) with two 320pf air gap tuning 
gangs. It tunes stations relatively well. My question relates to the wire length for the primary winding. 
| took some suggestions regarding length calculations for aerials and found most way too long for the 
gangs to be able to tune. | removed wraps one at a time as you suggest until | could get the higher 
frequencies to ‘peak’. That is all good, but the result is that | now have only six (6) turns of wire in the 
primary. Only 18 metres. Since a full wave is about 300 metres, | feel there ought to be at least a 
quarter wave of wire in the primary, 75 metres. Is there any use in increasing the length of the 
primary coil to 75 metres? If so how can that be done? 


Your advice will be enormously appreciated. Yours faithfully, Geoff Douglas. (February 2015) 


Hi Geoff, 
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Thanks for your email. 


| found the medium wave loop antenna to be an extremely rewarding project. | am sure that you will 
find it very useful too. 


With regard to your question concerning wire length: The length of the wire does not really have quite 
the same relationship to wavelength that you might expect if you were dealing with more familiar 
receiving (and transmitting) aerials. 


The aerials that many radio enthusiasts may well be familiar with are the Half Wave Dipole, the 
Quarter Wave Vertical Monopole or Full Wave Loop, for example. 


The Half Wave Dipole is fed at the centre and consists of two quarter wave 'arms' either side of that 

central feedpoint. Such an antenna is often seen installed horizontally, so its form will look like a T - 

the vertical feeder cable feeding the two 1/4 wave 'arms'. The total length of the antenna is therefore 
half a wavelength long. So for a medium wave frequency of (for example) 720 kHz ( 416 metres) the 
aerial would be (approx*) 208 metres long. 


The Quarter Wave Vertical Monopole is simply one half of a Dipole, fed against ground. So it would 
be (approx*) 104 metres high. The ground may be a network of radial wires and earth rods. 
Sometimes the vertical section may be 'loaded' to shorten it, thus reducing its efficiency. Alternatively, 
for reception, it may be installed as an Inverted L form: Made out of wire, the vertical section would 
be supported on a non metallic vertical pole as high as practicable, with the remainder of the aerial 
wire run out horizontally to be supported at its far end by another supporting pole, building or object. 


The Full Wave Loop is, as its name suggests, is a loop of wire that is one full wavelength long at its 
design frequency, in this case (approx*) 416 meters long. It might be supported as high as possible 
above the ground on suitable poles or towers, as a horizontal circle or more often a square. The 
feedpoint will be a some point on its circumference. 


The medium wave frame aerial is slightly different. Certainly, for a given size of former (frame) a 
longer length of wire will be needed for longer wavelengths. However, the loop forms a tuned circuit 
with the capacitor. The frequency (wavelength) that the loop will be most sensitive to is determined 
by the capacitance of the variable capacitor and the inductance of the loop's aerial winding: The 
more turns of wire on the inductor, the lower the frequency that will be attained. Also, the larger the 
inductor, the lower the frequency will be covered - so for a given frequency, the larger the frame the 
fewer number of turns will be needed. 


Similarly, the larger the capacitance, the lower the frequency. 
It's worth noting that the larger the frame, the larger the area, and hence the greater the signal pick- 
up - which is a useful consideration when trying to receive weak and distant stations. 1 metre square 


frames are quite popular. 


You'll see, therefore, that it's not quite as simple as a quarter wavelength of wire is needed for a 
given wavelength! 


| wonder what specific stations you are trying to receive? 
| hope that helps. 


Happy listening. 
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(* Aerials such as a Half Wave Dipole or Quarter Wave would, in practice, be about 5% shorter than 
the actual calculated length) 


Geoff replied: Hi Mike, Thank you for getting back to me so soon, and thank you also for the detailed 
explanation. It is difficult to find someone with such knowledge nowadays. Yours is a dying art among 
the general community. 


It seems | have it working as well as can be expected. | have added a secondary single turn loop. It 
has helped the gain considerably. So much so that | often receive signals from Asia which drown out 
the Australian ones on some Stations. Not the antenna’s fault | know. 


| now want to add some coax so that | can mount the antenna on a stick above ground outside the 
building at about 10 metres height. So the receiver will be about 15 metres from the loop antenna. Is 
that going to work without a booster. If a booster is needed, can you suggest a good one. 


Thank you so much. Appreciate your advice. | don't have a lot of neighbours close about who | could 
ask for such advice. 


Yours faithfully, Geoff Douglas 


Hi Geoff, You can use coax to connect the loop to a radio receiver. The effectiveness can depend on 
the receiver itself - some tuners work quite well with a direct connection, while others may be 
overloaded and would work better with an inductive coupling coil placed near, or on their own ferrite 
bar antenna. 


A booster should not be required, but it may be possible to use something like a differential amplifier, 
perhaps, if one was needed. | doubt it will though. 


With regard to remote location; bear in mind that once placed away from the radio receiver, the loop 
will be tuned to just one frequency - one station. To change the frequency, you'd have to go outside 
every time and re-tune the 320pF capacitor! | would experiment first; the performance should be 
better outside, but the difference may not be worth the bother. Remember too that the aerials 
components would have to be fully and effectively weather sealed. 


Best wishes, Mike. 


Hi Mike, Thank you indeed for sharing your knowledge. It is nice to communicate with someone who 
is clued on these subjects. 


| should have mentioned earlier, the receiver is a Sangean ATS- 909. It has a external antenna jack, 
as well as the ferrite rod and telescopic. It also has adjustable gain control. The frequencies | am 
most wanting are between 540 khz and 700 khz. There is the odd commercial station around 1100 - 
1400 khz, but they are not critical. 


Thank you for the heads up on the external antenna set up. | was planning to make it demountable 
so that it can be inside in inclement weather and in situations where it is not needed externally. We 
have pretty dry conditions mostly anyway, and no frosts at all. 


Other folk around here are very interested in your thread. So you are helping several other than just 
me. 


Thank you again, Cheers, Geoff. 
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Hi Geoff, It's worth trying a direct connection to the ATS-909 if it has a variable gain control. The 
usefulness of the gain control depends on where it is placed in the front end circuit. If is is placed 
after the first stage of any RF amplification, it may not be entirely effective with strong signals as the 
first stage may already be overloaded before reaching the subsequent gain control. 


Overloading will be noticeable by an increase in background noise and inter-modulation problems, 
for example. In which case you could add a variable attenuator into the feed-line, or simply use 
inductive coupling to the radio's internal ferrite bar antenna. 

With regard to some stations being swamped by other stations from Asia, then you can try rotating 
the frame aerial to null out the interfering signal. The the nulls are fairly sharp and can help reduce 
the unwanted station enough to make the wanted station audible. The long distance interference will 
no doubt be received at dusk and after dark when the lower D Layer (about 50 miles above the earth) 
of the ionosphere dissipates and allows signals through to be reflected from the higher F Layers 
(about 100 to 300 miles above the earth) in the ionosphere, causing longer distance (DX) reception 
of those stations. 

| am glad that others are interested in this idea too! 

Thanks for getting in contact. 


Best wishes, Mike. 
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2.5 RESISTOR POWER 


The unit of electrical power is the Watt (W). One watt of power is equal to the work done in one second by one volt 
of potential difference in moving one coulomb of charge around a circuit. As an ampere is equal to one coulomb per 
second, electrical power therefore equals the product of volts times amperes, P = Vxl 


A resistor can be used at any combination of voltage (within reason) and current so long as its "Dissipating Power 
Rating" is not exceeded. The power rating of a resistor, also called its “wattage” rating, is an indication how much 
heat a resistor or resistive element can safely dissipate or convert into heat before becoming damaged. If more heat 
is generated by the resistor than can be dissipated, the resistor will overheat and become damaged. Resistor power 
rating is specified in watts. 


2 


Power, (P) = VxI=I xR = < Watts 


Where: Vis the voltage across the resistor, Rin ohms, producing the current, /in amperes, for power, P in watts. 


When calculating the power in resistors or resistances, the main equation to use whenever there is current flowing in 
the resistance is IPR. 


The physical size of a resistor is no indication of its resistance as a small resistor can have a very low or a very high 
resistance value. A resistors physical size, however, does give some indication of its power rating. As the dissipated 
resistor power rating is linked to their physical size, a 1/4 (0.250)W resistor is physically smaller than a 1W resistor, 
and resistors that are of the same ohmic value are also available in different power or wattage ratings. Carbon and 
metal film resistors, for example, are commonly made in wattage ratings of 

1/8 (0.125)W, 1/4 (0.250)W, 1/2 (0.5)W, 1W, and 2 Watts. 


Whenever current flows 
through a resistor heat is 
produced which represents 
electrical power in Watts 


Generally speaking the larger their physical size the higher its wattage rating. 
However, it is always better to select a particular size resistor that is capable 
of dissipating two or more times the calculated power. When resistors with 
higher wattage ratings are required, wirewound resistors fitted to metal 
heatsinks are generally used to dissipate the excessive heat. 


When selecting or replacing a resistor for a circuit, first determine the required resistance value using R = V/I, then 
calculate the amount of power that will be dissipated by the resistor using any one of the power formulas above. 
When selecting the appropriate resistor for a circuit, always try to select a resistor with a higher wattage rating than 
the actual calculated power dissipation for safety reasons as resistors that conduct lots of current can become very 
hot. 


2.6 RESISTOR COLOUR CODES 


Small resistors use coloured painted bands which represent a number and multiplier to 
indicate both their resistive value and their tolerance with the physical size of the resistor =— — 
indicating its wattage rating. These coloured painted bands produce a system of 
identification generally known as a Resistors Colour Code. 


4 Coloured Bands 
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Methernitha 


A Community That 
Runs 

on Free Energy and 
Spiritual Values 


by Carolina Hehenkamp 


In the beautiful mountains of Switzerland lies Linden, a small, calm place 
surrounded by dozens of peaceful little villages. 


The region is called Emmental, known for its Emmental cheese. 


Linden itself is especially known for the Methernitha group that lives there, 
and for their Thestatika machine, built by Methernitha's founder, Paul 
Baumann. 


This machine attracts many people from all over the world, for it produces 
electricity from what is called "free energy.” Many think this Thestatika 
machine could be the answer to our world energy needs, but no-one 
outside of the Methernitha group knows how it works. And although the 
Methernitha people have demonstrated their machine to many scientists, 
the mystery of its operation remains a secret. 


Methernitha — The Community 


The story of Methernitha goes back a long time. Paul Baumann, its founder, 
had many visions that led him both to God and to the Bible. And in the 
fifties, he decided to form a community with others who, like himself, 
wanted to live their lives based on Christian principles. Thus, the 
Methernitha Alliance was formed, and the group started to live and work 
together as a social community, free from outside influences — and foreign 
money. 


Paul Baumann grew up within the circles of the Bruderverein (brotherhood), 
a Lutheran society, and its influence can still be clearly felt. While it is 
emphasized that each individual must develop his own spirituality, it is still 
regarded as desirable that God's Law be adhered to in its entirety. For 
Baumann's wish was to found a cooperative clearly based upon Christian 
ideals. To this day many of the group (but not all) still follow strict 
guidelines, such as abstaining from alcohol. 
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The people are not organized like a club. They do not have a "guru," and 
there are no subscription fees. They have no desire to proselytize. They 
live on their own, and look after their own affairs. 


Within Methernitha are departments specializing in precision mechanics, 
the making of appliances, gardening, and carpentry. All Methernitha 
members are aware of their responsibility within the social sohere and the 
balance of nature, and accordingly, an exemplary heating-system, based 
upon the incineration of wood-waste was installed. 


Anyone can become a member of the cooperative who accepts its rules 
and is willing to do his best to supporting its aims. 


The Mayor of Linden says of Methernitha: 


They work and live within their community. Their products are of high quality 
and are partly globally well Known. There are no fences or walls between 
Methernitha inhabitants and the village. The inhabitants — roughly 120 people, 
including children — have their own free opinion and philosophy, and also 
have their personal freedom and freedom of action which they never try to 
impose on other people. On a positive note, one has to take into account that 
their supporters will be looked after in old age and, if necessary, be provided 
with medical care and social welfare until death. 


So today, Methernitha is a social model, proving the quality of its ideals 
through having functioned so well for just over forty years. 


Methernitha and Free Energy 


Ever since the foundation of Methernitha, there has existed a department 
for research, development, and electronics, which has been concerned with 
the problem of alternative energy sources. Their focus is on technologies 
suited to exploit the inherent forces of nature, thus unlocking sources of 
energy without disturbing nature's ecological balance. 


Many believe that humankind's technology must serve us in the long run 
and not just in immediate terms, but at Methernitha this idea is being fully 
put into practice. 


Although interested in many energy producing fields, Methernithans started 
more than 30 years ago to concentrate their efforts on lesser known, and 
even generally unknown, sources of energy. The result of this scientific 
work was the Thestatika machine. This wonder-machine is fueled from 
nature — nothing else. 


The Methernitha people are very specific about why they could "make" the 
machine, saying that it is their oneness with nature and their isolation from 
society that opened up the knowledge. 


"We are fortunate in gaining the experience that paradoxically the most 
beautiful and useful results can be achieved by just using the most simple 
means," they say. "Never did we use any borrowed capital, because we 
want to stay free Swiss citizens, and not be hindered or bound in any way 
in the pursuit of our aims." 
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The Thestatika 


It was not possible to speak to the Methernitha 
people in time to create this article, and not 
much is known about the Thestatika, so | will 
simply report what the Methernitha group writes 
about it on their own website: 


Two counterrotating discs generate an electrostatic 
charge. One disc represents the earth, the other the clouds. The charges are 
bound using grid electrodes. After that, they are collected by non-contacting 
so-called "antenna keys," and then sorted. 


After being initially turned on by hand, the discs rotate by themselves 
according to the electrostatic laws of attraction and repulsion. A rectifying 
diode keeps the cycles in a steady state. Otherwise, the impulses of attraction 
and repulsion would accumulate and cause the discs to run faster and faster 
— the correct speed is of great importance. For optimal power generation, the 
discs have to run quite steady and slow. 


By means of grid condensers, the energy is stored and then uniformly 
discharged, at the same time reducing the high voltage and building up power 
with additional devices. 


Finally, the machine supplies a uniform direct current, which varies according 
to the size of the model. The machine furnishes about 3-4 kW permanent 
output, depending on humidity, whereby the electric potential ranges from 270 
to 320 volts. 


High humidity of the atmosphere prevents the build-up of electric potential, so 
the drier the air, the better. No doubt, through the so-far-achieved results, one 
main objective has been reached, namely, to prove that it is possible to use 
free energy. 


Nevertheless the research work is not yet completed. 


The Methernithans realize that to the educated physicist, their machine 
may seem impossible or even crazy. But they point out that, "A trained 
specialist should remain free and independent in his thinking, and should 
avoid being limited by the temporal framework of publicly admitted 
knowledge in any science. It has to be remembered that the established 
science has already been forced many times to change or give up some of 
its most fundamental concepts." 


The Methernithans compare today's science to the butterfly, which as a 
larva must shed its cocoon to reveal the beauty that lies within. This 
revelation, they feel, "is only possible when man becomes aware of his true 
role within the whole creation, and again learns to recognize his true tasks. 
Because the whole universe functions within a strict and precisely 
structured order according to the will and word of the creator. Therefore, 
also, man should recognize and realize the universal laws that are valid 
within the whole and within every part of this creation." 


To evolve a free energy technology — no matter how ecologically sound 
this may be — is not enough. 


Thestatika Demonstrations 
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Over the years the Thestatika has been demonstrated to various 
technicians and engineers who have been invited to view different versions 
of Thestatika machines. Most of these technicians and engineers are now 
retired. 


Hans Holzherr from Switzerland was one of those who attended a 
demonstration. Here is part of his report, as translated by Stefan Harmann: 


| am referring in the following to the model with the 50-cm diameter disks. This 
machine was already running when the visitors stepped into the room, and was 
not halted during the whole time — we were there for about 1.5 hours. 


As a first load, a 1000-Watt lamp was connected for approximately 10 
seconds, whose brightness did NOT diminish. . . 


The second load was a U-shaped heating element that Mr. Baumann handed 
to me. It became so hot within one second that | had to put it down 
immediately! What was particularly impressive was that while he pulled back 
one of the contact wires (that was with the lamp, | believe), a 1-cm long arc 
appeared between the output electrode and the connecting wire for 
approximately one second. The apparatus was under a Plexi-glass hood. Near 
the base it had two holes which Baumann used to insert the contact wires to 
touch the output electrodes. .... 


lt was really impressive! One can hardly believe it, with this slow rotation. In 
any case, this cannot be explained in terms of bare electrostatics in the sense 
of the Wimshurst machine. The perforated sheets seem to have a key function. 
Beside the pick-up and the drive electrodes there are a number of small 
plexiglass blocks with glued-on perforated sheets, whose function is unknown. 


There is a great deal available on various websites concerning the design 
and operation of the Thestatika machine. It's all very technical and some of 
it is quite detailed. But as those who live and work at Methernitha believe, 
there is probably not going to be a working prototype developed outside 
Methernitha except by attention to the same spiritual aspects with which 
the original Thestatika was developed. 


As the Methernithans believe: 


To understand nature and to perceive its voice, man is obliged to experience 
silence and solitude. It was there that the knowledge about this technology was 
obtained. . . . in valleys and forests, in the mountains and on the shores of 
lakes, in places where, without being disturbed, one can study nature, one's 
own being, and the creator of all this universe in silence and concentration. 
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... where you will find details of some of the things that we want to 
make available to friends and family. 


Main menu Navigation: Home > Amateur Radio > Homebrew > Directional coupler 
Home h | h b 
John's homebrew pages 
Holidays 
Sailing Microwave directional coupler - and an RF detector 
Music More deviations from the main project. 
Family History | was concerned that, as | manage to generate a bit more power (hopefully!) at microwave frequencies, a simple RF 
Computers probe would not be sufficient for power measurement, and the diode could be over-voltaged. A directional coupler 


allows a small amound of the forward signal to be sampled and measured. A very simple design is to use microstrip, 

Astronomy as shown in the photo. A BAT85 Schottky diode is used as the detector, with 100pF and 10nF decoupling. The other 
end of the coupling loop is terminated with two 100 ohm resistors in parallel. 

Amateur Radio 


Contacts 


Links 


Lothians Radio Society 


Here it is in use, with the signal being dissipated in the dummy load. A 100 microamp meter is used as the detector 
(100-0-100 microamps here since that's what | had available). It seems to work well, and is very directional indeed - 
very little signal is measured if it's connected the other way round. | don't Know what the coupling is with any accuracy 
yet, but it will be fine for relative measurements for now. 


Having proved its success, | will probably make one with forward and reverse detectors that can be put in a box and 
used as a "through line" power meter for forward and reverse measurements. 


| also wanted something a bit more reliable than my hand held RF probe for making measurements of power in test 
rigs. With that, since it really needs to be mounted in a screened tube, the signal can vary a bit depending on how the 
probe is set up. | thought that if | could put the RF detector into a BNC plug, then | might get rather more consistent 
measurements. Here are the components before assembly into a BNC compression plug. The BAT85 diode fits right 
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down near the probe; two SMD 1nF capacitors are soldered to a brass washer, and to the other end of the diode, to 
give the decoupling; and for good measure, the output is taken through a 2mm ferrite bead. When | get round to 
scanning some circuit diagrams I'll try to remember to add a sketch of the arrangement here. 


This new detector seems to be much more consistent than the RF probe, though I'm not yet happy that | can be sure 
of power measurements calculated from the detected DC voltage! 


O Copyright Marwyn and John Cooke 2000-2015 
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system can reside on cards. Power provided to the fingerprint 
sensor and on board processer(s) can be provided by a wire- 
less signal provided to the card. The card can include an RE 
power conversion circuit configured to receive wireless RF 
energy and convert the wireless energy for powering electron- 
ics on the card. Other aspects, embodiments, and features of 
the present invention are also claimed and described. 
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Resistor Colour Code Table 


Colour Digit | | Multiplier Tolerance 

—— | 
| Red 2 100 + 2% 
a ' 4 10,000 
© Green 5 100,000 + 0.5% 
AA 6 1,000,000 + 0.25% 
Violet 7 10,000,000 +0.1% 

White 9 

Silver 0.01 + 10% 

None + 20% 


There are two resistor colour coded systems, the four-band system and the five-band system, which use coloured 
bands or rings that completely encircle its body to identify the resistors value. These coloured bands are usually 
printed towards one end of the resistors body to indicate the first digit with the colours being read from left to right. 


In the four-band system, the first band closest to the edge represents the first digit of the resistance value, the 
second band is the second digit, the third band is the decimal multiplier, which tells us how many zeros to add after 
the first two digits and the fourth band is the tolerance giving Digit, Digit, Multiplier, Tolerance. Resistors having 
standard tolerance value of 20% usually do not have a fourth band. 


The five-band system displays the coloured bands the same as for the four-band, except for an additional third 
coloured band to represent a third significant digit giving, Digit, Digit, Digit, Multiplier, Tolerance. The five-band 
system is used for high precision resistors with low tolerance. 


Preferred Values of E6, E12 and E24 Series Resistors 
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RF POWER CONVERSION CIRCUITS & 
METHODS, BOTH FOR USE IN MOBILE 
DEVICES 


CROSS REFERENCE TO RELATED 
APPLICATIONS & PRIORITY CLAIM 


[0001] This patent application claims the benefit of and 
priority to U.S. Provisional Patent Application No. 61/089, 
440, entitled RF POWER CONVERSION CIRCUIT, and 
filed 15 Aug. 2008, which is hereby incorporated herein by 
reference as if fully set forth below. Embodiments of the 
present invention may also utilize technology disclosed in 
U.S. Pat. No. 7,278,025 and PCT Application Publication 
Number WO 2005/104704; both of these publication disclo- 
sures are hereby incorporated herein by reference as 1f fully 
set forth below. 


TECHNICAL FIELD 


[0002] Embodiments of the present invention relate gener- 
ally to portable verification devices, and more particularly, to 
a smart card having biometric data verification features and a 
dual purpose receiving antenna that can be used for wireless 
power transfer and data modulation. 


BACKGROUND 


[0003] RFID (Radio Frequency Identification) technology 
provides for near-field (short-range) wireless tracking of 
inventory as well as enabling users for near-secure access or 
transactions and other applications. The ISO-14443 specifi- 
cation defines near-field data communications between a 
reader device and one or more candidate devices. Candidate 
devices can include tags, badges, cards, or pocket devices 
commonly referred to as dongles, fobs, or smart cards. 
[0004] When candidate devices are introduced into a reader 
devices” electromagnetic field, the candidate device detects 
the reader device’s RF energy. A candidate device can then 
respond a data stream that modulates the energy field at the 
data rate. Candidate device(s) need not emit RF energy, but 
can provide a field load modulation that is detectable in the 
reader. A reader device can translate a candidate device’s field 
load modulation into readable data (e.g., by using a micro- 
processor and supporting system). 

[0005] Conventionally, a reader device emits RF energy at 
a frequency of 13.56 MHz. The energy field strength is speci- 
fied at about 1.5 A/meter. Existing RFID systems are simple 
in that a candidate device’s electronics may contain a secure 
code in the form of a sequence of up to 32 bytes. The candi- 
date device responds to the entry of the RF field automatically 
with the data stream after introduction to the field in a process 
referred to as Answer to Reset (or ATR). The ATR data stream 
repeats while the candidate device is in the RF field. After the 
candidate device is removed from the field, the candidate 
device ceases to be active. 

[0006] Traditional RFID candidate devices typically use a 
single track of coil windings to power the RFID-IC and 
respond with ATR data. This amounts to a current require- 
ment that is typically on the order of about 5 to 10 mA during 
the ATR period which is less than two seconds. The design of 
conventional windings only delivers enough power to activate 
RFID transponder backscattering. 

[0007] What is needed, therefore, are smart card systems 
enabling biometric data verification and using dual purpose 
antennas for wireless power transfer and data modulation. It 
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is to the provision of such smart card devices, systems, and 
methods that the various embodiments of the present inven- 
tion are directed. 


SUMMARY OF EXEMPLARY EMBODIMENTS 


[0008] Embodiments of the present invention provide a 
stand-alone, self-powered smart card without the use of a 
battery or a powered card-holding accessory. According to 
one embodiment, a receiving antenna is reformulated into a 
multi-purpose, multi-function component of the smart card. 
The receiving antenna is integrated with an efficient power 
detection and conversion circuit that produces a voltage and 
current suitable for powering the electronics of the smart 
card. As a result, the smart card operates without requiring 
power supplied by a battery or a powered card-holding acces- 
sory. In some embodiments, the present invention can be 
utilized to harness energy from a source of wireless energy for 
charging a local power supply. Antenna components used in 
embodiments of the present invention can be configured to 
have multiple segments. A segment can be used to increase 
rectified voltage, and another segment can be controlled to 
modulate antenna impedance. Taps or tap positions can be 
used to segment single antenna into multiple segments. Other 
embodiments of the present invention are summarized below. 
[0009] In some embodiments, the present invention can be 
portable wireless devices used for event actuation. Generally, 
portable wireless device can generally comprise a wireless 
power harnessing module, a biometric data comparison mod- 
ule, and a communication module. The wireless power har- 
nessing module can comprise an antenna tuned to a resonant 
frequency. The resonant frequency can be associated with a 
source of an energy field. The antenna can be tuned with a 
capacitor placed in parallel with the antenna. The antenna can 
comprise several windings. When the antenna is positioned 
proximate the energy field, the antenna can interact with the 
energy field to generate electrical energy. This enables the 
wireless power harnessing module to source power and pro- 
vide power to other components. 

[0010] The biometric data comparison module can be 
coupled to the wireless power harnessing module. This cou- 
pling enables the wireless power harnessing module to power 
the biometric data comparison module. The biometric data 
comparison can be configured to enter a powered state when 
receiving adequate power from the wireless power harnessing 
module. When in the powered-on state, the biometric data 
comparison module can be operatively configured to receive 
external biometric data. The external biometric data can be 
obtained from an external source. After obtaining the external 
biometric data, the comparison module can compare the 
external biometric date to stored biometric data. Stored bio- 
metric data can be stored in a flash memory. Results of the 
biometric data comparison can be communicated by the com- 
munication module. Communication can be done wirelessly 
with an RF chip in some embodiments. Based on the com- 
municated results received at a host device, event actuation 
can take place. 

[0011] Portable wireless devices of the present invention 
can also have additional features. For example, the wireless 
power harnessing module, the biometric data comparison 
module, and the communication module reside within an 
ISO-7816 defined card outline. The wireless power harness- 
ing module can comprise a rectifier circuit. The rectifier can 
be coupled to a low impedance winding of the antenna and a 
common ground. The rectifier circuit can be configured to 
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convert AC voltage provided by the antenna to DC voltage. 
Embodiments of the present invention can also include a 
capacitor located in parallel with the antenna. The relation- 
ship between the capacitor and the antenna defines the reso- 
nant frequency of the antenna. In some embodiments, por- 
table wireless devices have no local power source. 


[0012] Portable wireless devices of the present invention 
can still yet have additional features. For example, antennas 
can be divided up into segments. The segments can be seg- 
mented by taps disposed at various tap positions. Antenna 
segments enable a single antenna winding to have multiple 
segments configured to carry out multiple functions. For 
example, the wireless power harness module can harness 
power from the energy field simultaneously to the communi- 
cation module transmitting and receiving data from the 
energy field. To do this, the two modules can be connected to 
the antenna at different tap positions to use different antenna 
segments. The antenna can be shaped in an antenna coil 
pattern wound in a concentric fashion that comprises inner 
and outer windings. And some embodiments, the antenna coil 
pattern can be a continuous planar copper trace having tap 
positions located at various places along the coil pattern so the 
antenna has multiple segments configured to have different 
functions. In some implementations, the wireless power har- 
nessing module comprises a rectifier circuit as a voltage dou- 
bling circuit that comprises two Schottky barrier diodes 
arranged in a full wave rectifying arrangement. 


[0013] Other embodiments of the present invention can be 
implemented as wireless access control devices. The device 
can generally comprise a power circuit and a processor. The 
power circuit can be configured to have a default non-ener- 
gized state and an energized state. The power circuit can be 
configured to receive energy from an energy field to enter the 
energized state so that the power circuit can source electrical 
power. Preferably, the power circuit is finely tuned to a carrier 
frequency of the energy field. The processor is coupled to the 
power circuit to receive to receive electrical power when the 
power circuit enters the energized state. The processor can be 
further configured to receive data from a sensor. In response 
to the received data, the processor can generate a signal cor- 
responding to an access level. 


[0014] Wireless access control devices of the present inven- 
tion can also have additional features. For example, the pro- 
cessor can receive power only from the power circuit when 
energized and the processor is not configured to receive 
power from any other power source. This allows embodi- 
ments of the present to not have a required battery for opera- 
tions. In some embodiments, the power circuit can comprise 
a power detection stage, a power conversion stage, and a 
receiving antenna. The receiving antenna can be integrated 
with the power detection stage. The antenna can be shaped 
and sized to produce electrical power when placed into an 
energy field. The antenna can also be used to receive and 
transmit wireless data signals. Also the antenna can be finely 
tuned to the carrier frequency of the energy field. Tuning can 
be accomplished using a tuning capacitor in a tank circuit 
format. In addition, the processor can be configured to control 
data communication between the wireless access control 
device and the source of the energy field during the energized 
state. 

[0015] Still yet other embodiments of the present invention 
can be implemented as portable wireless devices capable of 
harnessing wireless energy. The devices can include an 
antenna and a rectifier circuit. The antenna and a tuning 
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capacitor can be connected in parallel to form a tank circuit. 
The tank circuit can be finely tuned to a resonant frequency 
associated with a carrier base frequency of source of an 
energy field. The antenna can have several windings which 
when proximate the energy field, result in the antenna sourc- 
ing electrical current and voltage. The antenna can be divided 
into a plurality of segments. The segments can set off by a 
plurality of taps. The taps can be disposed at various places 
along the length of the antenna. One of the segments can be 
configured to receive and transmit data with the energy field 
simultaneously as the antenna receiving energy from the 
energy field. The rectifier circuit can be connected to a first tap 
and a second tap of the antenna. The first tap can be located on 
an inner antenna winding. The second tap of the antenna can 
be in electrical communication with a common ground. The 
rectifier circuit configured to convert the sourced electrical 
current and voltage to a DC energy source. 


[0016] Portable wireless device embodiments of the 
present invention can also have additional features. For 
example, devices can have an antenna driving circuit. 
Antenna driving circuits can be configured to drive the 
antenna for data communication. The antenna driving circuit 
can be connected to a third antenna tap. The third tap can be 
located on an outer antenna winding. Device embodiments of 
the present invention can also include a voltage divider net- 
work. The network can be a capacitor network coupled to the 
rectifier. The rectifier can comprise a pair of diodes (e.g., 
Schottky diodes). The cathode of a first diode can be con- 
nected to the anode of a second diode. The anode of the first 
diode can be connected to ground. The cathode of the second 
diode can be connected to the voltage divider capacitor net- 
work. The voltage divider capacitor network can comprise a 
first capacitor connected in parallel to two series connected 
capacitors. The cathode of the second diode can be connected 
to a positive terminal of the first and second capacitors. The 
anode of the first diode can be connected to a negative termi- 
nal of the first and third capacitors. Capacitors in the voltage 
divider capacitor range in value from about 1 pF to about 100 
pF, tuning capacitors can range in value from about 10 pF to 
500 pF, antennas can have between 1 to 10 coil windings, and 
coil windings can have a width ranging between about 1 mm 
to about 10 mm. In some embodiments, the voltage divider 
capacitor network can comprise an energy storage capacitor 
configured to store energy. The energy storage capacitor hav- 
ing a value ranging from about 0.5 micro-farads to about 1000 
farads. 


[0017] Still yet other embodiments of the present invention 
can be implemented as a method of harnessing electrical 
energy from an energy field while simultaneously communi- 
cating data with the energy field. The method can generally 
comprise configuring and/or providing a portable device and 
a processor. The portable device can have a tank circuit tuned 
to a center frequency of an energy field. The inductor (or 
antenna) of the tank circuit can interact with the energy field 
to convert wireless energy into electrical energy. This enables 
the inductor can to source electrical power. A processor can be 
located on the portable device to receive electrical power 
sourced by the inductor. The processor can be configured to 
receive and provide data for communication with a device 
emitting the energy field. Data can be received and transmit- 
ted using coils of the inductor while the inductor is sourcing 
energy. 


[0018] Method embodiments of the present invention can 
also include other features. For example, methods can include 
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configuring portable devices to receive external biometric 
data, to test the biometric data against a stored biometric set of 
data, and to communicate results of the test via the inductor. 
Methods can include configuring the processor to communi- 
cate data by modulating the field load of the energy field. 
Methods can also include providing a voltage conversion 
circuit on the portable device to convert the energy sourced by 
the inductor from AC to DC and to regulate the DC voltage 
relative to a predetermined threshold. 


[0019] Still yet, embodiments of the present invention can 
be implemented as a computer program product embodied in 
a computer-readable medium for execution by a processor or 
engine. The computer program product can comprise one or 
more algorithms to manage actions carried out by a processor 
in Managing power and testing biometric data. The method 
can generally comprise harvesting power, testing biometric 
data, and communications. More specifically, the method can 
detect an appropriate power level being sourced by an antenna 
that is finely tuned to resonate at a center carrier frequency of 
an energy field. The power level can be provided in electrical 
form after the antenna converts wireless energy to electrical 
energy. The method can also include communicating with a 
biometric sensor to determine if the sensor detects presence 
of biometric data and has captured external biometric data. 
The received biometric data can be tested against stored bio- 
metric data to determine if the captured external biometric 
data matches the stored biometric data. Methods can also 
include issuing communication signals for wireless transmis- 
sion from the antenna to another component. The communi- 
cation signals comprise data about results of the biometric 
data test. 


[0020] Methods embodiments of the present invention can 
also include other features. For example, a method may 
include instructing one of the biometric sensor or a system 
processor to enter a sleep mode if a low power level state is 
detected or to preserve power. A method can also include 
testing received biometric data against stored biometric data 
includes by configuring a system processor to extract digital 
data from the captured external biometric data to place the 
external biometric data in the same format as the stored bio- 
metric data. Methods can also include testing received bio- 
metric data against stored biometric data by generating a 
score indicative of the data test and wherein the score can 
determine a positive or negative test result relative to a pre- 
determined threshold. Still yet, methods can include testing 
received biometric data against stored biometric data by gen- 
erating a false acceptance ratio and a false rejection ratio and 
wherein a match condition can be achieved with the false 
rejection rate is less than the false acceptance ratio. 


[0021] Other aspects and features of embodiments of the 
present invention will become apparent to those of ordinary 
skill in the art, upon reviewing the following description of 
specific, exemplary embodiments of the present invention in 
conjunction with the accompanying figures. While features of 
the present invention may be discussed relative to certain 
embodiments and figures, all embodiments of the present 
invention can include one or more of the advantageous fea- 
tures discussed herein. In other words, while one or more 
embodiments may be discussed as having certain advanta- 
geous features, one or more of such features may also be used 
in accordance with the various embodiments of the invention 
discussed herein. In addition, while discussion contained 
herein may, at times, focus on insurance applications, 
embodiments of the present invention can also be used in 
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other settings. In similar fashion, while exemplary embodi- 
ments may be discussed below as system or method embodi- 
ments it is to be understood that such exemplary embodi- 
ments can be implemented in various systems, and methods. 
It should be understood that use of the terms module, proces- 
sor, or engine herein should be construed to mean singular or 
plural versions of these terms such that certain actions can be 
carried in separate fashion or integrated together in a single 
module, processor, or engine. Some embodiments of the 
present invention can be implemented with hardware and/or 
software. 


BRIEF DESCRIPTION OF FIGURES 


[0022] FIG. 1 illustrates a conventional RFID tag device 
with conventional tag circuitry. 

[0023] FIG. 2 illustrates an RFID tag power circuit in accor- 
dance with some embodiments of the present invention. 
[0024] FIG.3 illustrates an RFID tag power circuit in accor- 
dance with some embodiments of the present invention. 
[0025] FIG. 4 illustrates winding components of an RFID 
tag power circuit in accordance with some embodiments of 
the present invention. 

[0026] FIG. 5 illustrates a schematic of an RFID tag power 
circuit in accordance with some embodiments of the present 
invention. 

[0027] FIG. 6 graphically depicts an RF field in a proximate 
relationship with a smart card embodiment in accordance 
with some embodiments of the present invention. 

[0028] FIG. 7 illustrates a block diagram of an RFID tag 
power circuit and biometric device in accordance with some 
embodiments of the present invention. 

[0029] FIG. 8 illustrates a schematic of an RFID tag power 
circuit and biometric device in accordance with some 
embodiments of the present invention. 

[0030] FIG. 9 illustrates a logical state diagram illustrating 
operational states of a biometric device in accordance with 
some embodiments of the present invention. 

[0031] FIG. 10 illustrates a schematic of an alternative 
RFID tag power circuit and biometric device arrangement in 
accordance with some embodiments of the present invention. 
[0032] FIG. 11 illustrates a functional block diagram of a 
power charging system in accordance with some embodi- 
ments of the present invention. 

[0033] FIG. 12 illustrates a functional logic diagram show- 
ing a method of operating a power charging system in accor- 
dance with some embodiments of the present invention. 
[0034] FIG. 13 illustrates a schematic diagram of a RFID 
transceiver module in accordance with some embodiments of 
the present invention. 

[0035] FIG. 14 illustrates a schematic diagram of a RFID 
transceiver module circuit 1400 for use in charging applica- 
tions in accordance with some embodiments of the present 
invention. 

[0036] FIG. 15 illustrates a logical flow diagram 1500 of a 
method that can be used to implement embodiments of the 
present invention on a mobile device 


DETAILED DESCRIPTION OF PREFERRED & 
ALTERNATIVE EMBODIMENTS 


[0037] To facilitate an understanding of the principles and 
features of the various embodiments of the invention, various 
illustrative embodiments are explained below. Embodiments 
of the present invention may be described below with refer- 
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ence to RFID reader applications. The embodiments of the 
invention, however, are not so limited. Indeed, embodiments 
of the present invention can include any portable device hav- 
ing a default unenergized state that 1s capable of harnessing 
power from an energy field as discussed herein for use with 
biometric data verification. Other embodiments can be 
devices needing recharging of local power supply as such 
recharging can be accomplished by harnessing energy from a 
wireless energy field. Still yet, other embodiments can be 
used to harness energy from an energy field while enabling 
transceiving of data between a portable device and another 
device (which can be the source of the energy field). 

[0038] Briefly described, in preferred form, an embodiment 
of present invention includes a portable device having a wire- 
less power reception circuit capable of harnessing power 
from an energy field for supply to a biometric data verification 
stage. Upon receipt of power from the power reception cir- 
cuit, the biometric data verification stage can receive biomet- 
ric data and compare the received data to previously stored 
biometric data. The portable device can have a communica- 
tion component to transmit a signal (or modulate an existing 
signal) that contains information about the results of the bio- 
metric data comparison. Advantageously, the portable device 
need not have an independent power supply since it can 
harness power from an energy field for use in conducting 
biometric data comparison. 

[0039] Various words or phrases used herein at times have 
multiple meanings and should not be limited in certain 
instances unless expressly stated. For example, coupled can 
mean directly coupled or indirectly coupled. Also the phrase 
“in electrical communication” can mean that components are 
in the same electrical path or are electronically coupled 
together. In some instances, where specific advantages or 
features of an embodiment of the invention are discussed, it 
should be understood that such advantages or features can be 
applicable to the other various embodiments of the present 
invention. 


[0040] Referring now to the figures, wherein like reference 
numerals in some instances represent like parts throughout 
the views, exemplary embodiments of the present invention 
are described in detail. FIG. 1 illustrates a conventional pas- 
sive RFID tag device 100 with conventional tag circuitry 105 
and an antenna 110. The conventional RFID device 100 is 
tuned generally by design to receive energy from an RFID tag 
reader (not shown). The tuning is general in the sense that the 
antenna 110 is not tuned tightly to a specific frequency. For 
example, typically, RFID devices are tuned only by induc- 
tance, antenna features to about 17 MHz. The RFID tag 
device 100 is designed to only recover an RFID tag reader’s 
magnetic field (H-Field) energy. Given the possibility that 
multiple RFID tag devices 100 can enter an RFID tag reader’s 
energy field, the resonance of RFID tag devices is set to about 
17 MHz (which is above the RFID tag reader’s carrier fre- 
quency). This is purposefully done to enables the processing 
of multiple cards in close proximity within and RFID reader’s 
RF field. 


[0041] As pictured in FIG. 1, the conventional passive 
RFID tag device 100 includes an antenna 110. The antenna 
110 is 3 turns of wire closely wound in a continuous, unin- 
terrupted fashion. Electrically, this antenna 110 may be mod- 
eled as the secondary coil of an air core transformer. Energy 
is collected by the RFID tag device 100 and is used only for 
the short ART transmit period. General considerations for this 
antenna coil are for lower than optimum “Q” and loose tuning 
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slightly above a 13.56 MHz frequency. As mentioned above, 
the loose tuning allows for multiple cards in an RFID’s RF 
field and the detuning that occurs in that event. A typical 
RFID transponder (like the RFID device 105) will use 
approximately 25 mW during the short transmit period. 
Because of the specific design of the conventional passive 
RFID tag device 100, the device 100 is unable to harness 
sufficient amounts of RF energy for sourcing power (.e., 
generating voltage and power) to adequately power electron- 
ics more complex than a simple RFID transponder (like the 
RFID device 105). 

[0042] FIG. 2 illustrates a functional block diagram of por- 
table device 200 used for event actuation in accordance with 
some embodiments of the present invention. The device 200 
can be formed in the shape of a card 205 in some embodi- 
ments. In other embodiments, the portable device 200 may be 
a fob, dongle, PDA, cell-phone, smart phone, computer, or 
many other portable devices. The device 200 may include a 
local power source (e.g., battery) in some embodiments, and 
in other embodiments, the device 200 may not include a local 
power source. In those embodiments without a local power 
source, the wireless power harnessing module 210 is config- 
ured to harness wireless energy sufficiently to power elec- 
tronic circuitry more complex than a simple RFID transpon- 
der. 

[0043] According to some embodiments, the device 200 
can generally include a wireless power harnessing module 
210, a biometric data comparison module 215, and a commu- 
nication module 220. In the embodiment pictured, the mod- 
ules 210, 215, 220 can be coupled to each other to function 
and work together. In other embodiments, these modules 210, 
215, 220 may be integrated together such that the functions of 
one or more modules can be combined in a single module. In 
smart card embodiments, it is currently preferred that the 
modules be sized and shape to fit within a card having sizes a 
defined in the ISO-7816 standard. Desired thicknesses range 
between about 0.7 mm to about 1 mm. 

[0044] In embodiments with no local power source, the 
wireless power harnessing module 210 can be configured to 
recover energy from an energy field. The energy field can be, 
for example, an RF field emitted from a device (e.g., an RFID 
card reader). The wireless power harnessing module 210 can 
include an antenna having multiple coils windings of a con- 
ductor. Preferably the coil windings are planar in shape. As 
discussed further herein, the coil windings can be tapped at 
various places so that an antenna has multiple functions. 
Various tap points can be disposed on the antenna so that the 
antenna is anon-continuous, interrupted winding (as opposed 
to that shown in FIG. 1). This configuration enables the 
antenna to dually function as for power recovery and data 
transmission. By virtue of being placed in an energy field, the 
antenna can generate a current thereby harnessing wireless 
energy for use by the biometric data comparison module 215 
and communication module 220. 


[0045] The biometric data comparison module 215 can be 
configured to compare received external biometric data to 
stored biometric data. As such, the biometric data comparison 
module 215 can include a memory (e.g., flash memory) to 
store biometric data. In some embodiments, the stored bio- 
metric data can be a digital rendering of someone’s finger- 
print. The biometric data comparison module can also include 
a sensor (or other interface) to receive external biometric data. 
For example, the sensor can be a fingerprint sensor in some 
embodiments. When a finger is placed on the sensor, the 
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2.7 CONNECTING RESISTORS TOGETHER 


Individual resistors can be connected together in series connections, a parallel connections or combinations of both 
series and parallel together to produce more complex resistor networks. These resistive networks have an 
equivalent resistance which is a combination of the individual resistors. Then complicated resistor networks can be 
replaced by a single equivalent resistor, Reequivatenty. It makes no matter what the combination or complexity of the 
resistor network is, all resistors obey the same basic rules defined by Ohm's Law above. 


2.8 RESISTORS IN SERIES 


Resistors are said to be connected in "Series", when they are daisy chained together in a single line. Since all the 
current flowing through the first resistor has no other way to go it must also pass through the second resistor and the 
third and so on. Resistors in series have a Common Current flowing through them as the current that flows through 
one resistor must also flow through the others as it can only take one path. Then: Ip; = Ira = IR3 = Ima etc. 
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sensor can capture external fingerprint data. The biometric 
data comparison module can also include a processor to 
receive captured external fingerprint data. The processor can 
be configured to compare the captured fingerprint data to 
stored fingerprint information. The results of the comparison 
can be provided as a score. If the score is above a certain 
threshold, then a match can be determined, and if the score is 
below a certain threshold, then a non-match can be deter- 
mined. 


[0046] Based on results of the comparison, the processor 
can instruct the communication module 220 to communicate 
information to a reader. Information can be communicated 
via a load modulation (or backscattering) protocol. If it 1s 
determined that a match occurred, the communication mod- 
ule can send this information to another device, and in 
response the device can actuate an event. For example, in the 
case of an access card, if a fingerprint match has been deter- 
mined, then an RFID reader can send a signal to allow access. 


[0047] It should be understood that embodiments of the 
present invention are not limited to access cards or access 
devices. For example, the device 200 can a fob, cell phone, 
smart phone, computer, dongle, or many other portable 
devices that may need power for functionality. In addition, the 
device 200 can be used for multiple applications. For 
example, the device 200 may used to authenticate a user prior 
to event actuating, including use of electronic devices and 
starting of vehicles. In other embodiments, the device 200 can 
be used as a source of power since it can harness power from 
wireless RF. The source of power may be used to charge an 
electronic device according to some embodiments. 


[0048] FIG. 3 illustrates a bio-verification card 300 in 
accordance with some embodiments of the present invention. 
As shown, the bio-verification card 300 generally comprises 
an antenna 310, a voltage detector/converter 315, and a vari- 
able capacitor 320. The bio-verification card 300 can be finely 
tuned to an energy field’s center frequency. The tuning can be 
accomplished using the variable capacitor 320 to tune the 
antenna 310. In some embodiments, the variable capacitor 
320 can bea fixed capacitor assuming a used center frequency 
is used. For example, if an energy field has a center frequency 
of 13.56 MHz, the variable capacitor 320 can have a fixed 
value ranging from between about 5 pico-farads to about 30 
pico-farads. When implemented, the capacitor can have a 
fixed value to finely tune an antenna to a specific frequency to 
that the sensitivity of the antenna matches with the energy 
field to create a resonance event. 


[0049] By virtue of finely tuning the antenna 310 to a spe- 
cific frequency that substantially matches an energy field’s 
center frequency, maximum energy from the energy can be 
recovered. In some embodiments, only one the bio-verifica- 
tion card 300 is placed in an energy field at any given time. In 
such a case, the antenna 310 coils’ outer turns are resonant in 
the energy field’s electrical field (aka E-field or energy field). 
Resonance is achieved by a parallel inductor/capacitor (L-C) 
combination (e.g., the antenna 310 and capacitor 320) which 
emulates an end-fed, monopole element. The resonance fre- 
quency and appropriate L/C values can be obtained using the 
resonance equation: resonance frequency (f) is equal to the 
inverse of 2 times Pi times the square root of L times C—f=1/ 
(2xvV(LxC)). The antenna 310 configuration shown in FIG. 
3 provides a transition in the coil’s structure from electrical to 
magnetic when moving from the antenna’s 310 outer turns 
toward the antenna’s 310 inner turns. The innermost winding 
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is a single-low-impedance winding that is the voltage source 
for the voltage detector/converter 315. 

[0050] FIG. 3 also illustrate various tap positions 325, 330, 
335 being disposed in the antenna configuration. Placement 
of multiple taps in this illustration (and as described in other 
illustrations herein) enables a single antenna structure to be 
multi-functional. The tap positions break the single antenna 
into multiple antenna segments. This enables space savings 
within a confined area when multiple antennas can not be 
utilized (e.g., in a smart card application). Tap position 325 1s 
located at the end of the innermost antenna winding, tap 
position 335 is tied to a common ground, and tap position 330 
is located at the end of the outermost winding. The voltage 
detector/converter 315 can be disposed between tap positions 
325, 330 and the variable capacitor can be disposed between 
tap positions 330, 335. 

[0051] FIGS. 4 illustrates an antenna arrangement 400 used 
for harnessing power of an energy field in accordance with 
some embodiments of the present invention. As shown in 
arrangement 400, an antenna winding 405 is wound close to 
the outer periphery of a confined space 410 (e.g., internal area 
of a smart card). The antenna winding 405 comprises four 
windings. In other embodiments the antenna windings 405 
can have between 2 and 10 windings. Other winding values 
are also possible in accordance with the present invention. 
[0052] Also as shown, the antenna winding 405 has a plu- 
rality of tap positions. The tap positions can be placed at 
various locations along the antenna winding 405 to interrupt 
the continuous flow of the antenna winding 405. Various tap 
positions also enable access to the varying impedance of the 
winding 405. As shown, tap A is located at the end of the 
outermost winding, tap B is located at the end of the inner- 
most winding, tab C is located at a position on the second 
innermost winding, and tab D 1s located at a position on the 
winding closest to the outer winding. In this arrangement, the 
outermost winding is the high impedance winding with the 
innermost winding being a low impedance winding. 
Although taps A, B, C, and D are located in these positions in 
this embodiment, various other embodiments could have 
various tap positions along the antenna winding. 


[0053] The windings 405 can have various characteristics 
in accordance with the various embodiments of the present 
invention. For example, the windings 405 can have a planar 
shape having a thickness ranging between about 10 microns 
to about 100 microns. In currently preferred embodiments, 
the thickness of the windings 405 can range between about 13 
to about 60 microns. In addition, the windings 405 can be 
arranged so that no sharp turns are provided in the windings 
405. As shown in FIG. 4, the windings 405 are configured to 
have smooth transition between segments. In currently pre- 
ferred embodiments, angular transitions have angular turns 
about 45 degrees or less. Also, the windings can be made of 
various conductive metals or metal alloys. In some embodi- 
ments, the windings can be made with substantially pure 
copper traces. In other embodiments, the windings can be 
made with copper foil, stamped copper, etched conductors, 
copper plating, milled copper, pressed copper wire, silver, 
and aluminum. 

[0054] Now turning to FIG. 5, there is shown a schematic 
diagram of a power recovery/conversion circuit 500 in accor- 
dance with some embodiments of the present invention. The 
circuit 500 generally includes three modules: a power har- 
nessing module 505, a power conversion module 510, and a 
control RFID module 515. The circuit 500 can also be con- 
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figured to provide an output voltage (V our) 520 and receive 
a control signal 525 from another component. The output 
voltage 520 can be provided from the interaction between the 
power harnessing module 505 and the power conversion 
module 510. 


[0055] As shown, the power harnessing module 505 
includes a capacitor 530 and an antenna 535. The capacitor 
530 can be variable (as illustrated) or fixed at a certain value. 
The value of the capacitor 530 can be selected to tune the 
antenna 535 such that its winding can resonate at a certain 
frequency. The resonation frequency can be an energy field’s 
center carrier frequency. Resonation enables maximum 
power transfer from an energy field to the antenna’s 535 
windings. As shown, the antenna’s windings 535 can be 
tapped at various locations (similar those in FIG. 4). Potential 
from the taps B, C, D can be provided as inputs to power 
conversion module 510 and the control/RFID module 515. 


[0056] When the antenna 535 encounters an energy field 
(e.g., an RF field) a current is generated thereby creating an 
AC voltage. This AC voltage can be accessed at tap B and 
provided to the power conversion module 510. The power 
conversion module 510 includes a rectifier 540 to convert the 
AC voltage to a DC voltage. The rectifier 540 includes two 
diodes coupled in a full wave arrangement. In currently pre- 
ferred embodiments, the diodes are Schottky diodes. This 
type of diode enables effective harnessing of power from high 
frequency energy fields. 


[0057] The diodes can also be coupled to a capacitor net- 
work 545. As shown, the capacitor network 545 can include 
two series capacitors in a parallel arrangement with a single 
capacitor. The capacitor network 545 can also be arranged in 
other configurations. The capacitor network 545 can filter the 
converted DC voltage. The capacitor network 545 can also 
include a super capacitor (ranging from 2 Farads to 10 Far- 
ads). In this arrangement, the circuit 500 can be used as fast 
charging device using only source energy provided from a 
wireless field. 


[0058] The power recovery/conversion circuit 500 also 
includes a control/RFID module 515. The module 515 can be 
used to communicate with a device that provides an energy 
field (such as an RFID reader). Communication can be done 
via load modulation (also known as backscattering). In this 
arrangement, embodiments of the present invention (e.g., the 
circuit 500) can be used to advantageously simultaneously 
receive/convert power and transmit/receive data. 


[0059] FIG. 6 graphically depicts an RF field in a proximate 
relationship with a portable device (e.g., smartcard) in accor- 
dance with some embodiments of the present invention. Pro- 
jected at approximately 90 degrees from the reader surface, 
the RF energy field may be described as a “dome” of electro- 
magnetic energy having a frequency of 13.56 MHz. Both 
electrical (E) and magnetic (H) fields are present; however the 
dominant field is magnetic. For ISO-14443, the typical field 
intensity is on the order of 1 Amp/meter. A typical RFID 
device uses 10 mA in the two second period (approximately) 
needed to detect and respond to reset conditions with the 
secured data stream. The dome of energy may extend for 
several inches from the reader surface. The reader’s inductor 
or antenna is typically configured to permit a field height and 
radius of equal proportions. The typical dome provides useful 
energy within a dome of approximately 1 to 2 inches high. 
FIG. 4 depicts a model of the reader, the projected field, and 
a card in the field. 
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[0060] FIG. 7 illustrates a functional block diagram of a 
biometric device 700 in accordance with some embodiments 
of the present invention. As shown, the biometric device 700 
can be sized and shaped as a card 705 (e.g., an access card or 
a smart card). In other embodiments, the biometric device 700 
may be sized in shaped in other configurations. In some 
embodiments, the biometric device 700 may be integrated 
with other devices or a host device. These can include 
devices, such as fobs, dongles, cell phones, smart phones, 
computers, personal communication devices, and the like. 
When integrated with a host device, the biometric device 700 
can be used to secure or enhance secure access to the host 
device. 

[0061] As illustrated in FIG. 7, the biometric device 700 
can comprise various components. The components can 
include an antenna 710, interface pads 715, a processor or 
microcontroller 720 (CPU), a power circuit 725, an RF chip 
730, and a biometric sensor 735 (e.g., a finger pint sensor). As 
illustrated, the biometric device 700 does not include a local 
power supply (in other embodiments, the biometric device 
may include a lower power supply, such as a battery or solar 
cell system). By not having a local power supply, the biomet- 
ric device 700 can be arranged and confined to a small space. 
[0062] Even though the biometric device 700 lacks a local 
power supply, the biometric device 700 is equipped with 
features capable of harnessing power from an RF energy field. 
The antenna 710 can be used to harness wireless energy for 
use as a power source. For example, the antenna can receive 
RF energy and convert the RF energy to AC power (1.e., and 
AC voltage and current). This AC voltage can be converted to 
DC using the power circuit 725. The power circuit 725 can 
provide t his DC power (1.e., DC voltage and current) to the 
various other components. For example, the power circuit 725 
can provide DC power to the CPU 720, the RF chip 730, and 
the fingerprint sensor 735. As shown in FIG. 7, the power 
circuit 725 can be electrically coupled to the CPU 720, the RF 
chip 730, and the fingerprint sensor 735. 

[0063] In operation, the biometric device 700 can be con- 
figured to authenticate a user’s finger print to actuate an event 
(such as entry access). To implement the authentication abil- 
ity, the CPU 720 can have a memory and biometric data (e.g., 
a finger print template) can be downloaded into this memory. 
This can be done via the interface pads 715 in some embodi- 
ments. The biometric data can be associated with one or more 
users. In currently preferred embodiments, the biometric data 
is a finger print for a unique user. The finger print data can be 
a digital representation of the finger print and can be stored as 
a fingerprint template. 

[0064] Using the biometric device, the unique user can 
position the device close to a source of RF energy, such as an 
RFID reader. Typically, RFID readers are located near entry- 
ways to restrict access. When a user with the biometric device 
approaches the RFID reader, the antenna 710 harvests energy 
from the RF field, the power circuit 725 converts the har- 
vested power to DC, and then the DC voltage is distributed for 
use. 


[0065] When receiving power, the fingerprint sensor 735 
activates and captures external finger print data. The external 
finger print data is provided to the CPU 720. The CPU 720 
compares the external finger print data to the stored finger- 
print template. Based on the comparison, the CPU 720 can 
calculate a comparison score. The CPU 720 can then contrast 
the comparison score with a set threshold to determine if a 
match or no match condition has occurred. The threshold can 
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be adjusted to ensure sensory integrity. Ifthe CPU 720 deter- 
mines that the external fingerprint data matches to stored 
template, the CPU 720 can proceed to take steps to commu- 
nicate this information. For example, the CPU 720 can signal 
the RF chip 730 to generate a signal for wireless transmission 
by the antenna 710. The RF chip 730 may not necessarily send 
a signal; rather it may modify an RF reader’s energy field (via 
load modulation/backscattering) with a certain data modula- 
tion pattern. Upon detecting the modulation of its energy 
field, the RF reader can then actuate an event. This event 
actuation can include such things as unlocking the door to an 
entry way or sending a start signal to another device. 


[0066] All necessary power for capturing external finger- 
print, calculation of matching, RF chip power, or an optional 
LED/display on the card is supplied from RF power through 
antenna. Exemplary standards for the RF energy field can 
include, but are not limited to, ISO 14443 A/B/C, ISO 15693, 
Mifare, and Felica. Depending on the communication proto- 
col, an energy field can have a certain carrier frequency. In 
some instances, the carrier frequency can be 13.56 MHz. To 
achieve maximum power transfer, the antenna 710 can be fine 
tuned to resonate at an energy field’s carrier frequency. For 
example, the antenna 710 can be tuned with a capacitor to 
resonate at 13.56 MHz so that the antenna 710 can maximize 
energy harvesting from the energy field. 


[0067] The biometric device 700 can enhance and improve 
upon legacy access card systems. In certain security applica- 
tions, many use wireless door access cards. Legacy cards and 
card systems, however, have no functions to authenticate card 
holders. This deficiency results in a weakness of legacy card 
situations: cards can be stolen, faked, or replicated by fraud- 
sters. This activity can lead to unauthorized access which can 
result in criminal activity. Embodiments of the present inven- 
tion address the weakness of legacy card systems. In particu- 
lar, embodiments of the present invention authenticate card 
holders. 


[0068] Embodiments of the present invention also enable 
non-battery card systems. If batteries are used in cards, there 
is always a risk of running out of battery power in the battery 
and thus at an important event losing battery power can cause 
serious problems. Power supply environment has to be 
always guaranteed as long as power on the reader is guaran- 
teed. Embodiments of the present invention are designed to 
have a low dissipating power system and utilize efficient 
energy acquisition through a novel tuned antenna design (as 
discussed herein). 


[0069] FIG. 8 illustrates a schematic of a biometric device 
800 in accordance with some embodiments of the present 
invention. This figure illustrates details of a RFID tag power 
circuit 805 (such as power circuit 725). This figure also shows 
how the RFID power circuit 805 connects with antenna 810 at 
various tap positions. 


[0070] As discussed herein, embodiments of the present 
invention can utilized a single antenna having various taps 
position along a single wound conductor. The various tap 
positions enable a single antenna winding to be multi-pur- 
pose: power harnessing and data transmission. As shown in 
FIG. 8, the antenna 810 has four taps: A, B, C, and D. Tap A 
is positioned at the terminal end of the innermost winding, tab 
B is located at a corner position of the second innermost 
winding, tap C is located at a corner position of the third 
innermost winding, and tap D is located at the terminal wind- 
ing of the outermost winding. By virtue of placing taps B and 
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C between taps A and D, the single antenna 810 is divided into 
segments. The segments enable the single antenna to have 
multiple functions. 

[0071] Shown connected to the various taps in the drawings 
are various logical devices and circuit components. For 
example, the antenna coil is terminated with a ceramic 
capacitor C3 at taps A and D. C3 can be used to tune the 
antenna to a certain frequency (e.g., 13.56 MHz+1 Mhz). The 
certain frequency that antenna is tuned to can be the center 
frequency of an energy field’s carrier wave. In currently pre- 
ferred embodiments, C3 has a value ranging from 10 pF to 30 
pF. The value can be more precisely 15 pF in some embodi- 
ments. 

[0072] Tap C can be connected to the RF chip 830 so that 
the RF chip 830 can use the antenna for communication. In 
this arrangement, the RF chip 830 can generate signals for 
transmission using the antenna 810. In addition, the antenna 
can be used to receive data (e.g., see FIGS. 13-14). As a result, 
the single antenna 810 can be used to harvest power and 
communicate (receive data and transmit data). Data transmis- 
sions can be carried out by emitting wireless signals or modi- 
fication of an energy’s field load. 

[0073] Certain of the antenna’s 810 taps can be connected 
to devices to aid in harnessing power from an RF energy field. 
For example, and in currently preferred embodiments, tap A 
can be coupled to a rectifier. The rectifier can include two 
diodes: Schottky diodes D2 and D3. Tap B can be coupled to 
the interconnection of C1 and C2, with C2’s other terminal 
being tied to ground. This configuration enables the rectified 
voltage to be regulated by a voltage regulator 840 (e.g., a Low 
Drop Out (LDO)). The voltage regulator 840 can be more 
than 6 volts. This rating is high enough to supply an output 
voltage of 3.3 VDC. This output voltage can be utilized by 
logical/digital devices, such as CPU 820. In currently pre- 
ferred embodiments, C1 and C2 can be in the range of 1 
micro-farad to 100 micro-farads. In some embodiments, 
C1=C2. Using the illustrated antenna and rectifying circuit, 
the LDO 840 can supply about 3.3 volt/50 mA to CPU 820 
and a fingerprint sensor 835. Preferably, the CPU is rated to 
consume between 30-40 mA at 60 MHz clocking operation 
and the fingerprint sensor 835 consumes 7-10 mA during the 
finger print capturing process. 

[0074] When the biometric device 800 is positioned proxi- 
mate an energy source (e.g., an RFID card reader), the device 
will begin to operate (FIG. 9 explains additional operational 
state details). When operations initiate, the CPU 820 can 
signal the finger print sensor 835 to capture the fingerprint of 
a card holder. In response, the finger print sensor 835 captures 
finger print data. The captured finger print data can be sent to 
the CPU 820. 

[0075] Upon receiving the captured finger print data, the 
CPU 820 can act on the data. The CPU 820 may take a digital 
rendering of the data or extract a simplified image from the 
raw, scanned finger print data. After acting on the captured 
finger print data, the CPU 820 can compare the extracted 
image to previously stored finger print data. To enable effec- 
tive comparison, the stored finger print data and the captured 
finger should be obtained by the same method (e.g., same 
digital rendering algorithm or same data extraction method). 
Other finger print data simplification methods include but are 
not limited to thinning, noise removing, rotations, extracting 
Minutiae, and FFT (Fast Fourier Transfer). 

[0076] To implement the comparison of the two data sets, 
the CPU 820 can implement a matching algorithm. The 
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matching algorithm can retrieve the stored finger print data 
from memory and compare with the received external data. 
Results of the comparison may produce a comparison score. 
After obtaining the comparison score, the CPU 820 can deter- 
mine if the score exceeds or falls below a predetermined 
threshold. In some embodiments, a comparison score that 
exceeds the threshold indicates a match condition and a com- 
parison score that falls below the threshold indicates a no 
match condition. 

[0077] After determining the existence of a match or no 
match condition, the CPU 820 can initiate control of the RF 
chip 830. For example, upon confirming a match condition, 
the CPU 820 holds the register of an IO port to output a signal 
to enable Q1 to drive the antenna 810 at tap C (tap C can be 
located at roughly the center of the whole antenna 810). By 
controlling the output signal to Q1, the CPU can toggle QI’s 
gate thereby turning Q1 offand on. This offand on modulates 
antenna transmission. The toggling activity, thus, enables the 
RF chip 830 to modulate data transmitted by the antenna 810. 
[0078] While the CPU 820 is controlling Q1, the CPU 820 
can hold its IO port. When doing this, the CPU 820 can reduce 
its clock cycle to induce a sleep mode or a low frequency 
clock mode. When entering a sleep mode, the CPU 820 can 
also instruct the finger print sensor 835 to enter a sleep mode. 
By entering a sleep mode, the CPU 820 and the finger print 
sensor consume less power thereby preserving power for 
other components. 

[0079] By operating in this fashion, the biometric device 
800 can obtain full power from a wireless energy source. This 
full power can be initially used by the CPU 820 and the finger 
print sensor 835 to focus on calculations. Then the device 800 
can focus on sending signal data via RF chip 830. In testing of 
a prototype device, using a normal reader for one-fingerprint 
sensor ISO 14443A wireless card reader, a communication 
distance of 30mm has been confirmed. This distance is the 
same distance of normal 15014443A card communication 
distance. So, even though there are many power hungry com- 
ponents on the biometric device 800, the biometric device 800 
can communicate with the same reader at the same distance 
allowance. 


[0080] The biometric device 800 can have various physical 
characteristics. For example, the antenna 810 is preferably 
made on a flexible PCB. The antenna’s windings can be 
fabricated with planer copper traces. The antenna 810 pref- 
erably shares the same flexible PCB sheet with various other 
components and includes copper couplings to these other 
components. The other components can include the CPU 820, 
the RF Chip 830, a fingerprint sensor 835, and a voltage 
regulator 840. The flexible PCB sheet can be fabricated with, 
but no limited to, polyimide, mylar, PET, and kapton. The 
antenna’s 810 windings can be made of laminated copper, 
plated copper, printed silver, combinations thereof, and many 
other conductive materials. 

[0081] The antenna 810 can also have various other char- 
acteristics. For example, the antenna 810 coil can be made in 
a wound coil pattern. The wound coil pattern can be done so 
that a coil has a plurality of individual windings. The indi- 
vidual windings can have a thickness between about 10 
microns to about 100 microns. The individual windings can 
also have a width ranging from about 50 microns to about 200 
microns. Currently preferred embodiments have a width of 
about 100 microns witha thickness ranging between about 25 
microns to about 35 microns. Thickness values should be 
selected to provide antennas having desired resistivity values. 
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Such pattern can be patterned on one side of FPCB or both 
side of FPCB. Currently preferred coil winding embodiments 
include five windings with five turns. The windings can be 
positioned proximate the outer periphery edges of an access 
card. This configuration advantageously enables acceptance 
of a maximum magnetic flux from an RFID reader’s energy 
field. The antenna 810 can be coiled so that the antenna 810 
has angular turns less than about 45 degrees to limit eddy 
currents. 

[0082] FIG. 9 illustrates a logical state diagram 900 illus- 
trating operational states of a biometric device in accordance 
with some embodiments of the present invention. Generally, 
the several states show various operational stages of a por- 
table device. A first state 905 shows a portable device in an 
initial state with no power, a second state 910 shows a por- 
table device in range of an energy field at full power, and a 
third state 915 shows a portable device in range of an energy 
field with reduced power use to focus on data communication. 
Each of the states is discussed below in more detail with 
reference to an access card application. It should be under- 
stood, however, that the dual power harnessing and data com- 
munication states could be used in various other applications, 
including but not limited to, cell phone charging/data updat- 
ing, smart phone charging/data updating, computer charging/ 
data updating, personal music player charging/data updating. 
[0083] Turning now to state 905, an access card is in an 
initial no-power state. In this state, the card is likely outside 
the range of an energy field. As a result, the access card’s 
antenna can not harvest any wireless energy. Access cards in 
this state will likely remain in the initial, no-power state until 
brought in the range of an energy field source. A no-power 
state could occur when multiple, fine-tuned cards are placed 
in close proximity of an energy source. Typically, in this 
situation, the card closest to the energy source pulls power 
from the energy source while those cards further away receive 
little to no power due to the existence of the closer power. The 
status information shown in state 905 indicated the existence 
zero volts and amps in the initial state. 


[0084] A next state is shown as state 910. State 910 can 
result when an access card is brought within range of an 
energy field (e.g., see FIG. 6). When this occurs an access 
card’s antenna and power conversion circuit can recover and 
harvest power from the energy field. This power can then be 
provided to electronics within the card. The electronics can 
include a processor and a fingerprint sensor. The processor 
and the finger print sensor can be used to scan a user’s finger 
print and compare the scanned finger print against a known 
finger print. This procedure can authenticate someone hold- 
ing an access card. Advantageously, this enables embodi- 
ments of the present invention to authenticate a card holder to 
ensure the card holder is properly associated with an access 
card. Access cards may not need to remain in a full energized 
state (such as state 910) to carry out its functions. Indeed, to 
preserve energy and efficiently use harvested power, a pro- 
cess can be configured to switch on and off other components. 
An example of this is shown in state 915. 

[0085] State 915 illustrates a feature of some embodiments 
of the present invention, where certain components are 
switched off or instructed to enter a sleep mode. By instruct- 
ing components to enter a sleep mode, power usage is mini- 
mized and or focused for use by other components. As shown 
in state 915, the processor provides a sleep mode signal to the 
finger print sensor. When the finger print sensor is in sleep 
mode, the CPU can then direct adequate power to an RF chip. 
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When powered, the RF chip can communicate with a card 
reader. State 915 also represents the ability to continuously 
receive and harvest power from an energy field and at the 
same time, communicate with an access card reader. In cur- 
rently preferred embodiments, communication can be 
accomplished via field load modulation. 

[0086] FIG. 10 illustrates a schematic of an alternative 
RFID tag power circuit and biometric system 1000 in accor- 
dance with some embodiments of the present invention. In 
this system (which is similar to that shown in FIG. 8), mul- 
tiple processors are used and an RF chip is not used. In 
addition to CPU 1020, a combination security CPU (Combi 
CPU) 1030 is used. The combination security CPU 1030 can 
be used for smart card embodiments and is capable of han- 
dling ISO7816 and 185014443 wireless interface protocols. 
Further employment of the combination security CPU 1030 
enables data transmission from ISO 7816 section to ISO 
14443 section. Normally the ISO 14443 section 1s activated 
automatically when voltage (Vcc) to Combi CPU 1s off 
[0087] In operation, system 1000 functions similar to the 
biometric device 800 (FIG. 8). Upon a finger print match, 
however, the CPU 1020 gives power Vcc to the Combi CPU 
1030 through 103. The power can be 3.3 V 5 mA. At the same 
time, CPU 120 can output voltage from 103 to to enable Q1. 
Enabling Q1 allows data to be sent from from 102 (ISO7816 
Protocol) to ISO7816 IO of Combi CPU 1030. The data can 
be card holder name, matching result as the basic data and for 
security, send CPU ID, sensor ID and card UID or previous 
communication record, where all communication can be 
encrypted by such PKI. 

[0088] Within Combi CPU, ISO7816 portion write the date 
in the shared memory of combi CPU, where shared memory 
can be read by ISO 14443 section and send such read data 
through antenna, when Vcc to Combi CPU is disconnected. 
Then upon all necessary data is transmitted from CPU to 
Combi CPU, then makes IO 3 to be floating. This enables 
Combi CPU to send data by reading the data in the shared 
memory written by ISO7816 portion trough antenna. At the 
same time, by reducing clock to CPU and making finger print 
sensor to be sleep mode, power consumption of the card is 
minimized as the ISO 14443 section of security CPU is only 
active. Regarding the power dissipations, this situation is 
almost same situation of normal ISO 14443 card and thus the 
invention can have the similar distance or normal ISO 14443 
card, even though it contains intelligence and security. 


[0089] FIG. 11 illustrates a functional logic diagram show- 
ing a method 1100 of a mobile (or portable) device being used 
in an energy field for energy harvesting and data exchange. At 
1105, a device is positioned in an energy field. The device can 
be a portable communication device or a portable access 
device. The energy field can be provided by any device 
capable of emitting or giving off an energy field. The energy 
field can be an RF energy field in some embodiments. In other 
embodiments, the energy field can higher or lower frequen- 
cies. In currently preferred embodiments, the device can be 
configured to interact with the energy field for multiple pur- 
poses. 

[0090] Asshown at 1110, the method 1100 can also include 
harvesting and converting power from an energy field. This 
can be accomplished by configuring a portable device to 
convert wireless energy from the energy field into electrical 
power. For example, a portable device can include an antenna 
(as described herein) capable of interacting with an energy 
field to generate electrical current and voltage. The antenna 
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can be sized and shaped to fit within a small area, like an 
access card. And in other embodiments, the antenna can be 
located within a portable communication device. When 
receiving power from an energy field, the power can be con- 
verted from AC to DC; DC power can be used to power both 
analog and digital devices. The AC can also be used to receive 
and transmit data. 

[0091] When brought into an energy field and power trans- 
fer occurs, the method 1100 can also include at 1115 detect- 
ing receipt of power and an initialization procedure. In some 
embodiments, non-powered components can be in a sleep (or 
pause) mode until power detection occurs. Upon detection, 
for example, a processor can be configured to determine that 
adequate power is being provided and if so, enter an initial- 
ization procedure. The procedure can include ramping up of 
processor clocking speeds and signaling other components. 
[0092] In some embodiments, a wake up routine can 
include a processor being configured to communicate with 
other components. For example, at 1120, a processor can 
initiate operations of a biometric data sensor. The data sensor 
can check for presence of biometric data and capture biomet- 
ric data. In currently preferred embodiments, biometric data 
sensors include finger print sensors. Other types of sensors 
can also be used. 

[0093] After capturing biometric data with a sensor, the 
method can include testing of the captured data at 1125. For 
example, the captured data can be compared with known data 
for authentication purposes. The comparison can result in a 
score which can be compared against a threshold. Results of 
the comparison against the threshold can result in a match or 
no-match condition. 

[0094] The method 1100 can also include taking action on 
a determined match or no-match condition. For example, at 
1130, the method 1100 can include communicating the 
results of the data comparison. The communication can 
include an RF chip sending a wireless signal about the data 
comparison. The communication may also include modulat- 
ing an existing energy field (e.g., field-load modulation). The 
communication can be in full duplex mode between a host/ 
base device and a portable device. 

[0095] Communication may occur simultaneously with 
other method actions. For example, at 1135, while commu- 
nication exchanges are occurring, power harvesting can be 
done in a manner to charge a local power supply. Harvesting 
wireless energy can result in doing away with physical cables/ 
conductors normally required for power harvesting. 

[0096] FIG. 12 illustrates a functional block diagram of a 
power harvesting/charging-data transmission system 1200 in 
accordance with some embodiments of the present invention. 
Generally, the system 1200 contains a host device 1205 and a 
portable wireless device 1210. The host device 1205 can 
include many devices capable of sourcing an RF energy field 
and capable of receiving/detecting data modulations in an RF 
data field. The portable wireless device 1210 can include 
many portable devices capable of interacting with an RF 
energy field. 

[0097] In some embodiments, the host device 1205 can be 
used to charge a power source (e.g., a battery) associated with 
the portable wireless device 1210. For example, if the por- 
table wireless device is a portable communication device, 
such as a cell phone or smart phone, having a battery, the 
portable communication device can include an RF power 
harnessing circuit as discussed herein. By harvesting the 
host’s device RF energy field, the portable wireless device 
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1210 can charge its batteries. Since the charging can take 
place wirelessly, the need for charging devices or power 
cables does not exist. Charging times can range from fractions 
of seconds to multiple minutes. 

[0098] In addition to enabling the charging of local power 
source, the portable wireless device 1210 can be equipped 
with circuitry to receive and transmit data from the host 
devices 1205 RF field. By being able to simultaneously 
transceive data and charge, the portable wireless data can 
share data with a network connected to the host device. Data 
exchanges can be accomplished at varying rates. For 
example, data exchange rates can include 106, 212, 424 and/ 
or 848 kbit/s. 

[0099] FIG. 13 illustrates a schematic diagram of a RFID 
transceiver module 1300 in accordance with some embodi- 
ments of the present invention. As shown, the module 1300 
includes various analog and digital components. The antenna 
coil can interact with an energy field to generate AC power. 
The AC power can be fed to a rectifier (diode D1) for DC 
conversion. The converted DC can be provided to an op amp 
Al (e.g., Texas Instruments Op Amp OPA354 family) as an 
input source. The op amp can be configured as a comparator 
and use the converted DC as an input signal. The op amp also 
has as a reference input a floating reference. The floating 
reference is provided by a second diode (D2). The second 
diode D2 allows current to pass so that it functions as a 
voltage disconnect. The output of the op amp Al can be data 
provided in a RF field, such as by an RFID card reader. 
[0100] In addition to being able to receive data, the module 
1300 can also simultaneously transmit data. Data transmis- 
sion can be accomplished via transistor Q1. Toggling Q1 on 
and off can result in voltage passing through diode D1 to 
interact with the antenna coil. This interaction can result in 
load modulation. The load modulation can be detected/pro- 
cessed by a component to determine the toggling rate of Q1. 
The toggling rate of Q1 can be used to encode data thereby 
transmitting data to another component. Using module 1300, 
data handling can be simultaneous receipt and transmission 
all the while being powered by an RF energy field. 

[0101] As discussed herein, the module 1300 can be used 
for wireless power configurations. For example, the module 
1300 can be used in contact and wireless power mode appli- 
cations (e.g., ISO 7816 and ISO 14443 A, B or Felica). An 
ISO pad can be used when a card is used as contact type IDO 
7816. Voltage (SV or 3.3V) can be supplied through ISO pads. 
The voltage can be supplied to a voltage regulator, that regu- 
lates power to 3.3 V in this case. In case of contact mode, there 
is no wireless power in some embodiments. In wireless 
embodiments, there may be no power from ISO pads. The 
input to voltage regulator can be wired or from contact mode 
ISO 7816 via pads and Wireless Mode ISO 1443. 


[0102] The voltage regulator can be used to supply power to 
a verification CPU and a finger print sensor. In either case, a 
finger is placed on to fingerprint sensor. Verification CPU 
supplies power to Dual mode CPU by logically control I/O 
Such as 10 mA supply able general IO of CPU. The verifica- 
tion CPU can enable or disables Dual mode CPU to send data 
through antenna or not. Verification CPU can send data from 
verification CPU to Dual SEC CPU through ISO 7816 IO, 
using URT IO of the verification CPU. The verification CPU 
can control the antenna directly so that at initial stage, while 
voltage is not strong enough. Antenna can not be activated by 
Dual SEC CPU at any moment, in another word, fail safe 
control. 
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[0103] FIG. 14 illustrates a schematic diagram of a RFID 
transceiver module circuit 1400 for use in charging applica- 
tions in accordance with some embodiments of the present 
invention. The circuit 1400 is similar to that shown in FIG. 5 
so for brevity, this discussion will not repeat identical details. 
The circuit 1400 can be used in power charging applications. 
For example, by using a super capacitor in parallel to a 
stacked pair of capacitors, the super capacitor can be used to 
charge a power source (e.g., a rechargeable battery). In some 
embodiments, the super capacitor can have a value ranging 
from several farads to many farads (e.g., 1 to 1000 farads). 
Preferably the super capacitor is sized and shaped to be small 
to fit within small, portable devices. 

[0104] FIG. 15 illustrates a logical flow diagram 1500 of a 
method that can be used to implement embodiments of the 
present invention on a mobile device (e.g., an access card). 
Those skilled in the art will understand that method 1500 can 
be performed in various orders (including differently than 
illustrated in FIG. 15), additional actions can be implemented 
as part of a method embodiment, and that some actions pic- 
tured in FIG. 15 or discussed below are not necessary. In 
addition, it should be understood that while certain actions 
illustrated in FIG. 15 may be discussed herein as including 
certain other actions, these certain other actions may be car- 
ried out in various orders and/or as parts of the other actions 
depicted in FIG. 15. Method embodiments of the present 
invention, such as the one depicted in FIG. 15, may be imple- 
mented with the devices and systems discussed herein. 
Method embodiments may also be coded in a programming 
language, stored in a memory, and implemented with a pro- 
cessor or microcontroller. Method embodiments can also 
include the use of component devices and a processor can be 
used to manage operation of component devices as desired. 
[0105] The method 1500 can initiate in an initial setting. In 
an initial setting, there may be no power environment. And as 
aresult, no action is made. When proximate an energy field at 
1505, energy can generated via a power circuit at 15 10. The 
power circuit at 1515 can charge a capacitor. Charging a 
capacitor can increase voltage output from the capacitor. 
[0106] If a harnessed voltage is over a CPU activation 
threshold, a CPU can initiate processing functions at 1520. Or 
if a CPU does not have such functionality, a dedicated reset 
circuit can be used. This circuit can be made by RC charging 
voltage with Schmitt Trigger circuit. If necessary enabling 
time delay can be added to set up time. If a no-power state is 
detected at 1525, then the CPU can go into sleep mode for 
saving energy at 1530. Ifa no-power state is detected the CPU 
and biometric sensor can enter a sleep mode. 

[0107] Sleep modes can also be implemented for power 
savings. For example, a CPU can enter sleep mode based on 
a finger print sensor’s activity. A CPU can then monitor for a 
wake up trigger from a finger print sensor, if fingerprint 
sensor has finger detecting circuit. Such finger detecting cir- 
cuit can be made by several lines of detection of finger out of 
whole cell activation. This can save more than 90% of energy 
of fingerprint sensor. Before detecting fingerprint, this is 
sleep mode of fingerprint sensor. By this sleep mode of fin- 
gerprint sensor and sleep mode of CPU, voltage across the 
voltage regulator ramps up at maximum speed. 

[0108] Once a finger is placed in the field of energy where 
CPU and sensor can operate, the sensor can gather data at 
1535. For example, a fingerprint sensor can send wake up 
commands to CPU (verification CPU), and the CPU can start 
getting data from fingerprint sensor. As this occurs, only 
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CPU's interface, such as SPI interface and memory, is active 
to receive data from CPU. For example, a 128x256 bit cell has 
8 bit gray scale (262 kb), 10 MHz reading speed takes 0.026 
sec, and the power dissipation of sensor 1s between 0.1 mA to 
7 mA depending on sensor type. The current of CPU can be 10 
mA at 10 MHz. Total current at this phase is 17 mA. 


[0109] Once data from fingerprint sensor is transferred to 
CPU memory, finger print sensor will be in sleep mode again 
even though finger is on the sensor. Then a taken image data 
can be processed as image processing to reduce data as con- 
vert gray scale data to skinny but continuous line data of 
fingerprint pattern. This process is done by filtering, such as 
two dimensional FFT. Then from skinned line data, crossing 
point, edge of line can be detected by Minutiae processing 
program. Through this process, minutiae vector can be 
obtained as personal ID vector data. 


[0110] This data is compared to the stored reference data in 
CPU flash memory at 1535. This comparison may not be 
100% matching. Rather, the comparison can give a score of 
matching. Matching can be measured based on the numbers 
of minutiae to be compared. In the process of matching, angle 
is to be rotated by Æ’ ffn transfer program. Also, a threshold 
like FAR (False Acceptance ratio) as 0.1%, as the card can be 
used only card holder. FRR (False Rejection Ratio as 0.01%) 
so that mismatch frustration. This threshold adjustment can 
be FRR<FAR. 


[0111] After testing the finger print data, test results can be 
communicated at 1540 to another device. The data commu- 
nication can include test result and other information. For 
example, when fingerprint is matched, the CPU can generate 
data comprising of the event of fingerprint match, Unique ID 
of CPU, Unique ID of sensor if available, assigned ID of card 
or along with card holder name, of if required picture of card 
holder, and or time stamp 1f useful. 


[0112] Data transmission can be done in an encrypted fash- 
ion. The CPU can encrypt the data to increase security. 
Encryption protocols can include Triple DES, AREA, Camel- 
lio, AES, and RSA. Other encryption schemes can also be 
employed to meet whatever encryption required by users. PKI 
can be used as additional encryption and UID, time stamp, or 
part of Minutiae can be used as private key. 


[0113] Those information can be generated in Verification 
CPU, but can be also generated by security CPU, such as dual 
mode CPU (SEC CPU hereafter), because SEC CPU has 
coprocessor of encryption. Wireless controller, which is for 
example, wireless portion of SEC CPU, start shaking hands 
with card reader. The communications can be wireless and 
sent through antenna by modulating load of antenna. 


[0114] The embodiments of the present invention are not 
limited to the particular formulations, process steps, and 
materials disclosed herein as such formulations, process 
steps, and materials may vary somewhat. Moreover, the ter- 
minology employed herein is used for the purpose of describ- 
ing exemplary embodiments only and the terminology is not 
intended to be limiting since the scope of the various embodi- 
ments of the present invention will be limited only by the 
appended claims and equivalents thereof. 


[0115] Therefore, while embodiments of the invention are 
described with reference to exemplary embodiments, those 
skilled in the art will understand that variations and modifi- 
cations can be effected within the scope of the invention as 
defined in the appended claims. Accordingly, the scope of the 
various embodiments of the present invention should not be 
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limited to the above discussed embodiments, and should only 
be defined by the following claims and all equivalents. 


We claim: 

1. A portable wireless device used for event actuation, the 
portable wireless device comprising: 

a wireless power harnessing module that comprises an 
antenna tuned to a resonant frequency associated with a 
source of an energy field, the antenna being tuned witha 
capacitor placed in parallel with the antenna; 

the antenna comprising several windings which when 
proximate the energy field, result in the wireless power 
harnessing module sourcing power; 

a biometric data comparison module coupled to the wire- 
less power harnessing module, the biometric data com- 
parison configured to enter a powered state when receiv- 
ing adequate power from the wireless power harnessing 
module, wherein in the powered on state, the biometric 
data comparison module is operatively configured to 
receive external biometric data from an external source 
and compare the external biometric date to stored bio- 
metric data; and 

a communication module configured to provide informa- 
tion responsive to the comparison of the external bio- 
metric date and stored biometric data. 

2. The portable wireless device of claim 1, wherein the 
wireless power harnessing module, the biometric data com- 
parison module, and the communication module reside 
within an ISO-7816 defined card outline. 

3. The portable wireless device of claim 1, wherein the 
wireless power harnessing module comprises a rectifier cir- 
cuit coupled to a low impedance winding of the antenna and 
a common ground, the rectifier circuit configured to convert 
AC voltage provided by the antenna to DC voltage. 

4. The portable wireless device of claim 1, further com- 
prising a capacitor located in parallel with the antenna, 
wherein the relationship between the capacitor and the 
antenna defines the resonant frequency. 

5. The portable wireless device of claim 1, wherein the 
device has no local power source. 

6. The portable wireless device of claim 1, wherein the 
antenna is divided up into segments disposed at various tap 
positions such that antenna has multiple segments configured 
to carry out multiple functions. 

7. The portable wireless device of claim 1, wherein the 
wireless power harnessing module harness power from the 
energy field simultaneously to the communication module 
transmitting and receiving data from the energy field. 

8. The portable wireless device of claim 1, wherein the 
antenna comprises an antenna coil pattern wound in a con- 
centric fashion that comprises inner and outer windings. 

9. The portable wireless device of claim 8, wherein the 
antenna coil pattern is a continuous planar copper trace hav- 
ing tap positions located at various places along the coil 
pattern so the antenna has multiple segments configured to 
have different functions. 

10. The portable wireless device of claim 1, wherein the 
wireless power harnessing module comprises a rectifier cir- 
cuit is a voltage doubling circuits that comprises two Schottky 
barrier diodes arranged in a full wave rectifying arrangement. 

11. A wireless access control device, the device compris- 
ing: 

a power circuit configured to have a default non-energized 

state and an energized state, the power circuit configured 
to receive energy from an energy field to enter the ener- 
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gized state so that the power circuit can source electrical 
power, wherein the power circuit is finely tuned to a 
carrier frequency of the energy field; and 

a processor coupled to the power circuit, the processor 

configured to receive electrical power when the power 
circuit enters the energized state, the processor further 
configured to receive data from a sensor, and in response 
to the received data, the processor further configured to 
generate a signal corresponding to an access level. 

12. The wireless access control device of claim 11, wherein 
the processor receives power only from the power circuit 
when energized and the processor is not configured to receive 
power from any other power source. 

13. The wireless access control device of claim 11, the 
power circuit comprising a power detection stage, a power 
conversion stage, and a receiving antenna, the receiving 
antenna being integrated with the power detection stage and 
being shaped and sized to produce electrical power when 
placed into an energy field. 

14. The wireless access control device of claim 11, the 
power circuit comprising an antenna finely tuned to the car- 
rier frequency of the energy field. 

15. The wireless access control device of claim 11, wherein 
the processor is configured to control data communication 
between the wireless access control device and the source of 
the energy field during the energized state. 

16. A portable wireless device capable of harnessing wire- 
less energy comprising: 

an antenna and a tuning capacitor connected in parallel to 

form a tank circuit, the tank circuit being finely tuned to 
a resonant frequency associated with a carrier base fre- 
quency of source of an energy field; 

the antenna comprising several windings which when 

proximate the energy field, result in the antenna sourcing 
electrical current and voltage; 

the antenna further comprising a plurality of segments set 

offby a plurality of taps disposed at various places along 
the length of the antenna, wherein one of the segments 
can be configured to receive and transmit data with the 
energy field simultaneously with receiving energy from 
the energy field; and 

a rectifier circuit connected to a first tap and a second tap of 

the antenna, the first tap being located on an inner 
antenna winding and wherein the second tap of the 
antenna is in electrical communication with a common 
ground, the rectifier circuit configured to convert the 
sourced electrical current and voltage to a DC energy 
source. 

17. The portable wireless device of claim 16, further com- 
prising an antenna driving circuit configured to drive the 
antenna for data communication, the antenna driving circuit 
being connected to a third tap, the third tap being located on 
an outer antenna winding. 

18. The portable wireless device of claim 16, further com- 
prising a voltage divider capacitor network coupled to the 
rectifier, the rectifier comprising a pair of Schottky diodes 
with the cathode of a first diode connected to the anode of a 
second diode, anode of the first diode connected to ground, 
and the cathode of the second diode connected to the voltage 
divider capacitor network. 

19. The portable wireless device of claim 18, wherein the 
voltage divider capacitor network comprises first capacitor 
connected in parallel to two series connected capacitors, 
wherein the cathode of the second diode is connected to a 
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positive terminal of the first and second capacitors, and the 
anode of the first diode is connected to a negative terminal of 
the first and third capacitors. 

20. The portable wireless device of claim 18, wherein 
capacitors in the voltage divider capacitor range in value from 
about 1 pF to about 100 pF, the tuning capacitor ranges in 
value from about 10 pF to 500 pF, the antenna has between 1 
to 10 coil windings, and the coil windings have a width 
ranging between about 1 mm to about 10 mm. 

21. The portable wireless device of claim 18, wherein the 
voltage divider capacitor comprises an energy storage capaci- 
tor configured to store energy, the energy storage capacitor 
having a value ranging from about 0.5 micro-farads to about 
1000 farads. 

22. A method of harnessing electrical energy from an 
energy field while simultaneously communicating data with 
the energy field, the method comprising: 

configuring a portable device with a tank circuit tuned to a 

center frequency of an energy field, wherein an inductor 
of the tank circuit can interact with the energy field to 
convert wireless energy into electrical energy so that the 
inductor can source electrical power; and 

configuring a processor located on the portable device to 

receive electrical power sourced by the inductor and 
configuring the processor to receive and provide data for 
communication with a device emitting the energy field, 
wherein data can be received and transmitted using coils 
of the inductor while the inductor is sourcing energy. 

23. The method of claim 22, further comprising configur- 
ing the portable device to receive external biometric data, to 
test the biometric data against a stored biometric set of data, 
and to communicate results of the test via the inductor. 

24. The method of claim 22, further comprising configur- 
ing the processor to communicate data by modulating the 
field load of the energy field. 

25. The method of claim 22, further comprising providing 
a voltage conversion circuit on the portable device to convert 
the energy sourced by the inductor from AC to DC and to 
regulate the DC voltage relative to a predetermined threshold. 

26. A computer program product embodied in a computer- 
readable medium for execution by a processor or engine, the 
computer program product comprising an algorithm to man- 
age activated carried out by a processor in managing power 
and testing biometric data, the method comprising: 

detecting an appropriate power level being sourced by an 

antenna that is finely tuned to resonate at a center carrier 
frequency of an energy field, wherein the power level is 
provided in electrical form after the antenna converts 
wireless energy to electrical energy; 

communicating with a biometric sensor to determine if the 

sensor detects presence of biometric data and has cap- 
tured external biometric data; 

testing received biometric data against stored biometric 

data to determine if the captured external biometric data 
matches the stored biometric data; and 

issuing communication signals for wireless transmission 

from the antenna to another component, the communi- 
cation signals comprising data about results of the bio- 
metric data test. 

27. The method of claim 26, further comprising instructing 
one of the biometric sensor or a system processor to enter a 
sleep mode if a low power level state is detected or to preserve 
power. 


US 2010/0039234 Al 


28. The method of claim 26, wherein testing received bio- 
metric data against stored biometric data includes configuring 
a system processor to extract digital data from the captured 
external biometric data to place the external biometric data in 
the same format as the stored biometric data. 


29. The method of claim 26, wherein testing received bio- 
metric data against stored biometric data includes generating 
a score indicative of the data test and wherein the score can 
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determine a positive or negative test result relative to a pre- 
determined threshold. 

30. The method of claim 26, wherein testing received bio- 
metric data against stored biometric data includes generating 
a false acceptance ratio and a false rejection ratio and wherein 
a match condition can be achieved with the false rejection rate 
is less than the false acceptance ratio. 
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2.10 RESISTORS IN PARALLEL 


Resistors are said to be connected together in "Parallel" when both of their terminals are respectively connected to 
each terminal of the other resistor or resistors. Unlike the previous series circuit, in a parallel resistor network the 
current can take more than one path. 


Since there are multiple paths for the supply current to flow through, the current is not the same at all points in a 
parallel circuit. However, the voltage drop across all of the resistors in a parallel resistive network is the same. Then, 
Resistors in Parallel have a Common Voltage across them and this is true for all parallel connected elements. 


+r l l l l 
— = + —_ ++ 
r Ri R, R, 
La Leo tha 
Vs = lki = leo = lg = 


This method of calculation can be used for calculating any number of individual resistances connected together 
within a single parallel network. If however, there are only two individual resistors in parallel then a much simpler and 
quicker formula can be used to find the total resistance value, and this is given as: 


2.11 ‘TWO RESISTORS IN PARALLEL 


+ kh 


3.0 CAPACITORS AND THEIR CIRCUITS 


3.1 CAPACITANCE 


Capacitors, C are also simple passive devices. The capacitor is a component which has the ability or "capacity" to 
store energy in the form of an electrical charge producing a potential difference across its plates. Capacitors consists 
of two or more parallel conductive metal or foil plates which are not connected or touching each other, but are 
electrically separated either by air or by some form of insulating material such as paper, mica, ceramic or plastic and 
which is commonly called the capacitors Dielectric. 


C = 100uF C = 100uF The symbol used in schematic and electrical drawings 
| or | for a Capacitor can either be a two parallel lines or a 


T T straight and curved line. 
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1 
SILENT SUBLIMINAL PRESENTATION SYSTEM 


BACKGROUND—FIELD OF THE INVENTION 


This invention relates in general to electronic audio 
signal processing and, in particular, to subliminal pre- 
sentation techniques. 


BACKGROUND—DESCRIPTION OF PRIOR 
ART 


Subliminal learning enjoys wide use today and sub- 
liminal tapes are being manufactured by a number of 
companies in the United States alone. Several decades 
of scientific study indicate that subliminal messages can 
influence a human’s attitudes and behavior. Subliminal, 
in these discussions, can be defined as “below the 
threshold of audibility to the conscious mind.” To be 
effective however, the subliminally transmitted infor- 
mation (called affirmations by those in the profession) 
must be presented to the listener’s ear in such a fashion 
that they can be perceived and “decoded” by the listen- 
er’s subconscious mind. We are referring to audio infor- 
mation in this discussion, however, information could 
be inputted into the subject’s subconscious mind 
through any of the body’s sensors, such as touch, smell, 
sight or hearing. As an example, early development 
work in the subliminal field utilized motion pictures and 
slide projections as the medium. Early research into 
visual and auditory subliminal stimulation effects is 
exemplified by U.S. Pat. Nos. 3,060,795 of Corrigan, et 
al. and 3,278,676 of Becker. U.S. Pat. No. 4,395,600 of 
Lundy and Tyler is representative of later develop- 
ments in today’s subliminal message techniques. 

The majority of the audio subliminal tapes available 
today are prepared using one basic technique. That is, 
the verbal affirmations are mixed with, and recorded at 
a lower level than, a “foreground” of music or sounds 
of ocean surf or a bubbling mountain brook or other 
similar ‘‘masking” sounds. The affirmations are gener- 
ally recorded 5 decibels (db) or so below the “fore- 
ground” programming and regenerative automatic gain 
control is usually applied to permit the affirmations to 
change their recorded amplitude in direct proportion to 
the short term averaged amplitude of the continually 
varying “foreground” material. In other words, the 
volume of the affirmations will follow or track the vol- 
ume changes of the “foreground” programming, but at 
a lower volume level. Circuit provisions are also usually 
included to “gate” the affirmations off when the music 
amplitude is low or zero. This insures that the affirma- 
tions cannot be heard during quiet program periods. 
Thus, today’s subliminal affirmations can be character- 
ized as being “masked” by music or other sounds, of 
constantly changing amplitude and of being reduced or 
cut off entirely during periods of low or quiet “fore- 
ground” programming. | 

One of the principal, and most widely objected to, 
deficiencies in available subliminal tape presentation 
techniques is that the presence of the “foreground” 
material is intrusive to both the listener and to anyone 
else in the immediate area. No matter what “fore- 
ground” material is chosen, the fact remains that this 
material can be heard by anyone within its range and 
presents a definite distraction to other activities such as 
conversation, thought, desire to listen to other pro- 
gramming such as radio or television, need to concen- 
trate, etc. Additionally, and because the tapes are used 
repeatedly by the same listener, any “foreground” 
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music or material eventually becomes monotonously 
tiring to that listener. 

It is the purpose of the following described invention 
to eliminate or greatly reduce ail of the above deficien- 
cies. Although its application to the magnetic tape me- 
dium is described in the following discussion, the tech- | 
nique is equally applicable to most other desired trans- 
mission mediums, such as Compact Disc, videocas- 
settes, digital tape recorders, Public Address (PA) sys- 
tems, background music installations, computer soft- 
ware programs, random access memory (RAM), read 
only memory (ROM), “live”, real time applications and 
other mediums now in existence or to be developed in 
the future. 

Implemented on tape cassettes, for example, the sub- 
liminal presentation described here is inaudible i.e., high 
audio or ultrasonic frequencies, the affirmations are 
presented at a constant, high amplitude level, and they 
occupy their own “clear channel”, non-masked fre- 
quency allocations. If desired, the previously described 
“foreground” music or other material can be added to 
the tape through use of an audio mixer. The “silent” 
recordings are inaudible to the user or by others present 
and are therefore very effective for use during periods 
of sleep or when in the presence of others. Additionally, 
the basic requirements of subliminal stimulation are met. 
That is, the affirmations are efficiently transmitted to 
the ear and, while undetected by the conscious mind, 
are perceived by and efficiently decoded by the subcon- 
scious mind. 


OBJECTS OF THE INVENTION 


Accordingly, several objects and advantages of my 
invention are: 

(a) to provide a technique for producing a subliminal 
presentation which is inaudible to the listeners(s), yet is 
perceived and demodulated (decoded) by the ear for 
use by the subconscious mind. 

(b) to provide a technique for transmitting inaudible 
subliminal information to the listener(s) at a constant, 
high level of signal strength and on a clear band of 
frequencies. 

(c) to provide a technique for producing inaudible 
subliminal presentations to which music or other “‘fore- 
ground” programming may be added, if desired. 

Still further objects and advantages will become ap- 
parent from a consideration of the ensuing description 
and drawings. 


BRIEF DESCRIPTION OF THE DRAWINGS 


In the drawings, the first digit of each component 
number also refers to the figure number where that 
component can be located. 

FIG. 1 represents the block diagram of a suitable 
system which will generate a frequency modulated 
(FM) signal at 14,500 Hz. 

FIG. 2 represents an approximation of the frequency 
response curve of the human ear and the signal decod- 
ing process. 

FIG. 3 represents the block diagram of a suitable 
system which will generate a single sideband, sup- 
pressed carrier, amplitude modulated (AM) signal at 
14,500 Hz. 


REFERENCE NUMERALS IN DRAWINGS 


11 microphone or other 14 low distortion 
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-continued 
REFERENCE NUMERALS IN DRAWINGS 


audio input signal 

12 audio preamplifier 

if required 

13 frequency modulation 
circuit 

21 point on low freq end 
response curve 

22 point on low freq end 
of ear response curve 

23 point on high freq end 
of ear response curve 

24 point on high freq end 
of ear response curve 

32 speech amplifier 


audio oscillator 

15 high pass or band 

pass audio filter 

16 output to tape 

recorder or other device 
25 midpoint on curve 
between points 23 and 24 
26 speaker output of FIG. 1 to 
ear 

27 demodulated subliminal 
audio inputted to ear 

31 microphone 


33 balanced modulator 


34 carrier oscillator 35 filter 
(455 KHz) 
36 mixer 37 heterodyne oscillator 


(469.5 KHz) 


38 bandpass filter 39 output signal 


DETAILED DESCRIPTION OF A PREFERRED 
EMBODIMENT 


Please refer now to FIG. 1 and FIG. 2, which are 
drawings of a preferred implementation of the inven- 
tion. 

The principle of operation of the silent subliminal 
presentation system is as follows: 

An audio signal in the upper frequency region of the 
audio spectrum (for example, 14,500 Hz) is modulated 
with the desired information. The type of modulation 
may be any type suitable for subliminal applications; 
frequency modulation (FM), phase modulation (PM), 
upper single sideband with suppressed carrier, ampli- 
tude modulation (AM), tone modulation, etc. 

For broadest application, the high audio frequency 
selected as the carrier frequency must meet two basic 
criteria: 

(1) be high enough in the audio spectrum that its 
presence to the human ear is essentially unnoticed or 
undetectable (without the listener being informed that 
the signal is actually present) and, 

(2) be low enough in the audio spectrum that it (and 
its modulation content) can produce a useful output 
power from home entertainment type cassette or reel- 
to-reel magnetic recorders. 

This would also include, of course, small portable and 
automobile tape decks. 

Alternatively, the output of the system can be fed 


directly into an audio amplifier and its speaker/ear- 


phone system, Public Address system, etc. 

FIG. 1 provides the block diagram of an example of 
a system capable of generating the desired silent fre- 
quency modulated carrier. 

The modulation information is inputted into the mi- 
crophone 11. Other suitable input devices may be sub- 
stituted for microphone 11, such as a tape recorder or a 
radio. The microphone 11 is connected to the preampli- 
fier 12 and should have provisions for adjusting its gain 
in order that the optimum modulation index can be set 
in the frequency modulator 13. The frequency modula- 
tor 13 modulates the frequency of oscillator 14 which 
has been adjusted for an output of 14,500 Hz as de- 
scribed above. The output of oscillator 14 is fed through 
a suitable bandpass filter 15 into the tape recorder or 
directly into a suitable amplifier/speaker system. It is 
the purpose of the bandpass filter to remove or attenu- 
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ate audible products of the modulation process in order 
to maintain as audibly silent an output as practical. 

On the receiving end, FIG. 2 represents an approxi- 
mate and idealized frequency response curve of the : 
human ear. The frequency modulated carrier (centered 
at 14,500 Hz), as generated above and played through a 
tape recorder or amplifier/speaker system, is shown on 
FIG. 2 as speaker output 26, impinging upon the upper 
slope of the ear’s response curve at point 25. The fre- 
quency modulated excursions of the speaker output 26 
swing between points 23 and 24 on the ear’s upper re- 
sponse curve. Because the response curve between 
points 23 and 25 is relatively linear, this action results in 
a relatively linear demodulation of the original modula- 
tion intelligence, which is passed on subliminally to the 
inner ear. The amplitude of the demodulated output is 
not high enough to be detected by the conscious mind 
but is sufficient in amplitude to be detected by the sub- 
conscious mind. In the field of communications engi- 
neering design, the above demodulation process in 
known as slope detection and was used in early FM 
receiver design. In those receivers, the response curve 
was formed by the action of a tuned (inductive/capaci- 
tance) circuit. In our case, the response curve is formed 
by the natural response curve of the human ear. The 
same slope detection technique can be performed at the 
low frequency end of the human ear response curve. 
This region is indicated on FIG. 2 as between points 21 
and 22. This region, however, has a much smaller avail- 
able bandwidth and is therefore more restricted as to 
the amount of information that can be transmitted in an 
inaudible manner. 

In practice, the listener adjusts the volume control of 
the tape recorder or amplifier to a level just below that 
at which the listener hears an audible sound or noise 
from the speaker of the tape recorder. If the recording 
process is properly done, a spectrum analyzer or a cali- 
brated sound level meter will reveal a strong signal 
emanating from the tape recorder speaker. A calibrated 
sound level meter, at a distance of 1 meter (with C 
weighting and referenced to the standard of 0.0002 
micro bar) will typically indicate a silent power output 
of from 60 to 70 decibels. This is equivalent to the audio 
power of a loud conversation, yet, in the described 
system, is inaudible or unnoticed by the listener. 

FIG. 3 illustrates a system which generates a suitable 
amplitude modulated (AM) signal, instead of the fre- 
quency modulated (FM) system described above. The 
output is a modulated, single sideband (SSB), sup- 
pressed carrier (AM) signal at 14,500 Hz. 

The block diagram represents a common scheme for 
generating an SSB signal and will be briefly described. 

The desired subliminal information is spoken into 
microphone 31. This signal is amplified by speech am- 
plifier 32 and injected into one port of balanced modula- 
tor 33. A continuous wave signal of 455 KHz is gener- 
ated by carrier oscillator 34 and is injected into the 
second port of balanced modulator 33. The output of 
balanced modulator 33 is a double sideband, suppressed 
carrier signal at 455 KHz. This signal is fed through 
filter 35, causing one of the two sidebands to be re- 
moved. This signal is fed into one port of mixer 36. A 
continuous wave signal at a frequency of 469.5 KHz 
from hetrodyne oscillator 37 is fed into the other port of 
mixer 36, resulting in an output of the original sublimi- 
nal audio information but translated 14,500 Hz higher in 
frequency. The bandpass filter 38 attenuates signals and 
noise outside of the frequencies of interest. The ampli- 
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tude modulated audio output signal is shown as output 
39. 

Thus, as stated earlier, my invention provides a new 

system for subliminal presentations which is: 

(a) silent, 

(b) outputs a constant, high level modulated signal and, 
(c) occupies a band of clear channel frequencies. 

The foregoing description of the preferred embodi- 
ment of the invention has been presented for the pur- 
poses of illustration and description. It is not intended to 
be exhaustive or to limit the invention to the precise 
form disclosed. Many modifications and variations are 
possible in light of the above discussions. It is intended 
that the scope of the invention be limited not only by 
this detailed description, but rather by the claims ap- 
pended hereto. 

What is claimed: 

1. A silent communications system, comprising: 

(a) amplitude modulated carrier means for generating 
signals located in non-aural portions of the audio 
and in the lower portion of the ultrasonic fre- 
quency spectrum said signals modulated with infor- 
mation to be perceived by a listener’s brain and, 

(b) acoustic and ultrasonic transducer means for 
propagating said signals, for inducement into the 
brain, of the listener, and, 
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(c) recording means for storing said modulated sig- 
nals on mechanical, magnetic and optical media for 
delayed or repeated transmissions to the listener. 

2. A silent communications system, comprising: 

(a) frequency modulated carrier means for generating 
signals located in non-aural portions of the audio 
and in the lower portion of the ultrasonic fre- 
quency spectrum, said signals modulated with in- 
formation to be perceived by a listener’s brain, and; 

(b)- acoustic and ultrasonic transducer means for 
propagating said signals, for inducement into the 
brain of the listener, and; 

(c) recording means for storing said modulated sig- 
nals on mechanical, magnetic and optical media for 
delayed or repeated transmissions to the listener. 

3. A silent communications system, comprising: 

(a) a combination of amplitude and frequency modu- 
lated carrier means for generating signals located in 
non-aural portions of the audio and in the lower 
portion of the ultrasonic frequency spectrum, said 
signals modulated with information to be perceived 
by a listener’s brain, and 

(b) acoustic and ultrasonic transducer means for 
propagating said signals, for inducement into the 
brain of the listener; 

(c) recording means for storing said modulated sig- 
nals on mechanical, magnetic and optical media for 


delayed or repeated transmissions to the listener. 
* * * + x. 
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[57] ABSTRACT 


An apparatus for locating a body cavity having a fluctu- 
ating fluid pressure by signaling the fluctuating pressure 
when the cavity is entered and then transporting fluid 
either into or out of the cavity. 


15 Claims, 2 Drawing Sheets 
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APPARATUS FOR LOCATING BODY CAVITIES 


This is a continuation of application Ser. No. 559,757, 
now abandoned, filed Jul. 30, 1990 which is a divisional 
of copending application Ser. No. 310,366 now U.S. 
Pat. No. 4,944,724 filed on Feb. 13, 1989 which in turn 
is a continuation of application Ser. No. 07/058,400 
filed on Jun. 5, 1987 and now abandoned. 


BACKGROUND OF THE INVENTION 


This invention relates generally to apparatus for 
draining fluids from body cavities and for introducing 
fluids into body cavities. More particularly, this inven- 
tion relates to an improved apparatus for positively 
locating a body cavity having fluctuating fluid pressure 
and then either draining fluids from the cavity or intro- 
ducing fluids into it. 

An apparatus for draining fluids from body cavities, 
including particularly the pleural cavity, is described in 
U.S. Pat. No. 4,664,660. The apparatus described in that 
patent includes a vented housing having a fluid-receiv- 
ing chamber, an anti-reflux valve mounted within the 
- housing and a catheter, extending from the housing, in 
communication with the chamber through the anti- 
reflux valve. 

The apparatus of U.S. Pat. No. 4,664,660 is used in 
the drainage of fluids from the pleural cavity by insert- 
ing a solid trocar into the end of the catheter. A skin 
incision is then prepared and the trocar/catheter assem- 
bly is introduced into the pleural space through the 
incision. When the trocar is removed from the catheter, 
fluid drains from the pleural cavity through the catheter 
and the vented housing. 

While the above-described apparatus represents a 
very important contribution to the art, in using it one 
cannot ascertain whether the open distal end of the 
trocar/catheter assembly is properly located in the 
pleural cavity until the trocar is removed. Since drain- 
age cannot begin until the trocar is removed, the proper 
positioning of the catheter in the pleural space cannot 
be determined with the trocar in place. In addition, 
damage to the lung, heart and surrounding tissue could 
occur if the trocar is not removed as soon as the tip of 
the trocar catheter assembly enters the pleural space. 

Another apparatus for draining fluids from body 
cavities, particularly aspiration of liquids from the pleu- 
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ral cavity, is disclosed in U.S. Pat. No. 4,447,235. The 


apparatus described in this patent includes a catheter/- 
hollow needle assembly which is inserted into the pleu- 
ral cavity. During the insertion procedure, a vacuum is 
maintained in the needle with a syringe so that liquid 
will enter the syringe for observation by the surgeon 
when the needle enters the pleural space. This device 
cannot function unless a vacuum is maintained. Also, it 
cannot signal subsequent dislocation of the catheter 
from the pleural space or completion of drainage since 
the syringe is disconnected (and cannot be reintró- 
duced) after the initial insertion of the catheter in the 
pleural cavity. 

A medical suction device with an indicator flag to 
signal the pressure being developed by the device is 
described in U.S. Pat. No. 4,404,924. The indicator flag 
is designed to stand upright when the pressure in the 
device is relatively high and to collapse when suction is 
developed. The flag, unfortunately, indicates the state 
of fill of the suction device, not the satisfactory location 
of a catheter in the body cavity being aspirated or the 
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completion of the aspiration procedure. In addition, it 
has no application in a procedure conducted without 
vacuum assistance. 

Finally, U.S. Pat. No. 4,164,938 describes a device for 
diagnosing the presence of a tension pneumothorax. 
This device includes a sleeve with a needle at one end 
for puncturing the chest wall and extending into the 
pleural cavity and a diaphragm at the other end which 
expands when the pressure in the pleural cavity is 
greater than atmospheric. Since this device does not 
vent fluid from the pleural cavity, the diaphragm does 
not provide any indication that venting is proceeding or 
that the pneumothorax has been resolved. 


SUMMARY OF THE INVENTION 


It is therefore an object of the present invention to 
provide an apparatus for draining fluids from a body 
cavity or introducing fluids into the cavity which posi- 
tively locates the body cavity. 

It is a further object of the present invention to pro- 
vide a catheter apparatus in which a trocar is used to 
facilitate insertion of the catheter into the cavity, and in 
which a positive indication that the cavity has been 
located is provided without removing the trocar. 

It is yet another object of the present invention to 
provide a catheter apparatus for draining fluids from a 
body cavity which permits the drainage to commence 
as soon as the apparatus enters the cavity. 

These and other objects of the present invention will 
be apparent from the discussion below. 

The present invention is therefore directed to an 
apparatus for transporting fluid either into or out of a 
body cavity having a fluctuating fluid pressure. The 
apparatus includes a conduit for entering the cavity, 
means for signaling the fluctuation of the fluid pressure 
in the cavity and means for transporting the fluid either 
into or out of the cavity. The signaling means provides 
a positive indication that the cavity has been located. 

In one important embodiment, the means for entering 
the cavity comprises a catheter and a housing, having 
an inlet chamber and a discharge chamber, supporting 
the catheter in sealed fluid communication with the 
inlet chamber. An inlet port is provided in the housing 
having a seal for reversibly receiving a trocar and en- 
abling at least a portion of the trocar to pass through the 
inlet chamber and the catheter. The inlet port seal is 
adapted for sealing the chamber both in the absence of 
the trocar and upon its insertion and withdrawal. In 
addition, an anti-reflux valve is mounted in the housing, 
coupling the inlet chamber to the discharge chamber. 
The anti-reflux valve permits fluid entering the inlet 
chamber to pass into the discharge chamber, but pre- 
vents any fluid from flowing back into the inlet cham- 
ber. Finally, and most importantly, this embodiment of 
the invention also includes means for signaling the fluc- 
tuating fluid pressure in the body cavity, to thereby 
positively signal that the body cavity has been located. 

In another important embodiment of the invention an 
improvement in apparatus having a conduit with a re- 
movable trocar to aid body penetration is provided. The 
improvement comprises a furrow in the trocar which 
permits fluid flow through the conduit while the trocar 
is still in place in the conduit. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The features of this invention which are believed to 
be novel are set forth with particularly in the appended 
claims. The invention, together with its objects and the 
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A capacitors ability to become charged by a voltage and then hold that charge indefinitely allows capacitors to be 
used in electrical and electronic circuits in a variety of ways, from smoothing out fluctuations in voltage power supply 
levels to timing and filter circuits when used in conjunction with a resistor. 


+ EE Fe EE 


Fixed Value eee Variable vas 
Polarised Non-polarised 
Non-polarised 


(Electrolytic) capaco (Trimmer) 


Capacitor Symbols 


When the plates of a capacitor are connected across a DC supply voltage, it takes some time for the charge (in the 
form of electrons) on the plates to reach their full intensity. When a sufficient amount of charge, Q (measured in units 
of coulombs) have been transferred from the source voltage to the capacitors plates, the voltage across the plates, 
Vc will be equal to the source voltage, Vs and the flow of electrons will cease. 


The voltage developed across the capacitors plates is not instantaneous but The material used to 


builds up slowly at a rate that depends on the capacitance value of the plates, separates the plates of a 
the greater the capacitance, the slower the rate of change of voltage in the capacitor from each other 
plates. is called the dielectric 


The capacitance, C value of a capacitor is an expression of the ratio between 

the amount of charge flowing and the rate of voltage change across the capacitors plates. A capacitance of one 
farad, F, represents a charging current of one ampere when there is a voltage, V increase or decrease at a rate of of 
one volt per second. Then one coulomb of charge exists when a capacitance of one farad is subjected to one volt of 
potential difference and for a parallel plate capacitor the ratio of Q + V is a constant called the capacitance, C as 
shown. 


Where: V in volts, Q in coulombs and C in farads. Note that when C is given in microfarads, (uF) and V in volts, 
charge Q will be in micro-coulombs (uC). 


3.2 UNIT OF CAPACITANCE 


The SI unit of capacitance is the Farad (abbreviated to F) named after the British physicist Michael Faraday and is 
defined as a capacitor has the capacitance of One Farad when a charge of One Coulomb is stored on the plates by 
a voltage of One volt. Capacitance, C is always positive and has no negative units. However, the Farad is a very 
large unit of measurement to use on its own so sub-multiples of the Farad are generally used such as micro-farads, 
nano-farads and pico-farads, for example. 


Pretixes used for Ohms 
Microfarad (MF) 1uF = 1/1,000,000 = 0.000001 = 10° F 
Nanofarad (nF) 1nF = 1/1,000,000,000 = 0.000000001 = 10° F 
Picofarad (pF) 1pF = 1/1,000,000,000,000 = 0.000000000001 = 10° F 
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advantages thereof, may be best understood by refer- 
ence to the following description, taken in conjunction 
with the accompanying drawings, in which like refer- 
ence numerals identify like elements in the several fig- 
ures and in which: 

FIG. 1 is a perspective view of an apparatus in accor- 
dance with the present invention, showing a trocar 
inserted into the inlet chamber of the apparatus; 

FIG. 1A is an elevation view of the rear of the appa- 
ratus of FIG. 1; 

FIG. 2 is a sectional view of the apparatus of FIG. 1, 
taken along lines 2—2 of FIG. 1A; 

FIG. 2A is a partial sectional view of a discharge 
chamber of an alternate embodiment of the apparatus of 
FIG. 1 in which a discharge port is provided for remov- 
ing liquids from the discharge chamber: 

FIG. 2B is a partial sectional view of an alternate 
embodiment of the apparatus of FIG. 1 in which an 
auditory signal indicative of the fluctuation of fluid 
pressure is produced; 


FIG. 3 is a plan view of the film valve utilized in the 


apparatus of FIG. 1; 

FIG. 4A is a front elevation view of a furrowed tro- 
car used in the practice of the present invention; 

FIG. 4B is an enlarged sectional a view of the trocar 
of FIG. 4, taken along lines 4B—4B. of FIG. 4; and 
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FIGS. 5A and 5B are enlarged sectional views of the ~ 


domed signal utilized in the apparatus of FIG. 1. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENTS 


The apparatus of the present invention is intended to 
have application in locating and in moving fluids either 
into or out of body cavities such as the pleural cavity, 
the signal epidural space, blood vessels, the gallbladder, 
the urinary bladder, the kidney pelvis, the brain ventri- 
cles and the brain subdural and epidural spaces. How- 
ever, for purposes of illustration, the discussion below is 
directed primarily to an embodiment of the invention 
particularly suited for locating and draining fluids from 
the pleural cavity. 

An apparatus 10 in accordance with the present in- 
vention is illustrated in FIGS. 1, 1A and 2. The appara- 
tus includes a housing 12 having an inlet chamber 14 
and a discharge chamber 16. Housing 12 is made of any 
rigid, impervious material, such as an acrylic, ABS, 
polystyrene or polyvinyl chloride plastic. 

Apparatus 10 includes a manifold 17 having a first 
bore 18 extending through the manifold. Bore 18 is 
enlarged at its distal end to form a recess 20 to which a 
cannula 22 is affixed and sealed. A polyethylene are one 
preferred material. When this laminate is used, the plas- 
tic film is used with the polyethylene sides facing each 
other. 

The edges of the two film members of the valve are 
heat sealed to each other with a tortuous profile 42 at 
the closed edges of the valve in order to prevent fluid 
leakage. The cracking resistance or threshold pressure 
at which the valve permits fluid to flow through it can 
be adjusted by varying the thickness of the plastic films 
and the length and width of the valve passage 43. 

Other anti-reflux valves which are sufficiently sensi- 
tive to reflux pressures to produce a discernible move- 
ment in the signaling means (described below) can be 
used. The “Heimlich valve” utilized in U.S. Pat. No. 
4,664,660, described above in the Background of the 
Invention, for example, can be used in the present appli- 
cation but is less preferred than the film valve, because 
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4 
the Heimlich valve is far less sensitive to reflux pres- 
sures. The Heimlich valve is described in U.S. Pat. No. 
3,463,159. 

The space defined by bore 18 and bore 34 together 
comprise the inlet chamber 14 of the apparatus. The 
inlet chamber is separated from outlet chamber 16 by 
anti-reflux valve 40. 

Catheter 24 is formed of a stainless steel spring core 
48 covered with an elastomer 50, which preferably is 
present in the form of a silicone coating on the spring. 
The tip 52 of the catheter is preferably made of a resil- 
ient polymer, such as polyurethane or silicone rubber, 
and is bonded to the end of the spring core. 

The tip of the catheter is open at 54 to permit trocar 
28 to pass through. Elastomer covering 50 of the cathe- 
ter may have a plurality of ports 56, in addition to the 
opening at the tip, to facilitate draining between the 
exposed coils of spring 48, and to insure that drainage 
proceeds in the event that opening 54 is blocked by 
expanding lung tissue. 

Discharge chamber 16 has a series of elongated vent 
openings 58 (FIG. 1A) located behind a protective 
cover 59. Cover 59 is affixed to housing 12 along its 
sides and undercut to create a passages 61 at its top and 
bottom through which gaseous fluids vent to the atmo- 
sphere. A hydrophobic filter 60 is fixed in place behind 
the vent openings to prevent aqueous liquids from es- 
caping the discharge chamber. 

A self-adhesive strip 62 is attached to the exterior of 
the distal wall 64 of housing 12. The adhesive strip is 
covered by a protective release sheet 66 which is re- 
moved prior to installation of the catheter, so that the 
strip can be applied to the patient’s skin upon installa- 
tion of the apparatus. 

In addition, a seal cuff 68 is provided about catheter 
24, adjacent wall 64 of the apparatus which will abut the 
patient’s body. Cuff 68, which is preferably a sponge 
silicone or other resilient material, is intended to pre- 
vent tissue emphysema by sealing the perimeter of the 
catheter at the wound site where the catheter enters the 
body. 

An absorbent pad 70 is positioned at the bottom and 
side of the discharge chamber to absorb small quantities 
of blood or other liquids which may pass through the 
apparatus when, as in the present embodiment, the prin- 
cipal fluid being drained is air. In an alternative embodi- 
ment, where significant amounts of liquid are to be 
drained, a collection port 72 (FIG. 2A) is provided so 
that the fluid may be continuously withdrawn either 
under suction or by gravity. 

Trocar 28, which is illustrated in FIGS. 4A and 4B, 
includes a handle 74 molded or bonded to its proximal 
end. The trocar is sized so that its distal, pointed tip 76 
protrudes beyond the tip 52 of catheter 24 when the 
trocar is fully inserted in the apparatus. Trocar 28 in- 
cludes a furrow 78 which extends from trocar tip 76 
through a point 79 near handle 74. The furrow permits 
fluid communication between the tip 52 of the catheter 
and inlet chamber 34 while the trocar is inserted in the 
catheter. Furrow 78 thus permits fluids to be vented 
from the plural cavity immediately upon introduction of 
the catheter, without removal of the trocar. Furrow 78 
also permits the signaling means (described below) to 
being functioning immediately upon entry of the cathe- 
ter tip into the pleural cavity. 

Means for signaling fluctuation of fluid pressure in 
the pleural cavity is provided in the form of a resilient 
signal dome 80 which is in fluid communication with 
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inlet chamber 14 by way of bore 82 in manifold 17. 
Signal dome 80 has an annular lip 84 which is sealingly 
affixed to the top 36 of manifold 17 so that the dome 
caps and closes off bore 82. A clear cover 86 is affixed 
to the top 36 of manifold 17, to define a signal chamber 
88. A vent hole 90 is formed in the cap to permit the 
signal dome to freely expand and contract within it. 

Signal dome 80 is made of a resilient material, prefer- 
ably silicone, with a shape and resilience such that the 
dome will collapse (FIG. 5B) and return to its normal 
configuration (FIG. 5A) with the fluctuating pressures 
in the pleural cavity, producing a pulsating visual indi- 
cation of the pleural cavity pressures. In the embodi- 
ment illustrated, the signal dome is molded of silicone 
and is wider than it is high. It has a wall thickness of 
about 0.012 to 0.015 inches at its base tapering to about 
0.007 inches at its apex, as illustrated in FIGS. 5A-5B. 
In other applications the signal dome sensitivity may be 
adjusted as necessary by varying, for example, the mate- 
rial from which the signal dome is fabricated, as well as 
the size and shape of the dome, and its wall thickness 
and taper. 

The functioning of the signal means depends on: 1) 
changes in pressure (differential pressures) in the body 
cavity of interest; 2) cracking resistance of the anti- 
reflux valve, and 3) sensitivity of the signal dome. Since 
the differential pressures of the body cavity are not 
controllable, the anti-reflux valve cracking resistance 
and/or the signal dome sensitivity must be matched to 
the differential pressures of the particular body cavity in 
order to produce the desired pulsating movement in the 
signal dome. For example, in an application in the epi- 
dural space, where the pressures are generally lower 
than in the pleural cavity, a more sensitive dome and/or 
an anti-reflux valve with a higher cracking resistance 
will be needed. 

Naturally, the signaling means include any resilient 
structures which pulsate with fluctuating pressure in the 
system. For example, a flat resilient membrane which 
expands with increasing pressure and collapses back to 
a generally flat position on decreasing pressure would 
provide a satisfactory alternative to the signal dome 
illustrated above. 

In an alternate embodiment, an auditory signal is 
provided, either alone or in conjunction with the visual 
signal described above. Thus, there is illustrated in FIG. 
2B an embodiment in which a hole 92 is made in cover 
59, passages 61 are closed off and a low velocity whistle 
94 is affixed to the cover so that the opening in the 
whistle 96 is aligned with the hole in cover 59. Thus, the 
air passing though the discharge chamber will exit 
through the whistle, producing a rhythmic auditory 
signal indicative of the fluctuating pressure in the pleu- 
ral cavity before the pneumothorax is resolved and 
either a continuous signal or silence when the pneumo- 
thorax is resolved. The loudness and sensitivity of the 
signal will be a function of the cracking resistance of the 
anti-reflux valve 40, the resistance to air movement of 
filter 60, and the sensitivity of the whistle. 

In yet another alternative embodiment of the present 
invention, once the catheter is in place in the pleural 
cavity, a cannula sized to fit within the catheter 24 is 
passed through seal 30, through bore 18 and into the 
catheter. A vacuum is then applied to the cannula to 
rapidly remove fluids from the pleural space. 

In treating traumatic or idiopathic pneumothorax, or 
for evacuating air from the chest following thoracic 
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surgery or percutaneous lung biopsy, the apparatus 10 
may be used as follow: 

1. If the apparatus is supplied in sterile kit form, the 
apparatus is removed from the kit under sterile condi- 
tions and the trocar is inserted through inlet port 26 so 
that its tip protrudes from the tip 52 of catheter 24. 

2. A site is selected, preferably in the second inter- 
space at the midclavicular line. 

3. The site is prepared with an antimicrobial agent 
and a drape is placed over the site. 

4. Local anesthesia is applied at the site. 

3. Using a scalpel, a small skin incision is made at the 
Site. 

6. The release sheet is removed from the adhesive 
strip. 

7. With the thumb over the trocar handle, the device 
is positioned at the incision and the trocar/catheter 
assembly is passed into the pleural space immediately 
above the superior border of the rib. Catheter 24 is 
maintained in a straight condition by the trocar, so that 
the catheter will remain rigid and resist bending upon 
insertion into the body cavity. In addition, spring 48 
prevents any significant compaction of the catheter on 
the trocar during the insertion process. 

8. When the catheter tip enters the pleural space, 
signal dome 80 will begin to pulsate. When this occurs, 
the trocar is removed to increase the rate of fluid flow 
and prevent damage to the lung. The continuing pulsat- 
ing movement of the signal dome is observed as the air 
is evacuated from the pleural cavity and the lung begins 
to reinflate. 

9. When the pneumothorax is resolved and the lung is 
reinflated the signal dome stops pulsating and the appa- 
ratus can be removed. 

While the present apparatus has been described in 
connection with the removal of fluids from the pleural 
cavity, the device may be used in a multitude of other 
applications, both for removing fluids and for introduc- 
ing fluids. For example, it may be used in locating and 
in moving fluids either into or out of body cavities such 
as the pleural cavity, the signal epidural space, blood 
vessels, the gall bladder, the urinary bladder, the kidney 
pelvis, the brain ventricles, and the brain subdural and 
epidural spaces. In introducing fluids, the catheter is 
inserted in the cavity and then a cannula is introduced 
through seal 30 and into the catheter, whereby the flu- 
ids to be introduced are passed through the cannula by 
way of a syringe or other conventional injection device. 

For example, in administering an epidural block, the 
anesthesiologist would position the trocar/catheter tip 


‘in the epidural space relying upon the pulsating signal 


dome to positively indicate that the epidural space has 
been located. He or she would then remove the trocar 
and insert a syringe containing an appropriate anes- 
thetic and inject the anesthetic into the epidural space. 

While particular embodiments of the invention have 
been shown and described, it will be obvious to those 
skilled in the art that various changes and modifications 
may be made therein without departing from the spirit 
and scope of the invention and, therefore, it is intended 
in the appended claims to cover all such changes and 
modifications which fall within the true spirit and scope 
of the invention. 

What we claim is: 

1. An apparatus for locating a body cavity having a 
fluctuating fluid pressure and transporting fluid either 
into or out of the cavity comprising: 
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a conduit comprising a flexible catheter having a 
spring covered by an elastomeric coating for enter- 
ing the cavity; | 

means, in communication with said conduit, for pro- 
ducing a pulsating indication corresponding to the 
fluctuation of the fluid pressure in the cavity when 
said conduit enters the body cavity; and 

means, in communication with said conduit, for trans- 
porting fluid either into or out of the cavity. 

2. The apparatus of claim 1 wherein said conduit 

serves as said transporting means. 

3. The apparatus of claim 1 wherein said signaling 
means comprises an elastomeric element which pulsates 
in response to the fluctuating fluid pressure in the body 
cavity. 

4. An apparatus for locating a body cavity having a 
fluctuating fluid pressure and transporting fluid either in 
or out of the cavity comprising: 

a conduit; 

a housing having an inlet chamber and a discharge 
chamber, said housing supporting said conduit in 
sealed fluid communication with said inlet cham- 
ber; 

an inlet port in said housing having inlet port sealing 
means for reversibly receiving a trocar and en- 
abling at least a portion of a trocar to pass through 
said inlet chamber and said conduit, said inlet port 


sealing means being adapted for sealing said cham- 


ber both in the absence of a trocar and upon inser- 
tion and withdrawal of a trocar, 

anti-reflux valve means mounted in said housing, 
coupling said inlet chamber with said discharge 
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the body cavity upon entry of the conduit into a 
body cavity. 

5. The apparatus of claim 4 including a trocar posi- 
tioned in said inlet port and passing through said inlet 
chamber and said conduit, said trocar having a furrow 
which permits fluid flow through said conduit and said 
inlet chamber. 

6. The apparatus of claim 4 wherein said conduit is a 
flexible catheter comprising a spring covered by an 
elastomeric coating. 

7. The apparatus of claim 4 wherein a resilient cuff is 
provided at the base of said conduit to seal against the 
body. 

8. The apparatus of claim 4 wherein said anti-reflux 
valve is a film valve comprising two pieces of plastic 
film closed along their edges. 

9. The apparatus of claim 8 wherein said closed edges 
of said film valve have a tortuous profile. 

10. The apparatus of claim 8 wherein said plastic film 
pieces comprise a nylon/polyethylene laminate. 

11. The apparatus of claim 4 wherein a collection port 
is provided in said discharge chamber for withdrawing 


- liquids therefrom. 
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chamber, for permitting fluid entering said inlet — 


chamber to pass into said discharge chamber while 
preventing fluid from flowing from said discharge 
chamber into said inlet chamber and 

means for producing a pulsating visual indication 
corresponding to the fluctuating fluid pressure in 
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12. The apparatus of claim 4 wherein said signaling 
means comprises an elastomeric element which pulsates 
in response to the fluctuating fluid pressure in the body 
cavity. 

13. The apparatus of claim 12 wherein said elasto- 
meric element is dome-shaped and the thickness of the 
wall of said dome-shaped elastomeric element gradually 
tapers to its apex. 

14. The apparatus of claim 4 wherein said signaling 
means comprises a whistle. 

15. The apparatus of claim 4 including a cannula 
passing through said inlet port sealing means and said 
inlet chamber and into said conduit for transporting 


fluid either into or out of the cavity. 
* * * * * 


UNITED STATES PATENT AND TRADEMARK OFFICE 
CERTIFICATE OF CORRECTION 


- PATENT NO. : 5,356,386 
DATED > Oct. 18, 1994 
INVENTOR(S) : Edward M. Goldberg, Glencoe; Lev Melinyshyn, Mt. Prospect; 
l Michael Jaron, Des Plaines; Jeffrey M. Stupar, Chicago; 
all of Ill. 


it is certified that error appears in the RE enG patent and that said Letters Patent is hereby 
corrected as shown below: 


In Col. 1, line 29, after the word "the", (lst occurrence) insert 
--catheter so that the sharp tip of the trocar extends beyond the 


distal--. 


In Col. 2, line 67, substitute —particularity— for "particularly". 


In Col. 3, line 35, substitute —spinal— for “signal”. 


Signed and Sealed this 
Fourteenth Day of February, 1995 


BRUCE LEHMAN 


Anesting Officer... Commissioner of Patents and Trademarks 


a» United States Patent 


Loos 


(54) NERVOUS SYSTEM MANIPULATION BY 
ELECTROMAGNETIC FIELDS FROM 
MONITORS 

(76) Inventor: Hendricus G. Loos, 3019 Cresta Way, 

Laguna Beach, CA (US) 92651 

(*) Notice: Subject to any disclaimer, the term of this 

patent is extended or adjusted under 35 

U.S.C. 154(b) by 8 days. 


(21) Appl. No.: 09/872,528 


(22) Filed: Jun. 1, 2001 
(65) Prior Publication Data 
US 2002/0188164 A1 Dec. 12, 2002 
(SD MICA os A61N 2/00; A61B 5/04; 
A61M 21/00 
(92) US- O A eee teas: 600/27; 600/545 
(58) Field of Search 2.0.0.0 ee 600/9-27, 545; 
313/419; 324/318; 378/901; 434/236 
(56) References Cited 
U.S. PATENT DOCUMENTS 
S592, 965- A * 1971 DIEZ ii 313/419 
4,800,893 A * 1/1989 Ross et al. .................. 600/545 
5,169,380 A 12/1992 Brennan orar 600/26 
5,304,112 A * 4/1994 Mrklas etal. ............... 434/236 
5,400,383 A * 3/1995 Yassa et al. ........0.00000 378/901 
5,412,419 A * 5/1995 Ziarati ..... eee ee 324/318 
5,450,859 A * 9/1995 Litovitz oo. ceeseeeeeeee. 600/9 
5,782,874 A 7/1998. LOOS estat 607/2 
5,800,481 A 9/1998: OOS: AAA 607/100 
5,899,922 A 5/1999: LHS caera 607/2 
5,935,054 A 8/1999 LOOS riores 600/9 
6,017,302 A 1/2000 LOGS) its 600/28 
6,081,744 A 6/2000 Lodi rasa 607/2 
6,091,994 A 7/2000 Loos + 607/100 
6,167,304 A 12/2000 Loos iris: 607/2 


US006506148B2 


US 6,506,148 B2 
Jan. 14, 2003 


(10) Patent No.: 
(45) Date of Patent: 


6,238,333 B1 
OTHER PUBLICATIONS 


52001 AA 600/9 


N.Wiener “Nonlinear problems in random theory” p.71—72 
John Wiley New York 1958. 

M.Hutchison “Megabrain” p.232-3 Ballantine Books New 
York 1991. 

C.A.Terzuolo and T.H.Bullock “Measurement of imposed 
voltage gradient adequate to modulate neuronal firing” Proc. 
Nat. Acad. Sci, Physiology 42,687-94, 1956. 
O.Kelloge“Foundations of Potential Theory”p. 191 Dover, 
1953. 

P.M.Morse and H.Feshbach*Methods of Theoretical Phys- 
1cs”p. 1267 McGraw-Hill New York, 1953. 


* cited by examiner 


Primary Examiner—Eric F. Winakur 
Assistant Examiner—Nikita R Veniaminov 


(57) ABSTRACT 


Physiological effects have been observed in a human subject 
in response to stimulation of the skin with weak electro- 
magnetic fields that are pulsed with certain frequencies near 
1, Hz or 2.4 Hz, such as to excite a sensory resonance. Many 
computer monitors and TV tubes, when displaying pulsed 
images, emit pulsed electromagnetic fields of sufficient 
amplitudes to cause such excitation. It is therefore possible 
to manipulate the nervous system of a subject by pulsing 
images displayed on a nearby computer monitor or TV set. 
For the latter, the image pulsing may be imbedded in the 
program material, or it may be overlaid by modulating a 
video stream, either as an RF signal or as a video signal. The 
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intensity. 
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3.3 CAPACITOR TYPES 


The names that are used to describe the different types of capacitors are the names of the dielectric materials used 
in its construction, because the performance of a capacitor is usually dependant upon the type of material that is 
used for its dielectric. Also like resistors, there are also variable types of capacitors which allow us to vary their 
Capacitance value for use in radio or "frequency tuning" type circuits. 


The various types of capacitors include, disc and tubular ceramics made from aluminium oxide or titanium oxide, 
silvered mica, metallised film made using strips of waxed or oiled paper and aluminium foil, or with plastic dielectrics 
such as polyethylene, mylar, polypropylene, polycarbonate, and polyester, and finally large electrolytic capacitors in 
the form of Aluminum Electrolytic Capacitors and Tantalum Electrolytic Capacitors either polarised or non-polarised. 


Variable capacitors change value due to the variation in the overlapping area of the plates, or by varying the spacing 
between parallel plates. Air dielectric is used for the larger capacitance values. Trimmers and smaller variable types 
use very thin mica or plastic sheets as the dielectric between the plates. 


3.4 CONNECTING CAPACITORS TOGETHER 


Like resistors, Capacitors can be connected in series, parallel, and series-parallel combinations. Placing capacitors 
in series effectively increases the thickness of the dielectric, decreases the total capacitance. The total capacitance 
of capacitors in series is calculated like the total resistance of parallel resistors. 


Connecting capacitors together in parallel effectively increases the area of the plates making the total capacitance 
equal to the sum of the individual capacitances like the total resistance of series resistors. Capacitors in parallel all 
charge to the same voltage. 


3.5 CAPACITORS IN PARALLEL 


Capacitors are said to be connected together "in parallel" when both of their terminals are respectively connected to 
each terminal of the other capacitor or capacitors. The voltage, Vs connected across all the capacitors that are 
connected in parallel is the same. Then, Capacitors in Parallel have a common voltage supply across them. 
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3.6 CAPACITORS IN SERIES 


Capacitors are said to be connected together "in series" when they are effectively "daisy chained" together in a 
single line. The charging current ( Ic ) flowing through the capacitors is THE SAME for all capacitors as it only has 
one path to follow. Then, Capacitors in Series all have the same current so each capacitor stores the same amount 
of charge regardless of its capacitance. Capacitors connected together in series all have the same amount of 
charge. 


For more information visit our website at: www.electronics-tutorials.ws 
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NERVOUS SYSTEM MANIPULATION BY 
ELECTROMAGNETIC FIELDS FROM 
MONITORS 


BACKGROUND OF THE INVENTION 


The invention relates to the stimulation of the human 
nervous system by an electromagnetic field applied exter- 
nally to the body. A neurological effect of external electric 
fields has been mentioned by Wiener (1958), in a discussion 
of the bunching of brain waves through nonlinear interac- 
tions. The electric field was arranged to provide “a direct 
electrical driving of the brain”. Wiener describes the field as 
set up by a 10 Hz alternating voltage of 400 V applied in a 
room between ceiling and ground. Brennan (1992) describes 
in U.S. Pat. No. 5,169,380 an apparatus for alleviating 
disruptions in circadian rythms of a mammal, in which an 
alternating electric field is applied across the head of the 
subject by two electrodes placed a short distance from the 
skin. 

A device involving a field electrode as well as a contact 
electrode is the “Graham Potentializer” mentioned by 
Hutchison (1991). This relaxation device uses motion, light 
and sound as well as an alternating electric field applied 
mainly to the head. The contact electrode is a metal bar in 
Ohmic contact with the bare feet of the subject, and the field 
electrode is a hemispherical metal headpiece placed several 
inches from the subject’s head. 

In these three electric stimulation methods the external 
electric field is applied predominantly to the head, so that 
electric currents are induced in the brain in the physical 
manner governed by electrodynamics. Such currents can be 
largely avoided by applying the field not to the head, but 
rather to skin areas away from the head. Certain cutaneous 
receptors may then be stimulated and they would provide a 
signal input into the brain along the natural pathways of 
afferent nerves. It has been found that, indeed, physiological 
effects can be induced in this manner by very weak electric 
fields, if they are pulsed with a frequency near Y Hz. The 
observed effects include ptosis of the eyelids, relaxation, 
drowziness, the feeling of pressure at a centered spot on the 
lower edge of the brow, seeing moving patterns of dark 
purple and greenish yellow with the eyes closed, a tonic 
smile, a tense feeling in the stomach, sudden loose stool, and 
sexual excitement, depending on the precise frequency used, 
and the skin area to which the field is applied. The sharp 
frequency dependence suggests involvement of a resonance 
mechanism. 


It has been found that the resonance can be excited not 
only by externally applied pulsed electric fields, as discussed 
in U.S. Pat. Nos. 5,782,874, 5,899,922, 6,081,744, and 
6,167,304, but also by pulsed magnetic fields, as described 
in U.S. Pat. Nos. 5,935,054 and 6,238,333, by weak heat 
pulses applied to the skin, as discussed in U.S. Pat. Nos. 
5,800,481 and 6,091,994, and by subliminal acoustic pulses, 
as described in U.S. Pat. No. 6,017,302. Since the resonance 
is excited through sensory pathways, it is called a sensory 
resonance. In addition to the resonance near Y Hz, a sensory 
resonance has been found near 2.4 Hz. The latter is char- 
acterized by the slowing of certain cortical processes, as 
discussed in the *481, *922, *302, *744, °944, and °304 
patents. 

The excitation of sensory resonances through weak heat 
pulses applied to the skin provides a clue about what is going 
on neurologically. Cutaneous temperature-sensing receptors 
are known to fire spontaneously. These nerves spike some- 
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what randomly around an average rate that depends on skin 
temperature. Weak heat pulses delivered to the skin in 
periodic fashion will therefore cause a slight frequency 
modulation (fm) in the spike patterns generated by the 
nerves. Since stimulation through other sensory modalities 
results in similar physiological effects, it is believed that 
frequency modulation of spontaneous afferent neural spik- 
ing patterns occurs there as well. 


It is instructive to apply this notion to the stimulation by 
weak electric field pulses administered to the skin. The 
externally generated fields induce electric current pulses in 
the underlying tissue, but the current density is much too 
small for firing an otherwise quiescent nerve. However, in 
experiments with adapting stretch receptors of the crayfish, 
Terzuolo and Bullock (1956) have observed that very small 
electric fields can suffice for modulating the firing of already 
active nerves. Such a modulation may occur in the electric 
field stimulation under discussion. 


Further understanding may be gained by considering the 
electric charges that accumulate on the skin as a result of the 
induced tissue currents. Ignoring thermodynamics, one 
would expect the accumulated polarization charges to be 
confined strictly to the outer surface of the skin. But charge 
density is caused by a slight excess in positive or negative 
ions, and thermal motion distributes the ions through a thin 
layer. This implies that the externally applied electric field 
actually penetrates a short distance into the tissue, instead of 
stopping abruptly at the outer skin surface. In this manner a 
considerable fraction of the applied field may be brought to 
bear on some cutaneous nerve endings, so that a slight 
modulation of the type noted by Terzuolo and Bullock may 
indeed occur. 


The mentioned physiological effects are observed only 
when the strength of the electric field on the skin lies in a 
certain range, called the effective intensity window. There 
also is a bulk effect, in that weaker fields suffice when the 
field is applied to a larger skin area. These effects are 
discussed in detail in the *922 patent. 


Since the spontaneous spiking of the nerves is rather 
random and the frequency modulation induced by the pulsed 
field is very shallow, the signal to noise ratio (S/N) for the 
fm signal contained in the spike trains along the afferent 
nerves is so small as to make recovery of the fm signal from 
a single nerve fiber impossibile. But application of the field 
over a large skin area causes simultaneous stimulation of 
many cutaneous nerves, and the fm modulation is then 
coherent from nerve to nerve. Therefore, if the afferent 
signals are somehow summed in the brain, the fm modula- 
tions add while the spikes from different nerves mix and 
interlace. In this manner the S/N can be increased by 
appropriate neural processing. The matter is discussed in 
detail in the *874 patent. Another increase in sensitivity is 
due to involving a resonance mechanism, wherein consid- 
erable neural circuit oscillations can result from weak exci- 
tations. 


An easily detectable physiological effect of an excited Y 
Hz sensory resonance is ptosis of the eyelids. As discussed 
in the *922 patent, the ptosis test involves first closing the 
eyes about half way. Holding this eyelid position, the eyes 
are rolled upward, while giving up voluntary control of the 
eyelids. The eyelid position is then determined by the state 
of the autonomic nervous system. Furthermore, the pressure 
excerted on the eyeballs by the partially closed eyelids 
increases parasympathetic activity. The eyelid position 
thereby becomes somewhat labile, as manifested by a slight 
flutter. The labile state is sensitive to very small shifts in 


US 6,506,148 B2 


3 


autonomic state. The ptosis influences the extent to which 
the pupil is hooded by the eyelid, and thus how much light 
is admitted to the eye. Hence, the depth of the ptosis is seen 
by the subject, and can be graded on a scale from 0 to 10. 


In the initial stages of the excitation of the Y Hz sensory 
resonance, a downward drift is detected in the ptosis 
frequency, defined as the stimulation frequency for which 
maximum ptosis is obtained. This drift is believed to be 
caused by changes in the chemical milieu of the resonating 
neural circuits. It is thought that the resonance causes 
perturbations of chemical concentrations somewhere in the 
brain, and that these perturbations spread by diffusion to 
nearby resonating circuits. This effect, called “chemical 
detuning”, can be so strong that ptosis is lost altogether 
when the stimulation frequency is kept constant in the initial 
stages of the excitation. Since the stimulation then falls 
somewhat out of tune, the resonance decreases in amplitude 
and chemical detuning eventually diminishes. This causes 
the ptosis frequency to shift back up, so that the stimulation 
is more in tune and the ptosis can develop again. As a result, 
for fixed stimulation frequencies in a certain range, the 
ptosis slowly cycles with a frequency of several minutes. 
The matter is discussed in the *302 patent. 


The stimulation frequencies at which specific physiologi- 
cal effects occur depend somewhat on the autonomic ner- 
vous system state, and probably on the endocrine state as 
well. 


Weak magnetic fields that are pulsed with a sensory 
resonance frequency can induce the same physiological 
effects as pulsed electric fields. Unlike the latter however, 
the magnetic fields penetrate biological tissue with nearly 
undiminished strength. Eddy currents in the tissue drive 
electric charges to the skin, where the charge distributions 
are subject to thermal smearing in much the same way as in 
electric field stimulation, so that the same physiological 
effects develop. Details are discussed in the *054 patent. 


SUMMARY 


Computer monotors and TV monitors can be made to emit 
weak low-frequency electromagnetic fields merely by puls- 
ing the intensity of displayed images. Experiments have 
shown that the Y Hz sensory resonance can be excited in this 
manner in a subject near the monitor. The 2.4 Hz sensory 
resonance can also be excited in this fashion. Hence, a TV 
monitor or computer monitor can be used to manipulate the 
nervous system of nearby people. 

The implementations of the invention are adapted to the 
source of video stream that drives the monitor, be it a 
computer program, a TV broadcast, a video tape or a digital 
video disc (DVD). 

For a computer monitor, the image pulses can be produced 
by a suitable computer program. The pulse frequency may 
be controlled through keyboard input, so that the subject can 
tune to an individual sensory resonance frequency. The pulse 
amplitude can be controlled as well in this manner. A 
program written in Visual Basic(R) is particularly suitable 
for use on computers that run the Windows 95(R) or 
Windows 98(R) operating system. The structure of such a 
program is described. Production of periodic pulses requires 
an accurate timing procedure. Such a procedure is con- 
structed from the GetTimeCount function available in the 
Application Program Interface (API) of the Windows oper- 
ating system, together with an extrapolation procedure that 
improves the timing accuracy. 

Pulse variability can be introduced through software, for 
the purpose of thwarting habituation of the nervous system 
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to the field stimulation, or when the precise resonance 
frequency is not known. The variability may be a pseudo- 
random variation within a narrow interval, or it can take the 
form of a frequency or amplitude sweep in time. The pulse 
variability may be under control of the subject. 


The program that causes a monitor to display a pulsing 
image may be run on a remote computer that is connected to 
the user computer by a link; the latter may partly belong to 
a network, which may be the Internet. 

For a TV monitor, the image pulsing may be inherent in 
the video stream as 1t flows from the video source, or else the 
stream may be modulated such as to overlay the pulsing. In 
the first case, a live TV broadcast can be arranged to have the 
feature imbedded simply by slightly pulsing the illumination 
of the scene that is being broadcast. This method can of 
course also be used in making movies and recording video 
tapes and DVDs. 

Video tapes can be edited such as to overlay the pulsing 
by means of modulating hardware. A simple modulator is 
discussed wherein the luminance signal of composite video 
is pulsed without affecting the chroma signal. The same 
effect may be introduced at the consumer end, by modulat- 
ing the video stream that is produced by the video source. A 
DVD can be edited through software, by introducing pulse- 
like variations in the digital RGB signals. Image intensity 
pulses can be overlaid onto the analog component video 
output of a DVD player by modulating the luminance signal 
component. Before entering the TV set, a television signal 
can be modulated such as to cause pulsing of the image 
intensity by means of a variable delay line that is connected 
to a pulse generator. 

Certain monitors can emit electromagnetic field pulses 
that excite a sensory resonance in a nearby subject, through 
image pulses that are so weak as to be subliminal. This is 
unfortunate since it opens a way for mischievous application 
of the invention, whereby people are exposed unknowingly 
to manipulation of their nervous systems for someone else’s 
purposes. Such application would be unethical and is of 
course not advocated. It is mentioned here in order to alert 
the public to the possibility of covert abuse that may occur 
while being online, or while watching TV, a video, or a 
DVD. 


DESCRIPTION OF THE DRAWINGS 


FIG. 1 illustrates the electromagnetic field that emanates 
from a monitor when the video signal is modulated such as 
to cause pulses in image intensity, and a nearby subject who 
is exposed to the field. 

FIG. 2 shows a circuit for modulation of a composite 
video signal for the purpose of pulsing the image intensity. 
FIG. 3 shows the circuit for a simple pulse generator. 

FIG. 4 illustrates how a pulsed electromagnetic field can 
be generated with a computer monitor. 

FIG. 5 shows a pulsed electromagnetic field that is 
generated by a television set through modulation of the RF 
signal input to the TV. 

FIG. 6 outlines the structure of a computer program for 
producing a pulsed image. 

FIG. 7 shows an extrapolation procedure introduced for 
improving timing accuracy of the program of FIG. 6. 

FIG. 8 illustrates the action of the extrapolation procedure 
of FIG. 7. 

FIG. 9 shows a subject exposed to a pulsed electromag- 
netic field emanating from a monitor which is responsive to 
a program running on a remote computer via a link that 
involves the Internet. 
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FIG. 10 shows the block diagram of a circuit for fre- 
quency wobbling of a TV signal for the purpose of pulsing 
the intensity of the image displayed on a TV monitor. 


FIG. 11 depicts schematically a recording medium in the 
form of a video tape with recorded data, and the attribute of 
the signal that causes the intensity of the displayed image to 
be pulsed. 


FIG. 12 illustrates how image pulsing can be embedded in 
a video signal by pulsing the illumination of the scene that 
is being recorded. 


FIG. 13 shows a routine that introduces pulse variability 
into the computer program of FIG. 6. 


FIG. 14 shows schematically how a CRT emits an elec- 
tromagnetic field when the displayed image is pulsed. 


FIG. 15 shows how the intensity of the image displayed 
on a monitor can be pulsed through the brightness control 
terminal of the monitor. 


FIG. 16 illustrates the action of the polarization disc that 
serves as a model for grounded conductors in the back of a 
CRT screen. 


FIG. 17 shows the circuit for overlaying image intensity 
pulses on a DVD output. 


FIG. 18 shows measured data for pulsed electric fields 
emitted by two different CRT type monitors, and a compari- 
son with theory. 


DETAILED DESCRIPTION 


Computer monitors and TV monitors emit electromag- 
netic fields. Part of the emission occurs at the low frequen- 
cies at which displayed images are changing. For instance, 
a rythmic pulsing of the intensity of an image causes 
electromagnetic field emission at the pulse frequency, with 
a strength proportional to the pulse amplitude. The field is 
briefly referred to as “screen emission”. In discussing this 
effect, any part or all what is displayed on the monitor screen 
is called an image. A monitor of the cathode ray tube (CRT) 
type has three electron beams, one for each of the basic 
colors red, green, and blue. The intensity of an image is here 
defined as 


I=fj dA, (1) 


where the integral extends over the image, and 


(2) 


jr, jg, and jb being the electric current densities in the red, 
green, and blue electron beams at the surface area dA of the 
image on the screen. The current densities are to be taken in 
the distributed electron beam model, where the discreteness 
of pixels and the raster motion of the beams are ignored, and 
the back of the monitor screen is thought to be irradiated by 
diffuse electron beams. The beam current densities are then 
functions of the coordinates x and y over the screen. The 
model is appropriate since we are interested in the electro- 
magnetic field emision caused by image pulsing with the 
very low frequencies of sensory resonances, whereas the 
emissions with the much higher horizontal and vertical 
sweep frequencies are of no concern. For a CRT the intensity 
of an image is expressed in millamperes. 

For a liquid crystal display (LCD), the current densities in 
the definition of image intensity are to be replaced by driving 
voltages, multiplied by the aperture ratio of the device. For 
an LCD, image intensities are thus expressed in volts. 

It will be shown that for a CRT or LCD screen emissions 
are caused by fluctuations in image intensity. In composite 


j=jr+jg+jb, 
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video however, intensity as defined above is not a primary 
signal feature, but luminance Y is. For any pixel one has 


(3) 


where R, G, and B are the intensities of the pixel respec- 
tively in red, green and blue, normalized such as to range 
from 0 to 1. The definition (3) was provided by the Com- 
mission Internationale de l”Eclairage (CIE), in order to 
account for brightness differences at different colors, as 
perceived by the human visual system. In composite video 
the hue of the pixel is determined by the chroma signal or 
chrominance, which has the components R-Y and B-Y It 
follows that pulsing pixel luminance while keeping the hue 
fixed is equivalent to pulsing the pixel intensity, up to an 
amplitude factor. This fact will be relied upon when modu- 
lating a video stream such as to overlay image intensity 
pulses. 

It turns out that the screen emission has a multipole 
expansion wherein both monopole and dipole contributions 
are proportional to the rate of change of the intensity I of (1). 
The higher order multipole contributions are proportional to 
the rate of change of moments of the current density j over 
the image, but since these contributions fall off rapidly with 
distance, they are not of practical importance in the present 
context. Pulsing the intensity of an image may involve 
different pulse amplitudes, frequencies, or phases for differ- 
ent parts of the image. Any or all of these features may be 
under subject control. 

The question arises whether the screen emission can be 
strong enough to excite sensory resonances in people located 
at normal viewing distances from the monitor. This turns out 
to be the case, as shown by sensory resonance experiments 
and independently by measuring the strength of the emitted 
electric field pulses and comparing the results with the 
effective intensity window as explored in earlier work. 

One-half Hertz sensory resonance experiments have been 
conducted with the subject positioned at least at normal 
viewing distance from a 15" computer monitor that was 
driven by a computer program written in Visual Basic(R), 
version 6.0 (VB6). The program produces a pulsed image 
with uniform luminance and hue over the full screen, except 
for a few small control buttons and text boxes. In VB6, 
screen pixel colors are determined by integers R, G, and B, 
that range from O to 255, and set the contributions to the 
pixel color made by the basic colors red, green, and blue. For 
a CRT-type monitor, the pixel intensities for the primary 
colors may depend on the RGB values in a nonlinear manner 
that will be discussed. In the VB6 program the RGB values 
are modulated by small pulses AR, AG, AB, with a frequency 
that can be chosen by the subject or is swept in a predeter- 
mined manner. In the sensory resonance experiments men- 
tioned above, the ratios AR/R, AG/G, and AB/B were always 
smaller than 0.02, so that the image pulses are quite weak. 
For certain frequencies near % Hz, the subject experienced 
physiological effects that are known to accompany the 
excitation of the % Hz sensory resonance as mentioned in 
the Background Section. Moreover, the measured field pulse 
amplitudes fall within the effective intensity window for the 
1% Hz resonance, as explored in earlier experiments and 
discussed in the °874, 744, *922, and *304 patents. Other 
experiments have shown that the 2.4 Hz sensory resonance 
can be exited as well by screen emissions from monitors that 
display pulsed images. 

These results confirm that, indeed, the nervous system of 
a subject can be manipulated through electromagnetic field 
pulses emitted by a nearby CRT or LCD monitor which 
displays images with pulsed intensity. 


Y=0.299R+0.587G+0.114B, 


US 6,506,148 B2 


7 


The various implementations of the invention are adapted 
to the different sources of video stream, such as video tape, 
DVD, a computer program, or a TV broadcast through free 
space or cable. In all of these implementations, the subject 
is exposed to the pulsed electromagnetic field that is gen- 
erated by the monitor as the result of image intensity 
pulsing. Certain cutaneous nerves of the subject exhibit 
spontaneous spiking in patterns which, although rather 
random, contain sensory information at least in the form of 
average frequency. Some of these nerves have receptors that 
respond to the field stimulation by changing their average 
spiking frequency, so that the spiking patterns of these 
nerves acquire a frequency modulation, which is conveyed 
to the brain. The modulation can be particularly effective if 
it has a frequency at or near a sensory resonance frequency. 
Such frequencies are expected to lie in the range from 0.1 to 
15 Hz. 

An embodiment of the invention adapted to a VCR is 
shown in FIG. 1, where a subject 4 is exposed to a pulsed 
electric field 3 and a pulsed magnetic field 39 that are 
emitted by a monitor 2, labeled “MON”, as the result of 
pulsing the intensity of the displayed image. The image is 
here generated by a video casette recorder 1, labeled “VCR”, 
and the pulsing of the image intensity is obtained by 
modulating the composite video signal from the VCR out- 
put. This is done by a video modulator 5, labeled “VM”, 
which responds to the signal from the pulse generator 6, 
labeled “GEN”. The frequency and amplitude of the image 
pulses can be adjusted with the frequency control 7 and 
amplitude control 8. Frequency and amplitude adjustments 
can be made by the subject. 

The circuit of the video modulator 5 of FIG. 1 is shown 
in FIG. 2, where the video amplifiers 11 and 12 process the 
composite video signal that enters at the input terminal 13. 
The level of the video signal is modulated slowly by 
injecting a small bias current at the inverting input 17 of the 
first amplifier 11. This current is caused by voltage pulses 
supplied at the modulation input 16, and can be adjusted 
through the potentiometer 15. Since the noninverting input 
of the amplifier is grounded, the inverting input 17 is kept 
essentially at ground potential, so that the bias current is is 
not influenced by the video signal. The inversion of the 
signal by the first amplifier 11 is undone by the second 
amplifier 12. The gains of the amplifiers are chosen such as 
to give a unity overall gain. A slowly varying current 
injected at the inverting input 17 causes a slow shift in the 
“pseudo-dc” level of the composite video signal, here 
defined as the short-term average of the signal. Since the 
pseudo-dc level of the chroma signal section determines the 
luminance, the latter is modulated by the injected current 
pulses. The chroma signal is not affected by the slow 
modulation of the pseudodc level, since that signal is deter- 
mined by the amplitude and phase with respect to the color 
carrier which is locked to the color burst. The effect on the 
sync pulses and color bursts is of no consequence either if 
the injected current pulses are very small, as they are in 
practice. The modulated composite video signal, available at 
the output 14 in FIG. 2, will thus exhibit a modulated 
luminance, whereas the chroma signal is unchanged. In the 
light of the foregoing discussion about luminance and 
intensity, it follows that the modulator of FIG. 2 causes a 
pulsing of the image intensity I. It remains to give an 
example how the pulse signal at the modulation input 16 
may be obtained. FIG. 3 shows a pulse generator that is 
suitable for this purpose, wherein the RC timer 21 (Intersil 
ICM7555) is hooked up for astable operation and produces 
a square wave voltage with a frequency that is determined by 
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capacitor 22 and potentiometer 23. The timer 21 is powered 
by a battery 26, controlled by the switch 27. The square 
wave voltage at output 25 drives the LED 24, which may be 
used for monitoring of the pulse frequency, and also serves 
as power indicator. The pulse output may be rounded in 
ways that are well known in the art. In the setup of FIG. 1, 
the output of VCR 1 is connected to the video input 13 of 
FIG. 2, and the video output 14 is connected to the monitor 
2 of FIG. 1. 

In the preferred embodiment of the invention, the image 
intensity pulsing is caused by a computer program. As 
shown in FIG. 4, monitor 2, labeled “MON”, is connected to 
computer 31 labeled “COMPUTER”, which runs a program 
that produces an image on the monitor and causes the image 
intensity to be pulsed. The subject 4 can provide input to the 
computer through the keyboard 32 that is connected to the 
computer by the connection 33. This input may involve 
adjustments of the frequency or the amplitude or the vari- 
ability of the image intensity pulses. In particular, the pulse 
frequency can be set to a sensory resonance frequency of the 
subject for the purpose of exciting the resonance. 

The structure of a computer program for pulsing image 
intensity is shown in FIG. 6. The program may be written in 
Visual Basic(R) version 6.0 (VB6), which involves the 
graphics interface familiar from the Windows(R) operating 
system. The images appear as forms equipped with user 
controls such as command buttons and scroll bars, together 
with data displays such as text boxes. A compiled VB6 
program is an executable file. When activated, the program 
declares variables and functions to be called from a dynamic 
link library (DLL) that is attached to the operating system; 
an initial form load is performed as well. The latter com- 
prises setting the screen color as specified by integers R, G, 
and B in the range 0 to 255, as mentioned above. In FIG. 6, 
the initial setting of the screen color is labeled as 50. Another 
action of the form load routine is the computation 51 of the 
sine function at eight equally spaced points, I=0 to 7, around 
the unit circle. These values are needed when modulating the 
RGB numbers. Unfortunately, the sine function is distorted 
by the rounding to integer RGB values that occurs in the 
VB6 program. The image is chosen to fill as much of the 
screen area as possible, and it has spatially uniform lumi- 
nance and hue. 

The form appearing on the monitor displays a command 
button for starting and stopping the image pulsing, together 
with scroll bars 52 and 53 respectively for adjustment of the 
pulse frequency F and the pulse amplitude A. These pulses 
could be initiated by a system timer which is activated upon 
the elapse of a preset time interval. However, timers in VB6 
are too inaccurate for the purpose of providing the eight 
RGB adjustment points in each pulse cycle. An improve- 
ment can be obtained by using the GetTickCount function 
that is available in the Application Program Interface (API) 
of Windows 95(R) and Windows 98(R). The GetTickCount 
function returns the system time that has elapsed since 
starting Windows, expressed in milliseconds. User activa- 
tion of the start button 54 provides a tick count TN through 
request 55 and sets the timer interval to TT miliseconds, in 
step 56. TT was previously calculated in the frequency 
routine that is activated by changing the frequency, denoted 
as step 52. 

Since VB6 is an event-driven program, the flow chart for 
the program falls into disjoint pieces. Upon setting the timer 
interval to TT in step 56, the timer runs in the background 
while the program may execute subroutines such as adjust- 
ment of pulse frequency or amplitude. Upon elapse of the 
timer interval TT, the timer subroutine 57 starts execution 
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with request 58 for a tick count, and in 59 an upgrade is 
computed of the time TN for the next point at which the 
RGB values are to be adjusted. In step 59 the timer is turned 
off, to be reactivated later in step 67. Step 59 also resets the 
parameter CR which plays a role in the extrapolation pro- 
cedure 61 and the condition 60. For ease of understanding at 
this point, it is best to pretend that the action of 61 is simply 
to get a tick count, and to consider the loop controled by 
condition 60 while keeping CR equal to zero. The loop 
would terminate when the tick count M reaches or exceeds 
the time TN for the next phase point, at which time the 
program should adjust the image intensity through steps 
63—65. For now step 62 is to be ignored also, since it has to 
do with the actual extrapolation procedure 61. The incre- 
ments to the screen colors R1, G1, and B1 at the new phase 
point are computed according to the sine function, applied 
with the amplitude A that was set by the user in step 53. The 
number I that labels the phase point is incremented by unity 
in step 65, but if this results in I=8 the value is reset to zero 
in 66. Finally, the timer is reactivated in step 67, initiating 
a new 's-cycle step in the periodic progression of RGB 
adjustments. 

A program written in this way would exhibit a large jitter 
in the times at which the RGB values are changed. This is 
due to the lumpiness in the tick counts returned by the 
GetTickCount function. The lumpiness may be studied 
separately by running a simple loop with C=GetTickCount, 
followed by writing the result C to a file. Inspection shows 
that C has jumped every 14 or 15 milliseconds, between long 
stretches of constant values. Since for a % Hz image 
intensity modulation the /s-cycle phase points are 250 ms 
apart, the lumpiness of 14 or 15 ms in the tick count would 
cause considerable inaccuracy. The full extrapolation pro- 
cedure 61 is introduced in order to diminish the jitter to 
acceptable levels. The procedure works by refining the 
heavy-line staircase function shown in FIG. 8, using the 
slope RR of a recent staircase step to accurately determine 
the loop count 89 at which the loop controled by 60 needs 
to be exited. Details of the extrapolation procedure are 
shown in FIG. 7 and illustrated in FIG. 8. The procedure 
starts at 70 with both flags off, and CR=0, because of the 
assignment in 59 or 62 in FIG. 6. A tick count M is obtained 
at 71, and the remaining time MR to the next phase point is 
computed in 72. Conditions 77 and 73 are not satisfied and 
therefore passed vertically in the flow chart, so that only the 
delay block 74 and the assignments 75 are executed. Con- 
dition 60 of FIG. 6 is checked and found to be satisfied, so 
that the extrapolation procedure is reentered. The process is 
repeated until the condition 73 is met when the remaining 
time MR jumps down through the 15 ms level, shown in 
FIG. 8 as the transition 83. The condition 73 then directs the 
logic flow to the assignments 76, in which the number DM 
labeled by 83 is computed, and FLG1 is set. The computa- 
tion of DM is required for finding the slope RR of the 
straight-line element 85. One also needs the “Final LM” 86, 
which is the number of loops traversed from step 83 to the 
next downward step 84, here shown to cross the MR=0 axis. 
The final LM is determined after repeatedly incrementing 
LM through the side loop entered from the FLG1=1 condi- 
tion 77, which is now satisfied since FLG1 was set in step 
76. At the transition 84 the condition 78 is met, so that the 
assignments 79 are executed. This includes computation of 
the slope RR of the line element 85, setting FLG2, and 
resetting FLG1. From here on, the extrapolation procedure 
increments CR in steps of RR while skipping tick counts 
until condition 60 of FIG. 6 is violated, the loop is exited, 
and the RGB values are adjusted. 
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A delay block 74 is used in order to stretch the time 
required for traversing the extrapolation procedure. The 
block can be any computation intensive subroutine such as 
repeated calculations of tangent and arc tangent functions. 

As shown in step 56 of FIG. 6, the timer interval TT is set 
to 4/10 of the time TA from one RGB adjustment point to the 
next. Since the timer runs in the background, this arrange- 
ment provides an opportunity for execution of other pro- 
cesses such as user adjustment of frequency or amplitude of 
the pulses. 

The adjustment of the frequency and other pulse param- 
eters of the image intensity modulation can be made 
internally, 1.e., within the running program. Such internal 
control is to be distinguished from the external control 
provided, for instance, in screen savers. In the latter, the 
frequency of animation can be modified by the user, but only 
after having exited the screen saver program. Specifically, in 
Windows 95(R) or Windows 98(R), to change the animation 
frequency requires stopping the screen saver execution by 
moving the mouse, whereafter the frequency may be 
adjusted through the control panel. The requirement that the 
control be internal sets the present program apart from 
so-called banners as well. 

The program may be run on a remote computer that is 
linked to the user computer, as illustrated in FIG. 9. 
Although the monitor 2, labeled “MON”, is connected to the 
computer 31', labeled “COMPUTER”, the program that 
pulses the images on the monitor 2 runs on the remoter 
computer 90, labeled “REMOTE COMPUTER”, which is 
connected to computer 31' through a link 91 which may in 
part belong to a network. The network may comprise the 
Internet 92. 

The monitor of a television set emits an electromagnetic 
field in much the same way as a computer monitor. Hence, 
a TV may be used to produce screen emissions for the 
purpose of nervous system manipulation. FIG. 5 shows such 
an arrangement, where the pulsing of the image intensity is 
achieved by inducing a small slowly pulsing shift in the 
frequency of the RF signal that enters from the antenna. This 
process is here called “frequency wobbling” of the RF 
signal. In FM TV, a slight slow frequency wobble of the RF 
signal produces a pseudo-de signal level fluctuation in the 
composite video signal, which in turn causes a slight inten- 
sity fluctuation of the image displayed on the monitor in the 
same manner as discussed above for the modulator of FIG. 
2. The frequency wobbling is induced by the wobbler 44 of 
FIG. 5 labeled “REM”, which is placed in the antenna line 
43. The wobbler is driven by the pulse generator 6, labeled 
“GEN”. The subject can adjust the frequency and the 
amplitude of the wobble through the tuning control 7 and the 
amplitude control 41. FIG. 10 shows a block diagram of the 
frequency wobbler circuit that employs a variable delay line 
94, labelled “VDL”. The delay is determined by the signal 
from pulse generator 6, labelled “GEN”. The frequency of 
the pulses can be adjusted with the tuning control 7. The 
amplitude of the pulses is determined by the unit 98, labelled 
“MD”, and can be adjusted with the amplitude control 41. 
Optionally, the input to the delay line may be routed through 
a preprocessor 93, labelled “PRP”, which may comprise a 
selective RF amplifier and down converter; a complimentary 
up conversion should then be performed on the delay line 
output by a postprocessor 95, labelled “POP”. The output 97 
is to be connected to the antenna terminal of the TV set. 

The action of the variable delay line 94 may be under- 
stood as follows. Let periodic pulses with period L be 
presented at the input. For a fixed delay the pulses would 
emerge at the output with the same period L. Actually, the 
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time delay T is varied slowly, so that it increases approxi- 
mately by LdT/dt between the emergence of consecutive 
pulses at the device output. The pulse period is thus 
increased approximately by 


AL=LdT/dt. (4) 
In terms of the frequency J, Eq. (4) implies approximately 
(5) 


For sinusoidal delay T(t) with amplitude b and frequency g, 
one has 


AJ /[=-dT dt. 


Af/[=-2x1gb cos (21gt), (6) 


which shows the frequency wobbling. The approximation is 
good for gb<<1, which is satisfied in practice. The relative 
frequency shift amplitude 27gb that is required for effective 
image intensity pulses is very small compared to unity. For 
a pulse frequency g of the order of 1 Hz, the delay may have 
to be of the order of a millisecond. To accomodate such long 
delay values, the delay line may have to be implemented as 
a digital device. To do so is well within the present art. In 
that case it is natural to also choose digital implementations 
for the pulse generator 6 and the pulse amplitude controller 
98, either as hardware or as software. 

Pulse variability may be introduced for alleviating the 
need for precise tuning to a resonance frequency. This may 
be important when sensory resonance frequencies are not 
precisely known, because of the variation among 
individuals, or in order to cope with the frequency drift that 
results from chemical detuning that is discussed in the *874 
patent. A field with suitably chosen pulse variability can then 
be more effective than a fixed frequency field that is out of 
tune. One may also control tremors and seizures, by inter- 
fering with the pathological oscillatory activity of neural 
circuits that occurs in these disorders. Electromagnetic fields 
with a pulse variability that results in a narrow spectrum of 
frequencies around the frequency of the pathological oscil- 
latory activity may then evoke nerve signals that cause phase 
shifts which diminish or quench the oscillatory activity. 

Pulse variability can be introduced as hardware in the 
manner described in the *304 patent. The variability may 
also be introduced in the computer program of FIG. 6, by 
setting FLG3 in step 68, and choosing the amplitude B of the 
frequency fluctuation. In the variability routine 46, shown in 
some detail in FIG. 13, FLG3 is detected in step 47, 
whereupon in steps 48 and 49 the pulse frequency F is 
modified pseudo randomly by a term proportional to B, 
every 4th cycle. Optionally, the amplitude of the image 
intensity pulsing may be modified as well, in similar fashion. 
Alternatively, the frequency and amplitude may be swept 
through an adjustable ramp, or according to any suitable 
schedule, in a manner known to those skilled in the art. The 
pulse variability may be applied to subliminal image inten- 
sity pulses. 

When an image is displayed by a TV monitor in response 
to a TV broadcast, intensity pulses of the image may simply 
be imbedded in the program material. If the source of video 
signal is a recording medium, the means for pulsing the 
image intensity may comprise an attribute of recorded data. 
The pulsing may be subliminal. For the case of a video 
signal from a VCR, the pertinent data attribute is illustrated 
in FIG. 11, which shows a video signal record on part of a 
video tape 28. Depicted schematically are segments of the 
video signal in intervals belonging to lines in three image 
frames at different places along the tape. In each segment, 
the chroma signal 9 is shown, with its short-term average 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


12 


level 29 represented as a dashed line. The short-term average 
signal level, also called the pseudo-dc level, represents the 
luminance of the image pixels. Over each segment, the level 
is here constant because the image is for simplicity chosen 
as having a uniform luminance over the screen. However, 
the level is seen to vary from frame to frame, illustrating a 
luminance that pulses slowly over time. This is shown in the 
lower portion of the drawing, wherein the IRE level of the 
short-term chroma signal average is plotted versus time. The 
graph further shows a gradual decrease of pulse amplitude in 
time, illustrating that luminance pulse amplitude variations 
may also be an attribute of the recorded data on the video 
tape. As discussed, pulsing the luminance for fixed chromi- 
nance results in pulsing of the image intensity. 

Data stream attributes that represent image intensity 
pulses on video tape or in TV signals may be created when 
producing a video rendition or making a moving picture of 
a scene, simply by pulsing the illumination of the scene. This 
is illustrated in FIG. 12, which shows a scene 19 that is 
recorded with a video camera 18, labelled “VR”. The scene 
is illuminated with a lamp 20, labelled “LAMP”, energized 
by an electric current through a cable 36. The current is 
modulated in pulsing fashion by a modulator 30, labeled 
“MOD”, which is driven by a pulse generator 6, labelled 
“GENERATOR”, that produces voltage pulses 35. Again, 
pulsing the luminance but not the chrominance amounts to 
pulsing the image intensity. 

The brightness of monitors can usually be adjusted by a 
control, which may be addressable through a brightness 
adjustment terminal. If the control is of the analog type, the 
displayed image intensity may be pulsed as shown in FIG. 
15, simply by a pulse generator 6, labeled “GEN”, that is 
connected to the brigthness adjustment terminal 88 of the 
monitor 2, labeled “MON”. Equivalent action can be pro- 
vided for digital brightness controls, in ways that are well 
known in the art. 

The analog component video signal from a DVD player 
may be modulated such as to overlay image intensity pulses 
in the manner illustrated in FIG. 17. Shown are a DVD 
player 102, labeled “DVD”, with analog component video 
output comprised of the luminance Y and chrominance C. 
The overlay is accomplished simply by shifting the lumi- 
nance with a voltage pulse from generator 6, labeled “GEN- 
ERATOR”. The generator output is applied to modulator 
106, labeled “SHIFTER”. Since the luminance Y is pulsed 
without changing the chrominance C, the image intensity is 
pulsed. The frequency and amplitude of the image intensity 
pulses can be adjusted respectively with the tuner 7 and 
amplitude control 107. The modulator 105 has the same 
structure as the modulator of FIG. 2, and the pulse amplitude 
control 107 operates the potentiometer 15 of FIG. 2. The 
same procedure can be followed for editing a DVD such as 
to overlay image intensity pulses, by processing the modu- 
lated luminance signal through an analog-to-digital 
converter, and recording the resulting digital stream onto a 
DVD, after appropriate compression. Alternatively, the digi- 
tal luminance data can be edited by electronic reading of the 
signal, decompression, altering the digital data by software, 
and recording the resulting digital signal after proper 
compression, all in a manner that is well known in the art. 

The mechanism whereby a CRI-type monitor emits a 
pulsed electromagnetic field when pulsing the intensity of an 
image is illustrated in FIG. 14. The image is produced by an 
electron beam 10 which impinges upon the backside 88 of 
the screen, where the collisions excite phosphors that sub- 
sequently emit light. In the process, the electron beam 
deposits electrons 18 on the screen, and these electrons 
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4.0 INDUCTORS AND THEIR CIRCUITS 


4.1 INDUCTANCE 


When an electrical current flows through a length of wire, a magnetic field is built up around the wire conductor. The 
direction of this magnetic field can be thought in terms of a wood screw being screwed into the conductor in the 
direction of the flow of current, with the head of the wood screw being rotated in the direction of the lines of force. 


If we now take this length of wire and form it into a coil of N turns, the magnetic flux surrounding the coil is increased 
many times over for a given coil of wire compared with the flux produced by a single straight length. Also, if the 
current which is flowing through the coils conductor is increased in magnitude, the magnetic flux produced around 
the coil will also increase in value. 


However, as the strength of the magnetic flux increases, it induces a secondary 
voltage within the coil called a back emf (electro-motive force). Then for a coil of 
wire, a self-induced voltage is developed across the coil due to the change in 
current flowing through the coil. The polarity of this self-induced voltage produces 
a secondary current in the coil that generates another magnetic flux which 
opposes any changes to the original flux. 


An Inductor is a coll of 
wire which opposes the 
flow of current through 
itself in the form of a 
magnetic field 


In other words, the instant the main current begins to increase (or decrease) in 

value, there will be an opposing effect trying to limit this change. But because the coil of wire is extremely long, the 
current through the coil cannot change instantaneously it takes a while for the current to change due mainly to the 
resistance of the wire and the self-induced effects of the wire coil. 


The ability of a coil to oppose any change in current is a result of the self-inductance, L of the coil. This self- 
inductance, simply called inductance, value of an inductor is measured in Henries, (H). The Henry is a large unit, so 
the milli-henry (mH) and the micro-henry (UH) are more commonly used instead. Then the greater the inductance 
value of the coil, the slower is the rate of change of current for a given source voltage. 


Then Inductance is the characteristic of an electrical conductor that opposes a change in current flow. An inductor 
is a device that stores energy within itself in the form of a magnetic field. 
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contribute to an electric field 3 labelled “E”. The electrons 
flow along the conductive backside 88 of the screen to the 
terminal 99 which is hooked up to the high-voltage supply 
40, labelled “HV”. The circuit is completed by the ground 
connection of the supply, the video amplifier 87, labeled 
“VA”, and its connection to the cathodes of the CRT. The 
electron beams of the three electron guns are collectively 
shown as 10, and together the beams carry a current J. The 
electric current J flowing through the described circuit 
induces a magnetic field 39, labeled “B”. Actually, there are 
a multitude of circuits along which the electron beam current 
is returned to the CRT cathodes, since on a macroscopic 
scale the conductive back surface 88 of the screen provides 
a continuum of paths from the beam impact point to the 
high-voltage terminal 99. The magnetic fields induced by the 
currents along these paths partially cancel each other, and 
the resulting field depends on the location of the pixel that 
is addressed. Since the beams sweep over the screen through 
a raster of horizontal lines, the spectrum of the induced 
magnetic field contains strong peaks at the horizontal and 
vertical frequencies. However, the interest here is not in 
fields at those frequencies, but rather in emissions that result 
from an image pulsing with the very low frequencies appro- 
priate to sensory resonances. For this purpose a diffuse 
electron current model suffices, in which the pixel discrete- 
ness and the raster motion of the electron beams are ignored, 
so that the beam current becomes diffuse and fills the cone 
subtended by the displayed image. The resulting low- 
frequency magnetic field depends on the temporal changes 
in the intensity distribution over the displayed image. Order- 
of-magnitude estimates show that the low-frequency mag- 
netic field, although quite small, may be sufficient for the 
excitation of sensory resonances in subjects located at a 
normal viewing distance from the monitor. 

The monitor also emits a low-frequency electric field at 
the image pulsing frequency. This field is due in part to the 
electrons 18 that are deposited on the screen by the electron 
beams 10. In the diffuse electron beam model, screen 
conditions are considered functions of the time t and of the 
Cartesian coordinates x and y over a flat CRT screen. 

The screen electrons 18 that are dumped onto the back of 
the screen by the sum j(x,y,t) of the diffuse current distri- 
butions in the red, green, and blue electron beams cause a 
potential distribution V(x,y,t) which is influenced by the 
surface conductivity o on the back of the screen and by 
capacitances. In the simple model where the screen has a 
capacitance distribution c(x,y) to ground and mutual capaci- 
tances between parts of the screen at different potentials are 
neglected, a potential distribution V(x,y,t) over the screen 
implies a surface charge density distribution 


(7) 
and gives rise to a current density vector along the screen, 
(8) 


where grad, is the gradient along the screen surface. Con- 
servation of electric charge implies 


g=Vc(%y), 


j,=-Ograd, Y 


j=cV-div, (ograd, V), (9) 


where the dot over the voltage denotes the time derivative, 
and div, is the divergence in the screen surface. The partial 
differential equation (9) requires a boundary condition for 
the solution V(x,y,t) to be unique. Such a condition is 
provided by setting the potential at the rim of the screen 
equal to the fixed anode voltage. This is a good 
approximation, since the resistance R, between the screen 
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rim and the anode terminal is chosen small in CRT design, 
in order to keep the voltage loss JR, to a minimum, and also 
to limit low-frequency emissions. 


Something useful can be learned from special cases with 
simple solutions. As such, consider a circular CRT screen of 
radius R with uniform conductivity, showered in the back by 
a diffuse electron beam with a spatially uniform beam 
current density that is a constant plus a sinusoidal part with 
frequency J. Since the problem is linear, the voltage V due 
to the sinusoidal part of the beam current can be considered 
separately, with the boundary condition that V vanish at the 
rim of the circular screen. Eq. (9) then simplifies to 

V"+V"/r-i27 |en V=-Jn/A, rer, (10) 
where r is a radial coordinate along the screen with its 
derivative denoted by a prime, n=1/0 is the screen 
resistivity, A the screen area, J the sinusoidal part of the total 
beam current, and i=v(-1), the imaginary unit. Our interest 
is in very low pulse frequencies | that are suitable for 
excitation of sensory resonances. For those frequencies and 
for practical ranges for c and n, the dimensionless number 
2af{cAy is very much smaller than unity, so that it can be 
neglected in Eq. (10). The boundary value problem then has 
the simple solution 


J 11 
Vin) = = ~(r/R)?). Ve 


In deriving (11) we neglected the mutual capacitance 
between parts of the screen that are at different potentials. 
The resulting error in (10) is negligible for the same reason 
that the i2afcAy term in (10) can be neglected. 


The potential distribution V(r) of (11) along the screen is 
of course accompanied by electric charges. The field lines 
emanating from these charges run mainly to conductors 
behind the screen that belong to the CRT structure and that 
are either grounded or connected to circuitry with a low 
impedance path to ground. In either case the mentioned 
conductors must be considered grounded in the analysis of 
charges and fields that result from the pulsed component J of 
the total electron beam current. The described electric field 
lines end up in electric charges that may be called polariza- 
tion charges since they are the result of the polarization of 
the conductors and circuitry by the screen emission. To 
estimate the pulsed electric field, a model is chosen where 
the mentioned conductors are represented together as a 
grounded perfectly conductive disc of radius R, positioned 
a short distance 5 behind the screen, as depicted in FIG. 16. 
Since the grounded conductive disc carries polarization 
charges, it is called the polarization disc. FIG. 16 shows the 
circular CRT screen 88 and the polarization disc 101, briefly 
called “plates”. For small distances ð, the capacitance den- 
sity between the plates of opposite polarity is nearly equal to 
e/0, where e is the permittivity of free space. The charge 
distributions on the screen and polarization disc are respec- 
tively eV(r)/5+q, and -eV(r)/d5+q,, where the e V(r)/5 terms 
denote opposing charge densities at the end of the dense field 
lines that run between the two plates. That the part qo is 
needed as well will become clear in the sequel. 


The charge distributions € V(r)/5+q, and -eV(r)/d+q, on 
the two plates have a dipole moment with the density 
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dJ 12 
Dir) = V(r) = La - (r/ RY), or 


directed perpendicular to the screen. Note that the plate 
separation ð has dropped out. This means that the precise 
location of the polarization charges is not critical in the 
present model, and further that 9 may be taken as small as 
desired. Taking 6 to zero, one thus arrives at the mathemati- 
cal model of pulsed dipoles distributed over the circular CRT 
screen. The field due to the charge distribution q, will be 
calculated later. 

The electric field induced by the distributed dipoles (12) 
can be calculated easily for points on the centerline of the 
screen, with the result 


V(0) 
R 


(13) 


E(z) = {20/R—R/p—2|z|/R}, 


where V(0) is the pulse voltage (11) at the screen center, p 
the distance to the rim of the screen, and z the distance to the 
center of the screen. Note that V(0) pulses harmonically with 
frequency f, because in (11) the sinusoidal part J of the beam 
current varies in this manner. 

The electric field (13) due to the dipole distribution causes 
a potential distribution V(r)/2 over the screen and a potential 
distribution of -V(r)/2 over the polarization disc, where V(r) 
is nonuniform as given by (11). But since the polarization 
disc is a perfect conductor it cannot support voltage 
gradients, and therefore cannot have the potential distribu- 
tion -V(r)/2. Instead, the polarization disc is at ground 
potential. This is where the charge distribution q,(r) comes 
in; it must be such as to induce a potential distribution V(r)/2 
over the polarization disc. Since the distance between polar- 
ization disc and screen vanishes in the mathematical model, 
the potential distribution V(r)/2 is induced over the screen as 
well. The total potential over the monitor screen thus 
becomes V(r) of (11), while the total potential distribution 
over the polarization disc becomes uniformly zero. Both 
these potential distributions are as physically required. The 
electric charges q, are moved into position by polarization 
and are partly drawn from the earth through the ground 
connection of the CRT. 

In our model the charge distribution q, is located at the 
same place as the dipole distribution, viz., on the plane z=0 
within the circle with radius R. At points on the center line 
of the screen, the electric field due to the monopole distri- 
bution qọ is calculated in the following manner. As 
discussed, the monopoles must be such that they cause a 
potential q, that is equal to V(r)/2 over the disc with radius 
R centered in the plane z=0. Although the charge distribution 
qo(r) is uniquely defined by this condition, it cannot be 
calculated easily in a straightforward manner. The difficulty 
is circumvented by using an intermediate result derived from 
Excercise 2 on page 191 of Kellogg (1953), where the 
charge distribution over a thin disc with uniform potential is 
given. By using this result one readily finds the potential 
$*(z) on the axis of this disc as 


2 (14) 
Pp (2) = Y AR), 


where P(R;,) is the angle subtended by the disc radius R,, as 
viewed from the point z on the disc axis, and V* is the disc 
potential. The result is used here in an attempt to construct 
the potential $,(z) for a disc with the nonuniform potential 
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V(r)/2, by the ansatz of writing the field as due to a linear 
combination of abstract discs with various radii R, and 
potentials, all centered in the plane z=0. In the ansatz the 
potential on the symmetry axis is written 


R (15) 
pol) = oB(R) +b | BR dW, 
0 


where W is chosen as the function 1-R,“/R*, and the 
constants a and b are to be determined such that the potential 
over the plane z=0 is V(r)/2 for radii r ranging from 0 to R, 
with V(r) given by (11). Carrying out the integration in (15) 
gives 


o(2)=aB(R)-b{ (1+2°/R°)B(R)-|2//R}. (16) 


In order to find the potential over the disc r<R in the plane 
z=0, the function (Zz) is expanded in powers of z/R for 
O<z<R, whereafter the powers z” are replaced by r”P„(cos0), 
where the P,, are Legendre polynomials, and (1,0) are sym- 
metric spherical coordinates centered at the screen center. 
This procedure amounts to a continuation of the potential 
from the z-axis into the half ball r<R, z>0, in such a manner 
that the Laplace equation is satisfied. The method is dis- 
cussed by Morse and Feshbach (1953). The “Laplace con- 
tinuation” allows calculation of the potential Y, along the 
surface of the disc r<R centered in the plane z=0. The 
requirement that this potential be V(r)/2 with the function 
V(r) given by (11) allows solving for the constants a and b, 
with the result 


a=-V(0)/x, b=-2V(0)/x. 


Using (17) in (16) gives 


(17) 


V(0) 


T 


(18) 


$¢o(2) = [(1 +22 / R?)B(R) —2l2l /R], 


and by differentiation with respect to z one finally finds 


vO) > (19) 
Eo) = > (z/Iel)l4— (R/ py - ABONA / R] 


for the electric field on the center line of the screen brought 
about by the charge distribution q,(z). 

The center-line electric field is the sum of the part (13) due 
to distributed pulsed dipoles and part (19) due to distributed 
pulsed monopoles. Although derived for circular screens, the 
results may serve as an approximation for other shapes, such 
as the familiar rounded rectangle, by taking R as the radius 
of a circle that has the same area as the screen. 

For two CRT-type monitors the pulsed electric field due to 
image intensity pulsing has been measured at several points 
on the screen center line for pulse frequencies of Y Hz. The 
monitors were the 15" computer monitor used in the sensory 
resonance experiments mentioned above, and a 30" TV tube. 
The experimental results need to be compared with the 
theory derived above. Since R is determined by the screen 
area, the electric fields given by (13) and (19) have as only 
free parameter the pulse voltage V(0) at the screen center. 
The amplitude of this voltage can therefore be determined 
for the tested monitors by fitting the experimental data to the 
theoretical results. Prior to fitting, the data were normalized 
to an image that occupies the entire screen and is pulsed 
uniformly with a 100% intensity amplitude. The results of 
the one-parameter fit are displayed in FIG. 18, which shows 
the theoretical graph 100, together with the normalized 
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experimental data points 103 for the 15- computer monitor 
and for the 30" TV tube. FIG. 18 shows that the developed 
theory agrees fairly well with the experimental results. From 
the best fit one can find the center-screen voltage pulse 
amplitudes. The results, normalized as discussed above, are 
|V(0)|=266.2 volt for the 15" computer monitor and |V(0)|= 
310.1 volt for the 30" TV tube. With these amplitudes in 
hand, the emitted pulsed electric field along the center line 
of the monitors can be calculated from the sum of the fields 
(13) and (19). For instance, for the 15" computer monitor 
with 1.8% RGB pulse modulation used in the 1 Hz sensory 
resonance experiments mentioned above, the pulsed electric 
field at the center of the subject, located at z=70 cm on the 
screen center line, is calculated as having an amplitude of 
0.21 V/m. That such a pulsed electric field, applied to a large 
portion of the skin, is sufficient for exciting the Y Hz sensory 
resonance is consistent with experimental results discussed 
in the *874 patent. 

In deriving (11), the dimensionless number 2x | cAn was 
said to be much smaller than unity. Now that the values for 
[V(O)| are known, the validity of this statement can be 
checked. Eq. (11) implies that [V(0)| is equal to n|J|/47r. The 
sum of the beam currents in the red, green, and blue electron 
guns for 100% intensity modulation is estimated to have 
pulse amplitudes |J| of 0.5 mA and 2.0 mA respectively for 
the 15" computer monitor and the 30" TV tube. Using the 
derived values for |V(O)|, one arrives at estimates for the 
screen resistivity n as 6.7 MQ2/square and 1.9 M£2/square 
respectively for the 15" computer monitor and the 30" TV 
tube. Estimating the screen capacity cA as 7 pf and 13 pf, 
21 fcAm is found to be 148x107? and 78x10~°, respectively 
for the 15" computer monitor and the 30" TV tube. These 
numbers are very small compared to unity, so that the step 
from (10) to (11) is valid. 

The following procedures were followed in preparing 
pulsed images for the field measurements. For the 15" 
computer monitor the images were produced by running the 
VB6 program discussed above. The pulsed image comprised 
the full screen with basic RGB values chosen uniformly as 
R=G=B=127, with the exception of an on/off button and a 
few data boxes which together take up 17% of the screen 
area. The image intensity was pulsed by modifying the R, G, 
and B values by integer-rounded sine functions AR(t), AG(t), 
and AB(t), uniformly over the image, except at the button 
and the data boxes. The measured electric field pulse ampli- 
tudes were normalized to a pulsed image that occupies all of 
the screen area and has 100% intensity modulation for which 
the image pulses between black and the maximum intensity, 
for the fixed RGB ratios used. The image intensity depends 
on the RGB values in a nonlinear manner that will be be 
discussed. For the measurements of the pulsed electric field 
emitted by 30" TV tube, a similar image was used as for the 
15" computer monitor. This was done by playing back a 
camcorder recording of the computer monitor display when 
running the VB6 program, with 40% pulse modulation of R, 
G, and B. 

In front of the monitor, 1.e., for z>0, the parts (13) and (19) 
contribute about equally to the electric field over a practical 
range of distances z. When going behind the monitor where 
z 1s negative the monopole field flips sign so that the two 
parts nearly cancel each other, and the resulting field is very 
small. Therefore, in the back of the CRT, errors due to 
imperfections in the theory are relatively large. Moreover 
our model, which pretends that the polarization charges are 
all located on the polarization disc, fails to account for the 
electric field flux that escapes from the outer regions of the 
back of the screen to the earth or whatever conductors 
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happen to be present in the vincinity of the CRT. This flaw 
has relatively more serious consequences in the back than in 
front of the monitor. 

Screen emissions in front of a CRT can be cut dramati- 
cally by using a grounded conductive transparent shield that 
is placed over the screen or applied as a coating. Along the 
lines of our model, the shield amounts to a polarization disc 
in front of the screen, so that the latter is now sandwiched 
between to grounded discs. The screen has the pulsed 
potential distribution V(r) of (11), but no electric flux can 
escape. The model may be modified by choosing the polar- 
ization disc in the back somewhat smaller than the screen 
disc, by a fraction that serves as a free parameter. The 
fraction may then be determined from a fit to measured 
fields, by minimizing the relative standard deviation 
between experiment and theory. 

In each of the electron beams of a CRT, the beam current 
is a nonlinear function of the driving voltage, 1.e., the voltage 
between cathode and control grid. Since this function is 
needed in the normalization procedure, it was measured for 
the 15" computer monitor that has been used in the % Hz 
sensory resonance experiments and the electric field mea- 
surements. Although the beam current density j} can be 
determined, it is easier to measure the luminance, by reading 
a light meter that is brought right up to the monitor screen. 
With the RGB values in the VB6 program taken as the same 
integer K, the luminance of a uniform image is proportional 
to the image intensity I. The luminance of a uniform image 
was measured for various values of K. The results were fitted 
with 

T=c,R’, (20) 
where c, is a constant. The best fit, with 6.18% relative 
standard deviation, was obtained for y=2.32. 

Screen emissions also occur for liquid crystal displays 
(LCD). The pulsed electric fields may have considerable 
amplitude for LCDs that have their driving electrodes on 
opposite sides of the liquid crystal cell, for passive matrix as 
well as for active matrix design, such as thin film technology 
(TFT). For arrangements with in-plane switching (IPS) 
however, the driving electrodes are positioned in a single 
plane, so that the screen emission is very small. For arrange- 
ments other than IPS, the electric field is closely approxi- 
mated by the fringe field of a two-plate condenser, for the 
simple case that the image is uniform and extends over the 
full screen. For a circular LCD screen with radius R, the field 
on the center line can be readily calculated as due to pulsed 
dipoles that are uniformly distributed over the screen, with 
the result 

ELD=CA)VR IZ +R”, (21) 
where Ez) is the amplitude of the pulsed electric field at a 
distance z from the screen and V is a voltage pulse 
amplitude, in which the aperture ratio of the LCD has been 
taken into account. Eq. (21) can be used as an approximation 
for screens of any shape, by taking R as the radius of a circle 
with the same area as the screen. The result applies to the 
case that the LCD does not have a ground connection, so that 
the top and bottom electrodes are at opposite potential, 1.e., 
V/2 and -V/2. 

If one set of LCD electrodes is grounded, monopoles are 
needed to keep these electrodes at zero potential, much as in 
the case of a CRT discussed above. The LCD situation 1s 
simpler however, as there is no charge injection by electron 
beams, so that the potentials on the top and bottom plates of 
the condenser in the model are spatially uniform. From (14) 
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it is seen that monopoles, distributed over the disc of radius 
R in the plane z=0 such as to provide on the disc a potential 
V/2, induce on the symmetry axis a potential 


1 (22) 
bz) = ZVAR). 


Differentiating with respect to z gives the electric field on the 
symmetry axis 


zVR 
Izlz(z? + R?) 


23 
Em (2) = vee 


induced by the pulsed monopoles. For an LCD with one set 
of electrodes grounded, the pulsed electric field for screen 
voltage pulse amplitude V at a distance z from the screen on 
the center line has an amplitude that is the sum of the parts 
(21) and (23). The resultant electric field in the back is 
relatively small, due to the change in sign in the monopole 
field that is caused by the factor z/z|. Therefore, screen 
emissions in front of an LCD can be kept small simply by 
having the grounded electrodes in front. 

As a check on the theory, the pulsed electric field emitted 
by the 3" LCD-TFT color screen of the camcorder men- 
tioned above has been measured at eleven points on the 
center line of the screen, ranging from 4.0 cm to 7.5 cm. The 
pulsed image was produced by playing back the video 
recording of the 15" computer monitor that was made while 
running the VB6 program discussed above, for a image 
intensity pulse frequency of Y Hz, R=G=B=K, modulated 
around K=127 with an amplitude AK=51. After normaliza- 
tion to a uniform full screen image with 100% intensity 
modulation by using the nonlinear relation (20), the experi- 
mental data were fitted to the theoretical curve that expresses 
the sum of the fields (21) and (23). The effective screen pulse 
voltage amplitude V was found to be 2.1 volt. The relative 
standard deviation in V for the fit is 5.1%, which shows that 
theory and experiment are in fairly good agreement. 

Certain monitors can cause excitation of sensory reso- 
nances even when the pulsing of displayed images is 
subliminal, i.e., unnoticed by the average person. When 
checking this condition on a computer monitor, a problem 
arises because of the rounding of RGB values to integers, as 
occurs in the VB6 program. For small pulse amplitude the 
sine wave is thereby distorted into a square wave, which is 
easier to spot. This problem is alleviated somewhat by 
choosing AR=0, AG=0, and AB=2, since then the 8 rounded 
sine functions around the unit circle, multiplied with the 
pulse amplitude AB=2 become the sequence 1, 2 11 2, 1, -1 
-2, -2, -1, etc, which is smoother to the eye than a square 
wave. Using the VB6 program and the 15" computer moni- 
tor mentioned above with R=71, G=71, and B=233, a % Hz 
pulse modulation with amplitudes AR=AG=0 and AB=2 
could not be noticed by the subject, and is therefore con- 
sidered subliminal. It is of interest to calculate the screen 
emission for this case, and conduct a sensory resonance 
experiment as well. A distance z=60 cm was chosen for the 
calculation and the experiment. Using Eq. (20), the image 
intensity pulse modulation for the case is found to be 1.0% 
of the maximum intensity modulation. Using R=13.83 cm 
together with |V(0)|=266.2 V for the 15" computer monitor, 
and the theoretical graph 100 of FIG. 18, the pulsed electric 
field at z=60 cm was found to have an amplitude of 138 
mV/m. In view of the experimental results discussed in the 
"874 and *922 patents, such a field, used at a pulse frequency 
chosen appropriately for the Y Hz sensory resonance and 
applied predominantly to the face, is expected to be suffi- 
cient for exciting the % Hz sensory resonance. A confirma- 
tion experiment was done by running the VB6 program with 
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the discussed settings and the 15" monitor. The center of the 
subject's face was positioned on the screen center line, at a 
distance of 60 cm from the screen. A frequency sweep of 
-0.1% per ten cycles was chosen, with an initial pulse 
frequency of 34 ppm. Full ptosis was experienced by the 
subject at 20 minutes into the run, when the pulse frequency 
was f=31.76 ppm. At 27 minutes into the run, the frequency 
sweep was reversed to +0.1% per ten cycles. Full ptosis was 
experienced at f=31.66 ppm. At 40 minutes into the run, the 
frequency sweep was set to -0.1% per ten cycles. Full ptosis 
occurred at f=31.44 ppm. The small differences in ptosis 
frequency are attributed to chemical detuning, discussed in 
the Background Section. It is concluded that the 12 Hz 
sensory resonance was excited in this experiment by screen 
emissions from subliminal image pulsing on the 15" com- 
puter monitor at a distance of 60 cm. For each implemen- 
tation and embodiment discussed, the image pulsing may be 
subliminal. 

The human eye is less sensitive to changes in hue than to 
changes in brightness. In composite video this fact allows 
using a chrominance bandwidth that is smaller than the 
luminance bandwidth. But it also has the consequence that 
pulsing of the chrominance for fixed luminance allows 
larger pulse amplitudes while staying within the subliminal 
pulse regime. Eq. (3) shows how to pulse the chrominance 
components R-Y and B-Y while keeping Y fixed; for the 
change in pixel intensity one then has 


Al, =0.491A(R-Y)+0.806A(B-Y). (24) 
Luminance pulses with fixed chrominance give a change in 
pixel intensity 

AI, =3AY. (25) 
Of course, pure chrominance pulses may be combined with 
pure luminance pulses; an instance of such combination has 
been mentioned above. 

The subliminal region in color space needs to be explored 
to determine how marginally subliminal pulses AR, AG, and 
AB depend on RGB values. Prior to this, the condition for 
image pulses to be subliminal should not be phrased solely 
in terms of the percentage of intensity pulse amplitude. The 
subliminal image pulsing case considered above, where the 
monitor is driven by a VB6 computer program with R=G= 
71, B=233, and AR=AG=0, AB=2 for full-screen images will 
be referred to as “the standard subliminal image pulsing”. 

In the interest of the public we need to know the viewing 
distances at which a TV with subliminally pulsed images can 
cause excitation of sensory resonances. A rough exploration 
is reported here which may serve as starting point for further 
work. The exploration is limited to estimating the largest 
distance z=z,,,,, along the center line of the 30" TV at which 
screen emissions can excite the 1% Hz resonance, as deter- 
mined by the ptosis test. The TV is to display an image 
which undergoes the standard subliminal pulsing as defined 
above. It would be best to perform this test with the 30" TV 
on which the subliminally pulsed images are produced by 
means of a video. Since such a video was not available, the 
ptosis test was conducted instead with a pulsed electric field 
source consisting of a small grounded doublet electrode of 
the type discussed in the *874 patent. The doublet was driven 
with a sinusoidal voltage of 10 V amplitude, and the center 
of mass of the subject was located on the center line of the 
doublet at a distance z=z,=323 cm. The doublet electrodes 
are rectangles of 4.4 cm by 4.7 cm. At the large distance z, 
there is whole-body exposure to the field, so that the bulk 
effect discussed in the *874 patent comes into play, as is 
expected to happen also at the distance z,,,_. from the 30" TV 
monitor. The subject was facing the “hot” electrode of the 
doublet, so that at the subject center the electric field was the 
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sum of the parts (21) and (23), for positive values of z. It was 
thought important to use a sine wave, since that would be the 
“commercially” preferred pulse shape which allows larger 
pulse amplitudes without being noticed. The only readily 
available sine wave generator with the required voltage was 
an oscillator with a rather coarse frequency control that 
cannot be set accurately, although the frequency is quite 
stable and can be measured accurately. For the experiment 
a pulse frequency of 0.506 Hz was accepted, although it 
differs considerably from the steady ptosis frequency for this 
case. The subject experienced several ptosis cycles of mod- 
erate intensity, starting 8 minutes into the experiment run. It 
is concluded that the Y Hz sensory resonance was excited, 
and that the stimulating field was close to the weakest field 
capable of excitation. From Eqs. (21) and (23), the electric 
field pulse amplitude at the center of mass of the subject was 
found to be 7.9 mV/m. That an electric field with such a 
small pulse amplitude, applied to the whole body, is capable 
of exciting the Y Hz sensory resonance is consistent with 
experimental results reported in the *874 patent, although 
these were obtained for the 2.4 Hz resonance. Next, the 
distance Z,„„„ was determined at which the 30" TV tube with 
1% image intensity pulse amplitude produces an electric 
field with a pulse amplitude of 7.9 mV/m, along the center 
line of the screen. From Eqs. (13) and (19) one finds 
Za =362.9 cm. At more than 11 feet, this is a rather large 
distance for viewing a 30" TV. Yet, the experiment and 
theory discussed show that the Y Hz sensory resonance can 
be excited at this large distance, by pulsing the image 
intensity subliminally. Of course, the excitation occurs as 
well for a range of smaller viewing distances. It is thus 
apparent that the human nervous system can be manipulated 
by screen emissions from subliminal TV image pulses. 

Windows 95, Windows 98, and Visual Basic are regis- 
tered trademarks of Microsoft Corporation. 

The invention is not limited by the embodiments shown in 
the drawings and described in the specification, which are 
given by way of example and not of limitation, but only in 
accordance with the scope of the appended claims. 

I claim: 

1. A method for manipulating the nervous system of a 
subject located near a monitor, the monitor emitting an 
electromagnetic field when displaying an image by virtue of 
the physical display process, the subject having a sensory 
resonance frequency, the method comprising: 


creating a video signal for displaying an image on the 
monitor, the image having an intensity; 


modulating the video signal for pulsing the image inten- 
sity with a frequency in the range 0.1 Hz to 15 Hz; and 


setting the pulse frequency to the resonance frequency. 

2. A computer program for manipulating the nervous 
system of a subject located near a monitor, the monitor 
emitting an electromagnetic field when displaying an image 
by virtue of the physical display process, the subject having 
cutaneous nerves that fire spontaneously and have spiking 
patterns, the computer program comprising: 


a display routine for displaying an image on the monitor, 
the image having an intensity; 


a pulse routine for pulsing the image intensity with a 
frequency in the range 0.1 Hz to 15 Hz; and 


a frequency routine that can be internally controlled by 
the subject, for setting the frequency; 


whereby the emitted electromagnetic field is pulsed, the 

cutaneous nerves are exposed to the pulsed electromag- 

netic field, and the spiking patterns of the nerves 
acquire a frequency modulation. 

3. The computer program of claim 2, wherein the pulsing 

has an amplitude and the program further comprises an 

amplitude routine for control of the amplitude by the subject. 
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4. The computer program of claim 2, wherein the pulse 
routine comprises: 

a timing procedure for timing the pulsing; and 

an extrapolation procedure for improving the accuracy of 

the timing procedure. 

5. The computer program of claim 2, further comprising, 
a variability routine for introducing variability in the puls- 
ing. 

A Hardware means for manipulating the nervous system 
of a subject located near a monitor, the monitor being 
responsive to a video stream and emitting an electromag- 
netic field when displaying an image by virtue of the 
physical display process, the image having an intensity, the 
subject having cutaneous nerves that fire spontaneously and 
have spiking patterns, the hardware means comprising: 

pulse generator for generating voltage pulses; 
means, responsive to the voltage pulses, for modulating 
the video stream to pulse the image intensity; 

whereby the emitted electromagnetic field is pulsed, the 
cutaneous nerves are exposed to the pulsed electromag- 
netic field, and the spiking patterns of the nerves 
acquire a frequency modulation. 

7. The hardware means of claim 6, wherein the video 
stream is a composite video signal that has a pseudo-de 
level, and the means for modulating the video stream 
comprise means for pulsing the pseudo-dc level. 

$. The hardware means of claim 6, wherein the video 
stream is a television broadcast signal, and the means for 
modulating the video stream comprise means for frequency 
wobbling of the television broadcast signal. 

9. The hardware means of claim 6, wherein the monitor 
has a brightness adjustment terminal, and the means for 
modulating the video stream comprise a connection from the 
pulse generator to the brightness adjustment terminal. 

10. A source of video stream for manipulating the nervous 
system of a subject located near a monitor, the monitor 
emitting an electromagnetic field when displaying an image 
by virtue of the physical display process, the subject having 
cutaneous nerves that fire spontaneously and have spiking 
patterns, the source of video stream comprising: 

means for defining an image on the monitor, the image 

having an intensity; and 

means for subliminally pulsing the image intensity with a 

frequency in the range 0.1 Hz to 15 Hz; 

whereby the emitted electromagnetic field is pulsed, the 

cutaneous nerves are exposed to the pulsed electromag- 
netic field, and the spiking patterns of the nerves 
acquire a frequency modulation. 

11. The source of video stream of claim 10 wherein the 
source is a recording medium that has recorded data, and the 
means for subliminally pulsing the image intensity comprise 
an attribute of the recorded data. 

12. The source of video stream of claim 10 wherein the 
source is a computer program, and the means for sublimi- 
nally pulsing the image intensity comprise a pulse routine. 

13. The source of video stream of claim 10 wherein the 
source is a recording of a physical scene, and the means for 
subliminally pulsing the image intensity comprise: 

pulse generator for generating voltage pulses; 

light source for illuminating the scene, the light source 

having a power level; and 

modulation means, responsive to the voltage pulses, for 

pulsing the power level. 

14. The source of video stream of claim 10, wherein the 
source is a DVD, the video stream comprises a luminance 
signal and a chrominance signal, and the means for sublimi- 
nal pulsing of the image intensity comprise means for 
pulsing the luminance signal. 
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APPARATUS FOR THE TREATMENT OF 
NEUROPSYCHIC AND SOMATIC DISEASES WITH 
HEAT, LIGHT, SOUND AND VHF 
ELECTROMAGNETIC RADIATION 


The present invention relates to physiotherapeutic 
apparatus, and more particularly to apparatus for the 
treatment of inorganically caused neuropsychic and so- 
matic disorders, such as neuroses, psychoses, insomnia, 
hypertension, tonic disease, ulcer, stammering, bron- 
chial asthma, intestinal dyskinesia, cardioneurosis, 
vegeto-vascular neurosis, eczema, asthenic and reac- 
tive disturbances. The apparatus of the present inven- 
tion may find successful application in sports- and mili- 
tary medicine, i.e., in such situations as: 

the start of a crucial sports competition or a similar 
sports demonstration; o 

cases of extremely high neurotension, as observed in 
combatant unit soldiers and in patients of field military 
hospitals. 

Known are apparatus for the treatment of neuropsy- 
chic and somatic disorders in which light and sound 
pulses are emitted by light radiation sources and sound 
radiation sources to act upon the patient's central ner- 
vous system. 

In said apparatus use is made of light- and sound radi- 
ation sources. The sound emission includes speech 
sounds recorded on a magnetic tape, as well as ultra- 
sound. Under the treatment conditions the patient’s 
head and the upper portion of his body are enclosed in 
a chamber which is made in the form of a kind of sar- 
cophagus. 

Thus in the above-said apparatus, only one curative 
factor is employed, namely that of speech formulae of 
a hypnotic suggestion as recorded on a magnetic tape 
and designed to produce a suggestive effect via chan- 
nels of the second signal system (intellect, mind, psy- 
che). Whenever the patient is psychologically reluctant 
to admit suggestive formulae, such an apparatus is of 
no avail as far as that particular case is concerned. 
Light- and ultrasound emission, used in the apparatus 
of the prior art, do not, in fact, play an independent 
curative role, but are rather of an auxiliary nature, for 
their action on the patient’s central nervous system is 
continuous and intended to inhibit the same so that an 
appropriate background could be prepared to facilitate 
the suggestive treatment itself. The background factors 
themselves are physiologically inadequate being be- 
yond the ranges of aural and ocular perception and 
sometimes involving an adverse effect upon the pa- 
tient’s condition. It should be stressed that the chamber 
used in accomodating the patient’s head and the upper 
portion of his body has an unfavourable effect upon the 
patient, because it is made, as said above in the form 
of a sarcophagus and may give rise to negative phychic 
responses. | 

The present invention is aimed at providing an appa- 
ratus for the treatment of neuropsychic and somatic 
diseases, which ensures a rhythmic and remotely con- 
trolled action of at least three physical factors upon the 
patient's nervous system. 

With this and other objects in view, the invention re- 
sides in the apparatus for the treatment of neuropsy- 
chic and somatic diseases in which light pulses and 
sound pulses from light sources and sound sources, re- 
spectively, act upon the patient's central nervous sys- 
tem, wherein there is provided an VHF electromag- 
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netic field source installed in the immediate proximity 
of the patient's ganglia, and a control unit which is elec- 
trically connected with the sources of light radiation, 
sound radiation and VHF electromagnetic field radia- 
tion and which effects control over these sources so as 
to enable said sources under control to send to the cen- 
tral nervous system simultaneous light pulses, sound 
pulses and VHF electromagnetic pulses at an assigned 
pulse repetition rate thereby causing a state of inhibi- 
tion in the patient under treatment, the light radiation 
sources and sound radiation sources being embodied in 
such a way that an adequate and monotonous influence 
of the sound and light radiations is exerted upon the pa- 
tient's visual analyser and auditory analyser. 

In order to intensify the curative effect and to make 
for an accelerated transfer from vigilance to what is 
nearly normal physiological sleep it is reasonable that 
a source of heat radiation be added and installed in the 
immediate proximity to the patient's skin surface, said 
source being electrically connected with a control unit 
and controlled by the latter so that heat radiation is 
sent to the patient's skin surface simultaneously with 
the pulses from the VHF electromagnetic field source, 
light source and sound source, said puises following at 
an assigned repetition rate causing the inhibition to be 
irradiated. | | o l 

The light radiation source may be made in the form 
of at least one lamp, blue or green in colour, which is 
installed at the patient's eye level. 

When using an even number of lamps, said lamps are 
installed symmetrically in respect of the patient's saggi- 
tal sinus plane. 

The control unit may be embodied as a chopper in 
conjunction with a cam mechanism providing for gen- 
eration of pulses at a certain repetition rate. 

In order to extend the pulse repetition range it is rea- 
sonable that an electronic timer be provided including 
at least one thyratron. 

With due regard to the patient’s individual features 
said electronic timer should be equipped with a poten- 
tiometer to control the pulse repetition rate of VHF 
electromagnetic field radiation, light radiation and 
sound radiation, as well as heat radiation, said elec- 
tronic timer being electrically connected with a poten- 
tiometer. 

Due to such construction the present apparatus for 
the treatment of neuropsychic and somatic disorders 
allows improvement of the mobility and intensity of 
nervous processes, normalization of the affected func- 
tional derangements as apparent from the removal of 
pathological symptoms, decrease in manifestations of 
autonomic angioneurosis and neurotic symptoms, a 
longer and sounder sleep. 

Other objects and advantages of the present inven- 
tion will be made apparent upon a consideration of the 
specific illustrative embodiments as described herein 
with reference to the drawings, wherein: 

FIG.I shows a schematic electrical circuit of one em- 
bodiment of an apparatus for the treatment of neuro- 
psychic and somatic disorders; - 

FIG.2 is another embodiment of same. 

The apparatus for the treatment of neuropsychic dis- 
orders comprises, in accordance with the present in- 
vention, source I through 4 (FIGS I and 2) of light radi- 
ation, sound radiation and VHF electromagnetic field 
radiation, heat radiation respectively, wherein light 
pulses, sound pulses, VHF electromagnetic pulses and 
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heat radiation act upon the central nervous system of 
a patient (not shown in the drawing). The apparatus 
also includes control unit 5 which is electrically con- 
nected with said sources | through 4 and controls the 
same so as to enable them to send to the central ner- 
vous system simultaneous light radiation pulses, sound 
radiation pulses, heat radiation pulses and VHF elec- 
tromagnetic field radiation pulses at an assigned pulse 
repetition rate thereby causing a state of inhibition in 
the patient under treatment. 

The sources I through 4 are oriented in respect of the 
patient as follows: 

the light radiation source | is placed at the level of the 
patient’s eyes at a distance of 40 to 50 cm therefrom: 

the sound radiation source 2 is placed in the proxim- 
ity of the patient under treatment at a distance of 40 to 
50 cm him; 

the VHF electromagnetic field radiation source 3 is 
placed in the immediate proximity of the patient's gan- 
glia, preferably at the level of carotid sinuses, 3 to 4 cm 
away from the patient's skin surface, as is the case with 
the present apparatus; 

the heat radiation source 4 is also placed close to the 
patient's skin surface, i.e., in the immediate proximity 
of the face skin surface. 

The sources I and 2 of light radiation and sound radi- 
ation, respectively, provide for an adequate and monot- 
onous action thereof upon the visual and auditory ana- 
lyzers. 

According to the first embodiment of the apparatus 
for the treatment of neuropsychic and somatic disor- 
ders (FIG.I) the control unit 5 is a chopper with a cam 
mechanism 6 and contacts 7 through 10. The cams of 
the cam mechanism 6 are rotated by an electric motor 
H fed from a power supply unit, which is mains supply 
in this specific case. The electric motor H makes 60 
r.p.m. thereby providing for an assigned pulse repetion 
rate of sixty pulses per minute of light radiation pulses, 
sound radiation pulses, VHF electromagnetic field ra- 
diation pulses and heat radiation pulses. 

Light radiation source I is an incandescent lamp, blue 
in colour, which is electrically connected with a sec- 
ondary winding I4 of a transformer I5 through a resistor 
12 which serves to control the intensity of light radia- 
tion, contacts 7 of the vibrator and a switch 13, the 
transformer 15 being in turn electrically connected with 
the a.c. mains. 

Sound radiation source 2 is a small-size loudspeaker 
16 which is electrically connected with another second- 
ary winding 21 of the transformer 15 through a diode 
17, variable resistor 18, constant resistor 19, contacts 8 
of the vibrator and switch 20. The sound radiation 
source provides for an imitation of rain drop noise. Be- 
sides, it can be employed to imitate the noise of the 
surf. 

The VHF electromagnetic field radiation sources 3 is 
a push-pull oscillator 22 with an inductance coil 23 and 
resistor 24. Electrodes 25 make the load of said oscilla- 
tor 22. The VHF electromagnetic field source is fitted 
with a switch 26 and controlled by the contacts 10 of 
the chopper. 

The heat radiation source 4 is a hot spiral wire 27 
which is surrounded by a screen 28 made of thermal in- 
sulator. The heat flow from the hot wire is removed by 
means of a blower 29 rotated by an electric motor 30. 
The heat radiation 4 is controlled by a switch 31 via the 
contacts 9 of the vibrator. 
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The present device is equipped with a common mains 
switch 32. The sources I, 2 and 4 of light radiation, 
sound radiation and heat radiation, respectively, are 
mounted in the same casing (not shown in the draw- 
ing). 

According to the second embodiment of the present 
apparatus the control unit 5 is an electronic timer made 
of cold cathode thyratron 33 with an electromagnetic 
relay 34, potentiometer 35 and resistor 36 in the plate 
circuit thereof. The electronic timer also includes a ca- 
pacitor 37 and a resistor 38. The electronic timer has 
contacts 39 through 42. The potentiometer 35 controls 
the assigned pulses repetition rate of VHF electromag- 
netic field radiation, light radiation, sound radiation 
and heat radiation within the 10 to 100 pulses per sec- 
ond range, depending upon the patient’s individual fea- 
tures. 

The light radiation source I includes two incandes- 
cent lamps 43 and 44, green in colour, which are in- 
stalled symmetrically in respect of the patient’s sagittal 
Sinus plane, at the eye level. This position provides for 
a better therapeutic effect because the patient is no 
longer subject to light beam convergence action when- 
ever use is made of the Paurquignet effect. The light ra- 
diation intensity is controlled by the resistor 12. The 
light source I is equipped with a signal lamp 45. 

The sound radiation source 2 is not substantially dif- 
ferent from that in the first embodyment as described 
above. The difference between them consists in the 
presence of a capacitor 46. The sound radiation source 
2 is equipped with a signal lamp 47. 

The VHF electromagnetic field source is the same as 
that of the first embodiment, with a signal lamp 48 
added. 

The heat radiation source 4 is the same as that of the 
first embodiment but the blower is not shown in FIG.2. 

The light radiation source I is electrically connected 
with a bridge-type d.c. power supply unit 50 through a 
resistor 12, switch 49 and contacts 39 of the electronic 
timer. 

The sound radiation source 2 is electrically con- 
nected with the d.c. power supply unit 50 through a 
switch $1 and contacts 40 of the electronic timer. 

The VHF electromagnetic field source 3 is equipped 
with a switch 52. 

The hot spiral wire 27 of the heat radiation source 4 
is fed from the mains through a switch 53, while the 
electric motor 30 of the blower 29 is fed from the d.c. 
power supply unit 50 via a variable resistor 54, switch 
55 and contacts 42 of the electronic timer. 

In accordance with the second embodiment of the 
present apparatus it can be switched on and off by 
means of the mains switch 56. 

The principle of operation of the apparatus accord- 
ing to the first embodiments as follows. 

The patient is either put to bed or seated in a deep 
arm-chair. The apparatus is moved to the head of said 
bed or chair. The electrodes 25 of the VHF electro- 
magnetic field source are mounted at the level of ca- 
rotid sinuses 3 to 4 centimetres away from the surfice 
of the neck skin. 

The casing, with the sources I, 2 and 4 of light radia- 
tion, sound radiation and heat radiation mounted 
therein, is placed above the patient’s head at a distance 
from 40 to 50 centimetres from his face. The apparatus 
is switched on by means of the mains switch 32. The 
switches 13, 20, 26 and 31 are used to turn on the 
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The Inductor, also called a choke, is another passive type electrical component which is just a coil of wire that is 
designed to take advantage of this relationship by inducing a magnetic field in itself or in the core as a result of the 
current passing through the coil. This results in a much stronger magnetic field than one that would be produced by 
a simple coil of wire. Inductors can also be fixed or variable. 


Inductors are mainly designed to introduce specific amounts of inductance into a circuit. They are formed with wire 
tightly wrapped around a solid central core which can be either a straight cylindrical rod or a continuous loop or ring 
to concentrate their magnetic flux. The inductance of a coil varies directly with the magnetic properties of the central 
core. Ferrite and powdered iron materials are mainly used for the core to increase the inductance by increasing the 
flux linking the coil. 


Then the inductance of a coil which has a uniform cross-sectional area, A length, @ and coil turns, N can be 
represented in mathematical form as: 


Inner Core 
(L) Material 


J Cross-sectional 
fe Area, (A) 


Number of Turns (N) 


Where: N is the number of coil turns, p is the permeability of the central core, A is the area in mî and € is the mean 
length of the core in meters. 


Inductor Symbols 


Open or Solid or Ferrite or powdered Variable open 
Air Cored lron Cored iron Core or air Core 


4.2 CONNECTING INDUCTORS TOGETHER 


Inductors, like resistors and capacitors, can be connected together in series or parallel combinations. Increasing 
levels of inductance can be obtained by connecting the inductors in series, while decreasing levels can be obtained 
by connecting inductors in parallel. However, there are certain rules for connecting inductors in series or parallel and 
these are based on the fact that no mutual inductance or magnetic coupling exists between the individual inductors. 


For more information visit our website at: www.electronics-tutorials.ws 
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sources I through 4 of light radiation, sound radiation, 
VHF electromagnetic field radiation and heat radia- 
tion. 

Due to this procedure the patient's receptors are si- 
multaneously acted upon by 60 p/min pulses of blue 
light radiation, sound radiation which is made similar 
to the rain drop noise, VHF electromagnetic field radi- 
ation as well as by heat radiation, all these having an ef- 
fect on the retina, on the auditory sensory endings, 
carotide sensory ganglia and thermal receptors in the 
face skin, respectively. 

A simultaneous transmission of the pulses and heat 
radiation is due to contacts 7 through 10 of the vibra- 
tor. The length of the pulse effect added to that of heat 
radiation as obtained by means of the cam mechanism 
6 amounts to 15X10"? sec. 

The nerve pulses due to the action by stimuli, such as 
pulses of light radiation, sound radiation, VHF electro- 
magnetic pulse radiation, as well as heat radiation, are 
transmitted to the thalamus opticus (sensory collector) 
via sensory nerve filament and sympathetic nerve 
trunk. 

The simultaneous arrival of brain wave impulses at 
the thalamus opticus provides for an intensified rhyth- 
mic activity of its neural formations due to the interfer- 
ence effect. The rhythm of superimposed stimuli as 
then synchronized with the activities of the thalamus 
opticus neural formations (external synchronization). 
The rhythm as assigned by the apparatus is adopted by 
the subcortical neural formations being transmitted 
from the thalamus opticus to the subcortical fields of 
the visual, auditory and cutaneous analyzers. In the ap- 
propriate cortical centres of visual, auditory, and cuta- 
neous analyzers. In the appropriate cortical centres of 
visual analysers the mono-tonous pulses cause focuses 
of inhibition to be formed which would intensify in 
Strength and irradiate in space in the course of the same 
treatment session as well as due to the successive ses- 
sions. The primary focus inhibition, once and whenever 
it occured, would spread all over the cortical field 
bringing about natural sleep. During the initial treat- 
ment sessions the extent of irradiation may be quite in- 


Significant because of the patient’s inhibition inertia 


due to this or that neuropsychic disorder in the patient 
under treatment. In the course of successive treatment 
session the trace responses as retained in above-said 
cortical centres would cause the stimuli to be accumu- 
lated so that the inhibition tends to be intensified. 

Besides, in the course of successive treatment ses- 
sions new conditioned reflex associations are put into 
effect either because of the procedure itself or due to 
its specific time, or because of any other isolated fac- 
tor, all contributing to the irradiation of inhibition phe- 
nomena throughout the cortical centres in the cerebral 
hemispheres. 

The whole system of stimuli which is addressed to the 
patient's organism makes use of the first signal system 
channels, i.e., the receptor zones of the appropriate an- 
alyzers, so that the second signal system channels 
(mind, intellect, psyche) are avoided thereby providing 
for a curative effect, no matter the patient’s psychic 
condition or his attitude towards the treatment proce- 
dure. Besides, the second signal system channels, once 
unblocked, affords some opportunities for a simulta- 
neous suggestive and rhythm therapy action thereby 
increasing the treatment effect. 
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The present invention makes use of a plurality of 
sources which are distant stimuli of different physical 
nature being such oscillatory phenomena as act upon 
the receptors to the adequate physiologic extents giving 
rise to no alterations which would exceed the physio- 
logic constants limits involved. That is why the action 
exerted upon the patient’s organism is mild and hu- 
mane. Besides, provision is made both for a separate 
control of every factor ànd for a joint application of a 
required combination thereof so that the electrohyp- 
notic treatment could be quite individual. 

The second embodiment of this apparatus is based on 
the same principles of operation as the first embodi- 
ment thereof. The difference can be described as fol- 
lows. 

By means of a potentiometer 35 in conjunction with 
the electronic timer the pulse repetition rate of light 
pulses, sound pulses, VHF electromagnetic field pulses, 
as well as heat radiation, can be made to vary with due 
regard to the patient's individual characteristics. 

The possibility of alterations both in pulse repetition 
rate and in the operation made of the apparatus under 
consideration provides for a controlled variation of bi- 
orhythms in the appropriate range as suggested by the 
principle of rhythm assimilation named after A.A.Ukh- 
tomsky. | | 

In the second embodiment of the apparatus, the light 
radiation pulses are sent by incandescent lamps 43 and 
44, green in color, which are mounted at eye level and 
symmetrical with respect to sinus plane, so that the 
convergence effect is eliminated (the eyeball conver- 
gence would give birth to a stimulation focus thereby 


preventing the progress of somnolescent inhibition). 


The application of green light permits utilization of 


Paurquignet's effect to achieve an optimum influence 


on the visual analyzers. 

The following procedure is recommended for the 
treatment of neuropsychic and somatic disorders using 
the apparatus of the present invention. 

At a first treatment session the duration of the VHF 
exposure should be 10 minutes, at a second one - 15 
minutes, at a third one - 20 minutes, at a fourth one - 
23 minutes, and at all succeeding sessions it should be 
30 minutes. The other radiation sources may be oper- 
ated for 30 to 60 minutes. On the average, 30 minutes 
is required for one treatment-session. The patient may 
lie with his face upwards and eyes open, though it 
would be better for him to close his eyes to be ready to 
fall asleep. At the first treatment-session, the intensities 
of sound-, light-, and heat-radiation are selected to suit 
the particular patient. — 

Using the second embodiment of the apparatus, dur- 
ing the first minutes of the treatment session, the pulse 
repetition rate should be 20 to 40 pulses per minute 
(instead of 50 to 60 pulses per minute which is the nor- 
mal case). ; | 

During the successive treatment-sessions the inten- 
sity of the exposure may remain the same as that used 
at the first session. The pulse repetition rate, however, 
may be gradually decreased later on from session to 
session. 

The development of inhibition processes at a treat- 
ment-session is characterized by a very gradual 
progress. This manifests itself in a somewhat slower 
pulse, lower integument temperature and arterial pres- 
sure, relaxation of sceleta] muscles, onset of somnoles- 
cence. : 


3,773,049 


7 


With each successive session the onset of all these 
phenomena takes less time while the phenomena them- 
selves become more pronounced, bringing about a gen- 
eral improvement of the patient's state of health ac- 
companied with a better sleep at night. 

During the treatment session, the patient experiences 
gentle, tranquilizing sensations, which result in psychi- 
cal relaxation and, gradual transference from vigilance 
to sleep. An active reproduction of inhibition of proc- 
esses, if regularly repeated, each treatment-session 
makes a sort of training the patient for a better neuro- 
dynamic performance. 

Clinical applications of the proposed apparatus are as 
follows. The apparatus of the present invention may be 
used for the treatment of patients in the 4 to 70 years 
bracket. One hundred patients, 4 to 18 years old, and 
200 patients over 18 years old underwent the appropri- 
ate treatment. Among these patients were the following 
cases: neurasthenia, neurosis involving delusion, in- 
somnia, asthenic, depressive and reactive states, postin- 
fections and traumatic cerebrasthenia, diencephalic 
syndrome, vegeto-vascular dystonia, hypertension, 
bronchial asthma, stammering, rheumatic Sydenham's 
chorea. 

The treatment was effected with respect to ambula- 
tory clinic- and hospital patients. 

No side effects, complications or harmful actions 
were observed. 

Contraindications: infectious diseases, cancer, schiz- 
ophrenia in its advanced stage (e.g., involving delirious 
phenomena), and hyperthyreosis. 

The apparatus of the present invention for treating 
neuropsychic and somatic diseases is a physical therapy 
apparatus to be used for treating insomnia, hyperten- 
sion, infantile stammering, and other diseases arising 
from nervous exhaustion and prostration, nervous 
break-down. 

This apparatus is reliable, convenient, safe and sim- 
ple to control and use, portable, and if necessary, may 
be placed at the bed-head when dealing with a bed 
case. 

The use of the apparatus is not confined to any age- 
bracket. Even infants were effectively treated. The ap- 
paratus may be used in hospitals as well as in out- 
patient clinics. 

The operation of the apparatus is quite economical: 
its power consumption is very small. The treatment ses- 
sions are effected by para medical personnel. Not to 
disturb the patient a remote control from an adjacent 
room may be exercised. 

For the first time in medical practice, thanks to the 
apparatus of the present invention, use is made of a 
complex of four physical factors acting simultaneously 
on the respective receptors, said factors operating with 
predetermined rhythm pattern, and the sources of re- 
spective radiation being placed at a predetermined dis- 
tance from the patient's receptors, so that it could bring 
about such a state of the nervous system which is char- 
acteristic of rest and sleep. 

The synergetic action of the factors used in the appa- 
ratus result not in a simple sum of respective effects 
produced by each of said factors, but creates quite a 
new qualitative phenomenon, wherein interference - 
and resonance-processes, associated with the radiation 
from the pertinent sources, cause the inhibition process 
to be irradiated within the brain centres, which is a dis- 
tinguishing feature of the present type rhythm therapy. 
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What is claimed is: 

1. An apparatus for the treatment of neuropsychic 
and somatic diseases, said apparatus comprising a con- 
trol unit means for simultaneously periodically activat- 
ing apparatus connected thereto in a pulsed manner at 
a selected repetition rate; a light-radiation source es- 
sentially comprising at least one electric bulb electri- 
cally connected with said control unit means, such that 
light pulses are generated by said light-radiation source 
influencing the central nervous system of the patient 
having one of said diseases who faces said source; a 
sound radiation source essentially comprising an elec- 
tric generator of pulse oscillations, a small dynamic 
loud-speaker means for converting said oscillations 
into acoustic signals imitating the sound of falling drops 
of water, said electric generator being electrically con- 
nected with said control unit means for actuation 
thereby whereby sound pulses of said sound-radiation 
source influence the central nervous system of the pa- 
tient; a VHF electromagnetic-field source essentially 
comprising a generator of sinusoidal electric oscilla- 
tions of the waves metric range, electrically connected 
with said control unit means and disposed in proximity 
to the patient’s ganglia, pulses from said VHF electro- 
magnetic field source acting upon the nervous system 
of the patient; said light-radiation source producing an 
adequate and monotonous action of the light-radiation 
of the patient’s visual analyzer; said sound radiation 
source producing an adequate and monotonous influ- 
ence of the sound radiation on the patient’s auditory 
analyzer, said control unit means controlling said light- 
radiation, sound-radiation and VHF electromagnetic- 
field source so as to provide for a simultaneous genera- 
tion of said light, sound and VHF electromagnetic 
pulses and directing said pulses to act upon the pa- 
tient’s central nervous system, all said pulses following 
at a predetermined repetition rate and ensuring sup- 
pression of the patient's nervous activity; and a power 
supply means to supply said lightradiation, sound- 
radiation and VHF electromagnetic-field sources and 
said control unit. 

2. An apparatus according to claim 9, further includ- 
ing a heat radiation source comprising an electrical coil 
surrounded by a heat-insulating shield and provided 
with an air-forcing motor, said heat source being dis- 
posed in the proximity of the patient’s integument, said 
motor of said heat-radiation source being electrically 
connected with said control unit means and controlled 
thereby so as to ensure a heat irradiation flow onto the 
patient’s integument at the same time as said VHF 
electromagnetic-field pulses and sound pulses are sent 
at an assigned repetition rate, so as to contribute to the 
inhibition of the patient’s nervous activity. 

3. An apparatus according to claim 1, wherein said 
light-radiation source comprises at least one blue-light 
lamp adapted to be placed at the level of the patient’s 
eyes. 

4. An apparatus according to claim 1, wherein said 
light-radiation source comprises at least one green-light 
lamp adapted to be placed at the level of the patient’s 
eyes. 

5. An apparatus according to claim 4, wherein an 
even number of said green-light lamps are provided and 
are adapted to be arranged symmetrically with respect 
to the saggital plane of the patient and at a minima] 
angle relative to the axis of the respective eye. 
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6. An apparatus according to claim 1, wherein said 
electromagnetic field source comprises an oscillator 
means having a control means, and wherein said con- 
trol unit means is a chopper provided with a rotatable 
cam gear having electric contacts which periodically 
connect said power supply source with the circuit of 
the incandescent lamps, with the electric generator of 
pulse oscillations which are converted in a small dy- 
namic loudspeaker into acoustic signals imitating the 
sound of falling drops of water, as well as grounding the 
contro! means of the oscillator means. 

7. An apparatus according to claim 1, wherein said 
electromagnetic field source comprises an oscillator 
means having a control means, and wherein said con- 
trol unit means comprises an electronic timer means 
having at least one thyratron and a resistor-capacitor 
delay trigger circuit means therefor, said thyratron in- 
cluding an anode circuit comprising a series connected 
electro-mechanical relay having contacts connecting 
the power supply source with the circuit of the incan- 
descent lamps, with the electric generator of pulse os- 
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cillations converted in a small dynamic loudspeaker 
into acoustic signals imitating the sound of falling drops 
of water, as well as grounding the control means of the 
oscillator means. | 

8. An apparatus according to claim 7, further includ- 
ing a heat radiation source, and wherein said electronic 
timer having at least one thyratron with an anode cir- 


' cuit comprising a series connected electro-mechanical 


relay having contacts connecting the power supply 
source with the circuit of the incandescent lamps, with 
the electric generator of pulse oscillations converted in 
a small dynamic loudspeaker into acoustic signals imi- 
tating the sound of falling drops of water, as well as 
grounding the grid of the oscillator means, further con- 
nects the power supply with said heat radiation source, 
and has a potentiometer electrically connected with 
said timer to provide for a predetermined repetition 
rate of said VHF electromagnetic-field, light and sound 
pulses, and for the control of said heat radiation de- 


pending on the individual features of the patient. 
Xx * * ko ok 
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[57] ABSTRACT 


Apparatus for and method of sensing brain waves at a 
position remote from a subject whereby electromag- 
netic signals of different frequencies are simulta- 
neously transmitted to the brain of the subject in 
which the signals interfere with one another to yield a 
waveform which is modulated by the subject's brain 
waves. The interference waveform which is represen- 
tative of the brain wave activity is re-transmitted by 
the brain to a receiver where it is demodulated and 


amplified. The demodulated waveform is then dis- 


played for visual viewing and routed to a computer for 
further processing and analysis. The demodulated 
waveform also can be used to produce a compensating 
signal which is transmitted back to the brain to effect 
a desired change in electrical activity therein. 


11 Claims, 2 Drawing Figures 
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“APPARATUS AND METHOD FOR REMOTELY 
MONITORING AND ALTERING BRAIN WAVES 


BACKGROUND OF THE INVENTION 


Medical science has found brain waves to be a useful 
barometer of organic functions. Measurements of elec- 
trical activity in the brain have been instrumental in 
detecting physical and psychic disorder, measuring 


stress, determining sleep patterns, and monitoring body 


metabolism. 

The present art for measurement of brain waves em- 
ploys electroencephalographs including probes with 
sensors which are attached to the skull of the subject 
under study at points proximate to the regions of the 


brain being monitored. Electrical contact between the. 


sensors and apparatus employed to process the de- 
tected brain waves is maintained by a plurality of wires 
extending from the sensors to the apparatus. The ne- 
cessity for physically attaching the measuring appara- 
tus to the subject imposes several limitations on the 
measurement process. The subject may experience 
discomfort, particulary if the measurements are to be 
made over extended periods of time. His bodily move- 
ments are restricted and he is generally confined to the 
immediate vicinity of the measuring apparatus. Fur- 
thermore, measurements cannot be made while the 
subject is conscious without his awareness. The com- 
prehensiveness of the measurements is also limited 
since the finite number of probes employed to monitor 
local regions of brain wave activity do not permit ob- 
servation of the total brain wave profile in a single test. 


SUMMARY OF THE INVENTION 


The present invention relates to apparatus and a 
method for monitoring brain waves wherein all compo- 
nents of the apparatus employed are remote from the 
test subject. More specifically, high frequency trans- 
mitters are operated to radiate electromagnetic energy 
of different frequencies through antennas which are 
capable of scanning the entire brain of the test subject 
or any desired region thereof. The signals of different 
frequencies penetrate the skull of the subject and im- 
pinge upon the brain where they mix to yield an inter- 
ference wave modulated by radiations from the brain’s 
natural electrical activity. The modulated interference 
wave is re-transmitted by the brain and received by an 
antenna at a remote station where it is demodulated, 
and processed to provide a profile of the suject’s brain 
waves. In addition to passively monitoring his brain 
waves, the subject’s neurological processes may be 
affected by transmitting to his brain, through a trans- 
mitter, compensating signals. The latter signals can be 
derived from the received and processed brain waves. 


OBJECTS OF THE INVENTION 


It is therefore an object of the invention to remotely 
monitor electrical activity in the entire brain or se- 
lected local regions thereof with a single measurement. 

Another object is the monitoring of a subject's brain 
wave activity through transmission and Pecepuon of 
electromagnetic waves. 

Still another object is to monitor brain wave activity 
from a position remote from the subject. 

A further object is to provide a method and appara- 
tus for affecting brain wave activity by edi 
electromagnetic Signals thereto. : 
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2 
DESCRIPTION OF THE DRAWINGS 


Other and further objects of the invention will appear 
from the following description and the accompanying 
drawings, which form part of the instant specification 
and which are to be read in conjunction therewith, and 
in which like reference numerals are used to indicate 
like parts in the various views; 

FIG. 1 is a block diagram showing the interconnec- 
tion of the components of the apparatus of the inven- 
tion; 

FIG. 2 is a block diagram showing signal flow in one 
embodiment of the apparatus. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


Referring to the drawings, specifically FIG. 1, a high 
frequency transmitter 2 produces and supplies two 
electromagnetic wave signals through suitable coupling 
means 14 to an antenna 4. The signals are directed by 
the antenna 4 to the skull 6 of the subject 8 being exam- 
ined. The two signals from the antenna 4, which travel 
independently, penetrate the skull 6 and impinge upon 
the tissue of the brain 10. 

Within the tissue of the brain 10, the signals combine, 
much in the manner of a conventional mixing process 
technique, with each section of the brain having a dif- 
ferent modulating action. The resulting waveform of 
the two signals has its greatest amplitude when the two 
signals are in phase and thus reinforcing one another. 
When the signals are exactly 180° out of phase the 
combination produces a resultant waveform of mini- 
mum amplitude. If the amplitudes of the two signals 
transmitted to the subject are maintained at identical 
levels, the resultant interference waveform, absent 
influences of external radiation, may be expected to 
assume zero intensity when maximum interference 
occurs, the number of such points being equal to the 
difference in frequencies of the incident signals. How- 
ever, interference by radiatión from electrical activity 
within the brain 10 causes the waveform resulting from 
interference of the two transmitted signals to vary from 
the expected result, i.e., the interference waveform is 
modulated by the brain waves. It is believed that this is 
due to the fact that brain waves produce electric 
charges each of which has a component of electromag- 
netic radiation associated with. it. The electromagnetic 
radiation produced by the brdin waves in turn reacts 
with the signals transmitted to the brain from the exter- 
nal source. 

The modulated interference daa is re-transmit- 
ted from the brain 10, back through the skull 6. A 
quantity of energy is re-transmitted sufficient to enable 
it to be picked up by the antenna 4. This can be con- 
trolled, within limits, by adjusting the absolute and 
relative intensities of the signals, originally transmitted 
to the brain. Of course, the lével of the transmitted 
energy should be kept below that which may be harm- 
ful to the subject. 

The antenna passes the received signal to a receiver 
12 through the antenna electronics 14. Within the re- 
ceiver the wave is amplified by conventional RF ampli- 
fiers 16 and demodulated by conventional detector and 
modulator electronics 18. The demodulated wave, rep- 
resenting the intra-brain electrical activity, is amplified 
by amplifiers 20 and the resulting information in elec- 
tronic form is stored in buffer circuitry 22. From the 
buffers 22 the information is fed to a suitable visual 


3,951,134 


3 
display 24, for example one employing a cathode ray 
tube, light emitting diodes, liquid crystals, or a mechan- 
ical plotter. The information may also be channeled to 
a computer 26 for further processing and analysis with 
the output of the computer displayed: by heretofore 
mentioned suitable means. 

In addition to channeling its information to display 
devices 24, the computer 26 can also produce signals to 
control an auxiliary transmitter 28. Transmitter 28 is 
used to produce a compensating signal which is trans- 
mitted to the brain 10 of the subject 8 by the antenna 
4. In a preferred embodiment of the invention, the 
compensating signal is derived as a function of the 
received brain wave signals, although it can be pro- 
duced separately. The compensating signals affect elec- 
trical activity within the brain 10. 

Various configurations of suitable apparatus and 
electronic circuitry may be utilized to form the system 
generally shown in FIG. 1 and one of the many possible 
configurations is illustrated in FIG. 2. In the example 
shown therein, two signals, one of 100 MHz and the 
other of 210 MHz are transmitted simultaneously and 
combine in the brain 10 to form a resultant wave of 
frequency equal to the difference in frequencies of the 
incident signals, i.e., 110 MHz. The sum of the two 
incident frequencies is also available, but is discarded 
in subsequent filtering. The 100 MHz signal is obtained 
at the output 37 of an RF power divider 34 into which 
a 100 MHz signal generated by an oscillator 30 is in- 
jected. The oscillator 30 is of a conventional type em- 
ploying either crystals for fixed frequency circuits or a 
tunable circuit set to oscillate at 100 MHz. It can be a 
pulse generator, square wave generator or sinusoidal 
wave generator. The RF power divider can be any 
conventional VHF, UHF or SHF frequency range de- 
vice constructed to provide, at each of three outputs, a 
signal identical in frequency to that applied to its input. 

The 210 MHz signal is derived from the same 100 
MHz oscillator 30 and RF power divider 34 as the 100 
MHz signal, operating in concert with a frequency 
doubler 36 and 10 MHz oscillator 32. The frequency 
doubler can be any conventional device which provides 
at its output a signal with frequency equal to twice the 
frequency of a signal applied at its input. The 10 MHz 
oscillator can also be of conventional type similar to 
the 100 MHz oscillator herebefore described. A 100 
MHz signal from the output 39 of the RF power divider 
34 is fed through the frequency doubler 36 and the 
resulting 200 MHz signal is applied to a mixer 40. The 
mixer 40 can be any conventional VHF, UHF or SHF 
frequency range device capable of accepting two input 
signals of differing frequencies and providing two out- 
put signals with frequencies equal to the sum and dif- 
ference in frequencies respectively of the input signals. 
A 10 MHz signal from the oscillator 32 is also applied 
to the mixer 40. The 200 MHz signal from the doubler 
36 and the 10 MHz signal from the oscillator 32 com- 
bine in the mixer 40 to form a signal with a frequency 
of 210 MHz equal to the sum of the frequencies of the 
200 MHz and 10 MHz signals. 

The 210 MHz signal is one of the signals transmitted 
to the brain 10 of the subject being monitored. In the 
arrangement shown in FIG. 2, an antenna 41 is used to 
transmit the 210 MHz signal and another antenna 43 is 
used to transmit the 100 MHz signal. Of course, a single 
antenna capable of operating at 100 MHz and 210 
MHz frequencies may be used to transmit both signals. 
The scan angle, direction and rate may be controlled 
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4 
mechanically, e.g., by a reversing motor, or electroni- 
cally, e.g., by energizing elements in the antenna in 
proper synchronization. Thus, the antenna(s) can be of 
either fixed or rotary conventional types. 

A second 100 MHz signal derived from output termi- 
nal 37 of the three-way power divider 34 is applied to 
a circulator 38 and emerges therefrom with a desired 
phase shift. The circulator 38 can be of any conven- 
tional type wherein a signal applied to an input port 
emerges from an output port with an appropriate phase 
shift. The 100 MHz signal is then transmitted to the 
brain 10 of the subject being monitored via the antenna 
43 as the second component of the dual signal trans- 
mission. The antenna 43 can be of conventional type 
similar to antenna 41 herebefore described. As previ- 
ously noted, these two antennas may be combined in a 
single unit. 

The transmitted 100 and 210 MHz signal compo- 
nents mix within the tissue in the brain 10 and interfere 
with one another yielding a signal of a frequency of 110 
MHz, the difference in frequencies of the two incident 
components, modulated by electromagnetic emissions 
from the brain, i.e., the brain wave activity being moni- 
tored. This modulated 110 MHz signal i is radiated into 
space. 

The 110 MHz ty modulated by brain wave activ- 
ity, is picked up by an antenna 45 and channeled back 
through the circulator 38 where it undergoes an appro- 
priate phase shift. The circulator 38 isolates the trans- 
mitted signals from the received signal. Any suitable 
diplexer or duplexer can be used. The antenna 45 can 
be of conventional type similar to antennas 41 and 43. 
It can be combined with them in a single unit or it can 
be separate. The received modulated 110 MHz signal is 
then applied to a band pass filter 42, to eliminate unde- 
sirable harmonics and extraneous noise, and the fil- 
tered 110 MHz signal is inserted into a mixer 44 into 
which has also been introduced a component of the 
100 MHz signal from the source 30 distributed by the 
RF power divider 34. The filter 42 can be any conven- 
tional band pass filter. The mixer 44 may also be of 
conventional type similar to the mixer 40 herebefore 
described. | 

The 100 MHz and 110 MHz signals combine in the 
mixer 44 to yield a signal of frequency equal to the 
aa re in frequencies of the two component signals, 

, 10 MHz still modulated by the monitored brain 
wave activity. The 10 MHz signal is amplified in an IF 
amplifier 46 and channeled to a demodulator 48. The 
IF amplifier and demodulator 48 can both be of con- 
ventional types. The type of demodulator selected will 
depend on the characteristics of the signals transmitted 
to and received from the brain, and the information 
desired to be obtained. The brain may modulate the 
amplitude, frequency and/or phase of the interference 
waveform. Certain of these parameters will be more 
sensitive to corresponding brain wave characteristics 
than others. Selection of amplitude, frequency or phase 
demodulation means is governed by the choice of brain 
wave characteristic to be monitored. If desired, several 
different types of demodulators can be provided and 
used alternately or at the same time. 

The demodulated signal which is representative of 
the. monitored brain wave activity is passed through 
audio amplifiers 50 a, b, c which may be of conven- 
tional type where it is amplified and routed to displays 
58 a, b, c and a computer 60. The displays 58 a, b, c 
present the raw brain wave signals from the amplifiers 


3,951,134 


5 


50 a, b, c. The computer 60 processes, the amplified 


brain. wave signals to derive information suitable for 
viewing, e.g., by suppressing, compressing, or expand- 
ing elements, thereof, or combining them with other 


information- -bearing signals and presents that informa- 


tion on a display 62. The displays can be conventional 
ones such as the types herebefore mentioned employ- 
ing electronic visual displays or mechanical plotters 
58b. The computer can also be of conventional type, 
either analog or digital, or a hybrid. 

A profile of the entire brain wave emission pattern 
may be monitored or select areas of the brain may be 
observed in a single measurement simply by altering 
the scan angle and direction of the antennas. There is 
no physical contact between the subject and the moni- 
toring apparatus. The computer 60 also can determine 
a compensating waveform for transmission to the brain 
10 to alter the natural brain waves in a desired fashion. 
The closed loop compensating system permits instanta- 
neous and continuous modification of the brain wave 
response pattern. 

In performing the brain wave pattern modification 
function, the computer 60 can be furnished with an 
external standard signal from a source 70 representa- 
tive of brain wave activity associated with a desired 
nuerological response. The region of the brain respon- 
sible for the response is monitored and the received 
signal, indicative of the brain wave activity therein, is 
compared with the standard signal. The computer 60 is 
programmed to determine a compensating signal, re- 
sponsive to the difference between the standard signal 
and received signal. The compensating signal, when 
transmitted to the monitored region of the brain, mod- 
ulates the natural brain wave activity therein toward a 


reproduction of the standard signal, thereby changing 


the neurological response of the subject. 

The computer 60 controls an auxiliary transmitter 64 
which transmits the compensating signal to the brain 10 
of the subject via an antenna 66. The transmitter 64 is 
of the high frequency type commonly used in radar 
applications. The antenna 66 can be similar to antennas 
41, 43 and 45 and can be combined with them. 
Through these means, brain wave activity may be al- 
tered and deviations from a desired norm may be com- 
pensated. Brain waves may be monitored and control 
signals transmitted to the brain from a remote station. 

It is to be noted that the configuration described is 
one of many possibilities which may be formulated 
without departing from the spirit of my invention. The 
transmitters can be monostratic or bistatic. They also 
can be single, dual, or multiple frequency devices. The 
transmitted signal can be continuous wave, pulse, FM, 
or any combination of these as well as other transmis- 
sion forms. Typical operating frequencies for the trans- 
mitters range from 1 MHz to 40 GHz but may be al- 
tered to suit the particular function being monitored 
and the characteristics of the specific subject. 

The individual components of the system for moni- 
toring and controlling brain wave activity may be of 
conventional type commonly employed in radar sys- 
tems. 

Various subassemblies of the brain wave monitoring 
and control apparatus may be added, substituted or 
combined. Thus, separate antennas or a single multi- 
mode antenna may be used for transmission and recep- 
tion. Additional displays and computers may be added 
to present and analyze select components of the moni- 
tored brain waves. 
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Modulation of the interference signal retransmitted 
by the brain may be of amplitude, frequency and/or 
phase. Appropriate demodulators may be used to deci- 
pher the subject's brain activity and select components 
of his brain waves may be analyzed by computer to 
determine his: ‘mental state and monitor nis: mount 
processes. 

As will be P by those familiar with the art, 
apparatus and method of the subject’ invention has 
numerous uses. Persons in critical positions such as 
drivers and pilots can be continuously monitored with 
provision for activation of an emergency device in the 
event of human failure. Seizures, sleepiness and dream- 
ing can be detected. Bodily functions such as pulse 
rate, heartbeat reqularity and others also can be moni- 
tored and occurrences of hallucinations can be de- 
tected. The system also permits medical diagnoses of 
patients, inaccessible to physicians, from remote sta- 
tions. 

What is claimed is: 

1. Brain wave monitoring apparatus comprising 

means for producing a base frequency signal, 

means for producing a first signal having a frequency 

related to that of the base frequency and at a pre- 
determined phase related thereto, 

means for transmitting both said base frequency and 

said first signals to the brain of the subject being 
monitored, 

means for receiving a second signal transmitted by 

the brain of the subject being monitored in re- 
sponse to both said base frequency and said first 
signals, 

mixing means for producing from said base fre- 

quency signal and said received second signal a 
response signal having a frequency related to that 
of the base frequency, and 

means for interpreting said response signal. 

2. Apparatus as in claim 1 where said receiving 
means comprises 

means for isolating the transmitted signals from the 

received second signals. 

3. Apparatus as in claim 2 further comprising a band 
pass filter with an input connected to said isolating 
means and an output connected to said mixing means. 

4. Apparatus as in claim 1 further comprising means 
for amplifying said response signal. 

5. Apparatus as in claim 4 further comprising means 
for demodulating said amplified response signal. 

6. Apparatus as in claim 5 further comprising inter- 
preting means connected to the output of said demodu- 
lator means. 

7. Apparatus according to claim 1 further comprising 

means for producing an electromagnetic wave con- 

trol signal dependent on said response signal, and 
means for transmitting said control signal to the brain 
of said subject. 

8. Apparatus as in claim 7 wherein said transmitting 
means comprises means for directing the electromag- 
netic wave control signal to a predetermined part of the 
brain. 

9. A process for monitoring brain wave activity of a 
subject comprising the steps of 

transmitting at least two electromagnetic energy sig- 

nals of different frequencies to the brain of the 
subject being monitored, 

receiving an electromagnetic energy signal resulting 

from the mixing of said two signals in the brain 
modulated by the brain wave activity and retrans- 
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mitted by the brain in response to said transmitted 
energy signals, and, | 
interpreting said received signal. 

10. A process as in claim 9 further comprising the 
step of transmitting a further electromagnetic wave > 
signal to the brain to vary the brain wave activity. 

11. A process as in claim 10 wherein the step of 
transmitting the further signals comprises 

obtaining a standard signal, 
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- comparing said received electromagnetic energy sig- 


nals with said standard signal, 
producing a compensating signal corresponding to 
the comparison between said received electrogag- 
netic energy signals and the standard signal, and 
transmitting the compensating signals to the brain of 


the subject being monitored. 
* * * * k 


Basic Electronics Tutorials 


4.3 INDUCTORS IN SERIES 


Inductors are said to be connected in "Series" when they are daisy chained together in a straight line, end to end. In 
the Resistors in Series tutorial we saw that the different values of the resistances connected together in series just 
"add" together and this is also true of inductance. Inductors in series are simply "added together" because the 
number of coil turns is effectively increased, with the total circuit inductance Ly being equal to the sum of all the 
individual inductances added together. 


Le =L,+L,+L,+... 
I=; =l, =l +t... 
Vs = Vut Vio + Vis 


4.4 INDUCTORS IN PARALLEL 


Inductors are said to be connected together in "Parallel" when both of their terminals are respectively connected to 
each terminal of the other inductor or inductors. The voltage drop across all of the inductors in parallel will be the 
same. Then, Inductors in Parallel have a Common Voltage across them and in our example below the voltage 
across the inductors is given as: 


l l l l 

— = — + — + — +... 
La L, L, L; 

lbk =1,,+1,,+1,3+... 


V= Vau = Vpop = Vg =... 


4.5 TwO INDUCTORS IN PARALLEL 
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The following Papes contain facsimile reproductions of int that kive beak rated bys et oe 
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mind alteration: | ee 


E. ` Ñ : Ea | - et ua 
4 Hearing Device—United States Patent 4,858,612. É = oer t 


y; Apparatus ard Method for remotely Monitoring and Altering Brain Y Wates Sa LR RRS L 
—United States Patent 3,951, 134, . a. oe e a _ Ln = + a. NA k 

4 Biomagnetic Analytical System Using Fibér-Optie Magnetic serors“ O A AET ae 

_ —United States Patent 4,951,674. et E SE 


NN 


Brain Electrical Activity Mapping—United States Patent 4,408,616. 0 a . EE, = bed : 


Method of Inducing Mental, Emotional and Physical States of Consciousness, 
Including Specific Mental Activity, in Human Beings 
—United States Patent 5,213,562. 


N 


4a Method of and Apparatus for inducing Desired States of Consciousness 
—United States Patent 5,356,368. = 


United States Patent No. 4,858,612—Hear- 
ing Device: 


ABSTRACT 

A method and apparatus for simulation of 
hearing in mammals by introducuon of a 
plurality of microwaves into the region of 
the auditory cortex... A microphone is used - 
to transform sound signals into electncal 
signals which are in turn analyzed and 
processed to provide controls for generating 
a plurality of microwave signals at different 
frequencies. The multifrequency micro- 
waves are then applied to the brain in the 
region of the auditory cortex. By this method 
sounds are perceived by the mammal] which 
are representanve of the original sound per- 
ceived by the microphone. 


You will not find a better description of the 
means by which voices can be electronically 
transmitted into a human mind. Although 
the text of the patent presents the invention 
as a therapeutic aid for individuals who 
have hearing impairments, the potential 
mind control applications of the device are 


obvious. 


But why stop at the mere electronic 
transmission of voices into the human 
brain? Why not electronically alter the 
brain waves themselves by means of radio 
transmissions? Consider, for example, 
United States Patent No. 3,951,134 - Appa- 
ratus and Method for Remotely Monitoring 
and Altering Brain Waves. The abstract 
says: 


ABSTRACT 

Apparatus for and method of sensing brain 
waves at a position remote from a subject 
whereby electromagnetic signals of different 
frequencies are simultaneously transmitted 
to the brain of the subject in which the sig- 
nals interfere with one another to yield a 
waveform which is modulated by the sub- 
ject's brain waves. The interference wave- 
form which is representative of the brain 
wave activity is re-transmitted by the brain 
to a receiver where it is demodulated and 
amplified. The demodulated waveform is 
then displayed for visual viewing and routed 
to a computer for further processing and 
analysis. The demodulated waveform also 
can be used to produce a compensating sig- 
nal which is transmitted back to the brain to 
effect a desired change in electrical acuvity 
therein. 


Quoting again from the text of the patent: 


SUMMARY OF THE INVENTION 

The present invention relates to apparatus 
and a method for monitoring brain waves 
wherein all components of the apparatus 
employed are remote from the test subject. 
More specifically, high frequency transmit- 
ters are operated to radiate electromagnetic 
energy of different frequencies through an- 
tennas which are capable of scanning the 
entire brain of the test subject or any de- 
sired region thereof. The signals of different 
frequencies penetrate the skull of the sub- 
ject and impinge upon the brain where they 
mix to yield an interference wave modulated 
by radiations from the brain’s natural elec- 
trical activity. The modulated interference 
wave is re-transmitted by the brain and re- 
ceived by an antenna at a remote station 


where it is demodulated, and processed to 
provide a profile of the subject's brain waves. 
In addition to passively monitoring his brain 
waves, the subject’s neurological processes 
may be affected by transmitting to his brain, 
through a transmitter, compensating sig- 
nals. The latter signals can be derived from 
the received and processed brain waves. 


The import of the invention could not be 
clearer. This patent spells out, in black and 
white, an electronic method and apparatus 
for remotely monitoring and altering the 
brain waves of human beings, by use of ra- 
dio transmitters and computers. The sub- 
ject’s brain waves are electronically moni- 
tored, received, routed to a computer, modi- 
fied, and then transmitted back to his/her 
brain, with the stated intention of altering 
the “electrical activity” of the subjects brain. 
As the patent states: 


... the subject’s neurological processes may 
be affected by transmitting to his brain, 
through a transmitter, compensating sig- 
nals. The latter signals can be derived from 
the received and processed brain waves. 


The potential for electronic mind control is 
transparent. | o 


Thanks to modern electronic technology 
the electrical activity of the human brain 
can be precisely monitored and displayed. 
The subtle electromagnetic fields and ac- 
companying electrical activity in the brain 
can be electronically monitored and re- 
corded in real time. United States Patent 
No. 4,951,674—Biomagnetic Analytical Sys- 
tem Using Fiber-Optic Magnetic Sensors 
describes one such method and apparatus: 


ABSTRACT 

A biomagnetic analytical system for sensing 
and indicaring minute magnetic fields ema- 
nating from the brain or from any other tis- 
sue region of interest in a subject under 
study. The system includes a magnetic pick- 
up device constituted by an array of fiber- 
optic magnetic sensors mounted at posinons 
distributed throughout the inner confines of 
a magnetic shield configured to conform 
generally to the head of the subject or what- 


2 


ever other body region is of interest Each 
sensor yields a light beam whose phase or 
other parameter is modulated in accordance 
with the magnetic field emanating from the 
related site in the region The modulated 
beam from each sensor is compared in an 
interferometer with a reference light beam 
to yield an output signal that is a function of 
the magnetic field being emitted at the re- 
lated site. The output signals from the inter- 
ferometer are processed to provide a display 
or recording exhibiting the pattern or map of 
magnetic fields resulting from emanations 
at the multitude of sites encompassed by the 
region. 


This device makes possible the mapping of 
the brain's biomagnetic activity. The data 
can be displayed visually, on a CRT monitor 
(as on a computer screen), permitting a spe- 
cialist to electronically peer into a person's 
head and to: 


_.."see” a functional image of the brain on a 
CRT, ... the image will be a profile of the 
electromganetically “active” portions of the 
brain, as shown by the magnetic pattern de- 
rived from data reduction... 


The data can also be digitized for subse- 
quent storage and manipulation. In the 
words of the patent: 


The data can also be directed to a storage 
medium for the purpose of recording the 
digitized biomagnetic data for archiving and 
later retrieval and processing. 


Patent No. 4,951,674 goes on to say that 
during the data processing stage, data from: 


__. modalities such as EEG, EKG, MRI and 
X-ray ... can be combined with the biomag- 
netic data ... 


In other words, the practitioner can recon- 
cile the biomagnetic data with an individ- 
ual’s EEG pattern. This means a specific 
pattern of biomagnetic activity can be cor- 
related with a particular pattern of electri- 
cal activity in the brain. (See the appendix 
at the end of the book for the complete pat- 
ent. Look at illustrations 1 to 3. Note the 
special helmet with the magnetic sensors 
that fits around the head of the person 


whose brain's biomagnetic activity 1s being 
monitored and digitally recorded.) 

United States Patent No. 4,408,616, 
Brain Electrical Activity Mapping, provides 
further information on how the human 
brain can be electronically monitored. 


The patent abstract says, 
in part: 

Topographic displays of brain electrical ac- 
tivity are produced from matrices of data de- 
rived from evoked potential (EP) and 
steady-state responses of skull transducers 
... the rate of data sampling is sufficent to 
capture rapid transient events ... 


In other words, the transition from one 
mental state to another can be observed and 
electronically mapped. The text of the pat- 
ent explains how this is done: 


Twenty electrodes (e.g., Grass gold cup) are 
attached to subject's skull ... Twenty leads 
from electrodes are connected through 
switch to conventional 24-channel polygraph 


The patent succinctly explains how elec- 
trodes are attached to a person's skull and 
connected to a polygraph machine to record 
the electrical activity of their brain in real 
time, as it responds to various stimuli. It 


- neatly sums up: 


... (The brain electrical activity mapping . 
system creates color topographic displays re- 
flecting brain electrical activity using, as in- 
put, continuous electrical waveforms re- 
corded from a number of points on the skull. 


The data are then converted to digital form. 
Data are stored in individual files or com- 
bined with others into “group” files, so that 
a group profile of brain electrical activity in 
response to a variety of stimuli can be con- 
structed. The stimulus may be a flashing ` 
light or something more complex, like being 
asked to distinguish between two similar, 
but slightly different, spoken words. 

Over time, a library of digitized data 
(data that can be stored and analyzed by 
computer) about the electrical activity of the 
brains of individual people and groups of 
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people is built up. This is precisely the type 
of data that can be used to modulate a radio 
wave that is transmitted into a target sub- 
ject's brain to alter his/her brainwaves. In 
principle, by using averaged data derived 
from group files of brain electrical activity, 1t 
should be possible to modulate radio broad- 
casts to affect the brain electrical activity of 
large numbers of a target population. 
In many cases people’s minds and brains 
have been tampered with and altered with- 
out their informed consent. Psychoactive 
drugs, microwaves, hypnosis, brain washing 
and electronic implants are some of the 
ways in which mind control victims have 
been attacked by these shadowy agencies. 
Electronic and psychotronic mind con- 
trol technologies are absolutely antithetical 
to the fundamental exercise of human free- 
dom. Unfortunately, the patents and tech- 
nologies described here are real. It is time 
for us all to wake up and see things as they 
are. A particularly insidious slavery is men- 
tal enslavement, accomplished by electroni- 
cally or psychotronically altering peoples 
thoughts, such that their very thoughts are 
not their own, but are ones that their self- 
appointed masters would have them to 


think. 
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[57] ABSTRACT 


A method and apparatus for simulation of hearing in 
mammals by introduction of a plurality of microwaves 
into the region of the auditory cortex is shown and 
deseribed. A microphone is used to transform sound 
signals into electrical signals which are in turn anziyzed 
and processed to provide controls for generating 3 piu- 
rality of microwave signals at different frequencies. The 
multifrequency microwaves are then applied to the 
brain in the region of the auditory cortex. By thts 
method sounds are perceived by the mammal which are 
representative of the original sound received by the 
microphone. 


29 Claims, 7 Drawing Sheets 
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Basic Electronics Tutorials 


5.0 IMPEDANCE AND REACTANCE 


5.1 IMPEDANCE 


Any ideal basic circuit element such as a resistor can be described mathematically in terms of its voltage and 
current, and we saw previously that the voltage across a pure ohmic resistor is linearly proportional to the current 
flowing through it as defined by Ohm's Law. If the voltage across a resistor varies sinusoidally with respect to time, 
as it does in an AC circuit, the current flowing through the resistor will also vary. 


In an AC resistance, the current and voltage are both "in-phase" as there is 
no phase difference between them. The current flowing through the 
resistance is directly proportional to the voltage across it with their peak 
values related by Ohm's law. 


Impedance is the 
opposition to sinusoidal 
current flow in an AC 
circuit being the phasor 
sum of both reactance and 
resistance 


In an AC circuit, impedance represents the opposition to the flow of AC or 
sinusoidal current. A circuit consisting of reactance (inductive or capacitive) 
and a resistance will have an equivalent AC resistance known as Impedance, 
Z. Impedance is the phasor sum of the circuit's reactance, X and the 
resistance, R. Note that although impedance represents the ratio of two phasors, it is not a phasor itself, because it 
does not correspond to a sinusoidal varying quantity. 


Impedance, which is given the letter Z, in a pure ohmic resistance is a complex number consisting only of a real part 
being the actual AC resistance value, ( R ) and a zero imaginary part, (jO ). Because of this Ohm's Law can be used 
in circuits containing an AC resistance to calculate these voltages and currents. As a pure resistor has no reactance, 
resistance Is, for all practical purposes, unaffected by the frequency of the applied sinusoidal voltage or current. 


5.2 AC RESISTANCE 


Z = R+j0 E 


Many AC resistive circuits such as heating elements and lamps consist of a pure ohmic resistance only and have 
negligible values of inductance or capacitance adding to its impedance. In such circuits we can use both Ohms Law 
and Kirchoff's laws as well as simple circuit rules for calculating the voltage, current, impedance and power as we 
would in DC circuit analysis. When working with such rules it is usual to use rms values only. 
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1 
HEARING DEVICE 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

This invention relates to devices for aiding of hearing 
in mammials. The invention is based upon the perception 
of sounds which is experienced in the brain when the 
brain is subjected to certain microwave radiation sig- 
nals. 

2. Descripuon of the Prior Art 

In prior art hearing devices for human beings, it ts 
well known to amplify sounds to be heard and to apply 
the amplified sound signal to the ear of the person wear- 
ing the hearing aid. Hearing devices of this type are 
however limited to hearing disfunctions where there is 
no damage to the auditory nerve or to the auditory 
cortex. la the prior art, if there is damage to the audi- 
tory cortex or the auditory nerve, it cannot be corrected 
by the use of a hearing aid. 

Dunng World War II, individuals in the radiation 
path of certain radar instailations observed clicks and 
buzzing sounds in response to the microwave radiation. 
It was through this early observation that it became 
known to the art that microwaves could cause a direct 
perception of sound within a human brain. These buzz- 
ing or clicking sounds however were not meaningful. 
and were not perception of sounds which could other- 
wise be heard by the receiver. This type of microwave 
radiation was not representative of any intelligible 
sound to be perceived. In such radar installations, there 
was never a sound which was zenerated which resulted 
in subsequent generation of microwave signals repre- 
sentative of that sound. 

Since the early perception of buzzing and clicking, 
further research has been conducted into the micro- 
wave reaction of the brain. In an article entitled “Possi- 
ble Microwave Mechanisms of the Mammalian Ner- 
vous System” by Philip L. Stocklin and Brain F. Stoc- 
klin, published in the TIT Journal of Life Sciences, 
Tower International Technomedical Institute, Inc. P.O. 
Box 4594, Philadeiphia. Pa (1979) there is disclosed a 
hypothesis that the mammalian brain generates and uses 
electro magnetic waves in the lower microwave fre- 
quency region as an integral part of the functioning of 
the central and peripheral nervous systems. This analy- 
sis is based primarily upon the potential energy of a 
protein integral in the neural membrane. 

In an article by W. Bise entitled “Low Power Radio- 
Frequency and Microwave Effects On Human Electro- 
encephalogram and Behavior”, Physiol. Chemistry 
Phys. 10, 387 (1978), it is reported that there are signifi- 
cant effects upon the alert human EEG during radiation 
by low intensity CW cucrowave electromagnetic en- 
ergy. Bise observed significant repeatable EEG effec: 
for a subject during radiation at specific microwave 
frequencies. 


SUMMARY OF THE INVENTION 


Results of theoretical analysis of the physics of brain 
ussue and the dbrain/skull cavity, combined with expen- 
mentally-determined electromagnetic properties of 
mammalian brain tissue. indicate the physical necessity 
for the existence of electromagnetic standing waves, 
called modes in the living mammalian brain. The mode 
characteristics may be determined by two geometnc 
proverties of the brain: these are the cephalic index of 
the rain (its shape in prolate spheroidal coordinates) 
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and the serc:focal distance of the brain (a measure of its 
size). It was concluded that estimation of brain cepnalic 
index and semifocal distance using externa! skull mez- 
surements on subjects permits estimation of the subject's 
characteristic mode frequencies. which in tum wiil 
permit a mode by mode treatment of the data to simu- 
late hearing. 

This invention provides for sound perception by indi- 
viduals who have impaired hearing resulting from ear 
damage. auditory nerve damage. and damage to the 
auditory cortex. This invention provides for simulation 
of microwave radiation which is normally produced by 
the auditory cortex. The simulated brain waves are 
introduced into the region of the auditory cortex and 
provide for perceived sounds on the part of the subject. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 shows the acoustic filter bank and mode con- 
trol matrix portions of the hearing device of this inven- 
tion. 

FIG. 2 shows the microwave generation and antenna 
portion of the hearing device of this invention. 

FIG. 3 shows a typical voltage divider network 
which may be used to provide mode partiticn. 

FIG. 4 shows another voltage divider device which 
may be used to provide mode partition. 

FIG. 5 shows a voltage divider to be used as a mode 
partition wherein each of the resistors is variable in 
order to provide adjustment of the voltage cutputs. 

FIG. 6 shows a modified heanng device which in- 
cludes adjustable mode partitioning, and which is used 
to provide initial calibration of the hearing device. 

FIG. 7 shows a group of variable oscillators and 
variable gain controls which are used to determine 
hearing characteristics of a particular subjec:. 

FIG. 8 shows a top view of a human skull showing 
the lateral dimension. 

FIG. 9 shows the relationship of the prolate spherical 
coordinate system to the cartesian system. 

FIG. 10 shows a side view of a skull showing the 
medial plane of the head. section A—A. 

FIG. 11 shows a plot of the transverse electric field 
amplitude versus primary mode number M. 

FIG. 12 shows a left side view of the brain and audi- 
tory cortex. 

FIG. 13 shows the total modal field versus angle for 
source location. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


This invention is based upon observations of the 
physical mechanism the mammalian brain uses to per- 
ceive acoustic vibrations. This observation is based in 
part upon neuro anatomical and other exrenmental 
evidence which relates to microwave brain stimulation 
and the perception of sounds. 

It is has been observed that monochromatic acoustic 
stimuli (acoustic tones. or single tones) of different fre- 
quencies uniquely stimulate different regions of the 
cochlea. It has also been observed that there is a corre- 
sponding one to one relationship between the frequency 
of a monochromatic acoustic stimulus and the region of 
the auditory cortex neurally stimulated by the cochlear 
nerve under the physiologically normal conditions 
(tonotopicity). 

It is has been observed that for an acoustic tone of a 
frequency which is at the lower end of the entire acous- 
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tical range perceivable by a person, that a thin lateral 
region (“Line”) parailel to the medial axis of the brain 
and toward the inferior portion of the primary auditory 
cortex ts stimulated. For an acoustic tone whose fre- 
quency is toward the high end of the entire perceivabie 
acoustic range, a thin lateral region parailel to the me- 
dial axis and toward the superior portion of the primary 
auditory cortex is stimulated. 

Neural stimulation results in the generation of a broad 
band of microwave photons by the change in rotational 
energy state of protons integral to the neuron mem- 
brane of the auditory cortex. The physical size and 
shape of the brain/skull cavity, together with the (semi- 
conductor) properties (conductivity and dielectric con- 
stant) of the brain tissue provide an electromagnetic 
resonant Cavity. Specific single frequencies are con- 
structively reinforced so that a number of Standing 
electromagnetic waves, each at its own single electro- 
magnetic frequency in the microwave frequency re- 
gion, are generated in the brain. Each such standing 
electromagnetic wave is called a characteristic mode of 
the brain/skull cavity. 

Analysis in terms of prolate spheroidal wave func- 


tions indicates that transverse electric field components » 


of these modes have maxima in the region of the audi- 
tory cortex. This analysis further shows that transverse 
electric field possess a variation of amplitude with angle 
in the angular plane (along the vertical dimension of the 
auditory cortex) and that is dependent only upon the 
primary mode number. 

The auditory cortex in the normally functioning 
mammalian brain is a source of microwave modes. The 
auditory cortex generates these modes in accordance 
with the neural stimulation of the auditory cortex by the 
cochlear nerve. Mode weighting for any one acoustic 
tone stimulus is given by the amplitude of each mode 
along the line region of the auditory cortex which is 
neurally stimulated by that acoustic tone stimulus. A 
listing of mode weighting versus frequency of acoustic 
stimulus is called the mode matrix. 

In this invention, the functions of the ear, the coch- 
lear nerve, and the auditory cortex are Simulated. Mi- 
crowaves simulating the mode matrix are inserted di- 
rectly into the region of the auditory cortex. By this 
insertion of simulated microwave modes, the normal 
operation of the entire natural hearing mechanism is 
simulated. 

Referring now to FIG. 1 and FIG. 2 there is shown 
an apparatus which provides for induced perception of 
sound into a mammalian brain. This hearing device 
includes a microphone 10 which receives sounds. an 
acoustic filter bank 12 which separates the si gnals from 
the microphone into component frequencies, and a 
mode control matrix 14 which generates the mode sig- 
nais which are used to control the intensity of micro- 
wave radiations which are injected into the skull cavity 
in the region of the auditory cortex. 

The acoustic filter bank 12 consists of a bank of 
acoustic filters F1 through Fk which span the audibie 
acoustic spectrum. These filters may be built from stan- 
dard resistance, inductance, and Capacitance compo- 
nents in accordance with well established practice. In 
the preferred embodiment there are 24 filters which 
correspond to the observed entical bandwidths of the 
human ear. In this preferred embodiment a typical Mer nf 
filter parameters is given by Table | below: 
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Filter No. Center Frequency Hz: 
| “0 less inan ic} 
1 {so 100 
3 286 i0C 
4 350 100 
5 430 110 
6 $7 129 
7 700 t40 
3 80 150 
9 1,000 160 
10 1.170 190 
Il 1.37 210 
12 1.600 240 
13 1,850 230 
ts 2.150 320 
15 2200 330 
16 2,900 450 
1? 3.300 550 
18 $.000 7 
19 4,800 900 
20 5,800 1.100 
1] 7,000 1.300 
22 2.500 1,$00 
23 10,500 2,300 


24 13,500 3.500 
A ÓN 


The rectifier outputs one through K are fesd to K 
mode partition devices. The mode partitioning devices 
each have N outputs wherein N is the number of micro- 
wave oscillators used to generate the microwave radia- 
uon. The outputs 1 through N of each mode partition 
device is applied respectively to the inputs of each gun 
controlled amplifier of the microwave radiation genera- 
tor. The function of the mode control matrix 14 is the 
control of the microwave amplifiers in the microwave 
amplifier bank 18. In the preferred embodiment ‘aus 
will be 24 outputs and 24 microwave frequency osciila- 
tors. 

Connected to each microwave amplifier gain control 
line is a mode simulation device 16 which receives 
weighted mode signals from the mode partition devices 
14. Each mode simulation device consists of one 
through k lines and diodes 17 which are each connected 
to summing junction 19. The diodes 17 provide for 
isolation from one mode partition device to the next. 
The diodes 17 prevent signals from one mode partition 
device from returning to the other mode partition de- 
vices which are also connected to the same summing 
junction of the mode summation device 16. The diodes 
also serve a second function which is the rectification of 
the signals received from the acoustic filter bank Dv 
way of the mode partition devices. In this Way 2205 
mode partition device output is rectified to produce 3 
varying DC voltage with major frequency components 
of the order of 15 milliseconds or less. The voltage at 
the summation junction 19 is thus a slowly varying DC 
voltage. 

The example mode partition devices are shown in 
greater detail in FIGS. 3, 4, and 5. The mode partition 
devices are merely resistance networks which produce 
l through N output voltages which are predetermined 
divisions of the input signal from the acoustic filter 
associated with the mode partition device. FIG. 3 
shows 3 mode partitioning device wherein several out- 
puts are associated with each series resistor 30. In the 
embodiment depicted in FIG. 4 there is an OULDUL asso- 
ciated with each series resistor only, and thus there are 
N series resistors, or the same number of series resistors 
as there are outputs. The values of the resistors in the 
mode partition resistor network are determined in 2c- 


3 
cordance with the magnitudes of the frequency compo- 
nent from the acoustic filter bank 12 which is required 
at the summation point 19 or the gain control line for 
amplifiers 20. 

The microwave amplifier bank 18 consists of a plural- 
ity of microwave oscillators 1 through N each of which 
is connected to an amplifier 20. Since the amplifiers 20 
are gain controlled by the signals at summation junction 
19, the magnitude of the microwave output is con- 
trolled by the mode control matrix outputs F1 through 
Fa. In the preferred embodiment there are 24 amplifiers. 

The leads from the microwave oscillators 1 through 
N to the ampliiters 20 are shielded to prevent cross talk 
from one oscillator to the next, and to prevent stray 
signals from reaching the user of the hearing device. 
The output impedance of amplifiers 20 should be 1000 
ohms and this is indicated by resistor 21. The outputs of 
amplifiers 20 are all connected to a summing junction 
22. The summing junction 22 is connected to a summing 
impedance 23 which is approximately £0 ohms. The 
relatively high amplifier output impedances 21 as com- 
pared to the relatively low summing impedance 23 
provides minimization of cross talk between the amplifi- 
ers. Since the amplitude of the microwave signal needed 
at the antenna 24 is relatively small, there is no need to 
match the antenna and summing junction impedances to 
the amplifier 20 output impedances. Efficiency of the 
amplifiers 20 is not critical. 

Level control of the signal at antenna 24 is controlled 
by pick off 25 which is connected to the summing impe- 
dance 23. In this manner, the signal at antenna 24 can be 
varied from 0 (ground) to a value which is acceptable to 
the individual. 

The antenna 24 is placed uext to the subject's head 
and in the region of the subject’s auditory cortex 26. By 
placement of the antenna 24 in the region of the audi- 
tory cortex 26, the microwave field which is generated 
sunulates the microwave field which would be gener- 
ated if the acoustic sounds were perceived with normal 
hearing and the auditory cortex was functioning nor- 
mally. 

In FIG. 2A there is shown a second embodiment of 
the microwave radiation and generator portion of the 
hearing device. lo this embodiment a broad band micro- 
wave source $0 generates microwave signals which are 
feed to filters $2 through 58 which select from the broad 
band radiation particular frequencies to be transmitted 
to the person. As in FIG. 2, the amplifiers 20 receive 
signals on lines 19 from the mode control matrix. The 
signals on lines 19 provide the gain control for ampiifi- 
ers 20. 

In FIG. 6 there ts shown a modified microwave hear- 
ing generator 60 which includes a mode partition resis- 
tor divider network as depicted in FIG. $. Each of the 
mode partition voltage divider networks in this embodi- 
ment are individually adjustable for all of the resistances 
io the resistance network. FIG. 5 depicts a voltage 
division system wherein adjustment of the voitage parti- 
tion resistors is provided for. 

In FIG. 6, the sound source 62 generates audible 
sounds which are received by the microphone of the 
microwave hearing generator 60. In accordance with 
the operation described with respect to FIGS. 1 and 2, 
microwave signals are generated at the antenna 10 in 
accordance with the redistribution provided by the 
mode control matrix as set forth in FIG. 5. 

The sound source 62 also produces a signal on line 64 
which is received by a head phone 66. The apparatus 
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depicted in FIG. 6 is used to calibrate or fit a micro- 
wave hearing generator to a particular individual. Once 


‘the hearing generator is adjusted to the particular indt- 


vidual by adjustment of the variable resistors in the 
adjustable mode parntion portion of the hearing gensera- 
tor, a second generator may be built using fixed value 
resistors in accordance with the adjusted values 
achieved in fitting the device to the particular subjez:. 
The sound produced by headphone 66 should be the 
same as a sound from the sound source 62 which is 
received by the microphone 10 in the microwave hear- 
ing generator 60. In this way, the subject can make 
comparisons between the perceived sound from the 
hearing generator 60, and the sound which is heard 
from headphone 66. Sound source 62 also produces a 
signal on 68 which is feed to cue light 69. Cue light 69 
comes on whenever a sound is emitted from sound 
source 62 to the microwave generator 60. In this man- 
ner, if the subject hears nothing, he will still be informed 
that a sound has been omitted and hence that he is in- 
deed perceiving no sound from the microwave heanng 
generator 60. 

[n FIG. 7 there ts shown a modified microwave hear- 
ing generator which may be used to determine a sub- 
ject's microwave mode frequencies. In this device. the 
acoustic filter bank and the mode control matrix have 
been removed and replaced by voltage level signai 
generated by potentiometers 70. Also included are a 
plurality of variable frequency oscillators 72 which feed 
microwave amplifiers 74 which are gain controiled 
from the signal generated by potentiometers 70 and pick 
off arm 76. 

This modified microwave hearing generator is used 
to provide signals using one oscillator at a time. When 
an oscillator is turned on, the frequency is varied about 
the estimated value until a maximum acoustic perces- 
tion by the subject is perceived. This perception how- 
ever may consist of a buzzing or hissing sound rather 
than a tone because only one microwave frequency is 
being received. The first test of perception is to derer- 
mine the subject’s lowest modal frequency for audition 
(M=1). Once this modal frequency is obtained. the 
process is repeated for several higher modal frequenc:es 
and continued until no maximum acoustic percepticn 
occurs. l 

Another method of determination of 3 subject's 
modal frequencies is through anatomical estimation. 
This procedure is by measurement of the subject's ce- 
phalic index and the lateral dimensions of the skull. In 
this method, the shape is determined in prolate spherar- 
dal coordinance. 

Purely anatomical estimation of subject's modal ire- 
quencies is performed by first measuring the maximum 
lateral dimension (breadth) L FIG. 8. of the subject's 
head together with the maximum dimension D (antenor 
to posterior) in the medial plane of the subjects head. D 
is the distance along Z axis as shown in FIG. 10. The 
ratio L/D, called in anthropology the cephalic index. 15 
monotonically related to the boundary value $, defining 
the ellipsoidal surface approximating the interface te- 
tween the brain and the skull in the prolate sphero:cal 
coordinate system. & defines the shape of this intertace: 
o and D together give an estimate of a, the semt-focai 
distance of the defining ellipsoid. Using $o and 1. to- 
gether with known values of the conductivity ind di- 
electric constants of brain tissue, those wavelengths are 
fred © which the radial component of the alecinc 

zs the boundary condition that 11 is zero at E. 
— 


\ > 


i 
These wavelengths are the wavelengths associated with 
the standing waves or modes; the corresponding fre- 
quencies are found by dividing the phase velocity of 
microwaves in brain tissue by each of the wavelengths. 

A subject's microwave modal frequencies may also 
be determined by observing the effect of external micro- 
wave radiation upon the EEG. The frequency of the M 
equal | mode may then be used as a base point to esti- 
mate all other modal frequencies. 

A typical example of such an estimation is where the 
Subject is laterally irradiated with a monochromatic 
microwave field simultaneous with EEG measurement 
and the microwave frequency altered until a significant 
change occurs in the EEG, the lowest such frequency 
causing a significant EEG change is found. This is iden- 
tified as the frequency of the M=1 mode, the lowest 
mode of importance in auditory perception. The purely 
anatomical estimation procedure (FIGS. 8, 9, 10) is then 
performed and the ratio of each modal frequency to the 
M=] modal frequency obtained. These ratios together 
with the experimentally-determined M=1 frequency 
are then used to estimate the frequencies of the mode 
numbers higher than 1. The prolate spheroidal coordi- 
nate system is shown in FIG. 9. Along the lateral plane 


containing the x and y coordinates of FIG. 9, the pro- > 


late spheroidal coordinate variable d (angle) lies FIGS. 
9 and 10. Plots of the transverse electric field amplitude 
versus primary mode number m are shown in FIG. 11. 
The equation is 


Emansrerne m, $) Es sinim bd) : 


The “elevation view” FIG. 12, of the brain from the left 
side, shows the primary auditory cortex 10. The iso- 
tone lines and the high frequency region are toward the 
top of 100 and the low frequency region toward the 
bottom of 100. 

The formula I, set forth below is the formula for 
combining modes from an iso-tone line at &=j being 
excited to obtain the total modal field at some other 
angular location &. For this formula. if we let J=] (just 
one iso-tone single frequency acoustic stimulus line), 
then it can be shown that ALL modes (in general) must 
be used for any ONE tone. 


FORMULA I 
RMS TRANSVERSE ELECTRIC 
FIELD IN ANGULAR PLANE, A0) 


2 


i 

M J i 

ARO) = | I (sat " e e OGY 20m (m0) ) | 
ma! j= 


b=ANGLE (0° LATERAL) 

0; = LOCATION OF ¡-TH SOURCE (TOTAL NUMBER J) 

ddm =ATTENUATION LENGTH (IN ANGLE) OF m-TH MODE 
m=PRIMARY MODE NUMBER (HIGHEST MODE M) 


FIG. 13 shows the resulting total modal field versus 
angle è for source location $ ar 5.25", 12.5", ete. With 
reference to the set of curves at the left top of this fig- 
ure. A spacing of approximately 7.25" in } corresponds 
to a tonal difference of about 1 octave. This conclusion 
is based on the side-lobes of pattem coming from 
$=5.25", etc. The total filed (value on y-axis) falls con- 
siderably below the top curves for source locations well 
below 5.25° (toward the high acoustic stimulus end) and 
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8 
also as the source of frequency goes well above 30° (low 
frequency end). ¢ is plotted positive downward from 0’ 
at lateral location as indicates in FIG. 11. 

Resistor weightings are obtained from the {sin 
(m(dé—4jJ)], Formula I. The scale between acoustic 
frequency and d must be set or estimated from experi- 
ment. Approximately 5.25=1° corresponds to a tonal 
stimulus at about 2 kHz (the most sensitive region of the 
ear) since this source location gives the highest electric 
field amplitude. 

The apparatus of FIG. 7 may also be used to deter- 
mine values for a hearing device which are required for 
a particular subject. Once the modal frequencies have 
been estimated, the device of FIG. 7 which includes 
variable microwave oscillators may be used to deter- 
mine values for the oscillators which match the sub ject, 
and to determine resistance values associated with the 
mode parition devices of the mode control matrix. 

In FIG. 7 manual control of the amplifier gain is 
achieved by potentiometers 76. In this manner the am- 
plifier gains are varied about the estimated sertings for 
an acoustic tone stimulus in the region of two thousand 
Hertz (2 kHz) until maximum acoustic perception and a 
purest tone are achieved together. The term purest tone 
may also be described as the most pleasing acoustic 
perception by the subject This process may be repeated 
ar selected frequencies above and below 2 kHz. The 
selected frequencies correspond to regions of other 
acoustic filter center frequencies of the subject. When 
modal frequency (oscillator frequency) and gain set 
values (setting a potentiometer 76) are noted, it is then 
possible to calculate fixed oscillator frequencies and 
control resistor values for the adjusted heanng device 
for this particular subject. 

In the event the subject has no prior acoustic experi- 
ence, that is deaf from birth, estimated resistor values 
must be used. Also, a complex acoustic stimulation test 
including language articulation and pairs of harmoni- 
cally related tones may be developed to maximize the 
match of the hearing device parameters for those of this 
particular subject. 

Typical components for use in this invention include 
commercially available high fidelity microphones 
which have a range of 50 Hz to 15 kHz with plus or 
minus 3 dB variation. 

The audio filters to be used with the acoustic filter 
bank 12 are constructed in a conventional manner, and 
have Q values of about 6. The filters may aiso be de- 
signed with 3 dB down points (} the bandwidth away 
from the center frequency) occurring at adizcent center 
frequency locations. 

The diodes 17 in the mode contro! matrix which 
provide isolation between the mode partition circuits 
are commercially available diodes in the audio range. 

The microwave oscillators 1 through N and the mi- 
crowave amplifiers 20 are constructed with available 
microwave transistors which can be contigured either 
as oscillators or amplifiers. Examples of the transistors 
are GaAsFET field effect transistors by Hewlitt Pack- 
ard known as the HFET series or silicone bipolar tran- 
sistors by Hewlitt Packard known as the HXTR series. 

All the cable between the oscillators, the microwave 
amplifiers, and the antenna should be constructed with 
either single or double shielded coaxial cable. 

The antenna 24 for directing microwave signals to 
the audio cortex 26 should be approximately the size of 
the auditory cortex. A typical size would be one and 
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one half CM high and one half to one CM wide. The 
antenna as shown :s located over the left auditory cor- 
tex. but the right may also be used. Since the charac:er- 
istic impedance of the brain tissue at these microwave 
frequencies ts close to £0 ohms, eficient transmission by 
commercially available standard £0 ohm coax is possi- 
ble. 
The invention has been descrited in reference to the 
preferred embodiments. It is, however, to be under- 
stood that other advantages. features, and embodiments 
may be within the scope of this invention as defined in 
the appended claims. 
What is claimed is: 
1. A sound perception device ¿or providing induced 
perception of sound into a mammalian brain comprising 
in combination: 
means for generating microwave radiation which is 
representative of a sound to be perceived. said 
means for generating including means for generat- 
ing a simultaneous plurality of microwave radia- 
tion frequencies and means for adjusting the ampli- 
tude of said microwave radiauon frequencies in 
accordance with the sound ‘o be perceived; and 

antenna means located in the region of the auditory 
cortex of said mammalian brain for transmitting 
said microwave energy into the auditory cortex 
region of said brain. 

2. A hearing device for perceprion of sounds compris- 
ig in combination: 

means for generating a signal representative of 

sounds; 

means for analyzing said signal representative of said 

sounds having an output; 

means for generating a piurality of microwave signals 

having diiferent frequencies having a input con- 
nected to said output of said means for analyzing 
said signals, having an output; 

means for applying said plurality of microwave sig- 

nals to the head of a subject. and 

whereby the subject perceives sounds which are rep- 

resentative of said sounds. 

3. The apparatus in accordance with claim 2 wherein 
said means for generating a signal is a microphone for 
detecting sound waves. 

4. The apparatus in accordance with claim 2 wherein 
said means for applying said plurality of microwave 
signals is an antenna. 

5. The apparatus in accordance with claim 4 wherein 
said antenna is placed in the region of the auditory 
cortex of the subject. 

6. The apparatus in accordance 
the subject ts a human being. 

7. The apparatus in accordance with claim 2 wherein 
said means for analyzing said signal comprises: 

an acoustic filter bank for dividing said sounds into a 

plurality of component frequencies; and 

a mode control matrix means for providing control 

signals which are weighted in accordance with said 
plurality of component frequencies, having an out- 
put connected to said means for generating a plu- 
tality of microwave siznal inputs. 

3. The apparatus in accordance with claim 7 wherein 
said acoustic filter bank includes a plurality of audio 
frequency filters. j 

9. The apparatus in accordance with claim 8 wherein 
said audio frequency filters provide a plurality of output 
frequencies having amplitudes which are a function of 
said signal representative of sounds. 


with claim 2 wherein 
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10. The apparatus in accordance with claim 9 
wherein said amplitudes are the weighted in accordance 
with transform function of the signal representative of 
sounds. 

11. The apparatus in accordance with claim 7 
wherein said mode control matrix devices includes a 
voltage divider connected to each of said plurality of 
said audio frequency filters. 

12. The apparatus in accordance with ciaim 11 
wherein each of said voltage dividers has a plurality of 
outputs which are connected in circuit to said means for 
generating a plurality of microwave signals. 

13. The apparatus in accordance with claim 2 
wherein said means for generating a plurality of micro- 
wave signals comprises a plurality of microwave gener- 
ators each having a different frequency and means for 
controlling the output amplitude of each of said genera- 
tors. 

14. The apparatus in accordance with claims 2 
wherein said means for generating a plurality of micro- 
wave signals comprises a broad band microwave source 
and a plurality of filters. 

15. The apparatus in accordance with claim 13 
wherein said generators each comprise a microwave 
signal source and a gain controlled microwave ampii- 
fier. 

16. The apparatus in accordance with claim 13 
wherein said means for analyzing output is connected to 
said means for controlling microwave amolifter output 
amplitudes. 

17. The apparatus in accordance with claim 13 
wherein analyzing includes K audio frequency filters. 

18. The apparatus in accordance with claim 17 
wherein there are N microwave generators. 

19. The apparatus in accordance with claim 18 in- 
cluding a mode partitioning means which provides N 
outputs for each of said K audio frequency filters. 

20. The apparatus in accordance with claim 19 
wherein said N amplifiers each have K inputs from said 
mode partitioning means. 

21. The apparatus in accordance with claim 20 
wherein said N amplifiers have K inputs less the mode 
partitioning means outputs which are so small that they 
may be omitted. 

22. The apparatus in accordance with claim 20 
wherein said mode partitioning output device outputs 
each include a diode connected to each microwave 
amplifier gain control to provide isolation between all 
outputs. 

23. The apparatus in accordance with claim 20 
wherein said K audio frequency filters are chosen to 
correspond to the critical bandwidths of the Suman ear. 

24. The apparatus in accordance witn claim 20 
wherein said N microwave generators are 22cn adjust- 
able in frequency output. 

25. The apparatus in accordance with claim 18 
wherein the frequency of each N microwave generators 
is determined by anatomical estimation. 

26. The apparatus in accordance with claim 18 
wherein the frequency of the lowest frequency micro- 
wave generator is chosen by determination of the effect 
of external microwave generation on the EEG of the 
subject. 

27. The apparatus in accordance with claim 18 
wherein the frequency of each of said N microwave 
generators corresponds to the subject's microwave 
modal frequencies. 

q 


11 
28. The apparatus in accordance with ciaim 27 
wherein the subject’s modal frequencies are determined 
by measurement of the subject's cephalic index and the 
lateral dimensions of the skull. 
29. The apparatus ín accordance with claim 23 
wherein the subject’s lowest modal frequency ts deter- 
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12 
mined by varying the frequency of the lowest frequency 
microwave generator about the estimated value until a 
maximum acoustic perception is obtained by the sub- 
ject. 
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(57] ABSTRACT 


Apparatus for and method of sensing brain waves at a 
position remote from a subject whereby electromag- 
netic signals of different frequencies are simulta- 
neously transmitted to the brain of the subject in 
which the signals interfere with one another to yield a 
waveform which is modulated by the subject's brain 
waves. The interference waveform which is represen- 
tative of the brain wave activity is re-transmitted by 
the brain to a receiver where it is demodulated and 
amplified. The demodulated waveform is then dis- 
played for visual viewing and routed to a computer for 
further processing and analysis. The demodulated 
waveform also can be used to produce a compensating 
signal which is transmitted back to the brain to effect 
a desired change in electrical activity therein. 


11 Claims, 2 Drawing Figures 
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5.3 CAPACITIVE REACTANCE 


When an alternating sinusoidal voltage is applied to the plates of a capacitor, the capacitor is first charged in one 
direction and then again in the opposite direction, changing polarity at the same rate as the AC supply voltage. This 
instantaneous change in voltage across the capacitor is opposed by the fact that it takes a certain amount of time to 
deposit (or release) this charge onto the plates and is given by V = Q/C. 


Capacitors oppose these changes in sinusoidal voltage with the flow of electrons through the capacitor being directly 
proportional to the rate of voltage change across its plates as the capacitor charges and discharges. Unlike a 
resistor were the opposition to current flow is its actual resistance, the opposition to current flow in a capacitor is 
called Reactance. 


Like resistance, reactance is measured in Ohm's but is given the symbol "X" to distinguish it from a purely resistive 
ohmic R value and as the component in question is a capacitor, the reactance of a capacitor is called Capacitive 


Reactance, ( Xc ) which is also measured in Ohms. In an AC capacitance circuit, this capacitive reactance value, Xc 
is equal to 1/( 217 fC ) or 1/( jwC ). 


5.4 AC CAPACITANCE 


Ve | Ic leads Vc 
IÓN 
VA 
3 


Xc 9 A Alot) 
: — f= + — 
l l 
Xo = = === R 
27TfC joc Q 
f =0Hz, X= 0, I,=0 Amps 7 
f=, X.=0Q0, I.= Max Amps J 
Hz 
Z=0+j)Xe 


In a pure AC Capacitance circuit, the voltage and current are both "out-of-phase" with the current leading the 
voltage by 90° lor 1/2 rads). So for a pure capacitor, Vc "lags" Ic by 90°, or we can say that Ic "leads" Vc by 90°. 


5.5 INDUCTIVE REACTANCE 


When an alternating or AC voltage is applied across an inductor the flow of current through it behaves very 
differently to that of an applied DC voltage. The effect of a sinusoidal supply produces a phase difference between 
the voltage and the current waveforms. In an AC circuit, the opposition to current flow through an inductors coil 
windings not only depends upon the inductance of the coil but also the frequency of the AC waveform. 


The opposition to current flowing through a coil in an AC circuit is determined by the AC resistance, more commonly 
known as Impedance (2), of the circuit. As the component we are interested in is an inductor, the reactance of an 
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APPARATUS AND METHOD FOR REMOTELY 
MONITORING AND ALTERING BRAIN WAVES 


BACKGROUND OF THE INVENTION 


Medical science has found brain waves to be a useful 
barometer of organic functions. Measurements of elec- 
trical activity in the brain have been instrumental in 
detecting physical and psychic disorder, measuring 
stress, determining sleep patterns, and monitoring body 
metabolism. 

The present art for measurement of brain waves em- 
ploys electroencephalograrhs including probes with 
sensors which are attached to the skull of the subject 
under study at points proximate to the regions of the 
brain being monitored. Electrical contact between the 
sensors and apparatus employed to process the de- 
tected brain waves is maintained by a plurality of wires 
extending from the sensors to the apparatus. The ne- 
cessity for physically attaching the measuring appara- 
tus to the subject imposes several limitations on the 
measurement process. The subject may experience 
discomfort, particulary if the measurements are to be 
made over extended periods of time. His bodily move- 
ments are restricted and he is generally confined to the 
immediate vicinity of the measuring apparatus. Fur- 
thermore, measurements cannot be made while the 
subject is conscious without his awareness. The com- 
prehensiveness of the measurements is also limited 
since the finite number of probes employed to monitor 
local regions of brain wave activity do not permit ob- 
servation of the total brain wave profile in a single test. 


SUMMARY OF THE INVENTION 


The present invention relates to apparatus and a 
method for monitoring brain waves whercin all compo- 
nents of the apparatus employed are remote from the 
test subject. More specifically, high frequency trans- 
mitters are operated to radiate electromagnetic energy 
of different frequencies through antennas which are 
capable of scanning the entire brain of the test subject 
or any desired region thereof. The signals of different 
frequencies penetrate the skull of the subject and im- 
pinge upon the brain where they mix to yield an inter- 
ference wave modulated by radiations from the brain's 
natural electrical activity. The modulated interference 
wave is re-transmitted by the brain and reccived by un 
antenna at a remotc station where it is demodulated. 
and processed to provide a profile of the suject's brain 
waves. In addition to passively monitoring his brain 
waves, the subject’s neurological processes may be 
affected by transmitting to his brain. through a trans- 
milter, Compensating signals. The fatter signals can be 
derived from the received and processed brain waves. 


OBJECTS OF THE INVENTION 


It ts therefore an object of the invention to remotely 
monitor electrical activity in the entire brain or se- 
lected local regions thereof with a single measurement. 

Another object is the monitoring of a subject's brain 
wave activity through transmission and reception of 
electromagnetic waves. 

Still another object is to monitor brain wave activity 
from a position remote from the subject. 

A further object is to provide a method and appara- 
tus for affecting brain wave activity by transmitting 
electromagnetic signals thereto. 
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2 
DESCRIPTION OF THE DRAWINGS 


Other and further objects of the invention will appear 
from the following description and the accompanying 
drawtngs, which form part of the instant specification 
and which are to be read in conjunction therewith, and 
in which like reference numerals are uscd to indicate 
like parts in the various views: 

FIG. 1 is a block diagram showing the interconnec- 
tion of the components of the apparatus of the inven- 
tion; 

FIG. 2 is a block diagram showing signal fiow in one 
embodiment of the apparatus. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


Referring to the drawings, specifically FIG. 1, a high 
frequency transmitter 2 produces and supplies two 
electromagnetic wave signals through suitable coupling 
means 14 to an antenna 4. The signals are directed by 
the antenna 4 to the skull 6 of the subject 8 being exam- 
ined. The two signals from the antenna 4, which travel 
independently, penetrate the skull 6 and impinge upon 
the tissue of the brain 10. 

Within the tissue of the brain 10, the signals combine, 
much in the manner of a conventional mixing process 
technique, with each section of the brain having a dif- 
ferent modulating action. The resulting waveform of 
the two signals has its greatest amplitude when the two 
signals are in phase and thus reinforcing one another. 
When the signals are exactly 180° out of phase the 
combination produces a resultant waveform of mini- 
mum amplitude. If the amplitudes of the two signals 
transmitted to the subject are’ maintained at identical 
levels, the resultant interference waveform, absent 
influences of external radiation, may be expected to 
assume zero intensity when maximum interference 
occurs, the number of such points being equal to the 
difference in frequencies of the incident signals. How- 
ever, interference by radiation from electrical activity 
within the brain 10 causes the waveform resulting from 
interference of the two transmitted signals to vary from 
the expected result, i.e., the interference waveform is 
modulated by the brain waves. It is believed that this is 
duc to the fact that brain waves produce electric 
charges each of which has a component of electromag- 
netic radiation associated with it. The cicctromagnetic 
radiation produced by the brain waves in turn reacts 
with the signals transmitted to the brain from the exter- 
nal source. 

The modulated interference waveform is re-trunsmit- 
ted from the brain 10, back through the skull 6. A 
quantity of energy is re-transmitted sulticicnt to enable 
it to be picked up by the antenna 4. This can be con- 
trolled, within limits, by adjusting the absolute and 
relative intensities of the signals, originally transmitted 
to the brain. Of course, the level of the transmitted 
energy should be kept below that which may be harm- 
ful to the subject. 

The antenna passes the received signal tu a receiver 
12 through the antenna electronics 14. Within the re- 
ceiver the wave is amplified by conventional RF umpli- 
fiers 16 and demodulated by conventional detector and 
modulator electronics 18. The demodulated wave, rep- 
resenting the intra-brain electrical activity. is amplified 
by amplificrs 20 and the resulting information in elec- 
tronic form ts stored in buffer circuitry 22. From the 
buffers 22 the information is fed to a suitable visual 
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display 24, for example one employing a cathode ray 
tube, light emitting diodes, liquid crystals. or a mechan- 
ical plotter. The information may also be channeled to 
a computer 26 for further processing and analysis with 
the output of the computer displayed by heretofore 
mentioned suitable means. 

In addition to channeling its information to display 
devices 24, the computer 26 can also produce signals to 
control an auxiliary transmitter 28. Transmitter 28 is 
used to produce a compensating signal which is trans- 
mitted to the brain 10 of the subject 8 by the antenna 
4. In a preferred embodiment of the invention, the 
compensating signal is derived as a function of the 
received brain wave signals, although it can be pro- 
duced separately. The compensating signals affect elec- 
trical activity within the brain 10. 

Various configurations of suitable apparatus and 
electronic circuitry may be utilized to form the system 
generally shown in FIG. 1 and one of the many possible 
configurations is illustrated in FIG. 2. In the example 
shown therein, two signals, one of 100 MHz and the 
other of 210 MHz are transmitted simultaneously and 
combine in the brain 10 to form a resultant wave of 
frequency equal to the difference in frequencies of the 
incident signals, i.c., 110 MHz. The sum of the two 
incident frequencies is also available, but is discarded 
in subsequent filtering. The 100 MHz signal is obtained 
at the output 37 of an RF power divider 34 into which 
- a 100 MHz signal generated by an oscillator 30 is in- 
jected. The oscillator 30 is of a conventional type em- 
ploying either crystals for fixed frequency circuits or a 
tunable circuit set to oscillate at 100 MHz. It can be a 
pulse generator, square wave generator or sinusoidal 
wave gencrator. The RF power divider can be any 
conventional VHF, UHF or SHF frequency range de- 
vice constructed to provide, at each of three outputs, a 
signal identical in frequency to that applied to its input. 

The 210 MHz signal is derived from the same [00 
MHz oscillator 30 and RF power divider 34 as the 100 
MHz signal, operating tn concert with a frequency 
doubler 36 and 10 MHz oscillator 32. The frequency 
doubler can be any conventional device which provides 
at its Output a signal with frequency equal to twice the 
frequency of a signal applied at its input. The 10 MHz 
oscillator can also be of conventional type similar to 
the 100 MHz oscillator herebcfore described. A 100 
MHz signal from the output 39 of the RF power divider 
34 is fed through the frequency doubler 36 and the 
resulting 200 MHz signal is applied to a mixcr 40. The 
mixer 40 can be any conventional VHF, UHF or SHF 
frequency range device capable of accepting two input 
signals of differing frequencies and providing two out- 
put Signals with frequencies equal to the sum and dif- 
ference tn frequencies respectively of the input signals. 
A 10 MHz signal from the oscillator 32 is also applied 
to the mixcr 40. The 200 MHz signal from the doubler 
36 and the 10 MHz signal from the oscillator 32 com- 
bine in the mixer 30 to form a signal with a frequency 
of 210 MHz equal to the sum of the frequencies of the 
200 MHz and 10 MHz signals. 

The 210 MHz signal is one of the signals transmitted 
to the brain 10 of the subject being monitored. In the 
arrangement shown in FIG. 2, an antenna 41 is used to 
transmit the 210 MHz signal and another antenna 43 is 
used to transmit the 100 MHz signal. Of course, a single 
antenna capable of operuting at 100 MHz and 210 

MHz frequencies may be used to transmit both signals. 
The scan angle, direction and rate may be controlled 
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4 
mechanically, e.g., by a reversing motor, or electroni- 
cally, e.g.. by energizing elements in the antenna in 
proper synchronization. Thus, the antenna(s) can be of 
either fixed or rotary conventional types. 

A second 100 MHz signal derived from output termi- 
nal 37 of the three-way power divider 34 is applied to 
a circulator 38 and emerges therefrom with a desired 
phase shift. The circulator 38 can be of any conven- 
tional type wherein a signal applied to an input port 
emerges from an output port with an appropriate phase 
shift. The 100 MHz signal is then transmitted to the 
brain 10 of the subject being monitored via the antenna 
43 as the second component of the dual signal trans- 
mission. The antenna 43 can be of conventional type 
similar to antenna 41 herebefore described. As previ- 
ously noted, these two antennas may be combined in a 
single unit. 

The transmitted 100 and 210 MHz signal compo- 
nents mix within the tissue in the brain 10 and tnterfere 
with one another yielding a signal of a frequency of 110 
MHz, the difference in frequencies of the two incident 
components, modulated by electromagnetic emissions 
from the brain, i.e., the brain wave activity being moni- 
tored. This modulated | 10 MHz signal is radiated into 
space. 

The 110 MHz signal, modulated by brain wave activ- 
ity, is picked up by an antenna 45 and channeled back 
through the circulator 38 where it undergoes an appro- 
priate phase shift. The circulator 38 isolates the trans- 
mitted signals from the received signal. Any suitable 
diplexer or duplexer can be used. The antenna 45 can 
be of conventional type similar to antennas 41 and 43. 
it can be combined with them in a single unit or it can 
be separate. The received modulated 110 MHz signal is 
then applied to a band pass filter 42, to eliminate unde- 
sirable harmonics and extraneous noise, and the fil- 
tered 110 MHz signal is inserted into a mixer 44 into 
which has also been introduced a component of the 
100 MHz signal from the source 30 distributed by the 
RF power divider 34. The filter 42 can be any conven- 
tional band pass filter. The mixer 44 may also be of 
conventional type similar to the mixer 40 herebefore 
described. 

The 100 MHz and 110 MHz signals combine in the 
mixer 44 to yield a signal of frequency equal to the 
difference in frequencies of the two component signals, 
i.e.. 10 MHz still modulated by the monitored brain 
wave activity. The 10 MHz signal is amplified in an IF 
amplifier 46 and channcled to a demodulator 48. The 
IF amplifier and demodulator 48 can both be of con- 
ventional types. The type of demodulator selected will 
depend on the characteristics of the signals transmitted 
to and reeccived from the brain, and the information 
desired to be obtained. The brain may modulate the 
amplitude. frequency and/or phasc of the interference 
waveform. Certain of these parameters will be more 
sensitive lo corresponding brain wave charactcristics 
than others. Selection of amplitude, frequency or phase 
demodulation means is governed by the choice of brain 
wave characteristic to be monitored. If desired, several! 
different types of demodulators can be provided and 
used alternately or at the same time. 

The demodulated signal which is representative of 
the monitored brain wave activity is passed through 
audio amplificrs $0 a, b, c which may be of conven- 
tional type where it is amplified and routed to displays 
58 a, bh. c and a computer 60. The displays 58 a. >. c 
present the raw brain wave signals from the amplifiers 
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50 a, b. c. The computer 60 processes the amplified 
brain wave signals to derive information suitable for 
viewing, e.g., by suppressing, compressing, or expand- 
ing elements thercof. or combining them with other 
information-bcaring signals and presents that informa- 
tion on a display 62. The displays can be conventional 
ones such as the types herebefore mentioned employ- 
ing electronic visual displays or mechanical plotters 
585. The computer can also be of conventional type, 
either analog or digital, or a hybrid. 

A profile of the entire brain wave emission pattern 
may be monitored or select areas of the brain may be 
observed in a single measurement simply by altering 
the scan angle and direction of the antennas. There is 
no physical contact between the subject and the moni- 
toring apparatus. The computer 60 also can determine 
a compensating waveform for transmission to the brain 
10 to alter the natural brain waves in a desired fashion. 
The closed loop compensating system permits instanta- 
neous and continuous modification of the brain wave 
response pattern. 

in performing the brain wave pattern modification 
function, the computer 60 can be furnished with an 
external standard signal from a source 70 representa- 
tive of brain wave activity associated with a desired 
nuerological response. The region of the brain respon- 
sible for the response is monitored and the received 
signal, indicative of the brain wave activity thercin, is 
compared with the standard signal. The computer 60 is 
programmed to determine a compensating signal, re- 
sponsive to the difícrence between the standard signal 
and received signal. The compensating signal, when 
transmitted to the monitored region of the brain, mod- 
ulates the natural brain wave activity thercin toward a 
reproduction of the standard signal, thereby changing 
the neurological response of the subject. 

The computer 60 controls an auxiliary transmitter 64 
which transmits the compensating signal to the brain 10 
of the subject via an antenna 66. The transmitter 64 is 
of the high frequency type commonly used in radar 
applications. The antenna 66 can be similar to antennas 
41, 43 and 45 and can be combined with them. 
Through these means, brain wave activity may be al- 
tered and deviations from a desired norm may be com- 
pensated. Brain waves may be monitored and control 
signals transmitted to the brain from a remote station. 

lt is to be noted that the configuration described is 
onc of many possibilities which may be formulated 
without departing from the spirit of my invention. The 
transmitters can be monostratic or bistatic. They also 
can be single. dual, or multiple frequency devices. The 
transmitted signal can be continuous wave, pulse, FM. 
or any combination of these as well as other transmis- 
sion forms. Typical operating frequencics for the trans- 
mitters range from | MHz to 40 GHz but may bc al- 
tered to suit the particular function being monitored 
and the characteristics of the specific subject. 

The individual components of the system for moni- 
toring and controlling brain wave activity may be of 
conventional type commonly employed in radar SyS- 
tems. 

Various subassemblies of thc brain wave monitoring 
and control apparatus may be added, substituted or 
combined. Thus, separate antennas or a single multi- 
mode antenna may be used for transmission and recep- 
tion. Additional displays and computers may be added 
to present and analyze select components of the moni- 
tored brain waves. 
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Modulation of the interfercnce signal retransmitted 
by the brain may be of amplitude, frequency and/or 
phase. Appropriate demodulators may be used to deci- 
pher the subject's brain activity and select componenis 
of his brain waves may be analyzed by computer to 
determine his mental state and monitor his thought 
processes. 

As will be appreciated by those familiar with the art. 
apparatus and method of the subject invention has 
numerous uses. Persons in critical positions such as 
drivers and pilots can be continuously monitored with 
provision for activation of an emergency device in the 
event of human failure. Seizures, slecpiness and dream- 
ing can be detected. Bodily functions such as pulse 
rate, heartbeat reqularity and others also can be moni- 
tored and occurrences of hallucinations can be de- 
tected. The system also permits medical diagnoses of 
patients, inaccessible to physicians, from remote sta- 
tions. 

What ts claimed is: 

1. Brain wave monitoring apparatus comprising 

means for producing a base frequency signal, 

means for producing a first signal having a frequency 

related to that of the base frequency and at a pre- 
determined phase related thereto, 

means for transmitting both said base frequency and 

said first signals to the brain of the subject being 
monitored, 

means for receiving a second signal transmitted by 

the brain of the subject being monitored in re- 
sponse to both said base frequency and said first 
signals, 

mixing means for producing from said base fre- 

quency signal and said received second signal a 
response signal having a frequency related to that 
of the base frequency, and 

means for interpreting said response signal. 

2. Apparatus as in claim 1 where said recciving 
means Comprises 

means for isolating the transmitted signals from the 

received second signals. 

3. Apparatus as in claim 2 further comprising a band 
pass filter with an input connected to said isolating 
means and an output connected to said mixing means. 

4. Apparatus as in claim 1 further comprising means 
for amplifying said response signal. 

5. Apparatus as in claim 4 further comprising means 
for demodulating said amplified response signal. 

6. Apparatus as in claim 5 further comprising inter- 
preting means connected to the output of said demodu- 
lator means. 

7. Apparatus according to claim 1 further comprising 

means for producing an electromagnetic wave con- 

trol signal dependent on said response signal, and 
means for transmitting said control signal to the brain 
of said subject. 

8. Apparatus as in claim 7 wherein said transmitting 
means comprises means for directing the electromag- 
netic wave control signal to a predetermined part of the 
brain. 

9. A process for monitoring brain wave activity of a 
subject comprising the steps of 

transmitting at Icast two electromagnetic energy sig- 

nals of different frequencies to the brain of the 
subject being monitored, 

receiving an electromagnetic energy sigríal resulting 

from the mixing of said two signals in the brain 
modulated by the brain wave activity and retrans- 
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7 
mitted by the brain in response to said transmitted 
energy signals, and, 

interpreting said reccived signal. 

10. A process as in claim 9 further comprising the 
step of transmitting a further electromagnetic wave 5 
signal to the brain to vary the brain wave activity. 

11. A process as in claim 10 whercin the step of 
transmitting the further signals comprises 


obtaining a standard signal, 
lO 
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comparing said received electromagnetic energy sig- 
nals with said standard signal, 

producing a compensating signal corresponding to 
the comparison between said received electrogag- 
netic energy signals and the standard signal, and 

transmitting the compensating signals to the brain of 
the subject being monitored. 
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[57] ABSTRACT 


A biomagnetic analytical system for sensing and indi- 
cating minute magnetic fields emanating from the brain 
or from any other tissue region of interest in a subject 
under study. The system includes a magnetic pick-up 
device constituted by an array of fiber-optic magnetic 
sensors mounted at positions distributed throughout the 
inner confines of a magnetic shield configured to con- 
form generally to the head of the subject or whatever 
other body region is of interest. Each sensor yields a 
light beam whose phase or other parameter is modu- 
lated in accordance with the magnetic field emanating 
from the related site in the region. The modulated beam 
from each sensor is compared in an interferometer with 
a reference light beam to yield an output signal that is a 
function of the magnetic field being emitted at the re- 
lated site. The output signals from the interferometer 
are processed to provide a dispiay or recording exhibit- 
ing the pattern or map of magnetic fields resulting from 
emanations at the multitude of sites encompassed by the 
region. 


8 Claims, 2 Drawing Sheets 
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BIOMAGNETIC ANALYTICAL SYSTEM USING 
FIBER-OPTIC MAGNETIC SENSORS 


BACKGROUND OF INVENTION 


1. Field of Invention 

This invention relates generally to biomagnetic ana- 
lytic systems for sensing and indicating minute magnetic 
fields emanating from the brain and other tissue regions 
of the human body, and more particularly to a system 
using fiber-optic magnetic sensor pick-up devices for 
this purpose. 
2. Status of Prior Art 

Biomagnetic fields arise from three principal sources, 
the first being electric currents produced by the move- 
ment of ions. The second source is remanent magnetic 
movement of contaminants, and the third is paramag- 
netic or diamagnetic constituents of the body. 

The first source is of primary significance in human 
brain activity in which the currents creating the mag- 
netic fields result from signals generated by neurons as 
they communicate with each other and with sensory 
organs of the body. The intensity of extracranial mag- 
netic field produced by such currents is extremely min- 


ute, having a strength no more than about a billionth of 25 


the magnenc field at the earth's surface. It is usually 
measured in terms of tesla (T) or gauss (G), one T being 
equal to 10* G. 

The magnetic field arising from spontaneous brain 
activity (alpha waves) is about one picotesla 
(IpT=10-'2T), whereas the magnetic field at the 
earth's surface is about 6x 10-5T. The magnetic field 
emanating from the brain has a strength much below 
that emitted by the heart. Hence monitoring of brain 
magnetic activity presents formidable difficulties. 

A major concern of the present invention is magneto- 
encephalography (also commonly referred to as MEG). 
This ts the recording of magnetic fields emanating from 
the brain resulting from neuronal electric currents. as 
distinguished from an electroencephalogram (EEG) in 
which electric potentials originating in the brain are 
recorded. With an EEG measurement, it is difficult to 
extract the three-dimensional distribution of electrically 
active brain sites from potentials developed at the scalp. 
While this difficulty can be overcome by inserting elec- 
trodes through apertures bored in the skull. this invasive 
technique is not feasible in the study of normal brain 
functions or to diagnose functional brain disorders or 
brain dysfunctions. Thus ionic currents associated with 
the production of electrically measurable epileptic sei- 
zures generate detectable extracranial magnetic fields, 
and these can be detected externally without invading 
the skull. 

Non-invasive MEG procedures are currently used in 
epilepsy research to detect the magnetic field distribu- 
tion over the surface of the head of a patient with a view 
to localizing the seizure foci and spread patterns. This 
analysis serves as a guide to surgical intervention for the 
control of intractable seizures. (See: “Magnetoenceph- 
alography and Epilepsy Research'"—Rose et al.; Scien- 
ce—l6 Oct. 1987—Volume 238, pp. 329-335.) 

MEG procedures have been considered as a means to 
determine the origin of Parkinson's tremor, to differen- 
tiate at the earliest possible stage Alzheimer’s disease 
from other dementias, and to localize the responsible 
cortical lesions in visual defects of neurological origin. 
MEG procedures are also of value in classifying active 
drugs in respect to their effects on specific brain struc- 
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tures, and to in this way predict their pharmaceutical 
efficacy. And with MEG, one can gain a better under- 
standing of the recovery process in head trauma and 
strokes by observing the restoration of neurological 
functions at the affected site. 

But while MEG holds great promise in the above- 
noted clinical and pharmaceutical applications, practi- 
cal considerations, mainly centered on limitations inher- 
ent in magnetic sensors presently available for this pur- 
pose, have to a large degree inhibited these applications. 

The charactenstics of biomagnetic activity that are 
measurable are the strength of the field, the frequency 
domain and the nature of the field pattern outside of the 
body. In magnetoencephalography, measurement of all 
three of these components are important. Ideally, simul- 
taneous measurement of three orthogonal components 
of the magnetic field provides a complete description of 
the field as a function of space and time. Coincident 
measurement of the magnetic field along the surface of 
the skull can provide a magnetic field map of the corti- 
cal and subcortical magnetic activity. With spontaneous 
activity, the brain emits magnetic fields of about 10-3 to 
10-9 Gauss, compared with approximately 10-6 Gauss 
emitted by the heart. Thus, monitoring of the brain's 
magnetic activity places heavy demand upon the re- 
quired hardware. 

In brain activity, the current dipole or source is gen- 
erated by the current flow associated within a neuron or 
group of neurons. Volume current is analogous to the 
extracellular component of the current source. In 
MEG, the net magnetic field measured depends on the 
magnetic field generated by the current dipole itself. 
The contribution from volume conduction is smail in 
which approximations to spherical symmetry are made. 
However, there are tangential magnetic components 
originating from secondary sources representing pertur- 
bations of the pattern by the volume current at bound- 
artes between regions of different conductivity. Contri- 
butions from these secondary sources to the tangential 
component of the field become relatively more pro- 
nounced with distance from the current dipole. Bur 
there is no interference from these secondary sources 
when measurement is confined to the magnetic fields 
pespendicular to the skull. 

In biomagnetic analysis, three types of magnetic sen- 
sors are known to have adequate sensitivy and discrimi- 
nation against ambient noise for this purpose. (See: 
“Magnetcencephalography”"—Sato et al.—Joumal of 
Clinical Neurophysiology—Vol. 2, No. 2—1985.) The 
first is the induction coil. But because of Nyquist noise 
associated with the resistance of the windings and its 
loss of sensitivity ar frequencies below a few Herz, the 
taduction coil is rarely used in MEG studies. 

The second is the Fluxgate magnetometer; and while 
this has been used in geophysical studies, it has certain 
drawbacks when used in MEG applications. It is for this 
reason that the third type, the SQUID system. is pres- 
ently used almost exclusively in MEG applications. 

A SQUID (Superconducting QUantum Interference 
Device) comprises a superconducting loop incorporat- 
ing a “weak link” highly sensitive to the magnetic field 
encompassed within the area of the loop. While the loop 
itself can act as a magnetic field sensor, use is made of a 
detection coil tightly coupled to the superconducting 
loop, the coil acting as a flux transformer. Both the coil 
and the loop are immersed in a bath of liquid helium 
contained within a dewar. a 
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inductor is therefore called "Inductive Reactance". In other words, an inductors electrical resistance when used in an 
AC circuit is called Inductive Reactance. 


Inductive Reactance which is given the symbol X,, and is the property in an AC circuit which opposes the change 
in the current. In an AC inductive circuit, this capacitive reactance value, X, is equal to 2TTfL or jwC L. 


5.6 AC INDUCTANCE 


JOL R 
=00, I, = Max Amps j 
f =œ, X, = High Q, I, =0Amps 
Z=O+jX, Hz 


In a pure AC Inductive circuit, the voltage and current are both "out-of-phase" with the current lagging the applied 
voltage by 90° or 1/2 rads). So for a purely inductive AC circuit, V, "leads" |, by 90°, or we can say that |, "lags" Vi 
by 90°. 


6.0 RC FILTERS 


RC filters are designed to modify, reshape or reject all unwanted frequencies of an electrical signal and accept or 
pass only those signals wanted by the circuit's designer. In other words they "filter-out" unwanted signals. Filters are 
named according to the frequency range of signals that they allow to pass through them, while blocking or 
"attenuating" the rest. The point at which a filter passes or blocks a signal is called the corner frequency, (fc). 


Ideal Filter Response 


Ar Ar 


Low Pass Filter 


Stop 


oft fs 


The pass band allows signals to freely pass unattenuated, while the stop band blocks all signals. 
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With the advent of so-called high-temperature super- 
conductors operating at liquid nitrogen temperatures. a 
SQUID magnetometer has been developed using such 
superconductors. (See: “The Impact of High Tempera- 
ture Superconductivity on SQUID Magnetometers”" — 
Clarke et al. —Science—Vol. 242—14 Oct. 1988.) 

In the booklet published by Biomagnetic Technolo- 
gies, Inc., of San Diego, Calif., entitled “Introduction to 
Magnetoencephalography—A New Window on The 
Brain,” there is disclosed a SQUID-type sensor for 
MEG studies. This SQUID is especially suited to mea- 
sure magnenc fields in the frequency range from DC to 
20 kHz, the magnetic field being converted into a signal 
that is amplified, filtered and displayed for subsequent 
analysis. 

Because the brain’s field falls off sharply with dis- 
tance from the head, the dewar for the cryogenic liquid, 
which is inherently bulky, is provided with a tail section 
of reduced diameter to house the pick-up coil and to 
minimize the distance of the coil from the head of the 
patient being studied, thereby maximizing the detected 
field, 

As pointed out in the above-identified booklet, in 
order to produce a contour map of the brain, the mag- 
netic field must be measured simultaneously at a number 
of points outside the head. While it is possible with 
SQUIDS to sample the magnetic field emanating from 
the brain at one to seven points separated laterally from 
each other by several centimeters, a complete mapping 
of the field pattern at a given instant requires forty or 
more pick-up points. It is proposed, therefore, in the 
booklet to move SQUID sensors from one point to 
another to accumulate the required field data bu: a 
measurement taken at a point X will not reveal mag- 
netic brain activity taking place concurrently at a point 
Y tf one has to physically shift the sensor from point X 
to point Y. 

The booklet notes that the ultimate goal of MEG 
measurement is to simultaneously observe all areas of 
the brain to produce real-time activity maps responding 
instantaneously to changes as they occur. However, the 
booklet concedes that this goal has not yet been realized 
with SQUID sensors. 

The present invention attains this goal by means of 
fiber-optic magnetometers (FOM). In a FOM sensor, a 
magnetostrictive alloy is interfaced with an optical fiber 
to produce a magnetometer whose principle of opera- 
tion is based on the transference of strain from the mag- 
netostrictive material to the core of the optical fiber via 
mechanical bonding. This results in modulation of the 
phase or other parameters of the light propagated in the 
fiber which is subsequently detected by a fiber-optic 
interferometer. Integrated fiber-optic Magnetometers in 
which all components are fabricated on or around the 
optical fibers are now known. 

FOM sensors of the type currently available are far 
less expensive to manufacture and maintain than 
SQUID sensors; they are considerably more compact, 
and they operate at room temperature. Their sensitivity 
to weak magnetic fields, which can be greater than that 
of a SQUID, renders them suitable for MEG and other 
applications. 

The following publications disclose various forms of 
FOM sensors: 

I. “Single-Mode Fiber-Optic Magnetometer with DC 
Bias Field Stabilization"—Kersey et al.—Journal of 
Lightwave Technology—Vol. LT-3, P"- 4 —ánenst 
1985, 
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2. “Fiber-Optic Polarimetric DC Magnetometer Uti- 
lizing a Composite Metallic Glass Resonator —Mer- 
melstein—Journal of Lightwave Technology, Vol. 
LT-4, No. 9—September 1986. 

3. “Optical Fiber Sensors Using The Method of Po- 
larization-Rotated  Reflection”—Enokihara et al- 
-—Journal of Lightwave Technology—Vol. LT- 
5—No. 11—November 1987. 

4. “An Analysis of A Fiber-Optic Magnetometer 
with Magnetic Feedback”—Koo et al.—Journal of 
Lightwave Technology—Vol. LT-5—No. !2—Decem- 
ber 1987. 

The disclosures of these publications are incorpo- 
tated herein by reference. 


SUMMARY OF INVENTION 


In view of the foregoing, the main object of this in- 
vention is to provide a biomagnetic analytical system 
which includes a pick-up device employing an array of 
fiber-optic magnetic (FOM) sensors for measuring and 
indicating minute magnetic fields emanating from a 
multitude of sites in the brain or in other tissue regions 
of interest in 3 subject being diagnosed. 

A significant advantage of a fiber-optic magnetic 
sensor (FOM) over a SQUID is that the former is a 
solid-state device that is considerably smalier than the 
latter and requires no cryogenics, thereby making it 
possible to distribute a multitude of the sensors (i.e.. in 
excess of forty} around the skull of the patient or about 
any other tissue region of interest to effect more accu- 
rate localization of magnetic activity, as well as a more 
precise determination of the physiological condition of 
the region being studied. 

More particularly, an object of this invention is to 
provide a system of the above type for MEG analysis in 
which the FOM sensors are so distributed in a three-di- 
mensional array as to pick up magnetic fields emanating 
from a multitude of brain sites simultaneously and to 
spatially localize the field signals. 

Also an object of the invention is to provide a 
shielded magnetic pick-up device in which the FOM 
sensors in the array are magnetically shielded from each 
other to prevent magnetic interaction therebetween, as 
well as from magnetic fields extraneous to the region of 
interest, thereby obviating the need for 2 shielded room 
to conduct studies on biomagnetic activity. 

Yet another object of the invention is to provide a 
biomagnetic system in which the outputs of the FOM 
sensors in the array are multiplexed. whereby a com- 
mon interferometer can be used for the multitude of 
sensors in the array thereof. 

Briefly stated, these objects are attained in a biomag- 
netic analytical system for sensing and indicating min- 
ute magnetic fields emanating from the brain or from 
any other tissue region of interest in 2 subject under 
study. The system includes a magnetic pick-up device 
constituted by an array of fiber-optic magnetic sensors 
mounted at positions distributed throughour the inner 
confines of a magnetic shield configured to conform 
generally to the head of the subject or whatever other 
body region is of interest. 

Each sensor yields a light beam whose phase ur other 
parameter is modulated in accordance with the mag- 
netic field emanating from the related site in the region. 
The modulated beam from each sensor is compared in 
an interferometer with a reference light beam to yield 
an output signal that is a function of the magnetic field 
being emitted at the related site. The output signals 
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from the interferometer are processed to provide a 
display or recording exhibiting the pattern or map of 
magnetic fields resulting from emanations at the multi- 
tude of sites encompassed by the region. 


BRIEF DESCRIPTION OF DRAWINGS 


For a better understanding of the invention as well as 
other objects and further features thereof, reference is 
made to the following detailed description to be read in 
conjunction with the accompanying drawings, wherein: 

FIG. 1 is a perspective view of a magnetic field pick- 
up device in the form of a helmet which is fitted over 
the head of a patient and which incorporates an array of 
FOM sensors for simultaneously detecting magnetic 
fields emanating from a multitude of sites in the brain: 

FIG. 2 shows the helmet partially cut away to expose 
an inner insulating liner on which the sensors are 
mounted; 

FIG. 3 ts a separate view of the inner liner, illustrat- 
ing the manner in which the FOM sensors are shielded 
from each other; 

FIG. 4 illustrates, in perspective, a cylindrical mag- 
netic pick-up device; 

FIG. 5 shows a semi-cylindrical section of the pick- 
up device; 

FIG. 6 shows a flat pick-up magnetic device; 

FIG. 7 úlustrates a unit for accommodating a patient 
undergoing 4 magnetoencepahlographic examination; 
and 

FIG. 8 illustrates schematically a biomagnetic analyt- 
ical system in accordance with the invention operating 
in conjunction with a pick-up device that is appropriate 
to the region being studied. 


DETAILED DESCRIPTION OF INVENTION 
FOM Pick-Up Devices 


Referring now to FIGS.'1 to 3, there is shown one 
preferred embodiment of a pick-up device 10 in accor- 
dance with the invention. adapted to detect magnetic 
fields emanating from a multitude of sites on the brain of 
a patient for purposes of magnetoencelographic (MEG) 
examination. 

Pick-up device 10 includes a generally spherical hel- 
met 12 formed of ferromagnetic or superconductive 
shielding material, the helmet being configured to gen- 
erally conform to the head of a patient 11 so that the 
brain therein lies within the confines of the heimet, and 
the weak magnetic fields emanating from the brain are 
confined within the helmet which acts to exclude extra- 
neous magnetic fields. including those emanating from 
external electronic equipment associated with the pick- 
up device. 

Helmet 12 is provided with a conforming inner liner 
13 formed of electrical insulating material, such as in 
synthetic plastic material or an epoxy compound having 
good dielectric properties. Embedded in liner 13 or 
otherwise mounted thereon is a three-dimensional array 
of identical FOM sensors 14, each provided with a 
fiber-optic light conducting line 15 to supply light from 
a suitable laser beam source to the sensor and to con- 
duct the light modulated by the sensor in response to 
the magnetic field detected thereby to an external inter- 
ferometer. Lines 15 are bundled to form a cable 16 
running from the pick-up device to external signal pro- 
cessing apparatus. 

The FOM sensors 14 in the three-dimensional array 
are distributed uniformly throughout the inner confines 
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6 
of helmet 12, so that each sensor acts to pick up a unique 
magnetic field emanating from the head. 

As shown in FIG. 3, FOM sensors 14 are internally 
shielded from each other but not from the magnetic 
fields emanating from the brain by an open cell ferro- 
magnetic honeycomb 17 so that there is no magnetic 
interaction between the sensors. 

Fiber-optic magnetometers are well known, as evi- 
denced by references (1} to (4), supra. The operation of 
FOM sensor is based on the transference of strain from 
the magnetostrictive material in response to a magnetic 
field to the core of the optical fiber via mechanicai 
bonding, resulting in a phase modification of the propa- 
gated light beam. The modulated light from the sensor 
is subsequently processed in an interferometer which 
may take the form of a photodetector which compares 
the phase-modulated light beam with a reference light 
beam to provide an output signal thar is a function of the 
phase displacement caused by the magnetic field to 
which the sensor is exposed. 

FOM sensors are available in various configurations. 
In one such configuration, the optical fiber is bonded to 
a magnetostrictive element to form a waveguide strip 
that is then coiled into a spool so that the entire sensor 
is very small. For alternating-current measurements 
using, for example, metallic glasses as the sensing mate- 
nal, magnetic sensitivities of the order of 10-? G/m of 
fiber core are obtainable. 

Design improvements such as magnetic feedback 
nulling (Reference 4) can lead to improvements in the 
linear dynamic range. high suppression of magnetic 
hysteresis associated with the magnetic material, and 
improved long-term stability. Methods of improving 
fluctuations of the transmission characteristics of the 
fiber (induced by the surrounding environment) exist 
such as use of phase-sensitive transducers combined 
with a single polarization-maintaining fiber. Thus polar- 
ization-rotated reflection can be used to enhance the 
performance of the system. 

Of the many configurations the magnetometer can 
take, all detect an externally-induced optical phase shift. 
The sensitivity of the system is proportional to the 
length of the fiber, until such time as the length ap- 
proaches the point where other optical properties of the 
fiber interfere with the propagation of light. The mea- 
surement of the linear strain in length of the fiber which 
is bonded to (or coated by) the magnetostrictive mate- 
rial forms part of one arm of a fiber interferometer. 
Several types of interferometer designs have been em- 
ployed, among which are the Fabra Perot. Mach 
Zender, Michelson and Sagnac types. Well designed 
interferometers can detect induced optical phase shifts 
below 103! $ rad over the frequency range of 10-10* Hz. 
Thus, very weak magnetic fields per meter of fiber can 
be detected. 

The sensor configuration can be a fiber bonded to a 
magnetostrictive tube or mandrel, a metal film depos- 
ited on the fiber, a metallic glass strip bonded to fibers 
or a metallic glass cylinder. The magnetic materials 
which are sensitive in the range of DC to 50 kHz are 
nickel, tron-nickel alloys, cobalt-nicke!l, and metallic 
glasses. Piezoelectric activity in the jacket of the fiber 
can be achieved by the use of various types of polymer 
films. 

Sensing of small AC magnetic fields at optimal DC 
pr etic fields for various frequencies can occur. 
easuring technique enables the separation of 
tc effect (at relatively higher frequencies) 
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from environmental effects (such as temperature or 
acoustics at lower frequencies) on the fiber interferome- 
ter. Thus, the fiber interferometer can be stabilized 
without losing sensitivity to magnetic fields. 

To extend the AC measuring technique to measure 
DC bias magnetic fields, one can make use of the effect 
of DC bias magnetic fields to change the interferometer 
output due to a fixed AC magnetic field drive at a given 
frequency. In a sense, this technique utilizes an AC 
approach to measure DC magnetic fields, thereby over- 
coming both the environmental perturbation and the 1/f 
noise problem usually associated with low frequency 
measurements. Et is the nonlinear response of the mag- 
netostrictive material that allows the utilization of an 
AC technique to measure DC magnetic fields. 

In the heimet-type pick-up device shown in FIGS. 1 
to 3 which is adapted for MEG studies, each FOM 
sensor 14 in the three-dimensional array thereof is ori- 
ented so that the longitudinal axis of the optical wave- 
guide coil or spool ts substantially perpendicular to the 
surface of the skull of patient 11 wearing the helmet. 
This onentation makes it possible to dispose a multitude 
‘of sensors (forty or more) at positions distributed uni- 
formly about the skull. The density of the coils in the 
array is limited by factors such as the physical diameter 
of each spool and induced noise from nearby spools 
such as eddy currents. 

In biomagnetic measurements, sensitivity is limited 
by fluctuations in the ambient fields and not the intrinsic 
noise of the sensor. Such ambient fields are produced 
primarily by the sensor itself, motorized machinery and 
metallic structural components of buildings which dis- 
tort the earth's geomagnetic field. The earth's geomag- 
netic field is uniform and steady. The problem arises 
when a sensing system vibrates, often in the 1-10 Hz 
range. Also, the subject may produce noise from normal 
physiological activity. In MEG, the head proper is the 
source of a significant amount of noise, produced pri- 
marily by the cortex. But because the array of sensors 
lies within a shield and each sensor occupies a position 
within 2 cell in a honeycomb shield, the sensors are 
isolated from ambient noise and magnetic interaction 
therebetween ts prevented. 

Each sensor acts as a gradiometer of predetermined 
order, any three of which can be used to localize bio- 
magnetic sources at any brain site by the use of the 
computation techniques described hereinafter. 

The pick-up device shown in FIGS. 1 to 3 is adapted 
to be placed over the head of a patient for MEG analy- 
sis. But in practice, the pick-up device can be custom- 
ized to pick up magnetic field activity arising in other 
body regions of interest. Thus in measuring magnetic 
fields generated by the heart, the appropriate pick-up 
device, as shown in FIGS. 4 and §, is in a cylindrical 
form composed of a pair of complementary semi-cylin- 
dncal sections 13 and 19 which are joined together by 
Velcro fasteners 20 or similar means which makes it 
possible to detach the sections from each other. In prac- 
tice, for heart analysis, the cylinder is positioned around 
the thorax. 

The cylinder is constituted by an outer shell 21 of 
shielding material having an inner liner 22 of insulating 
material in which are embedded a cylindrical array of 
FOM sensors 23. This cylindrical array of sensors sur- 
rounds the thorax, each sensor picking up the magnetic 
field emanating from a respective site in the heart. 

The cylindrical pick-up device can also be configured 
to go around a limb to measure magnetic fields gener- 
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ated by the muscles therein. For other parts of the body, 
a flat pick-up device may be appropriate. This fat de- 
vice, as shown in FIG. 6, is próvided with an outer 
metal plate 24 of shielding material laminated to an 
inner block 25 of electrical insulating material in which 
a rectangular array of FOM sensors 26 is embedded. 

In practice, the cylindrical pick-up device may be 
applied to any extremity; and a semi-cylindncal pick-up 
section can be used separately for measurement pur- 
poses. The flat pick-up device is useful for smal! surface 
measurements. 

In practice, the pick-up device may be contoured to 
conform to any body region of interest. Thus the pick- 
up device can be used in a broad range of medical appli- 
cations by making available to the practitioner a family 
of pick-up devices, each customized for a particular part 
of the body. The pick-up device is strapped or other- 
wise attached to the body part when a biomagnetic 
study ts to be conducted. 

For MEG procedures, as shown in FIG. 7, the hel- 
met-type pick-up device 10 may be inciuded as the 
headpiece of a support unit 27 which also provides a 
seat, a back rest and a foot platform for the patient 
whose head is received by the helmet. Housed in the 
unit is electronic equipment for processing the outputs 
of the FOM array contained in the helmet. 

If one wishes to conduct biomagnetic studies on all 
portions of the body with a single pick-up device, the 
pick-up device for this purpose (not shown) may take 
the form of a sarcophagus-like magnetically shielded 
enclosure with suitable breathing vents, within which 
enclosure are disposed arrays of FOM sensors to pick 
up magnetic fields from different regions of the body. In 
practice, various standard electronic techniques can be 
used for noise reduction, either separately or in combi- 
nation with physical shielding. 


The Biomagnetic Analytical System 


As shown in FIG. 8, one preferred embodiment of a 
biomagnetic analytical system in accordance with the 
invention includes a magnetic field pick-up device 28 in 
a configuration appropriate to the region under study. 
Device 28 includes an outer shield 29 within which is an 
array of FOM sensors 30, each coupled by a fiber-optic 
line 31 to the input of a multiplexer 32 whose output is 
applied to an interferometer 33. 

Thus instead of having a separate interferometer 
channel for each FOM sensor which would be very 
costly, a common interferometer now serves sequen- 
tially to compare the modulated light beam denved 
from each sensor in the array with a reference light 
beam to produce an output signal. This output signal is 
a function of the sensed magnetic field emanating from 
the site related to the sensor. 

In practice, multiplex transmission of the signals from 
the interferometer may be either optical or electrical; 
that 15, by optical waveguides or by conductive wires in 
the case where the interferometer is of the type which 
applies the modulated light signal to a photodetector to 
be compared with the reference light beam. 

The output signals from interferometer 33 represent- 
ing the sensed magnetic fields is applied to a data acqui- 
sition stage 34, 

The output of interferometer 33 is phase information 
related to the degree of phase rotation resulting from 
the detection of the incident vector of the magnetic 
field transient on the fiber optic sensor. This phase in- 
formation can evolve over time as the biomagnetic 
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signal progresses, and it is of an analog nature. There- 
fore, it can be acquired, recorded. and processed in 
either the analog or digital form. For purposes of the 
present embodiment, reducing the data to, and process- 
ing the data in digital form will be discussed. However, 
the specific means of data handling is not important to 
the invention. 

Time-varying phase information can be represented 
in the form of an evolving analog voltage which is 
proportional to the phase shift by a predetermined rela- 
tionship. This signal can be converted to digital form 
through a conventional high speed sample-and-hold and 
analog-to-digital converter (ADC) means whereby the 
resulting bandwidth of the recorded signal can be lim- 
ited to that which is determined by the sampling rate of 
this analog signal according to the Nyquist sampling 
theorem. 

Since the signal from each sensor on the sensor array 
is time-multipiexed before entering data acquisition 
stage 34, a single ADC system is sufficient to digitize 
the signals from the entire sensor array. However, it 
should be noted that due to the signal bandwidth re- 
quirements and the size of the sensor array, it might be 
possible that the amount of data generated may result in 
a data rate which is high enough that the conversion 
rate of a single ADC might be exceeded and thus, a 
single ADC channel would not suffice. In this case, the 
multiplexed signal must then be de-multiplexed, the data 
from each sensor within the array then being directed to 
a respective ADC channel, there being one ADC chan- 
nel per sensor, for example. 

In practice, several electronic methods may be used 
to reduce noise, including the use of comb filters, sub- 
tracting a reference channel from a signal channel, 
adaptive filtering of analog or digital format or balanc- 
ing of detectors. These can quite effectively reduce the 
ambient noise, even to the point where physical shield- 
ing may not be necessary. 

The system lends itself to any number of data acquisi- 
tion and processing means. For example, since the phase 
information in a magnetoencephalographic signal can 
be presented in optical form, the data is particularly 
suited to processing by optical computer technology. 

The output of data acquisition stage 34 is applied to a 
data processing stage 35. Through the applications of 
standard spatial localization algorithms, such as are 
addressed by point source theory, a three-dimensional 
histogram map can be generated to represent the loca- 
tion and relative magnitude of each magnetic dipole 
source. The processing of the data will depend upon the 
configuration of the sensor array, since the proper 3-D 
mapping of the magnetic dipoles mandates a predeter- 
mined geometry of the plane of the array as well as the 
spacing between each sensor element within the array. 

Once the data is acquired in digital form, it can be 
unmediately processed by conventional digital com- 
puter means for the purposes of relating the data in 
various formats including those clinically relevant such 
as (a) time-varying analog and bandwidth information 
for each channel, and (b) the spatial localization, 
through the application of point source theory, of the 
magnetic dipoles which generated the magnetic field 
transients that were detected by the sensor array. The 
data can also be directed to a storage medium for the 
purpose of recording the digitized biomagnetic data for 
archiving and later retrieval and processing. 

Additionally, other correlative modalities may be 
employed in conjunction with the biomagnetic data in 
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10 
order to obtain more complete information about a 
particular body tissue or system. Thus, modalities such 
as EEG, EKG, MRI and X-ray from a source 36 can be 
combined with the biomagnetic data in the data pro- 
cessing stage 35 and represented according to the par- 
ticular need of the practitioner. 

The output of data processing stage 35 is applied to a 
data reduction stage 37. The computational techniques 
necessary for resolution of the image and decoding it 
into a meaningful “image” for the clinician to interpret 
requires Fourier analysis of the affected light similar to 
the analyses utilized by the magnetic resonance imaging 
(MRD technology. The FOM-based system in accor- 
dance with the invention allows for the detection of a 
large number of points simultaneously. This feature is 
most important, since clinicians have long sought a 
method of actually visualizing the physiological pro- 
cesses of the intact brain (especially deep brain struc- 
tures) in various states of sleep and consciousness. 

Two major problems encountered by the conven- 
tional SQUID-based system for MEG is that the resolu- 
tion is not very good, and that the number of sensors 
that can be employed is quite limited, theredy limiting 
the sites in the brain that can be “scanned” for possible 
pathologies. These two cumbersome problems are over- 
come with the FOM-based system, making possible 
many more clinical applications. 

With regard to the actual diagnosis of pathologies, 
the system is targeted toward the same professionals for 
whom the conventional SQUID-based system is de- 
signed. Primarily. these are radiologists, neurologists 
and surgeons. For example, the practitioner could “ses” 
a functional image of the brain on a CRT, but the image 
wül be a profile of the electromagnetically “active” 
portions of the brain, as shown by the magnetic pattern 
38 derived from data reduction stage 37. The display 
plane can represent the location of each magnetic dipole 
source, and one pixel intensity can represent the mag- 
netic dipole magnitude or phase with respect to a refer- 
ence signal. What these active areas mean, and how 
they relate to pathologies is currently an area of intense 
interest in the basic and clinical neurosciences. Such 
areas of activity might signify anything from a soft-tis- 
sue pathology to abnormal behavioral patterns where 
no morphoiogical or biochemical anomaly can be de- 
tected. 

The format of data presentation can take the form of 
a static or time-varying uni- or multi-dimensional dis- 
play. 

Uni-dimensional displav conforms to the current 
standards of SQUID-based magnetometry and of ciini- 
cal electrophysiology. In this case, data is represented 
as linear time-varying representations of single detector 
elements. Multi-dimensional analysis can provide two- 
or three-dimensional graphic representations of the 
data. These multi-dimensional constructs are the result 
of applying the point source theory algorithms referred 
to above and can represent the dipole data spatially, or 
in terms of other dimensionalities, such as k-space in the 
Fourier domain. 

Thus, the three-dimensional histogram map which 
can be representative of the location and relative magni- 
tude of each magnetic dipole source can be rendered on 
a standard graphic workstation 39. Application-specific 
labelling must be applied to convey orientation and 
scaling of the 3-D data matrix. The display may take the 
graphical form 40 in which the level of each sensed field 
derived from the FOMs is represented by a column. Or 
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the levels may be separately indicated on a tecord chart 
41. 
Advantages 


The main advantages of the system are as follows: 

I. Each FOM-based sensor is far smaller than a SQUID- 
based sensor. Thus, a multitude of FCM sensors can 
be piaced over or around the region of interest by the 
magnetic pick-up device. 

II. A system of gradiometers of predetermined order 
allows for a more accurate localizatior of biomag- 
netic activity, and a precise determination of the 
physiological condition. 

IHI. The system affords more freedom to investigate 
several areas of the tissue region of interest simulta- 
neously, since it provides a means to spatially localize 
the field signals. 

IV. The biomagnetic analyzing system does not use 
expensive cryogens. The FOM-based pick-up device 
entails minimal installation time and service require- 
ments. 

V. The FOM sensor is relatively easy and inexpensive 
to construct, since only “solid-state” materials are 
required. 

VI. The magnetic shielding needed for the FOM-based 
biomagnetic monitoring is limited to the area sur- 
rounding the region of interest, thereby eliminating 
the need for a specially shielded room. 

VII Even if a shielded room or enclosure is preferred 
for added noise reduction, the enclosure need not be 
larger than that required to placed the patient in com- 
fortably. 

VHI. Multiplexing the output from the sensing array 
makes it possible for more sensors to be monitored 
with fewer “decoding” devices at the “back end.” 

[X. The FOM-based pick-up device produces optical 
data that lends itself to optical computing available 
through the field of “photonics” involving optical 
processing technologies which can drastically de- 
crease data processing times without compromising 
resolution. 

While there has been shown and described a biomag- 
netic analytical system using various embodiments of 
FOM pick-up devices in accordance with the invention, 
it will be appreciated that many changes and modifica- 
tions may be made therein, without, however, departing 
from the essential spirit thereof. 

We claim: 
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l. A biomagnetic analytical system for sensing and 
indicating minute magnetic fields emanating from the 
brain or any other tissue region of interest in a subject 
being diagnosed, said system comprising: 

(a)a magnetic pick-up device having an outer shell 
contoured to conform generally to the region of 
interest, said shell being formed of magnetic shield- 
ing material to exclude from its inner confines ex- 
traneous magnetic fields, whereby the emitted 
magnetic fields exist within the confines of the 
shell, and an array of fiber-optic magnetometer 
sensors which conforms to the contours of the 
shell, the sensors being mounted within the shell ar 
positions distributed throughout the inner confines 
thereof, whereby each sensor is related to a site in 
the region and yields a light beam modulated in 
accordance with the magnetic field emanating 
from this site; and 

(b) means including an interferometer to compare the 
modulated light beam yielded by each sensor in the 
array with a reference light beam to produce an 
Output signal that is a function of the magnetic field 
emitted at the related site. 

2. A system as set forth in claim 1, wherein said sen- 
sors are each disposed within a respective cell of a hon- 
eycomb shield supported within the shell to prevent 
magnetic interaction between the sensors. 

3. A system as set forth in claim 1, wherein said sen- 
sors in the array are supported on an electrically insulat- 
ing inner liner conforming to the inner contours of the 
shell. 

4. A system as set forth in claim 1, wherein said shell 
is configured as a helmet to be worn by the subject for 
brain magnetic field diagnosis. — 

5. A system as set forth in claim 1, wherein said shell 
is configured as a cylinder for heart magnetic field diag- 
nosis. 

6. A system as set forth in claim 1, further including 
means coupled to the output of said interferometer to 
process the output signals from the interferometer to 
provide a display exhibiting the pattern of magnetic 
fields emanating from the sites encompassed by the 
region. 

7. A system as set forth in claim 1, wherein said array 
has at least forty sensors. 

8. A system as set forth in claim 1, wherein the modu- 
lated light beams from the sensors are applied sequen- 
tially co the interferometer through a multiplexer. 
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[57] ABSTRACT 


Topographic displays of brain electrical activity are 
produced from matrices of data derived from evoked 
potential (EP) and steady-state responses of skull trans- 
ducers. In different aspects, EP responses are displayed 
at a variable frame rate, the rate of data sampling is 
sufficient to capture rapid transient events, difference 
matrices are derived as the difference between matrices 
corresponding to two different brain conditions, the 
baseline of the EP responses is zeroed based on the 
average prestimulus response, and the steady-state re- 
sponse is analyzed by Fourier transforms. In other as- 
pects, statistical comparison matrices representing sta- 
tistical differences between corresponding elements in 
two matrices are génerated, a coefficient-of-variance 
matrix is generated, additional display matrices are tem- 
porally interpolated, response waveforms are pre- 
viewed and tagged for elimination from further process- 
ing, the topographic maps are displayed on a video 
monitor with appropriate scaling of the data to the 
tones of the display, and additional display points are 
interpolated between the measured data points for dis- 
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Basic Electronics Tutorials 
6.1 LOW PASS RC FILTER 


A low pass filter allows all low frequency signals to pass from DC (0Hz) up to its corner frequency, (fc) and blocks 
all high frequency signals above this point. A first-order RC low pass filter is constructed as follows: 


C 
I i a Frequency 
| 3de Eee \ -34B (45°) 
Vince) (Xc) C Vour(t) 3 Slope = 
| | = | -20dB/Decade 
O | 
ka 
f or 0, = 
A = Jour. “c _ åo “ 2mRC © RC 
Vn Z yR Xo A. = -3dB =-L = 0.7071V 
fo E + IN 
1 2 
soo ñ 
1+ (@RC) 


Roll-off = -20dB/Decade 
or -6dB/Octave 
6.2 HIGH PASS RC FILTER 


A high pass filter blocks all low frequency signals from DC up to its corner frequency, (fc) and allows all high 
frequency signals to pass above this point. A first-order RC high pass filter is constructed as follows: 


A Corner 
Frequency 


a O BES 


Passband 


-20dB/Decade fe mp, f 


1 1 
Vour R — R f = or (0 — PEDÍ 
A V 7 7 7 2 2 ~ 2TRC ~ RC 
IN R +Xo 
mm R A, = -3dB = -= 


= 0.7071V 
ND IN 
Roll-off = -20dB/Decade 
or -6dB/Octave 
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6.3 BAND PASS RC FILTER 


A band pass filter blocks all low frequencies below it lower corner frequency and all high frequency above its upper 
corner frequency only allowing frequency signals in between to pass. Then a band pass filter has two corner or cut- 
off frequencies. A second-order RC band pass filter is constructed as follows: 


Ri Co A 


Passband 


Bandwidth — 
~< p 


R,C, = Low Pass 1 1 


R,C, = High Pass fe = MRE or Oc = aa 


l , 
a = IR C. Frrsseanp =~ fer fo = Bandwidth 


1 J center = Vf fo 


2TR,C, Q = Í center 
Pa p fo 


fo = 


6.4 BAND STOP RC FILTER 


The band stop or notch filter is another filter design with two corner or cut-off frequencies. The band stop filter blocks 
(rejects) or severely attenuates a certain band of frequencies between its two corner frequencies while allowing all 
those outside of this stop-band to pass. A second-order RC band stop filter is constructed as follows: 


o AS S 


PL  — + SA a a a 


| High pass 
' response 


Low pass 
response | 


The frequency at which maximum stop attenuation occurs is given as: 


l 
2TRC 


f STOP 
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7.0 SEMICONDUCTORS 


Semiconductors materials such as Silicon (Si), Germanium (Ge) and Gallium Arsenide (GaAs), have electrical 
properties somewhere between those of a "conductor" and an "insulator". They neither are not good conductors nor 
are they good insulators (hence their name "semi"-conductors). They have very few "fee electrons" in their valence 
shell because their atoms are closely grouped together in a tight crystalline pattern called a "crystal lattice". 
However, their ability to conduct electricity can be greatly improved by adding certain "impurities" to this crystalline 
structure thereby, producing more free electrons than holes or vice versa. 


By controlling the amount of impurities added to the semiconductor material it is possible to control its conductivity. 
These impurities are called donors or acceptors depending on whether they produce electrons or holes respectively. 
This process of adding impurity atoms to semiconductor atoms (the order of 1 impurity atom per 10 million (or more) 
atoms of the semiconductor) is called Doping. 


silicon Atom Structure 
In order for a silicon crystal to conduct electricity, we need to 
introduce an impurity atom that has five outer electrons in its 
Co-valent bi. a ; 
B 4 electrons outermost valence shell to share with its neighbouring atoms. The 
onds po f E i age 
O: var valence most common type of "pentavalent" (5-electron) impurities used to 


po 


Sel dope silicon are Antimony (symbol Sb) or Phosphorus (symbol P), 
A >>e</ A because they have 51 electrons arranged in five shells around their 
y nucleus with the outermost orbital having five electrons. 
13 ©; O: 
a The resulting semiconductor basics material has an excess of current- 


Se - `e- l carrying electrons, each with a negative charge, and is therefore 
/ Qe Shared referred to as an "N-type" material. Then N-type Semiconductors are 


N di n ¿el i Electrons materials which have pentavalent impurity atoms (Donors) added and 
S 7 conduct by "electron" movement. In these types of materials the 
Se donors are positively charged and there are a large number of free 

electrons. 


If we go the other way, and introduce a "trivalent" (3-electron) impurity into the crystalline structure, such as Boron 
(symbol B) or Indium (symbol In), which have only three valence electrons available in their outermost orbital, the 
fourth closed bond cannot be formed. Therefore, a complete connection is 
not possible, giving the semiconductor material an abundance of positively 
charged carriers known as "holes" in the structure of the crystal where 


, aa Semiconductor materials 
electrons are effectively missing. 


made from silicon are used 
to produce diodes, mosfet's, 
bipolar transistors and all 

types of integrated circuits 


The doping of Boron atoms causes conduction to consist mainly of positive 
charge carriers resulting in what is called a "P-type" material. Then P-type 
Semiconductors are a material which have trivalent impurity atoms 
(Acceptors) added and conducts by the movement of "holes". In these types 
of materials the acceptors are negatively charged and there are a large 
number of holes for free electrons to fill. 


So by using different doping agents to a base material of either Silicon (S) or Germanium (Ge), it is possible to 
produce different types of basic semiconductor materials, either N-type or P-type for use in electronic semiconductor 
components, microprocessor and solar cell applications. 


For more information visit our website at: www.electronics-tutorials.ws 


©2013 Basic Electronics Tutorials | www.electronics-tutorials.ws Page 26 


Sheet 25 of 27 4,408,616 


Oct. 11, 1983 


U.S. Patent 


SITY 
ISOOHI'€ 
ANDY 
FSOOHI 2 
SIMUVIS 
FSOOHD I 
70YINOS 


SBE 


+ 


SIYNIVIS 
g dnoy9 


EDE 


SIANLV FS 
I dNO#9 


TOF 


SIVNAVIS 
GFANOAD 


10€ 


SIANLI 
Yano 


00€ 


Sheet 26 of 27 4 408,616 


Oct. 11, 1983 


U.S. Patent 


[E EIF 


fi 


it 


TOY TA 
SIVINWILS-1Y A 
IO HLONIT 


dOlY Fd 
SIVINIWILS LS Od 
JO HLONIT 


SHIGWAN 
AOLIS 
WOINYY 
dyol 


SYIGWAN 
IOLIS 
WOINVY 
avo? 


ler 
7INNVHI 
NOLLNG AV 170 ALS 
SIMUVIN IIL LAVIS OL 


SATAWILS-7Yd 


ANVHOSWIL 
NIF0 Jdvi | 


NOLLNG HSNd 


P AK 


SATAWHS E T 
NYN/ EOP 
got 
AILSIDIY 
HItvV7 


HIJA FJAVL 
DOTVNV 


OFIIOYLNO) 
HILIMS 


AVILSIDIY AININDIYS 


HOlH 
ITEVINVA 


Sip 


X90192 
AINFOJUS 


WOANVY OS HOI 
WOYA ITVOVIIVA 

ror | Oct 

‘SON 1108 WI079 


AINIOISNI 
HOIH 
FIGVINVA 


WOGNVH ISZ 
WOJYd4 


HI1LVT| |YOLVYVIWOI 


AINOJ 


YTLNNOI 


Cl 


we o tf oe 


A WELLL 


MILL 


Lt, 


13783 


Sheet 4/ ot 27 


4,4U6,010 


"Y "O UA 


1 
BRAIN ELECTRICAL ACTIVITY MAPPING 


The invention described herein was made in the 
course of work under a grant or award from the De- 
partment of Health and Human Services. 


BACKGROUND OF THE INVENTION 


This invention relates to analysis of brain electrical 
activity and diagnosis of brain disorders. 

Traditional electro-encephalographic (EEG) tech- 
niques of analyzing brain electrical activity to diagnose 
brain dysfunction require the skilled neurophysiologist 
to observe and distinguish time and frequency related 
characteristics of many channels of voltage waveforms 
derived from an individual’s brain and to determine, 
largely from memory, differences between that individ- 
ual's waveforms and waveforms characteristic of a nor- 
malized population. The process necessarily fails to take 


account of many subtle but potentially useful pieces of % 


information contained in the analyzed data. 

Signal averaged sensory evoked potential (EP) tran- 
sient responses have also been used as a source for brain 
electrical activity analysis, but large amounts of useful 
information contained in such transient response wave- 
forms have traditionally been disregarded because of 
the difficulty of visualizing the inter-relationship over 
time of many channels of such information. 


SUMMARY OF THE INVENTION 


The invention features, in one aspect, displaying time 
sequences of topographic maps at a variable frame rate. 
In preferred embodiments, the rate can be selected to 
display protions of the EP response immediately fol- 
lowing the stimulus at a slower rate than later portions; 
and in preferred embodiments the rate can be varied 
logarithmically. The variation of display rate permits 
the operator to give more emphasis to matrices which 
contain relatively more information, such as the earlier 
EP response matrices. 

In another aspect, the invention features generating 
topographic displays of information on electrical activ- 
ity of the brain produced at a plurality of transducers on 
the skuil; generating a time sequence of matrices of 
electrical activity at successive points in time sufficient 
in number to capture the onset of a rapid transient 
event; and displaying the matrices as topographic maps 
in time sequence at a variable rate. In preferred. embodi- 
ments, the processor is capable of generating 200 or 
more matrices for each second of real time. The ability 
to capture a large number of matrices in a short period 
of time permits the observation of short-term events 
such as epileptic spikes. 

In another aspect, the invention features generating 
topographic displays of information on brain electrical 
activity produced at a plurality of skull transducers; 
storing the electrical activity of such transducers for 
two different brain conditions; generating matrices of 
elements representing electrical activity in the two con- 
ditions; forming a difference matrix between corre- 
sponding elements of the two matrices; and displaying 
the difference matrix as a topographic map. In preferred 
embodiments, the two brain conditions are attained by 
the use of a patterned light stimulus and a non-patterned 
light stimulus. The ability to form and display difference 
matrix enables the operator to identify parts of the brain 
involved in particular brain states or evoked responses. 
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In another aspect. the invention features generating 
topographic displays of information on brain electrical 
activity produced at a plurality of skull transducers; 
repeatedly triggering EP responses at the transducers, 
including pre-stimulus and post-stimulus responses; av- 
eraging the responses; setting as a baseline the mean 
level of the pre-stimulus response; generating matrices 
from such responses; and displaying topographic maps 
of the matrices. In preferred embodiments the time of 
occurrence of each stimulus is stored and the response is 
divided into pre-stimulus and post-stimulus periods: the 
Matrices generated are a set of time-sequenced frames 
during the response and are displayed as a sequence of 
topographic maps; the sequence can be displayed as an 
endless sequence of maps; the averaging process can be 
performed using digital words added into summing 
buffers; and the sampling, storing, response averaging, 
baseline calculation and subtraction can all be per- 
formed digitally; averaging of the pre-stimulus baseline 
can exclude selected portions of the response; the re- 
sponse can be reviewed to determine the appropriate- 
ness of the baseline; there can be calculated the V rus of 
the average pre-stimulus and post-stimulus responses 
and the V ys can be displayed with the responses, so 
that the user can determine whether the noise level for 
any transducer is unacceptably large; the operator can 
manually adjust the baseline up or down; high-fre- 
quency components can be filtered from the post- 
stimulus response by multipoint interpolation; and the 
baseline calculation can be repeated until the results are 
satisfactory. In general, these various features permit 
the operator to assemble, modify and adjust to an accu- 
rate zero level a set of EP responses so that the ultimate 
topographic display will be accurate and useful. The 
display of a time-sequence of frames permits the opera- 
tor to visualize the movement of brain activity in the 
course of an EP response over the skull. The proper 
setting at the baseline improves the utility of each re- 
sponse when used in a topographic display, since the 
relative levels of response at different transducers is 
more accurately portrayed. 

In another aspect, the invention features filtering to 
remove from the EEG responses frequency compo- 
nents outside the prominent frequency bands of electri- 
cal activity; determining, for each transducer, the Fou- 
rier transforms and the spectral energy in selected fre- 
quency bands, during a period when the brain activity 
remains in the same state; and processing the results into 
display matrices for the selected frequency bands. In 
preferred embodiments, the brain activity can be sam- 
pled, stored and Fourier transformed digitally; the fil- 
ters Can remove frequency components below 0.5 Hz 
and about 50 Hz; the samples can be taken at least 3 
times as frequently as the highest frequency in the 
prominent frequency bands, and particularly at 4 to $ 
times that highest frequency; the Fourier analysis can be 
limited to a period between marked starting and stop- 
ping points; the period during which electrical activity 
is sampled can be limited to avoid interruptions in the 
subject’s brain state, and particularly can be limited to 
two second sampling periods; the number of samples 
can be between 20 and 2000; and the frequency bands 
analyzed can comprise the alpha, beta, delta and theta 
bands. Removal of irrelevant frequency bands, sam- 
pling at high rate, and limiting the sampling period all 
enable the operator to obtain accurate spectral analyses 
with minimum interference. The ability to analyze spe- 
cific frequency bands of interest enables the operator to 
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review information which effectively corresponds to 
the electrical activity of the brain in vanous states. 

In another aspect, the invention also features generat- 
ing a statistical comparison matrix from two matrices, 
each element of the statistical comparison matrix repre- 
senting a statistical difference between the correspond- 
ing elements in the two matrices; and displaying the 
Statistical comparison matrix as a topographic map. In 
preferred embodiments, the statistical comparison ma- 
trix can be interpolated into a display matrix having 
additional display points: the statistical comparison can 
be made between two expanded matrices rather than 
between two unexpanded matrices; the statistical com- 
parison can be a t-statistic analysis, or a z-statistic analy- 
sis; and quantitative features useful for diagnosis can be 
determined from regions of the maps. The ability to 
perform and topographically display statistical differ- 
ences between groups and between an individual and a 
group offers a versatile and effective tool for visualizing 
brain areas which are connected to particular brain 
dysfunctions or to particular brain activities, and for 
neurophysiological diagnosis and research. 

In another aspect, the invention also features generat- 
ing a coefficient-of-variance matrix, each element of 
which represents the normalized standard deviation at 
one skull location; and displaying the coefficient-of- 
variance as a topographic map. 

In another aspect, the invention also features tempo- 
rally interpolating matrices which represent the re- 
sponse at time instants between other matrices; and 
displaying said interpolated matrices. The temporal 
interpolation provides a smoother visual transition be- 
tween the original frames when a time-sequenced dis- 
play is presented. 

In another aspect, the invention also features pre- 
viewing waveforms and tagging a waveform to indicate 
whether it should be used in later processing, eliminat- 
ing a response from farther Processing, automatically 
eliminating a response from further processing if a por- 
tion of the response exceeds a Predetermined thresh- 
hold, smoothing a response by eliminating undesired 
high-frequency componenis, for adjusting the zero 
baseline of a response, eliminating selected portions of a 
response from further processing, and displaying in 
numerical form the value of a response at a point in time 
selected by the operator. These waveform quality con- 
trol procedures enable the Operator to improve the 
quality and accuracy of the topographic displays. 

In another aspect, the invention features generating a 
topographic display of information on the electrica! 
activity produced at a plurality of skull transducers; 
sampling and storing the information as a senes of ma- 
trices; viewing the data as a waveform; adjusting or 
eliminating portions of the data. processing the matrices 
into processed matrices: interpolating to expand the 
matrices for viewing; and displaying the matrices as 
topographic maps in a grey tone scale. In preferred 
embodiments, the data matrices, processed matrices and 
expanded matrices can be tagged and stored for later 
recall and processing; and the data matrix elements can 
be calibrated to stored calibration signals by calculating 
a DC offset and gain component for each transducer. 
The ability to store display matrices for later use enables 
the operator to accumulate a series of significant matri- 
ces derived from diagnostic or research work. The 
Calibration assures that the topographic displays will be 
accurate. 
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in another aspect, the invention features generating a 
topographic display of electrical activity of the brain 
produced from a plurality of electrical transducers on 
the skull; generating matrices of elements representing 
the electrical activity at different points; using a video 
monitor to display said matrices, each element of which 
is represented by a discrete point having a gray tone of 
color lying within a range of gray tones; and scaling the 
elements to the tones. In preferred embodiments, scal- 
ing can be performed so tha: all elements are linearly 
interpolated between the maximum gray tone and the 
minimum gray tone, or berween the maximum gray 
tone and a “Zero” pray tone, or to an Operator supplied 
gray one, or so that certain display elements are ex- 
cluded from the scaling, or thar elernents falling outside 
the available gray tone range are assigned to the closest 
gray tone; the gray tones can be generated in two col- 
Ors, which can be complementary colors, representing 
values on either side of a zero tone, the zero tone being 
an absence of color; the scaling can be performed either 
on a matrix by matrix basis, or for all matrices taken 
together; the data which forms the input to the scaling 
Operation can be previewed to by selected lab for exclu- 
sion from the scaling operation. The ability to scale the 
display data to a range of gray tones in a variety of ways 
improves the utility and visual effect of the display. The 
variety of scaling options is suitable for the variety of 
data which may be displayed. The ability to eliminate 
very large values from the scaling operation assures the 
most effective scaling for a given set of data. 

In another aspect, the invention features normalizing 
display matrix elements to a selected value which can be 
assigned to a selected gray tone for purposes of scaling. 
[n preferred embodiments, the normalization can be to 
a matrix element representing a particular vertex trans- 
ducer on the skull, or to the root mean square value of 
the background activity at the transducer being normal- 
ized, or to the average root mean square value of the 
background activity at all skul) locations; normalization 
can be done in connection with apparatus for topo- 
graphically displaying a sequence of matrices represent- 
ing averaged EP responses to repeatedly provided stim- 
uli; normalization can be done in connection with appa- 
ratus for displaying spectral band matrices denved by 
Fourier transform analysis of the electrical activity, the 
normalization being of each element of each spectral 
band to the total spectral energy at the corresponding 
transducer on the average total Spectral energy at all 
transducers. The ability to normalize display elements 
improves the operator's ability to compare different sets 
of data by normalizing them to the same value. 

In preferred embodiments, the invention features 
interpolating to form additional matrix elements be- 
tween the transducer points; the interpolation can be 
three-point interpolation, particularly three-point linear 
interpolation to the values of the three Closest transduc- 
ers; the number of transducers can be in the range of 10 
to 200; and the number of picture elements is at least 5 
times the number of transducers. The expansion of a 
matrix of a small number of points to a display matria of 
a large number of points significantly improves the 
smoothness, readability and utility of the resulting topo- 
graphic displays. : 


BRIEF DESCRIPTION OF THE DRAWINGS 
FIG. 1 is a block diagram of the BEAM system. 
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FIG. 2 is a representation of the organization of sam- 
ples of data in the brain electrical activity mapping 
system. 

FIG. 3 is a representation of the formation of a topo- 
graphic display from a frame of data in the brain electri- 
cal activity mapping system. 

FIG. 4 is a block diagram of the functions performed 
by the BEAM system. 

FIG. 5 is block diagram of the define protocols opera- 
tion. 

FIG. 6 is a block diagram of the disk data sampling 
Operation. 

s FIG. 7 is a data file format diagram of the raw data 
ile. 

FIG. 8 is a block diagram of the core averaging oper- 
ation. 

FIG. 9 is a graph of an average EP transient response 
waveform after automatic baseline zeroing. 

FIG. 10 is a block diagram of the raw data quality 
control operation. 

FIG. 11 is a block diagram of the raw data topo- 
graphic display operation. 

FIG. 12 is a block diagram of the create interpolation 
file operation. 

FIG. 13 is a block diagram of the raw data reduction 
operation. 

FIG. 14 is a data file format diagram of signal aver- 
aged EP data. 

FIG. 15 is a data file format diagram of FFT ensem- 
ble data. 

FIG. 16 is a data file format diagram of individual 
FFT data. l | 

FIG. 17 is a data file format diagram of an EP file. 

FIG. 18 is a data file format diagram of an FFT file. 

FIG. 19 is a block diagram of the reduced data qual- 
ity control operation. | 

FIG. 20 is a graph of an average EP transient re- 
sponse waveform after automatic baseline zeroing and 
after manual baseline readjustment. 

FIG. 21 is a block diagram of the reduced data topo- 
graphic operation | 

_ FIG. 22 is a block diagram of the group file produc- 
tion operation. 

FIG. 23 is a block diagram of the group topographic 
display operation. 

FIG. 24 is a block diagram of the individual vs. group 
comparison operation. 

FIG. 25 is a block diagram of the group difference 
detection and feature selection operation. 

: FIG. 26 is a data file format diagram of a saved frame 
ile. 

FIG. 27 is a block diagram of the brain electrical 
activity mapping to TICAS file transfer operation. 

FIG. 28 is a block diagram of the TICAS feature 
selection and evaluation operation. 

FIG. 29 is a block diagram of TICAS generate deci- 
sion rules operation. 

FIG. 30 is a block diagram of TICAs test decision 
rules operation. 

FIG. 31 is a block diagram of pseudorandom stimulus 
controller. 

FIG. 32 is a sample of topographic displays generated 
by a brain electrical activity mapping system. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


We now turn to a description of the preferred em- 
bodiment. 
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System Organization and Software 


FIG. 1 illustrates the components of a brain electrical 
activity mapping system. Twenty electrodes $ (e.g., 
Grass gold cup) are attached to subject’s skull 4 in a 
conventional international 10-20 format. Twenty leads 
6 from electrodes 5 are connected through switch 7 to 
conventional 24-channel polygraph 10 (e.g., Grass 8- 
24D), which contains parallel variable gain differential 
amplifiers and strip chart recorders. Calibration signal 
source 8, an A.C. generator, is also connected through 
switch 7 to polygraph 10. Stimulus A 2 (e.g., Grass 
Model PS1 strobe light) and stimulus B 3 (e.g., click 
generator) present stimuli to the subject under the con- 
trol of pseudorandom stimulus controller 9, which also 
provides pre-stimulus and stimulus trial marker signals 
(5 volt spikes) of opposite polarity to one of the input 
channels to 24-channel FM analog tape recorder 11 
(e.g., Honeywell 5600E). In other embodiments, re- 
corder 11 is eliminated and polygraph 10 is connected 
directly to filter 12 for real-time loading of data. The 21 
active outputs of recorder 11 are connected to the in- 
puts of 21 parallel variable band pass filters 12 (e.g., 
Butterworth filters; EEG Associates Mark 4x24) hav- 
ing variable gain controls. The 21 outputs of filters 12 
are connected to 21 of the input terminals of two 16- 
channel, 12-bit analog-to-digital converters 15, 16 (Dig- 
ital Equipment Corporation AA-11K), which comprise 
part of digital computer 13 (Digital Equipment Corpo- 
ration PDP 11/60). Analog-to-digital converters 15, 16 
are attached to data bus 14 (Digital Equipment Corpo- 
ration Unibus). Also attached to data bus 14 are 4-chan- 
nel, 12-bit digital-to-analog converter 17 (Digital 
Equipment Corporation AD-11K) whose three outputs 
control black and white television monitor 18 (Digital 
Equipment Corporation VR 17) for waveform displays; 
color display control 19 (Digital Equipment Corpora- 
tion VSV 01) whose three outputs control 12” color 
television monitor 20 (CONRAC) for topographic dis- 
plays; 8 serial line controller 24 (Digital Equipment 
Corporation DZ :1) two outputs of which control in- 
teractive keyboard and video character display terminal 
22 (Digital Equipment Corporation VT 100) and printer 
23 (Digital Equipment Corporation LA 120); 256K byte 
memory 24 containing operating system software 27 
(Digital Equipment Corporation RSX 11/M), BEAM 
software 28 (Agrippa Data Systems), and analytic soft- 
ware 29 (TICAS; University of Arizona); floating point 
processor 25 (Digital Equipment Corporation FPP-11); 
central processing unit 26 (Digital Equipment Corpora- 
tion PDP 11/60); and disk controller 27 controlling at 
least one disk drive 28. 


Software Description 


In general, the brain electrical activity mapping sys- 
tem creates color topographic displays reflecting brain 
electrical activity using, as input, continuous electrical 
waveforms recorded from a number of points on the 
skull. The color topographic displays consist of discrete 
matrices of a large number of display points (also called 
pixels), each of which has a color or intensity or other 
visible characteristic which indicates a certain value or 
values at the location of that point analogous to a point 
on the skull. In order to generate discrete topographic 
display matrices having many thousands of display 
points from continuous analog waveforms at a limited, 
e.g. 20, number of points on the skull, the brain electri- 
cal activity mapping system. as illustrated in FIG. 2, 
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converts the data to digital form and generates discrete 
sample frames 40, each sample or frame Initially com- 
prising 20 recorded values 41 from 20 channels of infor- 
mation. The system treats related groups of samples 40 
as segments 42. In the case of EP data, for example, a 
segment would consist of a series of frames or samples, 
each 4 milliseconds in length, the series together repre- 
senting one transient response sequence from the begin- 
ning of a pre-stimulus period to the end of the post- 
stimulus transient response. In the case of steady-state 
EEG data, a segment would consist of 2 seconds of data 
divided into 256 samples. A Spectral analysis of the 
EEG data then produces 256 samples, each of which 
reflects the energy level in a small, e.g. į Hz, energy 
band and a segment consists of the entire senes of 256 
spectral samples. For signal averaging purposes, the 
system considers a set of segments together, e.g., 500 
segments each representing a transient response to a 
given stimulus. The 500 segments taken together are 
known as an ensemble 43. Frames of data can be raw 
data or data which has been processed or transformed 
by the system. In any case, as illustrated in FIG. 3, when 
a frame 40 is to be displayed it is expanded into a matrix 
45 consisting of a large number of display points 46 
which are determined by an interpolation process from 
the original frame data points 47. Each point of the 
matrix is then converted to a visual display point 47 
which forms part of the final topographic display 48. 

FIG. 4 illustrates the Organization of the operations 
which comprise brain electrical activity mapping soft- 
ware 28 and TICAS analytic software 29. Raw and 
processed data is stored in disk files 51. Operations 
52-65 and 67-69 use data stored in files $1 to perform 
data manipulation, data display and data Storage func- 
tions. Operations 54 and 55 also process data from the 
Outputs of converters 15, 16, 

FIG. $ illustrates the function of define protocols 
Operation 53. Protocol files 73 are generated and edited 
by program ‘SETPAR' 71 based on control information 
70 provided by the operator through terminal 22, the 
results of the operation being displayed (block 72) on 
terminal 22 to the operator. Each Protocol file 73 con- 
tains information which governs the manner in which 
other operations are performed on a Particular type of 
data file (e.g., one protocol might apply to the process- 
ing of EP transient response data from strobe light stim- 
uli). The protocol information may include the number 
and identity of input channels, the labeling of the output 
channels to correspond to specific points on the final 
display, the identity of the trial marker channel, the 
voltage level above which to search for the trial mark- 
ers, the rate in samples per second of sampling of the 
data, the number of samples in a segment, the number of 
segments in an ensemble, the number of ensembles, the 
number of points in a baseline, the microvolt level of the 
calibration signal (e.g., 100 microvolts at 10 Hz), a mul- 
tiplication factor, the number (up to 20) and size (width) 
of integration bands, the label of the protocol, the per- 
cent of taper of samples in a segment of data for fast 
fourier transform processing, the number of automatic 
smoothing passes, the high and low values for auto- 
matic rejection of data during accumulation, the stimu- 
lus interval and location in seconds, and channel labels 
related to electrode positions on the skull. 

FIG. 6 illustrates the function of disk data sampling 
Operation 54. Program 'DATCOL' 75 loads raw data 
from the output of converters 15, 16 into raw data file 
79, which is divided into 19 buffers 80 which hold en- 
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sembles of data related to particular brain states or stim- 
uli. The operator provides control information 76 desig- 
nating the patient to whom the data relates and the 
name of the applicable protocol file 73. Other control 
information 76 governs the beginning, end, and pauses 
in data sampling, and the performance of a calibration 
of signal levels. Calibration data is initially stored in a 
buffer 80 of raw data file 79. When the operator re- 
quests (block 76) a calibration, and designates which 
buffer 80 contains the raw calibration data, program 
“DATCOL' computes the root mean Square value and 
the mean of at least 30,000 points in each channel of 
calibration data and divides the root mean Square value 
by 0.707 to establish the assumed peak value of the 
calibration signal. The peak value, representing the 
level of the original calibration voltage, and the mean 
value, representing the D.C. offset of the calibration 
voltage value for each channel, are stored in calibration 
file 78. 

The format of raw data as stored in raw data file 79 is 
illustrated in FIG. 7. Each buffer 80 contains header 
block 81, having protocol and other housekeeping in- 
formation concerning the data stored in the buffer: 
calibration block 82 containing for each channel of data 
the calibration value in microvolts per bit and the num- 
ber of microvolts by which the calibration signal was 
offset from zero both of which values were found in 
cahbration file 78 at the time raw data was loaded; bad 
segment block 83 identifying segments of data which 
the operator will Jater decide to exclude from subse- 
quent Operations; an unused segment 84; and a series of 
data segments 85, which hold a series of data samples, 
each containing values for all 20 Channels. The data 
Segments 85 are interleaved with no gaps. 

FIG. 8 illustrates the function of core averaging oper- 
ation 55, usually usef for loading and signal averaging 
raw EP transient responses. Data from converters 15, 
16 is read by program ‘CORAVG' 86. User provided 
control information 88 designates the protocol, ob- 
tained from protcol file 73, under which the operation is 
performed, and determines start, end, and pauses of the 
operation. Program ‘CORAVG' 86 samples data begin- 
ning at points labeled by the prerecorded trial markers 
and forms signal averaged EP transient responses from 
a series of transient responses resulting from repetition 
of a stimulus. The series of transient response data are 
accumulated and held in EP file 87, which is a reduced 
data file as described below. Calibration file 78 holds 
calibration information accumulated from the data 
channels in the manner previously described. Program 
‘CORA VG' 86 automatically rejects as “bad data" any 
segment which contains values outside of preset limits. 
Program ‘CORAVG' also automatically adjusts the 
zero baseline with respect to each electrode's average 
EP transiet response, by subtracting the mean of the 
pre-stimulus period values for a channel from each 
point in that channel's transient response curve. 

FIG. 9 illustrates a plot of an average EP transient 
response 90 of microvoltage against time as it could be 
displayed on monitor 18 following core averaging oper- 
ation 55. The stimulus was presented at time 93, the 
transient response includes pre-stimulus period between 
time 92 and time 93, and the plot shows calculated zero 
baseline 91. 

FIG. 10 illustrates the function of raw data quality 
control operation 56, which enables the operator in- 
teractively to review and eliminate bad segments of raw 
data before other operations are performed. By means 
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of control information 94 the operator can select for 
review the contents of any buffer 80 in raw data file 79. 
The buffer data is displayed (block 105) segment by 
segment by program ‘GLITCH’ 95 on television moni- 
tor 18 to the operator as an analog waveform. The 
operator can label any segment of bad data, which 
causes the bad data segment to be identified on bad 
segment block 83. Control information 94 can also in- 
clude the insertion of trial markers indicating a point on 
a waveform at which subsequent operations should 
begin, and display to the operator the microvolt value 
of individual points on a displayed curve. 

FIG. 11 illustrates raw data topographic display op- 
eration 57, which provides topographic time sequenced 
displays (cartoons) of raw data frames. Program ‘RAW- 
MOV” 96 expands the 20 channels of each data frame 
into a matrix of 128x128 data points by three-point 
linear interpolation. The operator provides control in- 
formation 102 designating the disk buffer 80 on raw data 
file 79 which contains the data to be displayed: the 
number of display matrices to be produced; the parame- 
ters for interframe interpolation; and the parameters and 
options (described below) for scaling the data points 
among the available grey color tones of the display. 
Program ‘RAWMOV’ 96 calculates each interpolated 
data point for the display matrix using three-point linear 
interpolation from the three closest original channels 
and scales the data to the available grey color tones of 
the display. The interpolation is performed using preset 
coefficients stored in interpolation file 97 by an opera- 
tion described below. 

The display matrices produced by program ‘RAW- 
MOV" 96 are stored in sequence in disk movie file 98. 
Program "RA WDIS' will display (block 101) the frames 
stored in disk movie file 98 on monitor 20. Control 
information 100 permits the operator to designate the 
file to be displayed, the frame rate, and the starting, 
stopping and reversing of the display sequence. The 
displays include labels of information taken from the 
protocol block, e.g., patient identification. 

FIG. 12 illustrates the functions of create interpola- 
tion file operation 52. Program ‘POINTS’ 110 creates 
points file 115 reflecting the X and Y coordinates of 
cach point in the original electrode layout with respect 
to the 128 x 128 grid and associating with each point in 
the 128X128 display matrix the identity of the three 
original electrode points with respect to which it should 
be interpolated. Control information 120 provided by 
the operator includes the X and Y coordinates of each 
channel and the identity of the three interpolation 
points for each display point. Program ‘OUTLINE 111 
identifies and stores in outline file 116 the X and Y 
coordinates of the points which outline the plan view of 
the skull to be included in the display, based on control 
information 121. Program ‘MAKCOF’ 112 generates 
and stores in coefficient file 117 the coefficients needed 
to perform the three-point linear interpolation for each 
matriz display point within the skull outline, using 
points file 115 and outline file 116 as input. Program 
'"MAKOVR' 113 stores in overlay file 118 the Operator 
provided (block 123) coordinates of the overlay of the 
skull, nose and ears outline for the display. Program 
‘SETOVR’ 114 generates interpolation file 119 from 
overlay file 118 and coefficient file 117. Interpolation 
file 119 thes contains the information required to com- 
pute interpolated matrix data points and the skull over- 
lay for display. 
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FIG. 13 illustrates the function of the raw data reduc- 
tion operation $8. Three alternative programs can oper- 
ate on data in buffers 80 to produce reduced data files 
125. Program 'DSKFFT 126 accepts segments of EEG 
data from raw data file 79, performs a fast fourier trans- 
form analysis which produces a new segment of data 
reflecting the spectral energy in each of a sequence of 
frequency bands. Program ‘DSKFFT 126 also gener- 
ates, for each group of segments, an ensemble consisting 
of the sums (used in a later step to form the average 
values) and sums squared (used in a later step to form 
the standard deviations) for each channel across all 
segments in the group, values reflecting each of the 
sums as a percentage of the total spectral energy in the 
segment, and values reflecting the coefficient of varia- 
tion (the standard deviation divided by the mean) for 
each channel across an ensemble. FIG. 15 illustrates the 
format of the resulting ensemble of FFT data stored in 
reduced data file 125. The sums data 130 is filed in se- 
quence by channel! for the first frequency band 131, e.g., 
0.5 Hz. Similar sums data follows for the other fre- 
quency bands. After al! sums data is stored, the sums 
squared data 132, the normalized power spectral density 
sums, and the coefficient of variation data are stored in 
similar fashion. In addition to storing the sums and sums 
squared data for ail segments in the ensemble, program 
"DSKFFT can store spectral information for each seg- 
ment analyzed. As Hlustrated in FIG. 16, the data is 
stored as sine and cosine coefficients for each channe! 
for each frequency band, and as normalized sine and 
cosine coefficients as a percentage of total spectral en- 
ergy. As illustrated in FIG. 18, the FFt data file 191 
stored on reduced data file 125 also includes a header 
block 192 housekeeping information. 

In FIG. 13, program ‘DSKAVG* 127 performs a 
function similar to core averaging operation 55 in signal 
averaging EP transient response waveforms, but uses as 
input raw data stored in raw data file 79 and permits the 
Operator to review each waveform and select those to 
be used in the averaging process, rejecting others. Pro- 
gram ‘MANAVG’ 128 permits a similar operator- 
assisted signal averaging process when the raw data 
does no contain preset stimulus trial markers, requiring 
the operator to indicate the point at which averaging is 
to begin for each waveform. FIG. 14 illustrates the 
format of signal averaged data produced by programs 
'CORAVG' 86, 'DSKAVG' 127 and ‘MANAVG*’ 128. 
The sums of each channel for all trials for the first time 
frame 133, e.g., 0-4 milliseconds, are loaded in order, 
followed by similar information with respect to all sub- 
sequent time frames for a given segment. As illustrated 
in FIG. 17, such EP files 190 are preceded by header 
block 193. 

FIG. 19 illustrates the function of reduced data qual- 
ity control operation 59, which permits the operator 
interactively to review and modify data in reduced data 
file 125. By providing control information 204, the op- 
erator can select the file to be reviewed and indicate 
whether it contains FFT spectral information or EP 
time-sequenced information. For FFT information, 
program ‘FFTLUK’ 201 displays (block 202)selected 
channels of spectral data as frequency-voltage curves 
on monitor 18 and permits the operator to low-pass 
filter the waveforms and display the value of particular 
data points. For EP data, program 'EPLUK' 203 dis- 
plays (block 202) selected channels as time-voltage 
curves and permits the operator to reset the zero base- 
line, to filter high frequency noise from a channe!. and 
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to display the value of any point on a curve. FiG. 20 
illustrates the function of manual baseline relocation. 
Because pre-stimulus period response 180 was not level. 
automatic baseline 176 set by program ‘CORAVG’ 86 
inaccurately reflects the true zero level for transient 
response curve 175. The operator can relocate the base- 
line to a new level 177 by moving cursor 179 to the 
desired level, causing that voltage value to be sub- 
tracted from each point of data along curves 180 and 
175. 

FIG. 21 illustrates the functions of reduced data topo- 
graphic display operation 60. For single frame displa y 
of FFt data, program 'FFTTVM' 206 reads data from 
reduced data file 125 as selected by Operator control 
information 214. The data is scaled in accordance with 
instructions included in control information 214. The 
selected frame is provided to program 'TVM16 213 
which interpolates a matrix of 128 x 128 points using the 
coefficients and other information contained in interpo- 
lacion file 97, and provides the resulting matrix to color 
display 212. For single frame EP display, program 
‘EPT VM’ 205 performs an analogous process to that of 
program "FFTTVM' 206. Programs 'EPTVM' 205 and 
‘FF TTVM’ 206 also perform compilations of sequences 
of frames into one display matrix, in accordance with 
predefined groupings set forth in protocol blocks. 

A. sequence of FFT matrices or EP matrices can be 
displayed in rapid time sequence as a cartoon by the use 
of program 'FFTMOV” 208 and program ‘EPMOV' 
207, respectively, each of which processes sequences of 
selected matrices of data from reduced data file 125, 
using scaling control information 215: interpolates full 
128>128 matrices for each frame: interpolates a se- 
lected number of additional matrices between the origi- 
nal frames; and stores the resulting matrices in movie 
file 211. Based on control information 216 specifying 
data to be displayed, the frame rate of display, start, 
stop, backward, forward and pause, program ‘FFTDIS' 
210 and program *EPDIS' 209 provide cartooned matri- 
ces for viewing on color display 212. 

FIG. 22 illustrates group file production Operation 
61. Program 'GRPBLD' 221 creates and updates a com- 
posite group file 223 working from selected individual 
reduced data files 125. Control information 222 pro- 
vided by the operator indicates the identity of individ- 
ual reduced data files to be included. The group files 
223 consist of the sums and the sums squared for all 
homologous points in the reduced data files 125 of all 
individuals in the group. Normalized sums and coeffici- 
ents of variation may also be produced and stored. Hard 
copy 224 listing the individuals in each group and the 
values of group file data are available based on control 
information 222. 

FIG. 23 illustrates the function of group topographic 
data display operation 62 which is analogous to the 
operation of the single frame display of reduced data file 
information, illustrated in FIG. 21. except that the data 
displayed is from group file 223 instead of reduced data 
file 125. 

FIG. 24 illustrates the function of individual versus 
group comparison operation 63. Programs 'EPTVM' 
205 and ‘FF TT VM’ 206 are performed respectively on 
EP and FTT data. In each case, the program generates 
a frame of points, each of which is the number of Stan- 
dard deviations (z-statistics) by which an individual's 
point, taken from individual file 226 differs from the 
average of the group's corresponding points taken from 
group file 223. The resulting frame is displayed (block 
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216) by program ‘TVM16° 213, which interpolates addi- 
ttonal data points to form a 128 x 128 matrix in the man- 
ner previously described. 

FIG. 25 illustrates the function of group difference 
detection and feature selection operation 64, which 
computes frames of t-statistics reflecting the level of 
Statistical difference between two groups based on the 
means and standard deviations of homologous data 
points for the two groups. Program ‘GRPCMP" 230 
computes t-statistics and degrees of freedom from the 
sums and sums squared data contained in two different 
group files 223 designated in control information 231 
provided by the operator. The resulting frames are 
stored in group comparison file 232. Based on file and 
frame designations set forth by the operator in control 
information 235, program "GRPDIS' 234 transmits a 
selected t-statistic frame for display by program 
‘TVM16" 213 as previously deascribed. Program 
‘TYM16" 213 also returns a fully expanded 128 x 128 
matrix back to program “GRPDIS' 234. Through con- 
trol information 235, the operator may store such a 
t-statistic matrix in saved frame file 233. FIG. 26 illus- 
trates the format of saved frame file 233. Header block 
240 contains the number of saved frames, and for each 
frame identifies the time frame length or frequency 
band and the protocol under which the data was col- 
lected. Frames 241 contain 128x128 matrices of float- 
ing point t-statistics generated by program ‘GRPDIS' 
234. : 

FIG. 27 illustrates the functions of the brain electrical 
activity mapping to TICAS file transfer operation 65, 
which converts features of brain electrical activity map- 
ping data to a form usable with TICAS software 29. 
Program 'FEADEF' 245 generates feature list file 247 
from feature definitions and names of saved frame files 
234 provided by the operator in control information 


246. Program ‘FEAGET’ 248 then generates TICAS . 


formal file 249 from reduced data files 125, saved frame 
file 233, and feature list file 247, identified by the opera- 
tor in control information 250. The feature definitions 
which may be selected and stored in TICAS format file 
249 for subsequent TICAS analysis include nearly all 
combinations of data found in all individual files, all 
combinations of integrated bands of frames (e.g.. alpha 
bands) in individual files grouped according to preset 
protocol specifications, or combinations of individual 
frame files weighted by the values in a saved t-statistic 
frame. 

FIG. 28 illustrates the functions of TICAS feature 
selection and evaluation operation 67. In control infor- 
mation 266, 264 the operator designates two groups 262. 
263 from TICAS format file 249 whose features are to 
be analyzed, the type of data to be analyzed, the number 
of input features to be analyzed, and the number of 
output features to be produced. Program 'UTEST' 261 
peforms a standard two-sample Wilcox-Mann-Whitney 
U-test and provides a list of U-test scores in rank order 
which are printed on printer 23 and stored. Program 
‘FMTST’ 260 performs a final merit value (FMV) test 
and provides and stores a list of values for features in 
order of final merit values. Program 'EMTST' 260 first 
determines intermediate merit values as a combination 
of the standard receiver operating characteristic (ROC) 
curve or d’ value and the results of an ambiguity func- 
tion analysis. The final merit values for each feature are 
then determined by correlation of the intermediate 
merit value with all features ranked higher in intermedi- 
ate value. Program ‘MERGE’ 267 selects from Group 
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A features 268 and group B features 269, based on the 
FMV values and U values, those features which are 
most useful, which are then stored in disk files 270 and 
271 

FIG. 29 illustrates the functions of TICAS generate 
discision rules operation 68. Program 'SLPRT” 275 uses 
an operator controlled (block 278) subset of selected 
Group A features 276 and selected Group B features 
277 to generate disk stored interim rules 279, by a 
method controlled (block 278) by the operator. The 
computation method may be a non-parametric d-selec- 
tion technique, a parametric classification technique, or 
a combination of the two. Program 'CLSFY” 284 uses 
operator selected (block 285) interim rules 279 to clas- 
sify operator selected subjects having operator selected 
features, from selected group features files 280 or re- 
fined group features files 281, 282, printing the results 
on printer 23, thereby permitting the operator to evalu- 
ate the efficacy of each selected interim rule 279. Pro- 
gran 'DSC' 286 combines operator chosen (289) fea- 
tures from selected Group A features 287 and selected 
Group B features 288 into new features on the basis of 
the weighting functions of a standard linear discrimi- 
nate analysis, subject to the operator's choice (group 
289) of discriminant function parameters, Discriminant 
function weights for the best features are then loaded 
into a disk file 290. Program ‘LINCOM B' 293 uses the 
original selected Group A features 291 and selected 
Group B features 292 and the discriminate function 
weights 29 to create refined Group A features 294 and 
refined Group B features 295, which are linear or other 
operator selected (block 296) combinations of the origi- 
nal features. Refined Group A features 294 and refined 
Group B features 295 can replace the original selected 
features 276 and 277 as input to program ‘SLPRT’ 275 
to permit an iterative process of decision rule genera- 
tion. 

FIG. 30 illustrates test decision rules operation 69. 
Program 'CLSFY” 284 uses final sets of decision rules, 
e.g., rules A 304 and rules B 305, to classify individuals 
in original Group A 300, original Group B 301 and new 
unknown groups, e.g., Group C 302 and Group D 303, 
to determine the efficacy of the final decision rules, the 
results being provided on printer 23. 


Operation 
Data Gathering 


Accumulation of raw EEG and EP data is accom- 
plished by first attaching 20 electrodes $ to the scalp of 
an individual subject in a conventional international 
10-20 format. In other embodiments, information from 
between 10 and 200 electrodes can be gathered and 
analyzed. Before recording, and if desired during re- 
cording, the operator observes the signal levels on the 
20 channels of chart recording of polygraph 10 and 
adjusts the gain on weak signals to produce usable 
waveforms. A calibration signal of 100 microvolts (10 
Hz) from source 8 is recorded on all twenty channels on 
tape recorder 11 at the beginning of each session and 
whenever any of the gain levels on polygraph 10 is 
adjusted. 

Data gathering typically begins with a careful admin- 
istration of a sequence of tests, each of which is in- 
tended to establish a particular steady-state electrical 
condition in the subject's brain. The sequence of tests 
usually includes instructions to relax and remain still 
with eyes open, to relax and remain still with eyes 
closed, to become drowsy, to breathe deeply for hyper- 
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ventilation, to listen to music and to listen to speecn. 
Other tests rewquire the subject to (1) listen carefully to 
a story and answer simple questions about its content 
when completed. (2) remember a set of six abstract 
figures (often resembling an unknown language alpha- 
bet) in black ink on index cards presented by the exam- 
iner, (Kimura Figures-Instruction) (3) select the six 
previously presented figures from a set of 38 figures, 
verbally indicating yes or no (Kimura Figures-Test), (4) 
associate each of four abstract figures on index cards 
with a particular artificial name spoken by the examiner 
(Paired Associates-Instruction), (5) name each of the 
four abstract figures when tested by the examiner 
(Paired Associates-Test), (6) read silently three previ- 
ously unread paragraphs (e.g., example text from the 
Gray Oral Reading Test) so as to answer questions 
subsequently (Reading Test-Instruction), (7) identity 
whether 34 typed sentences presented by the examiner 
were previously included in the three paragraphs 
(Reading Test-Test), and (8) read text upside down: The 
tests are designed to permit recording of brain electrical 
signals during simple resting brain activity and during 
different levels of activation of the left hemisphere, the 
right hemisphere and both hemispheres of the brain 
together. This permits the demonstration of pathologies 
present at rest and those present upon brain activation. 
The development of specific tests and the choice of tests 
is determined by the user based in part on the subject 
being tested and the information eing sought as de- 
scribed in greater detail below. Between twenty sec- 
onds and three minutes of steady state brain electrical 
activity is recorded on all 20 channels during each of 
the tests. Appropriate records of the tape location of 
each test are kept. These tests have been used with the 
brain electrical activiry mapping system to demonstrate 
group differences between normal subjects and those 
with dyslexia or specific reading disability at the 10-12 
year age level and at the six-year age level; to differen- 
tiatedemented patients from normals and aged patients 
from younger patients in clinical settings, to identify 
patients with an organic basis for sociopathic behavior 
and other forms of mental illness; to demonstrate epi- 
lepsy when the resting background EEG failed to show 
any abnormalities; to demonstrate abnormalities in EEg 
and EP data for schizophrenic subjects; dnd to deter- 
mine when a brain tumor, previously treated, is about to 
recur. 

With young infants, the brain states tested include 
sleep, alert and attending to visual and auditory stimuli. 
alert but not attending to visual and auditory informa- 
tion, and drowsiness. Using these states, it is possible to 
discriminate among children with poor behavioral 
scores on a psychological test and those with high psy- 
chological scores. 

A series of sensory evoked potential (EP) transient 
responses are then recorded from all electrodes while 
the subject is repeatedly exposed to a selected stimulus, 
e.g., a strobe light or a click generator or to a predeter- 
mined sequence of two alternate stimuli. Because the 
EP transient response is weak compared to the back- 
ground steady-state brain electrical activity, the stimu- 
lus must be presented many times (e.g., 500) to the sub- 
ject for later signal averaging. The total response period 
of interest is typically 1024 milliseconds, comprising 512 
milliseconds before stimulus and $12 milliseconds after 
stimulus. The process is repeated for different stimuli. 
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Basic Electronics Tutorials 


The most basic semiconductor device is the diode formed from the fusing together of both N-type and P-type 
semiconductor materials. The semiconductor diode is a device that allows current to pass through it in only one 
direction. This characteristic of a diode has many useful applications in electronics such as rectification of AC 
voltages and currents to DC. 


7.1 THE SEMICONDUCTOR DIODE 


A diode is one of the simplest semiconductor devices, which has the characteristic of passing current in one 
direction only. However, unlike a resistor, a diode does not behave linearly with respect to the applied voltage as the 
diode has an exponential l-V relationship and therefore we can not described its operation by simply using an 
equation such as Ohm's law. 


Diode l-V Characteristics IF 
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When the diode’s anode terminal is more positive than its cathode terminal by at least 0.7 volts for a silicon device, 
the diode is classed as being "forward biased" allowing current to flow through the device. However, when the anode 
is made more negative than the cathode, the diode is classed as being "reversed biased" and blocks the flow of 
current up to its reverse breakdown voltage at which point the diode looses control. 


Note that the arrow points in the direction of conventional current flow and the diodes two connections are known as 
the Anode, (A) and Cathode, (K). The cathode (negative end) is often marked with a band for identification. 


Semiconductor diodes are formed using either Silicon or Germanium semiconductor materials. Diodes are classed 
as either small signal diodes for use in a variety of small voltage applications or classed as power diodes for use in 
rectifying and mains powered circuits. Germanium diodes, unlike silicon diodes, only require a forward-biasing 
voltage of 0.2 volts or greater for conduction to occur. 


Diodes being one way devices cannot be connected together in series randomly. Only circuit, "A" will conduct 
current. 
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Stimuli presented to the subject can range from sim- 
ple flash, simple click, simple pattern reversal and sim- 
ple somatosensory stimulation to those requiring com- 
plex decisions. Requiring a subject to discriminate be- 
tween subtly different auditory stimuli (e.g., the words 
“tight and “tyke’) is useful in diagnosing dyslexia. 
This procedure is known as the Tight-Tyke evoked 
potential phenomic discrimination test. Picking an infre- 
quently different stimulus from among other more fre- 
quent stimuli is useful evaluating subjects who have 
functional brain disorder. 

Auditory stimuli generate a set of fast and a set of 
slow transient responses. The fast responses eminate 
from the brainstem and have a typical duration of 20 
milliseconds. Brainstem responses are normally sampled 
for a total response period of 40 milliseconds compris- 
ing 20 milliseconds before stimulus and 20 milliseconds 
after stimulus. Filters 12 are adjusted to exclude fre- 
quencies below 300 Hz and to include frequencies up to 
8000 Hz. 

When EP transient responses from such stimuli are 
averaged to eliminate noise, two types of interference 
can occur. The first type, known as contingent negative 
variation (CNV), relates to the connection made by the 
brain between consecutive equally spaced stimuli when 
the subject is told to count the stimuli. The D.C. com- 
ponent of the resulting transient response shows a gen- 
tle dip and a sharp rise immediately before each stimu- 
lus, attributable to the subject's anticipation of the next 
stimulus. The sharp rise contaminates the evoked poten- 
tial transient response and makes it difficult to establish 
a zero baseline. By including as part of the interval 
between stimuli a first pseudorandom time element 
which varies from 0 to a period longer than the post- 
stimulus response and is also a multiple of the wave- 
length of the interfering frequency described below, the 
CNV effect is greatly reduced. 

The second type of interference results from the exis- 
tence of background noise at certain characteristic fre- 
quencies, e.g.. 10 Hz, which reflect prominent bands of 
steady-state brain wave activity. The major interfering 
frequency of a given subject may be determined by 2 
spectral analysis of his background EEG signal. The 
interference problem is especially significant in adults 
with prominent alpha waves and children with promi- 
nent slow brain wave activity. By including in the time 
interval between stimuli a second pseudorandom time 
element whose period varies from zero to the wave- 
length of the major interfering frequency, the back- 
ground noise can be substantially reduced in the averag- 
ing process. 

The inclusion of a prestimulus period of recoding for 
each transient response permits an accurate baseline 
determination at a later stage of Signal processing in 
order to establish a true zero level for the post-stimulus 
response and permits a determination of the quality of 
the signal averaging process. 

Pseudorandom stimulus controller 9 measures the 
interval between stimuli as a combination of the post- 
stimulus response period, the first pseudorandom period 
described above, the second pseudorandom period de- 
scribed above, and the pre-stimulus response period. 

As illustrated in FIG. 31, pseudorandom sumulus 
controller 9 comprises a four-stage timer, each stage of 
which in turn measures one of the four periods included 
in the interval between stimuli. The first Stage compara- 
tor 406 measures the pre-stimulus period p1/f.; where 
P| is a number preset by the operator in register 408 and 
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fei is the frequency set on variable frequency clock 404. 
When the first stage timing is completed, the second 
Stage times the post-stimulus period as P2/f.2 where P) 
is a number preset in register 414 and fe} is the preset 
frequency on clock 410. At the end of the first stage 
timing period, a stimulus trial marker (5 volt spike) is 
recorded on the trial marker channel of tape recorder 
11 and stimulus 409 is triggered. The selected post- 
stimulus period is long enough to permit a full decay of 
the transient response being observed. At the end of the 
second stage timing period, the third stage measures the 
first pseudorandom time period P3/f.3, where Py is the 
next pseudorandom number in programmable read only 
memory (PROM) 419 and f-3 is the preset frequency of 
variable clock 415. PROM 419 has been preloaded with 
a pseudorandom sequence of numbers. At the end of the 
third stage timing, the fourth stage measures a second 
pseudorandom period in an analogous manner based on 
a pseudorandom sequence in PROM 424 and a preset 
frequency on clock 420. When the fourth Stage timing 
period is over, a pre-stimulus trial marker (5 volt spike) 
is recorded on the trial marker channel of recorder 11. 
A new timing cycle is then completed and the process is 
reiterated until the total number of transient responses 
recorded equals a preset number in register 426 or the 
process is stopped by the operator. The entire process is 
begun by pushing button 401, which causes the record- 
ing of a pre-stimulus trial marker. Temporary delay 
button 431 can be used to temporarily delay the contin- 
ued operation of the timer at the operator's discretion, 
as for example when the subject is distracted in a man- 
ner which would render the transient response useless. 
A low order bit in PROM 424 or PROM 419 can be set 
to 0 or | by the operator for each number loaded into 
PROM 24 or PROM 19 so that two different stimuli 
(¢.g., auditory and visual) can be tnggered in a prese- 
lected order or pattern, with one stimuli being pres- 
ented more frequently than the other. 

The result of the recording session is an analog tape 
of raw EEG and EP voltage data and calibration volt- 
ages on 20 channels with trial markers on a twenty-first 
channel. The next step is to load the data into computer 
13. 

As previously described, brain electrical activity 
mapping software 28 performs data collection, data 
manipulation, and data display functions in accordance 
with central information provided by the operator. The 
various operations can be performed in any sequence 
and the operator can perform a series of functions itera- 
tively. The operator provides control information 
through the keyboard of terminal 22 and receives infor- 
mation concerning the various operations on printer 23, 
waveform monitor 18 and topographic color monitor 
20. The flexibility of operation heightens the system's 
utility as a diagnostic and analytical tool. 


Data Loading 


Under operator control,EEg data for each brain state 
and related calibration signals are loaded directly onto 
disk storage from recorder 11 after passing through 
filters 12 set to pass frequency components between 0.5 
and 50 Hz or between 0.5 and 1000 Hz and epileptic 
spike data. Gain controls on the filters are adjusted to 
fully utilize the signal capacity of converters 15, 16. 
EEG data can be sampled at rates as high as 20,C00 
samples per second. 

Under operator control, EP data is passed through 
filters 12 set to eliminate frequencies above a selected 
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frequency of between 40 and 100 Hz, or below 300 Hz 
for brainstem data, and is signal averaged in core mem- 
ory using core averaging Operation 55, which automati- 
cally rejects bad data and sets the zero baseline. 
Typically EP data is sampled every 4 milliseconds, or 
every microseconds for brainstem analysis, and 256 
sampled are taken, 128 pre-stimulus and 128 post- 
stimulus. If the operator determines that the EP tran- 
sient response data is very noisy, he may alternatively 
record the data as raw data and use raw data reduction 
Operation 58 to average only selected transient response 
trials. In cases where the transient response data may 
not contain the necessary stimulus trial markers, such as 
in recordings of rapid eye movement (REM) sleep, the 
data can similarly be recorded as raw data and trial 
markers can be added manually by the operator, using 
raw data operation 58, before signal averaging is done. 


Raw Data Quality Control and Display 


To assure the maximum accuracy and utility of raw 
data, the operator can, using raw data quality control 
operations 56, display recorded waveforms, accept or 
reject each waveform for later processing, have mathe- 
matical smoothing operations performed, reset baselines 
or eliminate certain points of data. 

The operator views the EP transient responses for the 
20 channels for the purpose of evaluating the utility of 
each curve and specifying modifications which will 
improve their utility when displayed. The operator may 
direct a further adjustment of the baseline, which has 
already been set automatically, by having a constant 
number added to or subtracted from the value in each 
frame, or can determine to have the automatic baseline 
determination redone using a smaller number of the 
later pre-stimulus frames as the baseline. This procedure 
is particularly useful when the early pre-stimulus frames 
are found to contain the tail end of the transient re- 
sponse of the prior stimulus. By reviewing the relative 
levels of Vas (pre-stimulus) and V gus (post-stimulus) 
for a given channel, the operator can determine 
whether the background noise level is unacceptably 
large with respect to the transient response, necessitat- 
ing another recording session with the subject. The 
operator may also filter any high frequency noise in the 
post-stimulus period by three-point interpolation. 

As part of the raw data quality control process, if a 
channel contains spurious values (e.g., voltage spikes) in 
particular frames, the operator can eliminate those val- 
ues and substitute values interpolated from the next 
prior and next later frames. If the voltage levels on one 
channel are substantially higher than for the other chan- 
nels, the operator can flag that channe! to indicate that 
the channel should be excluded from the subsequent 
display scaling procedure (described below). Based on 
the operator's instructions, the automatic baseline deter- 
mination may be redone and the results are viewed 
again until the operator is satisfied that the set of tran- 
sient responses contain satisfactorily low noise levels 
and are properly zeroed. 

Raw data topographic display operation 57 enables 
the operator to display a cartoon series of topographic 
maps of raw data, which has been expanded by interpo- 
lation into a matrix of 128 x 128 points. The cartoon can 
be started or stopped and run forward or reversed at 
will. When raw EEG data is to be cartooned, the opera- 
tor can sample the data at a high rate. e.g.. 400 frames 
per second, and then display the information at slower 
speed or in a series of matrices. each of which is an 
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average of a sequence of frames. The averaging can be 
done on a running basis, so that the first N frames are 
averaged and displayed, then the N frames beginning 
with the second frame are averaged and displayed, and 
so on. 


EEG Data Reduction 


Raw EEG data is converted to spectral data using the 
fast Fourier transform process of raw data operation 58, 
as previously described. The segments of raw EEG 
curves whose spectral data is averaged are generally 
about 2 seconds in length each, which ts shorter than 
the average period between spurious artifact signals. 
Typically from 15 to 90 segments are spectrally ana- 
lyzed and the spectra averaged. The spectra usually 
consist of 128 frequency bands of 4 Hz in width cover- 
ing the spectrum from 0 to 64 Hz. The ends of each 
segment can be tapered in accordance with the opera- 
tor's discretion in connection with the Fourier trans- 
form process. 


Reduced Data Quality Control and Topographic 
Display 


Working with reduced EP and EEG data, that is 
sequences of time frames of transient response data and 
groups of spectral band data, the operator can use re- 
duced data quality control operation 59 to view the 
waveforms, discard bad data reflecting movement arti- 
fact, eye blink, or muscle activity and eliminate high 
frequency noise. The reduced data can then be topo- 
graphically displayed on a frame by frame or cartooned 
basis using the reduced data topographic display opera- 
tion 60. In either case, the operator can form frames 
which represent combinations of underlying frames. 
For example, groups of } Hz bandwidth frames can be 
combined into larger bandwidth frames corresponding 
with typical spectra of clinical interest, e.g., alpha, beta, 
delta and theta. Bands of any desired width can be 
formed. In addition to displaying raw spectral energy 
information from EEG data, it is possible to display 
normalized spectral energy in which the points on each 
display are normalized to the overall spectral energy of 
each electrode or to the average overall spectral energy 
at all electrodes. In the case of EP data, it is similarly 
possible to display each point as a normalized value to 
the value at one specific electrode, e.g., the vertex elec- 
trode designated “C,”, or to a standardized value, or to 
a selected value, or to the Vass of the background 
activity at each electrode, or to the Vays of all elec- 
trodes. Similarly, the 128 frames of an EP transient 
response can be grouped into frames of greater time 
duration for display. 


Group Data Analysis 


By accumulating a number of stored data frames, it ts 
possible for the operator to assemble and display group 
data files using group file production operation 61 and 
group topographic data display operation 62. 


Significance Probability Mapping (SPM) 


Using stored data for various groups and individuals, 
the operator can perform and display topographically 
t-statistic comparisons between groups of frames and 
z-statistic comparisions between an individual frame 
and a group of frames. Any other statistical group com- 
parison can also be used to form a display matrix to 
illustrate group differences. This type of analysis. signif- 
icance probability mapping (SPM), enabies the operator 
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to identify significant brain activity features related to 
various neurophysiological illnesses and conditions. 


Grid Sector Analysis 


Frames produced by the SPM procedure may be 
further analyzed by a Grid Sector Analysis (GSA). 
While the frames produced by the SPM procedure 
reflect regional abnormalities, the GSA procedure pro- 
duces numerical measures of the degree of global or 
focal deviations from normal, which can assist in auto- 
matic determination of the existence of regional abnor- 
malities in unknown subjects. 

The first step of the GSA process conceptually re- 
quires the division of a frame into a number of different 
grids, each divided into sectors of a uniform size. 
Within each grid sector, the mean of all values of the 
data points lying within the sector is determined as the 
value of that sector. The process is repeated for grids of 
different fineness. Preferably three grids, of 4000 sec- 
tors, 64 sectors, and 16 sectors respectively, are used. 
Histograms of sector values are then prepared for each 
grid reflecting sector t-statistic or z-statistic values on 
the horizontal axis and numbers of sectors having that 
value on the vertical axis for each grid. Various analyses 
of the histrograms, which differ for focal and global 
abnormalities, will indicate whether an abnormality is 
focal, i.e., localized in one area, or global, i.e., diffused 
over a large part of the brain. One such analysis would 
simply be the observation that the peak number of sec- 
tors for the coarser grids will be at lower z or t values 
in the case of a global abnormality than in the case of a 
focal abnormality. 

In the case of focal abnormalities, there is a marked 
difference in the histograms for the three grids, while in 
the case of global abnormalities, there is little or no 
difference for the three grids. A variety of features can 
be developed from the histograms to serve as possible 
diagnostic rules. The maximum z-value for each grid, 
the maximum amount of asymmetry between homolo- 
gous grid regions, the mean asymmetry between homol- 
ogous grid regions. and the difference between the 
absolute values of the sum of all left hemisphere and all 
right hemisphere values. Also, one can calculate the 
number of regions above certain criterion levels for 
each histogram. 

A group of spectral maps or a series of EP responses 
can be analyzed as an ensemble by forming at each 
matrix point the mean of the values of each map in the 
ensemble. The grid region on each individual map 
showing the largest value is given a score of 4, the next 
largest a score of 2, the third largest a score of I, and the 
rest a score of 0. The scores are then summed by region 
across all maps in the ensemble, and the regions having 
the three largest scores and their sum are stored as 
indications of focal features. The same process is re- 
peated for the three regions having the greatest asym- 
metnes in each image between corresponding grid sec- 
tors. The resulting information can serve as features 
which can be processed using TICAS to develop diag- 
nostic rules to classify unknown subjects between a 
group of normals and a group having a particular dys- 
function. The numerical descriptors generated by GSA, 
when used for statistical analysis are approximately as 
successful in the identification of patients with brain 
tumors as visual inspection of EEG data by expert clini- 
cians. 
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Coefficient of Variation Analysis 


Given an ensemble of segments of data, the operator 
can determine the mean and the standard deviation of 
each point across the segments. By displaying the stan- 
dard deviations as percentages of mean at each point, 
the coefficient of variation (C/V) across the skull can be 
observed topographically. The normal expect range of 
C/V values is 40-60% and deviations from that range 
are tmmediately evident from the displays. The C/V 
display is useful in demonstrating head regions where 
there are wide variations in activity, e.g., epileptogenic 
regions. 


Difference Maps 


A display matrix can be formed to represent at each 
point, the difference in value of corresponding points on 
two underlying frames. This permits, for example, dis- 
plays which suggest the regions of the brain activated 
by patterned light, by comparing the frames corre- 
sponding to plain light stimulation and to patterned 
light stimulation. 


Automatic Diagnastic Rules 


Working from significant brain activity features and 
using TICAS-related operations 65, 67, 68 and 69, the 
operator can develop and test diagnostic rules for accu- 
rately classifying unknown subjects between normal 
and abnormal groups. 


Scaling 


Several of the available BEAM system operations 
produce color topographic displays. Video monitor 
displays typically involve assigning to each point on the 
display a grey tone of color which represents the value 
of the point. Sixteen tones of color represent 16 differ- 
ent graduated values. For example, red can be used for 
positive values and blue can be used for negative values 
with the grey tone of blue or red indicating the level of 
positive or negative value. An absence of color repre- 
sents zero. In order to maximize the visual effectiveness 
of the display, it is desirable to scale the values of the 
data points to the available color tone levels in such a 
way that the useful variations in value are spread among 
the maximum range of color tones. The scaling can be 
done according to a variety of options. The data points 
can be scaled so that the maximum absolute value of the 
data points over a set of matrices will be equivalent to 
the maximum positive and negative color tones and all 
other points will be scaled linearly to the intermediate 
color tones. Scaling can be done from zero to the maxi- 
mum absolute value. The same scaling technique can be 
accomplished with one or more channels excluded by 
the operator from the scaling process so that unusually 
high value data points will not skew the scaling process. 
Scaling can be done on a matrix by matrix basis rather 
than across a group of matrices. Scaling can be done to 
a maximum value chosen by the operator. In the scaling 
process, any data value which is larger than the bright- 
est available grey color will be truncated and displayed 
as that brightest color. l 


Three-Point Linear Interpolation 


Since the data frames to be presented for display 
originally contain a relatively small number of points, 
e.g., 20 points, and the display is preferably of a continu- 
ous matrix of 128 x 128 points, expansion of the data by 
some form of interpolation is required. The expansion is 
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accomplished by three-point linear interpolation, in 
which each display point is determined as a sum Of the 
values of the three nearest data points on the original 
data frame, each multiplied by a predetermined coeffici- 
ent which reflects the precise location of the display 
point. As an alternative to the software previously de- 
scribed, the calculation of the display point can be done 
on hardware having an extremely short processing 
time, making possible "real-time" displays, that is, each 
display matrix is caiculated in a time shorter than the 
display time for each display matrix. A detailed descrip- 
tion of the three-point interpolation technique is con- 
tained in U.S. patent application Ser. No. 221,830 
(hereby incorporated by reference). 


Display Features; Multidimensional Display 


As illustrated in FIG. 32, the each topographic dis- 
play comprises an outline of the skull with an indication 
of its orientation with respect to the ears and nose. All 
display points outside the outline are suppressed. Within 
the skull outline are displayed the grid of data points, 
each of which reflects a value or values for that point on 
the skull. The number of dimensions of information 
which may be represented by a given point varies with 
the display method. Frequently only one dimension of 
information is presented at any point in the form of a 
grey-tone of color on a predetermined grey-tone scale. 
Alternatively additional dimensions may be reflected at 
a point as a unique combination of three colors. Three 
dimensions can be represented by the quantity of each 
of the original colors which is mixed into the combina- 
tion and a fourth dimension could be the lightness or 
darkness of the three. In this manner, for example, spec- 
tral EEG data for four frequency bands of brain activity 
could be displayed simultaneously. A detailed descrip- 
tion of this four-dimensional display is contained in U.S. 
patent application Ser. No. 221,830. 

Whenever displays are cartooned, the operator may 
select the frame rate of display from stationary to ten 
frames per second minimum. The cartoon can also be 
displayed legarithmically with time, so that the later 
matrices are displayed in faster sequence then the earlier 
ones, which visually compensates for the fact that more 
EP response information is available just after the stim- 
ulus than toward the end of the response period. 


Examples of System Use 


The brain electrical activity mapping system offers a 
powerful brain diagnostic and research tool by permit- 
ting immediate videc display of information about 
steady-state brain waves, EP transient responses, spec- 
tral analyses of EEG signals, and statistical information 
based on these types of data, and the ability to develop 
diagnostic rules from selected features of data. The 
following examples illustrate the versatility and utility 
of the system. 


Suspected Epilepsy 


Although the “spike and wave” as seen on routine 
EEG graphs is virtually diagnostic of epilepsy, over 
10% of all true epileptics fail to demonstrate this abnor- 
maltty. Use of special electrodes, sleep studies, and 
activating drugs often fails to produce spikes in true 
epileptics. This means that although an epileptic may 
have brain cortex that is capable of demonstrating suffi- 
cient irritability at times to produce a seizure, that at 
other times it fails to be sufficiently irritative to produce 
a spike on the EEG and thus eludes diagnosis. Topo- 
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graphic display is of great assistance in Such situations. 
Such suspected epileptic patients should have eyes open 
(EO) and eyes closed (EC) topographic studies per- 
formed. Irmtative cortex presents itself as focal in- 
creases of activity over ali frequency bands. espectall y 
the high frequency beta bands. The visual evoked EP 
response (VER) topographic study should also be per- 
formed. Irritative cortex leads to focal increases of both 
positive and negative waves. If the epilepsy is associ- 
ated with an atrophic lesion, a region of reduced EEG 
and EP activity may be found in close association with 
the focal irritability. 

When spikes are found, displays of their topographic 
extent are extremely useful in determining their point of 
ongin. In this case, raw EEG data is displayed in car- 
toon form thus delineating the epileptic dipole. 


Suspected Supratentorial Brain Lesion 


Patients are often referred for EEG tests in order to 
rule in or out a lesion of one or both cerebral hemi- 
spheres. This includes tumor, stroke, abscess, atrophy, 
arterio-venous malformation, congenital malformation, 
hemorrhage, regional encephalitis. These subjects 
should be subjected to topographic studies in the eyes 
open and eyes closed brain states, and for the VER and 
bilateral somotosensory evoked response (BSER) EP 
situations. In general these lesions may be recognized 
by the pattern of hypo- or hyperactive cortex that be- 
come visible on the brain electrical activity mapping 
images. For example, tumors show decrease in activity 
early, excessive activities later, and reduced activity at 
the vertex. Brain electrical activity mapping greatly 
adds to the information obtained by radiographic scan- 
ning as it is sensitive to the functional disturbances pro- 
duced by these lesions which usually extend beyond the 
anatomical limits of the lesion. 

To pinpoint abnormalities the technique of signifi- 
cance probability mapping (SPM) should be used. Fur- 
thermore, quantification of a lesion by grid sector analy- 
sis (GSA) is often useful. 

Brain electrical activity mapping is most useful when 
tests must be applied to a large population for screening 
purposes or repeatedly to a single person. Such uses 
would include screening for tumor and stroke, deter- 
mining whether a lesion is increasing or decreasing, and 
assessing the effects of treatment on a lesion. Brain 
electrical activity mapping is completely non-invasive, 
and not dangerous as radiographic techniques would be 
in such circumstances. There is also evidence that many 
lesions produce electrical (functional) disturbances be- 
fore they can be detected by radiographic means. 


Suspected Learning Disabilities 


Brain electrical activity mapping studies are most 
useful in the elucidation of regional abnormalities of 
brain activity found in dyslexia, hyperactivity, dyscal- 
culia, and combinations of the above. For example, 
dyslexia reveals abnormalities not just in the classic left 
temporal lobe speech areas but in the medial frontal 
lobe bilaterally. To demonstrate these abnormalities, 
one needs to perform the full test battery which in- 
cludes: night hemispheric activating tests (the Kimura 
Figures task and listening to music as described else- 
where); left hemispheric activating (listening to speech 
and reading Grey Oral passages as described else- 
where); and bi-hemispheral tests (Patred Associates test 
and the Tight-Tyke evoked potential phenomic dis- 
crimination test as described elsewhere). 
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Automated Classification tests to discriminate among 
these clinical entities can be developed. 


Emotional Dysfunction 


Many forms of emotional disorder can be caused by 
the lesions mentioned above. Brain electrical activity 
mapping can be more useful in the recognition of covert 
pathology in this patient population than radiographic 
techniques. In addition, certain forms of psychopathol- 
ogy have recognizable brain electrical activity mapping 
signatures. For example sociopathic behavior is associ- 
ated with lack of synchrony between the frontal lobes; 
e.g.. the VER may show different electrical polarity 
between the right and left frontal lobes. Schizophrenia 
shows markedly increased EEG slow activity overly- 
ing the frontal regions. In this group of subjects, the 
eyes open and eyes closed EEG and VER studies are 
most useful. 


Infant Competence 


Discrimination between babies at risk for future 
learning and emotional problems is a frequent clinical 
request. Brain electrical activity mapping has proven 
useful in accomplishing such discrimination. tn addition 
to studving the EEG and VER in Stages | and 2 sleep, 
the EEG should be studied while the babies are brought 
into the alert state and maintained there as discussed 
elsewhere. Less competent babies, for example, show 
paradoxical increases in frontal delta slowing as they 
are alerted. 


Suspected Dementia 


Senile and pre-senile dementia represent a major 
problem for gerontologists and neurologists. Radio- 
grapic evidence of brain abnormality may not be found 
until the clinical symptom complex is well established. 
On the other hand, brain electrical activity mapping 
Studies demonstrate early abnormalities in a non-inva- 
sive manner. The best battery of tests is similar to those 
described above for suspected learning disabilities, but 
generally the tight-tyke EP is replaced by another EP 
where the subject must discriminate between frequently 
and infrequently heard tone pips of differing frequency. 
A difference EP between the response to the two differ- 
ent tone pips is 
the difference EP shows a marked reduction in demen- 
tía and may be used to follow the course of dementia 
and the response of dementia to pharmacotherapies. 


Headache 


Headache may be caused by many factors. Brain 
electrical activity mapping is very useful to screen out 
serious lesions of the types described as supratentorial 
lesions above. The specific syndrome of migraine head- 
ache has a frequently seen pattern on brain electrica! 
activity mapping of excessive 8-11 Hz occipital oscilla- 
tions and excessive occipital activity. It is best to use the 
EO and EC EEG and VER for headache. Occasionall y 
the BSEP is useful. 


Companson of Individual to Group 


As described above, the brain electrical activity map- 
ping system is generally able to compare an individual 
Statistically to a group and display the result topograph- 
ically. In a clinical setting, the individual in question, 
who may have displayed a normal CT Scan, is com- 
pared to an age matched/sex matched group of nor- 
mais, and abnormalities are then displayed in color- 
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mapped form, wherein bright colors show high abnor- 
maltty and dull colors show insignificant abnormality. 
This technique provides an effective diagnostic tool. 


Comparisons of Groups; Automatic Diagnosis Rules 


The result of a group comparision under the system is 
a topographic display of statistical difference expressed 
as t-statistics, which when coupled with the number of 
degrees of freedom available in the calculation, produce 
a probability level of significant difference between two 
groups at a particular brain state. For instance, a group 
of normals could be compared to a group of schizo- 
phrenics by the creation of t-statistic displays with re- 
Spect to a variety of brain states and stimuli. The user 
looks for displays which exhibit high degrees of coher- 
ence and statistical difference. This is normally shown 
on a screen in color. The larger statistical differences 
appear as brighter colors. The degree to which the 
differences are focused at particular points or diffused 
over the skull is also apparent. Smoothness in the lines 
dividing areas of different brightness suggests focused 
differences, while diffuse differences are suggested by 
ragged edges between dim and bright areas. Ít is possi- 
ble for the researcher, upon selection of a particular 
map that shows something interesting, to save the ma- 
trix for later analysis. Such a saved matrix of t-statistics 
can be used to non-linearly weight the underlying data 
frames to create features which can be analyzed using 
TICAS. Once a set of saved frames representing group 
difference information is accumulated, he then converts 
all of the saved information, representin g features 
which tend to distinguish the two groups into a file 
format which is suitable for analysis by TICAS, which 
is a multi-variate classification system, publicly avail- 
able from the University of Arizona, courtesy of Dr. 
Peter H. Bartell. 

TICAS is designed to sift through all of the features 
saved in the course of the inter-group analysis and pick 
those which prove to be the most disceming mathemati- 
cally to produce a set of features which succinctly al- 
lows automatic diagnosis of a patient. 

This procedure has been used to successfully discrim- 
inate between normal subjects and those with dyslexia, 
to discriminate between normal subjects and those with 
Supertentorial brain tumor, and to discriminate between 
subjects with exposure to organophosphate compounds 
and nonexposed controls. 


Dyslexia Analysis 


An article, Dyslexia Regional Differences in Brain 
Electrical Activity by Topographic Mapping, Duffy et al. 
(Annals of Neurology. Vol. 7, No. 3, May, 1980), 
hereby incorporated by reference, describes the use of 
the brain electrical activity mapping system to identify 
the parts of the brain whose electrical activity difíers 
for individuals suffering from reading disability (dys- 
lexia) as compared with normal individuals, and to es- 
tablish objective standards for diagnosing dyslexia. The 
previously described battery of brain state tests were 
administered to a dyslexic group and a-control group. 
Visual and auditory stimuli were repeatedly presented 
to both groups and recorded with the appropriate trial 
markers. The stimuli were offered in pseudorandom 
fashion. Using the brain electrical activity mapping 
system, topographic displays of the alpha (8 to 11.75 
Hz) and theta (4 to 7.75 Hz) activity at each electrode 
for each tested brain state for each subject were pro- 
duced. Similar cartoons of 128 frames (4 milliseconds 
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each) were prepared for each type of EP response for 
each subject. The resulting brain state frames and EP 
response frames for the dyslexic group and the control 
group were then averaged to form mean frames of each 


group for each state and stimulus. The two groups of 5 


mean images were then compared using the t-statistic 
function. A further transformation produced a matrix of 
percentile index values (PI) whose value is related in- 
versely to t-values. The PI values permit a graphic 
localization of regions of maximum difference between 
the dyslexic group and the control group. By topo- 
graphically displaying the PI matrices for alpha and 
theta for each brain state and for each EP stimulus, it 
was possible to identify the brain regions which differed 
between the dyslexics and the controls. As a final step, 
a new display matrix was formed which summarized the 
differences reflected in all of the PI matrices as indi- 
cated by the occurrence of a certain PI level on at least 
one of the underlying PI matrices. The map of PI differ- 
ences having a value of at least 2 identified four brain 
areas related to dyslexia: (1) bilateral medical frontal, 
(2) left anteriolateral frontal, (3) left mid-temporal and 
(4) left posterolateral quadrant. Classic concepts of 
dyslexia had not suggested the involvement of all of 
these brain areas in dyslexics. The study also indicated 
that alpha brain activity was involved in dyslexia as 
well as the theta activity which has previously been 
viewed as of primary importance. 

In Dyslexia: Automated Diagnosis by Computerized 
Classification of Brain Electrical Activity, Duffy et al. 
(Annals of Neurology, Vol. 7, No. 5, May, 1980) hereby 
incorporated by reference, specific highly effective 
diagnostic rules for identifying dyslexics were devel- 
oped by a mule selection process applying TICAS soft- 
ware to the brain wave data derived in the study de- 
scribed immediately above. Working from displays of 
brain electrical activity, 183 features were identified for 
particular regions and brain states in which the stron- 
gest differences between the dyslexic group and the 
normal group occurred. Two of the 183 features were 
identified as capable of classifying unknown subjects as 
dyslexic or normal with a success of 80-90%. 


Localization of Tumor 


In Brain Electrical Activity Mapping (B.E.A.M.), A 
Method for Extending the Clinical Utility of EEG and 
Evoked Potential Data. Duffy, et al (Annals of Neurol- 
ogy, Vol. 5, No. 4, April, 1979), hereby incorporated by 
reference, the use of brain electrical activity mapping 
system topographic displays to identify the location of a 
brain tumor was discussed. Spectral EEG data in the 
four classic bands (delta, theta, alpha, and beta) was 
recorded for various tested brain states. Average EP 
response data for strobe light stimuli comprising 128 
time frames of 4 milliseconds each was also recorded. 
After three-point linear interpolation to expand the 
matrix, displays of spectral EEG data, and cartooned 
EP data were obtained. FIG. § of the article illustrates 
the spectral EEG displays in the four classic bands of 
brain activity for a patient with a known tumor, which 
had been located by CT scanning. The assymmetries in 
the spectral displays also identify the area of the tumor, 
although the suggested lesion size was larger than indi- 
cated by CT scanning. Analysis of 7 tumor patients, 
whose classic EEG's were normal or non-localizing, 
showed that brain electrical activity mapping studies 
were able to define the lesions almost as effectively as 
CT scan. 
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Use of Significance Probability Mapping with 
B.E.A.M. to Compare Groups and Compare 
Individuals to Groups 


In Significant Probability Mapping: An Aid in the Topo- 
graphic Analysis of Brain Electrical Activity, Duffy et al., 
accepted for publication the authors describe the use of 
topographical displays of statistical transformations of 
data. In one application, EP response data was obtained 
from a group of subjects with brain tumors and a second 
control group of subjects. The data was broken into 
sequential frames of 4 milliseconds each. For the con- 
trol group, new matrices of mean and variance of each 
electrode over all members of the group were prepared. 
A z-statistic matrix was formed for each tumor subject 
to illustrate his deviation from the normal population. 
Using the z-statistic display a clinical neurophysiologist 
was able to identify 11 of 12 tumor subjects. 

In a second application, discussed in the same article, 
EEG steady-state signals were recorded for three dif- 
ferent brain states (resting but alert with no external 
stimulation, listening to a tape recording of speech, and 
listening to a tape recording of music) for individuals in 
a group of dysiexics and individuals in a group of nor- 
mai readers. Matrices of alpha band activity were pro- 
duced for each individual, and mean and variance ma- 
trices for each state were prepared for each of the two 
groups. For each group t-statistic matrices were formed 
to compare the resting and listening to speech states and 
the resting and listening to music states. By examining 
the t-statistic displays for the two groups it was possible 
to infer the differences in speech-induced and music- 
induced brain activity between the dyslexics and the 
normal readers. Those determinations could not have 
been made from an analysis of the underlying EEG 
alpha matrices. 


Use of Grid Sector Analysis of B.E.A.M. SPM Data to 
Determine Degree of Focal or Global Deviation From 
Normal 


In an unpublished article, “Quantification of Focal 
Abnormalities in BEAM Data by Grid Sector Analysis: 
Automated discrimination Between Normal Subjects 
and Patients with Supratentorial Brain Tumor", Duffy, 
et al., describes uses of grid sector analysis as part of the 
brain electrical activity mapping system for the purpose 
of automated neurophysiological diagnosis of brain 
tumor. In this application, EEG and visual EP data 
were recorded from a group of patients with confirmed 
supratentarial brain tumor and from a control group. 
SPM matrices were prepared comparing the tumor 
subjects to a normal group and comparing the control 
group to the tumor group. Four 96 millisecond time 
periods of EP data were analyzed. Grid sector analyses 
on the data resulted in a set of 1096 combined glahal and 
focal features from the combined EEG and EP data. By 
a process of features selection and rule development and 
testing, two features were identified as most useful in 
distinguishing the tumor subjects from the control sub- 
jects. When classification rules developed on the initial 
group of 30 subjects were applied to a new group of 10 
subjects, containing $ normals and $ subjects with brain 
tumor, al] ten were correctly classified. 


Other Embodiments 


Other embodiments of the invention are within the 
following claims. For example, the input data may be 
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obtained from any type of transducer capaote of mea- 
suring brain eicctneal activity, and 
topographic displays can be prepared from the signals 
taken from :n¢ skull, without interpolation of additional 
points to form a display matrix. 


Related Applications 


This application ts related to the following applica- 
tions, each of which is hereby incorporated by refer- 
ence: 


(1) Frank H. Duffy. Brain Electrical Activity Mapping 
(BEAM) 

(2) Norman David Culver, Brain Electrica] Activity 
Mapping (BEAM) 

(3) Norman David Culver, Analysis of Brain Electrical 
Activity 

(4) Norman David Culver, Apparatus and Method for 
Topographic Display of Multichannel EEG Data, 
U.S. Ser. No. 221,830. 


What ts claimed ts: 

1. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, said 
apparatus comprising 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skull 
of a patient, 

stimulus means for repeatedly providing a sensory 

stimulus for activating the brain to produce EP 
responses to said transducers, 

response averaging means connected to be responsive 

to said transducers, to produce average responses 
for each transducer, 
processing means connected to be responsive to said 
averaging means for processing said average re- 
sponses to generate a time sequence of matrices, 

display means connected to be responsive to said 
processing means, for displaying said matrices as a 
time sequence of topographic maps of the skull, 
said matrice having elements defining discrete 
points of said maps, 

sa: display means including means for displaying 

said topographic maps at a variable frame rate, said 
maps corresponding to different portions of said 
average responses being displayed respectively at 
different selected frame rates. 

2. The apparatus of claim 1 wherein said display 
means includes means for displaying maps correspond- 
ing to initial portions of said average responses at a 
slower rate than maps corresponding to later portions 
of said average responses. 

3. The apparatus of claim 1 wherein said display 
means includes means to display said topographic maps 
at a frame rate that varies logarithmically. 

4. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, said 
apparatus inciuding 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skull, 
processing means connected to be responsive to said 
transducers, for processing responses of said trans- 
ducers to generate a time sequence of matrices. 
each of said matrices having elements representing 
the instantaneous amplitudes of said responses at 
various locations on the skull and there being a 
sufficient number of said matrices for a selected 
time period of actual brain activity for capturing 
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Onset of a transient event that occurs with a rapid- 
tty on the order of that of an epileptic spike. 

Said processing means including means to generate 
from said time sequence of matrices a running- 
average matrix which at any given time represents 
the current matrix averaged with a selected num- 
ber of the matrices preceding it in time, 

display means connected to be responsive to said 
processing means, for displaying said matrices as a 
time sequence of topographic maps of the skull, 
said clements defining discrete points of said ma- 
trice having maps, 

said display means including means for displaying 
said topographic maps at a variable frame rate and 
for selectably slowing said frame rate to permit 
observation of said transient event. 

5. The apparatus of claim 4 wherein said processing 
means includes means for generating 200 or more matri- 
ces for each second of real time. 

6. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, said 
apparatus comprising 

a plurality of electrical-activity transducers adapted 
to be placed at spaced apart locations on the skull 
of a patient, 

storage means connected to be responsive to said 
transducers for storing responses of said transduc- 
ers during first and second time periods, 

processing means connected to be responsive to said 
transducers, for processing said responses to gener- 
ate first and second matrices each having elements 
representing brain activity at different skull loca- 
tions, said first matrix representing information on 
brain activity during said first period, and said 
second matrix representing information on brain 
activity during said second period, 

different means connected to be responsive to said 
processing means, for forming a difference matrix 
having elements each corresponding to the differ- 
ence between corresponding elements of said first 
and second matrices, 

display means connected to be responsive to said 
different means, for displaying said different matrix 
as a topographic map of the skull, said matrix ele- 
ments each forming a discrete point of said topo- 
graphic map. 

7. The apparatus of claim 6 further comprising stimu- 
lus means for providing a sensory stimulus to generate 
an EP response and wherein at least one of said first and 
second periods of time are during said EP response. 

8. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, said 
apparatus comprising 

a plurality of electrical-activity transducers adapted 
to be placed at spaced apart locations on the skull 
of a patient, 

stimulus means for repeatedly generating a sensory 
stimulus for the brain, to produce at said transduc- 
ers repeated segments of data. each said segment 
having a pre-stimulus response and a post-stimulus 
response, 

response averaging means connected to be responsive 
to said transducers, for averaging said segments to 
produce average pre-stimulus and average post- 
stimulus responses for each transducer, 

baseline means connected to be responsive to said 
responsive averaging means, for determining a zero 
baseline for said average segments from the mean 
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level of at least a portion of the respective average 
pre-stimulus response, and 

subiraction means connected to be responsive to said 

baseline means, for generating zeroed average 5e3- 
ments by subtracting from each average segment 
the zero baseline determined by said baseline 
means, 

processing means connected to be responsive to said 

subtraction means, for processing said zeroed aver- 
age segments to generate one or more matrices. 
each said matrix having element representing infor- 
mation on the electrical activity of the brain at one 
location on the skull, 

display means connected to be responsive to said 

processing means, for displaying said one or more 
matrices as topographic maps of the skull, said 
matrix elements forming discrete points of said 
maps. 

9. The apparatus of claim 8 further comprising 

means connected to be responsive to said stimulus 

means, for storing the time of occurrence of each 
said stimulus and 

means connected to be responsive to said means for 

storing, for dividing each said segment into a pre- 
determined pre-stimulus subinterval during which 
the pre-stimulus response occurs and a predeter- 
mined post-stimulus subinterval during which the 
post-stimulus response occurs, by using said stored 
times of stimuli occurrence as an indication of the 
boundary between said subintervals. 

10. The apparatus of claim 8 wherein said processing 
means includes means to generate from said zeroed 
average segments a time sequence of said matrices, the 
display elements of each matrix representing the instan- 
taneous amplitude of an EP response at various loca- 
tions on said skull, and 

said display means includes means for displaying said 

matrices tn sequence, to thereby display said EP 
response as a time-varying topographic map. 

11. The apparatus of claim 10 wherein said processing 
means includes means to generate said sequence of ma- 
trices in an endless loop, to thereby produce a cyclical 
display of said EP response. 

12. The apparatus of claim 8 further compnsing sam- 
pling means connected to be responsive to said trans- 
ducers, for sampling and storing as a sequence of digital 
words said segments, and wherein said response averag- 
ing, baseline, and subtraction means all include means 
for performing the respective functions digitally. 

13. The apparatus of claim 12 wherein said response 
averaging means includes 

a summing buffer connected to be responsive to said 

sampling means, and having locations for storing 
each said sampled digital word for each transducer 
and 

means connected to be responsive to said sampling 

means, for adding to said buffer locations new 
digital words corresponding to each new segment, 
to thereby generate said average pre- and post- 
stimulus responses. 

14. The apparatus of claim 13 wherein said sampling 
means includes means for taking from 20 to 2000 equal- 
ly-spaced-in-time samples of said pre-stimulus response 
and for taking 20 to 2000 equally-spaced-in time samples 
of said post-stimulus response. 

15. The apparatus of claim 13 further comprising 
means connected to be responsive to said sampling 
means, for comparing said new digital words to prede- 
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termined limits and rejecting digttal words falling out- 
side said limits. thereby not adding said words to saic 
buffer locations. 

16. The apparatus of claim 12 further compnsing 
means connected to be responsive to said transducers. 
for filtering high-frequency components from the post- 
stimulus response for any selected transducer by mult- 
point interpolation of the digital words for the selected 
response. 

17. The apparatus of claim 8 wherein said baseline 
means includes means for selectively eliminating from 
the mean level computation portions of an average 
pre-stimulus response for a selected transducer, to 
thereby provide a more accurate baseline for the re- 
sponse of the selected transducer. 

18. The apparatus of claim 8 further compnsing 
means connected to be responsive to said baseline 
means, for displaying said pre-stimulus and post- 
stimulus responses and said baseline for a selected trans- 
ducer, to permit an operator to evaluate the appropri- 
ateness of said baseline. 

19. The apparatus of claim 8 wherein 

said baseline means includes means for calculating the 

root mean square average value of the average 
pre-stimulus response and of the average post- 
stimulus response and 

said display means includes means for displaying said 

root mean square average values along with said 
responses, 

whereby such root mean square value can be used in 

connection with said displayed responses to evalu- 
ate whether the noise level in the responses for any 
particular transducer is unacceptably large and for 
thereby determining whether new data should be 
taken. 

20. The apparatus of claim 8 or 19 further comprising 
means connected to be responsive to said baseline 
means, for an operator to adjust the baseline value up or 
down for any selected transducer average response. 

21. The apparatus of claim 8, 18, or 20 further com- 
prising means connected to be responsive to said base- 
line means, for repeating the steps of calculating said 
baseline and viewing said responses for selected trans- 
ducers, whereby adjustments can be made to satd base- 
line until said responses are satisfactory. 

22. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, satd 
apparatus comprising 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skull 
of a patient or measure the EEG response at said 
locations, 

sampling means connected to be responsive to said 

transducers, for sampling said EEG responses dur- 
ing time intervals shorter than the anticiputed inter- 
val between interruptions tn the state of brain activ- 
ity, 

spectral processing means connected to be responsive 

to said sampling means. for computing. for euch of 
said transducers, the Fourier transforms of the 
sampled EEG responses and for computing from 
said Fourier transforms. for each of said transduc- 
ers, the spectral energy contained in selected fre- 
quency bands. 

processing means connected to be responsive to said 

spectral processing means, for processing the out- 
put of said spectral processing means to generate 2 
plurality of matrices. one said matrix for each se- 
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lected frequency band. each said matrix having 
elements each of which represents the spectral 
energy within the respective frequency band at one 
location on the skull, 

display means connected to be responsive to said 

processing means, for displaying said matrices as 
topographic maps of the skull, said matrix elements 
forming discrete points of said maps. 

23. The apparatus of claim 22 wherein said sampling 
means is arranged for sampling and storing as a se- 
quence of digital words selected portions of said EEG 
responses, and wherein said spectral processing means 
includes means for digitally performing said Fourier 
transform determination. 

24. The apparatus of claim 23 wherein said sampling 
means includes means to sample said EEG responses at 
at least 3 times the highest frequency in said selected 
frequency bands. 

25. The apparatus of claim 24 wherein said sampling 
means includes means to sample said EEG responses at 
from 4 to 5 times said highest frequency. 

26. The apparatus of claim 22 wherein said sampling 
means includes marking means for storing the start and 
stop times of a particular brain activity. 

27. The apparatus of claim 22 wherein a time maxi- 
mum interval for sampling said EEG responses is on the 
order of two seconds. 

28. The apparatus of claim 22 wherein said sampling 
time interval of said EEG responses is from 0.1 to 4.0 
seconds long. 

29. The apparatus of claim 22 further comprising 
averaging means connected to be responsive to said 
spectral processing means, for averaging said Fourier 
transforms to generate, for each transducer, the average 
spectral energy contained within said frequency bands. 

30. The apparatus of claim 22 wherein said frequency 
bands comprise the alpha, beta, delta, and theta bands. 

31. The apparatus of claim 22 further comprising 
filtering means connected to be responsive to said trans- 
ducers, for removing from said EEG responses fre- 
quency components outside the prominent frequency 
bands of brain electrical activity. 

32. The apparatus of claim 31 wherein said filtering 
means includes means for removing from said EEG 
responses at least frequency components below 0.5 Hz 
and above 50 Hz. 

33. The apparatus of claim 31 wherein said filtering 
means includes means for removing from said EEG 
responses at least frequency components below 0.5 Hz 
and above 1000 Hz. 

34. The apparatus of claim 31 wherein said filtering 
means includes means for removing from said EEG 
responses at least frequency components below 300 Hz 
and above 5000 Hz. 

35. The apparatus of claim 22 wherein said Spectral 
processing means includes means for tapering the begin- 
ning and end portions of said responses prior to determi- 
nation of the Fourier transform to reduce high fre- 
quency artifacts. 
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36. Apparatus for generating a topographic display of 60 


information of the electrical activity of the brain. said 
apparatus comprising 
a plurality of electrical-activity transducers adapted 
to be placed at spaced apart locations on the skull 
of a patien: 
processing means connected to be responsive to said 
transducers, for processing electrical responses 
measured at said transducers, said processing 
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means including means for generating one or more 
matrices. each matrix containing a plurality of ele- 
ments, said elements representing information on 
the electrical activity of the brain at particular skull 
locations, 

Statistical processing means connected to be respon- 
sive to said processing means, for processing at 
least two satd matrices to generate a statistical 
comparison matrix having elements, each element 
being representative of a statistical difference be- 
tween the corresponding elements in said two ma- 
trices, 

display means connected to be responsive to said 
statistical processing means, for displaying said 
statistical comparison matrix as a topographic map 
of the skull, said matrix element forming discrete 
points of said map. 

37. The apparatus of claim 36 further comprising 
interpolation means connected to be responsive to said 
Statistica! processing means, for expanding said statisti- 
cal comparison matrix to a larger matrix prior to dis- 
play, and larger matrix having additional statistical 
comparison elements for skull locations intermediate 
said transducer locations, said additional elements being 
generated by interpolation from the elements of said 
statistical comparison matrix. 

38. The apparatus of claim 36 further comprising 
interpolation means connected to be responsive to said 
processing means, for expanding said matrices to larger 
matrices prior to said statistical processing, said larger 
matrices having additional elements for skull locations 
intermediate said transducer locations, said additional 
ciernents being generated by interpolation from the 
elements of said matrices. 

39. The apparatus of claim 36 wherein said statistical 
processing means includes means to generate as said 
statistical comparison matrix a matrix of t values repre- 
senting the statistical difference between a first and a 
second group of matrices, each group having matrices 
having a plurality of elements. 

40. The apparatus of claim 39 wherein said statistical 
processing means includes 

means connected to be responsive to said means to 
generate a matrix of t values, for generating a first 
mean-value matrix having elements which are rep- 
resentative of the mean values of the respective 
elements the matrices said first group, 

means connected to be responsive to said means to 
generate a matrix of t values, for generating a first 
standard-deviation matrix having elements which 
are representative of the standard deviations of the 
respective elements of the matrices of said first 
group, 

means connected to be responsive to said means to 
generate a matrix of t values, for generating a sec- 
ond mean-value matrix having elements which are 
representative of the mean values of the respective 
elements of the matrices of said second group. 

means connected to be responsive to said means to 
generate a matrix of t values, for generating a sec- 
ond standard-deviation matrix having elements 
which are representative of the standard deviations 
of the respective elements of the matrices of said 
second group, 

means connected to be responsive to said means to 
generate 3 matrix of t values, for generating said 
matrix of t values from said first and second mean- 
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value matrices and said first and second standard- 
deviation matrices. 

41. The apparatus of claim 36 wherein said statistical 
processing means includes means to generate as said 
statistical cormparison matrix a matrix of z values repre- 
senting the statistical difference between one matrix and 
a group of matrices. 

42. The apparatus of claim 41 wherein said statistical 
processing means includes 

means connected said means to generate a matrix of z 

values, for generating a first matrix representative 
of the mean of said group of matrices, 

means connected said means to generate a matrix of z 

values, for generating a second matrix representa- 
tive of the standard deviation of said group of ma- 
trices, 

said matrix of z values being generating from said one 

matrix and said first and second matrices, each of 
said matrices having a plurality of elements. 

43. The apparatus of claim 42 wherein said first ma- 
trix is representative of the mean of a normalized refer- 
ence population. said second matrix is representative of 
the standard deviation of said population, and the ele- 
ments of said matrix of z values are thereby representa- 
tive of the number of standard deviations by which the 
elements of said one matrix differ from the mean of said 
population. 

44. The apparatus of claim 36 further comprising 

means connected to be responsive to said statistical 

processing means, for producing from said statisti- 
cal comparison matrix one or more quantitative 
features which are each determined by processing 
the elements within selected regions of said statisti- 
cal matrix, 

means connected to be responsive to said means for 

producing features, for determining 2 statistical 
merit value for selected features, 

means for determining how to combine said features 

to form decision rules, and 

means connected to be responsive to said means for 

determining, for classifying individuals using said 
decision rules. 

45. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, said 
apparatus comprising 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skull 
of a patient, 
Statistical processing means connected to be respon- 
sive to said transducers, for processing responses at 
said electrical-activity transducers to generate a 
coefficient-of-variance matrix, said matri having 
element each of which represents the normalized 
standard deviation of the responses at one skull 
location. the normalized standard deviation being 
the standard deviation divided by the mean, 

display means connected to be responsive to said 
statistical processing means, for displaying said 
coefficient-of-variance matrix as a topographic 
map of the skull, thereby providing a map of the 
level of variation in brain activity. 

46. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, said 
apparatus comprising 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skull 
of a patient, 
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processing means connected to be responsive to said 
transducers, for generating from responses mea- 
sured at said transducers a time sequence of first 
matrices, each said first matrices having display 
elements representing the instantaneous response al 
various locations on said skull, 

temporal interpolation means connected to be respon- 

sive to said processing means, for generaung by 
interpolation second miatrices interspersed in said 
sequence of first matrices, said second matrices 
having elements representing the approximate re- 
sponse at instants of time intermediate the instants 
of time associated with said first matrices, 

display means connected to be responsive to said 

processing means, for displaying said first matrices 
and said interspersed second matrices as a time 
sequence of topographic maps of the skull, said 
matrix elements forming discrete points of said 
maps, said second matrices enhancing the visual 
smoothness of the transitions over ume between 
said first matrices. 

47. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, said 
apparatus comprising 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skull 
of a patient, 

processing means connected to be responsive to said 

transducers, for generating one or more matrices 
from the responses measured at said transducers, 
each matrix having elements representing informa- 
tion on electrical activity of the brain at one loca- 
tion on the skull, 

display means connected to be responsive to said 

processing means, for displaying said matrices as 
topographic maps of the skull, said matnx elements 
forming discrete points of said maps, 

waveform quality contro] meaus for previewing said 

transducer responses or processed versions thereof, 
said quality control means including at least two of 
the following means 

means for tagging a response with information on its 

waveform quality, including an indication of 
whether the response should be used in later pro- 
cessing, 
means at the discretion of the operator for eliminating 
a response from further processing. 

means for automatically eliminating a response from 
further processing if a portion thereof exceeds a 
predetermined threshold, 

means for smoothing a response to eliminate unde- 

sired high frequency components, 

means for adjusting a zero baseline of a response, said 

zero baseline having been previously set automati- 
cally, 

means for eliminating selected portions of a response 

from further processing, and 

means for displaying in numerical form the value of a 

response at a point in time selected by the operator. 

48. Apparatus for generating a topographic display of 
information on the electrical activity of the brain, said 
apparatus comprising 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skull 
of a patient, 

means connected to be responsive to said transducers, 

for sampling responses measured at said transduc- 
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7.2 APPLICATIONS OF DIODES 


A very common application of diodes is half-wave rectification, where either the positive or negative half of the input 


voltage is blocked. 


Half-wave Rectification 


Full-wave Rectification 
A full-wave rectifier passes both the negative and positive half cycles of the input, while inverting the negative half of 


the input. A full-wave rectifier circuit reduces the ripple by a factor of two. Also the output DC ripple is twice the input 


supply frequency. 


Bridge Rectifier 
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ers and storing the sampled responses as 3 series of 
data matrices. one matrix for each sampling time. 

means connected to be responsive to said means for 
sampling. for selectively viewing the sampled re- 
sponses corresponding to a single transducer as a 
plot of transducer output versus time, 

quality control means for adjusting portions of said 

selectively viewed responses or eliminating said 
responses from further processing, 
processing means connected to be responsive to said 
means for sampling, for processing said data matri- 
ces to generate one or more processed matrices, 
said processed matrices having elements each cor- 
responding to one transducer location, 

interpolation means connected to be responsive to 
said processing means, for generating expanded 
matrices by expanding the number of elements in 
said processed matrices to provide elements corre- 
sponding to skull locations intermediate said trans- 
ducer locations, 

display means connected to be responsive to said 

interpolation means, including a video monitor 
capable of generating a matrix of grey tones for 
displaying said expanded matrices as topographic 
maps of the skull. said expanded matrices having 
elements defining the grey tones of discrete points 
On said maps. 

49. The apparatus of claim 48 further comprising 
matrix storage means connected to be responsive to said 
means for sampling, processing means, and interpola- 
tion means, for tagging selected data, processed, or 
expanded matrices and storing them for later recall and 
processing. 

50. The apparatus of claim 48 further comprising 
means connected to be responsive to said transducers, 
for storing calibration responses from said transducers 
and means for calibrating said responses matrices by 
determining from said stored calibration responses a 
DC offset and gain for each said transducer. 

51. Apparatus for generating a topographic display of 
information on the electrical activity of the brain. said 
apparatus comprising 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skul] 
of a patient, 
processing means connected to be responsive to said 
transducers, for processing responses measured at 
said transducers to generate one or more matrices, 
each matrix having elements representing informa- 
tion on brain activity at different skull locations, 

display means connected to be responsive to said 
processing means, for displaying said one or more 
matrices as topographic maps of the skull, said 
matrix elements forming discrete points of said 
maps, said display means including a video monitor 
which generates a visible grey tone at each said 
discrete point, said tone being variable from a maxi- 
mum tone to a minimum tone, and 

scaling means connected to be responsive to said 

processing means, for scaling said matrix elements 
to the available tones. 

52. The apparatus of claim 51 wherein 

said video monitor generates a zero tone intermediate 

said maximum and minimum tone and 

said scaling means comprises at least two of the fol- 

lowing means 

means connected to be responsive to said processing 

means, for scaling the maximum matrix element to 
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the maximum tone and the minimum matrix ele- 
ment to the minimum tone and linearly interpolat- 
ing inbetween, 

means connected to be responsive to said processing 
means, for scaling the maximum matrix element to 
the maximum tone and the minimum matrix ele- 
ment to the zero tone and linearly interpolating 
inbetween, 

means connected to be responsive to said processing 

means, for scaling the maximum matrix element to 
an operator supplied tone, 

means connected to be responsive to said processing 

means, for scaling the minimum matrix element to 
an operator supplied tone, 

means connected to be responsive to said processing 

means, for excluding from the scaling operation 
selected unusually high or low valued matrix ele- 
ments and for assigning to matrix elements that fall 
outside the available tone range the closer of the 
maximum or minimum tone. 

53. The apparatus of claim 51 wherein said video 
monitor generates colored grey tones of a first and a 
second color, with grey tones of said first color forming 
said grey tones between said maximum tone and said 
zero tone, with grey tones of said second color forming 
said grey tones between said minimum tone and said 
zero tone, and with the absence of a color tone forming 
said zero tone. 

54. The apparatus of claim 53 wherein said two colors 
are complementary colors. 

55. The apparatus of claim 53 wherein there are at 
least 6 grey tones of each of said two colors. 

56. The apparatus of claim 51 wherein there are a 
plurality of said matrices to be displayed and said scal- 
ing means includes means for independently performing 
said tone scaling for each matrix displayed. 

57. The apparatus of claim 51 wherein there are a 
plurality of said matrices to be displayed and said scal- 
ing means includes means for scaling with respect to the 
display elements in all said matrices so that the scaling 
remains the same for each matrix displayed. 

58. The apparatus of claim 51 further comprising 
preview means connected to be responsive to said trans- 
ducers, for viewing selected segments of the transducer 
responses and for tagging selected segments for exclu- 
sion from the scaling operation and wherein said scaling 
means includes means for identifying the presence of 
said tagging and for excluding data so tagged from said 
scaling operation. 

59. Apparatus for generating a topographic display of 
information on the electrical activity of the brain. said 
apparatus compnising 

a plurality of electrical-activity transducers adapted 

to be placed at spaced apart locations on the skull 
of a patient, 
processing Means connected to be responsive to said 
transducers, for processing responses measured at 
said transducers to generate one or more matrices, 
each matrix having elements representing informa- 
tion on brain activity at different skull locations, 

display means connected to be responsive to said 
Processing means, for displaying said one or more 
matrices as a topographic map of the skull, said 
matrix elements forming discrete points of said 
map, said display means including a video monitor 
which generates a tone at each said discrete point, 
said tone varying from a maximum tone to a mini- 
mum tone, 
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normalizing means connected to be responsive to said 
processing means, for normalizing said matrix ele- 
ments to a selected value, and 

scaling means connected to be responsive to said 
processing means, for scaling said matrix elements 
to the available tones, said scaling means including 
means for assigning a selected tone to said selected 
normalization value. 

60. The apparatus of claim 59 wherein said normaliz- 


ing means includes means for normalizing said matrix 10 


elements to the matrix element representing brain elec- 
trical activity at the vertex. 

61. The apparatus of claim 59 wherein said normaliz- 
ing means includes means for normalizing each individ- 
ual matrix element to the root mean square value of the 
background electrical activity at the skull location rep- 
resented by the individual matrix element. 

62. The apparatus of claim 59 wherein said normaliz- 
ing means includes means for normalizing said matrix 
elements to the average root mean square value of the 
background electrical activity over al] skull locations. 

63. The apparatus of claim 59, 60, 61 or 62 further 
comprising 

stimulus means for repeatedly providing a sensory 

stimulus for the brain, to produce repeated EP 
responses at said transducers, 

response averaging means connected to be responsive 

to said transducers, for averaging said repeated 
responses for each transducer to produce an aver- 
age response for each transducer, and 

wherein said processing means includes means for 

generating from said average responses a time se- 
quence of said matrices, and 

said display means includes means for displaying said 

matrices in sequence. 

63. The apparatus of claim 59 wherein 

there is further provided spectral processing means 

connected to be responsive to said transducers, for 
computing the Fourier transforms of the responses 
measured by said electrical-activity transducers 
and for computing from said Fourier transforms 
the spectral energy contained in selected frequency 
bands, 

said processing means includes means for processing 

the output of said spectral processing means to 
generate a plurality of matrices, one said matrix for 
each selected frequency band, each matrix having 
elements representing the spectral energy within 
the selected frequency band at various locations on 
the skuil, and 

said normalizing means includes means to normalize 

said matrix elements either to the total spectral 
energy for all said frequency bands at the skull 
location corresponding to said matrix element or to 
the average total spectral energy for all said fre- 
quency bands for all matrix elements. 

65. The apparatus of claim 1, 4, 6, 8, 22, 45, 46, 47, 43, 
31. or 59 wherein said processing means includes inter- 
polation means for generating by interpolation addi- 
tonal matrix elements for skull locations intermediate 
the locations of said transducers. 

66. The apparatus of claim 65 wherein said interpola- 
tion means includes means for computing the values of 
said additional matrix elements by three point interpola- 
tion from the values associated with the three closest 
transducer locations. 

67. The apparatus of claim 66 wherein said three 
point interpolation is linear. 
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63. The apparatus of claim 1, 4, 6, 8, 22, 36, 45, 46, 47, 
48, 51, or 59 wherein the number of said electrical- 
activity transducers is in the range of 10 to 200 and the 
number of elements in said topographic maps is at least 
5 times the number of transducers. 

69. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of 

placing a plurality of electrical-activity transducers at 

spaced apart locations on the skull of a patient, 
storing responses of said transducers during first and 
second time periods, 

processing said responses to generate first and second 

matrices each having elements representing brain 
activity at different skull locations, said first matrix 
representing information on brain activity during 
said first period, and said second matrix represent- 
ing information on brain activity during said sec- 
ond period, 

forming a difference matrix having elements each 

corresponding to the difference between corre- 
sponding elements of said first and second matrices, 
and 

displaying said difference matrix as a topographic 

map of the skull, said matrix elements each forming 
a discrete point of said topographic map. 

70. The method of claim 69 further comprising the 
step of providing as a stimulus for the brain during said 
first period a source of patterned light and providing as 
a stimulus for the brain during said second period a 
source of nonpatterned light. 

71. A method of generating a topographic display of 
information on the EP response of the brain, said 
method comprising the steps of: 

placing a plurality of electrical-activity transducers at 

spaced apart locations on the skull of a patient, 
repeatedly providing a sensory stimulus for the brain 
so as to produce at said transducers repeated seg- 
ments of data, each segment including a pre- 
stimulus response and a post-stimulus response, 
averaging the repeated segments to produce an aver- 
age segment for each transducer, 
determining a zero baseline for each average segment 
from the mean level of at least a portion of the 
average pre-stimulus response, 

subtracting the zero baselines from the respective 

average segments to produce zeroed average seg- 
ments, 

processing the zeroed average segments to generate 

one or more matrices of elements, with each matrix 
element representing information on the EP re- 
sponse at one location on the skull. and 

displaying said one or more matrices as topographic 

maps of the skull, with each display point forming 
a discrete point on said maps. 
72. A method for generating a topographic display of 
information on the electrical activity of the brain. said 
method comprising the steps of 
placing a plurality of electrical-activity transducers at 
spaced apart locations on the skull of a patient. 

repeatedly providing a sensory stimulus for activat- 
ing the brain to produce EP responses at said trans- 
ducers, 

averaging said responses to produce average re- 

sponses for each transducer, 

processing said average responses to generate a time 


sequence of matrices, 
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displaying said matrices as a time sequence of topo- 
graphic maps of the skull, said matrices having 
elements defining discrete points of said maps, and 
displaying said topographic maps at a variable frame 
rate, 
maps corresponding to different portions of said aver- 
age responses being displayed respectively at dif- 
ferent selected frame rates. 

73. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method including the steps of 

placing a plurality of electrical-activity transducers at 

spaced apart locations on the skull, 
processing responses of said transducers to generate a 
time sequence of matrices, each said matrix having 
clernents representing the instantaneous amplitudes 
of said responses at various locations on the skull 
and there being a sufficient number of said matrices 
for a selected time period of actual brain activity 
for capturing onset of a transient event that occurs 
with a rapidity on the order of that of an epileptic 
spike, 
generating from said time sequence of matrices a 
running-average matnx which at any given time 
represents the current matrix averaged with a se- 
lected number of the matrices preceding it in time. 

displaying said matrices as a time sequence of topo- 
graphic maps of the skull at a variable frame rate, 
each running-average matrix having elements de- 
firing discrete points of said maps, and 

selectably slowing the frame rate at which said topo- 

graphic maps are displayed so as to permit observa- 
tion of said transient event 
74. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of 
placing a plurality of electrical-activity transducers at 
spaced apart locations on the skull of a patient to 
measure the EEG response at said locations, 

sampling the EEG responses during time intervals 
shorter than the anticipated interval between inter- 
ruptions in the state of brain activity, 
computing, for each of said transducers, the Fourier 
transforms of the sampled EEG responses and 
computing from said Fourier transforms, for each 
of said transducers, the spectral energy contained 
in selected frequency bands, 
processing said computed spectral energy of said 
selected frequency bands to generate a plurality of 
matrices, one said matrix for each selected fre- 
quency band, said matrices having elements repre- 
senting the spectral energy within the respective 
frequency band at one location on the skull, and 

displaying said matrices as topographic maps of the 
skull, said matrix elements forming discrete points 
of said maps. 

75. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of 

placing a plurality of electrical-activity transducers at 

Spaced apart locations on the skull of a patient, 
processing electrical responses measured at said 
transducers, said processing means including 
means for generating one or more matrices, each 
matrix containing a plurality of elements, said ele- 
ments representing information on the electrical 
activity of the brain at particular skull locations, 
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processing at least two said matrices to generate a 
Statistical comparison matrix said statistical com- 
parison matrix having elements each of which rep- 
resentative of a statistical difference between the 
corresponding elements in said two matrices, and 

displaying said statistical comparison matrix as a top- 
ographic map of the skull, said matrix elements 
forming discrete points of said map. 

76. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of 

placing a plurality of electrical-activity transducers at 

spaced apart locations on the skull of a patient, 

Statistically processing responses at said electrical- 

activity transducers to generate a coefficient-of- 
variance matrix, said matrix having elements each 
of which represents the normalized standard devia- 
tion of the responses at one skull location, the nor- 
malized standard deviation being the standard de- 
viation divided by the mean, 

displaying said coefficient-of-variance matrix as a 

topographic map of the skull, thereby providing a 
map of the level of variation in brain activity. 

77, A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of 

placing a plurality of electrical-activity transducers 

for placement at spaced apart locations on the skull 
of a patient, 
gencrating from responses measured at said transduc- 
ers a time sequence of first matrices, each said first 
matrix having display elements representing the 
instantaneous response at various locations on said 
skull, l 

generating by interpolation second matrices inter- 
spersed in said sequence of first matrices, said sec- 
ond matrices having elements representing the 
approximate response at instants of time intermedi- 
ate the instants of time associated with said first 
matrices, 
displaying said first matrices and said interspersed 
second matrices as a time sequence of topographic 
maps of the skull, said matrix elements forming 
discrete points of said maps, said second matrices 
enhancing the visual smoothness of the transitions 
over time between said first matrices. 
78. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of 
placing a plurality of electrical-activity transducers at 
spaced apart locations on the skull of a patient, 

generating one or more matrices from responses mea- 
sured at said transducers, each matrix having ele- 
ments representing information on the electrical 
activity of the brain at one location on the skull. 

displaying said one or more matrices as topographic 
maps of the skull, said matrix elements forming 
discrete points of said maps, l 

previewing said transducer responses or processed 
versions thereof, said previewing including at teast 
two of the following steps 

tagging a response with information on its waveform 

quality, including an indication of whether the 
response should be used in later processing, 
eliminating a response from further processing at the 


discretion of the operator. 


4] 
automatically eliminating a response from further 
processing if a portion thereof exceeds a predeter- 
minedthreshold, 

smoothing a response to eliminate undesired high 

frequency components, 

adjusting a zero baseline of a response, said zero base- 

line having been previously set automatically 
eliminating selected portions of a response from fur- 
ther processing, and 10 
displaying in numerical form the value of a response 
at a point in time selected by the operator. 
79. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of 
placing a plurality of electrical-activity transducers at 
spaced apart locations on the skull of a patient, 

sampling responses measured at said transducers and 
storing the sampled data as a series of data matri- 4, 
ces, one matrix for each sampling time, 

selectively viewing the sampled data corresponding 

to a single transducer as a plot of transducer output 
versus time, 
adjusting portions of said selectively viewed data or 25 
eliminating said data from further processing, 

processing said data matrices to generate one or more 
processed matrices said one or more processed 
matrices having elements each corresponding to m 
one transducer location, 
expanding the number of elements in said one or more 
processed matrices to provide elements corre- 
sponding to skull locations intermediate said trans- 
ducer locations, 35 

providing a video monitor capable of generating a 
matrix of grey tones for displaying said expanded 
matrices as topographic maps of the skull, said 
expanded matrix elements defining the grey tones 
of discrete points on said maps. 

80. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of 

placing a plurality of electrical-activity transducers at 4, 

spaced apart locations on the skull of a patient, 
processing responses measured at said transducers to 

generate one or more matrices, each matrix having 

elements represenung information on brain activity 

at different skull locations, $0 
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displaying one or more said matrices as topographic 
maps of the skull. said matrix elements forming 
discrete points of said maps, 

providing a video monitor which generates a visible 

grey tone at each said discrete point, said tone 

being variable from a maximum tone to a minimum 

tone, and l 
scaling said matrix elements to the available tones. 

81. The method of claim 80 wherein 

said providing step comprises providing a said video 

monitor which generates a zero tone intermediate 
said maximum and minimum tone, and 

said scaling step comprises at least two of the follow- 

ing steps 

scaling the maximum matrix element to the maximum 

tone and the minimum matrix element to the mini- 
mum tone and linearly interpolating inbetween, 
scaling the maximum matrix element to the maximum 
tone and the minimum matrix element to the zero 
tone and linearly interpolating in between, 
scaling the maximum matnx element to an operator 
supplied tone, 

scaling the minimum matrix element to an operator 

supplied tone, 
excluding from the scaling operation selected unusu- 
ally high or low valued matrix elements and assign- 
ing to matrix elements that fall outside the available 
tone range the closer of the maximum or minimum 
tone. 
82. A method for generating a topographic display of 
information on the electrical activity of the brain, said 
method comprising the steps of E 
placing a plurality of electrical-activity transducers at 
spaced apart locations on the skuil of a patient, 

processing responses measured at said transducers to 
generate one or more matrices, each matrix having 
elements represeating information on brain activity 
at different skull locations, 

displaying said one or more matrices as a topographic 

map of the skull, said matrix elements forming 
discrete points of said map, 

providing 2 video monitor which generates a tone at 

each said discrete point, said tone varying from a 
maximum tone to a minimum tone, 

normalizing said matrix elements to a selected value, 

and 

scaling said matrix elements to the available tones, 

said scaling means including means for assigning a 


selected tone to said selected normalization value. 
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(57} ABSTRACT 

A method having applicability in replication of desired 
consciousness states; in the training of an individual to 
replicate such a state of consciousness without further 
audio stimulation; and in the transferring of such states 
from one human being to another through the imposi- 
tion of one individual's EEG, superimposed on desired 
stereo signals, on another individual, by inducement of 
a binaural beat phenomenon. 
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7.3 THE ZENER DIODE 


As stated previously, a semiconductor junction diode blocks the flow of current in the reverse direction. However, if 
we increase the reverse voltage across the diode sufficiently high enough, the diode's PN-junction will breakdown 
and the diode will become damaged allowing current to flow. The reverse voltage level at which this breakdown 
occurs is called the breakdown voltage, or peak reverse voltage. 


A zener diode is a special type of diode that conducts normally in the The zener diode is a special 
forward-biased mode but is designed to operate in the reverse-biased type of diode designed to 
mode so that at a certain breakdown voltage point, the reverse voltage operate in the reverse bias 
causes the diode to conduct in a controlled way allowing a reverse direction and is used to 
current to flow through a series limiting resistor, (Rz). This breakdown stabilize or regulate a voltage 


voltage is called the zener voltage, (Vz). 


The breakdown voltage point of a zener diode, Vz is determined by the resistivity of the diodes junction which is 
controlled by the doping technique used during its manufacture with zener breakdown voltages ranging from 2.7V to 
about 200V. The voltage across the zener diode, Vz, remains reasonably constant over a wide range of reverse 
currents passing through the zener diode. 


Zener Diode l-V Characteristics 


Symbol vr 
ee Forward 
| < Current 
Cathode Anode 
Forward 
+ - Bias 
o | VVV © Region 
Vz Rz 
Forward 
V Reverse Breakdown Bias 
Reverse Bias | i Voltage 
-VR 


+\/- 


“Zener” Breakdown 


IZ(max) a A | Reverse 


Constant Current 


Zener Voltage 
-Ir 


The zener diode has a region in its reverse bias characteristics of almost a constant negative voltage regardless of 
the value of the current flowing through the diode and remains nearly constant even with large changes in load 
current. This ability to control itself can be used to great effect to regulate or stabilise a voltage source against 
supply or load variations. 
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METHOD OF INDUCING MENTAL, EMOTIONAL 
AND PHYSICAL STATES OF CONSCIOUSNESS, 
INCLUDING SPECIFIC MENTAL ACTIVITY, IN 

HUMAN BEINGS 


BACKGROUND OF THE INVENTION 


The present invention relates to a method of inducing 
various states of consciousness in human beings. More 
particularly, the invention relates to 2 method of induc- 
ing such states of consciousness through generation of 
stereo audio signals having specific wave shapes which 
act as a carrier of 2 binaural beat. The resultant binaural 
beat acts to entrain brain waves into unique waveforms 
characteristic of identified states of consciousness. The 
invention is applicable in areas of learning and behavior 
replication as wel] as in the area of sleep inducement, 
and thus represents a significant departure from and 
improvement over known audio-based sleep induce- 
ment techniques, some of which will be discussed be- 
low. 

The binaural beat phenomenon was discovered in 
1839 by H. W. Dove, a German experimenter. Gener- 
ally, this phenomenon works as follows. When an indi- 
vidual receives signals of two different frequencies, one 
signa] to each ear, the individual's brain detects a phase 
difference or differences between these signals. When 
these signals are naturally occurring, the detected 
phased difference provides directional information to 
the higher centers of the brain. However, if these signals 
are provided through speakers or stereo earphones, the 
phase difference is detected as an anomaly. The result- 
ing imposition of a consistent phase difference between 
the incoming signals causes the binaural beat in an am- 
plitude modulated standing wave, within each superior 
olivary nucleus (sound processing center) of the brain. 
It is not possible to generate a binaural beat through an 
electronically mixed signal; rather, the action of both 
ears is required for detection of this beat. 

FIGS. 1A and 1B show two superposed waves of 
different frequencies. FIG. 1C shows the resulting 
wave, which has a clear beat phenomenon. Assuming 
the two waves have equal amplitude but different re- 
spective frequencies fı, fa, the combination of the two 
Waves may be represented mathematically as follows: 


7 e X 
= acosllrmAi) + a'cosllrfr) 
= a cos(2m/11) + aor An) 


a tarsos (2 LGA Jroa EE 


The beat phenomenon arises from the variation in 
amplitude of a resulting carrier frequency. Pulses ap- 
pear every 4(f\-f2), with two maxima occurring each 
cycle, when cos(27)$(f}-f2] = +1. That is, the beat fre- 
quency is simply f\-f2, a result which agrees with expe- 
nence. i 

Kaown consciousness state inducing techniques have 
not used this binaural beat phenomenon, but have relied 
on other techniques, as follows. For example the use of 
audio generators to induce a state of consciousness 
known as sleep is well known in the prior art, as exem- 
plified by U.S. Pat. No. 2,711,165 and 3,384,074. In one 
type of technique exemplified in these patents, gener- 
ated audio signals include pleasing and harmonious 
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study sounds or vibrations. fixed frequency signals 
which are buried cyclically with respect to amplitude, 
and repetitive sounds such as the falling of rain on the 
roof and the sighing wind through the trees. 

U.S. Pat. No. 2,304,095 relates to a method of induc- 
ing sleep by generation of an audible or tactual signal 
which is related to the physiological process o* heart- 
beat and respiration. In the disclosed method, the pitch 
and amplitude of a pleasing audio signa! are varied at a 
rate somewhat slower than either the rate of beartbeat 
Or the rate of respiration. As a result, heartbeat and 
respiration tend to synchronize with the audio signal, 
thus lowering heartbeat and respiration rates and induc- 
ing sleep. 

Of course, there are other naturally-occurring sounds 
which have been recorded, and which are not varied, 
but which instead induce a state of relaxation which 
leads to sleep for a similar reason. For example, the 
pounding of waves on 2 shore line occurs ata frequency 
generally lower than that of heartbeat or respiration, 
and induces a state of relaxation. 

The use of an electroencephalogram (EEG) as a re- 
search and diagnostic tool has led to findings that par- 
ticular brain wave patterns are indicative of different 
states of consciousness. In 1934, researchers discovered 
that brain waves, and their associated states of con- 
sciousness, could be altered with repetitive visual stimu- 


‘lation at a known frequency, an effect known as entrain- 


ment. Scientific interest in entrainment continued 
throughout the 1960's. In the 1970's, numerous indepen- 
dent studies repeatedly confirmed that rhythmic flash- 
ing lights rapidly entrained brain waves. 

A sonic equivaient of photic entrainment also is 
known, as disclosed for example in commonly-assigned 
U.S. Pat. No. 3,884,218, the inventor of which is the 
inventor of the present application. This patent dis- 
closes a method of inducing sleep in a human being by 
generating an audio signal which is made up of a famil- 
tar pleasing repetitive sound modulated by frequencies 
usually associated with an EEG sleep pattern. There are 
different EEG pattems related to various levels or 
depths of sleep, and it has been found that by modulat- 
ing the repetitive sound with these different sleep pat- 
terns, it is possible to induce various levels of Sleep. The 
inventor has coined the term frequency following re- 
sponse, or FFR, to describe this phenomenon. 

Other known techniques for inducing various states 
of consciousness, or for performing brainwave anal ysis 
and related functions, are shown, for example, in the 


following U.S. patents: 
2,466,054 4.054,74] 3,160,159 4.131,34 
3.576.185 4.227.516 3.712.292 4.335.710 
3,753,433 4,573,449 3,826,243 4,834,701 


3,837,331. 
Å- 


The binaural beat phenomenon described above also 
can create a frequency entrainment effect. If a binaural 
beat is within the range of brain wave frequencies, gen- 
erally jess than 30 cycles per second, the binaural beat 
wil become an entrainment environment. This effect 
has been used to study states of consciousness, to im- 
prove therapeutic intervention techniques, and to en- 
hance educational environments. However, the modu- 
lation of tbe binaural beat signals with brain waves 
associated with particular activities has not been at- 
tempted previously. 


GO 


SUMMARY OF THE INVENTION 


In view of the foregoing, it is one object of the inven- 
tion to provide a method of inducing states of con- 
sciousness by generating stereo audio signals having 
specific wave shapes. These signals act as a carrier of a 
binaural beat. The resulting beat acts to entrain brain 
waves into unique waveforms characteristic of identi- 
fied states of consciousness. | 

The method of the invention extends beyond the 
confines of the frequency entraining concept, and incor- 
porstes waveform entrainment by altering the wave 
shape of the binaural beat. Conventional binaural beat 
frequency entrainment previously has been limited to 
conventional wave shapes, i.e., square triangular sinu- 
soidal, or in some cases, the various musical instru- 
ments. For example, it is known that radiant energy, 
such as sound in this case, may be defined by its fre- 
quency, amplitude, and wave shape. A musical note is 2 
particularly suitable example of this. Generally, the 
musical note A above middle C in the twelve tone dia- 
tonic scale is assigned a frequency of 440 cycles per 
second. The amplitude of that note is expressed as the 
loudness of the signal. However, the wave shape of that 
note is related strongly to the instrument used. An A 
played on a trumpet is quite different from an A played 
on a violin. 

The similarity results from the distinct shapes of the 
waveforms of each instrument. Similarly, human brain 
waves also have unique wave shapes, wave contours 
which are neither sinusoidal, nor square, nor triangular, 
nor like those of any musical instrument. 

In accordance with the invention, human brain 
waves, in the form of EEGs, are superimposed upon 
specific stereo audio signals, known as carrier frequen- 
cies which are within the range of human hearing. Thus 
the invention relates not only to techniques of generat- 
ing the binaural beat, but also to specific waveforms of 
the binaural beat in frequency, waveshape, and ampli- 
tude, and most particularly to the source of the data 
used to produce such waveforms. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIGS. 1A-1C show two waves at different frequen- 
cies, and the resulting binaural beat, respectively; 

FIGS. 2A-2D show an input wave, two stereo car- 
rier waves as determined by Fourier analysis, and the 
resultant binaural beat wave, which matches the con- 
tour of the input wave; 

FIGS. 3A-3B, 3C-3D, 3E-3F, and 3G-3H are pairs 
of graphs showing a normal waking EEG and FFR 
responses in different signal ranges, respectively; and 

FIGS. 4A-4F show topographic brain maps of the 
neocortex of a subject in a normal waking state, and 
after listening to a binaural beat sound pattern. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


As wil] be discussed below, different regions of the 
brain produce distinct electrical waveforms during vari- 
ous physical, mental, and emotional states of conscious- 
ness. In the method of the invention, binaural beat audio 
wave shapes are made to match such particular brain 
waves as they occur during any mental physical, and 
emouonal human condition of consciousness. Thus, it is 
possible to convert waveforms from specific brain re- 
gions, as well as complete brain surface electrical topog- 
raphy. 
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In the audio application of the invention. using sam- 
pled EEG waveforms from a subject in specific states of 
consciousness and activity, mental and/or physical. 
these waveforms are impressed upon multiple sets of 
sound carrier waves within the human spectrum of 
hearing. Thus, the waveforms translate into wave am- 
plitude modulations of the carrier to effect what is 
called a frequency following response, or FFR, as men- 
tioned above. 

Some description of the empirical procedure used in 
the course of developing the invention will be useful. as 
background. In the 1970s, testing was done on various 
subjects for effective EEG frequencies using audio sig- 
nals as a human stimulus. Such frequencies were repli- 
cated as amplitude modulation of single-channel audio 
signals within human hearing ranges, for use in sleep- 
inducing, artention-focusing, etc. 

Where particular subjects responded especially well, 
those signals were converted to binaural beat patterns. 
The binaural beat signals were derived by first selecting 
frequencies of the single-channel audio signals based on 
the well-known “Oersted Curve”, named after the fa- 
mous 19th century physicist. Using this curve permitted 
selection of specific audio frequencies to provide the 
greatest binaural beat frequencies at a much lower 
range. The effectiveness of the tests were doubled as a 
result of using binaural beat signals. 

In the mid 1980s, EEG waveforms themselves were 
examined as produced by the binaural signals employed. 
FFR and entrainment factors thought to be responsible 
for success were verified. One of the results identified as 
the probable cause of such effectiveness was the syn- 
chronizaton of the brain hemispheres in such signal 
frequency ranges (i.e. the induced signals were present 
simultaneously in major portions of both brain hemi- 
spheres). 

Experimentation expanded to different subjects in 
similar states of consciousness. Isolation of EEG pat- 
terns in these states of consciousness, and conversion of 
these patterns to binaural sound, with subsequent reap- 
plication of the binaural sounds produced significantly 
enhanced results. The effect was especially apparent 
among naive subjects. 

Recently, EEG neuromapping began of subjects with 
particular talents, where those subjects could utilize 
those talents (e.g. playing a piano sonata, or solving a 
mathematical equation) at a mental or visualization 
level. It was possible to isolate the EEG waveforms 
related to utilization of those talents, and to convert 
those waveforms to binaural sound. Subsequent expo- 
sure of the subject to such patterns enhanced the indi- 
vidual's ability to replicate the process. Exposing other 
subjects to the signals produced a learned response 
through repetition. 

Thus, the inventor believes that the inventive pro- 
cess, while not necessarily creating a musician or a 
mathematician, will set up an EEG ambiance in which 
learning will be facilitated. 

Looking more closely now at the implementation and 
effects of the invention, FIGS. 2A-2D show a phenom- 
enon wherein an input brain wave signal from a particu- 
lar brain region is superimposed on stereo carrier 
waves. FIG. 2D shows the resultan: binaural beat wave 
which matches the contour of the input wave. 

The generation and propagation of the binaural beat 
may be understood from the following series of equa- 
uons, based on the following. Q 


‘axing tne components from FIGS. 1A-1C, and 
scaling each component to an appropriate factor (say, a 


and A). 


These components could be recombined to form a 


beat in accordance with the origina] components. Lin- 5 


eanty and orthogonality principles make these manipu- 
lations possible. First, assign the measured wave to be 
the beat frequency, x. 


x=a-—É 


From the beating waves discussed with respect to 
FIGS. LA-1C: 


un(a) + sin(B) = 2cos (254 Jus (2). 
(se 
cogía) + cof f) = Icos (eo (252). 
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Now, let us alter the Fourier series f(x) to produce the 
beat in the shape of the original wave, f(x): 


f(x) = + 0 + > a cos (2 Jf cuco (> 
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ploved in the other channel. a binaural beat of 4 Hz 
would result. In EEG waveform synthesis, as many as 
100 separate carrier pairs may be used or a single broad- 
banded carner pair may be used to generate a similar 
number of specific binaural beats that replicate the 
EEG waveforms in both frequency and amplitude. 

A 4 Hz, or a 5 Hz binaural beat would be too low in 
frequency to hear. Using the Oersted curve mentioned 
above, the most effective harmonic carrier would be 
275 Hz, which is within hearing range. For the multiple 
waveform situation just discussed, the differential be- 
tween carrier waves on a single channe! also is utilized 
to produce an FFR. 

One type of audio pattern found to be particularly 
useful in implementing the inventive method is what is 
known to the inventor as Phased Pink Sound. The full 
Spectrum of audible sound is known commonly as 
“white” noise. “Pink” sound is known to result from an 
adjustment in amplitude of white sound to compensate 
for decline in perception by the human ear at both ends 
of the audible spectrum. 

Phased Pink Sound results from the relative rota- 
tonal shifting of pink sound from one stereo audio 
channel to another with cyclic changes in amplitude, 
frequency, and rate of panning. Such changes generally 
are synchronous with selected waveforms within the 
multiple patterns of the binaural beat generating system. 
Studies have shown that using Phased -Pink Sound at a 
level at least 10 dB lower than the binaural beat signals 
produces as much as a 30% enhancement in FFR within 
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From the foregoing, it can be seen readily that gía) 50 


and h(8) have become two waves, each having half the 
amplitude of the original wave, the combination of 
these waves producing a beat which is the input shape 
f(x). 


Thus, using two-channel stereo sound, it is possible to 55 


modulate two separate sets of carrier waves so tha: :he 
replicated EEG waveforms are created as differentia! 
beat frequencies between the separate sets. Thus, the 
method permits the direct application on a frequency 


base without having to consider the limitation of the 60 


spectrum of buman hearing. The brain itself synthesizes 
the signals which cause the effect. 

One example may be as follows. If a carrier frequency 
of 100 Hz were employed in one channel of the audio 


signal, and a carrier frequency of 104 Hz were em. 65 


es (cx=os(B) + bnsin(B)] 


{$e = Es [excosia) ~ dasin(a)) } H ta + a [ancos(f) + b,sin(§)} ) 
K 


the EEG waveforms of the listening individual. There is 
some basis for concluding that Phased Pink Sound pro- 
vides an audio base that assists the brain in “synthesiz- 
ing” the binaural beat frequencies normally inaudible in 
the human hearing process. 

Basically, Phased Pink Sound is generated by a digital 
processor, which converts mathematical sequences, 
denved from appropriate algorithms, into audible 
sound. Such digital processors and their operation are 
well-known in the art, and so are not discussed here. 
Inherent in such a system is a frequency sensor that 
synchronizes the phasing with dominant EEG wave- 
forms as those waveforms are introduced from another 
source. 

Examples of suitable algorithms for implementing 
Phased Pink Sound are as follows: 


US 


d uy 


eT TS TSS SSCS ST SO STC SOLO COSTE SSS SES SSCS TESS SSS SESE TESS SOS SSSI SESS SS SSS: 
* Alocrithn to generate 2-bit POY samoles in array pink] of the t 
single chanrel sound that serves ás the'source for the stereo z 


Xx "phased pink" sound ‘ 
PSST SSSS SSIS SSS SSS SS Sess ARE LANA NAAA AE LARA ZA sesss e272 26229222225 2 77 


Hinclude <math.h> 
$+include <stdioc.h> 


#define M2PI =6 . 283185307 177386 
define SYYPLES_PER_ SECOND 10466.5 
#define CUTOFF 200.0 /% cutoff frequency for low-pass filter 1/ 


#defire S 83732 /* number of samples to gererate Y/ 
#define MINDELAY $0 /% minimum flanging delay (samples) */ 
#define MAXDELAY E0 /* maximum flanging delay (samples) */ 
extern short wl); /% 8172 entry table of lé-bit sine values 


scaled from 0x8001 to Ox7FFF *x/ 
extern double st_entries;/% count of entries in sine table */ 


long phase; /Y random rumber generator phase */ 

long fa; /* filter accumulator */ 

long fc; /% filter corstant */ 

long sween; /% flanging filter phase */ 

long sweerd; /% flanging filter initial phase */ 

long ds; /% flanging filter phase step */ 

lang count; /% samples remaining in flanging filter cycle */ 
long counto; /% samples in flanging filter cycle %/ 

lang delay: /* current flanging filter delay (XXXX.XXXX) 2/ 
lona celayQ; /* flanging filter delay constant x/ 

long rance; /4 flanging filter delay range */ 

short gairhs; /% moise sound gain (gain = gainNS/1024) x/ 
short gairFS; /% flanging sound gain (gain = gairFS/1024) t/ 
short moiselS+AxTELAY); /% array to receive noise samples x/ 

short offset; /% firal sample offset to balance values 1/ 
short scaler; /x final scale factor to range samples %/ 

char pink(S]; /% array to receive "phased pink” samples */ 


ETT SSS SSS SS SESSSSSSSTSSSTSCSS SSeS SS SS Sse ALEA esses ese SST esses sss esse e 


Xx Main program z 
KRARKESAKAAAAAT NAAA AAA ALA MAA AAA AAA AAA NARA AAA AAA RA AAA ARA A AAT / 


main() 

¢ 
long control _base; /* initial flanging delay */ 
long control_range: /% range of flanging control */ 


int 13 /% locp index */ 

short tro; /% pointer to filtered moise sample array */ 
short *ésnp; /t* pointer to initial/final noise sequence 1/ 
short Noisecení); /% next filtered roise sample *x/ 

short Flange‘); /% flanging sample t/ 

short xx; /% output before final scaling */ 


/* Initialize the white noise generator */ 
phase = 0x68000; 
43 


10 


/t Initialize low-pass filter 2/ 
fa = O; 
fe = (1.0 - exp (MPI 2 CUTOFF / SYPLES PER SECOND)) r ES. O; 


/% Initialize flanging filter for 8 second cycle. Delay SWEETS 
Simusodially araung 54P1/2. Flanginging tone gain is 75% 
of the noise tone t/ 

Seep = sweepO = ((long)((.75 ł st entries) x 655%4.0 + 0.5)) 

& Ox1FFFFFFE; 

control base = wlsweeod >> 14): 

control_range = OxOOO7FFFL -= control base; 

range = (( (double) (MAXDELAY ~ MINDELAY) t 32747.0) / control_range) 

x 16.0 + 0.5; 

CelayO = (MINDELAY << 14) -= control_base 2 (range >> 3); 

ds = (st_entries / (8.0 8 SAMPLES_PER_SEDONO)) 3 6553£.,0 + 0.3; 

Count = 8,0 2 SAMPLES PER SECOND + 0.3; 

gairm5 = 565; 

gairFS = 439; 


/* Initialize the final offset and scale factor for these filter 
parameters (empirically determireg) */ 


offset 1533; 
scale” = 0x245: 


/Y Gererate an initial Sequence of roise samples to provide for 
delayed samples 1/ 

ro = fsre = roise: 

for (i = 03 i < MAXDELAY: i+) trp++ = NoiseGen(); 


/t Generate the next S samples of "phased pink" sound */ 
for (i = 03; i ¢ S: i++) € 


/% Generate the next colored moise sample. For looping, 
finish off with the initial roise sequence x/ 

if (i < S-MAXDELAY) tro = NoiseGen(): 

else tnp = tfsro+; 


/% Apply a sweeping cosine comb filter to flange the sound t/ 
xx = (EKrpigainAS + Flange (mp) tgairFS) >> 10; 
pink{id = ((xx + offset) x scale”) >> 163 


ra; 
2) 
> 
(RRARANELE RENAL LAR ERDAR RAE NELREAERRRAZERERNARA Tet TT ttt TTT TTT Tee eT TT Te 
zt Noisecen — function to gererate a filtered noise sample g 


EXERXERULIERELIERZLANLALLERENERELA A ENALARESENIANA LE RERELE NARRA RARA LAR / 


short NoiseGen(nso) 


¢ 
long x; /% current roise sample 3/ 
long y; /% Current filtered noise sample *£/ 


/% Gererate simusodial density noise fron white x/ 
phase = phase << 1; 


AA 


d æ 


if (shase L Ox10000) phase = phase ^ 0x10E7; 


phase = phase & OxFFFF; 
x = wlphase >> 3]; 
/% foply ist order 
y = (fctfa) >> 16: 
fa += (x >> 4) - y; 
return( (short) iy << 4)): 


low-pass digital filter x/ 


Bese ttt TF tet STS SES SSeS t TEST ESSSSSSSSITSSISTOSTOCLOS OTIS TE TTT EXA AE 


$ Flange — function to generate a flanging mise sample 2 
DPE LESS LES ITIL SLOTS SPSS SSS STIS etosssesss esses sss cress rete esses / 


short Flange (nso) 


/* pointer to current noise sample t/ 


short inspa; 
( 
short f; /t flanging moise sample t/ 
short «dro; /% pointer to celayed noise sample */ 
/* Apply a simusccially sweeping como filter to flange the sound */ 
if (count—) see = (sweep + ds) & OxiFFFFFEF; 
else ( 
Sweep = sweepd; 
Count = countod; 
} 
/* Compute the filter delay and linearly interpolate between 
neisa samples to simulate a continuously variable delay */ 
delay = delayO + ((wlsweep >> 16] Y range) >> 3); 
drp = rep - (delay >> 16); 
f = tdp + 
((((8 (drp-1) - &dmp) >> 1) & ((celay & OxFFFF) >> 1)) >> 14); 
return (#); 
) 


Looking at some results of the inventive method, 
FIG. 3A shows the EEG of a subject in a normal wak- 
ing state, FIG. 3B shows an EEG of the individual after 
listening to binaural beat sounds produced in accor- 
dance with the invention. The Figure shows an EFR 
response in the 1.5, 4, and 6 Hz signal range. 

Likewise, FIG. 3C shows the EEG of a subject in a 
normal waking state, and FIG. 3D shows an EEG of 
the individual after listening to other binaural beat 
sounds produced in accordance with the invention. The 
Figure shows an FFR response in the 2, 4, and 7 Hz 
signal range. 

FIG. 3E shows the EEG of a subject in a normal 
waking state. and FIG. 3F shows an EEG of the indi- 
vidual after listening to still other binaural beat sounds 
produced in accordance with the invention. The Figure 
shows an FFR response in the 0.5, 3, and 4 Hz signal 
range. 

Finally, FIG. 3G shows the EEG of a subject in a 
normal waking state, and FIG. 34 shows an EEG of the 
individual after listening to still other binaural beat 
sounds produced in accordance with the invention. The 
Figure shows FFR response to 1.5, 2, and 4 Hz signals 
in amplitude, by frequency. 


LA 
A 


60 


FIGS. 4A-4C shows a typical contour map of a sub- 
ject in a normal waking state. It should be noted that the 
map shows a lack of continuity. Note also the lack of 
significant amplitude patterns ranging between tem- 
poral lobes, and the relative lack of intensity within the 
frontal area. 

In contrast, FIGS. 4D-4F shows a contour map of 
the same individual after listening to binaural beat sound 
un accordance with the invention. Note the synchroni- 


s zation between hemispheres, and the high amplitude of 


activity at the frontal portion of the brain. Note also 
how the left and right hemisphere brain waves exhibit 
significantly higher amplitudes in the frequencies found 
in the onginal sound stimulus. 

The application of the binaural beat signals by head- 
phones or other second producing devices causes the 
following results: 

l. When such audio signals are provided simulta- 
neously with the state of being itself, those specific 
States can be enhanced. The additional pattern 
superposed upon the original provides a powerful 
setting to maintain and/or expand the condition. 

2. By recording the audio signals and playing them 
back. an individual may retum to an original or 


a 
GS 


A) 
previouslv-expenenced state of consciousness 
whenever desired. 

3. By listing to recordings of these audio signals, an 
onginal pattern or condition induced in one indi- 
vidual may be replicated in other individuals. 

4. An individual can be trained, based on sufficient 
repetition of application of these waveforms, to the 
point that the individual can recall and replicate 
these waveforms themselves, without further out- 
side stimulation. 


The mechod of the invention has applications in a 
number of different areas, not the least of which is the 
inducement of a state of sleep. Other areas of applica- 
tion include inducement of wakefulness of varying de- 
grees; focusing of attention; inducement of mental and 
physical relaxation; enhancing intellectual performance 
in various mental disciplines such as mathematics: en- 
hancement of creativity: the reexperience of previous 
activity; the acquisition of new abilities which others 
already have; reinforcement and restoration of weak 
areas in the mind and body: enhancement and strength- 
ening of mental and/or muscular coordination, and 
development of integration of entire brain function. 
Human beings have EEG patterns which are unique to 
the various states of consciousness and mental and/or 
physical activity just mentioned, so that the imposition 
of the appropriate stereo audio Signals on the desired 
EEG wave produces the binaural! beat which is neces- 
sary to induce the state. 


While the invention has been described above in de- 
tail with reference to a particular Specific embodiment, 
various modifications within the spirit and scope of the 
invention will be apparent to those of working skil] in 
this technological field. Thus, the invention should be 


25 


considered as limited only by the scope of the appended 40 


claims. 
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What is claimed is: 

1, A method of inducing states of consciousness in 
human beings. compnsing: 

providing a replicated electroencephalogram (EEG) 

waveform indicative of a desired state of con- 
sciousness; 

superimposing said EEG waveform on two separate 

sets of carner waves using stereo sound: 

creating differential beat frequencies between said 

sets of carrier waves in accordance with said super- 
imposing step; and 

providing the resulting signals in audio form to re- 

spective ears of a human being, to induce said state 
of consciousness. 

2. A method as claimed in claim 1, wherein said creat- 
ing step includes the step of combining pink with said 
sets of carrier waves by shifting of said pink sound with 
respect to said EEG waveform from one stereo audio 
channel to another, with cyclic changes in amplitude, 
frequency, and rate of panning. 

3. A method as claimed in claim 1, wherein al) of said 
steps are performed repeatedly on a particular individ- 
ual over a period of time so that the individual is able 
eventually to reproduce said desired state of conscious- 
hess without further audio stimulation. 

4. A method as claimed in claim 1, wherein all of said 
Steps are performed using the EEG of one individual. 
but said applying step is carried out with another indi- 
vidual, so as to transfer the desired state of conscious- 
ness of one individual to another. 

5. A method as claimed in claim 1, wherein said first 
providing step comprises the step of providing a plural- 
ity of EEG waveforms, indicative of different respec- 
tive states of consciousness, and each of said superim- 
posing, creating, and second providing steps are per- 
formed with each of said plurality of EEG waveforms. 

6. A method as claimed in claim 1, wherein said sec- 
ond providing step results in substantial synchroniza- 
tion of major portions of both brain hemispheres of said 


human being. 
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[57] ABSTRACT 


Improved methods and apparatus for entraining human 
brain patterns, employing frequency following response 
(FFR) techniques, facilitate attainment of desired states 
of consciousness. In one embodiment, a plurality of 
electroencephalogram (EEG) waveforms, characteris- 
tic of a given state of consciousness, are combined to 
yield an EEG waveform to which subjects may be 
susceptible more readily. In another embodiment, sleep 
patterns are reproduced based on observed brain pat- 
terns during portions of a sleep cycie; entrainment prin- 
ciples are applied to induce sleep. In yet another em- 
bodiment, entrainment principles are applied in the 
work environment, to induce and maintain a desired 
level of consciousness. A portable device also is de- 
scribed. 
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7.5 THE BIPOLAR JUNCTION TRANSISTOR 


The transistor is another electronic device made from different semiconductor materials that can act as either an 
insulator or a conductor by the application of a small change in current on one lead to produce a large change in 
voltage, current and power through the other two leads. 


In electronic circuits, transistors have two basic functions: "switching" Transistors are electronic 
(digital electronics) or "amplification" (analogue electronics). Transistors devices that can amplify 

are made by adding an additional semiconductor layer to a PN-junction voltages, currents and power 
diode. In fact bipolar transistors can be thought of as two diodes back-to- by the application of a small 
back. signal voltage on one lead 


The Bipolar Transistor basic construction consists of two PN-junctions 
producing three connecting terminals with each terminal being given a name to identify it from the other two. These 
three terminals are known and labelled as the Emitter ( E ), the Base ( B ) and the Collector ( C ) respectively. 


Bipolar transistors are current regulating devices that control the amount of current flowing through them in 
proportion to the amount of biasing voltage applied to their base terminal acting like a current-controlled switch. The 
principle of operation of the two transistor tyoes PNP and NPN, is exactly the same the only difference being in their 
biasing and the polarity of the power supply for each type. 


Bipolar transistors have the ability to operate within three different regions: 


1. Active Region - the transistor operates as an amplifier and Ic = B.Ib 
2. Saturation Region - the transistor is "Fully-ON" operating as a switch and Ic = I(saturation) 


3. Cut-off Region - the transistor is "Fully-OFF" operating as a switch and Ic = 0 


For more information visit our website at: www.electronics-tutorials.ws 
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Bipolar Transistor Configurations 


NPN Transistor PNP Transistor 


E E l 
- O Emitter + O Emitter 


The construction and circuit symbols for both the PNP and NPN bipolar transistor are given above with the arrow in 
the circuit symbol always showing the direction of "conventional current flow" between the base terminal and its 
emitter terminal. The direction of the arrow always points from the positive P-type region to the negative N-type 
region for both transistor types, exactly the same as for the standard diode symbol. 


Transistor Amplifier 
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METHOD OF AND APPARATUS FOR INDUCING 
DESIRED STATES OF CONSCIOUSNESS 


CROSS-REFERENCE TO RELATED 
APPLICATION 


The present application is related to copending appli- 
cation No. 07/514,460, filed Apr. 16, 1990 now U.S. 
Pat. No. 5,213,562. 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

The present invention relates to an improved method 
of inducing desired states of consciousness, including 
different levels of sleep, in human beings, using a tech- 
nique known as frequency following response (FFR), 
developed by the present inventor. The invention also 
relates to apparatus for performing the method. A num- 
ber of areas of applicability of the invention are de- 
scribed, in accordance with different preferred embodi- 
ments. 

2. Description of the Background Art 

In a prior patent, U.S. Pat No. 3,884,218, the present 
inventor described a method of inducing different levels 
of sleep, using the FFR technique, in which brain waves 
could be made to follow superimposed frequency pat- 
terns. These frequency patterns were provided as sine 
waves, at frequencies known to correspond to different 
levels of sleep, such as alpha (exhibiting brain wave 
acuvity in the range of 8-12 Hz), theta (6-3 Hz), and 
delta (1-4 Hz). EEGs exhibiting frequencies berween 12 
and 30 Hz (known as a beta range) are characteristic of 
awake individuals, though beta activity at even higher 
frequencies has been observed in different types of men- 
tal activities. Gamma activity has been characterized as 
all activity above 30 Hz; until recently, it has not been 
possible to monitor brain activity in the gamma range. 
(It should be noted that the boundaries berween gamma 
and beta, beta and alpha, alpha and theta, and theta and 
delta are somewhat arbitrary; the foregoing delineations 
are intended to be exemplary and not limiting.) | 

The present inventor discovered that the human 
brain could be entrained to output brain wave patterns 
these different frequencies. While frequencies corre- 
sponding to these different levels of sleep are not audi- 
ble, by superimposing those frequencies on some type of 
sound, such as music, it was determined to be possible to 
induce desired levels of sleep. The individual listening 
to the music would “hear” the low frequencies, with the 
desired effect on brain activiry. 

An improvement on the inventor’s patented tech- 
nique, to induce varied states of alertness, is the subject 
of copending Application No. 07/514,460, the contents 
of which are hereby incorporated herein by reference. 
This copending application describes a general FFR 
technique using what is known as a binaural beat phe- 
nomenon, details of which are provided in that applica- 
tion. Briefly, a binaural beat is produced by sending 
signals at different frequencies (some Hz apart, depend- 
ing on the desired effect) to an individual’s left and right 
ears. The difference between the frequencies defines the 
frequency of the binaural beat. Using this technique, the 
desired frequency can be introduced into the individu- 
ai's brain activity, inducing the desired state of con- 
sciousness. 

The induction of FFR in the human brain in this 
manner results in the synchronization of activity in the 
hemispheres of the brain. FIG. 1A shows brain activity 
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without FFR, and FIG. 1B shows brain activity with 
FFR. The inventor has coined the term HEMI-SYNC 
(for Hemisphere Synchronization) to describe this phe- 
nomenon. 

The copending application describes a technique 
wherein, in one form, sine waves having a frequency 
corresponding to a consciousness State are superim- 
posed on two different carner frequencies to form two 
different signals to set up the binaural beat. In another 
form, an actual brain pattern, based on an electroen- 
cephalogram (EEG) waveform indicative of that con- 
sciousness state is superimposed on the different carrier 
frequencies to form two different signals. In use, each 
signal is provided to one ear of a subject. The difference 
in carrier frequencies sets up the binaural beat. 

Another, more limited application of the binaural 
beat phenomenon is found in U.S. Pat. No. 4,334,701. In 
contrast to the narrow range of frequencies discussed in 
that patent, in the above-mentioned copending applica- 
tion, the applicability of the binaural beat phenomenon 
is investigated over a much wider range of frequencies, 
spanning the spectrum of brain activity. 

Through additional investigation involving mapping 
of brain activities of different individuals, the present 
inventor has discovered some significance to the fact 
that, while brain waves at certain frequencies are char- 
acteristic of different levels of sleep, brain patterns of 
different individuals still vary. The inventor has investi- 
gated possible enhancements to the FFR effect by mak- 
ing it more generic among individuals, yet still more 
specific to brain activity than a simple sine wave, or an 
EEG of a particular individual. 

Another area of investigation being performed by the 
present inventor relates to human sleep patterns. Based 
on current knowledge of human sleep patterns, it ap- 
pears that sleep is composed of a series of 90-minute 
cycles. As stated earlier, the beta stage is one of alert- 
ness. The first sleep state is alpha, or mental and physi- 
cal relaxation. The second is theta, or light sleep. Next 
is delta, or deep sleep. The inventor has investigated the 
possibility of providing FFR waveforms in cyclic pat- 
terns, replicating these human sleep patterns, to facili- 
tate sleep. Another possibility is to take advantage of 
the cyclic nature of sleep patterns to provide a more 
gentle wake-up for a sleeper. 

In considering the need for alermess during activities 
such as work, the inventor also considered how it might 
be possible to introduce FFR waveforms into ambient 
noise in one’s surroundings to facilitate maintenance of 
desired states of consciousness. Particularly in environ- 
ments such as factories, or in offices where office equip- 
ment puts out consistent types of noise, it would be 
desirable to be able to introduce a binaural beat into that 
noise at different frequencies, to enhance the degree of 
alertness of factory or office workers as desired. 


SUMMARY OF THE INVENTION 


In view of the foregoing, according to one aspect of 
the invention, EEGs for a number of individuals in 
different states of consciousness are sampled, and EEG 
waveforms for the group of individuals, corresponding 
to each identifiable state of consciousness, are com- 
bined. A binaural beat then is generated using the com- 
bined EEGs. 

According to this aspect of the invention. it has been 
determined that using groups of EEG waveforms from 
different individuals and combining them to obtain a 
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7.6 THE FIELD EFFECT TRANSISTOR 


The Field Effect Transistor, or FET is another three terminal semiconductor device used for switch and amplifier 
application as it has very similar characteristics to those of the previous bipolar junction transistor. The field effect 
transistor is a unipolar device since the flow of current through it is carried out by the majority carriers only. However, 
unlike the previous bipolar transistor which is a current operated device, the field effect transistor is a "voltage" 
operated device. 


We saw previously that there are two basic types of Bipolar Transistor construction, NPN and PNP, which basically 
describes the physical arrangement of the P-type and N-type semiconductor materials from which they are made. 
This is also true of field effect transistors as there are also two basic classifications of FET, called the N-channel 
FET and the P-channel FET. 


The Field Effect Transistors basic construction consists of a semiconductor "channel" which corresponds in 
function to the Collector and the Emitter respectively of the bipolar transistor. This resistive channel is the main 


current carrying path through the FET and may be made of either a P-type or an N-type semiconductor material. 


Like the bipolar transistor, the FET is also a three terminal device with each terminal being given a name to identify it 
from the other two. These three terminals are known as the Drain ( D ), the Gate ( G ) and the Source ( S). 


Field Effect Transistor Configurations 


FET Channel 
Construction 


Vos 


Source Source 


N-channel FET P-channel FET 


Comparison of terminals between the Field Effect Transistor and the Bipolar Junction Transistor. 


Bipolar Transistor | Field Effect Transistor 
Emitter - (E) >> Source - (S) 
Base - (B) >> Gate - (Q) 
Collector - (C) >> Drain - (D) 
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representative waveform yields a waveform that a per- ' 


son's brain is more likely to replicate than an individual 
EEG waveform, or a sine wave representation of the 
EEG waveform. The combination may be simple aver- 
aging, though other combination techniques, such as 
weighted averaging, for combining different numbers 
of EEG waveforms as desired, are contemplated. Now 
that the inventor has discovered that combinations of 
EEG waveforms provide a particularly effective en- 
trainment environment, it will be seen that various ways 
of combining these waveforms may yield greater or 
lesser effects. 

In accordance with another aspect of the invention, a 
method for replicating cyclic Sleep patterns for a de- 
sired sleep period is provided. In a preferred embodi- 
ment according to this aspect of the invention, a subject 
is led from beta, to alpha, to theta, to delta, then back to 
theta, then alpha, then a rapid-eye movement (REM) or 
light dreaming sleep, in a Sequence of 90-minute cycles, 
during a sleep period of desired duration, After the 
expiration of the period, the subject may wake up vol- 
untarily. Alternatively, the invention can provide a 
gentle external stimulus to lead the subject to a beta 
State. 

With respect to this aspect of the invention, an appa- 
ratus is provided which automatically leads an individ- 
ual through these cyclic sleep patterns, and enables the 
individual to set 2 desired sleep period. This device 
preferably takes advantage of the techniques to be de- 
scribed relative to the first-mentioned aspect of the 
invention, but is not so limited. The inventive contribu- 
tions of this second aspect of the invention are consid- 
ered to lie in the combination of hardware itself which 
generates the desired sequence of binaural beats, as 
Opposed to the particular software which determines 
the nature of those binaural beats. In One form, the 
invention is constituted by an alarm clock which pro- 
vides a fade-in theta-alpha signal followed by a strong 
beta-gamma signal shortly before a desired wake-up 
time. 

According to yet another embodiment of the inven- 
tion, selectable mind-affecting sound patterns are pro- 
vided to suppiement constant ambient noise in any envi- 
ronment. When the noise is not present, the patterns are 
not provided. The patterns vary in amplitude in accor- 
dance with changes in the environmental noise. 

In accordance with still another embodiment of the 
invention, a portable system is Provided to enable the 
wearer to introduce binaural beat signals of frequencies 
that are selectable in accordance with a desired level of 
awareness. Depending on the level of sophistication of 
the device, the binaural beat may be generated using the 
combined EEG waveforms of the first aspect of the 
invention, but this last aspect of the invention is not so 
limited. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The foregoing and other aspects of the invention will 
be understood by those of working skill in this techno- 
logical field by reference to the following detailed de- 
scription of the preferred embodiments of the invention, 
read in conjunction with the accompanying drawings, 
wherein: 

FIGS. 14-1C and 1D-1F taken from the above-men- 
tioned copending application, show one example of the 
results which can be achieved using the inventive tech- 
niques; 
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FIG. 2 is a block diagram of the hardware according 
to a second embodiment of the invention, and FIGS. 
3-5 are more detailed schematics therefor. 

FIGS. 6A-6] are drawings, similar to FIGS. 1A and 
1B, but showing brain activity during various stages of 
a sleep cycle, using a technique in accordance with the 
second embodiment of the invention: 

FIG. 7 is a block diagram of hardware in accordance 
with a third embodiment of the invention; 

FIG. 8A is a block diagram of hardware in accor- 
dance with a fourth embodiment of the invention, and 
FIG. 8B a schematic of that hardware: and 

FIGS. 9A-9M are graphs of different possible effects 
of the embodiment of FIGS. 8A and 8B, showing a 
baseline brain pattern, selected stimulus frequencies and 
corresponding stimulus waves, and associated response 
waves. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENTS 


The method according to a first preferred embodi- 
ment of the invention, which has been developed 
through extensive experimentation, derives from the 
empirically-observed phenomenon that brain patterns 
of human subjects are entrained more readily to brain 
patterns which more closely match their own. In prior 
implementations of the FFR technique, such as in the 
inventor's prior patent, in which sine waves having 
frequencies corresponding to desired levels of sleep 
were superimposed upon a given frequency, entrain- 
ment did occur. Use of the binaural beat phenomenon 
yielded better results, through synchronization of the 
hemispheres of the brain. 

However, simple repetitive frequencies, or even com- 
binations of such frequencies within different ranges, do 
not represent brain patterns per se, but rather provide 
entrainment environments for the brain to follow. It has 
been determined that, the more closely the entrainment 
environment parallels normal brain function at different 
levels of consciousness, the more effective the entrain- 
ment effect. This phenomenon is what led to the im- 
provement disclosed in the above-mentioned copending 
application. 

As a further improvement on that technique, as men- 
tioned above, the present inventor investigated the pos- 
sibility of creating more generic models of brain func- 
tion at different levels of consciousness. As a result of 
that investigation, it was determined that combinations 
of EEG waveforms from different individ uals function- 
ing at the same identifiable level of consciousness (e.g, 
alpha sleep, theta sleep, or delta sleep) provided a supe- 
rior entrainment environment. In the inventive method 
according to this aspect of the invention. the brain pat- 
terns of 40 to 50 individuals were combined to vieild the 
entrainment environment. 

One area of applicability of the techniques of the 
present invention is in the area of sleep therapy. Many 
individuals suffer from Sleep disorders to varying de- 
grees. It is possible to provide a suitable entrainment 
enviroament, based on known sleep cycles prevalent in 
humans, to help individuals to regulate their sleep pat- 
terns, and thus help to solve their sleep disorders. One 
embodiment of the invention, shown in FIG. 2 and also 
in FIGS. 3-5, implements the inventive techniques in 
what the inventor calls a Sleep Processor to aid in the 
regulation of human sleep cycles. ` 

In FIG. 2, a read-only memory (ROM) 10 stores 
frequency sequences corresponding to different parts of 
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a human sleep cycle. The stored frequency sequences 
may be in accordance with a predetermined algorithm, 
or alternatively may provide a less complex entrain- 
ment environment, such as simple averaging. A digital 
signal processor (DSP) 20 selects different ones of these 
Sequences based on the current time and the time to 
which an alarm is set. The time is displayed on dispiay 
30, and is set using time set 40. The alarm is set to a 
desired wake-up time using alarm set 50. 

During operation, the DSP 20 accesses the ROM 10 
and provides an output to a pulse code modulator unit 
(PCM) 60 accordingly. The PCM 60 provides an output 
to each of left and right channel speakers 70, 80 which 
are provided in close proximity to the ears of a human 
subject. Using headphones enhances the effect. 

Some additional detail of operation of the DSP 20 in 
one aspect of this embodiment now will be provided. A 
serial port in the DSP 20 generates an interrupt at a 50 
KHz rate. An interrupt handier in the DSP 20 computes 
the various sounds, in one form, by generating sine 
waves using a pair of integrators: 

cosine =cosine + frequency x sine 

sine = sine — frequency x cosine 
The Sleep Processors needs ten frequencies, five for 
each channel, and all of these frequencies are generated 
at the same time. The results are multiplied by ten en- 
velopes, most of which are zero at any moment. 

Noise is generated by a well-known 16-bit shift-regis- 
ter algorithm. This algorithm generates a noise Signal 
that repeats every 65535 samples, or about every five 
seconds. The noise is filtered to sound more like pink or 
red noise, and less like white noise, and is written into a 
delay line in RAM. For each channel, the filtered noise 
is averaged with an earlier sample from the delay line, 
thus imparting a comb filter response to it. 

An additional low-frequency sine/cosine pair is gen- 
erated, to sweep the comb filter delay. 32-bit arithmetic 
is used here. The approximate sweep rate is about 1/8 
Hz. The low-frequency sine wave is used directly to 
sweep the delay on one channel. The delay on the other 
channel is controlled by some mix of the sine and cosine 
waves. By choosing these and other coefficients prop- 
erly, any phase and amplitude relationship between the 
left and right sweep can be obtained. The comb filtered 
noise for each channel is multiplied by a noise envelope 
value. 

The device is operated as follows. A desired wake-up 
time is set, much like an alarm clock, and the desired 
volume is selected. A start/stop button then is pressed 
to start the cycles for the selected sleep period. 
Throughout the sleep period, the device repeats a 90 
minute cycle of sound that leads the subject through 
alpha, theta, delta, and back to dreaming sleep. Five 
minutes before the scheduled wake-up time, a beta sig- 
nal is introduced to bring the subject back to complete 
physical wakefulness. When the subject wakes up, he/- 
she hits the start/stop button again to stop the sound 
sequence. 

The sounds produced by the DSP 20 include binaural 
beat carrier sound patterns utilizing both amplitude and 
frequency modulation, masking pink sound (a known 
type of sound described in the copending application), 
and, optionally, occasional single-word voiced affirma- 
tions. The binaural beat audio signals may be in the form 
of appropriate sine waves, or alternatively may be repli- 
cas of actual EEG brain waveforms. In the latter case, 
either the just-described combined EEG waveforms or 
a single EEG waveform (as described in the copending 


10 


25 


30 


35 


40 


60 


6 
application) may be used. The entire pattern of sound 
and control is generated algorithmically. 

One aspect of the effectiveness of the device of FIGS. 
2-5 is the spacing of sound carriers at related frequen- 
cies so as to engender binaural beat signals not only 
from channel to channel, but also monaurally, in each 
audio channel. In this preferred embodiment, three 
binaural beat frequency signals are created between 
audio carrier channels, and two amplitude beats per 
channel also are created, yielding a total of seven beat 
signals. The inventor has coined the term Septon for 
this set of beat signals. One example of a septon is as 
follows: 


Left Channel Right Channel 

200 Hz carrier (4 Hz binaural bear) 20% Hz carner 

(4 Hz monaural ($ Hz monaural beat) 

beat) 

204 Hz carrier (4 Hz binaural! beat) 208 Hz carrier 

(4 Hz monaural (3 Hz monaural best) 
) 

208 Hz carrier (4 Hz binaural beat) 212 Hz carrier 


A standard program according to this preferred em- 
bodiment would employ the following sound sequence: 
0-5 minutes: 

Signal Group A (comprised of replicated EEG wave- 
forms having dominant values in the alpha range) 
Signal Group B (15 dB below Group A. generated 
simultaneously with the sounds of Group A, and com- 
prised of replicated EEG waveforms having dominant 
values in the theta range) . 

Phased Pink Sound (six seconds, peak-to-peak. on both 
left and right channels, 20 dB below Group A) 

Voice Inserts (repeated at 40 second intervals, 10 dB 
below Group A, Simultaneously with the other sounds, 
and comprising short sequences of phrases like “relax” 
“let go”, and “sleep”) | 

5-20 minutes: 

Signal Group B 

Signal Group C (20 dB below Group B, generated si- 
multaneously with Group B, and comprised of repli- 
cated EEG waveforms having dominant values in the 
delta range) 

Phased Pink Sound (15 dB below Group B, having a 
duration as in the first interval) 

Voice Inserts (10 dB below Group B. comprised as 
above) 

20-40 minutes: 

Signal Group C 

Signal Group D (10 dB below Group C. generated 
simultaneously with Group C, and compnsed of repli- 
cated EEG waveforms having dominant values in the 
lower delta range) 

Phased Pink Sound (10 dB below Group C. having a 
duration as in the first interval) 

Voice Inserts (20 dB below Group C. comprised as 
above) 40-65 minutes: 

Signal Group D 

Phased Pink Sound (10 dB below Group D. having a 
duration as in the first interval) 

Voice Inserts (20 dB below Group D, comprised as 
above) 65-30 minutes: 

Signal Group C 

Signal Group D (10 dB below Group C, generated 
sumultaneously with Group C) 

Phased Pink Sound (15 dB below Group C, having a 
duration as in the first interval) PY 


NO voice inserts 

80-90 minutes: 

Signal Group B 

Signal Group C (10 dB below B, generated simulta- 
nsousiy with Group B) 

Phased Pink Sound (15 dB below Group B, having a 
duration as in the first interval) 

NO voice inserts 

The foregoing sequence is repeated through the sleep 
psriod until the wakeup sequence, approximately five 
minutes before the set wake-up time: 

Signal Group AA (a wakeup Sequence, comprising 
replicated EEG waveforms having dominant values in 
the beta range, or alternatively a 400 Hz/416 Hz enve- 
lope yielding frequencies in the beta range) 

Voice inserts (10 dB below Group AA, comprised of 
short phrases such as “waking up”, “refreshed”, 
“bright”, and repeated at intervals) 

One variation of the foregoing embodiment is an 
alarm clock which, instead of sounding a loud alarm or 
other jarring noise at wake-up time, starts a gentle se- 
quence of signals some minutes before, to bring an indi- 
vidual up gently through the various levels of sleep to 
full wakefulness. A fade-in theta-alpha signal may be 
provided, followed by a stronger beta-gamma signal. 

FIGS. 6A to 63 show the effects of the just-described 
“sleep processor” embodiment. Column 1 shows distri- 
bution of delta frequencies; column 2 shows distribution 
of theta frequencies: and column 3 shows distribution of 
alpha frequencies. The top row of graphs is the actual 
pattern observed in the individual, and the bottom row 
is the baseline pattern. 

FIG. 6A corresponds to a normal waking state. Dom- 
inant alpha activity is shown in the occipital area of the 
brain. In FIG. 6B, pink noise has been applied, without 
any beat frequencies. A narrower focus of waking state 
is shown. 

In FIG. 6C, a signal sequence corresponding to Sig- 
nal Group A has been applied. Some gain in theta fre- 
quencies are seen, with rapid diffusion of alpha frequen- 
cies and movement toward the vertex of the head. In 
FIG. 6D, a signal sequence corresponding to Signal 
Group B has been applied. There is further diffusion of 
alpha frequencies, with some movement of delta and 
theta activity toward the pre-frontal cortex of the brain. 

In FIG. 6E, a signal sequence corresponding to Sig- 
nal Group C has been applied. There is rapid diffusion 
of alpha frequencies, and increased power of theta and 
delta frequencies. In FIG. 6F, a signal sequence corre- 
sponding to Signal Group D has been applied. Alpha 
frequencies are diffused further toward the pre-frontal 
cortex, and there is a marked increase in theta and delta 
frequencies. 

FIG. 6G, continuing application of Signal Group D 
frequencies, shows a marked increase m delta activity in 
the pre-frontal cortex, with a steady decrease in alpha 
activity at the vertex. In FIG. 6H, another binaural beat 
stimulation has been applied, and characteristics of 
stage 3 and 4 sleep may be observed. In FIG. 61, further 
evidence of the further binaural beat Stimulation is ob- 
served. Deita is the dominant frequency here. Alpha 
and theta activity has moved to the prefrontal cortex. 
Finally, FIG. 6J shows early awakening activity, with a 
diffusion of delta acuvity. 

FIG. 7 is a block diagram of hardware in accordance 
with another embodiment of the invention, having ap- 
plication to the work environment, or anywhere a con- 
stant source of noise is present, to allow workers, for 
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exampie, to maintain a desired state of awareness. The 
device may contain suitable digital signal processor 
circuitry, as in the preceding embodiment. One differ- 
ence is that the operation of the device is keyed to the 
presence of ambient noise, not to a given time duration 
or selected sleep period. 

The device of FIG. 7 includes a sound generator 200 
which, as just mentioned, may comprise a digital signal 
processor. The generator 200 outputs sound patterns via 
One or more speakers (left and right channel speakers 
210, 220 are shown). A sound level detector 230 detects 
the level of ambient noise in the room, and provides a 
signal to the sound generator 200, or activates a cut-off 
switch (not shown), to discontinue output of the sound 
generator 200 when the ambient noise level drops 
below a predetermined level. 

The sound level detector also preferably provides a 
signal to the sound generator 200 to boost the sound 
pattern output when the ambient noise level increases, 
so that the effect of the provision of the sound pattern is 
commensurate with the noise level in the room. Alter- 
natively, the user may simply adjust the volume manu- 
ally, using one or more knobs (not shown) on the sound 
generator 200. 

A timer 240 may be provided to control the duration 
of provision of the selected sound pattern, or even to 
change the sound pattern at different times of day by 
controlling a selector 250 which the user accesses to 
select a particular sound pattern to be output. The user 
may select a given sound pattern in the morning, and 
the timer 240 may change that pattern automatically, 
based on a need at different times of day for sound 
patterns providing different states of alertness. 

The sound pattern produced by the device of FIG. 7 
varies automatically in amplitude in accordance with 
changes in the ambient noise, and is discontinued when 
the noise stops. As a result, the sound remains unobtru- 
sive. Depending on the setting, the produced sound 
pattern can enhance wakefulness, promote relaxation 
(as, for example, in rest areas in the workplace), reduce 
anxiety and stress, or focus attention, among other char- 
acteristics. 

The basic system of FIG. 7 produces and inserts four 
different sound patterns which are selected manually so 
as to merge the output into the constant ambient noise. 
More sound patterns are possible, depending on the 
desired overall capabilities of the system. Various modi- 
fications are possible. For example, a programmable 
version may be provided, which changes the form of 
the sound patterns throughout a work day or night, in 
accordance with the responses desired. 

Selectability of patterns may be accomplished differ- 
ently in a model intended for use in conjunction with a 
computer system. The computer operator can input a 
selection. and may vary that selection as destred 
throughout the work day. 

FIG. 8A is a diagram of a portable embodiment of the 
invention, for use in providing a desired level of con- 
sciousness on an individualized basis. A signal generator 
300 preferably includes a digital Signal processor 310 
and a ROM 320 for storing predetermined Signals or 
sequences of signals which correspond to various de- 
sired states of awareness. The signal generator 300 may 
be a simple tone generator or pair of tone generators 
which provide outputs to speakers or headphones 330 
(such as button-sized headphones) to set up a binaural 
beat. Output of pink sound or phased pink sound by the 


generator 300 is desirable to facilitate defocusing of the 
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listener and consequent ability to concentrate on the 
sounds being produced. A selector 340 enables a user to 
instruct the signal generator 300 to output signals corre- 
sponding to the level of consciousness (e.g. focused 
concentration, relaxation, alertness) that a user desires. 

FIG. 8B shows a schematic of this embodiment, 
which the inventor calls a “Mood Minder”. This em- 
bodiment includes a selector for selecting one of four 
possible types of signals, corresponding to four respec- 
tive levels of awareness: awake and alert: concentration; 
attention; and relaxation. However, the invention is not 
so limited, as the generator 300 may be capable of pro- 
ducing other possible types of signals. Alternatively, 
pre-set patterns in the generator 300 may vary when 
specialized use is required. The key to this embodiment 
is its portability, enabling the user to carry the device 
everywhere. The device is battery-operated, and is 
small enough to fit in an upper coat pocket, for example. 

FIGS. 9A-9M show examples of prestored patterns 
produced by the generator 300, and of results achieved 
in use. FIG. 9A shows baseline brain waves, with rela- 
tive power output shown at the right for different fre- 
quencies. FIGS. 9B, 9E, 9H, and 9K show the stimulus 
frequencies produced for four different respective states 
of consciousness. FIGS. 9C, 9F, 91, and 9L show the 
stimulus waves corresponding to the superposition of 
the stimulus frequencies on the baseline wave. FIGS. 
9D, 9G, 9J, and 9M show the results achieved in use. As 
can be seen, the peak-to-peak amplitudes for the re- 
sponse brain waves correspond closely to those of the 
stimulus waves. : 

While the present invention has been described in 
detail with reference to preferred embodiments, various 
modifications within the scope and spirit of the inven- 
tica will be apparent to those of working skill in this 
technological field. Consequently, the invention should 
ve considered as limited only by the scope of the ap- 
pended claims. 

Whar is claimed is: 

1. A method of inducing desired states of conscious- 
hess in human beings, comprising the following steps: 

combining a plurality of replicated electroencephalo- 

gram (EEG) waveforms, each indicative of a par- 
ticular desired state of consciousness, to produce a 
combined EEG waveform: 

superimposing said combined EEG waveform on 

two separate sets of carrier waves using stereo 
sound; 

creating differential beat frequencies between said 

sets Of carrier waves based on said superimposing 
step; and 

providing the resulting signals in audio form to re- 

spective ears of a human being, to induce said state 
of consciousness. 

2. A method as claimed in claim 1. wherein said com- 
bining step comprises.mathematically averaging said 
EEG waveforms to produce said combined EEG wave- 
form. 

3. A method as claimed in claim 1, further comprising 
the step of repeating said combining, superimposing, 
and creating steps for each of a set of desired states of 
consciousness, and producing a cycle of sets of resulting 
audio signals, said providing step comprising providing 
said cycle of sets of resulting audio signals to respective 
ears of a human being, to induce each of said desired 
states Of consciousness in cyclic fashion. 

4. A method as claimed in claim 3, wherein said cycle 
corresponds to human sleep patterns, said desired states 
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of consciousness comprising wakefulness. alpha sleep. 
deita sleep, and theta sleep. 

5. A method as claimed in claim 3, wherein said cycle 
corresponds to human sleep patterns, said desired states 
of consciousness comprising alpha sleep, delta sleep. 
and theta sleep, said cycle being approximately 90 min- 
utes long. 

6. A method as claimed in claim 5, said method fur- 
ther comprising the steps of providing a plurality of 
repetitions of said cycle, followed by providing a set of 
audio signals containing a binaural beat at a frequency 
indicative of beta consciousness. 

7. A method as claimed in claim 1, wherein said creat- 
ing step includes the step of combining pink sound with 
said sets of carder waves by shifting of said pink sound 
with respect to said combined EEG waveform from 
One stereo audio channel to another, with cyclic 
changes in amplitude, frequency, and rate of panning. 

8. Apparatus for facilitating sleep in a human subject, 
comprising: 

means for setting a wake-up time to select a desired 

sleep duration; 

means for generating a first sequence of signals in a 

cycle corresponding to a human sleep pattern. 
frequencies of said signals in said first sequence 
being substantially equal to frequencies of human 
brain patterns at different levels of sleep; 

means for repeating said cycle a plurality of times 

based on the selected wake-up time; and 

means for waking up said human subject at the se- 

lected wake-up time. | 

9. Apparatus as claimed in claim 8, wherein said 
means for waking up said human subject comprises 
means for generating a second sequence of signals a 
predetermined time before the selected wake-up time. 
frequencies of said signals in said second sequence being 
substantially equal to frequencies of human brain pat- 
terms at or near an awakened state. 

10. Apparatus as claimed in claim 9, wherein said 
predetermined time is approximately five minutes. 

11. Apparatus as claimed in claim 8, wherein said first 
sequence of frequencies comprises, in order, alpha fre- 
quencies, theta frequencies, delta frequencies, and theta 
frequencies. 

12. Apparatus as claimed in claim 8, further compris- 
ing means for generating phased pink sound in conjunc- 
tion with said first sequence of frequencies. 

13. Apparatus as claimed in claim 8, wherein said first 
sequence of signals comprises 2 plurality of sets of com- 
bined brainwaves, each of said sets corresponding to a 
different level of sleep, said combined brainwaves 
within a given set being constituted by combined elec- 
troencephalogram (EEG) waveforms of a pluraiity of 
individuals, taken when said individuals had attained a 
different respective level of sleep. 

14. Apparatus as claimed in claim 13, wherein said 
EEG waveforms are mathematically averaged. 

15. Apparatus for awakening an individual using 
brain pattern entrainment, said apparatus compnsing: 

means for selecting a wake-up time; 

means for keeping time; and 

means, Operative a predetermined period before said 
wake-up time as determined by said means for 
keeping time, for producing a first sequence of 
signals having frequencies in the theta-alpha range. 
followed by a second sequence of signais taving 
frequencies in the beta-gamma range. Ss 
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16. Apparatus as claimed in claim 15, wherein said 
means for producing said first and second sequences of 
signals comprises means for producing said second se- 
quence of signals at a higher amplitude than said first 
sequence of signals. 

17. Apparatus as claimed in claim 15, wherein said 
first sequence of signals comprises a plurality of sets of 
combined brainwaves, each of said sets corresponding 
to a different level of consciousness, said combined 
brainwaves within a given set being constituted by com- 
bined electroencephalopgram (EEG) waveforms of a 
plurality of individuals, taken when said individuals had 
attained a different respective level of consciousness. 

18. Apparatus as claimed in claim 16, wherein said 
EEG waveforms are mathematically averaged. 

19. Apparatus for inducing a desired state of con- 
sciousness, said apparatus comprising: 

means for detecting presence of a predetermined 

level of ambient noise; 

means, responsive to said detecting means, for gener- 

ating signals having frequencies substantially equal 
to frequencies of human brain patterns when said 
ambient noise is present: and 

means for selecting said signals in accordance with 

desired human activity in said areas. 

20. Apparatus as claimed in claim 19, further compris- 
ing timer means, connected to said generating means, 
for generating said signals for a predetermined time set 
by said timer means. 

21. Apparatus as claimed in claim 19, wherein said 
umer means is connected to said selecting means to 
enable selection of different ones of said signals in ac- 
cordance with desired human activity at different times 
of day. 

22. Apparatus as claimed in claim 19, wherein said 
generating means comprises means, responsive to said 
detecting means, for increasing an amplitude of said 
signals in response to an increase in amplitude of said 
ambient noise, and for decreasing an amplitude of said 


20 


35 


45 


30 


de 


65 


12 


signals in response to a decrease in amplitude of said 
ambient noise. 

23. Apparatus as claimed in claim 22. wherein said 
generating means further comprises means for discon- 
Ainving said signals when said ambient noise falls below 
said predetermined level. 

24. Apparatus as claimed in claim 19, wherein said 
generating means compnises a digital signal processor 
and a read-only memory (ROM) connected to said digi- 
tal signal processor, said ROM storing a plurality of sets 
of signals, each of said sets of signals having frequencies 
substantially equal to human brain patterns at a desired 
State of consciousness. 

25. Apparatus as claimed in claim 24, wherein each of 
said sets of signals comprises a plurality of sets of com- 
bined brainwaves, each of said sets corresponding to a 
different level of consciousness, said combined brain- 
waves within a given set being constituted by combined 
electroencephalogram (EEG) waveforms of a plurality 
of individuals, taken when said individuals had attained 
a different respective state of consciousness. 

26. Apparatus as claimed in claim 25, wherein said 
EEG waveforms are mathematically averaged. 

27. Apparatus for awakening an individual using 
brain pattern entrainment, said apparatus comprising: 

means for selecting a wake-up time; and 

means, Operative a predetermined period before said 

wake-up time, for producing a first sequence of 
signals having frequencies in a first predetermined 
range corresponding to a first state of conscious- 
ness, followed by a second sequence of signals 
having frequencies in a second predetermined 
range corresponding to 2 second state of conscious- 
ness, l 

28. Apparatus as claimed in claim 27. wherein said 
first predetermined range is the theta-alpha range, ana 
said second predetermined range is the beta-gamma 
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TECHNOLOGY TO BOGGLE YOUR MIND... 


his is a listing of various 

technologies available which can 
be combined for use in direct or 
subliminal mind-control systems. 
Please note that these are mainly 
private inventions intended for 
positive uses, but could be applied for 
negative purposes as well. 


e Silent Subliminal Presentation System, 
US Patent 5,159,703, Oliver Lowery, 


October 27, 1992. A silent 
communications system in which non- 
aural carriers in the very low or very high 
audio-frequency range, or in the adjacent 
ultrasonic frequency spectrum, are 
amplitude-modulated with the desired 
intelligence and propagated acoustically or 
vibrationally for inducement into the brain. 
e Hearing System, US Patent 44,877,027, 
Wayne Brunkan, October 31, 1989. A 
method for directly inducing sound into the 
head of a person, using microwaves in the 
range of 100 MHz to 10,000 MHz, 
modulated with a waveform of frequency- 
modulated bursts. 

* Psyvcho-Acoustic Projector, US Patent 
#3,568,347, Andrew Flanders, February 
23, 1971. A system for producing aural 
psychological disturbances and partial 
deafness in the enemy during combat 
situations. 

* Noise Generator and Transmitter, US 
Patent 44,034,741, Guy Adams and Jess 
Carden, Jr, July 12, 1977. An analgesic 
noise-generator. 

e Method and System for Altering 
Consciousness, US Patent 45,123,899, 
James Gall, June 23, 1992. A system for 
altering the states of human consciousness 
involving the use of simultaneous 
application of multiple stimuli, preferably 
sounds, having differing frequencies. 

e Subliminal Message Generator, US 
Patent #5,270,800, Robert Sweet, 
December 14, 1993. A combined 
subliminal and supraliminal message 
generator for use with a television receiver; 
permits complete control of subliminal 
messages and their presentation. Also 
applicable to cable television and 
computers. 

« Superimposing Method and Apparatus 
Useful for Subliminal Messages, US Patent 
5,134,484, Joseph Wilson, July 28, 1992. 
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US Patent 44,717,343, Alan Densky, 
January 5, 1988. A method of conditioning 
a person's unconscious mind in order to 
effect desired change in the person's 
behaviour, and which does not require the 
services of a trained therapist. 

e Auditory Subliminal Message System and 
Method, US Patent 4,395,600, Rene 
Lundy and David Tyler, July 26, 1983. An 
amplitude-controlled subliminal message 
may be mixed with background music. 

e Auditory Subliminal Programming 
System, US Patent 14,777,529, Richard 
Schultz and Raymond Dolejs, October 11, 
1988. 

* Apparatus for Inducing Frequency 


Reduction in Brain Wave, US Patent 
#4,834,701, Kazumi Masaki, May 30, 


1989, 


* Ultrasonic Speech Translator and 


Communication System, US Patent 
#5,539,705, M. A. Akerman, Curtis Ayers, 


Howard Haynes, July 23, 1996. A wireless 
communication system, undetectable by 
radio-frequency methods, for converting 
audio signals, including human voice, to 
electronic signals in the ultrasonic 
frequency range, transmitting the ultrasonic 
signal by way of acoustic pressure waves 
across a carrier medium, including gases, 
liquids and solids, and reconverting the 
ultrasonic acoustic pressure waves back to 
the original audio signal. This invention 
was made with government support under 
Contract DE-ACO5-840R21400, awarded 
by the US Department of Energy to Martin 
Marietta Energy Systems, Inc. 

* Non-Audible Speech Generation Method 
and Apparatus, US Patent 4,821,326, 
Norman MacLeod, April 11, 1989. 

e Apparatus for Electrophysiological 
Stimulation, US Patent 44,227,516, Bruce 
Meland and Bernard Gindes, October 14, 
1980. 


e Method and Recording for Producing 
Sounds and Messages to Achieve Alpha 


and Theta Brainwave States and Positive 
Emotional States in Humans, US Patent 
#5,352,181, Mark Davis, October 4, 1994, 
e Method and Apparatus for Translating 
the EEG into Music to Induce and Control 
Various Psychological and Physiological 
States and to Control a Musica! Instrument, 
US Patent #4,883,067, Knispel et. al., 
November 28, 1989. 


¢ Method of and Apparatus for Inducin 


Desired States of Consciousness, US Patent 
#5,356,368, Robert Monroe, October 18, 


1994. Improved methods and apparatus 
for entraining human brain patterns, 
employing frequency-following-response 
(FFR) techniques and facilitating attainment 


mf J_-.*.. J 


e Method of Inducing Mental, Emotional: 
and Physical States of Consciousness, : 
including Specific Mental Activity, in: 
Human Beings, US Patent #5,213,562,: 
Robert Monroe, May 25, 1993. 
* Device for the Induction of Specific Brain: 
Wave Patterns, US Patent #4,335,710, John: 
Williamson, June 22, 1982. Brainwave: 
patterns associated with relaxed and: 
meditative states in a subject are gradually: 
induced without deleterious chemical or: 
neurologic side effects. 


e Method and Apparatus for Repetitively: 


Producing a Noise-like Audible Signal, US: 
Patent #4,191,175, William Nagle, March: 


4, 1980. 


e Apparatus for the Treatment of: 


Neuropsychic_and Somatic Diseases with: 
Heat, Light, Sound and VHF: 


Electromagnetic Radiation, US Patent: 
#3,773,049, L. Y. Rabichev, V. F. Vasiliev, : 
A. S. Putilin, T. G. llina, P. V. Raku and: 
L. P. Kernitsky, November 20, 1973. Don't: 
let the nice title fool you. This is the patent: 
for LIDA, the infamous Soviet brainwashing: 
machine, : 


e Non-Invasive Method and Apparatus for: 
Modulating Brain Signals through an: 


External Magnetic or Electric Field to: 
Reduce Pain, US Patent #4,889,526,: 
Elizabeth Rauscher and William Van Bise, : 
December 26, 1989. E 
e Nervous System Excitation Device, US: 
Patent 13,393,279, Gillis Patrick Flanagan, : 
July 16, 1968. A method of transmitting: 
audio information via a radiofrequency: 
signal modulated with the audio info: 
through electrodes placed on the subject's: 
skin, causing the sensation of hearing the: 
audio information in the brain. : 
+ Method and System for Simplifying: 
Speech Waveforms, US Patent 13,647,970, : 
G. Patrick Flanagan, March 7, 1972. A: 
complex speech waveform is simplified so: 
that it can be transmitted directly through: 
earth or water as a waveform and: 
understood directly or after amplification. : 
e Means for Aiding Hearing, US Patent: 
#2,995,633, Henry Puharich and Joseph: 
Lawrence, August 8, 1961. Means for: 
converting audible signals to electrical: 
signals and conveying them to viable: 
nerves of the facial system. - 
e Means for Aiding Hearing by Electrical : 


Stimu:..:on of the Facial Nerve System, US: 
Patent #3,170,993, Henry Puharich,: 
February 23, 1965. : 
e Hearing Device, US Patent #4,858,612, : 
Philip Stocklin, August 22, 1989. A: 
method and apparatus for simulation of: 
hearing in mammals by introduction of a: 
plurality of microwaves into the regions of: 
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The control of the Drain current by a negative Gate potential makes the Junction Field Effect Transistor useful as 
a switch and it is essential that the Gate voltage is never positive for an N-channel JFET as the channel current will 
flow to the Gate and not the Drain resulting in damage to the JFET. The principals of operation for a P-channel JFET 
are the same as for the N-channel JFET, except that the polarity of the voltages need to be reversed. 


7.6 THE MOSFET 


As well as the Junction Field Effect Transistor (JFET), there is another type of Field Effect Transistor available 
whose Gate input is electrically insulated from the main current carrying channel and is therefore called an 
Insulated Gate Field Effect Transistor or IGFET. The most common type of insulated gate FET which is used in 
many different types of electronic circuits is called the Metal Oxide Semiconductor Field Effect Transistor or 
MOSFET for short. 


The IGFET or MOSFET is a voltage controlled field effect transistor that 
differs from a JFET in that it has a "Metal Oxide" Gate electrode which is MOSFET's are voltage 


electrically insulated from the main semiconductor N-channel or P- controlled devices which have 
channel by a thin layer of insulating material. This insulated metal gate insulated gates resulting in 
electrode can be thought of as one plate of a capacitor. The isolation of an input impedance many 


the controlling Gate makes the input resistance of the MOSFET extremely | times higher than a JFET. 
high in the Mega-ohms region. 


As the Gate terminal is isolated from the main current carrying channel "NO current flows into the gate" and just like 
the JFET, the MOSFET also acts like a voltage controlled resistor were the current flowing through the main channel 
between the Drain and Source is proportional to the input voltage. 


Like the previous JFET, MOSFETs are three terminal devices with a Gate, Drain and Source and both P-channel 
(PMOS) and N-channel (NMOS) MOSFETs are available. The main difference this time is that MOSFETs are 
available in two basic forms: 


1. Depletion Type (Normally ON) - the transistor requires the Gate-Source voltage, ( Ves ) to switch the device 
"OFF". The depletion mode MOSFET is equivalent to a "Normally Closed" switch. 


2. Enhancement Type (Normally OFF) - the transistor requires a Gate-Source voltage, ( Vas ) to switch the device 
"ON". The enhancement mode MOSFET is equivalent to a "Normally Open" switch. 
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6 | Introduction 


COLLECTING ROCKS AND MINERALS 


ROCKS AND MINERALS are afundamental and some time spent cataloging and 

part of the Earth's crust. Collecting and displaying finds. As your collection grows, 
studying them can be both a rewarding you can exchange material with other 

and an absorbing hobby. This can involve collectors and purchase rare or exceptional 
traveling to exciting places, a lot of research, specimens from mineral dealers. 


A COLLECTING TRIP can take you to a 
site a mile away orto the other side of 
the world. Wherever your exact 
destination is, you may find rock faces 
and surfaces in sea or river cliffs or in 
man-made exposures such as quarries, 
road or rail cuttings, and artificial 
drainage channels. Seek permission to 
collect on private land, and remember 
to take specimens in moderation. 
Always treat natural exposures with care, 
and don't quarry away natural rock faces. 
Collectors can also be conservationists. 


FIELD SPECIMENS 

You may come to explore an area where, millions of 
years ago, hot fluids—possibly associated with molten 
magma beneath the Earth's surface—have deposited 
minerals in overlying strata. In such an area, you can 
find many different specimens: rocks like granite and 
limestone and minerals such as fluorite may all occur 
within a short distance of each other. 


Seaside cliff exposure 

Search the shore below the cliffs for rocks and minerals. 
The spoil heaps of abandoned mines, as on the cliff top 
here, are an excellent area to hunt for minerals. 


crinoidal limestone can granite is often found Fluorite can be found 
occur on limestone cliffs in disused quarries on old mine spoil heaps 


Crinoidal limestone Granite Crystalline fluorite 


GEOLOGICAL MAPS 
Geological maps show the surface distribution of 


rocks, their age relationships, and structural features. 


The colored patterns of a geological map represent 
individual rock types. Geological maps also give 
information about how the rocks behave below 
the ground. Dip arrows provide clues to predict the 
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structure, indicating the angle that a rock bed makes 
with the horizontal. Interpreting a geological map is a 
matter of experience and common sense. For instance, 
note that the mineral veins shown below occur near a 
metamorphic contact zone. Geological maps are 
obtainable from specialty map and museum stores. 


N 
SS 


Y 
CY 
tty 
OZ 


YZ he, 


In metamorphic 
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metaquartzite 
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FIELD EQUIPMENT 


IT IS BEST TO do some homework When working below a high cliff 
before a field trip, checking locality or quarry face, a hard hat is a must. 
reference material, such as guide Goggles will shield your eyes from 
books and detailed maps. Geological chips of rock flying off during 

maps are a great asset (see page 7), hammering to break up fallen blocks 
but, because overprinted colors of material, and strong gloves will 

may obscure features like roads and protect your hands. Several hardened 
quarries, a large-scale map (either steel chisels are handy for extracting 
a physical copy or one downloaded minerals and for splitting rocks. Written 
to a smartphone) may be needed to notes, photographs, or videos showing 
pinpoint the actual site. A compass the location of specimens should be 
will be helpful for areas where there taken. Without field notes, especially 
are few topographic features on the of a location, specimens are of little 
ground. Protective clothing is essential. scientific value. 


Locating the site 

Satellite navigation can pinpoint locations. 
A compass will help find a site when there 
are few landmarks for reference. 


protective 
map-reading goggles 
compass for accurately 
determining direction 
strong gloves 


detailed large-scale 
maps on mobile 
applications 
help establish 
locations 


Field safety 

A hard hat, protective goggles, and strong 
gloves are essential safety gear; even a small 
falling rock fragment can cause serious injury. 


hard hat to 
protect skull 
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Recording specimens 
Mineral or rock specimens 

are of little scientific interest 
without a detailed record 

of the location. It is important 

to record details on site, not 

after returning home. Notes 

and sketches should be made 

in a small notebook and pictures 
taken of the strata, rock structures, 
and geological location. A camera 
or a smartphone can be used to 
make an audiovisual record. 


pencil 


ballpoint 
pen 


notepad camera 


Hand lens 

A 10x hand lens provides much better detail of 
rock and mineral specimens, making on-the-spot 
identification easier. 


Prying out and packing 
A geological hammer should only be used to break up rocks that are newspaper cloth bag to pack 
already on the ground and not for quarrying exposures. Specimens for wrapping specimens 

must only be collected in moderation and safely wrapped in 
newspaper, cloth, or “bubble wrap,” with each clearly labeled. 


geological hammer for 
breaking up fallen rocks 


multipurpose knife 
to test hardness 


(see p.11) ~ i 
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HOME KIT 


YOU HAVE COLLECTED your specimens 
and brought them home. Now you 
should prepare them carefully for 
identification, then for display or 
storage. Your home kit must have the 
essential identification equipment shown 
here. Many specimens will have soil and/ 
or rock matrix stuck to them, which you 
will have to clean off. Use a soft brush to 
remove very loose soil and other rock 
debris. Avoid hammering at specimens 
with heavy or sharp tools unless you 
want to reveal fresh surfaces. Hold 

the specimens in your hand while you 
brush away the loose material—a vise 

or metal clamp may cause damage. 


Scraping and prying tools 
Clean off loose debris from specimens with sharp metal 


implements. A pointed tool like a bradawl is useful for prying 
debris off, but take great care not to damage the underlying 
material. This is a preliminary stage of specimen preparation. 


fresh specimen 
on facial tissue 


bradawl 


fine, 
pointed 


scraper spatula 


fine dust blower 


If you are preparing a hard rock 
specimen, such as granite or gneiss, 
you can do very little damage even with 
a fairly coarse brush and running water. 
For delicate minerals, such as calcite 
crystals, use distilled water (which 
doesn't contain reactive chemical 
additives) and a very fine brush. For 
minerals that dissolve in water, such 

as halite, use other liquids. Alcohol can 
be used to clean nitrates, sulfates, and 
borates, and weak hydrochloric acid is 
a good cleaner for silicates but will 
dissolve carbonates. Soaking silicates 
overnight in weak acid will remove 
coatings of carbonate debris. 


Cleaning brushes 

You can clean rocks and minerals using brushes 
of various sizes—from a soft paintbrush to a 
nail brush—depending on the fragility of the 
specimen. A soft sable brush is best for removal 
of tiny sediment grains from minerals, while a 
nail brush is best restricted to hard rocks, such 
as gneiss or gabbro, which it cant damage. 


| dusting tooth 


brush brush brush 


pointed scraper 


Mien 
tweezers 

nail 
brush 
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Cleaning liquids 
Use distilled water, if possible, for cleaning, MINERAL TESTS 


because tap water contains various chemicals 
that may react with minerals. Dilute At home, basic chemistry tests are a good way 
of establishing a mineral's identity. Dilute acids 
will give consistent reactions on a given 
mineral—for example, carbonates effervesce in 
dilute hydrochloric acid. Always wear gloves 


hydrochloric acid will dissolve carbonate 
material. This acid is safe to use. 


when working with acids. A controlled flame is 
another test. Place a specimen on a charcoal 
block and concentrate a Bunsen flame onto it, 

distilled water using a blowpipe. The mineral may color the 
flame, indicating chemical composition, or it 
may fuse—forming a small, globular, beadlike 
mass—or give off odors. 


soft facial tissue for 


weak absorbing cleaning liquids 


hydrochloric 
acid 


porcelain streak 


plate or tile 10x hand lens 


for identifying 
specimens 


Identification aids 

A streak plate, hardness-testing 
tools, and hand lens are all 
indispensable identification aids. 
The properties of hardness and 
streak are explained on 

pages 25 and 26 respectively. 


Hardness testing 


If you scratch a mineral with everyday objects copper glass indicates quartz indicates 
in sequence—say, a coin followed by a knife, coin indicates hardness 6 hardness 7 
followed by a piece of glass or quartz—you hardness 3°/2 


can determine the mineral's hardness. 
hardness 


testing kit 


specimen on 
“bubble wrap” 


knife blade indicates 
hardness 5Y 


m A hardness points of 
picks (usually rated 
from 3 to 10) 
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ORGANIZING YOUR COLLECTION 


A COLLECTION OF ROCKS and minerals is 


of no scientific value unless it is sensibly 
curated. Once you have collected and 
cleaned your specimens, they have to 
be organized for storage and display, 

as well as cataloged and labeled. You'll 
probably want to display the more 
attractive specimens and those which 
are fairly robust. These can be stored in 
a glass-fronted cabinet to prevent dust 
from collecting in the hollows and 
cavities. Keep delicate specimens in 
individual card trays or boxes, slightly 
larger than the specimens themselves, in 
the drawers of a cabinet. Put a data card 
in the base of each specimen tray, with 
the specimen's name, location, date of 
collection, and catalog number. Enter 


each specimen in your catalog—this 

can be an index card or home computer- 
based system. Number the catalog entries 
to correspond with the numbers on the 
cards in the specimen trays. There will 
also be room for more detailed 
information in the catalog than on the 
specimen tray. Write or key in any map 
references and any local geology, such as 
other minerals or rocks at that location. 
Also include details of the rock structure 
and any large-scale formation and field 
features you saw there—perhaps a 
mineral vein and the rock in which the 
vein was running—along with important 
identifying features, which you can 
cross-reference with in the relevant rock 
or mineral entry in this book. 


aig iii Notes and records USB flash 
is manim onns ; : dri < 
eb s Transfer field notes to an index card rive > 
= or a computer. Put a small patch of 


notepad and 


Index card 


A catalog on an index 
card is inexpensive, 
reliable, and quick to 
use. Enter the specimens 
alphabetically. There is 
space to transcribe field 
notes and even copy 
location sketches. 


correcting fluid or white paint on each 
specimen (in an unimportant area) 
and write a catalog number on this. 


Computer records 


ballpoint pen pp 13 A computer-based 
f system is a very 
| convenient way to store, 
correcting mark for add, and amend data. 
fluid numbering 


index card box 


cards for cataloging 


Basic Electronics Tutorials 


MOSFET Configurations 


MOSFET Channel 
Construction 


O Sub 


S 
N-channel MOSFET P-channel MOSFET 

Drain Drain 

Substrate Substrate 
Gate | Gate | 
| | 
ua Enhancement Type Ue 
Drain Drain 

Substrate Substrate 
Gate | Gate | 
| | 
Source Depletion Type Source 


One of the main disadvantages of MOSFET devices is their very high input impedance making them extremely 
sensitive to electrostatic discharge (ESD) on the gate terminal. The metal oxide insulating layer around the gate 
terminal is extremely thin and can be easily punctured by static so be careful when handling MOSFET devices. 


8.0 OPERATIONAL AMPLIFIERS 


Operational Amplifiers, or "Op-amps" as they are more commonly called, are linear devices that have all the 
properties required for nearly ideal DC amplification and are therefore used extensively in signal conditioning, 
filtering or to perform mathematical operations (hence their name "operational") such as add, subtract, integration 
and differentiation. 


An ideal Operational Amplifier is basically a three-terminal device which consists of two high impedance inputs, 
one is called the Inverting Input, marked with a negative or "minus" sign, ( - ) and the other one is called the Non- 
inverting Input, marked with a positive or "plus" sign ( +). A voltage level applied to only one of these inputs will be 
amplified if the second input is grounded or held at some fixed voltage level. 


For more information visit our website at: www.electronics-tutorials.ws 
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Storing your specimens 
House your rocks and minerals 
in card trays within a drawer. You 
can easily make the trays at home, 
to fit the drawer and the specimens, 
or buy them from a specialty 
supplier. Pack the more delicate 
items with facial tissue to prevent 
them from moving or rubbing 
against each other. Small, plastic, 
transparent-topped boxes are also 
useful for storage. 


tissue-lined 
cardboard 
trays 


specimen labels 
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HOW THIS BOOK WORKS 


THE BOOK IS ARRANGED in two 

parts: minerals, followed by rocks. The 
minerals, pages 46-179, are organized 
into eight main chemical groups (see 
pages 20-21 for an explanation). The 
mineral groups with the simplest 
chemistry come first and are followed 
by the more complex varieties. Each 
separate group has a short introduction 


describing its general characteristics. 
The entries that follow give detailed 
information about the minerals found 
in the groups. The annotated example 
below shows how a typical entry is 
organized. The rocks, pages 180-249, 
are set out in the three large recognized 
classes (see pages 30-31). Typical 
annotated entries are shown opposite. 


MINERALS 


chemical formula 
of the mineral 


hardness of mineral, rated 
on Mohs standard scale 


chemical group to which 
the mineral belongs 


Group: SILICATES Composition: BezAl2SisO18 Hardness: 71/-8 


standard name 
of the mineral 


transparent 


This mineral occurs as prismatic crystals, which P R 
are sometimes terminated with small pyramids. fs Y prismatic 
The crystals are often striated parallel to their f crystal 
length and may be of vast size; specimens up Es specimen shown 

main text to 18 feet (5.5 m) long have been recorded. y is hand-size 

d Es Beryl also forms in massive, compact, and 

each columnar habits. The color varies greatly J 
mineral's and gives rise to named varieties. lt may 4 
ide ntifyi ng be colorless, white, green (emerald), 
features yellow (heliodor), pink (morganite), red, 
Saty and blue (aquamarine). The streak is 
white. Beryl is transparent to translucent, 
with a vitreous luster. 
how the mineral FORMATION Forms in pegmatites and granites 
formed and in some regionally metamorphosed rocks. 
TESTS It fuses with difficulty, rounding the 
edges of small fragments. : 
chemical tests os bid a vitreous luster 
to confirm 
A ope A ma erfect 
identification M En o ' i to help 
crystal 7 N identification, 


different varieties 
of the mineral 
are shown 


Aquamarine : 
name and visual 


outline of crystal 
system 


transparent 
to translucent 


Trigonal/ 
Hexagonal 


Emerald 


translucent 


annotation 
highlights 
mineral’s main 
identifying 
features 


vitreous 
luster 


SG: 2.63-2.92 Cleavage: Indistinct Fracture: Uneven to conchoidal 


specific gravity 


Heliodor Morganite 


how a mineral breaks 
along planes of weakness 


type of break where an 
irregular surface is left 


IGNEOUS ROCKS 


classification of the rock 


rock’s mineral 
content 


description of 
grains 


rock-forming 
environment 


chemical composition: 
felsic, intermediate, 
mafic, ultramafic 


Introduction 


whether formed on the 
surface (extrusive) or below 
the surface (intrusive) 


Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral, Euhedral 
Spilite pale green 


amygdales set in 
A mafic rock with a silica content 


crystal shape: euhedral 
is well formed, anhedral is 
poorly formed 


size of grains in 
the rock 


fine-grained matrix 

specimens 
shown are 
hand-size: large 
enough to see 
details to help 
identify the rock 


averaging 40 percent, spilite occurs as 

pillow lavas. A distinctive feature of this rock 

is that the plagioclase feldspar is albite (Na-rich). 
The pyroxene content in spilite is often altered 


to chlorite, although augite sometimes remains. 


TEXTURE A fine-grained rock with infilled 
gas-bubble cavities. These amygdales are often 
visible, set in the rock matrix. 

ORIGIN Found in underwater lava flows and 
in pillow lava formed on the ocean floor. 


Classification: Mafic Color: Dark 


description of color: 
light, medium, dark 


igneous environment 
in which the rock 
was formed 


METAMORPHIC ROCKS 


degree of pressure during 
rock-forming processes 


SEDIMENTARY 


ROCKS 


type of rock, 
determined by 
origin of grains 


type of 
metamorphism 


Group: METAMORPHIC Origin: Contact aureoles Grain size: Fine Classification: Contact e—— 


chiastolite 
crystal 


Chiastolite hornfels 


A gray or brownish rock, this hornfels contains minerals 
such as quartz and mica, with andalusite and cordierite. 
The thin-bladed crystals that are clearly seen in the 
matrix are of chiastolite, a variety of andalusite. 


TEXTURE This rock consists of fine-grained crystals 
of even size. Porphyroblasts of andalusite occur 

as inclusions of chiastolite, which are cross-shaped 
in section. 

ORIGIN Forms close to the igneous intrusion that 


provides the heat for metamorphism. bladed 


chiastolite 


Pressure: High Temperature: Moderate to high Structure: Crystalline 


type of 
structure, if any 


general guide to temperature 
conditions of metamorphism 
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Crinoidal limestone 


This rock is essentially formed of calcite as fine 
or larger crystals. These may have been derived 
from animal skeletons such as crinoid plates. 
Ossicles of crinoid stems are conspicuous 
ingredients of this rock. 


pale grayish-pink 
rock with a lot of 
fragmented calcite 


specimen shown 
as it would be 
seen in the field, 
but carefully 


TEXTURE The large fragments in the rock are 
the broken stems of crinoids. These may be long, 
cylindrical pieces, as well as single, rounded 
ossicles. They are bound in a matrix of massive 
calcite, with a calcite cement. 


ORIGIN This limestone is formed in marine and thoroughly 
eee i an from noe cleaned to 

a group of sea-dwelling creatures related to : z : 
starfish and sea urchins. Crinoids' presence in highlight visual 
coral limestone suggests that they inhabited properties 


shallow marine environments. Crinoids 

are not the only fossils that are commonly 
found in crinoidal limestone—it can be rich 
in brachiopods, mollusks, and corals. 


broken 
crinoid stem 


Classification: Organic Fossils: Invertebrates Grain shape: Angular, Rounded 


broad indication of type of fossils that rock may contain 


description of 
grain shape 
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MINERAL OR ROCK? 


ROCKS ARE aggregates of minerals— copper are metallic native elements. 
usually several, but sometimes only Feldspars, pyroxenes, amphiboles, 
one or two. Similarly, minerals are either and micas are rock-forming silicates— 
free, uncombined native elements, or compounds in which metallic elements 
elemental compounds. Gold, silver, and combine with linked silicon and oxygen. 
bubbles of 
WHAT IS A MINERAL? carbon dioxide 
With a few notable exceptions (mercury), minerals DE eae 


are solid, inorganic elements or elemental compounds. 
They have definite atomic structures and chemical 
compositions which vary within fixed limits. Each 
and every quartz crystal, whether crystallized in a 
sandstone vein, or in volcanic lava, possesses the 
same chemical and physical properties. 


calcite always 
effervesces with cold, 
dilute hydrochloric acid 


crystal face 


Chemical property 
Every mineral has a definite composition which 
varies within fixed limits. 


Physical property 
All specimens of the same mineral will have a 
similar atomic structure. 


> we 
ns A 


Cleaved calcite rhombs 


Natural occurrence 
Minerals often crystallize 
from fluids associated with 
volcanic lava (left). Crusts 

of minerals may also form 
around the volcano's vent. 
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alkali feldspar plagioclase feldspar 


WHAT IS A ROCK? 

Rocks are the essential components 
of our planet. They are classified into 
three major groups, determined by 
how the rocks were formed: igneous, 
metamorphic, and sedimentary (see 
pages 30-31). Rocks are aggregates 

of many different mineral grains, which 
are fused, cemented, or otherwise 
held together. 


Rock: a mineral aggregate 
Granite is a rock composed essentially of three 
minerals: quartz, alkali feldspar, and plagioclase 
feldspar. Their crystals interlock as a result of 
crystallization during the cooling of molten 
magma. The quartz is gray with a glassy luster, 
the alkali feldspar is sometimes a light pink- 
reddish color, and the plagioclase feldspar is 
often a light color. Both feldspars are often 

in prismatic crystals. 


Quartz Feldspar Mica 

A common mineral in Two types of feldspar occur Forming as small glittery crystals 
granite, quartz is light-colored in granite, often as very in granite, mica can be both dark 
and hard. well-formed crystals. biotite and light muscovite. 


plagioclase 
feldspar quartz 
mica 
Microscopic close-up 
This granite is shown at about 
x30 magnification. Notice how feldspar 


the crystals making up the 
rock are interlocked. 
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MINERAL FORMATION 


THE EARTH'S CRUST is made of rocks, 
which themselves are aggregates of 
minerals. Many fine mineral specimens 
occur in hydrothermal veins, fractures 
in the Earth's crust through which very 
hot fluids circulate. These fluids contain 
the elements from which many minerals 
form. Mineral specimens also occur 

in igneous rocks, crystallizing directly 
from cooling magma (molten rock 


MINERAL VEINS 

These are sheetlike areas of minerals 
that often cut through existing rock 
structures. Originally, they may have 
been faults, where rocks were broken 
and one rock mass moved in relation 

to another, or joints, where fractures 
occurred without movement. In the vein, 
there can be a complete mineral filling 
or crystallization around rock fragments. 


beneath the Earth's surface) or lava 
(molten rock ejected at the Earth's 
surface). Various minerals form in 
metamorphic rocks when preexisting 
rocks are recrystallized. In some 
sedimentary rocks, such as limestones, 
evaporites, and ironstones, minerals 
crystallize from low-temperature 
solutions, often very near the surface 
of the Earth. 


typical mineral from 
a hydrothermal vein 


common vein 
mineral formed 
from hot chemical 
solutions beneath 
the Earth's crust 


Milky quartz 


Quartz vein 

A vein of white milky quartz cutting 
through dark slates. Originally formed 
at great depth, this has been exposed 
by both weathering and erosion. 


Introduction 


IGNEOUS ROCKS 
Minerals develop in igneous rocks (see page 32) 
when molten magma solidifies. The densest minerals, 
ferromagnesian silicates like olivine and pyroxene, 
form at the highest temperatures, whereas less 
dense minerals, such as feldspar and quartz, occur 
later in the cooling sequence. Minerals forming 

in molten rock often grow unrestricted and can 

have a fine crystal form. 


silicate mineral commonly 
found in many igneous rocks 


Granite exposure 

An exposure of the igneous rock granite, 
showing large feldspar crystals set in the 
rock groundmass (above). 


Orthoclase feldspar almandine, a garnet commonly 
found in metamorphic rocks 


METAMORPHIC ROCKS 

A range of minerals, including 
garnet, mica, and kyanite, develop 
in metamorphic rocks (see page 
34). Temperature and pressure 
may rearrange chemicals in 

the existing rocks to create new 
minerals, or chemically potent 
fluids circulating through the 

rock may add extra elements. 


Garnet 

EN 

shiny mineral found in 
many metamorphic 

rocks, especially schist 


Muscovite mica 


Schist outcrop 

Schist forms where rocks 
have been folded deep in 
the Earth's crust due to 
intense pressures (left). 
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MINERAL COMPOSITION 


MINERALS ARE free, uncombined fluorine (F) atoms. The subscripted 
elements or elemental compounds. number (2) shows there are twice as 
Their compositions are given as many fluorine atoms as there are of 
chemical formulae. The formula calcium. Minerals are arranged into 
for fluorite is CaF2. This indicates that groups according to their chemical 


calcium (Ca) atoms have combined with composition and their crystal structure. 


NATIVE ELEMENTS HALIDES 

These are free, uncombined elements. This relatively All minerals in this group contain one 
small group consists of around 50 members, some of of the halogens: fluorine, chlorine, 
which (such as gold, silver) are commercially valuable. bromine, or iodine. Atoms of these 


elements combine with metallic atoms 
to form minerals such as halite (sodium 
and chlorine) or fluorite (calcium and 
fluorine). This is a small group of 
minerals, with around 
100 members in all. 


Silver Halite 


Sulfur 


SULFIDES 

A common group of over 300 
minerals, sulfides are chemical 
compounds in which sulfur 
has combined with metallic 
and semimetallic elements. 
Pyrite and realgar are examples 
of this group. 


Realgar 


OXIDES AND HYDROXIDES 
This group has over 250 minerals. 
Oxides are compounds in which 
one or two metallic elements 
combine with oxygen. A metallic 
element combining with water and 
hydroxyl forms a hydroxide. 


Hematite Opal 
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CARBONATES 
A group of some 200 minerals, CHEMICAL ELEMENTS 


carbonates are compounds 


. , SYMBOL NAME SYMBOL NAME 
in which one or more metallic n 
| : th th Ac Actinium Manganese 
elements combine with the Ag Silver Molybdenum 
(CO3) * carbonate radical. Al Aluminum itrogen 
Calcite, the most common An Amaci paum 
Ar Argon iobium 
carbonate, forms when As Arsenic Neodymium 
calcium combines with At Astatine eon 
f Au Gold j Nickel 
the carbonate radical. B On mene 
Ba Barium Neptinium 
Be Beryllium Oxygen 
Bi Bismuth Osmium 
Bk Berkelium Phosphorus 
Br Bromine Protactinium 
E Carbon Lead 
Ca Calcium Palladium 
Cd Cadmium Promathium 
7 Ce Cerium Polonium 
Calcite Cf Californium Praseodymium 
Cl Chlorine Platinum 
Cm Curium Plutonium 
Co Cobalt Radium 
SULFATES Cr Chromium Rubidium 
; ; Cs Cesium Rhenium 
These are compounds in which one or Cú Copper Rhodium 


more metallic elements combine with Dy Dysprosium Radon 


- ; Er Erbium Sulfur 
the sulfate (S03) * radical. Es Einsteinium Antimony 


Fluorine Scandium 
Iron Selenium 
Fermium | Silicon 
Francium Samarium 
Gallium Tin 
Gadolinium Strontium 
Germanium Tantalum 
Hydrogen Terbium 
Helium T Technetium 
Hafinium Tellurium 
Mercury Thorium 
Holmium Ti Titanium 
lodine Thallium 
Indium Thulium 
Iridium Uranium 
Potassium Vanadium 
Krypton Tungsten 
Lanthanum Xenon 
Lithium Yttrium 
Lutetium Ytterbium 
Lawrencium Zinc 
Mendelevium Zirconium 
Magnesium 


PHOSPHATES 
A group of minerals, many of which are brightly 
colored, phosphates are compounds in which 
one or more metallic elements combine with the 
phosphate (PO4)”? radical. Arsenates and 
vanadates are associated with this group. 


Pyromorphite 
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MINERAL CHARACTERISTICS 


MINERALS EXHIBIT a number of habit (page 23). Then test for hardness 
properties that are used for identification. (page 25), specific gravity (page 25), and 
It is essential to take a scientific approach streak (page 26). Fracture and cleavage 
when testing a mineral. First, observe the (page 24) may be obvious, or you may 
color (see page 26), luster (page 27), and have to break the mineral. 


CRYSTAL SYSTEMS 

The geometrical shapes in which minerals crystallize are 
organized, according to their symmetry, into six main groups 
called crystal systems. Within each of these systems, many 
different forms are possible, but all the forms in a crystal 
system can be related to the symmetry of that system. From 
a study of crystal habits, it may be possible to say to which 
crystal system the mineral belongs. The small blue diagram 
that appears with each mineral represents its crystal system. 


selenite 


Monoclinic 

One of the commonest 
systems, this has a lower 
degree of symmetry than 
the cubic system. 


pyrite 


Cubic 


Essentially cube-shaped 
crystals, though this 
category also includes 
octahedral-shaped 
(8-sided) and dodecahedral- 


shaped (12-sided) crystals. axinite 


Triclinic 
The least symmetrical of the crystal systems. 


Hexagonal/Trigonal 


Two systems grouped beryl 


vesuvianite 


parte together here 
because their 
. symmetr 
Orthorhombic Mae’ 
is similar. 
Prisms and 


flattened tabular 
forms are the 
typical features 
of this system. 


Tetragonal 
A form that is usually more 
elongated than the cube. 


Basic Electronics Tutorials 


Operational amplifiers can have infinite open-loop voltage gain allowing them to operate at their maximum 
amplification. However this very high open-loop gain causes the op-amp to become unstable so the gain is reduced 
to a more practical level by using negative feedback. 


Negative feedback in electronics refers to taking a small part of the output signal from the amplifiers output and 
feeding it back either to aid or to oppose the input signal. Negative feedback means that the returning signal has a 


phase that opposes the input signal and can significantly improve the performance of an operational amplifier. 


Operational amplifiers can be connected into two basic configurations, Inverting and Non-inverting. 


8.1 INVERTING AMPLIFIER 


Vin R in 
Rf 
Vour = -Yml => 
IN 
Lin = Rin 
a. = Your = 14 RA 
Vin R in 
Vout Vin (A y) 
Zan = © 


8.3 VOLTAGE FOLLOWER 


By connecting the output directly back to the negative input terminal, 100% feedback is achieved resulting in a 
Voltage Follower (buffer) circuit with a constant gain of 1 (Unity). 


Vn 5V, Voyr=-"V 
“-Vour = Vin 


= | 


Ay Vout 
Vin 
Lin = © 
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HABIT 

The habit is the characteristic 
appearance of a mineral that is 
determined by its predominant 
form. Several descriptive terms 
to identify a mineral's habit are 
defined below. 


actinolite 


Dendritic 
Plantlike shape. 


beryl 


scolecite 


Bladed 
Looks like the blade of a knife. 


Prismatic 
Shows a uniform 
cross-section. 


Acicular 
Slender needlelike masses. 


hematite 


limonite 


Massive Reniform 
Indicates no definitive shape. Rounded kidney-shaped masses. 


TWINNING 

Twinning refers to a 
nonparallel, symmetrical 
intergrowth oftwo or 

more crystals ofthe same 
mineral. Twinning can occur 
by contact or interpenetration. 
Multiple and polysynthetic 
twins involve more than two 
individual crystals. 


staurolite 


cerussite 


Contact twins Penetration twins 
Radiating intergrown crystals. Showing two crystals that 
have intergrown. 
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CLEAVAGE 

Cleavage is the way that a mineral breaks 
along well-defined planes of weakness. 
Often these planes are between layers of 
atoms or other places where the atomic 
bonding is weakest. Cleavage surfaces are 
not perfectly smooth like crystal faces, 
though they are very consistent and 
reflect light evenly. Cleavage is 

described as perfect, distinct, 

indistinct, or none. 


Perfect basal 
cleavage 


breaks parallel to base 
of lepidolite crystal 


Iceland spar 
displays perfect 
rhombohedral 
cleavage 


cube-shaped 


break in galena Perfect rhombohedral 


cleavage 


surface 
paralleltoa 
prism face 
in cerussite 


Perfect 
prismatic 
cleavage 


Perfect cubic 
cleavage 


FRACTURE 

If a mineral is struck with a geologist's hammer and it breaks, 

leaving surfaces that are rough and uneven, it is said to 

fracture. (Cleavage surfaces are usually flat, and exactly the Conchoidal 


same shape may be produced by repeated hammer blows.) 
Most minerals fracture and cleave, but some will 

only fracture. Common fracture terms 
are uneven, conchoidal (shell-like), 
hackly (jagged), and splintery. 


curved 
fracture 
in opal 


rough, uneven 
surfaces of 
rock crystal 


Uneven fracture 
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HARDNESS 

A useful aid for identifying a mineral is the 
hardness test. The hardness of a mineral is 
its resistance to being scratched. The scale 
of hardness from 1 (talc) to 10 (diamond) 
was devised by Friedrich Mohs. Minerals 
with higher Mohs numbers will scratch those 
lower down the scale. Thus calcite will scratch 
gypsum but not fluorite. Minerals can also 
be tested with everyday objects: a mineral 
scratched with a coin will have a hardness 

of less than 31/2. 


Thumbnail: 2% 


Knife blade: 5% Glass: 6 Quartz: 7 


MOHS SCALE OF HARDNESS 


Talc Gypsum Calcite Fluorite Apatite Orthoclase Quartz Topaz Corundum Diamond 


SPECIFIC GRAVITY 

Comparing the weight of a mineral with the weight of an equal volume 
of water gives a mineral's specific gravity. This is shown numerically: 

an SG of 2.5 indicates that the mineral is two-and-a-half times as 
heavy as water. The quartz specimen (below) is larger than the galena 
but weighs less, as it has a lower SG. 


Galena 
SG: 2.65 SG: 7.5 
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COLOR 

The color of a mineral—as seen in natural light— 
is an obvious and useful identification feature. 
Although it helps to identify those minerals with 
characteristic colors, there are pitfalls in relying 
solely on this feature. Many minerals—quartz, for 
example—occur in a variety of colors, while a 
large number of minerals are white or colorless. 
The selection of quartz below, indicates the 
range of colors found in minerals. 


pink quartz 


milky quartz 


citrine 


rock crystal 


Colorless 


Yellow-yellowish 
brown 


t 
ici Brown-black 
STREAK EA 
The color of a mineral's powder is called streak. 
Yellow 


This is obtained by rubbing the specimen across 

the surface of an unglazed porcelain tile. If testing a 
very hard mineral, a small amount of it is crushed with 
a geological hammer or rubbed against a hard surface. 
Streak is a better diagnostic property than color, 
because it is far more consistent. 


Black 


chalcopyrite 


: Golden-yellow Red 
orpiment 
cinnabar 
a = 
Red-brown Gray 


hematite molybdenite 
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TRANSPARENCY 

Transparency refers to the way in which light 
passes through a mineral specimen. It depends Transparent 
on the way mineral atoms are bonded. Mineral 
specimens that allow objects to be seen through is 
them are transparent. If light passes through, but the ~~ 
object cannot be clearly seen, then the specimen is 
translucent. When light does not pass through a 
specimen, even when cut very thin, it is opaque. 


aquamarine 
allows light to 
pass through it 


objects seen through 
rhombohedral calcite 
appear twice due to 
double refraction 


Translucent 


gold allows no light 


Opaque to pass through it 
LUSTER i E E. a 
Luster describes the way light is reflected off a mineral's surface. Ra 73 EAN 
The type and intensity of luster vary according to the nature e 7 => AA 


of the mineral surface and the amount of light absorbed. 
Well-recognized, mainly self-explanatory terms are used 
to describe luster. They include dull, metallic, pearly, 
vitreous (glassy), greasy, and silky. 


greasy luster 


lasslike 
8 on halite surface 


surface 
on yellow 
fluorite crystal 


Greasy 


dull luster on 
hematite 


silky surface on 
a “satin spar” gypsum 


metallic luster on 
galena surface 


Silky Metallic 
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MINERAL IDENTIFICATION 


TO HELP WITH mineral identification, 
the minerals are listed according 

to hardness, and other selected 
properties are included alongside them. 


KEY TO ABBREVIATIONS: 
con.-conchoidal; dis.-distinct; imp.-imperfect; ind.-indistinct; 
not det.-not determined; per.-perfect; subcon.-subconchoidal; 
un.-uneven; <-less than or equal to; >-more than. 

(Note: average SG = 3) 


MINERAL 


Hardness <22 


Acanthite 
Annabergite 
Artinite 
Aurichalcite 
Autunite 
Bismuth 
Bismuthinite 
Borax 
Brucite 
Carnallite 
Carnotite 
Chalcanthite 
Chlorargyrite 
Chrysotile 
Cinnabar 
Clinochlore 
Covellite 
Cryolite 
Cyanotrichite 
Diaboleite 
Epsomite 
Erythrite 
Galena 
Glauconite 
Graphite 
Gypsum 
Gyrolite 
alite 
ydrozincite 
Jamesonite 
aolinite 
Kernite 
Linarite 
Molybdenite 
Muscovite 
epouite 
itratine 
Orpiment 
Proustite 
Pyrargyrite 
Pyrophyllite 
Realgar 
Sepiolite 
Stephanite 
Stibnite 
Sulfur 
Sylvanite 
Sylvite 

Talc 
Torbernite 
Trona 
Tungstite 
Tyuyamunite 
Ulexite 
Vermiculite 
Vivianite 


7.22 

3.07 

2.02 

3.96 
3.05-3.20 
9.70-9.83 
6.78 

1.70 

239. 
1.601 
4.70 

2.29 

Sala 
2.53-2.61 
8.08 
2.60-3.02 
4.68 

2.97 

2.76 
3.41-3.43 


230 


267-069 


CLEAVAGE 


none 
perfect 
perfect 
perfect 
per. basal 
per. basal 
perfect 
perfect 
perfect 
none 
per. basa 
imperfect 
none 
none 
perfect 
perfect 
per. basal 
none 
none 
perfect 
perfect 
perfect 
per. cubic 
perfect 
per. basal 
perfect 
perfect 
perfect 
perfect 
good basa 
per. basal 
perfect 
perfect 
per. basal 
perfect 
none 
perfect 
perfect 
distinct 
distinct 
perfect 
good 
none 
imperfect 
perfect 
imp. basal 
perfect 
perfect 
perfect 
per. basal 
perfect 
perfect 
per. basal 
perfect 
perfect 
perfect 


FRACTURE 


neven 
neven 
neven 
neven 
neven 
neven 
neven 
onchoidal 
neven 
onchoidal 
neven 
onchoidal 
un.—subcon. 
neven 
on.—un. 
neven 
neven 
neven 
neven 
onchoidal 
onchoidal 
neven 
ubcon. 
neven 
neven 
plintery 
neven 
n.—con. 
neven 
n.—con. 
uneven 
splintery 
conchoidal 
uneven 
uneven 
splintery 
conchoidal 
uneven 
con.—un. 
con.—un. 
uneven 
conchoidal 
uneven 
n.—subcon. 
n.—subcon. 
n.—con. 
neven 
neven 
neven 
neven 
neven 
neven 
neven 
neven 
neven 
neven 


Hardness <3'/2 
Adamite 
Anglesite 
Anhydrite 
Antimony 
Arsenic 
Astrophyllite 
Atacamite 


4.32-4.48 
6.37-6.39 
2.98 
6.69 
Dl cod 2 
3.20-3.40 
3.76 


good 
good 
perfect 
per. basa 
per. basal 
perfect 
perfect 


subcon.—un 
con. 
un.—splintery 
uneven 
uneven 
uneven 
conchoidal 


MINERAL 


Barite 
Bauxite 
Biotite 
Boleite 
Bornite 
Boulangerite 
Bournonite 
Calcite 
Celestine 
Cerussite 
Chalcocite 
Chamosite 
Chrysocolla 
Clinoclase 
Copiapite 
Copper 
Crocoite 
Descloizite 
Enargite 
Gibbsite 
Glauberite 
Gold 
Greenockite 
Heulandite-Na 
Jarosite 
Leadhillite 
Lepidolite 
Millerite 
Olivenite 
Phlogopite 
Polybasite 
Polyhalite 
Silver 
Strontianite 
Thenardite 
Vanadinite 
Volborthite 
Witherite 
Wulfenite 


SG 


4.50 
2.30-2.70 
2.70-3.40 
5.05 

5.08 

6.20 

5.83 

Ze 
3.96-3.98 
6.55 
5.50-5.80 
3.12 
1.93-2.40 
4.38 
2.08-2.17 
8.94 
5.97-6.02 
6.20 

4.45 
2.40 
2.75-2.85 
19.30 
4.82 

2.20 
2.90-3.26 
6.55 
2.80-2.90 
5.30-5.50 
4.46 
2.78-2.85 
6.10 

2.78 
10.50 
3.78 

2.66 

6.88 
3.50-3.80 
4.29 
6.50-7.50 


CLEAVAGE 


perfect 
none 
per. basal 
perfect 
very poor 
good 
imperfect 
perfect 
perfect 
distinct 
indistinct 
not det. 
none 
perfect 
perfect 
none 
distinct 
none 
perfect 
perfect 
perfect 
none 
distinct 
perfect 
distinct 
per. basal 
perfect 
perfect 
indistinct 
perfect 
imp. basa 
perfect 
none 
perfect 
perfect 
none 
per. basal 
distinct 


FRACTURE 


neven 
neven 
neven 
neven 
n.—con. 
neven 
ubcon.—un. 
ubcon. 
neven 
onchoidal 
onchoidal 
neven 
un.—con. 
uneven 
neven 
hackly 
con.—un. 
un.—con. 
uneven 
uneven 
conchoidal 
hackly 
conchoidal 
uneven 
uneven 
conchoidal 
neven 
neven 
n.—con. 
neven 
neven 
neven 
ackly 
neven 
neven 
on.—un. 
uneven 
neven 
ubcon. 


Hardness <5⁄2 
Alunite 
Analcime 
Ankerite 
Antigorite 
Apatite 
Aragonite 
Azurite 
Bayldonite 
Barytocalcite 
Brochantite 
Chabazite 
Chalcopyrite 
Chromite 
Cobaltite 
Colemanite 
Cuprite 

Datolite 

Dioptase 

Dolomite 

Fluorapophy- 
llite-(K) 

Fluorite 

Glaucodot 

Goethite 

Harmotome 


2.60-2.90 
2.24-2.29 
2.93-3.10 
2.50-2.60 
3.10-3.20 
2.95 

3.77 
5.24-5.65 
3.66-3.71 
3:97 
2.05-2.20 
4.35 
4.50-4.80 
6.33 

2.42 

6.14 
2.96-3.00 
3.28-3.35 
2.85 


2o Zol 
3.18-3.56 
6.06 

4.27-4.29 
2.41-2.47 


dis. pyramidal 


dis. basal 
very poor 
perfect 
perfect 
poor 
distinct 
perfect 
none 
perfect 
perfect 
indistinct 
poor 
none 
perfect 
perfect 
poor 
none 
perfect 
perfect 


perfect 
perfect 
perfect 
perfect 
distinct 


conchoidal 
subcon. 
hackly 
con.—splintery 
con.—un. 
ubcon. 
onchoidal 
neven 
ubcon.—un. 
on.—un. 
neven 
n.—con. 
uneven 
neven 
n.—con. 
on.—un. 
n.—con. 
n.—con. 
ubcon. 


neven 
onchoidal 
uneven 
uneven 
un.—subcon. 


MINERAL 


auerite 
ausmannite 
emimorphite 
erderite 
Jarlite 
Laumontite 
Lazurite 
Lepidocrocite 
Limonite 
Magnesite 
Malachite 
Manganite 
Mesolite 
Mimetite 
Monazite 
atrolite 
ickel-iron 
ickeline 
ickelskutte- 
rudite 
osean 
Pectolite 
Pentlandite 
Perovskite 
Phillipsite-K 
Platinum 
Pyrochlore 
group 
Pyromorphite 
Pyrrhotite 
Rhodochrosite 
Riebeckite 
Scheelite 
Scolecite 
Scorodite 
Siderite 
Smithsonite 
Sphalerite 
Stilbite-Ca 
Tennantite 
Tetrahedrite 
Thomsonite-Ca 
Titanite 
Variscite 


Wavellite 
Willemite 
Wolframite 
Wollastonite 
Xenotime-(Y) 
Zincite 


2.57-2.61 


2,30 
3.89-4.19 
7.10-7.50 
2.86-3.09 
4.40-5.10 
5.68 


CLEAVAGE 


perfect 
good 
perfect 
poor 

not det. 
perfect 
imperfect 
perfect 
none 
perfect 
perfect 
perfect 
perfect 
none 
distinct 
perfect 
poor cubic 
none 


distinct 
indistinct 
perfect 
none 
imperfect 
distinct 
none 


distinct 
very poor 
none 
perfect 
perfect 
distinct 
perfect 
imperfect 
perfect 
perfect 
perfect 
perfect 
none 
none 
perfect 
distinct 
perfect 


perfect 
distinct 
perfect 
perfect 
perfect 
perfect 


FRACTURE 


ubcon.—un 
neven 
n.—con. 
ubcon. 
neven 
neven 
neven 
neven 


neven 
on.—un 
ubcon.—un. 
neven 
neven 
ubcon.—un. 
on.—un. 
neven 
ackly 


uneven 


neven 
n.—con. 
neven 
onchoidal 
ubcon.—un 


neven 
ackly 


ubcon.—un 


un.—subcon. 


ubcon.—un 
n.—con. 
neven 
ubcon.—un 
neven 
ubcon. 
neven 
ubcon.—un. 
onchoidal 
neven 
n.—subcon. 
n.—subcon. 


E 
E 


n.—subcon. 
onchoidal 
on. or un.— 
splintery 


subcon.—un. 


u 
u 


neven 
neven 


splintery 


u 
Cc 


neven 
onchoidal 


MINERAL 


Ilvaite 

Jadeite 
Lazulite 
Leucite 
Milarite 
epheline 
eptunite 
Orthoclase 
Richterite 
Romanechite 
Samarskite-(Y) 
Sanidine 
Scapolite group 
Skutterudite 
Sodalite 
Tremolite 
Turquoise 
Uraninite 


| SG 


| 3.99-4.05 
| 3.25-3.35 
| 3.12-3.24 


.45-2.50 


| 3.19-3.23 
2.55-2.63 
| 3.10 

| 3.30-4.70 
| 5.00-5.69 
| 2.56-2.62 
| 2.50-2.78 
6.50 

| 2.27-2.33 
2.99-3.03 
| 2.60-2.80 


| 10.63-10.95 


Introduction 


CLEAVAGE 


distinct 
good 
indistinct 
very poor 
none 
indistinct 
perfect 
perfect 
perfect 
none 
indistinct 
perfect 
distinct 
distinct 
poor 
perfect 
perfect 
indistinct 


FRACTURE 


uneven 
splintery 
un.—splintery 
conchoidal 
con.—un. 
conchoidal 
conchoidal 
n.—con. 
neven 
neven 
onchoidal 
on.—un. 
n.—con. 
neven 
n.—con. 
plintery 
ubcon.—un. 
con.—un. 
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Hardness <6 
Actinolite 
Aegirine 
Akermanite 
Amblygonite 
Anatase 
Anthophyllite 
Arfvedsonite 
Arsenopyrite 
Augite 
Brookite 
Cancrinite 
Columbite 

series 
Enstatite 
Epidote 
Eudialyte 
Gehlenite 
Glaucophane 
Grunerite 
auyne 
ematite 
ornblende 
umite 
ypersthene 
Imenite 


3.03-3.24 


2.42-2.51 


5.20-6.65 


good 
good 
distinct 
perfect 
per. basal 
perfect 
perfect 
indistinct 
good 
poor 
perfect 


distinct 
good 
perfect 
perfect 
distinct 

| good 
good 
indistinct 
none 
perfect 
poor 
good 

| none 


splintery 


S 
Cc 


neven 
n.—con. 
neven 
ubcon. 
onchoidal 
neven 
neven 


UnN.—con. 


ubcon.—un. 


neven 


ubcon.—un 
neven 
neven 
neven 
n.—con. 
n.—con. 
neven 
n.—con. 
n.—subcon. 
neven 
neven 


€ 


neven 
on.—un. 


Hardness <7 
Albite 
Andesine 
Anorthite 
Anorthoclase 
Axinite 
Benitoite 
Bytownite 
Cassiterite 
Chalcedony 
Chloritoid 
Chondrodite 
Clinozoisite 

Diaspore 

Diopside 

Franklinite 

Gadolinite-(Y) 


+ 


| 2.60-2.65 
| 2.66-2.68 
| 2.74-2.76 
| 2.56-2.62 
| 3.25-3.28 
| 3.65 

| 2.72-2.74 
| 6.99 

2.60 

| 3.40-3.80 
| 3.16-3.26 
3.30-3.40 
3.20-3.50 
| 3.22-3.38 
5.07-5.22 
| 4.36-4.77 


Grossular garnet | 3.59 


Hedenbergite 
Kyanite 
Labradorite 
Magnetite 
Marcasite 
Microcline 
Oligoclase 
Olivine 
Opal 
Petalite 
Prehnite 
Pyrite 
Pyrolusite 
Quartz 
Rhodonite 
Rutile 
Spodumene 
Stibiconite 
Tourmaline 
Vesuvianite 
Wad 
Zoisite 


| 3.56 
| 3.53-3.67 
2.69-2.72 
517 

4.92 
2.54-2.57 
| 2.63-2.66 
| 3.27-4.32 
| 1.99-2.25 
| 2.41-2.42 
| 2.80-2.95 
| 5.00-5.03 
| 5.06 
2.65-2.66 
3.57-3.76 
| 4.23 

| 3.10-3.20 
3.50-5.50 
2.90-3.10 
| 3.32-3.43 
2.80-4.40 
| 3.15-3.36 


perfect 
perfect 
perfect 
perfect 
good 
indistinct 
perfect 
poor 
none 
perfect 
poor 
perfect 
perfect 
good 
none 
none 
none 
good 
perfect 
perfect 
none 
distinct 
perfect 
perfect 
imperfect 
none 
perfect 
distinct 
indistinct 
perfect 
none 
perfect 
distinct 
perfect 
not det. 
very ind. 
indistinct 
none 
perfect 


n.—con. 
n.—con. 
on.—un. 
neven 
n.—con. 
on.—un. 
n.—con. 
ubcon.—un. 
conchoidal 
uneven 
uneven 
uneven 
conchoidal 
un.—con. 
un.—subcon. 
conchoidal 
n.—con. 
n.—con. 
neven 
n.—con. 
ubcon.—un. 
neven 
neven 
n.—con. 
onchoidal 
on.—un. 
ubcon. 
neve 
on.— 
neve 
con.— 
con.—un. 
con.—un. 
uneven 
uneven 
un.—con. 
un.—con. 
uneven 
un.—con. 


Hardness >7 
Almandine 
garnet 
Andalusite 
Beryl 
Chrysoberyl 
Cordierite 
Corundum 
Diamond 
Dumortierite 
Euclase 
Phenakite 
Pyrope garnet 
Sillimanite 
Spinel 
Staurolite 
Topaz 
Zircon 


4.32 
| 3.13-3.21 
| 2.63-2.92 
| 3.75 
2.60-2.66 
| 4.00-4.10 
3.51 
3.21-3.41 
2.99-3.10 
| 2.96-3.00 
| 3.58 
3:23-3:27 
| 3.58 
| 3.74-3.83 
| 3.40-3.60 
| 4.60-4.70 


none 
distinct 
indistinct 
distinct 
distinct 
none 
perfect 
good 
perfect 
distinct 
none 
perfect 
none 
distinct 
perfect 
imperfect 


un.—con. 
un.—subcon. 
un.—con 
con.—un. 
conchoidal 
con.—un. 
conchoidal 
uneven 
conchoidal 
conchoidal 
conchoidal 
uneven 
con.—un. 
un.—subcon. 
subcon.—un 
un.—con. 
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HOW ROCKS ARE FORMED 


ROCKS ARE created and destroyed in when magmas or lavas cool and 
many ways within the Earth and on its crystallize. Rocks are exposed 
surface. Upon cooling, rising magma may to weathering and erosion by ice, 
form large masses, plutons (1) or smaller water, and wind and broken down 


intrusions, dikes (2). Magma becomes into particles, which are transported 
lava on the surface. Igneous rocks form by glaciers (3), rivers (4), and wind. 
Rock cycle 


The rock-making cycle, shown below, 
spans over millions of years. 


(3) glacier i meltwater lake (5) lake (7) dune system 
8 4 r 
f 


ý y wy WS K fd 


waterfall (5) lake (4) river 


Metamorphic 
Heat and pressure in 
mountain-building 
change sedimentary 
and igneous rocks to 
metamorphic rocks. 


Igneous 
Molten magma forces 
its way through other 
rocks. On cooling, it 
can form granite 
dykes (left). 
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These particles are deposited as When sedimentary and igneous 
sedimentary layers in lakes (5), deltas rocks are subjected to intense heat 
(6), dunes (7), and on the sea bed to and pressure during large-scale 
form sedimentary rocks, such as clay mountain-building, they become 
or shale (8). A lot of sediment is deposited metamorphic rocks, such as schist 
on the continental shelf (9), and some and gneiss. Further increases in 
is carried to the greater depths of temperature and pressure may 
the ocean floor by dense currents cause the rock to become molten, 
channeled by ocean canyons (10). and the rock cycle is completed. 
breccia forming (9) continental shelf 
at cliff edge (10) ocean 
(6) delta canyon continental slope 


STO me 


greywacke 
forming 


(8) clay and 
shale forming 


sandstone 


Sedimentary 

Sandstones consist of particles of quartz, worn 
from preexisting rocks, which have then been 
deposited on sea or river beds. After burial and 
compression, sandstones may be folded, as 
seen on the sea cliff (left). 


32 | Introduction 


IGNEOUS ROCK CHARACTERISTICS 


IGNEOUS ROCKS crystallize from molten 
magma or lava. The starting composition 
of the magma, the manner in which 

it travels toward the Earth's surface, 

and the rate at which it cools all help 
determine its composition and resulting 
characteristics. These characteristics 
include grain size, crystal shape, 

mineral content, chemical 
composition, and overall color. 


coarse-grained gabbro, 
a plutonic-igneous rock 
with large crystals 


ORIGIN 
Origin indicates whether the rock is augite, a ferro- 
intrusive (magma crystallized beneath magnesian mineral 


the Earth's surface) or extrusive (lava 
crystallized at the Earth's surface). 


OCCURRENCE 

This describes the form 
of the molten mass 
when it cooled. A pluton, 
for instance, is a very 
large, deep intrusion 
that can measure many 
miles across; a dyke is a 
narrow, discordant sheet 
of rock; while a sill is a 
concordant sheet. 


labradorite, 
a feldspar 


MINERAL CONTENT 
Rocks are aggregates 

of minerals. Feldspars 
(right), micas, quartz, 
and ferromagnesian 
minerals (above) make 


Granite intrusion cn a 
This huge intrusive mass of rocks. Composition 
igneous rock was exposed by describes how minerals 
glacial erosion. affect the rock's chemistry. 
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Op amps are used in a wide variety of applications and by adding more input resistors to either the inverting or non- 
inverting inputs, op-amp Voltage Adders, Voltage Subtractors, Integrators and Differentiators can be made. 


8.4 DIFFERENTIAL AMPLIFIER (SUBTRACTOR 


The Differential Amplifier produces an output that is proportional to the difference between the 2 input voltages. 


8.5 VOLTAGE SUMMING AMPLIFIER 


Voltage Adders or Summing Amplifiers are made by adding more input resistors. 


If =1,+1, +1, +... 


WA L Ri If Rf 
Rf, Rhy RI 
Vo p M Vour = { a + — i 
> R, 2 3 
V3 I; R3 : If R =R, =R, 
-V 
OUT Rf 
Ji l E Von =? (Vi +V, +V, +...) 
IN 


8.6 INTEGRATOR AMPLIFIER 


The Integrator Amplifier produces an output that is the mathematical operation of integration. 


l 
= V, and t= RC 
OUT 2nfRC IN 

with a sinusoidal input 

X l l 
Vour = == of 

R 2nfRC @RC 
9 = 90" 
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GRAIN SIZE 

This indicates whether a rock 

is coarse-grained or fine-grained. 
Coarse-grained igneous rocks such 
as gabbro have crystals over %6 in 
(5 mm) in diameter; medium-grained 
rocks like dolerite have crystals 
Yas—/e in (0.5-5 mm) in size; and 
fine-grained rocks, such as basalt, 
have crystals that are less than s in 
(0.5 mm) in size. 


COLOR 

Color is generally an accurate indicator of 
chemistry, reflecting mineral content. Light 
color indicates a felsic rock, with over 65 
percent silica. Mafic rocks are dark-colored, 
with a low silica content, and a high 
proportion of dark, dense ferromagnesian 
minerals such as augite. 
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Seeing the grains 

Individual grains of gabbro (1) 
can be seen with the naked eye, 
but a hand lens is needed to see 
the separate grains in dolerite (2). 
Basalt (3) is fine-grained, requiring 
the use of a microscope. 


CRYSTAL SHAPE 

With room to grow and ideal conditions, well-formed 
(euhedral) crystals are formed. When growing crowded 
together, crystal shapes are poorly formed (anhedral). 


TEXTURE 

Texture refers to the way the grains or crystals are 
arranged and their size relative to one another. For 
instance, equigranular rocks have equal-sized crystals. 


Euhedral crystals 
Highly magnified section of dolerite 
(left) with well-formed crystals. 


COMPOSITION 

Igneous rocks are arranged into groups according to 
chemical composition: felsic rocks, with over 65 percent 
total silica content (including over 10 percent quartz); 
intermediate rocks, with 55-65 percent silica content; 
mafic rocks, with 45-55 percent total silica content (less 
than 10 percent quartz). Ultramafic rocks have less than 
45 percent total silica content. 


Light color 

Rhyolite, a felsic lava, has over 
65 percent silica and over 

10 percent quartz. 


Medium color 


Andesite, an intermediate 
rock with 55-65 percent 
total silica content. 


Dark color 
Basalt, a mafic rock with 
45-55 percent silica content. 
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TYPES OF METAMORPHISM 


METAMORPHIC ROCKS are rocks that 
have been changed considerably from 
their original igneous, sedimentary, 
or earlier metamorphic structure and 


REGIONAL METAMORPHISM 

When rock in a mountain-building region 

is transformed by both heat and pressure, 

it becomes regionally metamorphosed rock. 

The metamorphosed area can cover thousands 

of square miles. The sequence below demonstrates 
how the nature of a rock changes as the heat and 
pressure intensify. 


1. No pressure 

Fossiliferous shale, a fine-grained sedimentary rock 
rich in clay minerals and quartz, with fossil bivalve 
mollusc shells, unaffected by metamorphism. 


Schist 


3. Moderate pressure 

Slate, as well as many other rocks, 
forms medium-grained schist when 
subjected to moderate increases in 
temperature and pressure. 


composition. The rocks are formed by 
the application of heat and pressure 
(greatest near mountain-building) to 
a preexisting rock. 


mete £2 i 


aha ee T LE 
A e ER 


Metamorphic landscape 
Gneiss, a rock altered by a high degree of regional 
metamorphism, forms a rugged landscape. 


Slate 


2. Low pressure 

When fossiliferous shale is subjected to low 
pressure, the fossils may be distorted or destroyed. 
The resulting rock is slate. 


4. High pressure 
At the highest 
pressures and 
temperatures, 
and where active 
fluids may be 
circulating through 
the rocks, gneiss, a 

coarse-grained rock, 
is formed. Any rock 
can be altered by 
these conditions. 
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CONTACT METAMORPHISM 

Rocks in the metamorphic aureole, the area surrounding an igneous 
intrusion or near a lava flow, may be altered by direct heat alone. 
These rocks are called contact metamorphic rocks. The heat may 
change the minerals in the original rock so that the resulting 
metamorphic rock is more crystalline, and features such as fossils 
may disappear. The extent ofthe metamorphic aureole is determined 
by the magmas or lava's temperature and the size of the intrusion. 


grains loosely 
held together 


Magma intrusion 
A mass of dark-colored dolerite 


Sandstone Y ig E sae (at the base of the cliff) has intruded 
PR TRS ; and heated layers of originally black 
Heat alone RAS ES shale, metamorphosing them to a 
When heated, y eS RE Sei AA lighter rock (hornfels). 
sandstone (above), E ESR A ad 
a porous, sedimentary A $ 
rock, becomes Ge A Dias Ree 
metaquartzite (right), a hi PES A S T SA il 
crystalline, nonporous Ke a E ; 
rock composed of an eae) 4 ee a Metaquartzite 
interlocking mosaic N RL 
of quartz crystals. interlocking 


quartz crystals 


DYNAMIC METAMORPHISM 

When large-scale movements take place in the Earth's crust, 
especially along fault lines, dynamic metamorphism (thrusting) 
occurs. Great masses of rock are forced over other rocks. Where 
these rock masses come into contact with each other, a crushed 
and powdered metamorphic rock called mylonite forms. 


Mylonite 
Movement of rock masses highly altered and distorted 
A low-angled thrust fault halfway up the cliff. by forces of thrust movement 
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METAMORPHIC ROCK CHARACTERISTICS 


METAMORPHIC ROCKS exhibit certain about the rock. For example, crystal 
typical features that provide clues to their orientation is determined by whether 
origin and specific identity. The minerals the rock formed as a result of both heat 


of which they are made usually occur as and pressure, or heat alone. Crystal size 
crystals and studying the characteristics reflects the degree of heat and pressure 
of these reveals a lot of information to which the rock was subjected. 
STRUCTURE 


This indicates the way minerals are oriented in a rock. Contact metamorphic 
rocks have a crystalline structure in which the minerals are usually randomly 
arranged. Regional metamorphic rocks, however, are foliated: the pressure 
forces certain minerals to become aligned. 


foliated gneiss 
shows bands of 
dark biotite mica 


mass of randomly 
organized, fused crystals 
Foliated in blue-veined marble 


kyanite schist has 
foliated structure, but 
alignment here is less 
evident than in gneiss 


Crystalline 
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GRAIN SIZE 

Grain size indicates the temperature and pressure conditions to which the rock was subjected: 

generally, the higher the pressure and temperature, the coarser the grain size. Slate, which forms 

under low pressure, is fine-grained; schist, formed by moderate temperature and pressure, 

is medium-grained; and gneiss, formed at high temperatures and pressures, is coarse-grained. 


schist 


neiss 
a black slate 


Medium-grained Fine-grained 


AS Y o Æ PRESSURE AND TEMPERATURE 

Gays: ze pe E Medium- to high-grade metamorphism occurs at 
RON a minimum temperature of approximately 482°F 
(250°C)—temperatures in some metamorphic 
rocks can be much lower. Above 1382°F (750°C), 
metamorphic rocks begin to melt, starting the 
process of igneous rock creation. Metamorphic 
rocks typically form at pressures ranging from 
2,000 kilobars to 10,000 kilobars. 


mica 
quartz 
Gneiss 
Under a microscope, gneiss reveals quartz and mica (above). 
MINERAL CONTENT 
The presence of certain minerals in metamorphic rocks found in 
can help the identification process. Garnet and kyanite metaquartzite 
occur in gneiss and schists, while crystals of pyrite are and gneiss as 


frequently set into the cleavage surfaces of slate. Minerals 
such as brucite are often found in marble. 


occurs in gneiss 
and schist 


Milky quartz 


occurs in gneiss 
and schist 


Muscovite 


Orthoclase feldspar 
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SEDIMENTARY ROCK CHARACTERISTICS 


AS SEDIMENTARY ROCKS form in layers, 
or strata, they can be distinguished from 
igneous and metamorphic rocks in the 
field. A hand specimen usually breaks 
along the surfaces of these layers. Another 
key feature that sets them apart is their 


ORIGIN si 
Sedimentary rocks form 
at or very near the Earth's 
surface, where rock particles 
transported by wind, water, and 
ice are deposited on dry land; 
on the beds of rivers and lakes; 
and in marine environments: 
beaches, deltas, and the sea. 


Layers of sediment 

The pebbles and sand collecting 
on this beach may eventually form 
sedimentary rocks. 


fossil content—fossils are never found in 
crystalline igneous rocks and only rarely 
in metamorphic rocks. The origins of the 
particles that make up sedimentary rocks 
determine their appearance and give 
clues to their identity. 


quartz 
conglomerate 


FOSSIL CONTENT 
Fossils mainly occur in sedimentary 
rocks. They are the remains of 
animals and plants preserved in 
layers of sediment. The type 
of fossil found in a rock 
gives an indication 

of the rock's origin. 

A marine fossil, for 
instance, suggests 

that the rock formed 
from sediments 
deposited in the sea. 
Rocks especially rich in 
fossils include limestone. 


brachiopod fossils in 
shelly limestone 
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GRAIN SIZE 

Although the classification of grain size in sedimentary rocks can be complex, the terms coarse-, 
medium-, and fine-grained are usually used. Grains may range in size from boulders to minute 
particles of clay. Coarse-grained rocks composed of fragments easily seen with the naked eye include 
conglomerate, breccia, and some sandstones. Medium-grained rocks, the grains of which can be seen 
with a hand lens, include other sandstones. Fine-grained rock includes shale, clay, and mudstone. 


shale 
quartz 
conglomerate sandstone 
Coarse-grained Medium-grained Fine-grained 
GRAIN SHAPE 


The way the grains that make up 
sedimentary rocks are transported 
influences their shape. Wind erosion 
creates round sand particles but 
angular pebbles. Water-based 
erosion gives rise to angular, 
sand-sized particles but smooth, 
round pebbles. 


Magnified grains 
Highly magnified rock specimens reveal the shape of the grains in the 
sediment. These can vary from rounded (above left) to angular (above right). 


CLASSIFICATION 

Sedimentary rocks can be organized into 
three types depending on the origin of 
the grains. Detrital rocks contain particles 
that have been weathered from other 
rocks; organic rocks are made of shells or 
fossil fragments; and chemical rocks are 
formed from mineral precipitation. 


breccia 


Detrital 


rock gypsum 


crinoidal 
limestone 


Organic Chemical 
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ROCK IDENTIFICATION KEY 


THIS KEY IS DESIGNED to help identify represents medium-grained; and a 


your rock specimens. In Stage 1, decide microscope suggests fine-grained. In 
whether the rock is igneous, metamorphic, Stage 3 (see pages 42-45), you have 
or sedimentary. In Stage 2, determine to take into consideration other rock 
the grain size—follow the key to direct properties (color, structure, and 

you to the correct category: an eye mineral content) to lead you finally 
represents coarse-grained; a hand lens to specific rock entries in this book. 
STAGE 1 

IGNEOUS? 


If you have an igneous rock, it will show 

a crystalline structure—that is, it will be 
composed of an interlocking mosaic of 
mineral crystals. These crystals may be 
randomly set into the rock, or they may 
show some form of alignment. They lack 
structures like bedding planes (sedimentary 
rocks) and foliation (metamorphic rocks). 
Some lavas may be full of small gas-bubble 
hollows. No fossils will be evident. 


randomly 
oriented 
crystals 


interlocking 
crystals cannot 
be easily broken 
from the rock 


METAMORPHIC? 
A metamorphic rock may be one of two 
major types. A regionally metamorphosed 


T foliated 
rock will have a characteristic structure, gneiss 
or foliation. This foliation is often wavy, with wavy 
not flat like the bedding planes of a bands 


sedimentary rock. Contact metamorphism 
produces a more random arrangement. 


SEDIMENTARY? 

If your specimen is a sedimentary rock, 
layers may be evident in it. Grains can 

be poorly held together, and you may 
be able to rub them off with your fingers. 
Quartz is a dominant mineral in many 
sediments, and calcite is present in 
limestones. The occurrence of fossils also 
helps distinguish sedimentary rocks from 
igneous or metamorphic specimens. 


grains of 
quartz, weakly 
cemented 
together 


Introduction 


STAGE 2 


Once you have established the formation of the rock, <> Q 


the next step is to categorize it by grain size. This refers 
to the size of the grains in the body of rock, nottothe Visible to Hand lens Microscope 
odd large crystal that may be set into it. naked eye needed needed 


IGNEOUS 


<@ | Coarse-grained D Fine-grained 


Q Medium-grained D Fine-grained 


@ | Coarse-grained A Medium-grained E Fine-grained 
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STAGE 3 

You have decided whether the rock in low-density, pale silicates, are 

is igneous, sedimentary, or metamorphic, light-colored. Mafic and ultramafic 
and you have identified its grain size. rocks, rich in heavy ferromagnesian 
If you have an igneous rock, next minerals, are dark. The intermediate 
look at its color. Felsic rocks, rich rocks, as the description implies, lie 


Light color 

Pink granite 180, White 
granite 180, Porphyritic 
granite 181, Graphic granite 
181, Adamellite 182, 
Pegmatite 185, White 
granodiorite 187, Syenite 188, 
Anorthosite 191. 


Medium color 
Hornblende granite 181, 
Granodiorite 187, Diorite 
187, Syenite 188, 
Nepheline syenite 188, 
Agglomerate 204. 


Dark color 

Gabbro 189, Larvikite 189, 
Olivine gabbro 190, Bojite 
191, Serpentinite 194, 
Pyroxenite 194, Kimberlite 
195, Peridotite 195. 


METAMORPHIC CORE 


Foliated 

Gneiss 213, Folded gneiss 
213, Augen gneiss 214, 
Granular gneiss 214, 
Migmatite 214, Amphibolite 
215, Eclogite 215. 


Unfoliated 
Granulite 215, Marbles 
216-217, Skarn 220. 
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8.7 DIFFERENTIATOR AMPLIFIER 


The Differentiator Amplifier produces an output that is the mathematical operation of differentiation. 


o Vac = aa RC and t=RC 
JL, 1 witha eens input 
Vin 


Vout = Xx — ORC 


The end, for now. 
| hope you found this free Electronics reference guide useful and if so please feel free to pass it on to all your 
Electronics friends and colleagues. 


Thank you. 
Wayne Storr 


http://www .electronics-tutorials.ws 


For more information visit our website at: www.electronics-tutorials.ws 
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between the above two categories 

in mineral content and, therefore, 
color. If you have a metamorphic 
rock, examine whether it is foliated 
(some minerals aligned) or unfoliated 


Light color 
Microgranite 183, 
Quartz porphyry 184, 
Granophyre 186, 
Leucogabbro 190. 


Medium color 
Lamprophyre 199, 
Rhomb porphyry 201. 


Dark color 
Dolerite 192, Norite 
192 Troctolite 193. 


Foliated 

Phyllite 210, Garnet schist 
210, Folded schist 211, 
Muscovite schist 211, 
Biotite schist 212, 

Kyanite schist 212. 


Unfoliated 

Marbles 216-217, 
Hornfels 218-219, 
Chiastolite hornfels 
219, Spotted slate 219, 
Metaquartzite 220, 
Skarn 220. 
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(crystalline, with no apparent 
structure). Decide which of these 
categories your specimen falls into, 
then refer to the pages indicated for 
further identification information. 


Light color 


Fine-grained 
we ire ~ Z ey, 7 > - el 
$ a T E S A: pe nd 
ea n A NS As 


Rhyolite 196, lgnimbrite 206, 
Volcanic bomb 206. 


Medium color 

Dacite 197, Lamprophyre 
199, Andesite 199, Trachyte 
201, Pumice 205, Tuff 205, 
lgnimbrite 206, Volcanic 
bomb 206. 


Dark color 

Xenolith 184, Dunite 193, 
Obsidian 197, Pitchstone 
198, Basalt 202, Spilite 203, 


Tuff 204, Volcanic bomb 
206, Ropy lava 207. 


Foliated 

Green slate 208, Black 
slate 208, Slate with pyrite 
209 Fossiliferous slate 209, 
Phyllite 210. 


Unfoliated 
Marbles 216-217, 
Spotted slate 219, 
Skarn 220, Halleflinta 
221, Mylonite 221. 
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STAGE 3 continued 

If you have a sedimentary rock, look is easily recognizable, as it is usually 
at its mineral composition. Is it made gray in color and very hard. You 

up mainly of rock fragments? Or is it may have a limestone, rich in calcium 
composed mainly of quartz? Quartz carbonate, identifiable by its pale color 


Mainly rock 
fragments 
Polygenetic 
conglomerate 222, 
Breccia 223. 


Mainly quartz 


fragments 
Quartz 
conglomerate 222. 


Calcium carbonate 
KON dominant 


Limestone breccia 223, 
Pisolitic limestone 236, 
Crinoidal limestone 238. 


Other minerals 
<> No rocks in this 


category. 


and its effervescing reaction with dilute 
hydrochloric acid. Or your sedimentary 
rock specimen may be composed mainly 
of minerals other than calcium carbonate 


Mainly rock 


fragments 
Greywacke 229. 


Mainly quartz 


fragments 

Sandstone 225, 

Red sandstone 226, 
Millet-seed sandstone 226, 
Micaceous sandstone 227, 
Limonitic sandstone 227, 
Orthoquartzite (pink and 
gray) 228, Arkose 229. 


Calcium carbonate 


dominant 

Oolitic limestone 236, 
Shelly limestone 239, 
Tufa 241, Stalactite 242, 
Travertine 242. 


Other minerals 

Rock salt 235, Rock 
gypsum 235, Potash rock 
235, Dolomite 241, 
lronstone 243. 
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and quartz. Decide which of these four 
categories your specimen falls into, then 
refer to the pages indicated for further 
identification information. 


Mainly rock 


fragments 
No rocks in this category. 


Mainly quartz 


fragments 

Loess 224 Shale 231, 
Siltstone 232, Mudstone 
232, Clay 233. 


Calcium carbonate 


dominant 

Calcareous mudstone 233, 
Marl 234, Chalk 237, 

Coral limestone 238, 
Bryozoan limestone 239, 
Shelly limestone 239, 
Nummulitic limestone 240. 


Other minerals 
Boulder clay 224, Loess 
224, Clay 233, Dolomite 
241, Ironstone 243, 
Anthracite 244, Coal 244, 
Lignite 244, Peat 245, Jet 
245, Amber 246, Chert 
246, Flint 246. 
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MINERALS 


NATIVE ELEMENTS are free, uncombined — wirelike habits are common. Distinct 
elements which are classified into three crystals are rare. Unlike metals, 
groups: metals such as gold, silver, and semimetals are poor conductors of 


copper; semimetals such as arsenic electricity, and they usually occur in 
and antimony; and nonmetals, including nodular masses. Nonmetallic elements 
carbon and sulfur. Metallic elements can be transparent to translucent, do 
are very dense, soft, malleable, ductile, not conduct electricity, and tend to 
and opaque. Massive, dendritic, and form distinct crystals. 


Group: NATIVE ELEMENTS Composition: Au Hardness: 2-3 


Gold mass of vein 
quartz 
— A > 
Y To 
$ s 


Crystals form as cubes or octahedra but are rare. 
The usual habits are as grains, flakes, nuggets, and 
dendritic masses. The bright yellow color is 
resistant to tarnishing. Gold is often rich 

in silver, when it is paler in color. The 
streak is golden-yellow. Gold is opaque, 
and its luster is metallic. 


r 


FORMATION Forms mainly in 
hydrothermal veins, often associated 
with quartz and sulfides. It also occurs 
in placer deposits of unconsolidated sand e i 
and in sandstone and conglomerate. It is y 
possible to find alluvial gold as grains 
or nuggets in stream beds. Panning 
for gold by sifting the sediment is an 
age-old method of looking for this 
rare and valuable mineral. Gold 

can be confused with pyrite and 
chalcopyrite at first, but only a few 
tests are needed to identify it. 
TESTS Insoluble in all single 
acids; soluble in aqua regia. 


j ‘ TH Pe ag 
y 

i aS $ ~~ 

ta E 


Ab e “a 


typically 
rounded 
surface 


Gold in quartz 


small, dendritic 
fragments of gold 


bright, metallic 


luster hackly fracture 


surface 


Gold nugget Cubic 


SG: 19.30 Cleavage: None Fracture: Hackly 
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Group: NATIVE ELEMENTS Composition: Ag Hardness: 244-3 


slight tarnishing 


Si lve r on exposed 


surface 
Crystals are rare, forming as cubes and 
octahedra, sometimes in parallel bands. The 
usual habits are as wires, scales, dendrites, and 
massive. Silver is silver white in color, though it 
tarnishes on exposure to the atmosphere. It 
produces a silvery white streak. Silver is opaque, 
and the luster is metallic. 


FORMATION Forms in hydrothermal 
veins and in the oxidized regions 
of ore deposits, with other silver 
minerals, gold, and metallic 
sulfides. Silver forms 20 to 

25 percent of the gold and silver 
alloy, called electrum. 

TESTS Silver is soluble in nitric 
acid and is fusible. It tarnishes if 
exposed to the fumes of hydrogen 
sulfide. It is the best conductor 

of electricity and heat. 


fresh surface 
exhibits true color 


Cleavage: None Fracture: Hackly 


Group: NATIVE ELEMENTS Composition: Pt Hardness: 4-44 


Platinum o 


Crystals take the form of cubes but are surface 
uncommon. Usually found as grains, nuggets, 

and scales, platinum is silvery gray to white 

in color. The streak is white to silvery gray. 

Platinum is opaque and has a metallic 

luster. This luster is not altered by 

tarnishing if the mineral is exposed 

to the atmosphere. 


FORMATION Originally formed in 

mafic and ultramafic igneous rocks, and 
rarely in contact aureoles, platinum 

also occurs in placer sediments 

because of its very high specific gravity. 
TESTS When there are iron impurities 
present, platinum can be weakly magnetic. 
It is insoluble in all acids except aqua regia. 


Cubic 


Cleavage: None Fracture: Hackly 
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Group: NATIVE ELEMENTS Composition: Cu Classification: 244-3 
Copper dendritic 


: : copper 
It is rare for copper to form crystals; when it 


does, they take the form of cubes, octahedra, 
or dodecahedra. The usual habits are dendritic 
and massive. Copper can also form in wires. 
Color is a key identification feature and is 
copper-red or pale rose-red on fresh surfaces. 
It tarnishes to copper-brown. The streak is 
copper-red. Copper is an opaque mineral. 

Its luster is metallic. 


FORMATION Forms chiefly in the 
regions where veins containing copper 
sulfides have been altered. 

TESTS It is soluble in nitric acid. 


metallic luster 


on fresh surfaces » . 
Copper on limonite 


limonite copper 
groundmass 


> Dendritic copper 
PP Cubic 


Cleavage: None Fracture: Hackly 


Bismuth 


This mineral forms indistinct crystals, which are 
often twinned. Habits are usually massive, foliated, 
dendritic, reticulated, lamellar, and granular. 

It is silvery white, with a reddish or iridescent 
tarnish. The streak is silvery white. Bismuth is 
opaque, with a metallic luster. 


FORMATION Forms in 

hydrothermal veins and 

pegmatites. 

TESTS Fuses at low metallic 
temperatures and dissolves luster 


a Trigonal/ 
easily in nitric acid. Hexagonal 
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Group: NATIVE ELEMENTS Composition: As Hardness: 3 
Oo 
Arsenic sra 


metallic 
On rare occasions, arsenic forms rhombohedral 


crystals. It commonly occurs as granular, 
botryoidal, or stalactitic masses. It is pale gray 
and tarnishes to dark gray. The streak is pale 
gray. Arsenic is an opaque mineral, and it 

has a metallic luster. 


FORMATION Forms mainly 
in hydrothermal veins. 
TESTS Heated, arsenic gives 
off fumes smelling of garlic. 


Trigonal/ 
Hexagonal 


Antimony crystal 


: apparent 
Crystals, though rare, are pseudocubic or tabular and 


often twinned. Usual habits are massive, lamellar, 
granular, or acicular. It is pale silvery gray, with a gray 
streak. It is opaque, and the luster is brilliant metallic. 


FORMATION Forms in hydrothermal veins 

with arsenic and silver, as well as galena, sphalerite, 

pyrite, and stibnite. 

TESTS Burns white fumes in the air; turns Trigonal/ 


massive 
flame greenish blue. Hexagonal 


habit 


Group: NATIVE ELEMENTS Composition: S Hardness: 11-214 
Sulfur tabular 


crystal 


The crystal forms of this mineral are tabular and bipyramidal. 
Sulfur also occurs in massive, encrusting, powdery, and 
stalactitic habits. It is bright lemon-yellow to yellowish 
brown, and the streak is white. Sulfur is transparent to 
translucent and has a resinous to greasy luster. 


bipyramidal 
FORMATION Forms around crystal 


resinous 
volcanic craters and hot springs. ijenee 
TESTS Fuses at low temperatures, 


giving off sulfur dioxide. Orthorhombic 


Cleavage: Imperfect basal Fracture: Uneven to conchoidal 
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Group: NATIVE ELEMENTS Composition: Hg Hardness: Liquid 


This mineral is classified in the trigonal/hexagonal ie 
system, but it shows a rhombohedral crystal habit cies mrok 
only below -38.2°F (-39°C). It occurs as a liquid groundmass 
at normal temperatures, forming as small 

globules. It is pale silvery white. There is opaque 

no streak. Mercury is opaque and has a 

brilliant metallic luster. 


FORMATION Around volcanic 
vents, often with cinnabar. 
TESTS Mercury dissolves 
when placed in nitric acid. 


rock 
groundmass 


Trigonal/ 
Hexagonal 


Group: NATIVE ELEMENTS Composition: Ni,Fe Hardness: 4-5 
Nickel-| = 
IC e > ron fracture 


This uncommon mineral forms in massive and 
granular habits. It is steel gray, dark gray, or blackish 


in color. The streak is steel gray. Nickel-iron is 
opaque and has a metallic luster on fresh surfaces. 


FORMATION Nickel-iron forms in some altered 
basalts. It occurs when iron-rich minerals in the 
basalt are chemically reduced. Some varieties 
occur in ultramafic rocks that have been 
altered by serpentinization. 

Nickel-iron is very common in 

meteorites as kamacite-taenite 

masses; it is a rare terrestrial 

material, though it is believed 

that much of the earth's core 

contains both iron and nickel. 

TESTS Nickel-iron is 

strongly magnetic. 


weathered 
iron meteorite opaque 


Cubic 


SG: 7.30-8.20 Cleavage: Poor cubic Fracture: Hackly 
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Group: NATIVE ELEMENTS Composition: C 


Diamond 


The crystals form as octahedra, cubes, 
dodecahedra, and tetrahedra, often with 
curved faces. Diamond also occurs in 
rounded masses with a radiating structure 
(bort) and as microcrystalline masses 
(carbonado). It may be colorless, white, 
gray, orange, yellow, brown, pink, red, 
blue, green, or black. The streak is white. 
Diamond is transparent to opaque and has 
an adamantine to greasy luster. It is used 
chiefly as an industrial abrasive and is also 
a highly valued and sought-after gem. 


rock 
groundmass 


transparent 
crystal 


Transparent diamond 


yellowish octahedral 


FORMATION Found in ultramafic 

rocks (kimberlites), forming pipelike 
intrusions. 

TESTS The hardest of all the known 
minerals—it cannot be scratched by 
any other mineral. 


Yellow 
diamond 


Graphite 
The crystals form as flattened, tabular, hexagonal 
plates. Graphite also occurs in massive, foliated, 

granular, and earthy habits. It is dark gray 

to black and has a dark gray or black 
streak. This is an opaque mineral. Its 
luster is dull metallic. 


metallic 
luster 


FORMATION Forms in metamorphic 
rocks, including slate and schist. 
TESTS Feels greasy. If 

rubbed on paper, a gray 

mark is left. 


Trigonal/ 
Hexagonal 


crystal in rock 


groundmass 


adamantine luster 


j K < i y 
y 


se eh ; 


massive habit 
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SULFIDES AND SULFOSALTS 


SULFIDES ARE chemical compounds (orpiment, realgar), or relatively hard 
in which sulfur has combined with (marcasite, cobaltite). Well-formed, highly 
metallic and semimetallic elements. symmetrical crystals are the rule. 
When tellurium sulfide substitutes Sulfides are very important ores of 
for sulfur, the resultant compound lead, zinc, iron, and copper. They form 
is a telluride; if arsenic substitutes, in hydrothermal veins below the water 
arsenide is formed. The properties table as they are easily oxidized to 
of sulfides, tellurides, and arsenides sulfates. Sulfosalts are compounds in 
are somewhat variable. which metallic elements combine with 
Many sulfides have metallic lusters sulfur plus a semimetallic element (for 
and are soft and dense (such as galena example, antimony and arsenic). Their 
and molybdenite). Some are nonmetallic properties are similar to sulfides. 


Group: SULFIDES Composition: PbS 


This very common ore mineral forms cubes, 

octahedra, or cubo-octahedral crystals and also twinning 
occurs in massive, granular, and fibrous habits. 

Both the color and streak are lead gray. 

Galena is opaque, with a metallic luster. 


FORMATION Galena forms in hydrothermal 
veins when hot fluids find their way to higher 
levels in the earth's crust. It can occur with 
several other minerals, including fluorite, quartz, 
calcite, sphalerite, and pyrite. 

TESTS This mineral is soluble in hydrochloric 
acid, producing the “bad eggs” smell of 


hydrogen sulfide. Galena 
bright metallic 
luster 


“stepped” 
; > yA, pattern of 
Cubic galena ad cleavage 


Building Your Own 
Electronics 
Lab 


A Guide to Setting 
Up Your Own 
Gadget Workshop 


Dale Wheat 
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Oo 
Cinnabar 


This mineral forms as thick tabular, rhombohedral, and 
prismatic crystals, which are commonly twinned. It also 
occurs in massive, encrusting, or granular habits. The 
color is typically brownish red or scarlet. 
The streak is scarlet. Cinnabar is transparent 
to opaque and has an adamantine, 
submetallic, or dull luster. 


Trigonal/ 
Hexagonal 


FORMATION Forms with 
realgar and pyrite around 
volcanic vents and hot springs. 
Other associated minerals 
include native mercury, 
marcasite, opal, quartz, 
stibnite, and calcite. It may also 
occur in mineral veins and in 
sedimentary rocks associated 
with recent volcanic activity. 
TESTS Does not alter when 
exposed to the atmosphere. 


mass of small 
crystals adamantine luster 


SG: 8.08 Cleavage: Perfect prismatic Fracture: Conchoidal to uneven 


ki 
G reenoc ite coating of greenockite 


on rock surface 


This mineral occurs as tabular, pyramidal, resinous 
and prismatic crystals, but more often as luster 
earthy coatings on other minerals. It is yellow, 
orange-yellow, orange, or red in color, and 

the streak is orange-yellow to brick red. It is 

a transparent to translucent mineral. It has a 

resinous or adamantine luster. 


Trigonal/ 
Hexagonal 


conchoidal 


FORMATION Greenockite occurs as oe : ¿Dad à — fracture 
a replacement and alteration product of x A 

sphalerite when the sphalerite is cadmium- 

rich. Although it is not a common mineral, 

greenockite sometimes forms as minute 

crystals with other minerals, including 

prehnite and zeolites. 

TESTS Greenockite is soluble in hydrochloric 

acid, producing hydrogen sulfide, which gives 

off a “bad eggs” smell. 


SG: 4.82 Cleavage: Distinct Fracture: Conchoidal 
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Group: SULFIDES Composition: Ag2S 
Oo 
Acanth ite uneven fracture surface 


This mineral forms as prismatic crystals. 

Acanthite is typically gray to iron black and 

has a black streak. The mineral is opaque 

and has a metallic luster. It is dimorphous 

with argentite; this means that, over a certain 

temperature, acanthite alters from a single luster less 
; ; ; brilliant on 

mineral into another mineral form, which 


: : exposed 
is known as argentite. surfaces 


FORMATION Forms in 

hydrothermal mineral veins; metallic luster 
associated with native silver, 

proustite, pyrargyrite, and 

other sulfides, such 

as galena. 

TESTS Acanthite is soluble 

in dilute nitric acid. It 

fuses easily, releasing 

sulfurous fumes. 


Monoclinic 


Co baltite striations on pseudocubic 


crystal face cobaltite crystal 


This mineral commonly forms as octahedral 
or pseudocubic crystals. Crystal faces are 
usually striated. Other habits include 
massive, granular, and compact. The 
color varies from grayish black to 

silvery white. When tested for streak, 

a grayish-black powder is produced. 
Cobaltite is opaque; light is unable to 
pass through it, even when it is in thin 
pieces. It has a metallic luster on fresh 
crystal, or broken, surfaces. 


FORMATION Forms in 
hydrothermal veins (fractures 

in the earth's crust through which 
hot fluids circulate, depositing 
minerals as they cool) and also in 
metamorphic rocks with other 
arsenides and sulfides. 

TESTS Fuses quite easily, 


forming a globule that iS chalcopyrite, leaps A 
slightly magnetic. Cobaltite an associated 
is soluble in nitric acid. mineral 


Orthorhombic 


metallic 
luster 
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` ae 
Sphalerite 


This mineral, also known as blende or black jack, 
forms tetrahedral and dodecahedral crystals; it 
often exhibits curved crystal faces. Other habits 
include massive, granular, concretionary, and 
botryoidal. The color ranges from black, brown, 
yellow, and red to green, gray, and white. It can 
also be colorless. The streak is pale brown to 
colorless. Sphalerite varies from translucent to 
transparent. It has a resinous to adamantine luster. 


FORMATION Common in hydrothermal veins, it 

occurs with minerals such as dolomite, quartz, pyrite, typical resinous 

galena, fluorite, barite, and calcite. luster Massive 
TESTS The addition of dilute hydrochloric acid . sphalerite 

to sphalerite produces a smell reminiscent me BE $ 

of hydrogen sulfide (“rotten eggs”). If 

pure, it is infusible, but as the iron 

content of sphalerite rises, the | | 

mineral specimen melts with p ne w E ‘Coenen groundmass of rock 
increasing ease. MAPS E O o and pale dolomite 


Crystalline 
sphalerite 


SG: 3.90-4.10 Cleavage: Perfect Fracture: Conchoidal 


(J e 
Stibnite 


This mineral forms as prismatic crystals, 
which often have longitudinal striations. prismatic stibnite 
Other habits are columnar, granular, crystals in radiating 
compact, and bladed. Both color and arene 
streak are lead gray. Stibnite is opaque. 
It has a metallic luster. 


FORMATION Forms in hydrothermal 
veins and deposits where a preformed 
rock is wholly or partly replaced with 

new material from circulating fluids. 
TESTS Stibnite is fusible in a match flame, 
and it is soluble in 


hydrochloric acid. ) 
= | quartz and barite 


Orthorhombic groundmass 


SG: 4.63-4.66 Cleavage: Perfect Fracture: Uneven to subconchoidal 
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Group: SULFIDES Composition: CusFeS,4 


rough 


Bo rn ite crystal faces 


The crystals formed by bornite are cubic, 
octahedral, or dodecahedral, and they often 
have curved or rough faces. More commonly, it 
forms in compact, granular, or massive habits. 
Bornite can be coppery red, coppery brown, 

or bronze, tarnishing to iridescent blue, purple, 
and red—leading to its common name, 
“peacock ore.” The streak is grayish black. 
Bornite is opaque, with a metallic luster. 


metallic luster 


FORMATION Forms in hydrothermal 

veins with minerals such as quartz, 

chalcopyrite, and galena. It also forms 

in some igneous rocks. The 

oxidation zone of copper 

veins can contain bornite. iridescence 
TESTS Bornite is soluble 

in nitric acid. 


uneven fracture 


Chalcopyrite metallic 


luster 


Forming pseudotetrahedral crystals, 
often with striated faces and commonly 
twinned, chalcopyrite can also occur 
in compact, massive, reniform, or 
botryoidal habits. It is brassy yellow 

in color, often with an iridescent 
tarnish. There is a greenish-black 
streak. The mineral has a metallic 
luster and is opaque. 


FORMATION One of the most 
important ores of copper, chalcopyrite 
forms in sulfide ore deposits. These 
are often hydrothermal veins, where 
it may occur with pyrrhotite, quartz, 
calcite, pyrite, sphalerite, and galena. It 
is also present where copper deposits 
have been altered. 
TESTS It is soluble in 
nitric acid and colors 
a flame green. 
twinned quartz 
chalcopyrite crystals 
Tetragonal crystals 


SG: 4.35 Cleavage: Poor Fracture: Uneven to conchoidal 
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o 
Chalcocite pseudohexagonal 


: : crystals 
On rare occasions, chalcocite occurs as 


pseudohexagonal prisms formed by twinning. 
It may also form in short, prismatic or tabular 
crystals, but the usual habit is massive. Both 
the color and streak are dark gray. It is an 
opaque mineral, and it has a metallic luster. 


twinning 


FORMATION Forms in hydrothermal veins with 


other minerals, such as bornite, quartz, calcite, 
covellite, chalcopyrite, galena, and sphalerite. 
TESTS This mineral is soluble in 

nitric acid and is also fusible. 

When it is burned, chalcocite 

colors a flame green and also 

produces sulfur dioxide fumes. 


dolomite metallic luster 


wuss roundmass 
Monoclinic 8 


SG: 5.50-5.80 Cleavage: Indistinct Fracture: Conchoidal 


Covelli 
Ove ite thin, tabular 


covellite crystals 


This mineral occurs as thin, tabular, foliated 
hexagonal plates, but more habit 
commonly it forms in a massive, 
foliated habit. It is indigo-blue in 

color, often tinged with purple 
iridescence. There is a dark gray to black 
streak. Covellite is an opaque mineral 
and has a submetallic to dull luster. If 
broken, a perfect basal cleavage into 
thin, flexible laminae is produced. 


E SE A Vr 


FORMATION Occurs in the parts of 
copper veins that have been altered— 
often by secondary enrichment, due 
to fluids seeping through the vein. 
TESTS Covellite fuses very easily, 
producing a blue-colored 
flame. It dissolves in 
hydrochloric acid. 


iridescence 


clay groundmass 
Trigonal/ 


Hexagonal 
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o 
Orpiment 
uneven 


This mineral forms small, prismatic crystals, fracture 
though only rarely. More frequently, it occurs as 

chin, foliated masses or in massive or columnar 

habits. The color is usually a rich lemon-yellow, 

though it can be brownish yellow. The streak 

is pale yellow. Orpiment is transparent to 

translucent. On fresh surfaces, the luster is 

resinous, but the cleavage surfaces are pearly. 


FORMATION This mineral is found in low- 
temperature hydrothermal veins, often with 
stibnite and realgar. Orpiment also forms in 
the crusts deposited around hot springs. 
TESTS This mineral fuses quite easily. 

When heated, it gives off a very strong smell 
of garlic, typical for a mineral rich in arsenic. 
Orpiment also dissolves in nitric acid, leaving 


behind traces of yellow sulfur on the paren : 
iade sirt on cleavage typical 
iquid surface. Ba foliated 


appearance 


Monoclinic 


Realgar 


This mineral forms as short, prismatic, 
striated crystals and also as massive, 
compact, and granular aggregates. The 
color is bright red to orange-red. The 
streak is orange-yellow to orange-red. 
Realgar is transparent to translucent. It 
has a resinous to greasy luster. 


sray 


rock quartz 


groundmass 


FORMATION Forms in hydrothermal 
veins and also around hot springs. It 
can be found with stibnite and orpiment, 
as well as with minerals of lead, silver, 
and antimony. 

TESTS As with other arsenic 

minerals, realgar gives off a strong 

smell of garlic when heated. 


prismatic realgar 
Monoclinic crystals 


SG: 3.56 Cleavage: Good Fracture: Conchoidal 
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Oo 
Molybdenite 


This mineral usually forms as tabular or 
barrel-shaped crystals. It can also occur as 
foliated masses, scales, or grains. The color is 
gray. There is also a gray streak. Molybdenite 


is an Opaque mineral, and it has a metallic luster. Trigonal/ 


Hexagonal 
FORMATION Forms in hydrothermal veins. ; 
This mineral also forms in granitic rocks. Ae E ny metallic 
TESTS Molybdenite can feel WAN ae coe luster 
quite greasy to the touch. hexagonal : ips 


foliated mass ; 
granite 


groundmass 


Group: SULFIDES Composition: MnS2 


octahedral 


Hauerite a 


Crystals are octahedral to cubo-octahedral. 
It can also occur in a massive habit or as 
globular aggregates. The color is reddish 
brown to brownish or black, and hauerite 
has a brownish-red streak. This mineral is 
opaque, with a metallic to dull luster. 


FORMATION Forms in caps of salt 
domes by alteration in evaporites. 
TESTS It is soluble in hydrochloric acid. 


opaque dull luster 


Bism uthinite mass of small, 


bismuthinite, 


Crystals are prismatic or acicular. acicular crystals 


Bismuthinite also occurs in massive, fibrous, 
or foliated habits. The color is lead gray to 
silvery white, and the streak is lead gray. 

It is opaque, with a metallic luster. 


FORMATION Forms in high-temperature e SIA TX y | Bae rock 
hydrothermal veins and in granitic rocks. It occurs AE ea Ses groundmass 


with native bismuth and various sulfides. 
TESTS It is soluble in nitric acid, leaving Qu 
flaky particles of sulfur on the surface. 


Orthorhombic 
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Group: SULFIDES Composition: FeS2 Hardness: 6-614 
Oo P 
Pyrite striated pyrite h quartz 


crystal face crystal 
This mineral forms as cubic, pyritohedral, 
or octahedral crystals; twinning is common. 
The crystal faces are frequently striated. 
Pyrite can be massive, granular, 
reniform, stalactitic, botryoidal, and 
nodular. The pale yellow color gives 
rise to its nickname, “fool's gold.” It 
has a greenish-black streak. Pyrite 
is opaque and has a metallic luster. 


FORMATION Pyrite is a common 
accessory mineral in igneous, 
sedimentary, and 
metamorphic rocks. 
TESTS Gives off sparks 
if struck with a hard 
metal object. Fuses 
quite easily. 
octahedral 
pyrite crystal 


Nodular pyrite 
PY Cubic 


SG: 5.00-5.03 Cleavage: Indistinct Fracture: Conchoidal to uneven 


o 
Pyrrhotite | 
horizontal 


This mineral forms as tabular or platy striations on on = twinned 
crystals. Other habits are massive crystal face & Be ore 
and granular. The color varies 

from bronze-yellow to a coppery 

bronze-red; the mineral tarnishes to LA. A CR 

brown, often with iridescence. The streak DN. BE een o on MA metallic 
is dark gray to black. Pyrrhotite is an m E 3 l dd 
Opaque mineral and has a metallic luster. 


mass of 


FORMATION Commonly forms 

in magmatic igneous deposits, 

especially those of mafic and 

ultramafic composition. It occurs 

with pyrite, galena, sphalerite, 

and other sulfides. ee és 

TESTS Pyrrhotite is magnetic. Be ag E tabular, six- 
3 y sided crystal 


Monoclinic 


SG: 4.53-4.77 Cleavage: None Fracture: Subconchoidal to uneven 
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o 
Arsenopyrite 


This mineral forms as prismatic crystals, often _. > Ls, 

twinned. It also exhibits massive, columnar, E: sa Mn > ee a a 
and granular habits. Typically silvery ? a 
white, arsenopyrite tarnishes to pink, 

brown, and copper shades, with 

iridescence. The streak is black to gray. 

It is opaque and has a metallic luster. 


FORMATION Forms in hydrothermal 
veins, in metamorphic rocks, and in 


mafic igneous rocks. 

TESTS When a specimen is heated, or if 
it is struck with a hard object, arsenopyrite 
produces a smell reminiscent of garlic. 


striated 
crystal face 


Monoclinic 


Group: SULFIDES Composition: FeS2 Hardness: 6-61, 
o 
M arcas ite marcasite crystal 
aggregates witha 


spear-shaped habit 


This mineral forms crystals in a variety of shapes, 
including tabular and pyramidal. These crystals 
commonly have curved faces and form 
spear-shaped or cockscomb aggregates 
as a result of twinning. Marcasite 

also occurs in massive, stalactitic, 

and reniform habits. Nodules of 
marcasite have a radiating internal 
structure. Its brassy yellow color is 
paler than that of pyrite and darkens 
with exposure. The streak is greenish 
black. It is an opaque mineral, and 

it has a metallic luster. 


FORMATION Commonly forms from 
acidic solutions permeating beds of shale, 
clay, limestone, and chalk. 

TESTS Decomposes readily on exposure to 


the air. Pyrite, which is chemically identical econ 
to marcasite, does not decompose as easily. = change due to 
It will dissolve in nitric acid, but with difficulty. 


exposure 
Orthorhombic 


chalk 
groundmass 
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Group: SULFIDES Composition: NiS Hardness: 3-34 
o e 
M l l le rite radiating mass 


of thin millerite 
Crystals are usually very thin, often hairlike, crystals 
and in radiating groups. Millerite can occur 
in a massive habit. It is brass yellow, and 
the streak is greenish black. It is 
opaque, with a metallic luster. 


FORMATION Often forms by replacing 

other nickel minerals. Occurs in 

limestones, dolomites, serpentines, 

and veins of carbonate minerals. 

TESTS A good conductor of electricity, Trigonal/ A PE 
millerite fuses easily. Hexagonal groundmass 


Glaucodot 


This mineral occurs as prismatic, striated 
crystals, which may be twinned. It also 
occurs in a massive habit. The color is gray 
to white. There is a black streak. Glaucodot 
is an opaque mineral, with a metallic luster. prismanie 


FORMATION Forms in hydrothermal dsd 


veins with minerals such as pyrite. 
TESTS Glaucodot is soluble in 


nitric acid and gives off a smell 
of garlic when heated. 


Orthorhombic 


Pentlandite 


uneven 


This mineral forms as massive or granular 
fracture 


specimens. It is bronze yellow and has 
a brown streak. Pentlandite is an opaque 
mineral, with a metallic luster. 


FORMATION Forms in basic igneous rocks, 
such as norite, as a result of magmatic 
segregation. It is associated with 

minerals such as chalcopyrite, 

pyrrhotite, and arsenides of nickel. 

TESTS Fuses very easily, producing 

a bead of lead gray. 


massive 
habit 


SG: 4.60-5.00 Cleavage: None Fracture: Conchoidal 


For your convenience Apress has placed some of the front 
matter material after the index. Please use the Bookmarks 
and Contents at a Glance links to access them. 
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Oo 
Sylvanite 


This mineral forms short, prismatic brilliant 

crystals, which are commonly twinned. metallic 
: luster 

Sylvanite also occurs as bladed, 

columnar, and granular masses. 

The color is silvery white, gray, or 

yellow. The streak is silvery white 

to steel gray. Sylvanite is opaque, 

and it has a metallic luster. 


FORMATION Forms in hydrothermal 

veins with fluorite, other tellurides, 

sulfides, carbonates, gold, tellurium, 

and quartz. Very fine crystals, up to 

¥% in (1 cm) long, have been found 

with native gold. 

TESTS It is soluble in nitric acid, 

leaving a yellow-gold residue. 

When heated in concentrated 

sulfuric acid, the solution 

becomes reddish in color. twinned sylvanite calcite 
Monoclinic crystals groundmass 


Group: ARSENIDES Composition: NiAs Hardness: 5-5*/ 


Nickeline massive 


Crystals rarely form in nickeline; when they 
occur, it is as small pyramidal specimens. 
The usual habits are massive, reniform, 

and columnar. It is very pale copper red, 
tarnishing to blackish. When tested 

for streak, a brownish-black powder 

is produced. It is an opaque mineral 

and has a metallic luster. 


FORMATION Forms in hydrothermal 
veins and in norites and is associated 
with ores of silver, nickel, and cobalt. 
TESTS Nickeline is soluble in nitric 
acid, staining the solution green. 

It smells of garlic when 

heated. It fuses very easily. 


copper red 
Trigonal/ when fresh 


Hexagonal 
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Group: ARSENIDES Composition: CoAs2-3 Hardness: 514-6 


Skutterudite 


Skutterudite contains variable quantities of iron 

and nickel in its chemical structure. Members of 

the skutterudite group that contain a relatively 

high proportion of nickel are called octahedral habit 
nickelskutterudite. Skutterudite occurs 
as cubic or, more rarely, octahedral 
crystals and has a pale gray or 
tin-white color, with a black 
streak. The luster of this 
Opaque mineral is metallic. 


FORMATION Skutterudite 
occurs in hydrothermal mineral 
veins, where it can be found 
with silver, arsenopyrite, 
nickeline, quartz, barite, 
siderite, calcite, and cobaltite. 
TESTS Fumes smelling 
strongly of garlic are given 

off when skutterudite is 


i 


heated or crushed : Opaque metallic luster 
Cubic 


Group: ARSENIDES Composition: NiAs2-3 Hardness: 514-6 


Nickelskutterudite 


Nickelskutterudite, formerly known as octahedral crystals 
chloanthite, is a member of the skutterudite on groundmass 
series. It contains more nickel than cobalt, 

and forms cubic or octahedral crystals. 

Nickelskutterudite is tin white in 

color, with a black streak. This 

mineral is opaque and has 

a metallic luster. 


FORMATION Nickelskutterudite 
can be found in hydrothermal 
mineral veins, where it is mined as 
an ore of nickel and cobalt. In such 
veins, it is associated with a variety 
of minerals, including arsenopyrite, 
nickeline, cobaltite, annabergite, 
erythrite, native bismuth, calcite, 
siderite, quartz, and barite. 

TESTS Nickelskutterudite gives 
off a strong smell of garlic 


when heated. 
metallic 


Cubic luster opaque 


Minerals | 65 


Group: SULFOSALTS Composition: CuzAsS,4 
o 
Enargite twinned crystals 


. . with striations 
Crystals are prismatic or tabular and 


often twinned. The crystal faces show 

vertical striations. Enargite may also os y SS ) 

form in massive or granular habits. RS E. ar A NO uneven 
The color and streak are dark gray to ES «8 dci 
black. It is opaque, with a metallic luster. 


FORMATION Found in hydrothermal 
veins or replacement deposits. These 
mineral veins are formed when hot 
fluids circulating in the earth's crust 
move upward, where the elements 
held in them are precipitated. Enargite 
is associated with many minerals, such 
as quartz, and sulfides, including galena, 
bornite, sphalerite, pyrite, and chalcopyrite. 
It also occurs in the cap rocks of salt 
domes, with minerals such as anhydrite. 
TESTS When heated, it smells of 
garlic. It is soluble in nitric acid 

and melts in a match flame. 


Orthorhombic metallic luster 


Group: SULFOSALTS 
o 
Jamesonite rock 


groundmass 
This mineral forms as acicular to fibrous 


crystals and in massive and plumose 
habits. The color and streak are both 
dark gray. Jamesonite is an opaque 
mineral and has a metallic luster. 


FORMATION Forms in 
hydrothermal veins, where 
hot, chemically rich fluids have 
permeated joints and fault lines, 
depositing minerals in the 
process of cooling. Jamesonite 
is associated with other 
sulfosalts, with sulfides, with 
carbonates, and also with 

the common mineral quartz. 
TESTS Jamesonite is soluble 
in hydrochloric acid. 


metallic 
luster 


mass of fibrous, 
twisted jamesonite 


crystals AE: 
Monoclinic 


SG: 5.63 Cleavage: Good basal Fracture: Uneven to conchoidal 
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o 
Stephan ite short, tabular 


crystal NG hexagonal 
This mineral forms as short, prismatic PR: crystal 
or tabular crystals, which are sometimes of Cl Be outline 
twinned. The habit can also be massive. iS GEO 
Stephanite is typically iron black in color, 
with a black streak. It is an opaque 


mineral, and the luster is metallic. 


FORMATION Forms in veins with 
native silver and with sulfides and 
other sulfosalts, such as acanthite, 
tetrahedrite, polybasite, proustite, 

and argentite. 

TESTS Stephanite is soluble in nitric 
acid and produces arsenic and sulfur 
oxide when this test is carried out. This 
mineral fuses very easily. 


metallic luster San SS. = 
on fresh faces Ga T twinned 


crystals 
Orthorhombic 


Pyrargyrite prismatic crystal 


showing six sides 


This mineral forms as prismatic or twinned 
scalenohedral crystals, which may be crystals 
twinned. Other habits include massive, 

compact, and disseminated particles. 

Pyrargyrite is typically dark red to 

black. The streak is dark red. This is 

a translucent mineral; the luster 

is adamantine to submetallic. 


FORMATION Forms in hydrothermal 
veins, where it is associated with other 
sulfosalts; with silver; and with other 
minerals, such as pyrite, galena, quartz, 
dolomite, and calcite. 

TESTS This mineral is 

soluble in nitric acid 

and fuses easily. 


submetallic 
luster 


Trigonal/ 
Hexagonal 


SG: 5.85 Cleavage: Distinct rhombohedral Fracture: Conchoidal to uneven 
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o 
Polybasite 


This mineral forms as tabular, 

pseudohexagonal crystals, which uneven 
often have triangular striations on their [esa 
faces. It can occur in a massive habit. ona aos 
Polybasite is iron black in color and crystal faces 

has a black streak; thin splinters may be 

dark red. It isan opaque mineral and 

has a metallic luster on fresh surfaces. 


FORMATION Forms in hydrothermal 
veins with native silver, as well as with other 
sulfosalts and sulfides, such as galena, 
argentite, and other silver and lead minerals. 
TESTS When it is heated in a flame, 

this mineral fuses very easily at 

low temperatures. 


tabular 


Monoclinic crystals 


Bou rnon ite prismatic bournonite 


crystal, showing 
This mineral forms as short, prismatic or tabular a 
crystals, which are commonly twinned and 
striated. It can also occur in massive, granular, 
and compact habits. The color is typically 
steel gray to black. The streak is gray or black. 
Bournonite is opaque and has a metallic luster. 


metallic luster on 
crystal faces 


FORMATION Forms with tetrahedrite, 
galena, silver, chalcopyrite, siderite, 
quartz, sphalerite, and stibnite in 
hydrothermal veins; these are fractures 
in the earth's crust through which hot 
fluids circulate, depositing minerals 

as they cool. 

TESTS When heated in a flame, 
bournonite fuses very easily. It is 
readily soluble in nitric acid. The 
presence of copper in bournonite's 
chemical composition is 


suggested by the fact that the 
resultant nitric acid solution c= quartz 
groundmass ee 


is colored green. fracture 
Orthorhombic 


SG: 5.83 Cleavage: Imperfect Fracture: Subconchoidal to uneven 
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T h d e get : cS J aR triangular 
etra e rite AON My, A 3 crystal face 


This mineral forms tetrahedral-shaped crystals, 
from which it gets its name. The crystals are 
often twinned and have a mass of 

triangular faces. Other habits are 

granular, massive, and compact. The 

color is gray to black, and the streak 

is variable, from black or brown to red. 

It is opaque and has a metallic luster. 
Tetrahedrite is grouped chemically 

with tennantite (below). 


FORMATION Forms in hydrothermal 
veins with sulfides, carbonates, quartz, 
fluorite, and barite. 

TESTS Tetrahedrite is soluble in nitric acid. 


quartz 
crystals 


twinned, tetrahedral 
crystals 


Tennantite 


The tetrahedral crystals formed by tennantite are 
often modified by other forms. The crystals 

are frequently twinned. Other habits are 
massive, granular, and compact. This 

mineral is dark gray to black in 

color, and the streak is black, 

brown, or dark red. Tennantite 

is opaque. It has a metallic 

luster, which sometimes can 

be very bright. 


FORMATION Forms 

in hydrothermal veins in 

association with many other 

minerals, such as barite, 

fluorite, quartz, galena, 

sphalerite, pyrite, chalcopyrite, 

calcite, and dolomite. This mineral 

may also form in high-temperature veins tetrahedral 
and in contact metasomatic deposits. iridescent Crystal 
TESTS It is soluble in nitric acid an 

and fuses easily. 


SG: 4.62 Cleavage: None Fracture: Uneven to subconchoidal 
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Group: SULFOSALTS Composition: PosSb4S11 Hardness: 21/%-3 


Boulangerite mate 


This mineral forms long, prismatic crystals, which habit 


may be acicular. Other habits are massive, fibrous, 
or plumose. The color is lead gray to bluish gray, 
and the streak is brownish. Boulangerite is 
opaque and has a dull or metallic luster. 


FORMATION Forms in hydrothermal 
veins, together with galena, pyrite, and 
sphalerite; with sulfosalts, including 
tetrahedrite, tennantite, and proustite; 
and with other minerals, such as 
quartz, and various carbonates. 
TESTS When it is heated in 

a flame, boulangerite fuses 

very easily. It does not 

react with cold, dilute 

acids but is soluble in 

hot, strong acids. 


metallic 
luster 
Monoclinic 


Proustite 


The crystals formed by proustite are prismatic, 
rhombohedral, and scalenohedral. This mineral 
also forms in massive or compact habits. It is 

a rich scarlet color and also has a scarlet 

streak, though it blackens on exposure 

to light. It is translucent to transparent. 

The luster of proustite ranges from 

adamantine to submetallic. 


FORMATION Forms in 

hydrothermal veins, where translucent 
it is associated with other edge 
sulfosalts, including 

tetrahedrite and tennantite; 

with sulfides, such as galena; 

and with quartz. 

TESTS Soluble in nitric 

acid. Fuses easily. 


Trigonal/ striated 
Hexagonal face 


uneven 
fracture 


twinned, prismatic 
crystals 


adamantine 
luster on 
crystal faces 


SG: 5.55-5.64 Cleavage: Distinct rhombohedral Fracture: Conchoidal to uneven 


70 | Minerals 


HALIDES 


HALIDES ARE compounds in which evaporites such as gypsum, halite, and 
metallic elements combine with halogens sylvite in a strict sequence, interbedded 

(the elements chlorine, bromine, fluorine, with rocks such as marl and limestone. 

and iodine). These minerals are common Other halides, like fluorite, occur in 

in anumber of geological environments. hydrothermal veins. 

Some, such as halite, are found in The halides are usually very soft minerals, 
evaporite sequences. These are alternating and many have cubic crystal symmetry. 
layers of sedimentary rock that contain Their specific gravity tends to be low. 


Group: HALIDES Composition: NaCl 
Halite 


The crystals formed by halite are often 

cube-shaped and frequently have concave 

faces (hopper crystals). Very rarely, halite 

occurs as octahedral crystals. Other habits 

include massive, granular, and compact. In 

a compact habit, the mineral is known as 

rock salt, and can be white, colorless, orange, 
yellow, reddish, blue, purple, or black. The streak, 
however, is consistently white. Halite is transparent 
to translucent and has a vitreous luster. 


FORMATION This is an evaporite mineral formed by 

precipitation as the water in a salt lake or a lagoon dries hopper Halite crystals 
out. Halite is associated with other evaporite minerals, crystal 
such as sylvite, gypsum, dolomite, and anhydrite. 

TESTS There are several very easy 

tests that can be applied to halite. It 

has a salty taste. It is also readily 

soluble in cold water; if some 

of the resulting solution is left 

to dry out, small hopper 

crystals will form by 

precipitation. Halite feels 

greasy when handled. It 

colors a flame yellow. It can 

contain impurities, which may 

produce green, orange, or 

reddish fluorescence. 


cleavage faces 
with vitreous 
luster 


Orange 
halite 


uneven fracture 


Cleavage: Perfect Fracture: Uneven to conchoidal 
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Group: HALIDES Composition: KCl 
S lvite vitreous luster Interlocking 
y on crystal faces cubic crystals 


The crystals usually form as cubes and, rarely, as 
octahedra. Sylvite can also occur in crusts and 

in massive or granular habits. It can be colorless, 
whitish, gray, bluish, yellow, purple, or red. The 
streak is white. This is a transparent to translucent 
mineral that has a vitreous luster. 


FORMATION Forms as an evaporite mineral by 
precipitation from salt solutions. It is associated 
with minerals such as halite, gypsum, 

polyhalite, carnallite, and anhydrite. 

TESTS Like halite, sylvite is soluble 

in cold water. It has a bitter taste. 


transparency 
around crystal 
margins 


well-formed, 
cube-shaped 
crystals 


Group: HALIDES Composition: AgCl Hardness: 114-21, 


° vitreous luster 
Chlorargyrite A on crystal faces ee 
aa wan? am oro T chlorargyrite 
Crystals are rare. This mineral fs rr dee PS aed 


usually occurs in massive or 
flaky habits or as crusts and 
waxy coatings. Chlorargyrite 
is colorless when fresh but 
varies from gray to green 

or yellow on exposure to 
light, eventually turning 
purple-brown. It ranges 
from transparent to nearly 
opaque. The luster is resinous 
to adamantine. 


FORMATION Forms as a secondary mineral 

in oxidation zones of silver deposits. 

TESTS Chlorargyrite is malleable 

at ordinary temperatures and 

melts in a candle flame. It is 

soluble in ammonia but not 

in nitric acid. limonite 
groundmass 


SG: 5.55 Cleavage: None Fracture: Uneven to subconchoidal 
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Group: HALIDES Composition: KMgCl3.6H20 
Oo 
Carn al l ite massive habit reddish color due 


to inclusions of 
This mineral rarely forms crystals. When crystals occur, hematite 
they are pseudohexagonal and have a pyramidal da 
shape. The usual habits are granular or massive. 
Carnallite is white or colorless, though it 
can be reddish in color due to minute 
inclusions of the iron oxide mineral, 
hematite. Carnallite varies between 
transparent and translucent. The luster 
is greasy and has a shiny appearance. 


FORMATION Forms in thick sequences 
of evaporites, including gypsum, anhydrite, 
halite (rock salt), and sylvite, in association 
with sedimentary rocks, such as marl, clay, 
and dolomite. 

TESTS Carnallite has a bitter, salty caste 
and is deliquescent. It fuses easily, turning 
the flame violet, which 


indicates the presence <A granular greasy luster, with shiny, 
of potassium. surface reflective surfaces 


Orthorhombic 


Cryolite 

This mineral forms pseudocubic and short, 
prismatic crystals; twinning is common. It 
can also occur in massive or granular habits. 
Cryolite can be colorless, white, yellowish, 
brown, or reddish. The streak is white. The 
mineral is transparent to translucent and 
has a vitreous or greasy luster. 


FORMATION Forms in igneous rocks, 

especially acid pegmatites. 

TESTS It is almost invisible in water because 

it has a similar refractive index. It fuses very 

easily, the flame being colored yellow, 

which indicates the presence of sodium. 

The transparent globule 

produced by melting 

becomes opaque as it a 

cools down. vitreous 
luster 


Monoclinic transparency at edges 
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Group: HALIDES Composition: Pb2gAg10Cu24Cle62(OH)48.3H20 Hardness: 3-31, 
Oo 
Boleite er 


; ; groundmass 
This mineral forms cubic and octahedral crystals in 


the cubic system. (Some mineralogists put boleite 

into the tetragonal system.) The color is a deep, nad 
rich indigo-blue, and the streak is blue with a Gi % BR AA boleite 

greenish tinge. Boleite is a translucent mineral. ¿A CPE wep > E crystals 
Although the crystal faces have a vitreous Pa i ¿A | i 

luster, the cleavage surfaces are pearly. 


FORMATION Forms with a number 
of other secondary lead minerals in 
the leached zone of lead 

deposits. These minerals 

include cumengite and 
pseudoboleite. 

TESTS Boleite is soluble in 

nitric acid. A further aid to 
identification is 

that the mineral 

fuses easily. 


uneven fracture on cubic boleite 
broken surfaces crystals 


o 
Atacam ite J | pale quartz, 


: : . . : ts ae an associated 
This mineral forms thin, prismatic and tabular E RIOS mineral 


crystals, which are often twinned. The crystal 
faces are frequently striated. Atacamite can 
also occur in massive, fibrous, and granular 
habits. The color varies from bright green to 
very dark green, and the streak is apple-green. 
This is a transparent to translucent mineral. 

It has a vitreous to adamantine luster. 


FORMATION Forms in the oxidized 
regions of copper deposits as a secondary 
mineral, in association with malachite, 
azurite, and quartz. Atacamite also forms 
around volcanic vents. 

TESTS Atacamite is soluble in 
hydrochloric acid without any 
effervescence. It fuses in a flame 

easily, coloring 

the flame blue. 


dark green, prismatic bright green malachite, 
Orthorhombic atacamite crystals an associated mineral 


SG: 3.76 Cleavage: Perfect Fracture: Conchoidal 
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Group: HALIDES 
e 
Fluorite 


The crystals formed by this mineral are cubes and 
octahedra and are often twinned. Fluorite may 


also be in massive, granular, and compact habits. l l 
twinned fluorite 


It occurs in a great variety of colors, ranging z A crystals showing 
from purple, green, colorless, white, and yellow E. á i translucency 

to pink, red, blue, and black. The streak is white. HA 

Fluorite is a transparent to translucent mineral LA 

and has a vitreous luster. If broken, its perfect Purple fluorite 
octahedral cleavage produces triangular shapes 

at the corners of the cubic crystals. 


twinned 
FORMATION Forms in hydrothermal veins and around transparent cubes 


hot springs. Fluorite is a fairly common mineral and 
is associated with quartz, calcite, dolomite, galena, 
pyrite, chalcopyrite, sphalerite, barite, and various 
other hydrothermal-vein minerals. 

TESTS As its name suggests, it can be 

strongly fluorescent in ultraviolet light. 


. twinnin 
vitreous luster 8 


Green fluorite 


Yellow 
fluorite 


octahedral 
crystal 


alternating 
light and 
dark bands 


vitreous 
luster 


Pink fluorite 


SG: 3.18-3.56 Cleavage: Perfect Fracture: Conchoidal 
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P = rock 
Diaboleite 


groundmass 
This mineral forms as tabular crystals, which often 
have a square outline and which are usually very 
small. Diaboleite can also occur in a massive or 
granular habit and as aggregates of thin plates. It is 
deep blue in color and has a pale blue-colored streak. 
Diaboleite is a transparent to translucent mineral 
with a vitreous luster on fresh surfaces. 


FORMATION Diaboleite forms where original 
minerals have been secondarily altered. This may 
occur when fluids from the Earth's surface, or 
rising from below, react with existing rocks 

and minerals. lts formation is associated with 
several other similar minerals, such as linarite, 
boleite, and cerussite. 

TESTS Gives off water if heated 


in a closed tube. E> 


a aggregates 
of very small 
Tetragonal diaboleite crystals 


Group: HALIDES Composition: Na(Sr,Na)7MgAlgF32(0H,H20)> Hardness: 4-44 


Jarlite 


This mineral can sometimes form as very small 

tabular crystals. More commonly, however, the 

habit is massive. Jarlite is usually white in color, but 

it can also be brown, gray, or colorless. The streak is E 
white. It is a transparent to translucent mineral and É A 
has a vitreous luster on crystal faces. yo. 


FORMATION This unusual mineral 
forms in two main geological situations. 
It occurs with another halide, cryolite, 
in pegmatites, and can also be found in 
mica schists. These rocks are formed by 
medium-grade regional metamorphism 
and are produced at considerable depth 
in the Earth’s crust. Jarlite is also found 
with topaz and fluorite. 

TESTS Gives off water if 

heated in a closed tube. 


Monoclinic 
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OXIDES AND HYDROXIDES 


OXIDES are composed of elements ores are very hard and of high specific 
combined with oxygen. A particularly gravity. They also vary considerably in 
common example is the iron oxide, color, from the rich red of ruby; the blue 
hematite, which is iron combined with of sapphire; and the red, green, and 
oxygen (O). Oxides form a variable blue of spinel (magnesium, aluminum 
group, occurring in many geological oxide); to the black of magnetite. 
environments and in most rock types. Hydroxides form when a metallic 
Some, such as hematite, magnetite element combines with water and 
(another iron oxide), cassiterite (tin hydroxyl (OH). A common example 
oxide), and chromite (chromium oxide), is brucite (magnesium hydroxide). 

are important ores of metals. Others, Hydroxides, formed through a chemical 
like corundum (aluminum oxide), have reaction between an oxide and water, 
gemstone varieties, such as ruby and are usually of low hardness: brucite, for 
sapphire. The properties of the oxides are example, has a hardness of 21/; gibbsite 
varied. The gem varieties and metallic (aluminum hydroxide) is 2/2-3/. 


Group: OXIDES Composition: MgAl204 Hardness: 744-8 
S hd l dark octahedral pleonaste 
pi n e crystal in groundmass 


This mineral forms as octahedral and 
sometimes cubic or dodecahedral crystals. 
Other habits are massive, granular, and 
compact. The color ranges from red to 
green, blue, brown, and black. The streak 
is white. Spinel is transparent to opaque 
and has a vitreous luster. 


FORMATION Forms in a variety of 
metamorphic rocks, including serpentinites, 
gneiss, and marble, as well as in igneous 
rocks of mafic chemistry. 

TESTS A characteristic of this mineral is 
that it is infusible. Picotite is the chromium- 
rich variety, and pleonaste is the 

dark, iron-rich variety of spinel. 


quartz 
groundmass 


octahedral Pleonaste 
crystal 


Ruby spinel 
Cubic 


SG: 3.58 Cleavage: None Fracture: Conchoidal to uneven 
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e e 
Zincite 


Pyramidal, hemimorphic crystals are formed 
by this mineral, but only rarely. Usually, zincite 
occurs in massive, granular, and foliated habits. 
The color is dark red to orange-yellow. The 
streak is orange-yellow. Zincite is translucent to 
transparent, and it has a subadamantine luster. 


FORMATION Forms in contact 

metamorphic rocks and is associated with 

minerals such as calcite, willemite, franklinite, 

and tephrite. Zincite is an important zinc 

mineral, prized by collectors and 

mineralogists for its rarity. 

TESTS Zincite is soluble 

in hydrochloric acid but 

shows no effervescence. mass of 

It is fluorescent and foliated 

is infusible when placed a 

in a flame. 

calcite 

Trigonal/ | groundmass 
Hexagonal 


SG: 5.68 Cleavage: Perfect Fracture: Conchoidal 


Group: OXIDES Composition: ZnFe*320,4 Hardness: 514-644 


Franklinite a ae 


This mineral is in the spinel group. It fracture ra 
occurs as octahedral crystals, frequently 

with rounded edges, and in granular or 

massive habits. The color is black, with 

a reddish-brown to black streak. 

Franklinite is opaque, and it has a 

metallic luster. 


FORMATION Forms in zinc 
deposits in metamorphosed 
limestones and dolomites. It is 
associated with a number of other 
minerals, including calcite, willemite, 
zincite, rhodonite, and garnet. 
TESTS This mineral is weakly magnetic. 
When heated in a flame, it becomes 
strongly magnetic and is 

infusible. It is soluble in 

hydrochloric acid, with 

no effervescence. 


octahedral 
Cubic franklinite crystal 


SG: 5.07-5.22 Cleavage: None Fracture: Uneven to subconchoidal 
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Group: OXIDES Composition: Cu20 Hardness: 3-4 
Oo 
Cu prite twinned adamantine luster 


crystals on crystal faces 
Crystals are octahedral, cubic, 
and dodecahedral; twinning 
is uncommon. Cuprite also 
occurs in massive, compact, 
and granular habits. The 
color is red, and the streak 
a brownish red. Cuprite is a 
translucent to transparent 
mineral. When exposed to the 
air, it tarnishes to semiopaque. 
It has an adamantine, 
submetallic, or earthy luster. 


FORMATION This widespread mineral 

forms in the oxidized parts of copper 

deposits, where it is associated with 

native copper, malachite, 

azurite, chalcocine, and submetallic 

oxides of iron. ) FA luster 

TESTS It is soluble in nitric 

and other acids. It fuses, Va > Ae cubo-octahedral 
turning the flame green. - crystal 


Group: OXIDES Composition: FeCr204 Hardness: 5145 


Chromite chromite RN 
chromite el i 
The crystals are octahedral but rarely OY 
occur. The usual habits are massive, 

granular, or nodular. Chromite is black 

to brownish black, and the streak is dark 

brown. This mineral is opaque and has 

a metallic luster. 


FORMATION Forms in igneous rocks, 
especially ultramafic and mafic rocks; placer 
deposits often contain chromite. 

TESTS Chromite is insoluble in acids and 

is weakly magnetic. It is infusible when 
placed in a flame. 


weathered, 
individual 
chromite 
crystals 


metallic luster not 
seen on unbroken 
surfaces 


serpentinite 
groundmass 
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Oo 
Magn etite granular habit 


of small 
This common oxide mineral forms octahedral particles 


and dodecahedral crystals and also occurs in 
massive and granular habits. The color is 
black, and so is the streak. Magnetite is an 
opaque mineral. The luster may be either 
metallic or dull. 


FORMATION Magnetite forms in igneous rocks 
and also in veins and replacement deposits. 
TESTS As the name suggests, this mineral is highly 
magnetic, attracting iron filings. It will also deflect 
a compass needle. 


triangular 
crystal face 


Granular 
magnetite 


Ilmenite 


This mineral usually forms thick, tabular 

crystals; sometimes it forms rhombohedral crystals. 
Twinning is common. Other habits are lamellar, 
massive, compact, and granular. It is black or 
brownish black, with a black to brownish-red 
streak. It is opaque. Ilmenite has a luster 

ranging from metallic to dull. 


FORMATION Forms in many igneous 
rocks as an accessory mineral, including 
pegmatites, and in mineral veins. It is 
also found as a placer in black sands. 
TESTS Soluble in concentrated 
hydrochloric acid if 

powdered first. Weakly 

magnetic when cold. 


oligoclase 
feldspar 
groundmass 


Trigonal/ twinned ilmenite 
Hexagonal crystals 


SG: 4.72 Cleavage: None Fracture: Conchoidal to uneven 
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H tit a, Hexagonal 
ematite ET ie» 


hematite 
The crystals of this mineral are tabular, or rhombohedral, 
and occasionally prismatic or pyramidal. Tabular crystals 
may form as rosettes, when they are called iron 
roses. Other habits are massive, compact, 
columnar, fibrous, reniform, botryoidal, 
stalactitic, foliated, and granular. When hematite 
forms in a reniform habit, it is known as kidney 
ore. Its color ranges from brownish, bright red, 
blood red, and brownish red to steel gray and 
iron black. The streak is brownish red. It is an 
Opaque mineral with a metallic to dull luster. 


hexagonal 
outline 


metallic 
luster 


FORMATION Occurs as a hydrothermal and 
replacement mineral. It also forms in igneous 
rocks as an accessory mineral. 

TESTS This mineral may become 


magnetic when heated. pular 


habit 


specularite 


centers 
Specular 


hematite 


F 


i b 
4 


a 
J de 


wal. va 


Y y 


N \ Sl o 


= 


rounded 
shapes 


mass of specular 
hematite crystals specular hematite 


bright 
metallic 
luster 


kidney ore 
groundmass weathered 
specimen 


' showing 
ÓN massive habit 


Trigonal/ 
Hexagonal Massive hematite 


SG: 5.26 Cleavage: None Fracture: Uneven to subconchoidal 
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Group: OXIDES Composition: BeAl20, Hardness: 814 
Ch ryso be ryl vitreous striations on 


luster : crystal faces 
Chrysoberyl crystals are tabular or prismatic : RTS 


and commonly twinned. Other habits are 
granular and massive. The color varies from 
green or yellow to brownish or gray, and the 
streak is white. The gem variety, alexandrite, 
is green in daylight but is red in tungsten light. 
Chrysoberyl is a transparent to translucent 
mineral, and it has a vitreous luster. 


FORMATION Forms in many rocks, including 
pegmatites, schists, gneisses, and marbles. 
Chrysoberyl also occurs in placer sands, which 
are alluvial deposits. Its occurrence here is largely 
due to its great hardness and resistance to 
weathering and erosion. 

TESTS It is an insoluble mineral. 


Qu, transparent to 


translucent 
Orthorhombic crystal 


Cassite rite adamantine luster 


on crystal faces 


This mineral may form as stumpy or 

slender prismatic, or bipyramidal, fined 
crystals. Other habits are massive, crystals 
granular, botryoidal, and reniform. 

Typically, it is brown to black, but it short, 
may also be yellowish or colorless. prismatic 

The streak is white, gray, or ee 
brownish. Cassiterite is transparent 

to nearly opaque. The luster is 

adamantine on crystal faces and 

greasy when fractured. 


FORMATION Forms in high-temperature 
hydrothermal veins, where associated 
minerals include quartz, chalcopyrite, and 
tourmaline. It also occurs in some contact 
metamorphic rocks. 

TESTS This mineral is insoluble in acids. 
Cassiterite is also infusible. 


Tetragonal 


SG: 6.99 Cleavage: Poor Fracture: Subconchoidal to uneven 
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Group: OXIDES | Composition: ALO Hardness | 
Corundum 


This mineral forms steep bipyramidal, prismatic, 
tabular, or rhombohedral crystals. It also occurs 
in massive and granular habits. Corundum can 
be many colors but always has a white 

streak. It is transparent to translucent, A 
with a vitreous to adamantine luster. 


FORMATION Forms in silica-poor 
igneous rocks and metamorphic rocks 
rich in aluminum. bipyramidal 
TESTS It is insoluble. Trigonal/ crystal 
Hexagonal translucent 


SG: 4.00-4.10 Cleavage: None Fracture: Conchoidal to uneven 


Group: OXIDES Composition: Al203 


Ru b vitreous luster 
y ruby crystal dá < 

A variety of corundum, ruby forms RESPE 

as bipyramidal, prismatic, tabular, or 

rhombohedral crystals. It is red in color 

and has a white-colored streak. Ruby Ma eet 

: . in groundmass 

is translucent to transparent, with a 


vitreous or adamantine luster. 


FORMATION Forms in igneous and 
metamorphic rocks. Because of its 
hardness and density, ruby also occurs 
in river gravels. 


TESTS Insoluble in acids. Trigonal/ 
Hexagonal 


SG: 4.00-4.10 Cleavage: None Fracture: Conchoidal to uneven 


Sapphire 


The blue-colored variety of corundum, 
sapphire forms as bipyramidal, prismatic, 
tabular, or rhombohedral crystals. Other habits 
are massive and granular. The streak is white. 
Sapphire is transparent to translucent, 

with a vitreous or adamantine luster. 


FORMATION Sapphire forms in certain bipyramidal 


igneous and metamorphic rocks. It also crystal 

occurs in sedimentary alluvial deposits. Trigonal/ ' 

TESTS It is insoluble in acids and is infusible. 6 sapphire chystaiey 
Hexagonal rock groundmass 


SG: 4.00-4.10 Cleavage: None Fracture: Conchoidal to uneven 


Introduction 


We're surrounded by electronics these days. Did you ever wonder how it all worked? Do you know just 
enough about electricity to be dangerous? Would you like to learn more? Then this book is for you. 

There are many excellent textbooks on how electricity works. This is not one of them. This book 
helps you get started learning about electricity and electronics by showing you how to set up your own 
electronics laboratory. You might have guessed that from the title. 

Along the way, several simple exercises are presented to show you some basic concepts about 
how electricity works in the real world —not just in a lecture hall. By the time you get done reading this 
short book, you'll have a good idea of where to begin and what kinds of tools and components you might 
need, and you'll have some excellent advice about how to keep it all organized. 

Once you've got your own space set up to perform your electronic experiments, the sky is the 
limit. 

Here's what you have to look forward to in this book, one chapter at a time. 


Chapter 1: Planning Your Electronics Workshop 


Your very own electronics laboratory is a great place to build, repair, invent, and learn more about 
electronics. We seem to be surrounded by electronics more and more every day. We can easily become 
dependent upon them, without even understanding how they work. Having your own electronics lab 
can help you gain some control over your electronic minions. Here you can learn about their inner 
mysteries, including how to repair them when possible or, better yet, improve them with your own 
custom modifications. You can also turn your own ideas into reality by building electronic circuits from 
scratch. 

What will you need to plan your lab? What if you already have a basic understanding of 
electronics and the beginnings of a workshop at your disposal? This chapter helps get you going in the 
right direction. 


Chapter 2: Building Your Tool Chest 


You're going to need some tools in your lab, as well as the skills to use them effectively. This chapter will 
get you started. 

If you're starting from scratch, don't worry. There's not a whole lot you absolutely must have to 
get started. Some basic hand tools and a place to keep them organized is all you will need. You don't 
even have to spend a lot of money at first. As you progress in your hobby, you will most likely want to 
add to your tool chest and upgrade some of those tools. Electronics can be the perfect hobby because it 
can take up (1) all your spare time and (2) all your discretionary income. What more could you ask for? 
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o 
Pyrol usite dendritic habit 


on a rock surface 
Crystals are prismatic but very rare. The usual 


habits are massive, compact, columnar, or 
fibrous. Powdery coatings are common. lt 
is black to dark gray in color and has a 
black or bluish-black streak. Pyrolusite is Maer sb) Gee A 
an opaque mineral, and it has a metallic w e >> bs ge y) ] | 
to dull or earthy luster. $ Bi 


Powdery 
pyrolusite 


FORMATION Forms as a precipitate in lakes 
and bogs and also in nodules on the deep 
ocean bed. Pyrolusite is a secondary 

mineral in manganese veins. 

TESTS Soluble in hydrochloric 

acid. It will leave sooty marks 

if touched. 


dull luster 


Massive 
Tetragonal uneven fracture pyrolusite 


Group: OXIDES Composition: CaTiOz Hardness: 514 


a 1k pseudocubic 
Pe rovs kite ge hae crystal 
This mineral forms pseudocubic crystals with i Eee 
striations parallel to the edges. It also occurs 
as reniform masses. The color is yellow, 
amber, dark brown, or black, and there is a 
colorless to pale gray streak. Perovskite is 
a transparent to opaque mineral, and it 
has a metallic to adamantine luster. 


FORMATION Forms in certain mafic and 
ultramafic igneous rocks, schists rich in talc 
and chlorite, and in some marbles. Perovskite 
is also an accessory mineral in some rocks. 
An accessory mineral is not an important 
rock former, and its presence does 

not influence the bulk chemistry or 
classification of the rock. 

TESTS It is soluble only in hot, sulfuric 

acid. Perovskite is infusible. 


Orthorhombic striated crystal 


Cleavage: Imperfect Fracture: Subconchoidal to uneven 
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Group: OXIDES Composition: TiO2 Hardness: 6-614 
Rutil 
acicular crystals 


Together with brookite and anatase, rutile forms UR in quartz 
a trimorphous series. The crystals are prismatic | > 
and are often striated. Rutile also forms as very 
slender acicular crystals in quartz (rutilated quartz). 
Twinning is common. It can be massive in habit. 
The color is reddish brown, red, yellow, or black, 
and there is a pale brown to yellowish streak. 
Rutile is a transparent to opaque mineral 

with submetallic to adamantine luster. 


Rutilated 
quartz 


FORMATION Forms as an accessory mineral 


in many igneous rocks and also in metamorphic 
schists and gneisses. Slender needles sometimes 
form as inclusions (“cat's eye” and “star” 
asterism) in quartz, corundum, and 

other transparent host minerals. 

TESTS This mineral is insoluble 


uneven 
fracture 


in acids. 


Tetragonal 


} SG:423 0 Cleavage: Distinct Fracture: Conchoidal to uneven 
Group: OXIDES Composition: TiO2 Hardness: 514-6 
Brookit 


This mineral forms as tabular 
crystals, striated vertically, and 

also as prismatic crystals. The 

color is brown, reddish brown, 

or brownish black. The streak can 
be white, gray, or yellowish. It is a 
transparent to opaque mineral with 
an adamantine to submetallic luster. 


albite, an associated 
mineral 


FORMATION This mineral occurs in a number of geological 
situations. It forms in certain metamorphic rocks, especially 
high-grade schists and gneisses, in veins cutting through 
the rock. Brookite is often associated with quartz, rutile, transparent 
and feldspars. It can also occur in sedimentary rocks as 
a detrital mineral, after being eroded 

striated brookite 


from its original location and then 

crystal face 
being redeposited. =| 
TESTS It is insoluble in acids 


and infusible. Orthorhombic 


SG: 4.08-4.18 Cleavage: Poor Fracture: Subconchoidal to uneven 
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Group: OXIDES Composition: TiO2 Hardness: 514-6 
A á albite, an 
n atase DO | associated 


mineral 


The pyramidal crystals formed by 

anatase are often striated. Crystals 

may also be tabular and highly 

modified. The color is brown, deep 

blue, or black, and the streak is colorless, 
white, or pale yellow. Anatase can bea 
transparent to nearly opaque mineral, and 
it has an adamantine to submetallic luster. 


FORMATION This particular type of titanium 
dioxide forms in certain metamorphic rocks, 
especially schist and gneiss. It can occur in 
some igneous rocks, such as diorite and 
granite, where it is an accessory mineral. 
Anatase is also found in placer deposits, 
after it has been removed from its 

original location and then 

redeposited alluvially. 

TESTS This mineral is 

insoluble in all acids. 


Tetragonal 


Group: OXIDES Composition: UO2 


Uraninite 


This mineral occurs as cubic, cubo-octahedral, 
octahedral, or dodecahedral crystals. More 
often, it forms in massive (when it is known as 
“pitchblende”), botryoidal, or granular habits. 
The color and streak can be black to brownish 
black or grayish black. Uraninite is an opaque 
mineral and has a submetallic, greasy, dull, 

or pitchlike luster. 


dull luster 


FORMATION It forms in hydrothermal veins 
and also occurs in stratified sedimentary rocks, 
such as sandstone and conglomerate, and in 
some igneous rocks, including pegmatites 

and granites. 

TESTS Uraninite is highly radioactive. It is 
infusible and is insoluble in hydrochloric acid, 
but it does dissolve slowly if put in 


nitric acid. 
opaque 


botryoidal habit 


SG: 10.63-10.95 Cleavage: Indistinct Fracture: Conchoidal to uneven 
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Group: OXIDES 
Quartz LA 


One of the most common minerals, quartz forms Amethyst 
hexagonal prisms, terminated by rhombohedral, vitreous 
or pyramidal shapes. Quartz faces are often luster 
striated and the crystals twinned and distorted. 
It also occurs in massive, granular, concretionary, 
stalactitic, and cryptocrystalline habits. The 
coloring is amazingly variable, and quartz 
may be white, gray, red, purple, pink, yellow, 
green, brown, and black, as well as being 
colorless. It is the source of a wide variety 

of semiprecious gemstones—many of which 
are shown here. The streak is white. Quartz 
is a transparent to translucent mineral, and it 
has a vitreous luster on fresh surfaces. 


Hardness: 7 


FORMATION This mineral 
occurs commonly in igneous, 
metamorphic, and sedimentary 
rocks and can be frequently found 
in mineral veins with metal ores. 
TESTS Quartz is insoluble unless 
placed in hydrofluoric acid. 


pyramidal 
termination 


Trigonal/ 
Hexagonal 


milky quartz f 


groundmass 


vitreous luster 


Smoky quartz 


uneven fracture 


Rose quartz 


SG: 2.65-2.66 Cleavage: None Fracture: Conchoidal to uneven 
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prismatic 
crystal habit 


pyramidal 
termination 


Rock crystal 


Milky quartz 


vitreous luster hexagonal 
crystal 


uneven fracture 
at base of crystal 


vitreous luster 
Citrine 
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Group: OXIDES 
Chalcedony SERAS 
SATA NS 


A microcrystalline variety of silicon dioxide, 
chalcedony usually occurs as mammillary or 
botryoidal masses. The color is highly variable 
and may be white, blue, red, green, brown, or 
black. Varieties of chalcedony include jasper, 
an opaque form; agate, a form with concentric 
banding of different colors; moss agate, with dark 
dendritic patterns; chrysoprase, a green variety; and 
onyx, in which the banding is parallel. Carnelian 
is red to reddish brown, and sard is light to dark 
brown. There is a white streak. Chalcedony is a 
transparent to translucent or opaque mineral, 
and it has a vitreous to waxy or dull luster. 


Hardness: 614-7 


POE" 


FORMATION This mineral forms 

in cavities in rocks of different 

types, especially lavas. Most 

chalcedony develops at relatively 

low temperatures as a precipitate 

from silica-rich solutions. lt can botryoidal 
also be formed as a dehydration habit 


} 


Lg 
ate 


waxy 
luster 


product of opal. Botryoidal 
TESTS Its higher specific gravity chalcedony 
can help distinguish chalcedony 
from opal. 
different- pe 
colored > cut 
bands Trigonal/ specimen 


Hexagonal 


concentric 
uneven bands Fortification 
fracture Carnelian agate 


Cleavage: None Fracture: Conchoidal 
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waxy luster 


mammillary 
habit 


Jasper 


bands of different 


Chrysoprase colors uneven fracture 


f e 
vitreous A 
luster vi 


caer. ier 


parallel bands 
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Group: OXIDES 
e e 
Columbite series 


Minerals in this series, from columbite-(Fe) 
to columbite-(Mn), have tabular or prismatic 
crystals, often twinned. Massive habit also 
occurs. The color is black to brownish black, 
and the streak is black or dark red. The 
minerals are transparent to opaque, with a 
vitreous to submetallic luster. 


FORMATION Forms in granitic pegmatites. 
TESTS These minerals are insoluble 0 
and nearly infusible. 


Orthorhombic 


Samarskite-(Y) pe 
This mineral occurs as prismatic crystals, TE IRA S de 
which have a rectangular cross-section, and 

in massive or compact habits. The color is 

black or brownish, and the streak is dark 

reddish brown to black. Samarskite is a 

translucent to opaque mineral, and it has 

a resinous, vitreous, or submetallic luster 

on fresh surfaces. 


FORMATION Forms in granitic pegmatites. 
TESTS It is soluble in hot acids and radioactive. 
Monoclinic 


Group: OXIDES Composition: Mn2*Mn3*304 


Hausmannite pei 
crystals 

The pseudo-octahedral and pyramidal 

crystals are frequently twinned. This mineral 

also forms as granular masses. The color is 

brownish black, and the streak is reddish brown. 

Hausmannite is opaque and has a resinous, dull, 

or submetallic luster. 


FORMATION Forms in rocks that have 

undergone contact metamorphism. It 

also occurs in hydrothermal veins. 

TESTS It is soluble in concentrated 

hydrochloric acid. Tetragonal 
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Group: OXIDES Composition: Oxides and hydroxides Hardness: 1-6 


Wad 


Not strictly a mineral, wad is a mixture of several 
oxide and hydroxide minerals, especially of 
manganese. It usually contains hollandite, 
todorokite, and romanechite. It has an 
amorphous appearance and may 

be reniform, arborescent, 

encrusting, or massive in habit. 

Wad is often a dull black color, 

though it may be lead gray, 

bluish, or brownish black. The 

streak is dark brown or blackish. 

Itis an opaque mineral with 

a dull or earthy luster. 


massive habit 


FORMATION Occurs in sedimentary 
environments with manganese minerals. rock groundmass 
TESTS When heated in a closed test tube, 
water is given off. 


Group: HYDROXIDES Composition: (Ba,H20).(Mn** Mn3+)5010 Hardness: 5-6 


dull luster 


Romanechite Massive 


romanechite 
Formerly sometimes known as psilomelane, 


romanechite rarely occurs as crystals, but 
forms in massive, botryoidal, reniform, 
stalactitic, and earthy habits. It is black 

to dark gray, and the streak is black or 
brownish black and shining. It is opaque, 


with a submetallic or dull luster. opaque 


FORMATION Forms by the alteration of other 
minerals, especially manganese-rich silicates 
and carbonates. Romanechite is a common 
mineral and is found in concretions and 

where limestones have been replaced 


by other materials. 

TESTS It is soluble in hydrochloric acid, 
giving off chlorine gas. It gives off water if 
heated in a closed test tube. 


submetallic Botryoidal 
Monoclinic luster romanechite 
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Group: OXIDES Composition: Pyrochlore (Na,Ca,U)2(Nb,Ta,Ti)205(OH,F) Hardness: 5-514 


quartz 
Pyrochlore group > O WS 
This group of minerals usually forms as octahedral ae TAR / 
crystals, which are sometimes twinned. Other 
habits are as grains and irregular masses. Its 
color is brown, reddish brown, or black. 
The streak is yellowish to brown. The group 
minerals are transparent to opaque and 
have a vitreous to resinous luster. 


FORMATION Forms in pegmatites and carbonatites. 

Minerals of the pyrochlore group are also found as 

accessory minerals in nepheline syenites. 

TESTS The minerals in this group are infusible. 

They are soluble in hydrochloric acid, but only Pyrochlore 
with great difficulty. A number of elements, 

such as thorium and uranium, can replace 

calcium and sodium in the chemical 

structure when the mineral 

becomes radioactive. 


twinned octahedra 


uneven fracture 
on surfaces 


Microlite 


SG: 4.48-6.40 Cleavage: Distinct Fracture: Subconchoidal to uneven 


Tungstite 


Crystals are microscopic and platy but are 
rarely visible to the eye. Tungstite more 
commonly forms in massive, earthy, or 
powdery habits. The color may be yellow 
or yellowish green, and the streak is yellow. 
It is a transparent to translucent mineral with . 

; yellowish 
an earthy or resinous luster. tungstite 


quartz 
groundmass 


FORMATION Forms in environments 


where primary tungsten minerals have 
been altered. 4 
TESTS Tungstite is soluble in alkaline 


solutions, but it is insoluble in acids. Orthorhombic 


INTRODUCTION 


Chapter 3: Components 


You're going to need some components to play with, as well as the knowledge to use them effectively. 
This chapter will introduce you to some of the bits and pieces that make up modern electric and 
electronic circuits. You'll also learn a little bit about how to identify components from their appearance 
and markings, when available. 

Once you ve got an idea about what these parts do in a circuit, you'll learn a little more about 
how to measure their electrical properties and put them to use. You'll also be shown what notto do, in 
some select examples. 


Chapter 4: A Portable Mini-Lab 


Having a portable (or at least (transportable) electronics lab comes in handy in several circumstances. 
Maybe you don't have a place (yet) for a permanent home for all that equipment. Maybe you need to 
bounce at a moment's notice, heading off on electronic adventures at the drop of a hat. Or maybe you 
like to keep everything where you can find it in a hurry, without having to rummage through shelves and 
boxes, looking for just the right tool or component. 

Whatever your motivation for wanting a portable lab at your disposal, this chapter should help 
you get started. 


Chapter 5: The Cozy Corner Lab 


You don’t need an entire garage or extra office for a functional laboratory for your electronic endeavors. 
It’s certainly nice if these areas are available to you, but you might be surprised at how much you can do 
in just a small space, if you set it up properly and maintain it with determination. 


Chapter 6: The Small Group Lab and Classroom 


The first part of this book deals with how to get along with electrons and make them do your bidding. In 
this chapter, you'll explore a completely different topic: other people, and how to get along with them. 

You might not ever figure out how to get them to do your bidding, but at least you can keep 
them from stealing your tools. Maybe. 


Appendix A: Getting Started with Tool Building 


Once you've become comfortable in your lab and had time to play with a few circuits, you might start to 
notice that some of the “tools” you've been using are just simple electronic circuits themselves. Good 
examples are power supplies and meters. These are great tool-building projects because you can see 
useful results early. 

This appendix takes a look at building a couple of simple electronic tools that might be of use in 
your lab. Hopefully you will develop a better understanding of how these tools work. Ideally, you will 
progress from the basic question of “Does it work?” to the more involved questions of “How well does it 
work and what can I do to improve it?” 
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Hardness: 514-614 


iron nodule 


Group: OXIDES Composition: SiO2.nH20 


The structure of opal is amorphous. It 
forms in a wide variety of habits, including 
massive, botryoidal, reniform, stalactitic, 
globular, nodular, and concretionary. 
Precious opal is milky white or black, with 

a brilliant interplay of colors, commonly 
red, blue, and yellow. The colors often 
change as a result of the warming of water 
in the mineral. Precious opals warmed in 
the hand, for example, will be particularly 
brilliant. Fire opal is orange or reddish 

and may or may not have an interplay of 
colors. Common opal is gray, black, or green 
and has no interplay of colors. The streak is 
white. Opal is transparent to opaque. Its luster 
varies from vitreous to resinous, waxy, pearly, or 
dull, though vitreous is the most common luster. 


nodule broken to 
reveal opal 


Precious opal 


FORMATION Forms at low temperatures from silica-rich 
water, especially around hot springs, but it can occur in 
almost any geological environment. 

TESTS Opal often fluoresces in ultraviolet light and 

is insoluble in acids. When heated, it decomposes 

and may turn into quartz as the water molecules are 
removed. When opal is exposed to air for any length of 
time, the mineral structure becomes fragile because 
of the loss of water. 


concentric bands 
representing 

the growth rings 
from a tree 


red coloring 
typical of 


fire opal 
vitreous luster on 


freshly broken 
surfaces 


Fire opal 


SG: 1.99-2.25 Cleavage: None Fracture: Conchoidal to uneven 
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Group: HYDROXIDES 
Brucite 


This mineral forms as broad, tabular crystals. It 
can be massive, foliated, fibrous (nemalite), and 
granular in habit. It is white, pale green, gray, 
bluish, and—when it contains manganese— 
yellow to brown in color. There is a 

white streak. Brucite is transparent to 
translucent. It has a waxy, vitreous, or 

pearly luster. (The fibrous varieties 

are silky.) Flexible, inelastic laminae 

are produced from the perfect 

cleavage when this mineral is 

carefully broken. 


FORMATION Forms in metamorphosed 

limestones and in schists and serpentinites. 

TESTS Brucite is soluble in hydrochloric acid, ao 
with no effervescence. It is also infusible. crystal 


fibrous habit 


silky luster 


Trigonal/ 
Hexagonal 


G oeth ite striated goethite 


crystals 


groundmass 
This mineral sometimes occurs as vertically striated, of quartz 
prismatic crystals but more frequently as massive, 

botryoidal, stalactitic, and earthy specimens. The color 

is blackish brown or reddish to yellowish brown. The 

streak is orange to brownish. Goethite is opaque. 

The luster is adamantine on crystal faces 


and otherwise dull. 


FORMATION Goethite 
forms by the oxidation of 


iron-rich deposits. 
TESTS Becomes magnetic 


when heated. 
Orthorhombic 
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Ml bal 2 WJ 
Limonite 


Limonite is now regarded as a form of Sn earthy mass 
goethite. It is an amorphous material aa, 

and occurs in earthy masses, concretions, g ` 

mammillary, and stalactitic forms. It is Ea 


often found as a pseudomorph after 
pyrite and other iron minerals. The 
color is yellow, brownish yellow, 
brown, or blackish. There is a 
yellow-brown streak. It is 

opaque and has a dull, 

earthy luster. 


FORMATION Forms in 
the oxidation zones of iron 


deposits. Limonite also occurs ~- 

by precipitation in the seawater ONS 

and freshwater and in bogs. Qs 

TESTS This material gives off water T | AT 

when heated in a closed test tube. Dissolves AS. S de: 

very slowly in acid. A Tae, ea E 
dull luster — 


Group: HYDROXIDES Composition: MnO(OH) 
i . . . 
M an an ite prismatic, striated 
5 crystals 


This mineral forms as striated, prismatic crystals, which 
are often in bundles. Twinning is common. It also occurs 
in massive, fibrous, columnar, granular, concretionary, 
and stalactitic habits. It is dark gray to black. There is a 
reddish-brown to black streak. Manganite is an opaque 
mineral, and it has a submetallic luster. 


opaque 


FORMATION Forms in low-temperature n gp =~ 
hydrothermal veins and also in shallow AAN i% ; e 0 ‘i wr In > A ge 
marine deposits, lakes, and bogs. Some tae E WA ¿Iv j > ae 
manganite is deposited from meteoric a ah a } 
water circulating underground. It is T RAE Be "aa e - 
often partially altered to pyrolusite by | ES 

fluids circulating in and on the Earth's 

surface. lts own crystal form 

remains unchanged. 

TESTS Soluble in 

hydrochloric acid, 

giving off chlorine. 


Monoclinic submetallic luster 
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Group: HYDROXIDES Composition: Variable 
Bauxite pisolitic habit 


A mixture of several minerals, bauxite' composition 
includes hydrated aluminum oxide, gibbsite, boehmite, 
diaspore, and iron oxides. Strictly speaking, bauxite 
should be classified as a rock, but it is sometimes 
grouped with minerals. The varied composition 
means that its properties are also variable. 

The habit is generally massive, concretionary, 

oolitic, or pisolitic. The color varies from 

white to yellowish or red and reddish-brown. 

Bauxite has a dull or earthy luster and is opaque. 


FORMATION Forms by the weathering and decay of 
rocks that contain aluminum silicates. This is most likely 
to occur under tropical conditions, when heavy rains 
leach the silicates from the rock, leaving behind the 
aluminum minerals. 
TESTS Bauxite smells of wet clay if breathed on. It is infusible ae 
and virtually insoluble. ER ra rounded 
o fragments in 
groundmass 


o 
Diaspore 


This mineral forms as platy, 
acicular, or tabular crystals, 
as well as in massive, foliated, 
scaly, or stalactitic habits. It is 
frequently disseminated and 
granular. The color may be 
white, colorless, grayish, 
yellowish, greenish, brown, 
purple, or pink. There is a 
white streak. Diaspore is 

a transparent to translucent 
mineral. The luster is vitreous 
but pearly on cleavages. 


platy habit 


FORMATION Forms in altered igneous 
rocks and in marbles. It 

occurs with many minerals, including 
magnetite, spinel, dolomite, chlorite, and 
corundum. Diaspore is also found in clay 
deposits, when it occurs with bauxite and 
aluminum-rich clay minerals. 

TESTS It is insoluble, and infusible. 


emery groundmass Orthorhombic 


SG: 3.20-3.50 Cleavage: Perfect Fracture: Conchoidal 
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o e 
Lepidocrocite submetallic 


luster 
This mineral may form as flattened, platy 
crystals but more commonly occurs in massive 
or fibrous habits. The color is deep red to reddish- 
brown, and the streak is orange. Lepidocrocite is 
a transparent mineral with a submetallic luster. 


FORMATION Forms with minerals such 

as goethite as a secondary mineral. 

TESTS Lepidocrocite is strongly 

magnetic when heated. It dissolves = 
slowly in hydrochloric acid but much 


more quickly in nitric acid. Orthorhombic 


Gibbsite 


This mineral forms tabular, pseudohexagonal 

crystals. Gibbsite also occurs in a massive habit, 

as coatings, and as crusts. It is white, gray, greenish, — "regular 
pinkish, or reddish; the streak is white. Gibbsite ia 
is a transparent to translucent mineral, and it 

has a vitreous to pearly or earthy luster. 


FORMATION Forms in hydrothermal 
veins and as an alteration product of 
aluminum minerals. 

TESTS Gibbsite smells of wet clay 
when breathed on. 


Group: HYDROXIDES Composition: Sb3*Sb5+*206(0H) Hardness: 51⁄2-7 


pseudomorphic 


Sti bicon ite after stibnite 


This mineral may be prismatic. The usual 
habits are massive, compact, or botryoidal, 
though stibiconite also forms as crusts. The 
color is white to pale yellowish; it may 

be orange, brown, gray, or black due to 
impurities. The streak is yellow-white. 
Stibiconite is transparent to translucent, 
with a pearly to earthy luster. 


FORMATION Forms by the alteration of stibnite. 
TESTS Gives off water when heated in a closed 
test tube. 
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CARBONATES, NITRATES, AND BORATES 


CARBONATES ARE compounds in which rhombohedral crystals. They tend to 
one or more metallic or semimetallic dissolve readily in hydrochloric acid 
elements combine with the carbonate and are generally vividly colored. 

(C03)? radical. Calcite, the most common Nitrates are compounds in which one 
carbonate, forms when calcium combines or more metallic elements combine with 
with the carbonate radical. The substitution the nitrate (NO>)”* radical (for example, 

of barium for calcium produces nitratine). Borates, also included in this 
witherite; when manganese substitutes, section, are formed when metallic 
rhodochrosite is formed. Carbonates elements combine with the borate (BO3)> 
usually occur as well-developed radical (for example, ulexite, colemanite). 


Group: CARBONATES Composition: CaCOz Hardness: 31/-4 


coral-like resinous 


Aragon ite habit luster 


The prismatic and elongated crystals formed 
by aragonite are often twinned. If intergrown, 
such twins may produce pseudohexagonal 
forms. The habit can also be columnar, 
stalactitic, fibrous, radiating, and coral- 

like, when it is called flos ferri, meaning 
“flower of iron.” Aragonite is white, 
colorless, gray, yellowish, green, blue, 

violet, reddish, or brown. There is a white 
streak. It is transparent to translucent 

and has a vitreous or resinous luster. 


FORMATION Widespread, forming in 

metamorphic and sedimentary rocks, in caves 

in limestone areas, in mineral veins, and 

around hot springs. 

TESTS It is soluble in cold, 

dilute hydrochloric acid, 

with effervescence, and is ; A 

often fluorescent under us a Flos ferri 


ultraviolet light. rock 


aragonite groundmass 


pseudohexagonal 
twinned crystals 


vitreous luster 


Pseudohexagonal 
Orthorhombic — aragonite 


SG: 2.95 Cleavage: Distinct Fracture: Subconchoidal 
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(J 
Calcite 


Crystals are rhombohedral and scalenohedral, 
with combinations producing nail-head and dog- 
tooth forms. Iceland spar rhombs show double 
refraction. Twinning is common. Calcite can 
also form in massive, granular, fibrous, and 
stalactitic habits. It is white, colorless, gray, 
red, brown, green, and black. The streak is 
white. Calcite is transparent to translucent, 
with a vitreous to pearly or dull luster. 


Iceland spar 


objects seen through 
rhombohedral calcite 
appear twice due to 
double refraction 


FORMATION Forms in many rocks. Calcite 
makes up the bulk of limestones and marbles. 
TESTS |t effervesces with cold, dilute ‘su eee 
hydrochloric acid. Sai en, rhombic cleavage 
= AA font planes visible on 
crystal surfaces 


/A 


Scalenohedral 
calcite 
galena, an 
P iated 
Nail-head sew i 
2 mineral Trigonal/ 
calcite Hexagonal 


Cleavage: Perfect Fracture: Subconchoidal 


prismatic barytocalcite 


Barytocalcite i 7 crystal 


This mineral occurs as striated, prismatic 
crystals and in a massive habit. It is white, 
yellowish, gray, or greenish with a white streak. 
Barytocalcite is transparent to translucent and 
has a vitreous or resinous luster. 


FORMATION Forms in hydrothermal veins—faults 
or joints in the rock strata that have been invaded by 
hot, chemically active fluids. The veins may be 


derived from residual liquids, associated with granitic 
magmas, and brines trapped in buried marine 
sediments. Minerals are formed from the chemical 
elements carried in these fluids. 


TESTS This mineral effervesces 
with hydrochloric acid. YY 


rock 
Monoclinic groundmass 


SG: 3.66-3.71 Cleavage: Perfect Fracture: Subconchoidal to uneven 
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Rhodoch rosite rhombohedral 


crystal 


This mineral sometimes forms as rhombohedral, 
scalenohedral, prismatic, or tabular crystals. More 

often, rhodochrosite occurs in massive, granular, 

stalactitic, globular, nodular, or botryoidal habits. 

The color is typically pink to red, though it may also be 
brown, orange, or yellowish. The streak is white. Transparent 
to translucent, rhodochrosite has a vitreous to pearly luster. 


FORMATION Forms in hydrothermal 

veins and in altered manganese deposits. 
TESTS Rhodochrosite 
is soluble in warm 
hydrochloric acid, 


with effervescence. Rhodochrosite 


crystals 


nodular specimen, 
cut open to show 
concentric banding 


Banded 


Trigonal/ 
rhodochrosite 


Hexagonal 


SG: 3.70 Cleavage: Perfect Fracture: Uneven to conchoidal 


Group: CARBONATES Composition: CaMg(CO3)2 Hardness: 31/,-4 
Oo 
Dolom ite e Quartz groundmass 


twinned 
dolomite crystals 


The crystals are rhombohedral with curved faces, 
which become "saddle-shaped.” Dolomite may 
also form in massive and granular habits. It is 
colorless, white, gray, pink, or brown; the 
streak is white. Ranging from transparent to 
translucent, it has a vitreous to pearly luster. 


curved 
crystal faces 


FORMATION Forms in hydrothermal 
veins and in magnesian limestones. 
TESTS It dissolves slowly in cold, dilute 
hydrochloric acid. This is a good test 


for distinguishing it from 
calcite, which reacts a > 
vigorously, effervescing. z O ` 
Ey 
Trigonal/ 
Hexagonal 


SG: 2.85 Cleavage: Perfect Fracture: Subconchoidal 
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Group: CARBONATES Composition: Ca(Fe,Mg,Mn)(CO3)2 Hardness: 3/-4 
Ankerit 


twinned, 


This mineral, which is part of a group with eS 
crystals 


dolomite, forms rhombohedral crystals. 
Other habits in which it occurs are massive 
and granular. Ankerite is white, gray, yellowish 
brown, or brown in color, and the streak is 
white. This is a translucent mineral with a 
vitreous to pearly luster. 


FORMATION Ankerite forms in 
mineral veins, sometimes with gold 
and sulfides. 

TESTS Soluble when placed in 
hydrochloric acid. 


Trigonal/ 
Hexagonal pearly luster 


SG: 2.93-3.10 Cleavage: Perfect Fracture: Hackly 


Oo Oo á 
Smithsonite A 


This mineral forms rhombohedral crystals, often with curved 
faces, and sometimes scalenohedral crystals. Smithsonite 
may also occur in massive, botryoidal, reniform, granular, 
and stalactitic habits. It can be white, gray, yellow, green, 
blue, pink, purple, or brown. The streak is white. This is a 
translucent mineral, and it has a vitreous or pearly luster. 


FORMATION Forms in parts of oxidized copper-zinc 
deposits, associated with malachite, azurite, pyromorphite, 
cerussite, and hemimorphite. 

TESTS It is soluble in hydrochloric acid. 


small, rounded 
mass 


groundmass Blue 
botryoidal smithsonite 
smithsonite ; 
Trigonal/ 
White smithsonite Hexagonal 


SG: 4.42-4.44 Cleavage: Perfect Fracture: Subconchoidal to uneven 
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Group: CARBONATES Composition: FeCO; 
Sid it = a > twinned 
| e ri e a Eee” crystals 


This mineral forms as rhombohedral, tabular, 
prismatic, and scalenohedral crystals, often with 
curved faces, and sometimes twinned. It also occurs 
in massive, granular, compact, botryoidal, and 
oolitic habits. Siderite is pale yellowish, 

gray, brown, greenish, reddish, or 

almost black in color. The streak is 

white. It is a translucent mineral, and 

it has a vitreous, pearly, or silky luster. 


FORMATION Forms in hydrothermal 
veins, as well as in sedimentary strata. 
TESTS Siderite becomes magnetic 
when heated, and it dissolves slowly 
in cold hydrochloric acid. When 

the acid is heated, the 

solution effervesces. 


weathered ge i wy a we ee > Rhombohedral 


limestone aderit 
groundmass SIMS 


botryoidal 
siderite 


Botryoidal 


siderite Trigonal/ 
Hexagonal 


Group: CARBONATES Composition: MgCOz Hardness: 3/-4Y 


phlogopite, an 


Magn esite e associated mineral 


This mineral forms as rhombohedral EE A A a N A re 
crystals and, rarely, as prismatic, Rime a” yo 
tabular, or scalenohedral crystals. Lge Cs eae i 
It also occurs in massive, lamellar, vi Ae A mineral 
fibrous, and granular habits. It may ee oe N oa ; 

be colorless, white, gray, yellowish, is, Ces: Lis AS: PR $ perfect 

or brown; the streak is white. It varies ) So, PRE RO rhombohedral 


serpentine, 
an associated 


cleavage 
from transparent to translucent and S 


has a vitreous or dull luster. 


FORMATION Forms in 
hydrothermal veins, metamorphic 
rocks, and sediments. 

TESTS Magnesite is soluble in 
warm hydrochloric acid, with ames e ie Z E nE i at Trigonal/ 
effervescence. cleavage mass ; Hexagonal 


SG: 3.00-3.10 Cleavage: Perfect rhombohedral Fracture: Conchoidal to uneven 


CHAPTER 1 


Planning Your Electronics 
Workshop 


Are you interested in electronics? Would you like to set up your own “electro lab” to conduct amazing 
experiments, build crazy gizmos, and repair or modify your existing electronics? Then this book is for 
you! 

Your very own electronics laboratory is a great place to build, repair, invent, and learn more about 
electronics. We seem to be surrounded by electronics more and more every day. We can easily become 
dependent upon them, without even understanding how they work. Having your own electronics lab 
can help you gain some control over your electronic minions. Here you can learn about their inner 
mysteries, including how to repair them when possible or, better yet, improve them with your own 
custom modifications. You can also turn your own ideas into reality by building electronic circuits from 
scratch. 

What will you need to plan your lab? What if you already have a basic understanding of electronics 
and the beginnings of a workshop at your disposal? This chapter helps get you going in the right 
direction. 


What to Expect 


This book can't teach you everything about electronics, and it doesn't try. That would take several 
lifetimes. What it can do is introduce you to the tools and the skills you will need to set up your own 
electronics lab. This will include a very basic introduction to electricity, a little bit of theory, some safety 
tips, and a whole lot of example projects. It's a great starting place. Where it will lead you is mostly 
determined by you and what you're wanting to do with electronics. 

Ifyou're already familiar with electricity and electronic concepts, there is still plenty of fun and 
interesting stuff waiting for you to explore. The field of electronics itselfis constantly expanding. From 
the time this book was written to the time that you've finished reading this sentence, many advances will 
have occurred in both our understanding of electronics as well as the development of new applications 
and electronic devices. This is one of the many things that makes the study of electronics so interesting 
and exciting. 

Every lab is different. Your lab will reflect not only your immediate electronics goals but also your 
personality. Feel free to pick and choose from all the ideas presented in this book and add in some of 
your own. The repair shop and the design studio are necessarily going to be arranged differently. There 
really is no right or wrong way to go. 

Even the best laid plans, so the saying goes, end up somewhere unexpected. When planning your 
electronics lab for the first time, or for the tenth time, keep in mind that your interests, resources, and 
reasons for wanting to work on electronics are going to change over time. Please feel free to reinvent 
yourself and your lab as conditions permit. You might also be forced to reconsider your priorities when 
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o e 
Witherite a a a galena, an 


e ! associated 
The crystals form as twinned A Di eee mere N) mineral 


prismatic, often pseudohexagonal, twinned 


dipyramids. Witherite also occurs B a £ A D witherite 
in massive, granular, fibrous, and g . ~ as | RR By crystals 
columnar habits. It may be > ae D. NA > 
colorless, white, gray, yellow, 

green, or brown, with a white 

streak. Transparent to translucent, 


it has a vitreous to resinous luster. 


FORMATION Forms in hydrothermal 

veins with quartz, calcite, and barite. _ 

TESTS Witherite is soluble in dilute ae 
A | eee ù on crystal 

hydrochloric acid, with effervescence. A A a a A AR face 

Barium in the structure raises specific E : 3 

gravity. Powdered witherite colors a 

flame apple green. 


translucent 
witherite crystals 


Oo Oo 
Strontianite ed 


crystal face 


twinned 


This mineral forms in prismatic, often 
crystals 


acicular crystals. It also occurs in massive, 
granular, fibrous, and concretionary habits. 
It may be white, colorless, gray, yellowish, 
brownish, greenish, or reddish; the 
streak is consistently white. 
Strontianite is a transparent to 
translucent mineral and has a 
vitreous to resinous luster. 


FORMATION Forms in 
hydrothermal veins and in 
hollows in limestone and 

marl. Strontianite also forms in 
sulfide-rich veins, associated 
with galena, sphalerite, and 
chalcopyrite; it is also associated 
with carbonates, such as calcite 
and dolomite, and with quartz. 
TESTS This mineral is soluble 


in dilute hydrochloric acid, with acicular 
effervescence. Strontianite crystal habit 
colors a flame crimson if 


vitreous luster 
powdered before it is tested. Orthorhombic 


104 | Minerals 


Oo 
Ce ru ssite striations on 


crystal faces 
Crystals are often tabular but can be 
acicular. Clusters of twinned crystals are 
common. Cerussite also occurs in massive, 
granular, compact, and stalactitic habits. 
It is often white or colorless but can 
be gray, greenish, or blue in color as 
a result of inclusions, such as lead. The 
streak is white. Cerussite is transparent 
to translucent, and it has an adamantine, 
vitreous, or resinous luster. 


FORMATION Forms in the altered parts 
of mineral veins with lead, copper, and zinc. 
TESTS Soluble in acids—in particular, dilute 
nitric acid, when it produces effervescence. 
Sometimes it fluoresces in ultraviolet light. 


prismatic 


| EA i 
cleavage 
vitreous ME tabul 
winned, tabular 
luster 


‘ crystals 
Orthorhombic 


Arti n ite small radiating silky luster on 
artinite crystals aggregates 

This mineral forms as sprays of eo 

acicular crystals. It can also occur as 

fibrous aggregates, which frequently 

radiate, and as spherical masses. The 

color and streak are white. It is a 

transparent mineral. The crystals 

have a vitreous luster, and the 

fibrous aggregates are silky. 


FORMATION Artinite is found in 
ultramafic igneous rocks that have 
been oxidized by a process called 
serpentinization, which is similar to 
metamorphism and which is brought 
about by fluids permeating the rocks. 
TESTS Artinite dissolves 

readily in dilute cold acids, with 
effervescence. lt does not fuse, 

but gives off water and carbon 
dioxide when it is heated 

in a flame. serpentine, an 
Monoclinic associated mineral 
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e 
Malachite 


When they occur, crystals are acicular or prismatic 
and often twinned. More usual habits are stalactitic, 
botryoidal masses with a fibrous, banded structure 
and crusts. Malachite is a rich green and has a pale 
green streak. It is translucent to opaque, and it 

has a vitreous to adamantine luster on crystal 

faces; fibrous habits have a silky luster. 


FORMATION Forms in the 

altered and oxidized regions 

of copper deposits, often 

with secondary minerals, $ 

including azurite. k ar a A uneven 
TESTS It is soluble in € R fracture 
dilute hydrochloric acid, m | 


with effervescence. y e. 98 cut and 
| X , polished specimen 

shows concentric Banded 
internal banding malachite 


Botryoidal 
malachite 


Monoclinic 


| SG:405 Cleavage: Perfect Fracture: Subconchoidal to uneven 


Azu rite twinned 


azurite 
This mineral forms as tabular and short, era 
prismatic crystals, which may be twinned. vitreous 
It also occurs in massive, nodular, stalactitic, luster 
and earthy habits. It is usually a rich, deep 
azure-blue. The streak is a paler blue. Azurite 
varies from transparent to opaque, and it 
has a vitreous or dull luster. 


FORMATION Forms in the oxidized 
regions of copper deposits. 

TESTS It is soluble in hydrochloric 
acid, with effervescence. It fuses easily 
and turns black when heated. 


limonite 
groundmass 


patches of i 
green malachite short, tabular 


. e around margins : 
Monoclinic & azurite crystals 


SG: 3.77 Cleavage: Perfect Fracture: Conchoidal 
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Composition: (Zn,Cu)s(CO)(0H)s 
1] 1] 
Aurichalcite 


This mineral forms as acicular or slender, 
lath-shaped crystals. It also occurs as 
tufted aggregates and encrustations 

and is occasionally granular, columnar, 

or lamellar in habit. The color is pale 
green, greenish blue, or sky blue, and the 
streak is pale blue-green. It is a transparent 
mineral, and it has a silky or pearly luster. 


FORMATION Forms in the altered 
and oxidized parts of copper and zinc 
veins with copper minerals, such as 
azurite and malachite. 

TESTS Aurichalcite is soluble in dilute 
hydrochloric acid, with effervescence. 
It colors a flame green as a result 

of its copper content, 

but it does not fuse. 


small, tufted 
aurichalcite 
aggregates 


limonite radiating masses of acicular 
Orthorhombic groundmass aurichalcite crystals 


Group: CARBONATES Composition: Pb4(SO,)(COz)2(OH)2 Hardness: 2-3 


Leadhillite 


Crystals are pseudohexagonal, tabular, or 
prismatic; twinned crystals are common. 
Leadhillite can also occur in massive or 
granular habits. It is white, colorless, 
gray, yellowish, pale green, or pale 

blue. The streak is white. Leadhillite 

is transparent to translucent. The 

luster is resinous to adamantine. 


FORMATION Leadhillite forms in 
the oxidized parts of lead-bearing 
veins. It occurs with minerals such 
as galena, cerussite, anglesite, 

and linarite. 

TESTS Leadhillite 

may sometimes 

fluoresce orange. 


twinned, oxidized 
perfect cleavage tabular crystals groundmass 


Monoclinic 


SG: 6.55 Cleavage: Perfect basal Fracture: Conchoidal 
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Composition: 2n4CO DOM) 
o o 
Hydrozincite ae 


This mineral rarely forms as 

crystals; when they occur, crystals 
are small, flattened or elongated, 
and lath-shaped, often tapering 

to a sharp point. More commonly, 
habits are massive, compact, 
botryoidal, encrusting, and 
stalactitic. The color is usually 
white or pale gray but may be 
yellow, pink, or brown. Hydrozincite 
has a white streak. It is a translucent 
mineral, with a pearly to silky or 
sometimes a dull luster. 


FORMATION Forms in the altered 

parts of zinc-bearing veins. 

TESTS It is soluble in hydrochloric 

acid. When heated, it changes : 

into a yellowish mass of zincite. A al encrusting habit 
It sometimes fluoresces blue Se 


under ultraviolet light. 


PETTEE 
Monoclinic botryoidal habit 


Group: CARBONATES Composition: NazH(CO3)2.2H20 


Trona 


This mineral forms as prismatic or tabular 
crystals. It can also occur in massive, 
fibrous, and columnar habits. The color 

is grayish white, pale yellow, or pale 
brown. The streak is white. Trona is 

a transparent to translucent mineral. 

It has a glistening, vitreous luster. 


massive habit 


FORMATION Occurs in evaporite deposits 

with borax, glauberite, and other salts 

and with evaporite minerals, such as 

halite, gypsum, sylvite, and dolomite. 

Trona also occurs as an efflorescence 

on the soil surface in arid regions. i 
TESTS Trona is soluble in hydrochloric i í 
acid, with effervescence. It gives off fà R 
water when it is heated in a closed 


test tube. 


layered structure vitreous luster 


Monoclinic 
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e (J 
N itrati n e sandy coating indicates 


arid nature of origin 


Crystals, which rarely occur, are rhombohedral 
in form and often twinned. Nitratine more massive 
commonly forms in massive or granular habits oe 
and as crusts. White or colorless, it is frequently 
discolored by impurities, when it becomes gray, 
yellow, or brown. The streak is white. It is a 
transparent mineral with a vitreous luster. 


FORMATION Occurs in arid areas as an 
efflorescent deposit on the surface, associated with 
gypsum. Nitratine often covers large areas of land. 
In the deserts of northern Chile, vast deposits occur 
over a region about 450 miles (724 kilometers) long 
and from 10 to 50 miles (16 to 80 kilometers) wide. 
TESTS Nitratine is easily soluble in water. It will 
dissolve in surface waters when in crusts on 

the ground. If placed in a flame, it fuses very 

easily and colors the flame bright yellow. 

This mineral is deliquescent, which means 

it takes in atmospheric moisture. 


crust of 
granular 
crystals 


Cleavage: Perfect Fracture: Conchoidal 
Group: BORATES Composition: Na2B405(0H)4.8H20 


This mineral forms short, prismatic crystals, which 
are rarely twinned. It also occurs in a massive habit 
and as crusts. Borax is white, colorless, gray, 
greenish, or bluish. The streak is white. This is 

a translucent to opaque mineral that has a 
vitreous or earthy luster. 


Trigonal/ 
Hexagonal 


FORMATION Borax forms around hot 

springs and in evaporite deposits. 

TESTS Borax is soluble in water. When 

placed in a flame, it fuses very easily 

and colors the flame yellow. After 

a period of time, it will start to lose 

water and will always turn white. 

A bittersweet taste is janet 

characteristic of borax. A > Us 
i A 


vitreous 
luster 


aga’ 
ae 


Monoclinic opaque crystal face prismatic crystal 


Cleavage: Perfect Fracture: Conchoidal 
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Coleman ite prismatic crystal 


Crystals are short and prismatic. Colemanite also occurs in 
massive and granular habits and as rounded aggregates. 
The mineral may be colorless, white, yellow, 

or gray; the streak is white. Colemanite 
ranges from transparent to translucent. 
The luster is vitreous. 


FORMATION This mineral forms 
in evaporite deposits. 

TESTS Colemanite is soluble in 
hydrochloric acid. It fuses easily, 
breaks up, and colors a flame green. Monoclinic translucent crystal 


Cleavage: Perfect Fracture: Uneven to conchoidal 


Ulexite 


Crystals are acicular, often in rounded aggregates. | AN 
The habit may also be fibrous or as tufted masses. By a mass of thin, 
Ulexite is white or colorless, and the streak is white. ANA fibrous crystals 
This mineral is transparent to translucent and has a ant Y 
vitreous or silky luster. 


FORMATION In evaporite basins. 
TESTS Ulexite is insoluble in cold d 
water but soluble in hot water. It 

fuses easily and swells and also 

colors a flame yellow. NSS 


Triclinic 


e oS = 
4 4 < + D 
A ee Seer ee 
z 5 o cod hy a 


Kernite 


Crystals are short and prismatic but rare. The habit 
is usually as cleaved masses with a fibrous structure. 
Kernite is colorless when fresh; otherwise, it is 
white. The streak is white. This is a transparent 

to translucent mineral, and it has a 

vitreous or silky luster. 


FORMATION Kernite forms in evaporite re. 
deposits and in mineral veins. E Ga E 


TESTS Soluble in cold water. luster Y Y cleaved 
: 50 A mass 


Monoclinic 


Cleavage: Perfect Fracture: Splintery 
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SULFATES, CHROMATES, 
MOLYBDATES, AND TUNGSTATES 


SULFATES ARE compounds in which the chromate (CrO,)°? radical. Chromates 
one or more metallic elements combine are small in number, rare, and brightly 
with the sulfate (S04)? radical. Gypsum, colored (such as crocoite). Molybdates 
the most abundant sulfate, occurs in and tungstates form when metallic 
evaporite deposits. Barite typically occurs elements combine with molybdate 

in hydrothermal veins. Most sulfates are (Mo0,)? and tungstate (WO,)? radicals. 
soft, light in color, and tend to have low These are often dense, brittle, and vividly 
densities. Chromates are compounds in colored (such as wulfenite, lead molybdate, 
which metallic elements combine with scheelite, and calcium tungstate). 


Group: SULFATES Composition: CaSO4.2H20 


Gypsum 


Crystals are tabular and diamond-shaped. Twinning 
is common. Gypsum also occurs in massive, granular 


rosette habit 
with sand grains 


(alabaster), and fibrous (satin spar) habits. Rosette-shaped 


masses are called desert roses, and radiating forms are 
termed daisy gypsum. It varies from colorless to white, 
gray, greenish, yellowish, brownish, and reddish. The 
streak is white. It is transparent (selenite) to opaque, 
with a vitreous luster (pearly on cleavages); fibrous 
forms may be silky, while massive forms are often dull. 


FORMATION Forms as an evaporite 
around hot springs and in clay beds. 
TESTS Soluble in acids. 


transparent, 
diamond- 
shaped crystal 


radiating 
crystal 
mass 


Daisy gypsum Monoclinic 


Cleavage: Perfect Fracture: Splintery 


Desert rose 


Selenite 


transparent to 
translucent vitreous luster 


Satin spar 
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e 
Celestine 


The crystals form as tabular or prismatic specimens. 
Other habits are massive, fibrous, granular, or 
nodular. Celestine is colorless, white, gray, 

blue, green, yellowish, orange, reddish, or 

brown. The streak is white. It is transparent 

to translucent and has a vitreous luster 
(pearly on cleavages). 


FORMATION Forms in hydrothermal 
veins with minerals such as calcite and 
quartz, as well as in many sedimentary 
rocks, like limestones. Also found in 
some evaporite deposits and some 
basic igneous rocks. 

TESTS Sometimes fluoresces under 
ultraviolet light. It is insoluble in acids 
but slightly soluble in water. When 
heated, this mineral fuses easily, giving 
a milk-white globule and coloring 

the flame crimson. 


prismatic sulfur 
celestine crystals groundmass 


Orthorhombic 


Anhydrite 


This mineral occurs as tabular or prismatic 
crystals but usually forms in massive, granular, 
and fibrous habits. Anhydrite ranges from 
white, gray, or bluish, to pinkish, reddish, 
and brownish. A colorless form also 

occurs. There is a white streak. It is a 
transparent to translucent mineral, and 

it has a vitreous, pearly, or greasy luster. 


massive habit 


FORMATION It is commonly found as an 

evaporite with other evaporites, such as dolomite, 

gypsum, halite, sylvite, and calcite—often in salt e 
domes. Very rarely, it occurs as a hydrothermal A ah a id 
vein mineral with quartz and calcite. 3 

TESTS When heated, it 

fuses easily and colors the 

flame brick red. 


| | 
Orthorhombic cleavage planes 


SG: 2.98 Cleavage: Perfect Fracture: Uneven to splintery 
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Group: SULFATES Composition: BaSO, 


transparent, colorless, 


Barite : prismatic crystal 


This mineral forms tabular and prismatic crystals, which 
can be very large. It also occurs as small, sand-bearing, 
rose-shaped concretions called desert roses. Other habits 
are granular, lamellar, fibrous, cockscomb, earthy, or 
columnar. Barite can be colorless, white, gray, yellowish, 
brown, reddish, bluish, or greenish. The streak is white. 
Barite is a transparent to opaque mineral with a vitreous, 
resinous, or pearly luster. 


FORMATION Forms in hydrothermal veins with a number 
of other minerals, including quartz, calcite, fluorite, galena, 
pyrite, dolomite, chalcopyrite, and sphalerite. Barite also 
occurs in clay nodules, in veins in sedimentary strata, 
and around hot springs. 
TESTS This mineral fuses with difficulty, coloring 
the flame yellowish green. It is insoluble in 
acids, and some varieties are 
fluorescent. Its high specific 
gravity is a useful aid 
to identification. 
P Crystalline 


luster barite 
cockscomb 


Cockscomb barite Orthorhombic 


Group: SULFATES Composition: PbSO, Hardness: 21-3 
Anglesite striated, ge = m transparent 


prismatic > ee : . 
anglesite É A AS vitreous 


Crystals are tabular and prismatic. Other habits | SA 
y E crystal G a Y (E luster 


are massive, granular, nodular, and stalactitic. 
Anglesite can be colorless, white, gray, 
yellowish, pale green, or pale blue. The streak galena, an 
is colorless. This is a transparent to opaque associated 
mineral. It has a vitreous, adamantine, metal 
or resinous luster. 


FORMATION Forms in the oxidized 

parts of lead veins. 

TESTS Often shows 
yellow fluorescence 


under ultraviolet light. 
Orthorhombic 


SG: 6.37-6.39 Cleavage: Good Fracture: Conchoidal 


CHAPTER 1 + PLANNING YOUR ELECTRONICS WORKSHOP 


other factors in your life exert themselves. That being said, stay tuned for “A Cautionary Tale” at the end 
of this chapter. 

Some configurations are more appropriate for certain endeavors, and nothing replaces the right tool 
for the job. This book should at least give you an idea of what is involved and get you pointed down the 
right road. 


It Starts with a Plan 


Most of the decisions you'll make when planning your laboratory will depend on what you're interested 
in doing there. Having a good plan at the beginning is like having a clear map when taking a long 
journey. It helps you from getting lost and also is handy for figuring out when you've arrived. 


Note If you fail to plan, you plan to fail. 


Remember, at this point in the game, you don't have to make any final decisions about what you 
want to be able to do in your lab. This book is all about illustrating possibilities and giving you the 
information and advice necessary to branch out into the areas that hold the most interest for you. 


A Broad Outline 


Here's what you need to get started: a little time, a small amount of space, some basic tools, and a few 
components. Those are the boring parts. The fun stuff includes your ideas, goals, and inspiration. 
Combine all that with some fundamental information about how electricity and electronics work, and 
you're in business. 


A Little Time 


Like any good hobby, setting up your electronics lab and conducting experiments there is going to take 
up some of your time. For some, this is the main reason for getting started in electronics and building a 
lab: a place to escape, unwind, and tinker with ideas, prototypes, and complex systems. Maybe it's your 
job. Maybe it's your passion. Perhaps it's a bit of both. 

You're going to need time to plan and build your lab. This book will spell out several specific 
arrangements for various-sized labs, but they are just examples and not hard-and-fast rules. More time 
will be required for obtaining the proper tools and materials that you will use there. Time will be spent 
not only doing things in your lab, but also in just thinking about doing things in your lab. For example, 
you might build a clever little gizmo that ought to do a simple task, only to find out that it refuses to 
work. You might need to spend a little bit of time thinking of ways of testing it to find out where the 
problem lies. This is sometimes called troubleshooting or debugging. 

This is the basis of the scientific method. To help understand how something works, you first form a 
theory that would explain its behavior. Next you prepare one or more experiments that will demonstrate 
the accuracy of your theory. The experiments are conducted and their results are analyzed. If the results 
are in agreement with your theory’s predictions, then your theory is more than likely correct. If not, you 
may need to modify or extend your theory to accommodate the behavior observed. All of these things 
take time, which helps explain why we don’t have jet packs or time machines yet. 
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Group: SULFATES Composition: CuSO4.5H20 


kaolinite, an 


Chalcanthite seal 


mineral 
Short, prismatic, and thick, tabular crystals are formed by 


chalcanthite. Other habits exhibited are stalactitic, fibrous, 
massive, granular, compact, and encrusting. The color 

is sky blue to dark blue, greenish blue, or 

greenish, and the streak is white. This 

is a transparent to translucent mineral. 

It has a vitreous to resinous luster. 


FORMATION Chalcanthite forms 

in oxidized parts of copper sulfide 

veins. This oxidization is usually brought 

about by waters circulating from above, 

which have their origin in rain (meteoritic). 

Hydrothermal fluids originating from deep 

underground and rising under pressure can also 

alter mineral veins. When water seeps through mine 

tunnels and shafts, chalcanthite crystallizes as crusts 

and stalactites on roofs and supports. It is found most 

frequently in areas of the world that have an arid climate. al 

TESTS Chalcanthite is soluble in water. lt gives off water groundmass 

when heated in a closed test tube. SS 
Triclinic 


Cleavage: Imperfect Fracture: Conchoidal 


Group: SULFATES Composition: MgSO4¿.7H20 


Epsomite 


Crystals rarely occur. Epsomite is 

usually massive, as acicular crusts, | + ie PEER a silky 
or stalactitic. It is white, pinkish, fies oF AS Pe N luster 
colorless, or greenish, and the y AAA A ee 

streak is white. This is a transparent 

to translucent mineral. It has a 

vitreous to silky or dull luster. 


FORMATION Forms on walls in mines, 
in limestone caverns, and on rock faces. 
Epsomite is also found in arid regions 
of the world, where it occurs in the 
oxidized parts of pyrite deposits. 

TESTS This mineral is very soluble 

in water. It has a bitter, salty taste. 
Epsomite effloresces in dry air and 

gives off water when it is heated in 

a test tube. 


Orthorhombic 


SG: 1.68 Cleavage: Perfect Fracture: Conchoidal 
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Group: SULFATES Composition: KAl3(SO4)2(0H)6 Hardness: 31/,-4 
o 
Alunite ne 


This mineral forms rhombohedral, 

often pseudocubic crystals but usually 
occurs in massive, granular, and compact 
habits. It may also be fibrous. The color is 
usually white but may be grayish, reddish, 
yellowish, or brown with discoloration. 
The streak is white. Alunite is transparent 
to nearly opaque, with a vitreous or 
pearly luster. 


FORMATION |n volcanic 

vents and as avein mineral. ÓN 
TESTS It gives off water when 

heated in a closed test tube. 


Trigonal/ 
Hexagonal 


SG: 2.6-2.9 Cleavage: Distinct basal Fracture: Conchoidal 
Group: SULFATES Composition: KFe3*3(SO4)2(OH). Hardness: 21-31 
J it YA 


Very small, tabular or pseudocubic crystals goethite, an 

are formed by jarosite. Other habits are associated 

massive, granular, fibrous, or earthy. The ba vitreous 

color varies from yellowish brown to luster Trigonal/ 
brown. The streak is pale yellow. This s Hexagonal 
mineral is translucent. Jarosite may . Ds 28 

have a vitreous or resinous luster 

on clean surfaces. 


FORMATION Forms in 
fissures and layers within 
iron-rich deposits. Jarosite 
occurs as a result of secondary 
alteration of iron-rich minerals. 
This is brought about by the 
circulation of water and other 
fluids through the upper parts 
of the earth's crust. 

TESTS Jarosite's distinctive 
pseudocubic crystals are a 
useful aid to identification. 
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(J 
Glauberite 


This mineral forms tabular, 
prismatic, or dipyramidal crystals. It 
may be colorless, gray, or yellowish, 
with a white streak. Glauberite is a 
transparent to translucent mineral. 
It has a vitreous luster, which changes 
to pearly on cleavage surfaces. 


vitreous luster 


FORMATION Glauberite forms in evaporite 
deposits. These deposits are formed when 
areas of saline water, salt lakes, or marine 
lagoons cut off from the main part of an 
ocean dry out. 

TESTS This mineral 

is partially soluble in 

water and soluble 

in hydrochloric acid. 


composite 
crystal 


transparent 
Monoclinic to translucent 


luster 


Thenard ite group of S a > ; Mes resinous 


pyramidal 


Crystals are tabular, dipyramidal, or crystals 


prismatic and commonly twinned. 

Thenardite also forms as crusts. It may be 
colorless, grayish white, yellowish, brownish, or 
reddish. Thenardite is a transparent to translucent 
mineral. It has a vitreous or resinous luster. 


FORMATION Forms in the deposits of salt 

lakes, as well as occurring on the soil surface 

in arid areas. When it occurs in salt lakes, 
thenardite may be associated with other 
evaporites, such as gypsum, halite, sylvite, 

and glauberite. Thenardite may also be found 

on the surface of recently erupted and cooled 

lava flows. It can occur around fumaroles, where 

it forms as a crustlike deposit. 

TESTS This mineral is highly soluble when placed in 
cold water. In common with several other evaporites, 
such as halite and sylvite, thenardite has a salty taste. 


transparent 
to translucent 


Orthorhombic 
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Group: SULFATES Composition: K2MgCa2(SO4)4.2H20 Hardness: 21-34 
Oo 
Po lyh al ite transparent to 


translucent 
This mineral rarely forms crystals; when 
they occur, crystals are small, highly 
modified, elongated, or tabular. Usually, 
the habit is as fibrous or foliated masses. 
Polyhalite is frequently flesh pink to 
brick red as a result of iron oxide 
inclusions. When pure, it is colorless, 
white, or gray. It has a white streak. 
This is a transparent to translucent 
mineral; the luster is resinous or silky. 


FORMATION Forms in evaporite 
sequences of rocks with minerals 
such as halite, gypsum, sylvite, 
carnallite, and anhydrite. Forms 
rarely from volcanic activity. 
TESTS Tastes salty, but 

more bitter than halite. 


fibrous 
habit 


Triclinic 


Linarite 


The thin, tabular or prismatic 

crystals formed by linarite are often 

randomly orientated in aggregates. 

Twinned crystals are common. 

As well as in these habits, linarite 

forms in crusts. Its color is deep 

blue, and it has a pale blue streak. This 

is a translucent to transparent mineral. 

Its luster is vitreous to subadamantine. prismatic 
linarite 


FORMATION Forms in the oxidized parts of crystals 


lead and copper veins that have been altered 

by circulating fluids, mainly water, where it is 

associated with many other secondary minerals, 

such as brochantite, anglesite, and chalcanthite. 

TESTS Linarite produces a white coating and no 

effervescence when placed in dilute hydrochloric 

acid. However, it is soluble in dilute nitric acid. ; Y 

When placed in a flame, it fuses. With continued SA Monoclinic 
heating it crackles, turning black. i 


rock groundmass 


SG: 5.35 Cleavage: Perfect Fracture: Conchoidal 
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Group: SULFATES Composition: Fe*2Fe4*3(SO4)s(OH)2.20H20 Hardness: 21/-3 


scaly aggregates 


Coplapite of crystals 


The usual habits of this mineral are as 

tabular crystals, crusts, and scaly aggregates, 

or masses. Copiapite is yellow, golden-yellow, or 
orange-yellow, though it may be greenish yellow 
to olive-green. It is transparent to translucent 
and has a pearly luster. 


FORMATION Forms when sulfides, 
such as iron pyrite, are oxidized. 
TESTS Soluble in water, 

producing a yellowish 

color. It fuses at quite 

low temperatures. 


Triclinic 


Group: SULFATES Composition: Cu4Al2(SO,4)(OH)12.2H20 
Oo Oo 
Cyanotrichite radiating 


acicular 


This mineral forms minute, acicular crystals 


crystals in tufted aggregates. Other habits 

are as coatings or fibrous veinlets. It is rock 
pale to dark blue and has a pale blue groundmass 
streak. Cyanotrichite is a translucent 

mineral and has a silky luster. 


FORMATION Forms in the oxidized zone c= | 
of ore veins, especially those of copper. 


TESTS Soluble in acids. Fuses in a flame. Orthorhombic 


associated 


o A 
ite, Los mass of acicular 
Brochantite ==" — ia s of acicular 


The usual habits are as stout prismatic, acicular, mineral crystals 


or tabular crystals, aggregates, and drusy crusts. 
Twinning is common. It is emerald green to blackish 
green; the streak is pale green. Brochantite is 
transparent to translucent. Its luster is vitreous. 


FORMATION Forms in oxidation 

zone of copper deposits. 

TESTS This mineral is soluble 

in hydrochloric and nitric acids. Monoclinic 


SG: 3.97 Cleavage: Perfect Fracture: Conchoidal to uneven 
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> prismatic crystal 
Crocoite 


Slender, prismatic crystals are formed 
by crocoite, usually in aggregates. This 
mineral also occurs in a massive habit. 
The color is orange-red, often bright, 
and sometimes orange, red, or yellow. 
The streak is orange-yellow. Crocoite is 
a translucent mineral. It has an 
adamantine to vitreous luster. 


FORMATION Forms in the altered 

and oxidized parts of veins and deposits 

containing chromium and lead. Crocoite is a 

secondary mineral resulting from 

the alteration of other lead minerals by 

hydrothermal fluids. It occurs with a variety 

of other minerals, including wulfenite, 

cerussite, pyromorphite, and vanadinite. some striations 
TESTS Crocoite fuses fairly easily in a flame and on crystal faace 
is soluble in strong acids. The first extraction of 

chromium was carried out from this mineral. 


Monoclinic 


SG: 5.97-6.02 Cleavage: Distinct prismatic Fracture: Conchoidal to uneven 


Group: MOLYBDATES Composition: PbMoO, Hardness: 212-3 
Wulfenit 
square, tabular 


This mineral forms square-shaped, wulfenite crystal 
tabular crystals and also prismatic Ae 

crystals. Other habits are massive 

and granular. Wulfenite is typically 

colored orange or yellow but 

may be brown, gray, or greenish 

brown. The colors often appear 

brilliant. The streak is white. This is a 

transparent to translucent mineral. It 

has a resinous to adamantine luster. 


vitreous 
luster 


FORMATION Forms in the parts of ore veins 
that have been altered by circulating fluids, 
mainly water. Wulfenite can occur with a 
great variety of other minerals, including 
cerussite, limonite, vanadinite, galena, 
pyromorphite, and malachite, as 

well as mimetite. 

TESTS Wulfenite fuses easily. It is soluble 
in hydrochloric acid when heated, but it 
dissolves more slowly in cold acid. 


dark groundmass 


Tetragonal 


SG: 6.50-7.50 Cleavage: Distinct pyramidal Fracture: Subconchoidal 
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Group: TUNGSTATES Composition: (Fe,;Mn)WO, Hardness: 4-41/ 
W If bs tabular crystal prismatic crystal 
O ram ite with striated ao 


An intermediate member in the ferberite-húbnerite = 


series of minerals. The prismatic or tabular crystals 
formed by wolframite are often twinned. The 
mineral also occurs in a massive habit. It is 
brownish black in color, with a reddish brown 

to brownish black streak. This is a translucent to 
opaque mineral, with a submetallic luster. 


FORMATION Forms in quartz veins of granitic 
pegmatites, often associated with minerals such 
as Cassiterite and arsenopyrite. 
TESTS Wolframite fuses slowly. 
The brownish color is due to the 
presence of ferberite, while 
húbnerite contributes to its 
reddish-brown coloring. 
Monoclinic 


Group: TUNGSTATES Composition: CawOz Hardness: 414-5 
o 
Scheelite bipyramidal 


scheelite crystals 
Pseudo-octahedral or dipyramidal crystals are 


formed by scheelite. The crystals are commonly 
twinned. Other habits are massive, granular, or 
columnar. Scheelite is white, colorless, gray, 
pale yellow, orange-yellow, brownish green, 
reddish, or purple. The streak is white. It is 

a transparent to translucent mineral, witha 
vitreous to adamantine luster. 


FORMATION Forms in hydrothermal 
veins, in contact metamorphic rocks, and in 
pegmatites. It also occurs in placer deposits 
and is frequently found with wolframite. It 
is an important ore of tungsten. 

TESTS This mineral gives a bright, 
bluish-white fluorescence under 

shortwave ultraviolet light. It is also 

soluble in acids, as well as fusible, 

but only with difficulty. 


magnetite 
groundmass 


Tetragonal 


Cleavage: Distinct Fracture: Subconchoidal to uneven 
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PHOSPHATES, ARSENATES, 
AND VANADATES 


PHOSPHATES, arsenates, and vanadates its name to a shade of blue. The 

are all compounds in which metallic hardness of phosphates is particularly 
elements combine with phosphate variable, ranging from 1% in vivianite 
(PO4)*; arsenate (ASO4)*, (ASO3)”; to 5-6 in turquoise. 

or vanadate (VO4)"3, (VO3)” radicals. Many of the arsenates are highly 
Although several hundred phosphate, sought after by collectors, particularly 
arsenate, and vanadate species are the well-crystallized and brightly 
recognized, they are not abundant. colored species, such as adamite, 
Some phosphates, such as arsenic, erythrite, mimetite, and bayldonite. 
are primary; however, most members Arsenates tend to have a specific gravity 
of the overall group form from the of 3.00-5.00—apart from mimetite 
oxidation of primary sulfides. Their which, because it contains lead, has a 
properties are variable, but generally specific gravity of 7.10-7.30. These 
they tend to be soft, brittle, colorful, and minerals are usually found to be of 
well crystallized. Phosphates include the low hardness. Vanadinite is probably 
radioactive minerals torbernite and the best known and most common of 
autunite; lead-rich pyromorphite; bright the vanadates and occurs as beautiful 
blue lazulite; and turquoise, which gives red or orange hexagonal crystals. 


Group: PHOSPHATES Composition: LiAl(PO4)F Hardness: 51/-6 


Amb lygo nite aaa aaie 
= ee E N translucent 
This mineral forms short, prismatic "PEL 

crystals, which often have rough 

faces and are frequently twinned. 

Amblygonite also occurs in cleavable 

masses. It is white to grayish white 

and may also be pinkish, colorless, 

yellowish, greenish, or bluish. The 

streak is white. Amblygonite is a 

transparent to translucent mineral, 


and it has a vitreous to greasy luster. 


FORMATION It forms in coarse-grained 
granitic igneous rocks, including pegmatites. 
TESTS This is the fluorine-rich end-member 

of the amblygonite-montebrasite 

series of minerals. It fuses easily, 

coloring a flame red due to the fj 
presence of lithium. It is soluble 

in acids, but only with difficulty. 


cleaved mass 


Sha. 


Triclinic 
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Group: PHOSPHATES Composition: MgAl2(PO4)2(0H)2 Hardness: 51/-6 
Oo 
Lazulite watt 


lazulite crystal 
Pseudodipyramidal crystals are usually formed 


by lazulite, but tabular crystals also form. The 
crystals can be quite large and are frequently 
twinned. Other habits in which this mineral 
commonly forms are massive, granular, and 
compact. Its color is blue but ranges from a 
rich azure to light blue or bluish green. The 
streak is white. Lazulite is a translucent to 
opaque mineral, with a vitreous to dull luster. 


FORMATION Lazulite forms in a variety 

of environments, including quartz veins, 

granitic pegmatites, and metamorphic rocks, 

such as metaquartzite. Pegmatic lazulite 

typically occurs with andalusite and rutile. 

Metamorphic associates include quartz, garnet, 

kyanite, muscovite, pyrophyllite, 

sillimanite, and corundum. 

TESTS This mineral gives off 

water when heated in a closed twinned quartz 


test tube. lazulite groundmass 


crystals 
vitreous luster 


a on crystal face 
Monoclinic Y 


SG: 3.12-3.24 Cleavage: Indistinct to good prismatic Fracture: Uneven to splintery 


o 
Pyromorphite 


This mineral usually forms short, hexagonal prisms, 
which are often barrel-shaped. It also occurs in 
globular, reniform, granular, earthy, botryoidal, 
and fibrous habits. It can be green, orange, gray, 
brown, or yellow in color. The streak is white. 
Pyromorphite is a transparent to translucent 
mineral. It has a resinous to adamantine luster. 


limonite 
groundmass 


FORMATION Forms in the oxidation zone of 
lead veins as a secondary mineral. 
TESTS Pyromorphite is soluble in certain acids. 


aggregates of 
prismatic, hexagonal 
pyromorphite crystals 


Trigonal/ 
Hexagonal 


SG: 7.04 Cleavage: Very poor prismatic Fracture: Uneven to subconchoidal 
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Oo Oo Oo 
Vivian ite vitreous luster 


Elongated, prismatic, or tabular 

crystals are usually formed. It also Simos e 
occurs in massive, bladed, or fibrous ds 
habits. It is colorless when fresh. The 

mineral's streak is colorless to bluish dark 

white. It is transparent to translucent, coloring 


and it has a vitreous or pearly luster. caused by 
exposure 


FORMATION Forms in the oxidation to light 
zone of iron and manganese-rich deposits. 

TESTS Soluble in hydrochloric acid 

and fuses easily. Monoclinic 


Group: PHOSPHATES Composition: Cu(UO2)2(PO4)2.12H20 
T b m iron-rich 
or ern ite tabular oe groundmass 


; torbernite 
This mineral forms as tabular crystals. Other crystals 


habits are as scaly or lamellar aggregates. It is 
green in color, and the streak is pale green. 
Torbernite is a transparent to translucent 
mineral, and it has a vitreous to pearly luster. 


FORMATION A secondary 

uranium mineral derived from 

the alteration of uraninite. 

TESTS It is radioactive. It is also IL 

chemically unstable and often ot, eee: Aa E vitreous 
= E luster 

becomes metatorbernite. Tetragonal 


Group: PHOSPHATES Composition: Ca(UO>2)2(PO4)2.10-12H20 


Autu n ite vitreous luster r í EP 


This mineral forms as tabular crystals, 

which are sometimes twinned. It also ene 
occurs as crusts, aggregates, and grains. crystal 
The color is yellow to green. The streak aggregate 
is yellow. It is transparent to translucent. 

The luster is vitreous to pearly. 


tabular, 


FORMATION Forms by 

the alteration of primary 

uranium minerals. $ it ON 

TESTS Autunite is a És e ; perfect basal 
radioactive mineral. Tetragonal en cleavage 
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A Little Space 


You don't have to start out with a cavernous underground bunker for your electronics lab. If you already 
have one, that's great. You might have an extra classroom available, some unused warehouse space, or 
an empty bench in a garage. 

Then again, you might only have a corner of the dining-room table, and then only between 
mealtimes. That's plenty of room when you're just getting started! Once you learn more about 
electronics, and especially when you learn more about what it is that you want to do with electronics, 
then you can start looking for a more permanent home for your toys, tools, and spare parts. 

The main points that will be stressed throughout this book when planning and working in your 
space are safety, good lighting, and organization, in that order. 


e Your lab needs to be relatively safe for you, and very safe for your visitors and 
neighbors. The “Go Away!” sign on the door does not guarantee that you will be 
free from curious visitors, pesky and otherwise. People are naturally attracted to 
the creative and mysterious activities going on in your lab. 


e Be prepared to buy, build, or borrow more lighting, because you're going to need 
it. Proper lighting improves the quality of your doodlings and tinkering 
enormously. You might think you already have enough light, and unless you were 
a photographer in a previous life, you don't. (Photographers understand that you 
can never have too much light.) 


e An organized lab is a productive lab. Don’t waste time looking for parts or tools 
when it would have only taken mere moments to put them in their proper places 
in the first place. A place for everything, and everything in its place. You get to 
decide where all these tools and bits get to live, so spend some time and do it 
wisely. 


These three tenets will be repeated throughout the book, so you might as well get used to hearing 
about them. 


Basic Tools 


You really don't need a lot of tools to get started. There is a tendency to want to be a bit overprepared 
before tackling any new project, but it really isn't necessary when it comes to planning and building a 
new electronics lab. This is also true when sorting out a lab that's gone badly out of control. 

You're going to be working with wire quite often. Claude Debussy has been quoted as saying that 
music is the space between the notes. It's the connections between the various electronic components 
that make the magic happen in an electronic circuit, in the same way that it's the relationships between 
people that make their lives so interesting. 

The connections between all the various imaginable electronic components almost always start out 
as bits of wire. These connections can then be optimized into copper traces etched on a printed circuit 
board or even as metallization links in an integrated circuit. You're going to be working with a lot of 
wires in this hobby, and that usually boils down to two basic hand tools: wire cutters and wire strippers. 

A wire cutter does what it says and says what it does: it cuts wire. A wire stripper is a more 
specialized tool that helps remove the outer layer of insulation from a wire. Ever more specialized 
versions of both tools abound. Some tools aim to perform both tasks at once, while never perfecting the 
art of either. 

Resist the temptation to use your teeth for cutting and stripping wire. If you’re caught in a situation 
without proper tools, use your fingernails. They grow back faster than teeth. 
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o 
Xenotime-(Y) 


This mineral forms as prismatic and pyramidal 
crystals. It may also occur as equant crystals. 
Rough crystals occur in aggregates, and 
rosette-shaped crystal groups sometimes ' TIL. A wn Ie 
form. Twinned crystals are rare. The Lt, eee eee A, Tetragonal 
color is yellowish brown to reddish ees A AS 3 3 

brown or gray, pale yellow, greenish, or 

reddish. The streak is pale brown or can 

be yellowish brown. It is translucent 

to opaque, and it has a vitreous to 

resinous luster. 


A 


S 


FORMATION Forms in pegmatites 
and also in many other acid igneous 
rocks, but in very small quantities. 

In addition, xenotime-(Y) forms in 
metamorphic rocks and in alpine 
veins. It has been found in 
sediments as a detrital mineral. 
TESTS It is very similar 

to zircon, but zircon is 


much harder. 
pyramidal aggregate of 


crystal rough crystals 


Oo 
Monazite prismatic 


crystal 
This forms a series of monazite-(Ce), monazite-(La), 
and monazite-(Nd). The crystals are tabular or 
prismatic crystals and are usually small and 
twinned. Crystal faces are often rough or striated. 
The habit can also be as granular masses. 
Monazite is brown, reddish brown, yellowish ; 
brown, pink, yellow, greenish, or nearly white ALE 
in color. The streak is white. This is a transparent de ate 
to translucent mineral, and it has a resinous, Y i 
waxy, or vitreous luster. foe 

S 

FORMATION Forms in pegmatites, in ¡A 
metamorphic rocks, and in veins. It is | an ea 
common in placer deposits, including a ; =e 
river and beach sands. Very large 
monazite crystals weighing several 
pounds have been found in pegmatites. 
TESTS Monazite is a mildly 
radioactive mineral. Monoclinic 


SG: 4.60-5.50 Cleavage: Distinct Fracture: Conchoidal to uneven 


uneven fracture vitreous 
luster 
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Group: PHOSPHATES Composition: Cu(Al,Fe35Hs(PO4)4(0H)3.4H20 Hardness: 5-6 
T = crust of 
urq U0ISe turquoise 


This mineral rarely forms crystals, but 
when these occur, they are small, 
short, prismatic specimens. The 
more common habits are massive, 
granular, cryptocrystalline, 
stalactitic, and concretionary; 
it also forms as crusts and 
veinlets. Turquoise is bright 
blue to pale blue, greenish 
blue, green, and gray. It has 

a white or pale green streak. 
The crystals are transparent 
and have a vitreous luster; 
massive forms are opaque, 
with a waxy or dull luster. 


FORMATION Forms in 
igneous and sedimentary, 
aluminum-rich rocks that have 
been very altered, often by 
surface water. 

TESTS Turquoise is soluble in 


hydrochloric acid that has been heated. rock 


groundmass 


SG: 2.60-2.80 Cleavage: Perfect Fracture: Subconchoidal to uneven 


bs radiating acicular 
Wavel l ite wavellite crystals 
This mineral occurs occasionally as minute, 
prismatic crystals. It also forms as acicular, 
radiating aggregates, which are often 
spherical. Additionally, it forms crusts. 
The color is white to greenish 
white and green, as well as 
yellowish green to yellow and 
yellowish brown. There is a 
white streak. Wavellite is a 
transparent to translucent 
mineral and has a vitreous, 
resinous, or pearly luster. 


FORMATION Forms on rock 
fracture and joint surfaces as 

a secondary mineral. 

TESTS This mineral dissolves in most 
acids and is infusible. lt gives off water 


when heated in a closed test tube. rock 


groundmass Orthorhombic 


SG: 2.36 Cleavage: Perfect Fracture: Subconchoidal to uneven 
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Hardness: 3/2-4% 
(J e 
Variscite id 


Pseudo-octahedral crystals are rare. 
Commonly, it occurs in massive and . 

f : concretionary 
concretionary habits and as crusts or variscite 
veins. The color is green, and the streak is 
white. Variscite is transparent to translucent. 

It has a vitreous to waxy or dull luster. 


FORMATION Forms where water 
rich in phosphates has altered 


aluminum-rich rocks. sz 
TESTS Soluble only if heated before 


being placed in acid. It is infusible. drtierhombit 


SG: 2.57-2.61 Cleavage: Perfect Fracture: Conchoidal or uneven to splintery 
Group: PHOSPHATES Composition: Cas(PO4)(F,CL,OH) 
Apatit 


This is a closely related mineral group that forms 
as prismatic or tabular crystals and in massive, 
compact, and granular habits. Apatite is usually 
green in color but may be white, colorless, 


. eE 
calcite S 
groundmass 


yellow, bluish, reddish, brown, gray, 
or purple. It has a white streak. Apatite prismatic 


apatite 


is transparent to translucent, with 
crystals 


a vitreous or subresinous luster. 


FORMATION Forms in igneous rocks 
and in metamorphosed limestones. Trigonal/ 
TESTS Soluble in hydrochloric acid. Hexagonal 


SG: 3.10-3.20 Cleavage: Poor Fracture: Conchoidal to uneven 


vitreous 


Herderite luster 


This mineral occurs as prismatic or tabular crystals, prismatic 
which are often pseudo-orthorhombic. It also forms crystal 
in fibrous aggregates. Herderite is colorless, pale 

yellow, or greenish white. It is transparent to 

translucent and has a vitreous luster. a 


FORMATION Herderite forms 
in granitic pegmatites. 

TESTS This mineral is soluble 
in most acids. Some specimens 


fluoresce under ultraviolet light. Monoclinic 


Cleavage: Poor Fracture: Subconchoidal 
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Group: ARSENATES Composition: Zn2AsO4(OH) Hardness: 3% 
° spheroidal limonite 
A am ite adamite groundmass 


masses 
Forms as elongated, tabular, or equant 
crystals, which may be twinned. It can also 
occur in a habit of spheroidal masses. It is 
usually bright yellow-green in color. The 
streak is white. Adamite is a transparent to 
translucent mineral. It has a vitreous luster. 


FORMATION Forms in the oxidized parts of 

ore veins. Adamite is associated with many other 
minerals, such as calcite, limonite, and malachite, 
as well as azurite, smithsonite, and hemimorphite. 
TESTS This mineral is soluble in dilute acids. 
Adamite is also sometimes fluorescent in ultraviolet 
light and is fusible when tested with a flame. 


crust of limonite 


uneven fracture atte — ER Spheroidal 
PE A: , adamite 


twinned, tabular 
adamite crystals 


Crystalline = | 
adamite = = > Orthorhombic 


Group: ARSENATES Composition: Niz(AsO4)2:8H20 Hardness: 11-24 


An nabe rgite crusty coating of 


annabergite on 
This mineral forms prismatic, striated crystals. rock surface 
Other habits are as crusts and earthy or powdery 
masses. Annabergite is white, gray, pale green, or 
yellow-green. The streak is paler than the color. 
It is a transparent to translucent mineral, and it 
has a vitreous or pearly luster. 


FORMATION Forms in the 
altered parts of nickel veins. 
TESTS Gives off water when 
heated in a closed test tube. 


a pearly luster 
Monoclinic 
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Group: ARSENATES Composition: Cuz(AsO,¿)(0OH); Hardness: 21/-3 
o 
Cl l noclase de broken clinoclase 


i rosette with internal, 
The crystals form as elongated or tabular AR) A radiating structure 
shapes and may have a rhombohedral ESAS f 2 
appearance, in which case they are described AN E uneven 
as pseudorhombohedral. Crystals occur PEE E ES fracture 
either isolated or as rosettes. This mineral SE > ; 
is dark greenish blue to greenish black in 
color and has a bluish-green streak. 
Clinoclase is transparent to translucent. It 
has a vitreous luster on crystal faces, which 
becomes pearly on the cleavage surfaces. 


FORMATION Forms as a secondary 
mineral in the oxidation zone of copper 
sulfide deposits both on and beneath 

the earth's surface. Clinoclase is frequently 
associated with olivenite, a member of 
the same mineral group. 

TESTS Clinoclase is soluble in acids 

and produces a garlic 

smell when heated. 


olivenite, an 


ie associated mineral 
Monoclinic 


Group: ARSENATES Composition: Co3(AsO4)2-8H20 Hardness: 11-24 


i r A vitreous 
Eryth rite bladed aggregates of E > à : MEE 3 luster 


crystals in striated 


The prismatic to acicular crystals formed 5 Teulon habi: 


by this mineral are often striated or in 

bladed aggregates. Erythrite also occurs 

in a habit of earthy masses. In color, it is deep 
purple to pale pink. The streak is just a shade 
paler than the color. This mineral ranges from 
transparent to translucent, and it has an 
adamantine to vitreous or pearly luster. 


FORMATION Forms in the 
parts of cobalt veins that have 
been altered by circulating 
fluids and where oxidation 
has occurred. 

TESTS Soluble in 
hydrochloric acid. 


Monoclinic 
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Group: ARSENATES Composition: Pbs(AsO4)3Cl Hardness: 3144-4 
Mimetite ee “a 
prismatic i a : 


This mineral forms acicular to slender crystal 


prismatic crystals; sometimes, these crystals 
can be barrel-shaped, in which case they 

are called campylite crystals. Other habits 
include botryoidal, reniform, and granular. 
Mimetite ranges in color from yellow, orange, 
and brown to white, colorless, and greenish. 

It has a white streak. This is a transparent to 
translucent mineral, and it has a vitreous 

to resinous luster. 


FORMATION Forms in the oxidation zone of lead 
deposits that have been altered by circulating 
hydrothermal fluids. It is often found with 
pyromorphite, vanadinite, galena, 

anglesite, hemimorphite, and 

arsenopyrite. 

TESTS Soluble in hydrochloric 

acid. It will fuse easily if put in 

a flame, when a very strong 

smell that is reminiscent of 

garlic is produced. 


Prismatic 
mimetite 


barrel-shaped 
campylite crystals 


romanechite and 
associated groundmass 


Campylite A Monoclinic 


ESP Cleavage: None Fracture: Subconchoidal to uneven 


Group: ARSENATES Composition: Cuz(AsO4)(OH) 


globular masses of 


Ol iven ite acicular olivenite 


crystals 


quartz 
groundmass 


Prismatic, acicular, or tabular crystals are 
formed by olivenite. Other habits are as globular 
or reniform masses. The color is olive-green, 
brown, yellowish, gray, or white. Olivenite has 
an olive-green streak. Its name derives from this 
color connection. It is a translucent to opaque 
mineral, and the luster is vitreous to silky. 


FORMATION Forms in the oxidation zone of 
copper sulfide deposits. Olivenite occurs with 
the minerals malachite, azurite, calcite, goethite, 


and dioptase, as well as scorodite. 
TESTS It is soluble in acids, and produces a c= | 
garlic smell when heated. 


Orthorhombic 


SG: 4.46 Cleavage: Indistinct Fracture: Uneven to conchoidal 
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Oo 
Sco rod ite pyramidal 


i . scorodite 
The crystals formed by scorodite are pyramidal, crystal 


prismatic, and tabular. Scorodite also occurs in 
massive and earthy habits. It is pale green, grayish 
green, bluish green, blue, brownish, colorless, 
yellowish, or violet. The streak is white. This is 

a transparent to translucent mineral. Its luster 

is vitreous to resinous or dull. 


FORMATION Forms in the oxidation 

zone of arsenic deposits. 

TESTS This mineral is soluble in hydrochloric 
and nitric acids. When heated, a smell that is 
reminiscent of garlic is produced. If heated in 


a closed test tube, water is given off. 
rock 
groundmass 


=, a “3 e vitreous luster 


Orthorhombic 


ESE Cleavage: Imperfect Fracture: Subconchoidal 


Bayldon ite : : crust of bayldonite 


Í : ‘ Sse ' on quartz 
Usually forms in a massive habit but l | groundmass 


also in granular and powdery habits. The 
latter habits may occur on rock surfaces, 
and it is difficult to detect any crystal 
form unless a high magnification is used. 
This mineral also occurs as crusts and 
rounded concretions, which may have 

a fibrous, threadlike, internal structure. 
The color is often bright grass green 

but can be yellowish or dark green. No 
streak has been determined. Light hardly 
passes through crystalline specimens, so 
bayldonite is described as subtranslucent. 
The luster is resinous, and the surface is 
almost sticky in appearance. 


FORMATION This mineral forms in 
the oxidation zone of copper-bearing 
deposits. Balydonite is associated with 
many minerals, including olivenite, 
azurite, malachite, and mimetite. 
TESTS Balydonite will give off water 


when it is heated in a closed test tube. Monoclinic EE AP eee 
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1] 
Carnotite 


Crystals are very small and platy. Carnotite also 
forms as powdery, microcrystalline masses or rock 
: : : groundmass 
crusts. It is bright yellow or greenish yellow. The 
streak is yellow. It is semiopaque. The crystals 
have a pearly luster, but the masses are dull. 


FORMATION Forms as a secondary mineral, ER | AÀ 
deposited from ground waters passing through s 
uranium deposits. 
TESTS Carnotite is radioactive and 
dissolves in acids. crust of 

carnotite Monoclinic 


This mineral forms as very small scales 
and laths. Other habits are massive, 
compact, and microcrystalline. The l 

. . tyuyamunite 
color is greenish yellow to yellow, and coating on 
the streak is yellow. Tyuyamunite is rock surface 
translucent to opaque and has a waxy, 
pearly, adamantine, or dull luster. 


scaly habit 


dull luster 


FORMATION Tyuyamunite forms 


as a secondary alteration product 
of primary uranium minerals. 


TESTS lt is a radioactive mineral. 
Orthorhombic 


Group: VANADATES Composition: CuzV207(0H)2.2H20 Hardness: 31/45 
o 4 
Volborthite — crusty costing 


of volborthite 


This mineral forms as encrusting scales, pe q 

often with triangular or hexagonal outlines. PIE AE Bo) n BAS f rock 
Lamellar twinning is common. It also occurs ERR es sata 0% ss groundmass 
as rosettelike or honeycomb aggregates. . 

The color is green, yellow, or brown, and DY Fo me oie ae 

the streak is undetermined. It is translucent, 7 E FAME, a 7 a 
with a vitreous to pearly luster. Spa = SOS ae PP se 


FORMATION An alteration product 
of other vanadium minerals. 


TESTS It is soluble in acids. oe 
Monoclinic 
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o e 
Vanadinite 


The prismatic crystals formed by vanadinite 
are sometimes hollow. The color ranges SD Pr 
from bright red and orange-red to brownish A 
red, brown, or yellow. The streak may E Ra 
be white or yellowish. Vanadinite 
is a transparent to translucent 
mineral, and it has a resinous 

to subadamantine luster. 


subadamantine luster 


FORMATION Forms in the e 
oxidation zone of lead deposits. | 
TESTS Vanadinite gives a number 
of characteristic results when tested 
with acids or heat. It fuses easily 

in a flame and is soluble in nitric 
acid. If the resulting liquid is left 

to evaporate, a red residue will 


remain, distinguishing it from prismatic Ei 

other related minerals that vanadinite An O ae 

will leave a white deposit. crystals È D 3 
Trigonal/ rock —— SN 74 
Hexagonal groundmass 


SG: 6.88 Cleavage: None Fracture: Conchoidal to uneven 


Group: VANADATES Composition: PbZn(VO4)(0OH) Hardness: 3-344 
Descloizite plumose mass of crystals translucent 


This mineral forms as pyramidal, tabular, 

or prismatic crystals. The crystals often have 
rough or uneven faces. It also occurs as crusts, 
plumose aggregates, and botryoidal masses. 
The color is orange-red to reddish brown or 
blackish brown, and the streak is yellowish 
orange to reddish brown. Descloizite is 

a transparent to translucent mineral, and 

it has a vitreous to greasy luster. 


FORMATION Forms as a secondary 
mineral in the parts of ore veins 

and deposits that have been altered 
by oxidation. 

TESTS It is soluble in hydrochloric 
and nitric acids. Descloizite also 


fuses easily in a flame. 
0 vitreous to 


Orthorhombic greasy luster 


Cleavage: None Fracture: Uneven to conchoidal 
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SILICATES 


SILICATES ARE compounds in which 
metallic elements combine with either 
single or linked Si-O tetrahedra (SiO4)”. 
Structurally, silicates are divided into six 
classes: Neosilicates have isolated (SiO,)~* 
tetrahedra linked by a nonsilicon cation; 
sorosilicates feature two tetrahedra 
joined and sharing one common oxygen 
ion; cyclosilicates have tetrahedra joined 
into rings; inosilicates have tetrahedra 
joined into either single or double chains; 
phyllosilicates have sheetlike structures 


formed by the sharing of three oxygen 
ions by each adjacent tetrahedron; and 
tectosilicates are “framework” silicates 
in which every silicon atom shares all 
four of its oxygen ions with neighboring 
silicon atoms. 

Silicates are the largest and most 
abundant class of minerals, while primary 
silicates are the main constituents of 
igneous and metamorphic rocks. Silicates 
tend to be hard, transparent to translucent, 
and of average density. 


Olivine 
This series of minerals forms as thick, tabular 
crystals, frequently with wedge-shaped 
terminations. Other habits are massive, 
compact, and granular. The color is green, 
greenish yellow, yellowish brown, brown, 
and white, and the streak is colorless. 
These are transparent to translucent 
minerals, and they have a vitreous 
luster. The gem variety of forsteritic 
olivine is called peridot. 


FORMATION An end-member 
of the olivine series of minerals, 
forsterite forms in basic and 
ultrabasic igneous rocks and is 
also found in marbles. It is rich 
in magnesium. Fayalite, the other 
end-member, is rich in iron and 
forms in acid igneous rocks that 
have cooled rapidly. 

TESTS Olivine is soluble 

in hydrochloric acid, 

with gelatinization. 


tabular 
forsterite 
crystals 


vitreous luster 


O 


Orthorhombic 


altered 
limestone 
groundmass 


tY 
A| 


transparent 


striated crystal 


Forsterite 


SG: 3.27-4.32 Cleavage: Imperfect Fracture: Conchoidal 


CHAPTER 1 + PLANNING YOUR ELECTRONICS WORKSHOP 


Tip Use the right tool for the job. Knowing which tool is the right tool is half the battle. 


Ifyou're performing detailed work on smaller circuits, you might benefit from having some small 
needle-nosed pliers, a small vise, clip, or helping-hands jig, and possibly a magnifying glass. 

A popular and handy skill in the electronic arena is soldering. Soldering is the process of making 
electrical and mechanical connections. This is done by heating the items to be joined together and 
adding solder. The solder melts and fills in all the gaps between the items being joined. Once cooled, the 
solder forms a solid, conductive link. 


Note Soldering is similar to welding, with the exception that welding actually melts the parts being joined. 


A suitably sized soldering iron and the right kind of solder are indispensible for many projects, 
including repair, prototyping, and production. Picking up the skill to make quality connections is 
obtained in the same way as all worthwhile skills: with lots of practice. 

Besides these basic fabrication tools, you will also want some test and measurement equipment. 
These are devices used to measure various aspects of electrical circuit behavior. These range from the 
very simple, such as voltage meters, current meters, and continuity testers, to the very exotic (and 
sometimes expensive), which include oscilloscopes and various logic, network, and signal analyzers. See 
the Appendix for information about building your own simple test equipment for your lab. 

This is just a quick summary of the kinds of tools you might want in your electronics lab. Chapter 2 
goes into much more detail about the tools you will probably need or want in your lab, as well as the 
skills needed to operate them safely and effectively. 


Fundamental Components 


As mentioned in the previous section, you're more than likely going to be wiring up various contraptions 
and rewiring others. This is probably going to involve a lot of wire. 

For small voltages and currents, small-gauge insulated copper wire is often used. It's easy to handle, 
cut, and splice. This can be done with mechanical connectors such as wire-nuts or screw terminals, as 
well as with soldering. 

Back in the day when computers were all connected using fat cables, lots of tiny wires were bundled 
up into cables and snaked all over a typical desktop computer installation. With the increasing 
popularity of wireless devices, those fat, juicy cables are lying around, discarded, unwanted, and just 
waiting to be harvested for their valuable conductors. You can also buy various kinds of wire in all colors 
and sizes from most hardware stores and from online suppliers. 

Now consider the types of projects you'll be working on: 


e Ifyou’re most interested in building your own lighting, you're going to want some 
lightbulbs, sockets, and LEDs, or whatever lighting technology appeals most to 
you. Don't forget that you're also going to need switches, knobs, dimmers, 
housings, plugs, and more wire. 
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Pyrope garnet a 


grains 
The crystals are dodecahedral or trapezohedral. Pyrope 
usually occurs as rounded grains. The color ranges from 
pinkish or purplish red to crimson and nearly black. The 
streak is white in color. The mineral is transparent to 
translucent, and it has a vitreous luster. 


FORMATION Pyrope forms ina 

variety of ultrabasic igneous rocks, 

including peridotite. It also occurs 

in associated serpentinites. : 

TESTS Fuses fairly easily and is conchoidal 
virtually insoluble in acids. fracture 


Grossular garnet 


This mineral forms as dodecahedral or trapezohedral 
crystals. Other habits are massive, compact, or granular. 
The color varies greatly and may be green, yellowish 
green, yellow, brown, red, orange, reddish brown, white, 
pink, gray, or black. It has a white streak. Grossular is 
transparent to nearly opaque and 

has a vitreous or resinous luster. 


striated 
crystal 


twinning 
FORMATION Forms in a variety of 
metamorphic rocks, though it most 


commonly occurs in marble. 
TESTS Insoluble in acids. 


> rhombdodecahedral 
Almandine garnet almandine crystals 


The crystals are dodecahedral, rhombdodecahedral, 
or trapezohedral. Almandine also forms in massive, 
granular, and compact habits. Its color may be deep 
red to reddish brown and brownish black. There is a 
white streak. It is transparent to translucent, with a 
vitreous or resinous luster. 


FORMATION This mineral forms 
in regionally metamorphosed rocks, 
such as schist. 

TESTS It is insoluble in acids. ica Sener 


It fuses fairly easily. Cubic groundmass 


SG: 4.32 Cleavage: None Fracture: Uneven to conchoidal 
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Group: SILICATES Composition: (Mg,Fe2*)7(SiO4)3(F,OH)2 
m CATE Gems. See 
H um ite yellow ishbrovin E E, A sanidine, an 


humite crystals A ie Ro associated 
Small, stubby crystals with a varied, often RRL e A PA mineral 
highly modified habit are formed by this EA E a 
mineral. The color is white, yellow, dark 
orange, or brown. Humite is transparent 
to translucent, and it has a vitreous luster 
on fresh crystal surfaces. 


FORMATION Forms in contact 
metamorphosed limestones and in some 
mineral veins. It occurs with numerous 
minerals, including calcite, graphite, spinel, 
diopside, idocrase, garnet, and other types 
of minerals typical of metamorphosed 
limestones. The humite group consists 

of humite, clinohumite, norbergite, 

and chondrodite. 

TESTS No further tests are required 

to identify it. 


Orthorhombic 


Chondrodite E 


crystals 


This mineral is a member of the humite 
group. It forms as varied, usually highly 
modified crystals, in which lamellar 
twinning is common. The habit may 
also be massive. The color is yellow, 
red, or brown. Chondrodite is a 
transparent to translucent mineral, 

and it has a vitreous luster. 


FORMATION Forms in limestones that have 
been altered by contact metamorphism. It 
sometimes occurs in the rare, calcite-rich 
group of igneous rocks called carbonatites. 
TESTS It is soluble in hot hydrochloric 

acid and produces a precipitate 

that takes on a gelatinous 

appearance as the solution 


; . groundmass 
cools down. It is also infusible. 


crystals with magnetite, 
Monoclinic an associated mineral 


SG: 3.16-3.26 Cleavage: Poor 
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Group: SILICATES Composition: Al2SiO4(F,OH)2 


This mineral occurs as well-formed prismatic 

crystals, which can be of great size and 

may weigh over 220 Ib (100 kg). Topaz Es A Bcn 
can also form in massive, granular, and ETE DM topaz 
columnar habits. The color of this Yo ee, | crystal 
mineral is very variable: it may be white, CAN A + 

colorless, gray, yellow, orange, brown, 

bluish, greenish, purple, or pink. The 

streak is colorless. Topaz is transparent 

to translucent and has a vitreous luster. 


FORMATION Forms most commonly 
in pegmatites. Topaz can also form in 
veins and cavities in granitic rocks. 
Topaz occurs with a variety of 
minerals, including quartz. 
TESTS Insoluble in acids; infusible 


when flame heated. BOSS an 
SS dl pegmatite 
3 O. - $ SS groundmass 


Orthorhombic 


Wi | lem ite vitreous to ae franklinite, an 


resinous luster «¿A AN TÍ associated 
Hexagonal prismatic crystals, Sahay a 1 —— pinera] 
which are frequently terminated by ; Ao 
rhombohedra, are formed by this mineral. 
It may also occur in massive, fibrous, 
compact, and granular habits. Willemite 
may be white, colorless, gray, green, yellow, 
brown, or reddish. The streak is colorless. 
Willemite is transparent to translucent, 
and it has a vitreous or resinous luster. 


FORMATION Forms in the oxidized zone 

of zinc ore deposits, in veins, by secondary 

alteration, and in metamorphosed Ss A 9 ae prismatic 
limestone rocks. Sa eri ER , willemite 
TESTS It can be very AL LF prystals 
phosphorescent. It is ' 

soluble in hydrochloric 

acid. Also exhibits bright- 

green fluorescence under 


ultraviolet light. 
Trigonal/ 


Hexagonal 
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= A 
Staurolite 7.“ me 


i ; h staurolite 
This mineral forms short, prismatic crystals, Li Kia ON | crystals 
which are often in the form of cruciform twins. a Fa 
The color is dark brown, reddish brown, 
yellowish brown, or brownish black. The 
streak is colorless to grayish. Staurolite 
is translucent to nearly opaque and has 
a vitreous to resinous luster. 


FORMATION Forms deep in the earth's 

crust in regionally metamorphosed rocks, 

such as gneisses and mica schists, that have . 
prismatic 

been formed by extremes of temperature n T 8 j Š ole 

and pressure. It is associated with 4. IS Ea VA crystal 

metamorphic minerals such yi» AA | ait N 

as kyanite, muscovite, TEA ete MAN Mica schist 

garnet, and quartz. TE ; | proundmass 

TESTS Some varieties luster 

have manganese traces, in 


which case they will fuse. uneven to 


subconchoidal 
fracture 
Monoclinic 


Group: SILICATES Composition: (Fe2?+,Mg,Mn?+)Al2(Si04)O(OH)2 Hardness: 644 


Ch loritoid foliated chloritoid o 
ÍA dark gray chloritoid 

Crystals are rare. When they occur, INN + SER crystals in pegmatite 

they are tabular or pseudohexagonal N li a, Ne groundmass 

and commonly twinned. Chloritoid end” Y bine 

usually forms in foliated or massive 

habits or as scales or plates. It is dark 

gray or greenish to greenish black in 

color. No streak has been determined. 

This is a translucent mineral. It has a 

pearly luster on cleavage surfaces. 


FORMATION Forms in rocks, such as schist 
and phyllite, which have been regionally 
metamorphosed. Chloritoid also forms 

in pegmatites. Associated minerals are 
muscovite, chlorite, garnet, staurolite 
(above), as well as kyanite. 

TESTS Chloritoid is soluble in 

concentrated sulfuric acid but 

not in hydrochloric acid. It fuses, 


but only with some difficulty. AE A 


Monoclinic cleavage surfaces 
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e 
Zircon 


This mineral forms as prismatic crystals 

with bipyramidal terminations and also 

as radiating fibrous aggregates. Twinned 

crystals are common. Other habits include 

irregular grains. Zircon is colorless, red, oe 
brown, yellow, green, or gray. Zircon is a crystals set 
transparent to opaque mineral and has in syenite 
a vitreous, adamantine, or greasy luster. pou 


FORMATION Forms in igneous rocks, such 

as syenite, and in certain metamorphic rocks. 
Zircon also occurs in many detrital sedimentary 
rocks, where it is a product of weathering and 
erosion of primary, zircon-bearing rocks. 
TESTS Zircon is often a radioactive mineral, 


because it can contain small amounts ie 


of uranium and thorium. A de A ee 5 luster 


zircon 


E Sa oa Se Cl. ag prismatic 


Tetragonal 


Composition: Ala(SiO4)O 
Andalusite eu 


andalusite crystal 
This mineral forms prismatic crystals, with 
an almost square cross-section. (Chiastolite 
is a variety of andalusite with a cruciform O T E distinct 
cross-section.) Andalusite also occurs in TEE SR | aaa ei Yh a cleavage 
massive, fibrous, or columnar habits. , 
The color is pink, reddish, brownish, 
whitish, grayish, or greenish, and 
the streak is colorless. This is a 
transparent to nearly opaque 
mineral. Its luster is vitreous. 


FORMATION Forms in 

granites and pegmatites 

and in many metamorphosed 

rocks. It occurs with kyanite, 

cordierite, sillimanite, 

and corundum. 

TESTS This mineral is 

insoluble in any fluids 

and infusible when 

heated with a flame. uneven 
Orthorhombic fracture 


SG: 3.13-3.21 Cleavage: Distinct prismatic Fracture: Uneven to subconchoidal 
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e Oo e 
Sillimanite 


Long prismatic crystals with an almost square vitreous luster 
cross-section are formed by this mineral. 
It can occur in fibrous masses. Sillimanite 
may be white, colorless, gray, yellowish, 

brownish, greenish, or bluish. The streak 
is colorless. It is a transparent to 
translucent mineral, and it has a 
vitreous to silky luster. 


FORMATION Sillimanite forms 
in metamorphic rocks and 

also in some igneous rocks. 
TESTS This mineral is infusible 
and is insoluble in acids. 


a pre capanna > elongated prismatic 


Orthorhombic sillimanite crystals 


Kyan ite elongated 


kyanite 
Trimorphous with sillimanite and andalusite, crystals 
kyanite forms elongated, flattened, and bladed 
crystals that are often twisted or bent. It also 
occurs in massive and fibrous habits. The color 
is blue, white, gray, green, yellow, pink, or 
almost black and often varies in a single crystal. 
There is a colorless streak. It is a transparent to 
translucent mineral, and it has a vitreous luster, 
which becomes pearly on cleavage surfaces. 


FORMATION Kyanite forms in many 
metamorphic rocks, especially schists and 
gneisses. Its presence in schists allows 
geologists to estimate the temperature 
and pressure conditions in 

which they formed. 

TESTS lts hardness is 6-7 al 
across cleavage planes 

but only 4-5 along 


cleavage planes. 
“es , 
staurolite, an rock 


Triclinic associated mineral groundmass 
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Group: SILICATES Composition: CaTi(SiO4JO Hardness: 5-5 
Oo Oo 
Titan ite twinned crystals 


The crystals formed by titanite are 
wedge-shaped or prismatic and 
commonly twinned. This mineral 
also occurs in massive, lamellar, and 
compact habits. The color may be 
brown, yellow, green, gray, red, or 
black and often varies within a 
single crystal. A colorless form 
also occurs. The streak is white. 

It is a transparent to nearly 
Opaque mineral, and it has an 
adamantine to resinous luster. 


adamantine 
luster 


FORMATION Titanite occurs 
in many igneous rocks as an 


accessory mineral. 
TESTS It is soluble in LÌ 


sulfuric acid. 


wedge-shaped 
Monoclinic crystals 


SG: 3.48-3.60 Cleavage: Distinct Fracture: Conchoidal 


Group: SILICATES Composition: (Al,Fe3+),(SiO4)3(BO3)03 Hardness: 7-8 


o Oo 
prismatic dumortierite quartz, an 
D u m O rti e rite crystals associated 


On the rare occasions that dumortierite neral 


forms crystals, they are prismatic. 
The usual habits are massive, fibrous, 
radiating, and columnar. The color 
may be blue, violet, pink, or brown, 
and the streak is white. Dumortierite 
is a transparent to translucent mineral, 
and it has a vitreous to dull luster. 


FORMATION This mineral forms in coarse- 

grained, acid igneous rocks, including 

pegmatites. Rocks rich in aluminum often 

contain dumortierite, especially when they 

have been altered by contact metamorphism. 

The exceptionally coarse-grained pegmatites 

are formed by very slow cooling of magmatic 

fluids in a chemically rich environment at 

some depth in the earth's crust. 

TESTS |t does not dissolve in any acids, 

and it is infusible if placed in a flame. rock 
groundmass 

Orthorhombic 
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Group: SILICATES Composition: BeAlSiO4(OH) Hardness: 744 
Euclase prismatic 


crystal 
This mineral forms as prismatic crystals. It 
may be colorless, whitish, pale green, blue, 
or pale blue. The streak is white. Euclase 
is transparent to translucent, and it has 
a vitreous luster on crystal surfaces. 


FORMATION Forms in granite Ai 


pegmatites. It can also occur in 
alluvial placer sediments. 

TESTS This mineral is insoluble in 
acids and fuses with some difficulty. 


perfect 
cleavage 


Monoclinic 


E = rock prismatic 
M | larite groundmass milarite crystal 
This mineral forms as prismatic crystals. $ 
It is colorless, brownish, pale green, or 
yellowish green, with a white streak. This 
is a transparent to translucent mineral 
that has a vitreous luster. A 


FORMATION Milarite forms in 

alpine veins and pegmatites. 

TESTS Gives off water when heated 

in a closed test tube. 
Trigonal/ 
Hexagonal 


cl arfvedsonite, 
Eud lalyte uneven A P an associated 


i | 
fracture munera 


Crystals are tabular, rhombohedral, or 
prismatic. Eudialyte is yellowish brown 
to brownish red, red, or pink in color, 
and the streak is white to pale pink. This 
is a translucent mineral that has a 
vitreous to dull luster. 


FORMATION Forms in coarse-grained 

acid and intermediate igneous rocks. 

TESTS This mineral is easily 

dissolved in acids. Trigonal/ 


Hexagonal 
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Oo 
Datolite 


This mineral forms as short, prismatic 
crystals and also as granular or 
compact masses. It is colorless, 
white, pale yellow, pale green, 
or tinted pink, reddish, or brown 
by impurities. The streak is 
white. Datolite is a transparent 

to opaque mineral witha 
vitreous luster. 


short, prismatic 
crystals 


FORMATION This mineral forms in 
veins and cavities in basaltic igneous 
rocks. It occurs with calcite, quartz, 
and some zeolite minerals. 
TESTS Datolite is soluble in 
acids and turns a flame green. 


vitreous 
luster 


Monoclinic 


SG: 2.96-3.00 Cleavage: None Fracture: Uneven to conchoidal 


o o 
Gadolinite-(Y) 


Crystals are prismatic but rarely form. 

Gadolinite-(Y) usually occurs in massive and 

compact habits. The color varies considerably 

from black to greenish black, brown, and 

sometimes light green, with a greenish-gray a Monoclinic 
streak. It is an opaque mineral with a > 

vitreous to greasy luster. 


FORMATION Forms in coarse-grained 
intermediate igneous rocks. Gadolinite-(Y) 

can also occur in acid igneous rocks and 

in pegmatites formed by the slow cooling 

of intruded magma. This mineral is found 

with other minerals, including allanite and 
fluorite, and has been discovered in schists 

and other regionally metamorphosed rocks. 
TESTS Gadolinite-(Y) is a radioactive mineral 
that dissolves in acids, leaving a gelatinous 
precipitate. Although gadolinite-(Y) is not fusible 
when heated, it will, however, become flaky and 
turn brown in color. 


vitreous luster 


SG: 4.36-4.77 Cleavage: None Fracture: Conchoidal 
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Group: SILICATES Composition: Ca2(Al,Fe)3(Si0,4)3(OH) 


° vitreous 
Epidote ; luster 
Occurring as prismatic crystals, which are often striated, RAN f | 
epidote also forms thick, tabular, and acicular crystals. 

Other habits are massive, granular, and fibrous. The 

color is yellowish green to green, brownish green 

to greenish black, or black. There is a 

colorless streak. Epidote is a transparent 

to nearly opaque mineral, and it has a 

vitreous luster. 


FORMATION Forms in 

metamorphic and igneous rocks. 

TESTS It is insoluble and fuses 

fairly easily. 

striated 


Monoclinic : . 
prismatic crystal 


Group: SILICATES Composition: Ca2Alz[Si207][Si04]O(OH) Hardness: 6-7 
Zoisit í 
OISITe A Thulite 


~ 


which often have deep vertical striations. EAS SIA of 

It also forms in massive, compact, and “de IE massive 
columnar habits. The color may be white, ze i 

gray, green, greenish brown, pink (thulite), 

colorless, blue, or purple (tanzanite). There 

is a white streak. It is a transparent to 

translucent mineral. The luster is vitreous. 


This mineral occurs as prismatic crystals, SRN NE LAE 3 


FORMATION Zoisite forms in many rocks, including 
granites and metamorphosed sediments. 
TESTS Insoluble in acids. 


A 
ARTES AD te 


Fy 


pegmatite 
groundmass 


prismatic 
zoisite crystals 
AS 
deep striations 
on crystal faces 
Zoisite Orthorhombic 


SG: 3.15-3.36 Cleavage: Perfect Fracture: Uneven to conchoidal 


CHAPTER 1 + PLANNING YOUR ELECTRONICS WORKSHOP 


e Ifyou like to work with things that move, you're going to need motors, relays, 
solenoids, servos, and fans. You'll probably be needing some gears, pulleys, 
chains, belts, shafts, and couplings, along with connectors, switches, controllers, 
position sensors, and more wire. 


e Ifyou re into making lots and lots of sound, you'll be needing speakers, 
headphones, microphones, pickups, transducers, transformers, amplifiers, 
connectors, jacks, plugs, and, you guessed it, more wire. 


e Are computers and digital devices more to your liking? Be thinking about getting 
yourself a wide variety of chips, microcontrollers, software, cables, sockets, 
connectors, and still more wire. 


Now you ve got an idea of some of the different components you might want to have on hand, 
depending on what kind of inspiration happens to strike. You're going to need a place to keep all these 
different parts sorted. This will play a big part in the overall planning phase of your lab. Maybe your old 
fishing tackle box has enough room for your basic hand tools and enough secret compartments to hold 
an interesting variety of components. On the other end of the spectrum, maybe you need to start 
thinking about some industrial-grade shelving units or pallet racks. Now is the time to think about all 
these factors and start making the right kind of plans to help make your lab a successful one. 

Again, this is just a quick summary of some of the types of components you might want to work on 
in your lab. Chapter 3 is going to take you much farther into understanding many of the more common 
electrical and electronic components that you are likely to encounter in your lab. 


Ideas 


Admit it: you've already got some ideas for cool projects that you'd like to be working on in your own 
electronics lab. That’s great! You’re well on your way to making those dreams a reality. 

The best possible thing you could do with your ideas is to write them down somewhere. It can be as 
simple as a sketch on a piece of scrap paper or as formal as a complete set of project documentation. The 
important thing is that you actually get the idea across using either words or pictures in a form that you 
will be able to revisit in the future. This will be of immense benefit to you, as well as anyone else that 
might be interested in your ideas. 

It’s also a great idea to keep a log as you work on your projects. That’s the perfect place to jot down 
those ideas as they come popping out of your brain. Be as detailed as you can be. You will thank yourself 
later. 

Even if you don’t already have a backlog of ideas jostling for your attention in the lab, it’s still a good 
idea to keep a log and explore the things that interest you. Leonardo da Vinci kept detailed notebooks on 
almost every possible subject. Anything that interested him got written down, sketched, or diagrammed 
in his notes. Even today, people are still getting inspiration from his doodles (see Figure 1-1). 
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Composition: CazAla[Siz07][SIO4JO(OH) 
(J 1] 1] 
Clinozoisite 


Crystals are prismatic and often deeply 
striated. The mineral also forms as acicular 
crystals and in massive, granular, or fibrous 
habits. It may be gray, yellow, pale green, pink, 
or colorless. The streak is grayish. Clinozoisite 

is a transparent to translucent mineral and has 
a vitreous luster. 


FORMATION Forms in contact 
metamorphosed limestones and 
regionally metamorphosed rocks. 
TESTS Insoluble in acids. 


Geh len ite calcite, an 


A member of the melilite group, gehlenite EE. R? 5 eh ERR > | A associated 
occurs as short, prismatic crystals and also a RS OS y Mineral 
in massive and granular habits. Gehlenite E E 1 ROS ae q e 

can be grayish green, brown, yellow, or 

colorless. The streak is white or grayish. It 

is transparent to translucent, with a vitreous 

to resinous luster. 


FORMATION Gehlenite forms 
in basaltic lavas and contact 
metamorphosed limestones. 
TESTS Soluble in strong acids. 


short, prismatic 
gehlenite crystals 


k = prismatic 
A ermanite crystal 
This mineral forms prismatic crystals, which 

may be twinned. It can occur in massive 

and granular habits. Akermanite varies from 

colorless to grayish, brown, and green. The 

streak is white. It is transparent to translucent, 

with a vitreous to resinous luster. 


FORMATION Forms in thermally > 
metamorphosed impure limestones. 

TESTS It is soluble in strong acids, 

with gelatinization. > 


Tetragonal 


SG: 2.94 Cleavage: Distinct Fracture: Uneven to conchoidal 
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Oo Oo 
Hemimorphite 


This mineral forms as thin, tabular crystals with 
vertical striations. The crystals have different 
terminations at each end, which are termed 
hemimorphic. Hemimorphite also occurs 

in massive, compact, granular, botryoidal, 
stalactitic, fibrous, and encrusting habits. 
The color is white, colorless, blue, greenish, 
gray, yellowish, or brown, and the streak is 
white. It is transparent to translucent, with 
a vitreous or silky luster. 


FORMATION Forms where 
zinc veins have been altered 
by oxidation. It commonly 
occurs in mineral veins along 
with many other minerals, 
including smithsonite, galena, 
calcite, anglesite, sphalerite, 
cerussite, and aurichalcite. 
TESTS Hemimorphite gives off water 
when heated in a closed tube. It is soluble 

in acids with gelatinization and fuses only with 


great difficulty. 
crust of 
strikingly colored, 


. rounded masses 
Orthorhombic 


Botryoidal 
hemimorphite 


rock 
groundmass 


botryoidal 
masses 


‘3 
clusters of 
crystals 


Green hemimorphite 


translucent 
vitreous 


crystals 
Wwe 
luster Crystalline hemimorphite 


SG: 3.47 Cleavage: Perfect Fracture: Uneven to conchoidal 
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Group: SILICATES Composition: (Ca,Na)19(AlMg,Fe)13(SiO4)10(Si207)4(OH,F,O)10 Hardness: 64/45 
V lanit 
vitreous luster 


Also known as idocrase, this prismatic RR aA rn » on crystal faces 
mineral forms short, prismatic crystal AS AR 
and pyramidal crystals. It can 

also occur in massive, granular, 
columnar, and compact habits. Idocrase 
is green, brown, white, yellow, red, jE 
or purple. A blue variety is called A 
cyprine, and californite is green. += ; 
The streak is white. This transparent @ E 


to translucent mineral has a vitreous iy 
to resinous luster. A semiprecious ee 
gemstone when transparent, 

vesuvianite was discovered at 

Mount Vesuvius in Italy. 


FORMATION Vesuvianite forms in impure 
limestones that have been altered by contact 
metamorphism. It also occurs in some igneous 
rocks, including nepheline syenite. It is found 
with many minerals, including diopside, epidote, 
garnets, calcite, phlogopite, and wollastonite. 

TESTS This mineral is virtually insoluble in acids. 


E columnar crystal 


Vesuvianite 


D 


Tetragonal massive habit 


thulite, an 
associated 
Californite mineral 


SG: 3.32-3.43 Cleavage: Indistinct Fracture: Uneven to conchoidal 
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Group: SILICATES Composition: BezAl2SisO18 Hardness: 71/-8 


This mineral occurs as prismatic crystals, which 
are sometimes terminated with small pyramids. 
The crystals are often striated parallel to their 
length and may be of vast size; specimens up 
to 18 feet (5.5 m) long have been recorded. 
Beryl also forms in massive, compact, and 
columnar habits. The color varies greatly 
and gives rise to named varieties. It may 

be colorless, white, green (emerald), 

yellow (heliodor), pink (morganite), red, 

and blue (aquamarine). The streak is 

white. Beryl is transparent to translucent, 
with a vitreous luster. 


transparent 


prismatic 
crystal 


FORMATION Forms in pegmatites and granites 
and in some regionally metamorphosed rocks. 
TESTS lt fuses with difficulty, rounding the 
edges of small fragments. 

Beryl rock 


rock groundmass groundmass 


perfect 
prismatic 
crystal 


Aquamarine 


transparent 
to translucent 


Trigonal/ 
Hexagonal 


Emerald 


translucent 


a 


Morganite 


vitreous 
luster 


SG: 2.63-2.92 Cleavage: Indistinct Fracture: Uneven to conchoidal 


Heliodor 
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Group: SILICATES Composition: Na(Mg,Fe,Li,Mn,ADzAls(BO3)3Sis6.0O18(OH,P)a 
o 
Tourmaline 


The prismatic crystals formed by this group 

are often vertically striated and may be 

rounded triangular in cross-section. 

Tourmaline also forms in massive and 

compact habits. Seven distinct minerals 

make up the tourmaline group: elbaite 

(multihued), schorl (black), buergerite 

and dravite (brown), rubellite (pink), 

chromdravite (green), and uvite (black, 

brown, yellow-green). Crystals are often 

pink at one end and green at the other and 

may be of considerable size. There is a 

colorless streak. Tourmaline is transparent vertically striated 
to opaque and has a vitreous luster. oe 


FORMATION Forms in granites and pegmatites, as Rubellite 


well as in some metamorphic rocks. Tourmaline may quartz, an 
be found with a wide range of minerals, including ia 
beryl, zircon, quartz, and feldspar. 

TESTS This group is insoluble in acids. The darker 

minerals tend to fuse with more difficulty than the 

red and green varieties. 


mineral — MAR 


schorl 
crystal 


vitreous 
luster 


feldspar 


l l groundmass 
prismatic 
crystal 


; transparent 
Elbaite two-colored 


crystal 


vitreous 


luster 
Trigonal/ 


Hexagonal Tourmaline 


SG: 2.90-3.10 Cleavage: Very indistinct Fracture: Uneven to conchoidal 
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Group: SILICATES Composition: CaFe3*Fe2*2(Si207)0(0H) Hardness: 51/5-6 


submetallic luster 


o 
| lvaite diamond-shaped 


The crystals of this mineral are thick and D Vi tae crystal cross-sections 
prismatic, and diamond-shaped in cross-section. | 

The crystal faces may be striated vertically. 

Ilvaite also occurs in massive, columnar, and 

compact habits. It is a very dark-colored 

mineral, often black to grayish brown or 

brownish black in color. The streak is black, 

often with greenish or brownish tints. This is 

an opaque mineral with a dull, submetallic 

luster, which sometimes appears glossy. 


FORMATION Forms in rocks that have been 
intruded by magma or come into contact with 
lava, and as a result have been altered by contact 
metamorphism. It also occurs, less commonly, in 
the igneous rock syenite. 

TESTS When placed in hydrochloric acid, ilvaite is 


i ane oe rn Be i + ratos: j 
soluble, with gelatinization. It fuses easily in a flame. O a = 


Orthorhombic 


vertical 
striations 


Dioptase 

This mineral forms prismatic crystals, often 
with rhombohedral terminations. It may also 
occur as crystalline aggregates or in a massive 
habit. The color is a striking emerald to deep 
bluish green, and the streak is pale greenish 
blue. Dioptase is transparent to translucent. 

It has a vitreous luster. 


rhombohedral 
terminations 


FORMATION Occurs where copper veins have 
been altered by oxidation and in hollows and 
cavities in the surrounding rocks. Dioptase is 
usually associated with limonite, chrysocolla, 
and cerussite, as well as wulfenite. 

TESTS Soluble in hydrochloric 

acid, nitric acid, and 

ammonia. Infusible. 


Trigonal/ aggregate 
Hexagonal of crystals 


SG: 3.28-3.35 Cleavage: Perfect Fracture: Uneven to conchoidal 


Group: SILICATES Composition: (Mg,Fe)2Als(AlSi5018) 


rock 


Co rd lerite groundmass 


Crystals are short and prismatic, and twinning is common. 
Other habits are massive and granular. This mineral is blue, 
but can be greenish, yellowish, gray, or brown, and is often 

strongly pleochroic. The streak is colorless. Cordierite 

is transparent to translucent, with a vitreous luster. 


FORMATION Cordierite . l 
ban prismatic 
forms in igneous and contact cordierite 


metamorphic rocks. crystal 
TESTS Fusible on thin 0 
edges in a flame. 


Orthorhombic 


Group: SILICATES Composition: Ca2(Fe*2 Mn+*2)AL2BSi4015(OH) 
o o 
Axil n ite tabular, wedge- 


shaped crystals 
Crystals are tabular and wedge-shaped. 
Other habits are massive and lamellar. transparent to 
Axinite is reddish brown, yellow, lic 
colorless, blue, violet, or gray and has 
a colorless streak. It is transparent to 


translucent and has a vitreous luster. vitreous 
luster 


FORMATION Forms in 
calcareous rocks altered by 
contact metamorphism. 
TESTS Axinite fuses easily. 


Triclinic 


Group: SILICATES Composition: BaTiSiz0o 


Benitoite 


The crystals are pyramidal or tabular. Benitoite 
is blue, purple, pink, white, or colorless and 
often multicolored. The streak is colorless. 
Benitoite is a transparent to translucent 

mineral with a vitreous luster. 


FORMATION Forms in serpentinites 
and also in schists. 

TESTS lt fluoresces blue under 
shortwave ultraviolet light. 


Trigonal/ pyramidal 
Hexagonal benitoite crystals 
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Hardness: 7—7+/ 


Hardness: 614-7 


Hardness: 6-614 


natrolite, an 
associated 
mineral 


SG: 3.65 Cleavage: Indistinct Fracture: Conchoidal to uneven 
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hd small prismatic 
E n statite crystals 


A member of the pyroxene group, enstatite forms rarely 
as prismatic crystals, usually in massive, fibrous, or 
lamellar habits. It may be colorless, green, brown, 

or yellowish and has a white or gray streak. Enstatite 

is a transparent to nearly opaque mineral with a 
vitreous or pearly luster. 


FORMATION Commonly forms in mafic 


and ultramafic igneous rocks, such as gabbro, 
dolerite, norite, and peridotite. v_@ 
TESTS Insoluble and almost infusible. 


Orthorhombic 


SG: 3.20-3.90 Cleavage: Good 
Group: SILICATES Composition: (Mg,Fe)SiO; Hardness: 5-6 


Hypersthene is a pyroxene usually found 
in massive or lamellar habits, rarely as 
prismatic crystals. The color is brownish 
green, grayish, or black. The streak is 
brownish gray. It is a translucent to opaque 
mineral and has a vitreous or silky luster. 


FORMATION Hypersthene forms in 
both ultramafic and mafic igneous rocks. 


TESTS It is fusible and may 
display schillerization. c= 


Orthorhombic 


Group: SILICATES Composition: CaMgSi206 Hardness: 514-61, 


Diopside 

A pyroxene, diopside forms short, prismatic crystals, 
which are often twinned. Other habits are massive, 
lamellar, granular, and columnar. It is colorless, 
white, gray, green, greenish black, yellowish 

brown, or reddish brown and has a white 

streak. It is transparent to nearly opaque, 

with a vitreous or dull luster. 


FORMATION Diopside forms in many 
metamorphic rocks and in mafic igneous rocks. 


TESTS lt is insoluble in acids. e 
Monoclinic 


SG: 3.22-3.38 Cleavage: Good Fracture: Uneven to conchoidal 
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Group: SILICATES Composition: CaFe?*Si206 Hardness: 514-61, 
E d b E mass of bladed 
e e n e rgi te crystals 


Crystals are short and prismatic and commonly twinned. 
More usual habits are massive, bladed, or lamellar. The color 
varies from brownish green, grayish green, or dark green 

to grayish black or black. There is a white or gray streak. 
Hedenbergite is transparent to nearly opaque, 

with a vitreous or dull luster. 


FORMATION |n marbles and 
a variety of igneous rocks. 
TESTS This pyroxene is insoluble 
and fuses fairly easily. 
Monoclinic 


Group: SILICATES Composition: (Ca,Mg,Fe)2Si206 Hardness: 51/⁄2—6 


prismatic augite 


Augite i 


A pyroxene, augite occurs as short, prismatic 

crystals, which are often twinned. It also vitreous luster 
forms in massive, compact, and granular 

habits. The color is brown, greenish, or 

black. There is a grayish-green or brownish 

streak. Augite is translucent to nearly 

opaque, with a vitreous to dull luster. 


FORMATION Forms in many mafic 
and ultramafic igneous rocks and in 
high-grade metamorphic rocks. 


TESTS Usually insoluble in acids. ses | rock 
Monoclinic sk groundmass 


Group: SILICATES Composition: NaFe3*Si206 


E striated prismatic 
Aegl Fl n e aegirine crystal 
A member of the pyroxene group, aegirine forms 
long, vertically striated, prismatic crystals, which are 
often twinned. It also occurs as fibrous aggregates. 

The color is dark green, greenish black, black, 
or reddish brown. There is a pale yellowish- 
gray streak. Aegirine is transparent to 
opaque, with a vitreous luster. 


FORMATION Forms in intermediate 
igneous rocks and in metamorphic rocks. 


TESTS Fuses easily. M lini 
onoclinic 
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Group: SILICATES 
Spodumene 


This mineral forms as prismatic crystals, which are > TN Kunzite 
often flattened, twinned, and vertically striated. They Ml) 
may be of great size. Spodumene also occurs as 
cleavable masses. The color varies greatly. It may be 
colorless, white, gray, yellowish, greenish, emerald prismatic 
green (hiddenite), pink, or lilac (kunzite). The streak is 
white. Spodumene is transparent to translucent. This 
pyroxene has a vitreous or dull luster. vitreous 
luster 


FORMATION Forms in granitic pegmatites. It is found 
with other pegmatite minerals, including feldspar, muscovite, 
biotite and lepidolite, quartz, columbite, beryl, tourmaline, 
and topaz. Spodumene is often partially or totally altered 
to clay or mica. 

TESTS Spodumene is an insoluble 

mineral. It fuses, coloring the 

flame red due to the 

presence of lithium. 


pegmatite 
groundmass 


Monoclinic Spodumene 


SG: 3.10-3.20 Cleavage: Perfect 


Group: SILICATES Composition: Na(Al,Fe3'Si206 
Jadeit 


It is rare for jadeite to form crystals. When it massive 
does, the crystals are small, prismatic, and habit 
elongated. They are usually striated and often 

twinned. It mostly occurs in massive or granular 

habits. The color is typically green but can be 

white; gray; lilac; and, when stained by iron oxides, 

brown or yellow. The streak is white. Jadeite is an 
important ornamental gem and is translucent, 

with a vitreous to pearly luster. 


FORMATION Forms in serpentinized 
ultramafic igneous rocks and in some 
schists. It has also been found as small 
veins and lens-shaped inclusions in 
chert and greywacke. 

TESTS Jadeite is insoluble. 


Monoclinic 


SG: 3.25-3.35 Cleavage: Good Fracture: Splintery 


CHAPTER 1 © PLANNING YOUR ELECTRONICS WORKSHOP 


Figure 1-1. Sketches and notes for a “flying machine” by Leonardo da Vinci. Photograph by Arnaud 25 
(public domain), via Wikimedia Commons. 


Writing down your ideas also helps you pick which projects you want to work on first. It just isn't 
possible to work on all of them at the same time! Narrowing down the list helps get you focused and lets 
you concentrate all of your talents and energies on the most important projects. 

When you're just beginning, the “most important projects” are the ones that provide the most 
positive reinforcement in the shortest amount of time. Plan a few simple, straightforward projects with a 
high probability of success at first. You can become more ambitious and take greater risks when you've 
built up a good reserve of self-confidence and techniques. Remember, the only experiments that fail are 
the ones from which you don't learn anything. Sometimes learning how not to do something is just as 
important as learning how to do it correctly. 


Goals 


The best way to turn great ideas into spectacular projects is to have a plan. Set some achievable goals for 
yourself. When you're first starting, don't be afraid to take those baby steps. You have to crawl before you 
can teleport. 

Project planning is its own art form, and a dark and mysterious art it can be sometimes. It really 
helps to have clearly defined goals and expectations early in a project. Otherwise, how will you know 
when you're finished? 

Any large, complex problem or project can be broken down into smaller, more manageable 
subprojects. Unfortunately, this can be carried too far. You don't need to reinvent the wheel every time 
you start a new project. There's a saying that suggests, “Don’t build anything you can buy.” The 
counterpoint to this wisdom is the equally ancient saying, “Don't buy what you can build.” You'll have to 
be the judge as to which one applies best to you and your situation. 
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Composition: Caz(Ma FeMALSt7ADOs2(OHP) 
prismatic 
Hornblende group aa 


These amphiboles form prismatic crystals, often 
hexagonal in cross-section, and frequently twinned. 
They also occur in massive, compact, granular, columnar, 
bladed, and fibrous habits. They are green, greenish 
brown, or black. The streak is white or gray. 

These minerals are translucent to opaque. 

The luster is vitreous. There is an angle of 

60° or 120° between cleavage planes. 


FORMATION In igneous rocks and also 
found in the metamorphic rock amphibolite. 
TESTS Insoluble. Fuses with difficulty. Monoclinic 


Group: SILICATES Composition: (Mg,Fe)7Sis022(0H)2 Hardness: 5/2-6 
Anthophyllite $ a 


Anthophyllite forms prismatic crystals, 
but these are rare. It occurs in massive, 
fibrous, or lamellar habits. The color is 
white to gray, greenish, brownish green, 
and brown. There is a white or gray streak. 
This mineral is transparent to translucent. 
It has a vitreous luster. 


FORMATION Forms in crystalline 
schists and gneisses. QoS, 
TESTS Insoluble, but fuses with difficulty. 


Orthorhombic 


Grunerite 


An end member of the 
cummingtonite-grunerite amphibole 
series, grunerite forms as fibrous or 
lamellar crystals, which are often in 
radiating aggregates. They are very 
commonly twinned. Grunerite is gray, 
dark green, or brown. It is translucent 
to nearly opaque and has a silky luster. 


FORMATION In rocks that have 
undergone contact metamorphism. 
TESTS Grunerite is insoluble. Monociinic 
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Group: SILICATES Composition: Na2(Mg,Fe)zAl2Sig022(0H)2 
Glaucophane 


A member of the amphibole group, glaucophane 

forms as slender, prismatic crystals. Other habits 

are massive, fibrous, and granular. It is gray, 

lavender-blue, or bluish black. The streak is fac 
a grayish blue. Glaucophane is a translucent 

mineral and has a vitreous to pearly luster. 


FORMATION Forms in metamorphic rocks, 

chiefly those subjected to low-temperature 

and high-pressure conditions. 

TESTS It is insoluble in acids and fuses 

to a green-colored glass. Monoclinic 


aa Composition: Na2(Fe*?,Mg)4Fe*35i022(0H)2 Hardness: 5-5/2 
o a | | | 
Riebec kite striated prismatic 
crystal 


Long, prismatic crystals with parallel striations 
occur in this mineral. It may also be massive, 
fibrous, and asbestiform (crocidolite). The 
color is dark blue to black. The streak is pale 
gray to bluish gray. Riebeckite is translucent, 
and it has a vitreous or silky luster. 


FORMATION Forms in many 
igneous rocks, and in schists. 
TESTS Fuses fairly easily. 


KN | vitreous 
Monoclinic luster 


Acti no | ite prismatic crystal 


talc 
The crystals form as long, bladed specimens, groundmass 


commonly twinned. Actinolite may be in lamellar and 
columnar aggregates, often radiating, and in massive, 
fibrous, or granular habits. The color is light to blackish 
green. The streak is white. Actinolite is transparent to 
translucent and has a vitreous luster. A compact 
variety is called nephrite, a form of jade. 


FORMATION Forms in schists and amphibolites, 
commonly from the metamorphism of mafic igneous rocks. 


TESTS Insoluble in hydrochloric acid. o 
Monoclinic 


SG: 3.03-3.24 Cleavage: Good Fracture: Splintery 
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Group: SILICATES Composition: Ca2(Mg,Fe)sSig022(OH)2 Hardness: 5-6 
s radiating 
Tremolite pa 


This mineral occurs as long, bladed crystals, which are 
often twinned. It also forms as columnar, fibrous, or 
plumose aggregates, often radiating, and in massive 
or granular habits. It is colorless, white, gray, green, 
pink, or brown. The streak is white. Tremolite is 
transparent to translucent; it has a vitreous to 

silky luster. It forms a series with actinolite. 


FORMATION Found in contact metamorphosed 
dolomites and in serpentinites. 
TESTS Insoluble in acids. 
Monoclinic 


SG: 2.99-3.03 Cleavage: Perfect Fracture: Splintery 


Composition: (Ca,NaXMg.Fe,AL.TIXSIAD)20s 
e 
Arfvedsonite 


This mineral occurs as prismatic and tabular 
crystals, frequently in aggregates. It is often 
twinned. The color is bluish black to black. 
The streak is dark bluish gray. Arfvedsonite 
is almost opaque and has a vitreous luster. 


FORMATION Forms in igneous rocks, 
especially syenite. Also found in some 
regionally metamorphosed rocks, 
including schists. 

TESTS Insoluble in acids. Fuses easily, 


producing a magnetic black glass. 
Monoclinic 


Group: SILICATES Composition: Na2Ca(Mg,Fe)sSigO022(0H)2 Hardness: 5-6 


Richterite — 


groundmass 
The crystals formed by this mineral are long and 


prismatic. The color is brown, yellow, brownish ai 
red, or pale to dark green. There is a white streak. one 
Richterite is transparent, and it has a vitreous crystals 
luster on fresh surfaces. 


FORMATION Forms in extrusive alkali-rich igneous 
rocks and in contact metamorphosed limestones. 
TESTS This mineral is almost insoluble when placed 
in acids but fuses when heated in a flame. 


Monoclinic 
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Group: SILICATES Composition: Mn2*SiO; Hardness: 514-614 
Oo 
Rhodo n ite transparent to 


translucent 
This mineral occurs as tabular crystals, often with 


rounded edges, and also in massive, compact, and 
granular habits. The color is pink to rose red 

and can be brownish red. It often has black veins 
of manganese-rich alteration products. The streak 
is white. It is a transparent to translucent mineral. 
Rhodonite has a vitreous luster on crystal 

faces, which becomes pearly on 

cleavage surfaces. 


FORMATION This mineral 

forms in metamorphic rocks 

rich in manganese and 
metasomatically altered 

sediments. These rocks 

include skarns and marbles, 
especially those that were 

originally impure limestones. 
TESTS Rhodonite fuses fairly easily. 
This process produces a glassy substance 
that may be colored. 


uneven 
fracture 


Group: SILICATES Composition: NaCa2Siz0Og(OH) Hardness: 4/5-5 


Pectolite 


This mineral occurs as aggregates of 
acicular (needlelike) crystals, which 
usually form globular masses. It may 
also form as tabular crystals. Pectolite 
is white, grayish, or colorless. The 
streak is white. This mineral is 
transparent to translucent, with 

a vitreous or silky luster. 


FORMATION Pectolite forms in cavities 
in basaltic lava, often with zeolite minerals, 
such as heulandite-Na, phillipsite-K, 
analcime, chabazite, and natrolite. These 
cavities are usually vesicles where gas 
bubbles existed in the lava. When the 
vesicles are infilled, they are referred 

to as amygdales, and the rock 

texture is called amygdaloidal. f | 
TESTS This mineral 

gelatinizes with hydrochloric 

acid. If heated in a closed test GI 


tube, water is given off. a radiating aggregate 
Triclinic of acicular crystals silky luster 
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e 
Wollastonite 
uneven 
wy 


Crystals are tabular and frequently twinned. Fracture 
Wollastonite also forms in massive, fibrous, granular, 

and compact habits. The color is white to grayish and 

sometimes very pale green or colorless. There is a 

white streak. This is a transparent to translucent mineral, 

and it has a vitreous to pearly luster on fresh faces. 


FORMATION Forms by the metamorphism of 
impure limestones. When this occurs, wollastonite 
may be associated with brucite and epidote. These 
minerals often produce the brightly colored 
veins in marble. Wollastonite is also found 
in some igneous rocks and in regionally 
metamorphosed slates, phyllites, and schists. 
TESTS It is soluble in acids, 
producing a separation of 
the silica in its composition. j 
This mineral also fuses 
fairly easily. 
A NAS , 
twinned 


Triclinic crystals 


Group: SILICATES Composition: Na2KLiFe?*2Ti2SigO24 Hardness: 5-6 


Neptunite mo 


This mineral occurs as prismatic crystals Hie PRUMibeser yet! 


with a square cross-section. The color 

is black, though there may be some deep vitreous 
reddish-brown internal reflections. The luster on 
streak is reddish brown in color. Neptunite crystal face 
is an almost opaque mineral and has a 

vitreous luster. 


FORMATION Forms as an accessory mineral 
in intermediate, plutonic, igneous rocks, such as 
nepheline syenite, and in pegmatites of similar, 
broad chemical composition. It also occurs in 
serpentinites, where it is associated with 
the minerals benitoite and natrolite. 
TESTS When placed in hydrochloric 
acid, neptunite is insoluble. 
In a flame, it is infusible. 
Opaque 


natrolite, an 
Monoclinic associated mineral 


SG: 3.19-3.23 Cleavage: Perfect Fracture: Conchoidal 
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E pd fibrous habit 
Antigorite PP 


Crystals are minute and flaky or lath-shaped. E | SSS 
Antigorite also occurs in massive, fibrous, or à $ A : AR A SS 
foliated habits. It is white, yellow, green, ARI CS 
or brown. The streak is greenish white. This Wr Nie eS A ON 
mineral is transparent to opaque, with a WAR hte Soe Sa 
resinous or silky luster. 

FORMATION Antigorite forms in / à 

serpentinites, derived from ultramafic, 

igneous rocks. 

TESTS Fuses with difficulty. 


Monoclinic 


Ch rysotile mass of thin 


fibers 
This mineral has a fibrous habit, 
separating into flexible fibers. It is 
a variety of asbestos. The color 
is white, gray, green, yellow, or 
brown. It is translucent to 


opaque, with a silky luster. a 
FORMATION Forms in serpentinites 
by the alteration of ultramafic rocks. 


TESTS Infusible, but soluble in 
strong acids. 


Monoclinic 


Talc 


Crystals are rare. It usually occurs in massive, 
compact, foliated, and fibrous habits. The 
color is pale to dark green, gray, brownish, 
or white. There is a white streak. Talc 

is translucent, with a resinous to 

pearly or greasy luster. 


FORMATION Forms by the 

alteration of ultramafic igneous 

rocks and dolomites. 

TESTS Insoluble and infusible, it is < 

easily scratched and feels greasy. Triclinic , massive habit 
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Group: SILICATES Composition: (Cu,Al)2H2Si205(0H)4.nH20 Hardness: 2V2-3Y2 


This mineral forms as acicular, microscopic crystals in 
radiating groups or close-packed aggregates. It also 
occurs in massive, earthy, cryptocrystalline, and 
botryoidal habits. The color is green, blue, 

and blue-green. Chrysocolla can also be brown 

to black when impurities are present. 

The streak is pale green. This mineral is 

translucent to nearly opaque, and 

it has a vitreous to earthy luster. 


opaque 


FORMATION Chrysocolla forms in 
the altered parts of copper deposits. 
It occurs with azurite, malachite, 
and cuprite. It is also an important 
mineral for ore prospectors, as its 
presence may suggest that copper 
deposits are nearby. 

TESTS It decomposes 


. . massive 
in hydrochloric acid. c= | mA 


Orthorhombic 


SG: 1.93-2.40 Cleavage: None Fracture: Uneven to conchoidal 


Group: SILICATES Composition: Be2SiO, Hardness: 712-8 
o 
Phenakite rhombohedral 


crystal 


This mineral forms as prismatic or 
rhombohedral crystals, which are often 
twinned. It also occurs in granular habit 
and as radiating, fibrous spherulites. It 
may be colorless, white, yellow, pink, or h 
brown, with a white streak. Phenakite , = 
is a transparent mineral and has a 4 
vitreous luster. 


FORMATION Forms in hydrothermal Do | A y > 
veins and in granitic igneous rocks, f ; 
including pegmatites and greisens (altered 
granites). It can also occur in some schists. 
In this occurrence, phenakite is associated 
with beryl, chrysoberyl, topaz, quartz, 
and apatite. 

TESTS Phenakite is insoluble in 

acids and infusible. 


Trigonal/ twinned i ee Mi Fn 
Hexagonal crystals 


SG: 2.96-3.00 Cleavage: Distinct Fracture: Conchoidal 
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Composition: KAl2(SisAl)O10(0H)> 
Muscovite ls. a 


Tabular, pseudohexagonal crystals are formed by Mi e E tabular 
muscovite, and twinning is common. Other habits , i À IP a 
are lamellar and cryptocrystalline. Muscovite $i Ñ y A ANN X crystal 
also forms as scaly and compact masses and Y 

disseminated flakes. It varies from colorless to 

white or gray and may be tinged with yellow, 

green, brown, red, or violet. The streak is 

white. It is a transparent to translucent 

mineral with a vitreous to pearly luster. 


FORMATION Forms in igneous 
rocks, especially those of felsic 
composition like granite, and 

in metamorphic rocks such 

as schist and gneiss. There is 

a particular schist, called mica / edo 
schist, which can be extremely 

rich in muscovite. 

TESTS This mineral is 

insoluble in acids. 


luster 


Monoclinic 


Group: SILICATES Composition: KLizAl(Si,010)(FOH)= Hardness: 244-31, 


Lepidol ite tabular lepidolite 


This mineral occurs as tabular, crystal 
pseudohexagonal crystals and as scaly pegmatitig 
groundmass 
aggregates and cleavable masses. The 
color is lilac, pink, grayish, and white, 
though it can be colorless. The streak 
is white. Lepidolite is a transparent to 
translucent mineral with a resinous 
to pearly luster. 


FORMATION Forms in felsic igneous 
rocks, such as granite and pegmatite. 
This mineral is often associated 

with tourmaline, amblygonite, 

and spodumene. 

TESTS It fuses easily, coloring a flame 
red, and is insoluble in acids. 


vitreous 
luster 


Monoclinic 
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Group: SILICATES Composition: K(Mg,Fe*2)3(Al,Fe*3)Si3010(0H,P)2 Hardness: 2445-3 
hd bl tabular 
Biotite crystal 


The name biotite is now a general term for any 
dark-colored, iron-rich mica. It occurs as tabular 
or short prismatic pseudohexagonal crystals 
and as disseminated flakes. The color is black, 
dark brown, or dark green, and the streak 


is white. Biotite is transparent to 
translucent, with a vitreous luster. 


FORMATION Forms in both 

igneous and metamorphic rocks. 

TESTS Biotite is soluble in hot, 

concentrated sulfuric acid. Monoclinic 


Group: SILICATES Composition: KMg3(AlSiz010)(OH)= 


prismatic 


Ph logopite phlogopite crystal 


This mineral forms as prismatic and pseudohexagonal 
crystals, which are often tapered and sometimes 
twinned. It also occurs as plates and scales. Phlogopite 
can be brownish, yellowish, or greenish. There is a white 
streak. The mineral is transparent to 
translucent, with a vitreous 

to pearly luster. 


FORMATION In ultramafic 

igneous and metamorphic rocks. 
TESTS This mineral is soluble in cock 
concentrated sulfuric acid. Monoclinic groundmass 


° aggregate of small, 
G laucon ite PENS za indistinct grains 


Glauconite occurs as minute crystals, but 
usually as rounded, granular aggregates. 

It is dull green, bluish green, or yellowish 
green. Glauconite is a translucent 

to opaque mineral with a dull or 


earthy luster. 


FORMATION This mineral forms 
in marine sedimentary strata. 
TESTS Glauconite dissolves easily 
in hydrochloric acid. 


dull 
luster 


Monoclinic 
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Group: SILICATES Composition: (Mg,Fe,Al)3(AL,Si)4010(OH)2.4H20 


Ve rm i C u | ite i f pseudohexagonal 


outline 
Vermiculite forms platy, tabular crystals with a 


pseudohexagonal outline in the monoclinic 
system. The color varies from greenish to 
golden yellow or brown. The streak is pale 
yellow. Vermiculite is a translucent 

mineral with a vitreous luster. 


FORMATION Forms by the 

alteration of biotite and phlogopite. 

TESTS When heated, it can expand 7 fl 

l l i l at tabular 

into a twisted, wormlike shape. des Pe habit 
Monoclinic wail 


Clinochlore 


Crystals are tabular, with a hexagonal 
cross-section. Clinochlore also occurs in 
massive, foliated, scaly, granular, or earthy 
habits. It may be white to yellowish or 
colorless, as well as green. The streak 

is colorless to greenish white. This mineral is 
transparent to opaque, with a pearly luster. 


FORMATION Forms in many 
metamorphic rocks, especially schists. 
TESTS Soluble in strong acids. 


earthy 


Chamosite re 


massive habit 


Occurring in compact, massive habits, 
chamosite may also be oolitic. The 
color ranges from greenish to black. 
There is a white or pale green streak. 
Chamosite is a translucent mineral 
with a vitreous or earthy luster. 


FORMATION This mineral forms in 

various sedimentary rocks, such as 

ironstones and clays, where it occurs 

with siderite (iron carbonate). 

TESTS Gives off water when heated. Monoclinic 


CHAPTER 1 + PLANNING YOUR ELECTRONICS WORKSHOP 


Do you have lots of time and very little money? This is good news! This helps simplify the decision- 
making process enormously. Design and build everything yourself, from scratch. This can include your 
own tools as well as custom-made components. The trick to this approach is not get lost in all the 
inevitable details that will arise. 

No time to spare, but there's a bit of a budget available? This is likewise good news. With few 
exceptions, there's someone out there that's willing to part with just what you need for a reasonable 
price. The trick here is to find them and make that connection. 


Inspiration! 


Remind yourself what your inspiration is. What initially prompted you to start thinking about building 
your own electronics lab? Why did you want to get into electronics as a hobby or a career in the first 
place? Do you even remember? 

It really helps to have a firm grasp on what your underlying motives are (or were) when faced with 
the challenges that regularly present themselves along the way. While it's true that some things just need 
doing, does it really have to be you that does them? Could you farm out some of the work and still feel a 
sense of satisfaction in the completion of the project? Or do you feel the need to take the do-it-yourself 
mind frame to its utmost limit? 

Whatever your inspiration is, or wherever it came from, do your best to keep it in your sights while 
pursuing your dreams and goals. It makes it that much more satisfying when you eventually attain them. 


How Electricity Works 


There are two ways to go about learning how electricity actually works. The first involves just a whole 
bunch of fascinating theoretical information about atoms, electrons, fairies, and dragons. The second 
way is to just assume that it does indeed work, and spend some time actually putting it to work. 

You don’t need to know everything about electricity to have fun with it. A passing understanding is 
sufficient to get you started. As your technical requirements grow more elaborate, you will find yourself 
going back to revisit some of the basic concepts, until your comprehension is sufficient to carry you 
forward. 


The Theoretical Approach 


The prevailing theories about how electricity works center around the orbits of negatively charged 
subatomic particles called electrons. Electrons are quite small, even when compared to individual atoms. 
Electrons normally whiz around the nucleus of the atom, which is usually made up of other subatomic 
particles called protons and neutrons. The exception is hydrogen, whose most common isotope has only 
a single proton and no neutrons. Protons have a positive electrical charge and neutrons have no 
electrical charge. 

When an atom has a balance of protons and electrons, it is said to be electrically neutral. Ifan atom 
has more electrons than protons, it has a negative electrical charge. Conversely, if there are more 
protons than electrons, the atom has a positive charge. An atom that has either a positive or negative 
electrical charge is called an ion. 

While flying round and round the nucleus, electrons tend to cluster into well-defined orbits, or 
shells. The innermost shell of an atom can hold as many as 2 electrons. Once this orbit is “full,” up to 8 
more electrons can be accommodated in the next larger shell. The next shell holds up to 18 electrons, 
and the one after that can contain up to 32 electrons. After that, the shells get smaller again, stepping 
back down symmetrically from 18 to 8 to 2. 
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Group: SILICATES Composition: AlzSi205(OH)4 
Kaolinite ae 


This group of minerals—which includes kaolinite, 
nacrite, and halloysite—forms very small 
pseudohexagonal platelets or scales. It may also 
occur in massive, compact habits and in earthy 
or clayey masses. Kaolinite varies from white 
and colorless to yellowish, brownish, reddish, 

or bluish. There is a white streak. The kaolinite 
group is transparent to translucent, with a 

pearly to dull or earthy luster. 


powdery habit 


FORMATION Forms by the alteration of 

feldspars and other aluminum-rich silicate 

minerals. This can be brought about by weathering, 
especially in humid regions, or, on a much larger scale, 

by hydrothermal fluids rising from depth through rocks. 
When this occurs, granite is reduced to an unconsolidated 
mass of quartz and mica sand with white, kaolinite clay. 
TESTS These minerals are plastic when moist and lose 
water when heated in a closed tube. Special optical tests 
are needed to tell kaolinite minerals apart. 


nacrite 
crystal 
aggregate 


Nacrite 


massive habit 


Halloysite 
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Group: SILICATES Composition: Ca2Al2Si3010(0H)2 Hardness: 6-644, 
Oo | 
P re h n ite ‘ $ massive calcite 


This mineral can form prismatic, tabular, 

or pyramidal crystals but usually occurs in 

botryoidal, reniform, stalactitic, granular, or 

compact habits. It is usually green in color A Ca, =. |, prehnite 
‘ fe ee oa crystals 

but may be white, colorless, yellow, or gray. It 

has a colorless streak. Prehnite is transparent 

to translucent, with a vitreous to pearly luster. 


FORMATION Forms in hollows in 

basaltic lavas. 

TESTS This mineral gives off water 

when it is heated. Orthorhombic 


Group: SILICATES Composition: (Ni,Mg)3(Si20s5)(OH)4 
N it 
p massive 


The crystals formed by nepouite are usually lamellar. , The. habit 
It can occur as microcrystalline crusts and in a massive i 

habit. The brilliant green color is characteristic, though 

it may also be white. The streak is light green. It is a 

transparent to opaque mineral, and the luster can be 

greasy, waxy, or earthy. 


FORMATION Forms when nickel sulfides 
are altered by fluids in igneous rocks. 
TESTS It is infusible. 


waxy 
luster 


Sepiolite 


This mineral occurs in massive, fibrous, compact, 
earthy, and nodular (meerschaum) habits. The 
color may be white, reddish, yellowish, grayish, 
or bluish green. The streak is whitish. Sepiolite is 
an opaque mineral, and it has a dull luster. 


FORMATION Forms by the 
alteration of minerals in serpentinite. 


TESTS Sepiolite often occurs as 
dry, porous masses that can float 


on water. ; 
Orthorhombic dull luster massive habit 
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Group: SILICATES Composition: KCa4SisO20(F,OH).8H20 Hardness: 44/-5 
Oo Š 
Fluorapophyllite-(K a 
p p y 03 : crystals 


vitreous 
Crystals formed by fluorapophyllite-(K) are luster 
pseudocubic, pyramidal, tabular, or prismatic. 
This mineral also forms in massive, lamellar, 
or granular habits. Fluorapophyllite-(K) may be 
white, colorless, yellow, pink, or green. There is 
a white streak. This mineral is transparent to 
translucent and has a vitreous to pearly 
luster on fresh surfaces. 


FORMATION Fluorapophyllite-(K) forms in 

hydrothermal veins and in vesicular cavities 

formed in basaltic lavas when they were rich 

in gas. Minerals associated with fluorapophyllite-(K) 

include zeolites, gyrolite, calcite, quartz, stilbite-Ca, 

analcime, prehnite, and scolecite. 

TESTS lt colors a flame 

violet. It is soluble when 

placed in hydrochloric aes 

acid. It also gives off 

water if heated ina transparent to 

closed test tube. => translucent 
Tetragonal 


Group: SILICATES Composition: NaCai¢Si23AlOgo(OH)s.14H20 


m basalt 
Gyrol ite REIN some 


This mineral occurs as radiating lamellar perfect 
crystals, spherules, or concretions. Gyrolite gieayage 
may be white or colorless. It is transparent 

to translucent, and it has a vitreous luster. 


FORMATION Forms by the alteration of calcium 
silicate minerals. As a secondary mineral, gyrolite is 
associated with fluorapophyllite-(K) and occurs in 
hollows and cavities in rocks, especially basalts. 
Gyrolite spherules up to 2 in (5 cm), and clusters up 
to 12 in (30 cm) have been found. 

TESTS This mineral gives off water when heated in 
a closed test tube. 


radiating lamellar 
gyrolite crystals 


AS 


Triclinic 
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Group: SILICATES Composition: Al2Si4010(0H)2 
Oo 
Pyrophyl l ite radiating mass 


of pyrophyllite 
This mineral forms as tabular, elongated crystals, crystals 
which are often distorted. It usually occurs as 
foliated, fibrous, radiating, and lamellar masses. 
It is white, gray, bluish, yellowish, greenish, 
and greenish brown, with a white streak. It is 
transparent to translucent. The luster is pearly 
on fresh crystal surfaces, but this can become dull. 


FORMATION Forms in crystalline schists with 
talc, andalusite, sillimanite, and lazulite. It is also 
found in hydrothermal veins with minerals 
such as mica and quartz. f | 
TESTS Pyrophyllite has a greasy feel, 

similar to talc. It flakes when heated 
and is insoluble in most liquids. 


ES 
quartz, an 


Triclinic associated mineral 


Astrophyllite sn 


This mineral forms bladed crystals, often in 
stellate groups. The color is bronze yellow to 
golden yellow, and the streak is pale greenish 
brown. Astrophyllite is translucent in thin 
laminae, and the luster is submetallic to pearly. 


FORMATION This mineral forms in cavities 
in igneous rocks, especially in syenite, which 

is a coarse-grained rock of intermediate 
composition. It also occurs in other plutonic 
rocks. Astrophyllite is associated with minerals 
such as quartz, feldspar, zircon, riebeckite, 
titanite, mica, and acmite. 

TESTS When placed in acids, it is found to be 
slightly soluble. In a flame, astrophyllite fuses 
to a dark, glassy substance that is slightly 
magnetic. When astrophyllite cleaves, thin 
laminae are produced, which break very easily. 


perfect cleavage 


into thin, brittle 
laminae 


SEN radiating stellate 


groups of crystals 
Triclinic 
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Anorthoclase 


Belonging to the alkali feldspar series, this mineral 

forms as short, prismatic or tabular crystals, with 

common twinning. It may occur as massive, 

lamellar, granular, or cryptocrystalline specimens. vitreous 
It is yellowish, colorless, reddish, white, gray, or luster 
greenish. It has a white streak and is transparent 

to translucent, with a vitreous luster. 


FORMATION Forms mainly in E 
volcanic igneous rocks. a single 
TESTS It is insoluble in acids. prismatic 


Cw crystal 


Triclinic 


Oo Oo 
short, prismatic 
M IC rocl I n e microcline crystals 
This mineral is an alkali feldspar and forms 


tabular or—more frequently—short, prismatic 
crystals, which are very commonly twinned. It also 


occurs in a massive habit. The color may be gray, 
white, yellowish, reddish, or pink. There is also a 
green-colored form of microcline, which is usually 
known as amazonstone. The streak is white. This is 
a transparent to translucent mineral, with a luster 
that is vitreous or is pearly on cleavage surfaces. 


FORMATION Commonly forms in igneous rock 

rocks, especially granites, pegmatites, and groundmass 

syenites. It also occurs in certain metamorphic raS 

rocks, particularly schists. In addition, oo S Microcline 
microcline can be found in hydrothermal AS 
veins and areas of contact metamorphism. 

It is often associated with quartz and 

albite when it forms in pegmatites. 

TESTS It is insoluble in acids 

except hydrofluoric acid, which 

should be used with care. It is 

infusible in a flame. 


typical 
green color 


Triclinic Amazonstone 


168 | Minerals 


Group: SILICATES Composition: KAlSizOg 
e e š 
S d prismatic 
an | | n e sanidine crystal 


In the alkali feldspar group, this mineral occurs 
as prismatic or tabular crystals, which are often 
twinned. Sanidine is whitish, gray, or colorless. 
There is a white streak. It is a translucent mineral 
with a vitreous luster on crystal faces. 


FORMATION Forms in a variety of volcanic rocks, 
including trachyte and rhyolite. Sanidine can also 
be found in several varieties of contact 
metamorphosed rocks. 

TESTS Sanidine is insoluble y 

in most acids but will dissolve YN 
completely when placed in 

hydrofluoric acid. However, 

great care should be taken 

when using this acid. trachyte lava 
Monoclinic groundmass 


SG: 2.56-2.62 Cleavage: Perfect Fracture: Conchoidal to uneven 


Group: SILICATES Composition: NaAlSizOg Hardness: 6-6Y2 
Albit 


The lower-temperature, sodium-rich 
end member of the plagioclase feldspar 
series, albite forms tabular, often platy 
crystals, which are very commonly twinned. 
It may also be massive, granular, or lamellar 
in habit. The laminae are frequently curved. 
Albite is usually white or colorless, but it 
may be bluish, gray, greenish, or reddish. 
There is a white streak. It is transparent to 
translucent, with a vitreous to pearly luster. 


mass of twinned 
tabular crystals 


FORMATION This mineral occurs 

as an essential component of many 
igneous rocks, including granite, 
pegmatite, rhyolite, andesite, and 
syenite. Albite is also found in some 
metamorphic rocks, such as schists 
and gneisses, and in sedimentary 
rocks. Additionally, it may form in 
hydrothermal veins. In some situations, 
itis produced by the alteration of other 
feldspars by albitization. 

TESTS It fuses with difficulty, 


coloring the flame yellow. 
pearly luster 
y SS 


Triclinic 


SG: 2.60-2.65 Cleavage: Perfect Fracture: Uneven to conchoidal 
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| Group: SILICATES | Composition: (Na CaAl-aSls20s | Hardness% | 
Lab radorite schillerization 


vitreous 


A member of the plagioclase feldspar series, EF 


labradorite rarely forms crystals; when these do 
occur, they are tabular and often twinned. Other 
habits are massive, granular, or compact. Labradorite 
is blue, gray, green, white, or colorless and frequently 
exhibits a rich play of colors on cleavage surfaces. 
The streak is white. It is a translucent mineral with 

a vitreous luster. 


FORMATION This mineral is an important constituent 
of certain igneous and metamorphic rocks. These 
include basalt, gabbro, diorite, andesite, norite, and 
amphibolite. Labradorite is common in intermediate 
and mafic rocks but rare in granitic rocks. 

TESTS The schillerization, or play of colors 

on broken surfaces, is very characteristic 

of labradorite. When powdered, it is 

soluble in acids. f | 


uneven fracture 
ASSN 


Triclinic 


e 
Anorthite 


The higher-temperature end member of the plagioclase i anorthite with 


feldspar series, anorthite forms short prismatic crystals, ase augit 


which are often twinned. Other habits are lamellar or 
massive. Anorthite is gray, white, pink, or colorless, 
and it has a white streak. It is a transparent to 
translucent mineral with a vitreous luster. 


FORMATION Found in many igneous 
rocks, especially those of mafic composition, 
formed at high temperatures. These rocks 
include basalt, gabbro, dolerite, and 
peridotite. This calcium-rich plagioclase 
feldspar grades into sodium-rich albite, 
which is formed in lower-temperature 
rocks. Anorthite also occurs in 

some metamorphic rocks. 

TESTS It is soluble in 

hydrochloric acid. 


SS 


Triclinic vitreous luster 


SG: 2.74-2.76 Cleavage: Perfect Fracture: Conchoidal to uneven 
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Group: SILICATES Composition: (Na,Ca)Al1-2Siz-208 Hardness: 6-614 
Andesi 


A member of the plagioclase feldspar series, 
andesine sometimes forms as tabular crystals, 
which are frequently twinned. Usually it occurs in 
massive, compact, or granular habits. This mineral 
is gray, white, or colorless, and the streak is white. 
Andesine is transparent to translucent, with a 
vitreous luster on fresh crystal faces. 


FORMATION Commonly forms in intermediate 
igneous rocks and in many metamorphic rocks. These 
include andesite lava and amphibolite. This member 

of the plagioclase feldspar series is almost intermediate 
between calcium-rich anorthite and sodium-rich albite. 
TESTS Sodium colors a flame yellow, whereas calcium 
will turn it brick red. Both 

these colors will appear, 


according to temperature. f | tabular andesine 
crystals set into | 
igneous rock e SEO uneven 
groundmass STA Set fracture 


CES 


Triclinic 


vitreous luster 


Oligoclase 


A member of the plagioclase feldspar series, oligoclase 
forms as tabular crystals, which are commonly twinned. 
More common habits are massive, 

granular, or compact. It can be gray, ebrios 
white, greenish, yellowish, brown, on crystal 
reddish, or colorless, and there is a faces 

white streak. Oligoclase is transparent 

to translucent and has a vitreous luster. 


FORMATION This mineral forms 

in many igneous and metamorphic 
rocks. The igneous rocks are plutonic 
and volcanic and include felsic granite 
and pegmatite, intermediate syenite, 
trachyte and andesite, and mafic basalt. 
In metamorphic situations, oligoclase 
is formed in high-grade, regionally 
metamorphosed gneiss and schist. 
TESTS This mineral may show brilliant 
reflections from inclusions. 


doubly terminated oligoclase 
crystal on quartz Triclinic 


SG: 2.63-2.66 Cleavage: Perfect Fracture: Uneven to conchoidal 
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Orthoclase 


An important rock-forming mineral, orthoclase 
feldspar forms as prismatic or tabular crystals, 
which are often twinned. Other habits are 
massive, lamellar, and granular. It is white, 
reddish, colorless, yellow, gray, or green 

and has a white streak. Orthoclase is a 
transparent to translucent mineral, 

with a vitreous to pearly luster. 


FORMATION Forms in many 
igneous and metamorphic rocks. 

The igneous rocks include granite, 
pegmatite, rhyolite, trachyte, and 
syenite; metamorphic examples 
include gneisses and schists. 

This mineral can also occur 

in some sedimentary rocks. fi 
TESTS Orthoclase is | 


insoluble in acids and 


is almost infusible. quartz, an prismatic 
associated mineral orthoclase crystal 


Monoclinic 


SG: 2.55-2.63 Cleavage: Perfect Fracture: Uneven to conchoidal 


Group: SILICATES Composition: (Na,Ca)Ali-2Siz-208 Hardness: 6-64, 


Bytownite 


A member of the plagioclase feldspar series, vitreous luster 
bytownite forms as tabular crystals, which 

are commonly twinned. More frequently, it 

occurs in massive, compact, and granular 

habits. It is white, gray, brownish, or 

colorless and has a white streak. It is 

transparent to translucent, and there 

is a vitreous luster. 


perfect cleavage 


FORMATION Forms as an essential 

component of many igneous rocks, 

such as dolerite, basalt, gabbro, norite, 

and anorthosite. It is also found in 

some metamorphic rocks, including 

gneiss and schist, formed by 

regional metamorphism. 

TESTS In common with other f | 

members of the plagioclase feldspar 

series, bytownite shows multiple 

twinning. This helps distinguish it from eg i 

orthoclase, which has simple twinning. a RS uneven 
Triclinic fracture 


SG: 2.72-2.74 Cleavage: Perfect Fracture: Uneven to conchoidal 


172 | Minerals 


Group: SILICATES Composition: NazCa(SizAl5)012(SO4) Hardness: 5-6 


The dodecahedral or octahedral crystals formed 
by hauyne are frequently twinned. It also occurs 
as rounded grains. The color ranges from blue 
to white, green, yellow, or red. The streak is bluish 
or white. Hauyne is a transparent to translucent 
mineral, and it has a vitreous or greasy luster. 


FORMATION Hauyne forms 
in silica-poor lavas. 
TESTS Soluble in acids 


with gelatinization. hauyne blue feldspar 
crystals groundmass 


cubic habit 


Lazu rite i Y on calcite 


groundmass 
Crystals are dodecahedral, octahedral, or 


cubic, but rare. The usual habits are massive 
or compact. The color is a deep blue, azure 
blue, violet blue, or greenish blue, and there is 
a bright blue streak. Lazurite is a translucent 
mineral, and it has a dull luster. 


ull 
luster 


FORMATION Forms in limestones that 
have been metamorphosed by heat. 
TESTS It is soluble in hydrochloric acid, 
giving off a “bad eggs” smell. 


Group: SILICATES Composition: NaszAlsSisO24Cl>2 Hardness: 5*/-6 


Sodalite T = 
OS habit 
This mineral occurs as dodecahedral crystals, p Ne 
commonly twinned. It can also form in massive or 

granular habits, with a concentric internal structure. 

Sodalite ranges from light to dark blue, though it can 

be white, colorless, yellowish, greenish, or reddish. 

The streak is colorless. It is a transparent to translucent 


mineral, with a vitreous to greasy luster. 


FORMATION Forms in certain igneous 
rocks, including syenites. 
TESTS Soluble in hydrochloric and nitric 
acids, with gelatinization. 


SG: 2.27-2.33 Cleavage: Poor Fracture: Uneven to conchoidal 


CHAPTER 1 + PLANNING YOUR ELECTRONICS WORKSHOP 


Each unique combination of electrons and protons represents one of the chemically distinct 
elements. Each element has its own particular chemical characteristics, and cannot be further 
subdivided by conventional chemical or mechanical means. Toward the end of the periodic table, which 
arranges all the known elements into meaningful rows and columns, you'll start to find some exceptions 
to the shell symmetry. These heavier elements, however, don't usually turn up in most electronics labs, 
so we'll not be spending a lot of time there. 

Individual atoms can combine into more complex structures called molecules. One popular 
molecule is water, which is made up of two hydrogen atoms and one oxygen atom. Each of the hydrogen 
atoms has a single electron. The oxygen atom has eight electrons. The first two electrons in the oxygen 
atom occupy the first shell, leaving six electrons in the next outer shell. That leaves two “open” places in 
the second shell, which is where the two electrons from the two hydrogen atoms come into play. The 
electrons are shared by the three atoms, linking them all together and forming a covalent bond. Water 
has vastly different physical properties than either hydrogen or oxygen. 

It's also possible to bump an electron out of orbit around a nucleus. When this happens, the atom 
becomes an ion and is electrically positive. This makes it especially attractive to any loose electrons that 
happen to be in the vicinity. This is because electrons are negatively charged, and in the case of electrical 
charges, opposites attract. This movement of electrons is how an electric charge flows through a 
substance. 

Some materials are very good at slinging those electrons around, and as such are called good 
conductors of electrical energy. Examples of good conductors are copper and silver. Some materials 
resist the flow of electrical charge, and can be used as insulators. 

An important concept to understand about the flow of electricity is that it is based on the 
movements of tiny, negatively charged particles. This is referred to as the flow of electron current, but this 
term is rarely used. For some reason, the more popular, or conventional, idea of electric current flow is 
from the more positive point to the more negative point in a circuit. This is referred to as conventional 
current and is the standard used throughout this book. 

The fairies and the dragons come into the picture when you start to look any deeper into how the 
building blocks of matter are actually (or allegedly) constituted. The previous quick summary of how 
electricity works covers less than 1 percent of the physics needed to understand even how basic atomic 
principles operate. Even then there are various schools of thought as to how, exactly, all that tiny stuff 
works together to produce rainbows and cousins and moon rocks. A proton, once thought to be an 
indivisible elementary particle, is now thought to be built out of a “down” quark and two “up” quarks. 
There are also “strange” and “charmed” quarks flitting about, along with an entire pantheon of 
mythological particles. Go figure. 

Now all of that fascinating information only scratched the surface of how electricity works. 
Electricity does a lot of work for us. We use it for lighting, heating, motion; just all kinds of things. 
Electronics is where we start to get into some really bizarre physics involving semiconductors, 
transistors, computer chips, and other miracles of the modern age. Explaining even the basic ideas 
about how electronics works is way beyond the scope of this little book. It’s certainly possible to learn 
and understand it, but for the purposes of setting up a lab and building some example projects, we can 
just assume that it does indeed work. We can start from there and have some fun with it. 

If your curious mind just can’t stand not knowing how electronics works, the interwebs are your 
friends, and so are the helpful folks at your local library. 
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Group: SILICATES Composition: KAISi206 Hardness: 514-6 
Oo 
Leucite trapezohedral 


leucite crystal 


This mineral forms as trapezohedral crystals, vitreous luster 
which may have striated faces. Twinning is 

common. It can also occur in massive or 
granular habits and as disseminated 
grains. Leucite can be white, gray, or 
colorless, and there is a colorless 

streak. It is a transparent to 

translucent mineral, with a 

vitreous luster. 


FORMATION Forms in lavas of mafic 
composition, especially those rich 

in potassium, including basalts and 
phonolites. This mineral also alters 
very readily, and so is rarely found 
in lava of great geological age. 
TESTS It is soluble in 
hydrochloric acid. If heated 
above 1,157°F (625°C), leucite's 
crystal structure changes from 
tetragonal to cubic symmetry. 


DE 


A 


groundmass of tuff 


Tetragonal 


SG: 2.45-2.50 Cleavage: Very poor Fracture: Conchoidal 


Group: SILICATES Composition: Na3K(Al4Si4016) Hardness: 514-6 
Nepheli 
ep e me cavity with filling 


This mineral commonly forms as prismatic of hexagonal ela: 
hexagonal crystals, which are frequently nephelme prisms 
twinned. It may also occur as compact, massive, 

or granular specimens. Nepheline varies from 

white, colorless, and gray to yellowish, dark 

green, and brownish red. There is a white streak. 

It is a transparent to translucent mineral, and it 

has a vitreous to greasy luster. 


rock 
groundmass 


FORMATION Forms in many silica-poor 

alkaline igneous rocks, particularly those 

of intermediate composition. It is found 

in syenites (nepheline syenite) and 

pegmatites and occasionally in 

schists and gneisses. 

TESTS It gelatinizes when | 
placed in hydrochloric acid. EN A «dl, | 
Nepheline also colors a flame : À a SEN po 
yellow, indicating the presence of “ 2 a A 
sodium in its chemical structure. 


a 


Trigonal/ transparent to 
Hexagonal translucent 


SG: 2.55-2.66 Cleavage: Indistinct Fracture: Conchoidal 
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Group: SILICATES Composition: Nas(AlsSisO24)1(SO4).H20 Hardness: 51⁄2 
Nosean well-formed sanidine, an 


nosean crystals associated 


This mineral forms as dodecahedral crystals but perl 


is usually massive or granular in habit. It varies 
greatly, ranging from gray, bluish, and brown 
to colorless and white. Nosean has a colorless 
streak. It is a transparent to translucent mineral, 
and it has a vitreous luster on fresh surfaces. 


FORMATION Forms in silica-poor lavas. 
These include the intermediate rock 
phonolite, in which this sodalite-group 
mineral often occurs as larger crystals 
set into the rock groundmass, 
producing a porphyritic rock texture. 
Occasionally, nosean has also been 
recorded in volcanic bombs. 

TESTS This mineral gelatinizes 

when placed in contact 

with acid. 


Cubic vitreous luster 


SG: 2.30-2.40 Cleavage: Indistinct Fracture: Uneven to conchoidal 


Cancrinite polen adi 


Prismatic crystals are formed by cancrinite, OS vitreous 


but they are rare. The usual habit is massive. luster 


It is white, yellow, orange, pink, reddish, 
or bluish and has a colorless streak. It is 
transparent to translucent, and there is a 
vitreous, pearly, or greasy luster. 


FORMATION Forms in a number of igneous 
rocks. These include alkali-rich rocks, where it 
can occur as a primary mineral or as an alteration 
produce of nepheline. It is often associated with 
sodalite in syenites. Cancrinite has also been 
found in high-grade, regionally metamorphosed 
rocks, including gneisses. 

TESTS Cancrinite dissolves 

in hydrochloric acid, with 

effervescence, leaving 

behind a siliceous gel. 


Trigonal/ 
Hexagonal 
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Group: SILICATES Composition: Na4AlsSigO24Cl to CasAlsSigO24C05 Hardness: 5-6 


Scapolite group 
Calcium-rich meionite and sodium-rich 
marialite form a series of minerals with 
the group name scapolite. The group occurs 
as prismatic crystals and also in granular 
and massive habits. Scapolite 

varies and may be colorless, 

white, gray, bluish, greenish, 

yellowish, brownish, pink, or 

violet. There is a colorless 

streak. It is transparent to 

translucent, with a vitreous 

to pearly or resinous luster. 


FORMATION This group forms 
in igneous rocks that have been 
altered from their original mafic 
composition and in metamorphic 
rocks, such as high-grade schists 
and gneisses. 

TESTS Soluble in hydrochloric acid. — 


La 


Tetragonal 


SG: 2.50-2.78 Cleavage: Distinct Fracture: Uneven to conchoidal 


Group: SILICATES Composition: LiAlSi4010 


Petalite 


This mineral forms rarely as small 
crystals, which are commonly twinned. 
More often, petalite forms as large, 
cleavable masses. It may be white, 
gray, pinkish, yellow, or colorless, 

and there is a white streak. Petalite 

is transparent to translucent, with 

a vitreous to pearly luster. 


FORMATION Forms in very 
coarse-grained, felsic igneous rocks. 

It is associated with a number of 

other minerals, including quartz 

and lepidolite, spodumene, and 

other lithium-rich minerals. 

TESTS Petalite colors a 

flame crimson red a 


and is insoluble. 


Monoclinic 


rock groundmass 


distinct cleavage 
vitreous luster 
on crystal faces prismatic 
scapolite 


crystals 


Hardness: 644 


vitreous luster 


transparent perfect 
to translucent cleavage 


SG: 2.41-2.42 Cleavage: Perfect Fracture: Subconchoidal 
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(J 
Analcime 


A zeolite mineral that occurs 

as well-formed trapezohedra, 
icositetrahedra, and modified 
cubes, analcime also forms in 
massive, granular, and compact 
habits. It may be white, colorless, 
gray, pink, yellowish, or greenish, 
with a white streak. Analcime 

is a transparent to translucent 
mineral, with a vitreous luster. 


FORMATION Occurs in 

basaltic igneous rocks and may 

be formed by the alteration of 

sodalite and nepheline. Analcime 

is also found in some detrital sediments 

with other zeolites and calcite. 

TESTS When heated, it fuses and colors icositetrahedral 
the flame yellow. This mineral is soluble Cryo takie avity 
l . ae vitreous luster in groundmass 

in acids. It will yield water when heated in cw 


a closed test tube. ogee 
Triclinic 


Group: SILICATES Composition: CaAl2Si,012.6H20 Hardness: 4-5 


Chabazite E 


A member of the zeolite group of minerals, chabazite 
occurs as pseudocubic, rhombohedral crystals, 
which are often twinned. It may be white, 

yellowish, pinkish, reddish, greenish, or 

colorless, with a colorless streak. It is 

a transparent to translucent mineral, 

and the luster is vitreous. 


FORMATION Forms in cavities 

in basaltic lavas and in some 
limestones. It is associated with 
many other zeolites—such as 
harmotome, phillipsite-K, 
heulandite-Na, and scolecite— 

and with quartz and calcite. lt can 
occur in certain metamorphic rocks, 
such as schists, and forms around 
hot springs in the crust of minerals 
deposited from the hot fluids. fhiombohedral 
TESTS Chabazite gives off water uneven chabazite crystal 


when heated in a closed test tube. fracture Trigonal/ 
Hexagonal 


vitreous luster 
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Harm otome vitreous 


luster 
This mineral is a zeolite, which occurs as twinned 


pseudotetragonal or pseudo-orthorhombic crystals 
and as radiating aggregates. The color may be 
white, gray, pink, yellow, brown, or colorless. 

It has a white streak. It is transparent to 

translucent, with a vitreous luster. e 


FORMATION Forms in vesicles in basalts. lidad 
TESTS It is fusible and is soluble in crystal on rock 
hydrochloric acid. groundmass 


Monoclinic 


Composition: (Na,Ca,K)e(Si,Al)s6072.22H20 
e 
Heulandite-Na foliated 


, ; ; heulandite-Na 
A zeolite which occurs as tabular, trapezoidal crystals 


crystals, heulandite-Na also forms in massive 
and granular habits. It can be white, gray, 
yellow, pink, red, orange, colorless, and 
brown, and the streak is colorless. It 


is transparent to translucent, with a 
vitreous to pearly luster. A) 


FORMATION In vesicles in basalts. 
TESTS Heulandite-Na is fusible ; rock 
and is soluble in hydrochloric acid. rondas 


Monoclinic 


Laumontite | py ster 


This zeolite mineral forms as prismatic 
crystals and also occurs in massive, fibrous, 
columnar, and radiating habits. It is white, 
gray, brownish, pink, or yellowish. The streak 
is colorless. It has a vitreous to pearly 


luster and is transparent to opaque. ay 
FORMATION Forms in igneous 
basaltic cavities. 


TESTS Soluble in hydrochloric acid, 
with gelatinization. 


Monoclinic opaque ~ prismatic crystal 
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Group: SILICATES Composition: Na2Al2Siz010.2H20 Hardness: 5-514 
e Do. 
N atrol ite - N Š h vitreous 


radiating mass of e R luster 
This zeolite mineral forms as slender or acicular, slender prismatic 


prismatic crystals, which are vertically striated. crystals 
It may also be fibrous, radiating, massive, 

compact, or granular in habit. The color is 

white, gray, yellowish, reddish, or colorless, transparent 
and there is a white streak. It is transparent to to translucent 
translucent, with a vitreous to pearly luster. 


FORMATION Forms in vesicles in basalts. 
TESTS Natrolite gelatinizes with acid. = 


Orthorhombic 


Mesolite a: tts of 


ahi. acicular 
This zeolite mineral occurs as fibrous or acicular £ 50M crystals 


crystals, which form tufts or compact masses. It is 
always twinned. The mineral is white or colorless. 
It is transparent and has a vitreous or silky luster. 


FORMATION Forms in vesicles 
in basaltic lavas. 
TESTS It gelatinizes with acid. 


This mineral gives off water when 
heated in a closed test tube. = 


Orthorhombic 


crystals 


Phillipsite-K ii — 


A zeolite which occurs as twinned crystals, 
phillipsite-K is white, colorless, reddish, or 
yellowish in color. It is a transparent to 

translucent mineral, with a vitreous luster. 


FORMATION This mineral occurs in 
vesicular cavities in basalts, in some deep 
marine deposits and around hot springs. 
TESTS Phillipsite-K is soluble in acids. It has 
two distinct cleavages. 


Monoclinic , vitreous luster 
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Group: SILICATES Composition: CaAl2Si3010.3H20 Hardness: 5-5 
o 
Scolecite thin, radiating vitreous 
AA IR oe luster 


prismatic crystals 
This zeolite mineral forms as vertically 
striated, thin, prismatic crystals. Scolecite 
may also occur as radiating fibrous masses. 
The color may be white, yellowish, or colorless. 
It is a transparent to translucent mineral, and it 
has a vitreous to silky luster. 


FORMATION Forms in vesicles in basalts. 
TESTS When heated, scolecite curls 
into wormlike shapes and fuses. 


Monoclinic 


Group: SILICATES Composition: NaCa4(Si27Al9)071.28H20 Hardness: 3*/-4 
> > sheaflike 
Sti | b ite = Ca Be RA aggregates of 


‘ ; . a ya stilbite-Ca crystals 
A zeolite occurring as rhombic crystals, stilbite-Ca x Gees n onquartz 


exhibits cruciform penetration twinning. Other vitreous 
habits are bladed, globular, and radiating masses. "Ste" 
The color is white, gray, yellowish, pink, reddish, 

orange, or brown, and the streak is colorless. 

Stilbite-Ca is a transparent to translucent 

mineral, and it has a vitreous or pearly luster. 


FORMATION In cavities in basalts 
and other lavas. 
TESTS It is soluble in hydrochloric acid. 


m >: radiating 
Thomsonite-Ca "R > ye prisms 
This zeolite mineral forms as acicular, prismatic crystals, “Da ON 
but more often as lamellar or radiating aggregates. The 
color is white, colorless, yellowish, pink, or greenish. 

It has a colorless streak. This mineral is transparent 
to translucent and has a vitreous to pearly luster. 


vitreous 
luster 


FORMATION Thomsonite-Ca 
forms in cavities in lavas. 


TESTS It is soluble 
i i basalt 
in hydrochloric acid, groundmass 
with gelatinization. 


Orthorhombic 


SG: 2.23-2.29 Cleavage: Perfect Fracture: Uneven to subconchoidal 
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ROCKS 


IGNEOUS ROCKS form by the 
crystallization of once molten material. 
This molten rock is called magma when 
underground and lava once on the 
surface. It is essentially a silicate melt 
and may contain, as well as silicon and 


oxygen, other elements—particularly 
aluminum, iron, calcium, sodium, 
potassium, and magnesium. These 
combine, as the magma or lava 
crystallizes, to form silicate minerals, 
which make up igneous rocks. 


Group: IGNEOUS Origin: Intrusive Crystal shape: Anhedral, Euhedral 


Pink granite 


One of the most common intrusive rocks, granite 


has a total silica content above 65 percent and a 


minimum quartz content of 20 percent. K-feldspars 


(orthoclase and microcline) are normally 
dominant over plagioclase (Na-rich) feldspar 
and often pink. Mica occurs as dark biotite or as 
silvery muscovite. Hornblende may be present. 


TEXTURE Granite is a coarse-grained rock with 
crystals larger than “6 in (5 mm) in diameter. 
ORIGIN Forms at considerable depth in 

the Earth's crust. 


White granite 


A high silica content—over 65 percent total silica 
and no less than 20 percent quartz—classifies 
white granite as a felsic rock. K-feldspars 
(orthoclase and microcline) are dominant and 
are white in color. Usually, there is some albitic 
plagioclase. Dark biotite mica and hornblende 
give the rock a mottled appearance. Light, 
glittery muscovite is also common. 


TEXTURE A coarse-grained rock with 
euhedral crystals of feldspar and mica and, 
usually, anhedral quartz. 

ORIGIN In plutonic environments. 


biotite 
mica 


gray 
quartz 
crystals 


pink 


orthoclase 


feldspar 


white 
orthoclase 
feldspar 


biotite 
mica 


light gray 
quartz 


Classification: Felsic Occurrence: Pluton Color: Light 


Rocks | 181 


tT i biotite mica 
Porphyritic granite m 


A granitic rock with more than 65 percent silica 
and a minimum of 20 percent quartz. Pink 
orthoclase feldspar and white microcline or 
albitic feldspar are present. Biotite mica crystals 
and quartz are visible. Hornblende may add to 
the speckled appearance. 


quartz 
crystals 


TEXTURE Granite can be equigranular or 

porphyritic. The phenocrysts are usually of 

feldspar and may be up to 2% in (6 cm) long. 

ORIGIN Forms by magma cooling in two pale phenocrysts of 
stages at some depth in the Earth's crust. orthoclase feldspar 


Classification: Felsic Occurrence: Pluton Color: Light 


pink coloring of 


G rap h i C gran ite orthoclase feldspar 


A felsic igneous rock, this granite contains 
20 percent quartz and over 65 percent 
total silica. It is made up of K-feldspars 
(orthoclase and microcline), albitic 
plagioclase, gray quartz, and some 

dark biotite mica. 


TEXTURE Coarse-grained, with 

a graphic texture. 

ORIGIN Forms due to the simultaneous 
crystallization of quartz and K-feldspars. 


Hornblende granite 


This granitic rock is made up of more 
than 20 percent quartz and over 

65 percent silica. K-feldspars (orthoclase 
and microcline) are more abundant than 
plagioclase feldspar. Hornblende occurs 
as small masses and as prismatic crystals. 
Mica is also present in the rock. 


TEXTURE Coarse-grained, with equal-sized crystals. 
ORIGIN Forms at various depths in the Earth's crust. 


pale orthoclase feldspar 


Classification: Felsic Occurrence: Pluton Color: Medium 
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Group: IGNEOUS Origin: Intrusive Grain size: Coarse Crystal shape: Anhedral, Euhedral 


Adamel | ite feldspar crystals over 


e au 
A felsic rock, adamellite has more than a 


65 percent total silica and less than 
20 percent quartz. It contains a large 
quantity of feldspar—equally divided 
between K-feldspars (orthoclase and 
microcline) and plagioclase. Biotite 
mica gives adamellite a speckled 
appearance. Small gray grains of 
quartz occur in the matrix. 


TEXTURE This is a coarse-grained, 
usually equigranular rock, though it 
can be porphyritic. The crystals are 
large enough to be seen with the 
naked eye. Most crystals in adamellite 
are euhedral, though some of the 
quartz is anhedral. 

ORIGIN Crystallizes in magmas 
associated with large plutons. 


dark biotite mica light feldspar 


Group: IGNEOUS Origin: Intrusive Grain size: Medium Crystal shape: Anhedral, Euhedral 


White microgranite 


A felsic rock with more than 

65 percent total silica and over es 
20 percent quartz. It contains feldspar 
more K-feldspars (orthoclase and 

microcline) than plagioclase feldspar. 

There may be dark biotite and/or light 

muscovite mica. Patches of biotite 

can give microgranite a darker color. 


TEXTURE Medium-grained, with crystals 
316-14 in (5-0.5 mm) in diameter. This makes 
mineral identification difficult. The texture 

is generally equigranular but sometimes 
porphyritic. Many of the crystals are anhedral. 
ORIGIN In the outer margins of pegmatites. 
Also forms as minor intrusions, such as sills 
and dykes, from the crystallization of magma 
at moderate depth. 


gray quartz 


biotite mica gives 
speckled appearance 


Classification: Felsic Occurrence: Dyke, Sill Color: Light, Medium 


CHAPTER 1 + PLANNING YOUR ELECTRONICS WORKSHOP 


A Practical Approach 


An easier way to think about electricity is to skip over why it flows and concentrate on how it flows. 
That's what we’ll be doing in the remainder of this book, for the most part. 


Note Electricity flows in a circle. 


Any continuous flow of electrical current travels in a circle. There are exceptions to this broad 
generalization, but most of the example circuits encountered in this book will have a definite circular 
arrangement, if you know how to look for it. 

Here are some technical terms that will be used throughout this book. You don’t have to memorize 
any of them right now (there will notbe a test), but you should at least take a glance at them so you know 
where to come back when you want to know more. 


Circuit A circuit is anything that forms a continuous loop or circle. The term 
circuitis formed from the same Latin word that means circle or wheel. 


Amps: The intensity of an electrical current is measured in units called amperes, 
named after André-Marie Ampère. This is usually shortened to amp in popular 
usage. The symbol for amperage in a circuit is J (for intensity), while the unit is 
abbreviated A. For example, you could say that the intensity of the electrical 
current (I) in a circuit was measured to be 3.75A (amperes). Electrical current is 
measured with an ammeter. 


Volts: The voltage in a circuit is the measure of the difference in electrical 
potential, or how much work it could do. The unit of voltage is the volt (V), 
named after Alessandro Volta. This is sometimes referred to as pressure or 
tension. For example, a “high-tension wire” means a high-voltage line, not 
necessarily one that has been pulled really, really tight. Voltage is, not 
surprisingly, measured with a voltmeter. 


Watts: Electrical power is measured in watts (W), named after James Watt. The 
easy way to calculate watts, or the amount of energy that is converted into work 
(either useful or not) is to multiply the voltage across the circuit by the current 
flowing through the circuit. For example, if a 12V battery is connected to a 
lightbulb that draws 2A, the bulb converts the electrical energy into both light 
and heat (mostly heat) to the tune of 24W (12V x 2A = 24W). 


Ohms: The resistance to the flow of electrical current is measured in ohms, 
named after Georg Ohm. A resistor is a simple electronic component that 
exhibits a fixed resistance to the flow of electrical current. The symbol for 
resistance is R and the unit of measure is the capital Greek letter omega, Q. 
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Group: IGNEOUS Origin: Intrusive Grain size: Medium Crystal shape: Anhedral, Euhedral 


Pink microgranite pi 


A felsic rock with more than 65 percent 
total silica and over 20 percent quartz. 

If the predominant feldspar is pink 
orthoclase, this will influence the color 
of the rock. When biotite mica is present 
in microgranite, it will appear as dark 
specks. The gray grains of quartz in 

the groundmass are often anhedral. 


TEXTURE Medium-grained, with 
crystals %6-Ya in (5-0.5 mm) in diameter. 
The crystals are generally of similar size. 
ORIGIN Usually forms in dykes and sills, 
from the solidifying of magma. 


dark biotite 
mica crystals 


Classification: Felsic Occurrence: Dyke, Sill Color: Light, Medium 


Group: IGNEOUS Origin: Intrusive Grain size: Medium Crystal shape: Anhedral, Euhedral 


Porphyritic microgranite = 


This felsic rock contains over 65 percent total silica feldspar 
and more than 20 percent quartz. As with other 

granites, there is more K-feldspar (orthoclase 

and microcline) than plagioclase feldspar in 

porphyritic microgranite. This specimen has 

light-colored feldspar phenocrysts set into 

a matrix that also contains dark biotite mica. 


TEXTURE This is a medium-grained rock, with 
crystals 46-64 in (5-0.5 mm) in diameter. The 
phenocrysts that give the rock its porphyritic 


texture usually have good crystal shape and may 
be aligned due to flow. These phenocrysts are 
generally of feldspar and are often euhedral. 
ORIGIN Porphyritic microgranite forms in 
minor intrusions, such as sills and dykes. 


medium-grained 
matrix 


Classification: Felsic Occurrence: Dyke, Sill Color: Medium 
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Group: IGNEOUS/MET. Origin: Various Grain size: Medium to fine Crystal shape: Anhedral, Euhedral 


Xenol ith granite around margins 


Xenolith is a term applied to rock 
fragments that are foreign to the body 
of igneous rock in which they occur. 
They are usually engulfed by magma 
and partly altered. This specimen 

is a dark mass of mafic lava within 
pink granite. The granite's feldspar, 
mica, and quartz contrast noticeably 
with the dark xenolith. 


TEXTURE Xenolith is a medium- 
to fine-grained rock. The granite 
is coarse-grained. 

ORIGIN Xenoliths occur in 
many igneous rocks. 


xenolith coarse 
grains 


Classification: Felsic to mafic Occurrence: Pluton, Volcano Color: Dark 


Group: IGNEOUS Origin: Intrusive Grain size: Medium Crystal shape: Anhedral, Euhedral 


Quartz porphyry 


A felsic rock with more than 65 percent total 
silica and over 10 percent quartz, it contains 
phenocrysts of quartz and alkali feldspar 
(usually orthoclase) in a microcrystalline 
matrix. In quartz porphyry, orthoclase feldspar 
exceeds plagioclase feldspar. Some crystals of 
hornblende are also visible in this specimen. 


TEXTURE This is a medium-grained rock, but 
with some larger crystals (phenocrysts) of various 
essential minerals, surrounded by smaller mineral 
grains. These smaller grains in the matrix are of 
similar size. A porphyritic rock, quartz porphyry 
may have formed in two stages during the 
cooling of magma. 

ORIGIN Quartz porphyry forms in minor 
intrusive structures, such as sills and dykes, from 
the intrusion and cooling of magma. lt does not 
usually form at great depth. 


phenocrysts 
in matrix 


Classification: Felsic Occurrence: Dyke, Sill Color: Light, Medium 
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Feldspar pei | 
amphibole 


This felsic rock has the same mineral composition te 3 E b crystals 
as granite. It contains a high proportion of 

feldspar (which is usually pink or white), 

grayish quartz, and biotite, amphibole, and/or 

tourmaline. The total silica content is well over 


65 percent. ae 


feldspar 
crystals 


TEXTURE Due to rapid cooling of water-rich 
magmas, pegmatites are very coarse-grained; 
some have crystals many feet long. In this 
specimen, the mass of white feldspar is over 

4 in (10 cm) long. The minerals can be easily 
identified without a magnifying glass. 

ORIGIN Forms in plutonic environments and 
often in dykes and veins. Pegmatites tend to be 
concentrated at the margins of granite intrusions. 


large 
crystals 


Mica pegmatite 

This is a felsic rock of granitic composition, 

with more than 65 percent total silica and 

over 20 percent quartz. White muscovite 

mica may form as large sheets, over 2% in ize 

(6 cm) long, within the rock mass. There is Š e DE ee: 
also some feldspar and biotite. The name ta A E A PN muscovite 
pegmatite generally refers to rocks of felsic Me r ae E mica crystals 
composition, but the term applies to any 

igneous rock of very coarse grain size. 


TEXTURE Pegmatites owe their very coarse 
grain size to slow cooling. Large crystals, 
some several feet long, may be found. 
ORIGIN Forms deep below the Earth's 
surface in plutonic environments. Cooling 
of magma is rapid and often associated with 
late-stage fluids, which may carry some rarer 
elements (e.g., Li, Be, B) into the rock mass. 


Classification: Felsic Occurrence: Pluton, Dyke, Sill Color: Light 
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Group: IGNEOUS Origin: Intrusive Grain size: Very coarse Crystal shape: Euhedral 


Tourmaline pegmatite dark, prismatic 


tourmaline crystals 
This rock has a felsic composition similar to 
that of granite, with well over 20 percent 
quartz and more than 65 percent total silica. 
A high proportion of gray quartz, pink 
K-feldspars, and dark biotite mica may be 
present. The dark, prismatic crystals are the 
borosilicate mineral, tourmaline. 


TEXTURE Consists of very coarse-grained 
crystals. Some of the larger crystals in this 


specimen are 2-2 in (5-6 cm) long. Most are 
euhedral (well-shaped). The tourmaline forms 
coarse, striated prismatic crystals. 

ORIGIN Tourmaline pegmatite forms in large 
intrusions and also in dykes or sills. The rock is 
created by the rapid cooling of water-rich 
magma at depth in the Earth's crust. 


pink orthoclase 
feldspar 


Group: IGNEOUS Origin: Intrusive Grain size: Medium Crystal shape: Anhedral, Euhedral 


G ranophyre ferromagnesian minerals 


give dark color 
This rock has a felsic composition, with more 
than 20 percent quartz and a total silica content 
of over 65 percent. It contains both K-feldspars 
and plagioclase feldspars, mica, and amphibole. 
When ferromagnesian minerals are present in 
granophyre, they give the rock a darker color. 


TEXTURE This is a medium-grained rock but can 
be porphyritic, characterized by a texture formed 
by an intergrowth of feldspars and quartz—called 
granophyric—and a finer version of graphic texture 
found in some granites. The texture is best seen with 
a magnifying glass or viewed under a microscope. 
ORIGIN The rock occurs on the margins of 

large plutonic, intrusive masses and also in 
hypabyssal intrusions. 


similar-sized grains 


Classification: Felsic Occurrence: Pluton, Dyke Color: Light, Medium 
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Group: IGNEOUS Origin: Intrusive Crystal shape: Anhedral, Euhedral 


Pink granodiorite ee 


This is a plutonic rock generally consisting of ; Se > 
quartz, plagioclase, and lesser amounts of alkali ER E e PEA : ie 
feldspar. Minor constituents of pink granodiorite ee iene Eh, 

may be hornblende, biotite, or pyroxene. 


TEXTURE A medium- to coarse-grained 


rock, usually with well-formed crystals. 
ORIGIN Forms in many types of igneous 
intrusions. This is probably the commonest 
rock of the granite family. 


White granodiorite 


The total silica content of this rock is lower 
than that of granite, being between 55 and 
65 percent. This light form of granodiorite 
contains a high proportion of gray quartz 
and plagioclase feldspar. Dark mica and 
hornblende give the rock a speckled 
appearance. 


TEXTURE A coarse-grained rock, white 

granodiorite has well-formed crystals. Some ¿E 

of the interstitial quartz may be anhedral. ferromagnesian 
ORIGIN Forms in many types of igneous intrusions. minerals 


Diorite 


A rock of intermediate composition, diorite has 
55 to 65 percent total silica content. Essentially 
composed of plagioclase feldspar (oligoclase or 
andesine) and hornblende. Biotite mica and 


E oa light 
pyroxene may also occur in diorite. A 


plagioclase 


TEXTURE The grain size of diorite is medium to feldspar 


coarse (sometimes pegmatitic). It may be equigranular 
or porphyritic with phenocrysts of feldspar or hornblende. 
ORIGIN Sometimes forms as independent intrusions, 
such as dykes, but usually comprises parts of 

major granitic masses. 


Classification: Intermediate Occurrence: Pluton, Dyke Color: Medium, Dark 
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Group: IGNEOUS Origin: Intrusive Grain size: Coarse Crystal shape: Anhedral, Euhedral 


S m pale pink 
yen ite amphibole feldspar 
A coarse-grained plutonic rock generally devoid : Ss 

of quartz (up to 10 percent quartz in quartz 

syenites), syenite is a light-colored rock often 

confused with granite. This intermediate rock, 

with total silica between 55 and 65 percent, is 

principally formed of alkali feldspar and/or 

sodic plagioclase and is usually associated 

with biotite, amphibole, or pyroxene. 


TEXTURE A coarse-grained rock with all 
minerals visible to the naked eye and with 
grains generally the same size. It is sometimes 
porphyritic—where larger crystals are enclosed 
by a finer-grained matrix. Crystals are mainly 
anhedral to euhedral. 

ORIGIN Usually forms in minor intrusions, 
dykes, and sills, often associated with granites. 


Classification: Intermediate Occurrence: Pluton, Dyke, Sill Color: Light, Dark 


Group: IGNEOUS Origin: Intrusive Grain size: Coarse Crystal shape: Euhedral 


Nepheline syenite = 


This rock has the typical intermediate igneous ferromagnesian coarse-grained 
rock composition of 55 to 65 percent total silica minerals texture 
content. It contains a high proportion of feldspar, 

amphibole, and mica. Pyroxene can sometimes 

be present. Nepheline syenite contains the 

feldspathoid mineral, nepheline, from 

which its name is derived. There is no tas 


A e k 
mar E 


quartz present in this rock. f um 


A. 
ho 
1 


TEXTURE Nepheline syenite is 
coarse-grained; the minerals can be seen 
clearly without a magnifying glass. The 
crystals generally have the same grain 
size (equigranular). This rock can 
sometimes be pegmatitic. 

ORIGIN Nepheline syenite forms from 
the crystallization of magmas that are 
often associated with highly alkaline 
rocks. These are rocks that contain 
minerals rich in sodium and potassium. 


Classification: Intermediate Occurrence: Pluton, Dyke Color: Light, Dark 
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Group: IGNEOUS Origin: Intrusive Crystal shape: Euhedral 
Larvikit 


A variety of augite syenite, larvikite is an 
intermediate rock consisting of feldspar, pyroxene 
(usually Ti-augite), mica, and amphibole. It 
contains minor amounts of nepheline and olivine. 
Dark to light gray in color, the feldspars usually 
display a distinctive schiller. 


TEXTURE Larvikite is a coarse-grained rock. 

In this specimen, the minerals are seen to . 

ee ree mass of grayish 

. co feldspar crystals with 
ORIGIN Forms in relatively small intrusions, ferromagnesian 
such as sills. minerals in between 


Gabbro light 


plagioclase 
A mafic rock in which quartz is rare. Gabbro 
is poorer in silica than granite (about 
50 percent by weight) and is composed 
essentially of calcic plagioclase, pyroxene ein 
(usually augite), olivine, and magnetite. size 


TEXTURE Gabbro is a coarse-grained 

and equigranular rock. dark 
ORIGIN Forms in major plutonic pyroxene 
intrusions, which are commonly layered. 


With a mafic composition as in gabbro, the 
main minerals are calcium-rich plagioclase light 
and pyroxene, with olivine and magnetite plagioclase 
also present. Layering, defined by alternate feldspar 
layers of light- and dark-colored minerals, 
varies from a few feet to a few inches in 
thickness and is due to gravity settling. 


Layered gabbro [a 


dark ferro- 


TEXTURE A coarse-grained rock with gale 
deal | minerals and 

euhedral crystals. o | magnetite 

ORIGIN Forms in mafic plutonic intrusions, 

sometimes as major structures (lopoliths). 


Classification: Mafic Occurrence: Pluton Color: Medium 
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Group: IGNEOUS Origin: Intrusive Crystal shape: Anhedral, Euhedral 
Olivine Gabbro E pci 


This rock has a mafic composition, with a 
total silica content of less than 55 percent. 
Quartz occurs only rarely. The high content 
of ferro-magnesian minerals gives the rock 

a dark coloring. It is of higher density than 
the granitic rocks. Olivine gabbro contains 
plagioclase feldspar (a calcium-rich variety), 
pyroxene, and olivine. Magnetite is 
generally present in small amounts. 


TEXTURE A coarse-grained rock, the 

crystals—which are mostly euhedral—are over 

As in (5 mm) and easy to see with the naked 

eye. The grains are all of similar size, though 

gabbros can be porphyritic—having larger OE a 

crystals surrounded by a finer matrix. SRE | abundance of 
ORIGIN Forms in plutonic environments, often : y ; oline edemi 


l , ao. i as dark greenish 
in stocks, sills, and other sheetlike intrusions. ane y 


Le u cogab b ro dark pyroxene equal in 


quantity to feldspar 


Mafic in composition, leucogabbro has a total silica 
content of less than 55 percent. It is paler than 
other gabbros because of a high percentage of 
plagioclase feldspar. This is usually associated 

with the clinopyroxene, augite. Olivine and 
magnetite can also sometimes be present. 


TEXTURE Leucogabbro is a coarse-grained 
rock. The crystals are over %e in (5 mm) 
in diameter and can easily be seen with 
the naked eye. 

ORIGIN This rock forms in plutonic 
environments, often in major intrusions. 
During crystallization, crystals and liquid 
may be separated under the influence 
of gravity. The separation of the liquid 
fraction can lead to the formation of a 
variety of rock types, a process known 
as fractional crystallization. 


white plagioclase 
feldspar 


Classification: Mafic Occurrence: Pluton Color: Medium, Light 
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Group: IGNEOUS Origin: Intrusive Crystal shape: Anhedral, Euhedral 
Bojit 


A plutonic rock consisting of plagioclase feldspar 
(labradorite), brown hornblende, minor augite, and biotite. 
The brown hornblende is thought to be of primary formation. 
A common accessory mineral is iron oxide (magnetite). Bojite is 
often visually striking, with patches and streaks and a layering 
of mafic minerals. 


recognizable 
areas of different- 
TEXTURE Coarse-grained, O beeen eae colored minerals 
with crystals greater than PA A RA Ae, 

6 in (5 mm) in diameter. 

Grains are of the same size, 


but dark minerals tend to 
be in patches and layers. 
ORIGIN Forms in 
plutonic environments 
at considerable depth 

in the Earth's crust. 


areas of iron-rich 
alteration 


Classification: Mafic Occurrence: Pluton Color: Dark 


Anorthosite 


A rock of mafic composition, the total silica coarse 
content is less than 55 percent, and quartz grain size 
is virtually absent. Anorthosite comprises l a 

at least 90 percent plagioclase feldspar 

(labradorite-bytownite). Other minerals 

in the rock include olivine, pyroxene, and 

iron oxides. Garnet sometimes forms in 

reaction rims around pyroxene. 


TEXTURE Generally coarse-grained, granular, 


and light in color, these rocks may have 

a parallel alignment of dark minerals. 
ORIGIN Forms in plutonic environments in 
stocks, dykes, and sheet-shaped intrusions. lt 
is often associated with gabbros in layered 
sequences and makes up the light-colored 
regions on the Moon's surface. 


mass of light plagioclase ferro-magnesian 
feldspar crystals minerals 


Classification: Mafic Occurrence: Pluton Color: Light 
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Group: IGNEOUS Origin: Intrusive Grain size: Medium Crystal shape: Anhedral, Euhedral 


Dolerite 


This rock has a mafic composition, with a total silica 
content of less than 55 percent; the quartz content 
is usually lower than 10 percent. Dolerite 
consists of calcium-rich plagioclase feldspar 

and pyroxene—often augite—with some 

quartz and sometimes magnetite and 

olivine. (If olivine is present, it is known 

as olivine dolerite; if the rock contains 

quartz, it is called quartz dolerite.) 


plagioclase feldspar 


TEXTURE A medium-grained rock with 
crystals between %a-%6 in (0.5-5 mm) in 
diameter. Euhedral or anhedral crystals 
of plagioclase are embedded in 

pyroxene crystals. 

ORIGIN This rock usually forms as dykes 
and sills in basaltic provinces. It may also 
occur as dyke swarms—hundreds of 
individual intrusions associated with 

a single igneous center. 


Group: IGNEOUS Origin: Intrusive Grain size: Medium Crystal shape: Anhedral, Euhedral 


Norite 


Similar to gabbro, this is a rock of mafic minerals 
composition, with less than 55 percent total 

silica. Norite is composed of plagioclase 

feldspar and pyroxene. Importantly, 

it is a variety of gabbro in which 

orthopyroxene is dominant over 

clinopyroxene. Olivine may be present 

in some varieties of the rock. Biotite 

mica, hornblende, and cordierite can 

sometimes also occur. 


dark ferromagnesian 


TEXTURE A coarse-grained rock, which 

is granular in texture, norite often shows a 

layered structure. 

ORIGIN Forms by the freezing of magma in 

a plutonic environment. Norite is associated 

with larger mafic igneous bodies and is often 

found in layered igneous intrusions; different 

rock types may form within one intrusion by a 

separation of their mineral content, often due light plagioclase 
to the effects of gravity settling. feldspar 


Classification: Mafic Occurrence: Pluton Color: Dark 
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Safety 


Make no mistake: electricity can kill you. It bears repeating, as well as emphasis. 


Warning Electricity can kill you. 


Working safely with electricity is like working safely with a sharp knife, for example. A good knife is a 
useful tool. Life would be cumbersome and crude (not to mention short) without good tools. However, 
when using any tools it’s important to understand their proper use and operation. The same goes for 
electricity. 

The point here is not to be overdramatic about the dangers of electricity. Billions of people are safely 
and peacefully coexisting with electricity, largely due to wise safety rules and well-designed electrical 
appliances. However, there are three major ways that you can be harmed when working around 
electricity, and it is important that you be aware of them: 


e Your body uses tiny amounts of electricity to send nerve impulses to and from 
your brain. Sending relatively giant shocks of electricity through your body is a 
good way to stop your heart from beating or your lungs from breathing. You need 
to keep doing both of those things, so be careful. 


e Since your body is not a very good conductor of electricity, it converts the 
electrical current into heat, which can produce very damaging burns, both on the 
inside and the outside of your body. 


e Additionally, many electrically related injuries are sustained while trying to get 
away (i.e., your body’s involuntary reflex when exposed to dangerous voltages). 


Yet working safely with electricity is easy. Observe the following rules and you'll be relatively safe, 
both in your lab and outside of it: 


e Always assume a circuit is “live.” Electrical devices can retain lethal voltages even 
when completely disconnected from power. 


e Don’t work with high voltage (more than 36 volts) unless you're specifically 
trained. Reading this book does not mean you're “specifically trained,” even if you 
read it twice. 


e Don’t short-circuit batteries (i.e., deliberately connect the positive and negative 
terminals together). Even very small batteries can hold dangerous amounts of 
power and can produce enough heat to burn you. Even worse, it can start a fire, 
which is yet another unpleasant way to die. 


e Be careful when using metal (conductive) tools around battery terminals so that 
you don't accidentally short the terminals together or to other circuitry. 


e Don’t assume other people are aware of these dangers. 
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Group: IGNEOUS Origin: Intrusive Grain size: Coarse, Medium Crystal shape: Anhedral, Euhedral 
Troctolit 


A variety of gabbro, troctolite has a total 
silica content of less than 55 percent. It 
is composed essentially of highly calcic 
plagioclase and olivine, with virtually 

no pyroxene. The olivine is often altered 
to serpentine. Troctolite is generally dark 
gray, often with a mottled appearance. 


TEXTURE This is a medium- to coarse- 
grained rock with many crystals about 

6 in (5 mm) in diameter. The grains are 
generally of a similar size. 

ORIGIN This rock forms in a plutonic 
environment where the magma cools slowly. 
Troctolite is usually associated with gabbros or 


anorthosite, sometimes in layered complexes. 
gray-colored mottled 
plagioclase feldspar appearance 


Classification: Mafic Occurrence: Pluton Color: Dark 
Group: IGNEOUS Origin: Intrusive Crystal shape: Euhedral 


Dunite 


A rock of ultramafic composition, dunite contains greenish coloring 
less than 45 percent total silica and no quartz. Itis | from olivine 
made up almost entirely of olivine, which gives the 

rock its recognizable greenish or brownish 

coloring. The alternative name, 

olivinite, refers to its mineral 

composition. Chromite occurs in 

this rock as an accessory mineral. 


TEXTURE A medium-grained rock 

with crystals %4-7 in (0.5-5 mm) in 

diameter. The texture of dunite is 

granular and sugary. 

ORIGIN Small volumes of 

ultramafic rocks are often formed 

as cumulates during the differentiation 

of mafic rocks in a plutonic environment. 
Minerals in some dunites are sometimes 
crushed, and they may be emplaced in a near-solid 
state due to Earth movements. This can produce 
amass of ultramafic rock from a magma that is 
otherwise of mafic composition. 


typical sugary 
texture 


Classification: Ultramafic Occurrence: Pluton Color: Dark, Medium 
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Group: METAMORPHIC Origin: Intrusive 


Serpentinite 


Serpentinite forms the low-temperature 
metamorphism of intrusive or extrusive 
mafic and ultramafic igneous. It is composed 
almost entirely of serpentine minerals, 
such as antigorite and chrysotile. Small 
amounts of olivine are often present. Other 
ferromagnesian minerals such as garnet, 
pyroxene, hornblende, and mica are also 
commonly found, as are chromite or 
chrome spinels. Serpentinite is dark 

in color, with areas of black, green, or 

red. Serpentinite is now classified as a 
metamorphic rock. 


TEXTURE This is a compact, often 
banded rock commonly veined by 
fibrous serpentine. 

ORIGIN Occurs as dykes, stocks, and 
lenses. Serpentinite is formed by the 
serpentinization of other rocks, principally 
peridotite. lt commonly occurs in folded 
metamorphic rocks, probably from altered 


olivine-rich intrusions. patches of 


different color 


Pyroxenite 


This is an ultramafic, plutonic rock with less 
than 45 percent total silica. As the name 
suggests, it is composed almost entirely 

of one or more pyroxenes. Some biotite, 
hornblende, olivine, and iron oxide may 
also be present. The light-colored 

crystals in pyroxenite are of feldspar 

in very small amounts. 


TEXTURE Pyroxenite is a coarse- to 
medium-grained rock. It has a granular 
texture, with well-formed crystals 
sometimes forming layers. The grains 
can easily be seen with the naked eye. 
ORIGIN Pyroxenite forms in small, 
independent intrusions that are usually 
associated with gabbros or types of 
ultramafic rock. 


granular 
texture 


Grain size: Coarse to medium 


Crystal shape: Anhedral, Euhedral 


easily seen 
coarse-grained 
crystals 


overall dark 
coloring 


dark 
coloring 


pyroxene 
mineral 


Classification: Ultramafic Occurrence: Pluton Color: Dark 
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Group: IGNEOUS Origin: Intrusive Grain size: Coarse Crystal shape: Euhedral 


Kimberlite pa 


An ultramafic rock consisting of major amounts 
of serpentinized olivine. It is associated with 
phlogopite, ortho- or clino-pyroxene, carbonates, 
and chromite. Pyrope garnet, rutile, and 
perovskite may also be present. Kimberlite 
is dark in color. 


TEXTURE This is a coarse-grained rock, often 
with a porphyritic texture. Kimberlite can 
have a brecciated appearance. 

ORIGIN Forms at the base of the Earth's 
crust and is brought to the surface by 
steep-sided pipes. The pipes are usually 

less than a mile in diameter. Kimberlite 

pipes are the primary source of diamonds 
and are mined, especially in South Africa, 

for their high diamond content. 


crystal ofa 
ferromagnesian 
mineral 
Classification: Ultramafic Occurrence: Hypabyssal, Pluton Color: Dark 
Group: IGNEOUS Origin: Intrusive Grain size: Coarse to medium Crystal shape: Anhedral, Euhedral 


Garnet peridotite 


A rock with less than 45 percent total silica 
content, garnet peridotite is composed only 
of dark minerals: feldspar is virtually absent, 
olivine is essential, as is garnet. Pyroxene 
and/or hornblende are often present. 


TEXTURE This is a coarse- or medium- 

grained rock with garnets set into a oF agit: E 

granular matrix. The garnets may vary Ñ es | ox ay small 

in size from very small grains to larger fe ea tty A ANOS z me = patches of 
patches over Ys in (5 mm) in diameter. | Cc oe i 
ORIGIN Garnet peridotite forms in 

intrusive dykes, sills, and stocks and is 

sometimes associated with large masses 

of gabbro, pyroxenite, and anorthosite. 

It is found in basalts and as xenoliths 

in high-grade metamorphic rocks. 

Garnet peridotite is often derived from 

the Earth’s mantle. 


Classification: Ultramafic Occurrence: Pluton, Dyke, Sill Color: Dark 


196 | Rocks 


Group: IGNEOUS Origin: Extrusive Grain size: Fine Crystal shape: Anhedral 


Rhyol ite phenocrysts 


a g : include quartz 
This is an extrusive rock with the d 


same general composition as granite. 
Like granite, rhyolite is often rich 

in quartz and alkali feldspar, but 
glass is usually one of the major 
components of rhyolite. Biotite 

mica is usually present. 


TEXTURE A fine-grained felsic volcanic 
rock which may have phenocrysts, giving 
a porphyritic texture. The matrix crystals 


are too small to be seen with the naked 
eye, and the rapid cooling of the lava 
causes the magmatic liquid to quench 
as a glass. Rhyolite may also have 
vesicles and amygdules. 

ORIGIN These rocks erupt from 
volcanoes with explosive violence 
and are the result ofthe cooling 

of viscous lava. Such lavas may 

plug the volcano's vent, causing 

a buildup of gaseous pressure. 


Group: IGNEOUS Origin: Extrusive Grain size: Fine Crystal shape: Anhedral 


Banded rhyolite 


A group of rocks similar in composition to 
granites. Quartz, feldspar, and mica along 
with glass are the major components of 
banded rhyolite, while hornblende may 
also be present. 


TEXTURE A fine- or very fine-grained rock in 
which the minerals are too small to be seen 
with the naked eye. Flow-banding is common 
in rhyolites and is defined by swirling layers 
of different color and texture. These rocks 


may also have a spheroidal texture formed 

by radial aggregates of needles composed 

of quartz and feldspar. 

ORIGIN Produced by the rapid cooling of 
lava, leading to the formation of minute 
crystals or glass. The magma is highly viscous. 


flinty appearance 


bands of 
different colors 


Classification: Felsic Color: Light, Medium 
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Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral, Euhedral 
Dacit 


A volcanic rock of intermediate composition. 
Quartz and plagioclase feldspar are the major 
constituents in dacite, with minor amounts of 
biotite and/or hornblende or pyroxene. 


TEXTURE Dacite is a fine-grained rock, though it 
can have a porphyritic texture. The crystals are 
anhedral or euhedral. 
ORIGIN Although a volcanic rock, dacite can also 
occur in small intrusions. 
porphyritic 
texture 


Classification: Intermediate Color: Light, Medium 


| Group:IGNEOUS | IGNEOUS Origin: Extrusive Grain size: Very fine Crystal shape: Anhedral 
Obsidian ee 
fracture 


This is a silica-rich volcanic rock. With glass 
as its main component, obsidian is sometimes 


defined as being a glassy volcanic rock, with less 
than 1 percent water content in its structure. 


TEXTURE Glassy obsidian may contain rare 

phenocrysts of quartz and feldspar. It breaks 

with a very sharp conchoidal fracture that 

has been exploited since Paleolithic times glass rather 
for making cutting tools. than crystals 
ORIGIN Volcanic, formed by the very rapid of minerals 
cooling of viscous felsic lava. 


Classification: Flic Color Dark 


i i 7 black, glassy 
Snowflake obsidian Hs. a 


Like obsidian, this rock is composed of a 
high percentage of glass rather than crystals. 
The characteristic pale “snowflakes” are 
patches where the glass has become 
devitrified around distinct centers. 


TEXTURE This is an extremely fine-grained 

rock. It also displays microcrystalline patches 

of white color. 

ORIGIN A volcanic rock, snowflake obsidian ee s “es white 

is formed from lava that has cooled rapidly. ey Oe E s “snowflakes” 
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Group: IGNEOUS Origin: Extrusive Grain size: Very fine Crystal shape: Anhedral 


Pitchstone 


This rock has a composition equivalent 
to a wide range of other volcanic 
rocks. It is essentially a volcanic glass 
containing a few phenocrysts. 
Pitchstone is usually very dark in 

color and has a luster similar to that 

of tar or pitch. 


TEXTURE Although the proportion 
of glass in pitchstone is very high, 

this rock contains more water than 
obsidian. It may also be spotted or 
flow-banded. Even under microscopic 
examination, the crystals appear to 

be poorly formed. 

ORIGIN The rock is produced by 

the very rapid solidification of lava, 
especially in dykes and flows. The large 
quantity of glass contained in pitchstone 


is a result of this rapid cooling. 
tarlike surface fine-grained 
crystals 


Group: IGNEOUS Origin: Extrusive Grain size: Very fine Crystal shape: Anhedral 


Porphyritic pitchstone porphyritic 


texture 
A very dark and glassy rock in appearance, porphyritic 
pitchstone is usually of felsic composition, although, 
as in the case of pitchstone, the chemistry 
is variable. This pitchstone is rich in 
phenocrysts, generally of quartz, feldspar, 
and pyroxene. Some authorities 
distinguish between pitchstone and 
obsidian by the water content of the 
rocks—pitchstone has as much as 
10 percent, while obsidian usually 


contains less than 1 percent. 


TEXTURE Because of the two stages in its 

rapid cooling history, porphyritic pitchstone 
contains phenocrysts of feldspar, which are 

set into the fine-grained matrix. 

ORIGIN Forms in lava flows and small sills and 
dykes, often near to granitic masses. In both of 
these situations, the lava solidifies rapidly, giving 


the crystals no time to grow—hence the glassy appearance. 
pale phenocrysts 


Classification: Felsic to mafic Occurrence: Volcano, Dyke, Sill Color: Dark 
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Group: IGNEOUS Origin: Extrusive Grain size: Medium Crystal shape: Anhedral, Euhedral 


texture 


Lam prophyre porphyritic 
A group of rocks of variable E gk on 
composition, characterized 

by being potassium-rich and 

strongly porphyritic in mafic 

minerals, typically biotite, 

amphibole, and pyroxene—any 

feldspar (whether alkali or 

plagioclase feldspar) is confined 

to the matrix. Accessory minerals 

include hornblende, calcite, titanite, 

and magnetite. 


TEXTURE Medium-grained, this group 

of rocks is typically porphyritic. Both biotite 
and hornblende phenocrysts give the rocks 
a distinctive appearance. 

ORIGIN Forms in minor intrusions and 

in dykes and sills. The rocks often show 

signs of hydrothermal alteration. They can 
be associated with a variety of other igneous 
rocks, such as granites, syenites, and diorites. 


Classification: Felsic to mafic Occurrence: Dyke, Sill Color: Medium 


Group: IGNEOUS Origin: Extrusive Grain size: Fine Crystal shape: Anhedral, Euhedral 


Andesite phenocrysts of light 


, . : plagioclase feldspar 
An intermediate volcanic rock, fine-grained 


andesite usually has 55 to groundmass 
65 percent total silica content. 

Plagioclase feldspar (andesine or 

oligoclase) is the most significant 

constituent, along with pyroxene, 

amphibole, and biotite mica. 


TEXTURE A fine-grained, often 
porphyritic rock. The phenocrysts 
set into the matrix are usually white 
tabular feldspar crystals or biotite, 
hornblende, or augite. 

ORIGIN This rock forms as lava flows 
from andesitic volcanoes, which are 
second in abundance only to basaltic 
volcanoes. Andesitic volcanoes are 
often associated with subduction 
zones, as in the Andean mountains 
of South America. 


Classification: Intermediate Color: Medium 
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Group: IGNEOUS Origin: Extrusive Grain size: Fine Crystal shape: Anhedral, Euhedral 


Amygdaloidal andesite 


This is an intermediate volcanic rock that is 
usually porphyritic. Amygdaloidal andesite 
consists of plagioclase feldspar (frequently zoned 
labradorite-oligoclase), pyroxene, and/or biotite. 
The rock matrix tends to be a medium-colored 
gray rather than the black of basalt. 


TEXTURE This rock has a fine-grained matrix, 
although it may often be porphyritic. Many small, 
rounded vesicles are visible on the rock surface. 
These vesicles are left after gas bubbles have 
escaped from the lava. Infilled vesicles are known 
as amygdales and are commonly infilled by minerals 
of the zeolite group. The cavities can be widened by 
the growth of minerals. 
ORIGIN Amygdaloidal eas bubble 
andesite forms by the rapid cavities, infilled 
cooling of lava from a gas-rich with minerals 
volcanic eruption. 

fine-grained 

matrix 


Group: IGNEOUS Origin: Extrusive Grain size: Fine Crystal shape: Anhedral, Euhedral 


Porphyritic andesite sar ale 
set into the matrix 

This rock has the same composition 

as andesite. It is an intermediate 

rock with 55 to 65 percent total 

silica. Plagioclase feldspar is an 

important constituent, as are 

pyroxene, amphibole, and 

biotite mica. Andesite is usually 

a darker-colored volcanic 

rock than rhyolite, though 

it is lighter than basalt. 


TEXTURE The matrix is fine-grained, 

and the crystals can be studied in 

detail only under a microscope. Larger 

phenocrysts of feldspar and pyroxene 

are set into the matrix. This texture 

indicates that some crystals grew in the 

magma below the Earth's surface and that, 

on eruption, the lava solidified rapidly. 

ORIGIN Porphyritic andesite forms as lava 

flows usually associated with andesitic volcanoes. fine-grained matrix 


Classification: Intermediate Color: Medium 
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Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral, Euhedral 


This is a volcanic rock with a total silica content 

of between 55 and 60 percent. Trachyte is rich 

in alkali feldspar and also contain either nepheline 
or small amounts of quartz (less than 10 percent). 
Dark minerals, such as the pyroxene, aegerine, 
are present in small amounts, though trachyte is 
generally light in color. 


TEXTURE A fine-grained rock, usually porphyritic. 

Feldspar microcrystals exhibit flow structure. 

ORIGIN Trachyte forms as lava flows and ¿y al 
narrow dykes and sills. | phenocrysts 


Classification: Intermediate Color: Medium 
Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral, Euhedral 
P hyritic trachyt 


This rock has a similar composition to trachyte 
and has 55 to 65 percent total silica. Dominantly 
composed of alkali feldspar, some quartz and 
oligoclase feldspar may be present, as well as 
pyroxene, hornblende, and biotite mica. 


TEXTURE This rock has a fine-grained 
matrix, and euhedral phenocrysts are 
common, giving the porphyritic texture. 
ORIGIN Formed by the 

cooling of lava. 


Rhomb porphyry 

A rock of intermediate chemistry, rhomb porphyry 
is often called microsyenite. It has 55 to 65 percent 

total silica content and up to 10 percent quartz. The 
main minerals are alkali feldspar with hornblende, 

pyroxene, and biotite mica. 


TEXTURE This rock derives its name 

from the distinctive rhombic shape of the 
cross-section of its feldspar phenocrysts. 
ORIGIN Occurs as lava flows and dykes. 


plagioclase feldspar phenocrysts medium-grained matrix 


Classification: Intermediate Occurrence: Dyke, Sill Color: Medium 
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Group: IGNEOUS Origin: Extrusive Grain size: Fine Crystal shape: Anhedral, Euhedral 


Basalt 


A mafic volcanic rock consisting 
of calcic-plagioclase feldspar 

and pyroxene, basalt is the most 
abundant of all lava types. Apatite 
and magnetite are nearly always 
present in small quantities, while 
olivine may also occur. 


TEXTURE A fine-grained rock, basalt 
has crystals that are both euhedral and 
anhedral. The crystals, however, are not 
easy to see, even with a magnifying glass. 
ORIGIN Produced by the cooling of 
highly mobile basaltic lavas. Because 

of their fluidity, they may form very 

thick lava sheets. Basalt occurs widely 

in continental areas and is the principal 
rock of the ocean floor. One of the best- 
studied active basaltic volcanoes, Mauna 
Loa, forms much of the island of Hawaii. 


dark-colored, 
fine-grained crystals 


Group: IGNEOUS Origin: Extrusive Grain size: Fine Crystal shape: Anhedral, Euhedral 


Porphyritic basalt 


This rock is of a similar mafic composition to 
basalt. It contains between 45 and 55 percent 
total silica and less than 10 percent quartz. 
Plagioclase—usually calcium-rich—and 
pyroxene make up the bulk of the rock. 
Olivine and magnetite may also be present. 


TEXTURE This is a fine-grained rock, 

with phenocrysts set into the matrix. These 
phenocrysts are usually of olivine (green), 
pyroxene (black), or plagioclase (white-gray). 


The resulting porphyritic texture indicates 
two stages in the cooling of the lava. 
ORIGIN Erupted from volcanoes in oceanic 
areas. Basalt is a nonviscous lava and flows 
for great distances. The lava flows may form 
lava plateaus extending over thousands of 
square miles. 


relatively large 
phenocrysts of pyroxene 


Classification: Mat Color Dark 


CHAPTER 1 = PLANNING YOUR ELECTRONICS WORKSHOP 


Lighten Up! 


Now it's time to have a little fun with electricity, don't you think? While it's important to keep safety in 
mind, it's just as important to be curious and willing to try new things. Don't let the (important) safety 
rules immobilize your creativity. Use these rules, like any tool, to leverage your enjoyment of this fun 
and exciting hobby. 

Let's start with a simple circuit that is almost guaranteed to lighten things up. Let's take apart a 
flashlight (or torch for you metric types) and see how it works. 

First, find a typical household flashlight. The flashlight in Figure 1-2 was purchased for $3, and it 
included two new D-cell batteries. Put the batteries in the flashlight and make sure it lights up when you 
turn on the switch. Ifthe bulb is burned out or the batteries are dead, then this experiment is not going 
to be much fun at all. 
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Figure 1-2. A typical household flashlight will be the vtetim subject of our first electrical experiment. 


Once we've established that the flashlight works as intended, we can begin the experiment. 
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Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral 


Amygdaloidal basalt 


A mafic volcanic rock with a total silica content 
of 45 to 55 percent. Calcium-rich plagioclase numerous 
feldspar and pyroxene are the main minerals. rounded 
Olivine and magnetite are other minerals that are 2MY8dales 
frequently associated with amygdaloidal basalt. 


TEXTURE Numerous amygdales (small, rounded rusty weathering 
gas-bubble cavities infilled with minerals) are of iron minerals 
characteristic of some basalts. Zeolites and quartz— 

often in the form of agate—are common minerals. 

ORIGIN This rock is produced by the cooling of lava. 


Vesicular basalt 


This rock has a very similar composition 

to that of basalt, with calcic-plagioclase 

feldspar and pyroxene being the essential rounded 
minerals. Olivine and magnetite are also wee 
usually present in vesicular basalt. 


TEXTURE The rock is riddled with empty gas-bubble 
cavities called vesicles. The matrix is fine-grained, often 
porphyritic. If the cavities are infilled with minerals, vesicular 
basalt becomes an amygdaloidal basalt. 

ORIGIN Forms from the cooling of basaltic lava. 


Classification: Mat Color Dark 


Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral, Euhedral 
S a l m pale green 
pi ite amygdales set in 


A mafic rock with a silica content did 
averaging 40 percent, spilite occurs as 
pillow lavas. A distinctive feature of this rock 

is that the plagioclase feldspar is albite (Na-rich). 
The pyroxene content in spilite is often altered 


to chlorite, although augite sometimes remains. 


TEXTURE A fine-grained rock with infilled 
gas-bubble cavities. These amygdales are often 
visible, set in the rock matrix. 

ORIGIN Found in underwater lava flows and 
in pillow lava formed on the ocean floor. 


Classication: Mat Color Dark 
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Group: IGNEOUS Origin: Pyroclastic Grain size: Coarse Crystal shape: Fragments 


Agglomerate 


A consolidated or unconsolidated, coarse, 
pyroclastic rock material, agglomerate may 
be composed of both volcanic and country 
rock fragments that are completely unsorted. 


TEXTURE The size of the particles varies 
considerably; the rock texture often consists 

of angular to subrounded fragments set into 

a finer-grained matrix. The lava particles are 
vesicular, sometimes spindle-shaped. 

ORIGIN This rock generally accumulates in 
volcanic craters or on the flanks of a volcano. 
Agglomerate consists of lava fragments and blocks 
of country rock that have been caught up in the 
volcanic activity and have erupted with the lava 
through a volcanic vent. Usually associated with 
other extrusive deposits, such as tuff. 


many rock fragments held 
together in fine matrix 


Group: IGNEOUS Origin: Pyroclastic Grain size: Fine Crystal shape: Fragments 


Li h : ff small fragments of lava and 
It l C tu ash cemented together 
This is a pyroclastic rock (tuff) in which lithic 


fragments are more abundant than either 
crystal or vitric (glassy) fragments. 


TEXTURE A fine-grained rock, tuff consists 
of consolidated volcanic fragments that 
are usually less than 2 in (2 mm) in diameter. 
Lithic tuff contains a variety of crystalline rock 
fragments that may be of rhyolitic, trachytic, 
or andesitic composition. 
ORIGIN This rock forms as a deposit from 
volcanic ash blown into the atmosphere. Lithic 
tuff sometimes accumulates underwater, when 
strata may develop. Grading of these layers may take 
place, and the tuff can have a variety of structures 
associated with sedimentation, including layering and 
banding. From very explosive eruptions, ash is often 
carried many miles into the atmosphere. Wind 
systems then carry the ash to settle a long way from 
the original volcano. When this happens, the dust 
particles, blown high into the atmosphere, may 
cause beautiful sunsets. 

fine-grained 

matrix 


Classification:Felsic to mafic Color: Medium 
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Group: IGNEOUS Origin: Pyroclastic Grain size: Fine Crystal shape: Anhedral, Euhedral 


Crystal tuff 


This is a variety of tuff in which crystal 
fragments are more abundant than either 
lithic or vitric fragments. Most tuffs are mixtures 
of lithic, vitric, or crystal fractions. The minerals 
present in crystal tuff usually include feldspars 
and pyroxenes, as well as amphiboles. 


TEXTURE This is a fine- to medium-grained 

rock, with masses of crystals set into an ash 

matrix. The crystals are often euhedral. 

ORIGIN Forms when ashes are blown out from 

volcanoes during eruption. Previously formed 

crystals are separated from lava and may accumulate 

on land or underwater. When underwater deposition 

occurs, tuff becomes stratified and takes on the Fer calor dueto 
features of a sedimentary rock. ferro-magnesian 


mineral content 


Classification: Felsic to mafic Color: Medium, Dark 


Group: IGNEOUS Origin: Extrusive Grain size: Fine Crystal shape: Anhedral 


Pumice 


This is a porous rock with the composition of 
rhyolite. It contains minute crystals of various 
silicate minerals, such as feldspar and 
ferro-magnesians, and also has 

a considerable amount of glass. 


TEXTURE Pumice usually tends to 
be used as a textural term—applied 
to vesiculated lavas that may 
resemble froth or foam. This rock 
has a highly scoriaceous texture, 
with many hollows and cavities. 

The vesicles sometimes join to 

form elongated passages and tubes 
throughout the rock. Zeolites may 
fill these cavities. The density of 
pumice is so low that it can easily 
float in water. 

ORIGIN Forms as frothy lavas 
associated with rhyolitic volcanic 
eruptions. When erupted into the ocean, 
patches may drift for great distances. 
Pumice can also be produced by 


land-bound volcanic eruptions. 
hollow, gas-bubble typically 
cavities (vesicles) elongated 
vesicles 


Classification: Felsic to mafic Color: Medium 
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Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral 


lgnimbrite 


This is a hard, volcanic tuff consisting of crystal and 
rock fragments in a matrix of glass shards that are 
usually welded together, leading in some cases to the 
original texture being lost. Ignimbrite has a similar 
composition to rhyolite. 


TEXTURE It is often a fine-grained rock with a banded 
structure. In the field, wavy flow-banding may be seen 
through an exposure. The glass shards in the rock 

are often curved where they have formed around 

gas bubbles in the original frothy flow of ash, 

tuff, and lava droplets. 

ORIGIN Produced as a deposit from a rapidly 
moving, turbulent, ignited pyroclastic density 

current. Associated with especially violent 

eruptions, producing clouds of incandescent y hate r leida 
gas and lava drops. These flow from PIDE with darker patches 
volcanic eruptions at great speed, a 

close to the ground. 


shard glass 


Classification: Felsic Color: Light, Medium 
Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral 


Breadcrust volcanic bomb 


Volcanic bombs usually have the composition of the lava 
erupted by a particular volcano. The lava clots have a high 
silica content, with a high proportion of quartz. Clots from 
intermediate composition lavas have a silica content 

of 55 to 65 percent. Mafic volcanoes are mainly 
nonexplosive, and bombs are less likely to form. 


TEXTURE Breadcrust volcanic bombs 

have a fine-grained crust and may 

show coarser crystals within. The 

crust is marked and cracked 

because of the force of impact 

with the ground. They may contain 

small fragments of country rock 

torn from around the volcanic pipe. 

ORIGIN Volcanic bombs are small to 

large molten lava clots that have been ejected 

from a volcano by violent eruption and have 

landed on the Earth. The lava clots are usually made of 

viscous lava, which cools on the outside during flight, forming 

a skin that cracks on impact of landing to produce the “breadcrust” surface. 
The bombs may sometimes measure over 3 ft (1 m) in diameter. When they 
land in volcanic ash, these bombs will often form a crater. 


rough surface 
texture 


Classification: Felsic to mafic Color: Dark 
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Oo 
Rounded spindle bomb 


Spindle bombs usually have the composition 

of the lava erupted by a particular volcano, rough, vesicular 
whether it be andesitic or basaltic. However, surface 

they also tend to be associated with felsic and 

other intermediate lava volcanoes. 


TEXTURE These rocks are composed 

of fine-grained crystals, which need 
microscopic examination. The shape 
results from the molten lava clot 

twisting during flight. 

ORIGIN Rounded spindle bombs form 
as molten lava clots thrown from violently 
erupting volcanoes. 


twisted shape dark color 


Classification: Felsic to mafic Color: Medium, Dark 


Group: IGNEOUS Origin: Extrusive Crystal shape: Anhedral 
Ropy lava oe 
Dy but weathered 


surface is paler 


This rock tends to be formed from mafic volcanic 
and brownish 


eruptions and is usually of a basaltic composition. 
It contains a high proportion of plagioclase 
feldspar and augite and small amounts of iron 
oxide. Such a composition gives ropy lavaa 

dark color and a high specific gravity. 


TEXTURE These lavas are often highly vesicular, 
containing many gas-bubble cavities. The cavities 
can be filled at a subsequent time by a variety of 
minerals, including quartz, calcite, and zeolites. 
The rock is described as amygdaloidal when the 
cavities are filled. 

ORIGIN Ropy lava forms when mobile lava 
flows from mafic volcanoes and continues to 
move beneath a relatively solid but plastic 

crust. Basaltic lavas with a low silica content and 
a high gas content are usually very mobile. The 
flowing lava causes the crust to stretch, making 
folds and rope-shaped patterns. In Hawaii, where 
ropy lava is common, it is called pahoehoe, an 
accepted geological term. 


folded, ropelike 
surface 


Classtcation: Mat Color Dark 
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METAMORPHIC ROCKS 


METAMORPHIC ROCKS form from the foliation, or cleavage, in rocks where 
alteration of a preexisting rocks. Contact the minerals have been aligned by 
metamorphism is caused by direct pressure and recrystallization. Dynamic 
heat, and the resulting rock is usually metamorphism is associated with the 
crystalline. Regional metamorphism is alteration of rocks along major thrust 
due to heat and pressure and produces zones (fault planes). 


Group: METAMORPRIC Origin: Mountain ranges Classification: Regional 
G reen slate greenish color 


across cleavage 
A low-grade metamorphic rock, slate is surface aes 2 e 
derived from pelitic rocks. Green slate na P 
is formed from quartz, some feldspar, 
and mica. The presence of chlorite gives 
this slate its green color. 


TEXTURE Fine-grained, with grains of a similar 
size. The grain size is too fine to be seen without 
a microscope. 

ORIGIN Forms when fine-grained sediments, 
such as clay or volcanic ash, undergo regional 
metamorphism. Minerals like mica and chlorite 
become aligned, giving a perfect, slaty cleavage. 


Temperature: Low Structure: Foliated 


Group: METAMORPHIC Origin: Mountain ranges Classification: Regional 


This rock is formed from pelitic sediments— 

clays, mudstones, shales, and fine-grained tuff. 

It contains clay minerals, quartz, mica, and 

feldspar. Organic matter, such as graphite, al 
give black slate its dark color. raised pyrite 


porphyroblasts 
TEXTURE This is a fine-grained rock. 


It has the characteristic perfect, slaty 

cleavage produced by the alignment of 

flaky minerals, such as mica, making it 

easily split into thin sheets. 

ORIGIN Forms when fine-grained, pelitic 

sediments, such as mudstones or shales, dark color 
undergo regional metamorphism at low 


temperatures and low pressures. 
fine grain size 


Temperature: Low Structure: Foliated 
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Group: METAMORPHIC Origin: Mountain ranges Grain size: Fine Classification: Regional 


Slate with pyrite 


Formed from pelitic sediments, as with other 

slates, this rock is composed of quartz, clay minerals, 
chlorite, mica, and feldspar. As its name suggests, 
there is also pyrite present. This can be either finely 
disseminated small crystals or larger porphyroblasts 
(distinct crystals) set in a fine-grained matrix. The 
pyrite is often in the form of cubic crystals. 


small pyrite crystal 


TEXTURE This slate is fine-grained, with only the pyrite 
porphyroblasts visible to the naked eye. The fine-grained 
matrix can be studied in detail only under a microscope. 
Like other slates, this rock is characterized by its perfect, 
slaty cleavage, which has resulted from the alignment of 
flaky minerals due to pressure conditions. 

ORIGIN Slate forms under low temperatures and low 
pressure conditions. The distinct pyrite crystals grow in 
response to this regional metamorphism. 


fine-grained 
matrix 


Temperature: Low Structure: Foliated 


Group: METAMORPHIC Origin: Mountain ranges Grain size: Fine Classification: Regional 


Fossiliferous slate fine-grained 


matrix 
This rock contains minerals associated with 
the original pelitic sediments from which it 
was formed. Quartz, clay minerals, and 
mica, with feldspar and chlorite, are the 
main minerals in this slate. There may 
also be minute crystals of pyrite. Fossils 
can be preserved in the slates formed 
from fossiliferous shales, because 
the metamorphic grade is low. 


TEXTURE Fine-grained rock, sometimes 


with a few porphyroblasts of pyrite. 

ORIGIN Fossiliferous slate forms by the 
low-grade regional metamorphism of 
fossiliferous shale. Fossils, such as this 
brachiopod, can survive in identifiable form 
but may be distorted due to metamorphism, 
which produces rock cleavage. 


distorted fossil 


Temperature: Low Structure: Foliated 
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ld METAMORPELG Origin: Mountain ranges | Grain size: Medium, Fine | Classification: Regional 
Oo 
Phyl | ite “sheen” on surfaces 


pale grayish- due to high mica and 
Derived from low-grade metamorphosed sediments, green coloring chlorite content 
phyllites are comparable with slates but are 
not restricted to very fine clays. Quartz and 
feldspars are more abundant than in shales. The 
essential constituents mica and chlorite impart 
a characteristic sheen and a gray or green color 
to the rock. 


TEXTURE This is a foliated rock of fine to medium 
grain size. Phyllite may have small, distinct crystals 
(porphyroblasts) of garnet set into the wavy foliation. 
This foliation results from the alignment of mica and 
chlorite under low to moderate pressure. Phyllites 
often show small-scale folding. 

ORIGINS Forms from pelitic sediments during 

low to moderate pressure and low-temperature 
regional metamorphism. 


Pressure: Low, Moderate Temperature: Low Structure: Foliated 


Group: METAMORPHIC Origin: Mountain ranges Classification: Regional 


Garn et schist dark-colored rock 


wavy foliation 
The group of rocks known as schists is mica gives glittery, 
characterized by the alignment of visible PRADA: Ma 
flaky or tabular minerals. Garnet schist is 
rich in the micas biotite and muscovite, 
with quartz and feldspar also present. The 
usually well-shaped crystals of garnet are 
about %6 in (5 mm) in diameter and have 
grown in the rock during pressure and 
temperature changes. The garnet is 
usually a reddish variety. 


TEXTURE A medium- to coarse-grained rock. 
A schistosity is always well-developed due to 
the parallel alignment of micas. The rock may 
show small-scale folding. 

ORIGIN Forms in conditions of medium-grade, 
regional metamorphism at deeper levels than 
phyllite. The pressure is moderately high, and 
temperature has been influential in changing 
the rock's original character. 


red garnet 
porphyroblasts 


Pressure: Moderate Temperature: Low to moderate Structure: Foliated 
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Group: METAMORPHIC Origin: Mountain ranges Grain size: Medium Classification: Regional 


Folded schist 


This rock contains quartz, feldspar, and 
biotite and muscovite micas. Folded schist 
is characterized by small-scale folds 
accentuated by glittering, mica crystals. 


pale 


muscovite dark biotite 


TEXTURE A medium-grained rock, the 
constituent minerals are often segregated 
into distinct bands. Schistosity, a wavy 
foliation caused by the rock splitting along 
planes of weakness, is emphasized by 
the mica crystals. 

ORIGIN Formed by moderate 
pressures and low to moderate 
temperatures very deep in the 

crust within fold mountain belts. 


wavy folds picked 
out by mineral bands 


Pressure: Moderate Temperature: Low to moderate Structure: Foliated 


Group: METAMORPHIC Origin: Mountain ranges Grain size: Medium Classification: Regional 


Muscovite schist 


This is a rock rich in silvery muscovite mica, 
which is aligned on the planes of wavy foliation 
within the rock. Muscovite schist also contains 
quartz and feldspar and some biotite mica. 
Garnet and chlorite minerals can be present 

in the rock. 


TEXTURE A medium-grained rock with mica 
crystals 2-1 in (2-3 mm) in size. The schistosity, 
or wavy foliation, may be emphasized by bands 
rich and poor in muscovite. 

ORIGIN Muscovite schists form from pelitic 
rocks under conditions of medium-grade regional 
metamorphism, where pressures are moderate 
and temperature influences low to moderate. 
Such conditions typically lead to the alteration 
of mud- and clay-based rocks. Other rocks are 
also affected by this metamorphism, but these 
tend to show less foliation. 


silvery mica 
on foliation 


Pressure: Moderate Temperature: Low to moderate Structure: Foliated 
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Group: METAMORPHIC Origin: Mountain ranges Grain size: Medium Classification: Regional 


Biotite schist 


quartz 


This rock contains a high proportion of mica, 
together with quartz and feldspar. It is especially 
rich in biotite mica, which gives it a darkish 
coloring. Compositionally, biotite schist is very 
similar to the pelitic sediments from which it 
developed during metamorphism. 


TEXTURE A medium-grained rock with crystals 

that are visible to the naked eye. Biotite schist 

is, however, best studied with a hand lens. This 

specimen shows the dark flakes of mica aligned 

with the foliation. 

ORIGIN Forms during medium-grade 

regional metamorphism of pelitic 

sediments and other rocks, but these wavy foliation 


may not become foliated. from alignment 
of flaky minerals 


Group: METAMORPHIC Origin: Mountain ranges Grain size: Medium, Coarse Classification: Regional 


Kyan ite SC h ist gray rock with 


. . F 
The bulk of this rock is composed of quartz, feldspar, A 


and mica, though it is characterized by the presence of 
mineral kyanite. This forms blue porphyroblasts E ES > 
of bladed habit which lie parallel to the foliation, Wis. - AN ada 
or as clusters of crystals. Other minerals can be ¿A e 

garnet and staurolite. The overall color is grayish Ds 57 Me, yO tee blue, bladed 
but may be darker. Kyanite schist is often folded. 9 a Oe he kyanite 


dark mica 


TEXTURE A medium- to coarse-grained rock; 
the crystals are easy to see with the naked eye. 
ORIGIN Found in the central high-grade 

part of metamorphic belts under moderate 

to high pressure and temperate regimes. 


This rock is associated with sillimanite and 
staurolite schists. Kyanite is one of the 
minerals used by geologists to map 
metamorphic zones. Each zone is defined 
according to a mineral formed under certain 
pressure-temperature conditions. 


medium- to 
coarse-grained 


Pressure: Moderate Temperature: Moderate to high Structure: Foliated 


CHAPTER 1 = PLANNING YOUR ELECTRONICS WORKSHOP 


DISSECTING A FLASHLIGHT 


We don’t need most of the pieces of the flashlight body. Let's take it apart and have a look inside. 
1. Open the flashlight be unscrewing the end with the lightbulb in it. 


Remove the batteries. Set them aside for the moment. We’ll use them in a bit. 


2 

3. Remove the plastic retainer that holds the bulb in the reflector. 
4. Take out the bulb. 
5 


We'll need to replace the wiring that was contained within the flashlight’s body. 
Find a short piece of wire 8" to 12" long. A specialized jumper wire with alligator 
clips on the end was used in the photos for this exercise, but almost any kind of 
wire will do. See Figure 1-3. 


Figure 1-3. All the pieces you'll need to light up the bulb. 
6. If you’re using plain, insulated wire, you’ll need to remove a small bit of it from 
both ends of the wire to expose the conductor, or metal wire part inside. 


7. This step can be tricky. Try to hold both batteries in one hand, along with the bulb. 
The batteries need to be pointed in the same direction. If this is too hard to do, try 
it with just one battery. 


12 
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Group: METAMORPHIC Origin: Mountain ranges Classification: Regiona 


Gneiss 


Gneiss is characterized by compositional banding of . 

. ae . alternating bands 
metamorphic origin. Feldspar and quartz are abundant, while of dark and light 
muscovite, biotite, and hornblende are commonly present. minerals 
Other minerals typical of high-grade regional metamorphism, 
such as pyroxene and garnet, may also occur. 


TEXTURE A medium- to coarse-grained 

rock characterized by discontinuous, 

alternating light and dark bands. The 

presence of quartz and feldspar helps 

form the lighter bands, which usually 

have a granular texture. The darker 

bands of ferro-magnesian minerals 

tend to be foliated. 

ORIGIN This rock forms from the 

high-grade regional metamorphism of 

any preexisting rock. The minerals are 

segregated into bands as a result of high 

temperatures and pressures. Gneisses may be 

either meta-sediments or meta-igneous rocks and 

occur in association with migmatites and granites. Gneiss 
is thought to comprise much of the lower continental crust. 


Pressure: High Temperature: High Structure: Foliated, Crystalline 


Group: METAMORPHIC Origin: Mountain ranges Classification: Regional 
Folded | 


As with other gneisses, this rock is composed of segregated 
bands: the lighter bands are rich in quartz and feldspar, and 
the dark bands are made up of ferro-magnesian minerals, 
such as hornblende and biotite mica. In folded gneiss, these 
bands are often very obvious. The composition 


a : folded, separate 
may be similar to that of granite. i 


bands of pale and 
dark minerals 


TEXTURE A coarse-grained rock with 
all the minerals easy to see with the 
naked eye. The folded structure is 
emphasized by the segregation 

of the minerals and indicates 

that parts of the rock were 

plastic when formed. 

ORIGIN Folded gneiss 

is formed under conditions 

of high-grade regional 
metamorphism. All rock types may 


become gneiss under these conditions. pale quartz and dark hornblende 
feldspar and biotite mica 


Pressure: High Temperature: High Structure: Foliated, Crystalline 
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Group: METAMORPHIC Origin: Mountain ranges Classification: Regional 


large patch 


Augen gneiss of feldspar 


This is a metamorphic rock of granitic composition 
that contain large lens-shaped crystals (“eyes” ) of 
feldspar in a banded matrix of quartz, feldspar, and 
mica. ('Augen” is the German word for “eyes.”) 


TEXTURE A coarse-grained rock, the gneissose 
banding is somewhat displaced by the augen structure. 
ORIGIN Augen gneiss forms in the highest temperature 
and pressure zones of regional metamorphism. 


dark and light 
banding 


Granular gneiss 


High proportions of light gray quartz, white and 
pink feldspar, and light and dark mica make up 
this rock. Amphibole and pyroxene may be 
present. The composition is often granitic. 


TEXTURE The crystals are streaked out into typical 
gneissose banding, with dark and light bands. The 
texture is granular, with interlocking crystals. 
ORIGIN Forms in very high-grade metamorphic 
environments deep in the Earth's crust. 


dark- and light-colored 
foliated bands dark mica 


M igm atite small-scale 


folds 


This is a mixed metamorphic rock consisting 

of a schistose or gneissose component 

together with a granitic component that 

forms as layers or pods. Migmatite may Eten 
approach granite in composition. band 


TEXTURE A coarse-grained rock with a granular 
texture, it often shows gneissose banding. The 
various components may display schistosity. 
ORIGIN Forms on a regional scale in areas 


of high-grade metamorphism. 
dark mafic material 


Pressure: High Temperature: High Structure: Foliated, Crystalline 
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Group: METAMORPHIC Origin: Base of crust Classification: Regional 
Oo 
Ec | ogite greenish pyroxene 


A rock predominantly composed of green 
pyroxene and red garnet. Kyanite crystals 
may sometimes occur in eclogite. 


TEXTURE A medium- to coarse-grained rock 
that may be banded. 

ORIGIN Formed under the highest temperature 
and pressure conditions at considerable depth 

in the Earth's crust. Found in association with 
peridotites and serpentinites. 


Granulite 


This rock has a characteristically high content of 
pyroxene and either diopside or hypersthene. 
Garnet, kyanite, biotite, quartz, and feldspar 
are sometimes present. 


TEXTURE These are tough, massive, coarse- 
grained rocks that may be banded but are 
not usually schistose. 

ORIGIN Believed to be formed at very high 
temperatures and pressures. Found in ancient 
continental shield areas. 


pale, distinct crystals 
set in finer matrix 


° ° amphibole 
Amphibolite crystal 
This rock is predominantly formed of amphibole, 
commonly hornblende, but sometimes actinolite 


or tremolite. Feldspar, pyroxene, chlorite, epidote, 
and garnet are also often present. 


TEXTURE This is a coarse-grained rock. A well-developed 
foliation or schistosity can occur, and there may be 
porphyroblasts, particularly of garnet. 

ORIGIN Medium- to high-grade rocks, amphibolites 

are formed mostly from the metamorphism of igneous 
rocks such as dolerites. 


Pressure: High Temperature: High Structure: Foliated, Crystalline 
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Group: METAMORPHIC Origin: Contact aureoles Classification: Contact 
greenish veins of 


This rock is composed essentially of calcite, cale=silicate minerals 
derived from the original limestone, but may 
contain lesser amounts of dolomite. Other 


minerals formed from impurities in the 
limestone can include brucite, olivine, 
tremolite, and serpentine—all of 

which give the otherwise whitish 

rock a greenish coloring. 


TEXTURE This is a crystalline rock 

which, when looked at through a 

hand lens, but especially under a 
microscope, is seen to have a mosaic 

of interlocking and fused crystals of 

calcite. The original limestone would 
probably have contained fossils, but 

these will have been lost during the 
metamorphic recrystallization. 

ORIGIN This rock results from the thermal 
metamorphism of limestone around igneous intrusions. 


Temperature: High Structure: Crystalline 


Group: METAMORPHIC Origin: Contact aureoles Classification: Contact 
Blue marble eS pale-colored 
LA ; calcite 


Composed essentially of calcite, which forms 
the original limestone, but may contain smaller 


amounts of dolomite. If the limestone is 
impure, new minerals develop when 


the rock is recrystallized due to thermal Pie 
metamorphism. The new minerals p O 
can include forsterite, wollastonite, diopside 


serpentine, brucite, diopside, and 
tremolite. The blue coloring, which makes 
this marble attractive, is due mainly to 
the diopside in its composition. 


TEXTURE A crystalline rock with a mosaic of fused 
calcite crystals, just visible with a magnifying glass. 
Other minerals are set into the matrix. 

ORIGIN Forms when limestone is intruded by 
igneous rock. The heat from such events causes 
recrystallization of the calcite, destroying original 
structures in the limestone, and leads to the 
formation of new minerals. 


crystalline texture 


Temperature: High Structure: Crystalline 
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Group: METAMORPHIC Origin: Contact aureoles Classification: Contact 


Unlike other marbles, this rock forms from 
relatively pure limestones, and therefore 
few calc-silicate minerals develop. Gray 
marble is a calcite-rich rock which, when 
studied under a microscope, is seen to 
contain a small amount of wollastonite, 
brucite, tremolite, serpentine, or diopside. 
Marbles will effervesce in a weak 
hydrochloric acid solution—this is 

a very useful test. 


TEXTURE This is a crystalline rock with 

interlocking calcite crystals, forming a pale 

rock. The sugary surface can be scratched 

easily with a knife blade. 

ORIGIN Forms in the metamorphic aureoles of 

igneous rocks, where limestone has been heated and crystalline texture 
recrystallized, especially near granite intrusions. 


Olivine marble 


This rock contains a very high percentage of 
calcite, which is recrystallized from the original 
premetamorphic limestone. Other minerals 
are produced as a result of metamorphic 
conditions, the most important of which is 
olivine. This mineral occurs in the marble 

as greenish-brown granular crystals. 


individual crystals 
of olivine 


TEXTURE A rock with a crystalline 

texture, olivine marble is formed from an 
interlocking mass of calcite crystals. It differs 
from the original limestone, in which the calcite 
grains may have pore spaces between them. 
Fossils occur only rarely in marble, because 
the calcite is recrystallized. The olivine crystals 
are granular in texture. 

ORIGIN This rock is formed when limestone 
is thermally metamorphosed by the intrusion 
of igneous rock. 


calcite matrix 


Temperature: High Structure: Crystalline 
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Group: METAMORPHIC Origin: Contact aureoles Grain size: Fine Classification: Contact 


Cordierite hornfels 


A rock that contains a variety of minerals, the 
final assemblage depends on the composition 
of the original rock and on the temperature 
conditions of metamorphism. Cordierite 
hornfels is usually a dark-colored rock 
containing cordierite—which develops 

during metamorphism. 


TEXTURE A fine- to medium-grained crystalline 
rock, it contains porphyroblasts of cordierite, which 
are often several inches in size. The original 
sedimentary structures are usually destroyed by 
metamorphic recrystallization. The equigranular 
composition of the rock causes it to be tough and 
splintery in texture. 

ORIGIN Forms in contact metamorphic aureoles, 
which occur in rocks close to large igneous (often 
granite) intrusions. These aureoles grade outward 
into lower-grade rocks, such as spotted slate. 


dark-gray, fine-grained rock 


Temperature: High Structure: Crystalline 


Group: METAMORPHIC Origin: Contact aureoles Grain size: Fine Classification: Contact 


Pyroxene hornfels 


Tough, fine-grained, dark-colored rock essentially 
composed of quartz, mica, and pyroxene. Pyroxene 
in the hornfels often occurs as porphyroblasts. 
Some of the other minerals may not be visible 

to the naked eye, and all primary sedimentary 
structures are destroyed by recrystallization. 
Hornfels lacks planar structures, and its coloration 
can be grayish, greenish, or black. 


TEXTURE This is a fine- to medium-grained rock 


with an even grain size. Porphyroblasts of pyroxene, 
cordierite, or andalusite are often developed. The 
high degree of recrystallization that has occurred 
removes any original sedimentary structures. 
ORIGIN Pyroxene hornfels forms in the innermost 
part of contact metamorphic aureoles, where the 
temperature is highest following granite intrusion. 


overall dark 
coloring 


Temperature: High Structure: Crystalline 
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Garnet hornfels reddish garnet 


This is generally a dark-colored rock. Garnet Dd aid 


hornfels has reddish patches and crystals of 
garnet set into the matrix. It also contains 
quartz, mica, and feldspar and metamorphic 
minerals such as cordierite and andalusite. 


TEXTURE This is afine- to medium-grained rock 
with a tough, splintery texture. The distinct garnet 
crystals give garnet hornfels a porphyroblastic texture. 
ORIGIN Develops in the contact aureoles of large 
igneous intrusions. These can be formed of granite, 
syenite, and gabbro. 


Temperature: High Structure: Crystalline 


Spotted slate 


This is a black, greenish, or gray rock with 
dark spots, which are metamorphic minerals, 
such as cordierite or andalusite. Spotted slate 
also has in its composition many of the 
original nonmetamorphic minerals, such 

as quartz and mica. 


TEXTURE This rock has the same good cleavage 
as slate and is characterized by the presence of 
spots, which are often indistinct. 

ORIGIN Forms in the perimeter zones of contact 
aureoles, often grading into hornfels. 


Temperature: Moderate to high Structure: Crystalline 


Chiastolite hornfels Cos 


crystal 
A gray or brownish rock, this hornfels contains minerals 
such as quartz and mica, with andalusite and cordierite. 
The thin-bladed crystals that are clearly seen in the 
matrix are of chiastolite, a variety of andalusite. 


TEXTURE This rock consists of fine-grained crystals 
of even size. Porphyroblasts of andalusite occur 

as inclusions of chiastolite, which are cross-shaped 
in section. 

ORIGIN Forms close to the igneous intrusion that 
provides the heat for metamorphism. 


bladed 
chiastolite 


Pressure: High Temperature: Moderate to high Structure: Crystalline 
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Group: METAMORPHIC Origin: Contact aureoles Grain size: Medium Classification: Contact 


pl crystalline 
texture 

Metaquartzite i 
This rock contains well over 90 percent 
quartz, giving it a pale, almost sugary 
appearance. It is formed from quartz-rich 
sandstones. At high magnification, minerals 
such as mica and feldspar, along with iron 
oxides, may be seen. 


TEXTURE A medium-grained rock, its texture 
is very even, with the quartz crystals fused to 
form a tough crystalline rock. The texture is very 
different from that of the original arenaceous 
(sandy) sediment, in which there would have 
been pore spaces between the grains. 

ORIGIN Metaquartzite forms by contact 
metamorphism of sandstone near a large 
igneous intrusion. 


mae typical veined 
Skarn a A 


A ia A A structure 
While containing a variety of minerals, skarn 


is essentially calcite-rich. It may contain olivine, 
periclase, wollastonite, diopside, garnet, 
tremolite, and other minerals that are typical 
of metamorphosed limestones. Ore minerals— 
such as pyrite, sphalerite, galena, and 
chalcopyrite—may also be present. 


TEXTURE With a grain size that is fine 

to medium to coarse, skarn has euhedral 
crystals of a number of minerals, which 
often concentrate into patches and nodules 
in the rock. 

ORIGIN The complex mineral assemblages 
found in skarns are the result of its formation 
from the contact metamorphism of limestone, 
usually by granite or syenite intrusions. 
Impurities in the limestone, as well as fluids 
from intrusions, cause the formation of 
various minerals. Ore deposits, including 
copper, manganese, and molybdenum, 
which are of sufficient size to be of 
economic use, are often found in skarns. 


dark mineral 


Temperature: High Structure: Crystalline 
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Group: METAMORPHIC Origin: Contact aureoles Grain size: Fine Classification: Contact 


Halleflinta TIN os 

ON i inty rock 
This is a rock containing a variety of minerals LOS 3 
related to its original premetamorphosed P | splintery 
composition as a volcanic tuff. Halleflinta, dal > fracture 
therefore, contains quartz and has been rs 
enriched with silica during metamorphism. 
It is frequently pale-colored and can 
vary from brown to pink, green, gray, 
or yellowish brown. 


TEXTURE Halleflinta is a fine-grained rock— 

a microscope is needed to study its mineral 
composition. Texture is even, with a flinty, 
crystalline appearance. This rock breaks with 

a sharp, splintery fracture. It may show a layered 
structure related to the original stratification of 
the volcanic tuff. Porphyroblastic textures with 
large, isolated crystals are sometimes found. 
ORIGIN Forms by the contact metamorphism 
of tuffs, which have usually been impregnated by 
secondary silica. It is often associated with hornfels. 


Mylonite 


The minerals contained in mylonite vary 
depending on the rocks being subjected to 
metamorphic alteration. Mylonite contains two 
main groups of material: one is derived from 
fragments of rock, called “rock flour,” and the 
other consists of minerals that have crystallized 
at or soon after metamorphism. The rock can be 
dark- or light-colored. 


foliation 


TEXTURE This is a rock that has been destroyed 
by deformation and the particles streaked out into 
small lenses and patches. It tends to be fine-grained. 
However, in some coarser specimens, the 
streaked-out structure may be visible, and 

the surfaces can exhibit foliation. 

ORIGIN Forms when large-scale thrust faults 
develop. The rocks near the thrust plane suffer 
great shearing stress and are fragmented and 
drawn out in the direction of thrust movement. 
This occurs during Earth movements associated 
with mountain formation. 


Pressure: Shearing stress Temperature: Low Structure: Streaked out 
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SEDIMENTARY ROCKS 


SEDIMENTARY ROCKS are deposited at particles from rocks already formed. 

the Earth's surface, many on the sea bed, Organic sediments are composed of 

and are often layered. The rocks have fossils and material derived from once- 
layers that are often visible to the naked living organisms. Chemical sediments are 
eye. Detrital sediments result from formed from chemical precipitation of 
weathering, erosion, and accumulation of material such as rock salt and calcite. 


Quartz conglomerate — tsetaemens | 


of quartz 
This rock contains many light-colored quartz 


fragments set in a much finer matrix, which 
usually comprises sand or silt, small rock 
fragments, and iron oxides, often cemented 
by silica or calcite. 


TEXTURE The large grains are rounded; the 
matrix may be angular or rounded. Quartz 
conglomerates rarely contain fossils because 

of their coarse nature and the often turbulent 
conditions associated with their formation. Bedding 
structures are seldom seen in small specimens. 
ORIGIN Forms in environments such as beaches 
and river systems, where there is sufficient energy 


fine sandstone 
to move large fragments of material. 


matrix 


Polygenetic conglomerate 


Containing a variety of different materials, 
polygenetic conglomerates can have fragments 
derived from igneous, metamorphic, and 
sedimentary rocks, as well as particles of 
individual minerals. The fragments can be 
cemented by various minerals, including 
quartz, iron oxides, and calcite. 


TEXTURE The grains in a polygenetic conglomerate 

are rounded or subrounded by the action of water. 

There may be some smaller angular fragments in the 

matrix between the large grains. 

ORIGIN Forms in high-energy environments, such as 

powerful water currents, which are able to move the large subrounded 
large fragments of rock. fragment 


Classification: Detrital Fossils: Very rare Grain shape: Rounded 


CHAPTER 1 = PLANNING YOUR ELECTRONICS WORKSHOP 


8. The positive end of the battery has a small cap on it. Touch the bottom point of the 
bulb to the top of the battery. 


9. Now, using your other hand, connect the wire from the bottom of the battery to the 
metal base of the bulb. 


10. The lightbulb should start to glow. See Figure 1-4. 


= Caution If you have a super-bright bulb, it can get hot. Don't burn yourself! 


Figure 1-4. The completed circuit, showing the glowing bulb. Electricity is flowing! 


Several important things are going on in this very simple circuit. Electrical current is flowing, producing 
useful work (in this case, light). Can you see the “circle”? When you break the circuit, the bulb stops 
glowing. This is exactly how the switch in the flashlight body works. Peek inside the flashlight and see if 
you can tell how it works. By connecting and disconnecting the wire, you can make the bulb flash. If you 
only use one battery, the bulb turns on, but is not as bright. Why do you think that happens? 


13 
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Group: SEDIMENTARY Origin: Transitional, Water 
B Oo 
angular fragment 


Fragments in breccia are angular and may showiiene preferred 
be of any type of igneous, metamorphic, Orientation 

and sedimentary rock. These fragments 

are bound together in a fine- to medium- 

grained matrix. 


TEXTURE Bedding structures are usually 
visible only on a large scale in the field. 
Fossils are uncommon in such rocks. The 
large fragments of rocks and minerals in 
breccia are angular, and the surrounding 
matrix material is also angular. 

ORIGIN Often forms as scree at the base of 
cliffs. Breccia has a similar origin to limestone 
breccia, but the fragments in it are not 
calcareous. The accumulation of the large, 
angular fragments can cake place ina 
number of environments, especially 

where mechanical weathering is active. 


yellowish matrix gray siliceous 
fragment 


Limestone breccia 


This is a rock that contains fragments of 
limestone, usually set in a fine-grained 
matrix cemented with calcite. Other 
minerals such as quartz may be present 
in limestone breccia, as may particles 
of other rocks. 


TEXTURE The grains are large and 

angular in contrast to the rounded 

fragments in conglomerate. The individual 
fragments in limestone breccia may 

contain fossils. 

ORIGIN Found in transitional 

environments near continental margins. 
Limestone breccia may form as deposits at 
the base of cliffs. As water seeps through the 
cliff and the accumulated scree, it deposits 
calcite that will cement together the fragments. 


dark, angular fragment 
of limestone 


Classification: Detrital Fossils: lnvertebrates Grain shape: Angular 
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Group: SEDIMENTARY Origin: Glacier, Ice sheet Grain size: Fine 


Boulder clay 


This rock consists of angular and rounded 

pebbles, varying in size and set in a fine, pack 
P : fragment 

unconsolidated matrix of clay or sand. 

The glacial fragments included in the 

boulder clay are called glacial erratics. 

These are fragments carried away 

from their place of origin by the 

ice. They can be of assistance 

to geologists in helping them 

work out the general direction 

of ice movement. 


TEXTURE The fragments in boulder 

clay are mainly angular. The rock is 

made up of various unsorted materials, 
ranging from clay size to boulder size. 
ORIGIN Boulder clay usually forms as a 
deposit from melting glaciers and ice sheets. 


brown, fine- 
grained clay 


Classification: Detrital Grain shape: Angular, Rounded 


Group: SEDIMENTARY Origin: Continental Grain size: Fine 


Loess 


This is a yellowish or brownish clay 
made up of very small particles of 
quartz, feldspar, calcite, and other 
minerals and rock fragments. 


TEXTURE Loess is a fine-grained aeolian 
clay, which is porous and earthy. It is poorly 
cemented, which makes it crumbly. The grains 
may be rounded because of wind action, and 
bedding can be difficult to determine. 
ORIGIN Forms by the winds blowing out 


from glaciated regions. Loess is found in 
thick layers, especially in China, but also 
in areas of western Europe. 


yellowish coloring due to 
the presence of limonite 


Classification: Detrital Grain shape: Rounded, Angular 
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Group: SEDIMENTARY Origin: Marine, Freshwater, Continental Grain size: Medium 


Sandstone numerous grains 

of quartz make up 
This rock is predominantly made up of quartz the matrix 
grains but is often accompanied by feldspar, mica, 
or other minerals. Grains may be cemented 


by silica, calcite, or iron oxides. 


TEXTURE Sandstone is a medium-grained 
rock. The grains are usually well-sorted 
(grains all of a similar size) and can 

either be angular (gritstone) or 

rounded (sandstone). 

ORIGIN Sandstones are extremely 


common rocks that form in a great 
variety of geological situations. The 
majority of sandstones, however, are 
accumulated in either water, usually 
marine, or as wind-blown deposits 
in arid continental areas. 


Group: SEDIMENTARY Origin: Marine Grain size: Medium 


Greensand 


This is a quartz sandstone that contains a 
few percent of glauconite (a green-colored 
mineral that forms only under marine 
conditions). Small quantities of detrital 
mica, feldspar, and rock fragments 

are usually cemented by calcite. The 
glauconite may have formed in 

place (authigenic) and occurs as 

flaky grains. 


TEXTURE Greensand is a 
medium-grained rock, with the 
majority of the grains being angular. 
The sediment is well-sorted. 
ORIGIN Greensand forms ina 
marine environment. The constituent 
mineral glauconite, a potassium 

iron silicate, may be used to help 

in radiometric age-dating. 


glauconite gives 
green coloring 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 
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Group: SEDIMENTARY Origin: Continental, Marine Grain size: Medium 


Red sandstone 


This rock is predominantly formed by quartz iron oxide gives 
grains but also accompanied by some mica een 
and feldspar. The red coloration is due to 

coatings of hematite over the sand grains. 

Hematite is an iron oxide derived by the 

oxidation of iron-rich minerals swept in 

from a source area. 


TEXTURE This is a well-sorted sediment, and 
the grains may be angular or rounded. Red 
sandstone often displays sedimentary structures, 


including cross-bedding, ripple marks, and 
desiccation cracks. 

ORIGIN Forms as continental deposits, 
where iron may be oxidized. Red 
sandstone also commonly forms 

in shallow marine environments. 


well-sorted 


rounded sediment 


grains 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular, Rounded 


Group: SEDIMENTARY Origin: Continental Grain size: Medium 


Millet-seed sandstone oon 


A quartz sandstone with conspicuous medium-sized grain gives brown 
rounding of the grains, producing what is PERE colonne 
known as a millet-seed texture, the rock 

may also contain some feldspar and 

rock fragments, but mica is usually 

absent. There is often a thin coating 

of iron oxides on the grains. 


TEXTURE This is a very well-sorted 
sediment, with the quartz grains all the 
same size. The grains are rounded and 
are of medium size. Fossils are very rare. 
ORIGIN Millet-seed sandstone forms 
in arid environments. The quartz sand 
grains are rounded by the action of 

the wind. In the field, large-scale dune 
bedding may be a feature of this rock, 
indicating continental deposition. 


Classification: Detrital Grain shape: Rounded 


Group: SEDIMENTARY Origin: Marine, Freshwater 


Micaceous sandstone 


A rock containing abundant quartz but 
also considerable amounts of mica. It 
may contain detrital feldspar and rock 
fragments. On the bedding planes, 

the surfaces where the sand is 
deposited, there are many small, 
glittering flakes of mica. These can 

be muscovite, biotite mica, or both. 


TEXTURE This rock is well-sorted and 
medium-grained. The majority of the 


grains are angular, the mica occurring 
typically as flakes. 

ORIGIN Mica isa rare mineral in 
continental, wind-deposited sandstones, 
because its flaky habit causes it to be 
blown away. lts presence in micaceous 
sandstone suggests water deposition, 

in either lakes and rivers, or the sea. 
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Grain size: Medium 


small 
mica flake 


patch of iron 
oxide on surface 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular, Flattened 


Group: SEDIMENTARY Origin: Marine, Freshwater 


Limonitic sandstone 


Rich in quartz grains, limonitic sandstone may 
contain small rock fragments and minerals 
such as feldspar and mica. The presence 

of the iron mineral “limonite”—from which 

the rock gets its name—may give ita 
yellowish or dark-brownish coloring. 


TEXTURE This is a well-sorted 
sediment, with most of the grains the 
same size. The fragments are angular 
and coated with limonite, which 

acts as a cement. As with other 
sandstones, bedding surfaces 

may be discernible, although 

this may not be particularly 

obvious in a hand specimen. 
ORIGIN Limonitic sandstone 

can form in a number of different 
environments, including marine 

and freshwater. 


Grain size: Medium 


dark brown coloring 
due to limonite 


angular grains 
cemented with 
limonite 


well-sorted sediment 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 
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Group: SEDIMENTARY Origin: Marine, Freshwater Grain size: Medium 


Pink orthoq uartzite high quartz content 


As with all orthoquartzites, this rock 

is a sandstone with a quartz content 
greater than 95 percent. The pinkish, 
iron-stained quartz grains are bound 
together with a silica cement. With a 
magnifying glass, other materials may 
occasionally be visible, including some 
feldspar or rock fragments. Fossils in 
orthoquartzite are very rare. 


TEXTURE This is a medium-grained, 


well-sorted rock with a crystalline appearance. 
ORIGIN As orthoquartzites contain very little 
feldspar, they are said to be mature rocks. 

This is because the long-term processes of 
weathering, erosion, and deposition have 
removed virtually all the less-resistant 
materials from the source rocks, and 

quartz becomes the dominant mineral. 


crystalline 
appearance 


Group: SEDIMENTARY Origin: Marine, Freshwater Grain size: Medium 


Gray orthoquartzite 


Compositionally the same as pink orthoquartzite, 
the gray coloring of this rock comes from the 
constituent quartz grains. The cement is 

also quartz, and this binds the grains very 

firmly. Orthoquartzite may be difficult 

to distinguish from metaquartzite 
(metamorphosed quartz sandstones), 

though the occasional presence of fossils 

can help in identification. There are often 
stratification and other sedimentary 


structures, such as cross or graded 
bedding, in orthoquartzite. These are 
not usually evident in metaquartzite. 


TEXTURE This is a rock of medium grain size, 
and it is usually well-sorted. 

ORIGIN Gray orthoquartzite forms in marine 
and freshwater environments. With so much 
quartz present, this, as with other orthoquartzites, 
is known as a mature sediment. 


medium-grained 
quartz 


Classification: Detrital Fossils: Rare, Invertebrates Grain shape: Angular 
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Group: SEDIMENTARY Origin: Marine Grain size: Medium, Fine 


Greywacke 


This rock contains abundant quartz, feldspar, 
and rock fragments. The matrix is of clay, 
chlorite, quartz, and pyrite, but the minerals 
are too small to be seen with the naked eye. 


TEXTURE Greywacke has a poorly sorted 
nature, with a great variety of different grain 
sizes apparent. 

ORIGIN This rock is composed of marine 
sediments. lt may form from a slurry 

of sediment deposited in deep ocean 
environments from fast-moving currents. 
When this is the case, the rock may exhibit 
a variety of sedimentary features. 


poorly 
sorted 


fine-grained 
matrix 


Group: SEDIMENTARY Grain size: Medium 


Arkose oe 


feldspar 


A medium- to coarse-grained rock that 

is pinkish to gray in color. Although 
predominantly made up of quartz, feldspar 
can contribute as much as a third of the 

rock. Constituents are usually well-sorted. 
Together with mica flakes, they are cemented 
in a calcitic or ferruginous cement. 


TEXTURE The grains in this rock are angular 

and usually well-sorted. 

ORIGIN Forms in marine and freshwater environments 
and continental deposits. Arkose is said to be an 
immature rock because of its high feldspar content. 
The sediment that forms this rock is deposited rapidly 
or in an arid environment preventing the feldspar 
from decomposing. The effect of a long process of 
chemical weathering, erosion, and deposition would 
be to alter and decompose the feldspar. Most 
arkoses are derived from granite disintegration. 


quartz grains 


Classification: Detrital Grain shape: Angular 
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Group: SEDIMENTARY Origin: Marine, Freshwater, Continental Grain size: Coarse, Medium 


Quartz gritstone 


This rock contains over 75 percent quartz 


and some feldspar and mica. There can also 
well-sorted 


be small rock fragments of varying types, e 
depending on the rocks in the source area from 

which the sediment is derived. The cementing 

mineral may be quartz, and a yellowish coating 

of limonite on the grains is often evident. 


TEXTURE This is a coarse- to medium-grained 
rock. The grains are fairly well-sorted and 
angular in shape. Gritstones are sometimes 
poorly cemented, and the individual grains 
can often be rubbed off with the fingers. 
ORIGIN Forms in a number of different 
environments, ranging from marine and 
freshwater to continental. Most gritstones 
are formed in water, often in river systems 
and deltas. In all these environments, a 
reasonable amount of energy is needed 

to carry the coarse particles. 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 


Group: SEDIMENTARY Origin: Marine, Continental Grain size: Coarse, Medium 


Feldspathic gritstone pe 


This rock contains a high percentage of 
quartz but also has as much as 25 percent 
feldspar. Mica is present, and there are often 
small rock fragments derived from the 
source area. Feldspathic gritstone has a 
similar composition to arkose, which is its 
fine-grained equivalent. It is a brownish- 
colored rock and may take on a pinkish 
tinge when pink orthoclase feldspar is 
present. A cement of quartz or iron oxide 


binds the grains together. 


TEXTURE This is a coarse- to medium-grained 
rock. The grains are angular, although the 
feldspar may have flattened faces where it has 
broken along cleavage planes. It is well-sorted 
(most of the grains are of the same size). 
ORIGIN Forms by rapid deposition in 
transitional environments. Feldspar 
decomposes during protracted weathering. 


feldspar 
grain 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 
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Black shale 


This, like other shales, consists of a mixture 
of clay minerals together with detrital quartz, 
feldspar, and mica. Black shales are rich in 
carbonaceous matter, and pyrite and gypsum 
commonly occur. The pyrite content may 
result from the rock forming under reducing 
conditions in deep, still water. This mineral 
can occur as cubic crystals on bedding 
planes, and fossils in black shale are often 
replaced by pyrite. 


TEXTURE This is a very fine-grained rock, with 
mineral grains invisible except under a microscope. 

It is finely laminated and splits easily along the bedding 
planes, sometimes revealing flattened fossils. 
ORIGIN Forms as a clay deposit in deep marine 
environments. The fossils in black shale are often 
marine creatures, such as mollusks. 


fine-grained rock 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 
Group: SEDIMENTARY Origin: Marine, Freshwater 


Fossiliferous shale SD brchiopod 
Compositionally similar to other shales, Ve . » 

fossiliferous shale may also have a high calcite 

content derived from the fossils it contains. 

As well as complete fossils, it usually has 

detrital fossil fragments. 


TEXTURE Because of its fine grain size, shale 

can preserve a variety of fossils with very fine 
detail. Fossils commonly found in shales include 
brachiopods and mollusks, such as ammonoids, 
bivalves, and gastropods. There are often arthropods, 
such as trilobites, and graptolites—delicate structures 
which are not found in coarser rocks. Plants 

and vertebrates may also be present. 

ORIGIN Usually forms under relatively shallow 
marine conditions. Fossiliferous shale can 

also be found under freshwater conditions. 

The nature of the fossils found in the rock is 
usually a good indicator of the environment 

in which the rock was formed. 


shale matrix 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 
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Group: SEDIMENTARY Origin: Marine, Freshwater Grain size: Fine 


Siltstone 


This rock contains more quartz than either 
mudstone or shale. Siltstone is commonly 
laminated due to variations in grain size, organic 
content, or amounts of calcium carbonate. 


TEXTURE This is a fine-grained sediment. The 
individual rock fragments and mineral grains in 
siltstone are too small to be visible to the naked eye. 
ORIGIN Siltstone forms by the compaction of 
sediment of silt grade, which may have accumulated 
in a variety of environments, both marine and 


freshwater. The fossil content can be a guide to 
the precise environment of deposition. Because 
of the presence of feldspar, siltstone is said to be 
immature. A long-term weathering process would 
decompose feldspar. 


fine-grained sediment 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 


Group: SEDIMENTARY Origin: Marine, Freshwater Grain size: Fine 


Mudstone 


This rock consists of a mixture of clay minerals 
together with detrital quartz, feldspar, and 
mica. Iron oxides are also often present. 


TEXTURE Mudstone is a very fine-grained rock; 

the grains cannot be seen with the naked eye. lt 
shares many characteristics with shale and may 
contain fossils, though it has less well-defined 
lamination compared to shale. 

ORIGIN Muastone forms in a variety of environments 
resulting from the deposition of mud in, for example, 
oceans and freshwater lakes. Studying the fossils 
contained in a specimen of mudstone and comparing 
them with the lifestyles of related modern organisms 
can help identify the type of environment in which 
the rock was formed. 


fine-grained rock 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 


CHAPTER 1 + PLANNING YOUR ELECTRONICS WORKSHOP 
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Environmental Impact 


You affect your environment every day, and your environment affects you, as well. As you learn more 
about electronics and all the interesting and wonderful things it can teach you, be mindful of what kind 
of trail you're leaving behind for others to clean up. 

A good way to get a feel for your environmental impact is to take a look at your garbage. It doesn't 
sound that interesting or fun, but it will teach you a lot about yourself and your habits. What are you 
throwing away? Could you have found either another use for it, or perhaps another home? Is it going to 
be a nuisance to someone else, or even worse, a hazard? 

A good example is the use of “disposable” batteries. We used batteries (technically cells, but that 
distinction will be spelled out in more detail in Chapter 3) in our very first experiment. We buy new 
batteries and plug them into our devices, and when they run out of power we take them out and throw 
them away. Where do they go? How do they then interact with the environment? They don't just “go 
away.” 

Disposable batteries are very convenient. They are generally inexpensive, compact, self- contained, 
and reliable. This convenience, however, comes with a price all its own. Consider using rechargeable 
batteries whenever possible in your lab. They cost a little more than their disposable counterparts, but 
can easily and cheaply be refilled with electrical goodness over and over again. 

You should also be aware of any hazardous materials that you use or store in your lab. For example, 
lead is a very common material used in many electrical devices, even though its use is being reduced 
worldwide. It is found in older-technology rechargeable batteries, solder, and printed circuit boards. 

Some of the chemicals used to etch printed circuit boards can be dangerous if not used, stored, and 
disposed of properly. Take the time to understand what, exactly, you're working with when you're 
conducting your experiments in your laboratory. 

Just like the captain of a seagoing vessel, you're in charge of what happens in your lab. With this 
authority come important responsibilities that rest squarely upon your shoulders. Please take these 
responsibilities seriously. 


Budgeting 


How much is all this stuff going to cost? A lot of it depends on how creative you want to be in stocking 
your lab with tools and parts. 

If your budget is small, then start small. If your budget is nonexistent, then you'll just have to start 
even smaller. You should generally approach acquisitions for your lab under one of these three 
headings: 


e Buying new 
e Finding used 


e Harvesting or recycling 


Buying New 


Buying everything new is obviously the most expensive approach, at least from the money side of it. 
What a lot of people fail to take into account is that their time is also a very valuable commodity. Try to 
balance the one with the other, as befits your particular situation. 

Except for the folks in the most dreadful of hurries, it always makes sense to shop around for the 
tools, equipment, and components that you are going to need in your lab. You'll find that a lot of 
“professional-grade” equipment carries an enormous price premium compared with “consumer-” or 
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Group: SEDIMENTARY Origin: Marine, Freshwater Grain size: Fine 


Calcareous mudstone curved fracture 


As its name suggests, this rock is similar to 
mudstone but has a high calcite content. 
Detrital quartz and feldspar may also be 
present. Fossils are not uncommon. The 
rock is often light-colored. 


TEXTURE A very fine-grained rock in which 

the particles cannot be seen with the naked 

eye. The grains are much the same size, but 
recrystallization may change their original shape. 
The rock may break in a distinctive way, with 

a subconchoidal fracture. Because of the high 
calcite content, it will effervesce when tested 
with cold hydrochloric acid. 

ORIGIN Forms in marine and freshwater 
conditions. Being very fine-grained, calcareous 
mud is easily transported by water into the sea and 
lakes where it may accumulate with sand, silt, 
and calcareous organisms. 


calcite vein 


Group: SEDIMENTARY Origin: Marine, Freshwater, Continental Grain size: Fine 


this fossil shell suggests a 


Clay very fine grains marine environment 


This rock is very rich in clay minerals, 
together with detrital quartz, mica, 
and feldspar. 


TEXTURE The grain size is so fine that the individual 
minerals cannot be seen except with a microscope. 
Clays often have a characteristic smell, and the grains 
absorb water to become plastic. 

ORIGIN Clay forms in many different environments. 
It can occur in deep and shallow marine conditions, 
in lakes, and as a continental sediment. Glacial 

clays develop from the powdering of rock by ice 
action. Clay minerals are formed by the decay 

and alteration of certain silicate minerals, such 

as feldspars, under chemical weathering. Fossils 

are often well preserved in clay because of its 

very fine grain size. 


Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 
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Group: SEDIMENTARY Origin: Marine, Freshwater Grain size: Fine 


Red m arl fine-grained rock 


This rock is a sediment intermediate 
between clays and limestones and 
includes gradations between 
calcareous clays and muddy 
limestones. The amount of 
calcareous material varies 
between 40 and 60 percent, 

with detrital quartz, clay, and silt 
particles. The red coloring is due 

to the presence of iron oxide. 


TEXTURE Because marl is such a 
fine-grained rock, it can be examined 
in detail only under a microscope. The 
grains are well-formed and cemented 
by calcite. 

ORIGIN Marls are often found in shallow 
lakes with a lot of vegetation. They are also 
associated with evaporite deposits formed 
in saline basins. In this case, they may be 


interbedded with gypsum and rock salt. reddish-brown 

color 
Classification: Detrital Fossils: Invertebrates, Vertebrates, Plants Grain shape: Angular 
Group: SEDIMENTARY Origin: Marine, Freshwater Grain size: Fine 


G ree n m arl fine-grained sediment 


As with its red counterpart, green 

marl is an intermediate sediment 
between the clays and the limestones. 
It differs only in color, with the greenish 
coloring due to the presence of minerals 
such as glauconite and chlorite. Green 
marl also has a high calcite content. 
The calcite present causes the rock to 
effervesce when it is tested with cold, 
dilute hydrochloric acid. 


TEXTURE Green marl is a fine-grained 
rock. The individual particles can be 
seen only under a microscope. 

ORIGIN This rock forms in marine and 
freshwater conditions. When glauconite 
is present in green marl, it indicates that 
the rock formed in a marine environment. 


Classification: Detrital Fossils: Invertebrates, Plants Grain shape: Angular 
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This rock is essentially composed of halite, 
often with impurities of clay minerals and 

iron oxides. The rock is colored reddish brown 
when iron oxides are present. 


TEXTURE Rock salt is usually massive and coarsely 

crystalline, sometimes occurring as distinct cubic crystals. 

Under pressure, the rock salt may flow, forming salt 

plugs that intrude other strata. 

ORIGIN Forms from saline waters, such as salt lakes, 

in a sequence that includes other evaporite orange-brown 
minerals, such as dolomite and gypsum. crystal 


Group: SEDIMENTARY Origin: Marine, Salt lakes Grain size: Coarse to fine 


This rock normally occurs as massive 
gypsum (hydrated calcium sulfate). 


TEXTURE This coarse- to fine-grained rock has a 

fibrous habit. It may also show bedding, which is 

often strongly distorted. Rock gypsum is usually 

interbedded with sandstones, marls, and 

limestones. A soft rock, it can be scratched easily vitreous 
with a fingernail. luster 
ORIGIN Forms in evaporite rock sequences in 

association with dolomite rock and marl and 


the minerals anhydrite, halite, and calcite. crystalline 
rock 


Potash rock > 
; Y dissolved surface 
This rock is essentially a mixture of sylvite and | | 
halite. The crystalline sylvite is a pale gray color 
when it is pure, while orange-red sylvite gets its 
color from iron oxide staining. 


TEXTURE This is a crystalline rock. 
ORIGIN Deposited from saline waters, potash rock 
forms in a sequence that includes evaporites and 


. iron impurities 
rocks such as dolomite, marl, and mudstone. P 


give reddish 
coloring 
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Group: SEDIMENTARY Origin: Marine Grain size: Coarse 


Pisolitic limestone (an; La 


calcite 
This rock is similar to oolitic limestones but contains AA po a matrix 
à “e y "E E a yA 7 A 
larger and more irregular structures up to pea size, l 34 KEYP Or l 
AF A es : : 
known as pisoliths. These are formed of calcite PL A poo T 
ee _ Y Pe RA AA Py a a x 
precipitated around a nucleus, such as a sand ko NT ae AAA F LTDA 
grain or a fragment of shell. The e a A A es 5 TELAS 
cementing material is calcite A A Pg ON eps RS, 
8 ` ES na" 6 wath AO A A, FW EAN 
E | ie Pe Ase) aa a EER Po, SE My She 
TEXTURE This limestone is a | DA A E E TG po, ig pete Neg 
. . . . “e 8 Rh, ad Pee! x af 5: Viagra FS Saal ee 
coarse-grained rock with pisoliths TAT ee, ee ah AA as, ete. A MIS, T 
. A LEY ~~ È = Or ey ay 
all of much the same size. These can PAS 
pe a MI ~ y r 
often be flattened, unlike the spherical ESA s 
ooliths. Fossils are common and A ARTO - 
include many invertebrates. Ry ¿As 
E i 1 AGS A 
ORIGIN Pisolitic limestone forms ALAS A > 
n . a o” as 
in moderately shallow marine AS 
digs a TIA: 
conditions, similar to those where A 
a > Sie aed 
oolite forms. Such environments favor Sear <q 
. . . . . . ` ” a 
the precipitation of calcite. These conditions VEA pisoliths may 
were common during the past, especially OS be flattened 
during the Mesozoic era. E 
a EE 


pale, cream-colored calcium 
carbonate-rich rock 


Classification: Chemical Fossils: Invertebrates Grain shape: Rounded 


Group: SEDIMENTARY Origin: Marine Grain size: Medium 


Oolitic limestone MENE 


Containing a high degree of calcium ae AS IST rounded oolithe set 
carbonate, oolitic limestone may EA RAE ANOSA in calcite cement 
also contain small amounts of y AR a TIIA aati TS Gn ak 

quartz and other detrital 

minerals. Fossil fragments 

are common. 


TEXTURE Rock essentially 

composed of closely packed ooliths is 

called oolite. Oooliths are spheroidal or 
ellipsoidal structures built of concentric 
layers—usually composed of calcite. The 
rounded ooliths are easy to see with the naked 
eye in the typically light-colored rock matrix. 
ORIGIN Forms in warm, shallow, and strongly 
agitated marine conditions. The constant action 
of tides, currents, and waves encourages the 
precipitation of calcium carbonate around quartz 


grains and fossil fragments. 
pale-colored 
matrix 


Classification: Chemical Fossils: Invertebrates Grain shape: Rounded 
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almost pure calcite 


This is a very pure limestone formed of calcite rock composed 
and containing only small amounts of silt or mud. of microfossils 
It consists mainly of the tests of microorganisms, such 

as coccoliths and foraminiferans, which cannot be seen 

without the aid of a microscope. Macrofossils, which 

can be seen with the naked eye, are often present, 

and these include ammonites and bivalves, 

brachiopods, and echinoderms. Chalk may contain 

detrital material, mainly quartz, as well as other 

mineral fragments. 


TEXTURE A very fine-grained, powdery, soft rock. 

It effervesces strongly when in contact with cold, A soft, white, 
dilute hydrochloric acid. EI powdery 
ORIGIN Formed in marine conditions during the R: BS texture 
Cretaceous period. During this period, the continental > e i 

shelves, where the chalk was deposited, were below a 

much greater depth of seawater than today. The small 

amount of detrital material suggests that nearby 

continental areas were low-lying and arid. 


Classification: Organic Fossils: Invertebrates, Vertebrates Grain shape: Rounded, Angular 


Red chalk 


A fine-grained calcareous rock, red seddigh 
chalk gets its color from a detrital coloring 
component of iron oxide (hematite). due to 
It may also contain scattered quartz ron exige 
pebbles. Many of the minute grains 

in red chalk are microfossils, such as 

coccoliths. Macrofossils, including 

belemnites, ammonites, bivalves, 

and echinoderms, are frequently 

present in red chalk. 


TEXTURE The grain size is small 

and the individual particles are 

too minute to be detected except with 

a microscope. 

ORIGIN Thought to be formed under slow 
marine deposition. The red coloring agent 
hematite may be derived from a nearby land 
surface. A study of the fossils in red chalk will 
give amuch more detailed indication of 


the environment of deposition. 
fine grain size 


Classification: Organic Fossils: Invertebrates Grain shape: Rounded 
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Group: SEDIMENTARY Origin: Marine Grain size: Fine to coarse 


Crinoidal limestone | ie hae 
LD rock with a lot of 

This rock is essentially formed of calcite as fine A. y fragmented calcite 

or larger crystals. These may have been derived “pia R 

from animal skeletons such as crinoid plates. 

Ossicles of crinoid stems are conspicuous 

ingredients of this rock. 


TEXTURE The large fragments in the rock are 
the broken stems of crinoids. These may be long, 
cylindrical pieces, as well as single, rounded 
ossicles. They are bound in a matrix of massive 
calcite, with a calcite cement. 

ORIGIN This limestone is formed in marine 
conditions and takes its name from crinoids— 
a group of sea-dwelling creatures related to 
starfish and sea urchins. Crinoids' presence in 
coral limestone suggests that they inhabited 
shallow marine environments. Crinoids 

are not the only fossils that are commonly 
found in crinoidal limestone—it can be rich 

in brachiopods, mollusks, and corals. 


broken 
crinoid stem 


Group: SEDIMENTARY Origin: Marine Grain size: Fine 


Coral limestone a 
coloring 

This limestone is almost entirely formed from the 

calcareous remains of fossil coral. The individual 

structures are called corallites, and they are held 

in a matrix of lime-rich mud. As well as a high 

proportion of calcite, this mud, now limestone, 

contains small amounts of detrital material 

such as clay and quartz. 


TEXTURE The texture is determined by the 
type of coral preserved in the rock. The 

matrix of this limestone is fine-grained. 

ORIGIN These rocks form in marine 

conditions, and by studying the individual 

corals, it may be possible to give more 

precise details of the environment. Most 

coral limestone forms on the continental 

shelf. Though these rocks are rich in coral, 

they can also contain other shallow-water marine 
invertebrates, including brachiopods, cephalopods, 
gastropods, and bryozoans. 
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mass of coral held 
in lime mud matrix 


Classification: Organic Fossils: Invertebrates Grain shape: Angular 
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Group: SEDIMENTARY Origin: Marine, Freshwater Grain size: Medium, Fine 


= gray calcite 
Shelly limestone brachiopod shell 
A general name for calcareous rocks containing 
a high proportion of fossil shells. This limestone 
can contain a great variety of brachiopod 
and bivalve shells. The rock matrix is usually 
cemented by calcite. Any brownish coloring 
the rock exhibits is due to detrital minerals 
and iron oxides. 


TEXTURE The matrix of this rock is medium- 
or fine-grained and has angular fragments. 
ORIGIN These limestones are essentially of 


marine origin, although a rare few of them may 

form in freshwater environments. As with many of 
the rocks that contain fossils, it is often possible to 
discover the actual environment in which a specimen 
formed by a careful study of the fossils found within 
the shelly limestone. 


brownish coloring 
from iron oxides 


Classification: Organic Fossils: Invertebrates Grain shape: Angular 


Group: SEDIMENTARY Origin: Marine Grain size: Fine 


Bryozoan limestone 


The percentage of calcite in bryozoan limestone 
is very high. This rock also contains a small 
amount of detrital material, such as quartz 
and clay. These detrital materials may 

give the rock a coloring that is darker 

than the pale gray of purer limestone. 
Essentially, bryozoan limestone is lime 
mud characterized by the netlike 
structures of fossil bryozoans. 


TEXTURE The lime mud that forms the 
matrix is fine-grained and even-textured. 
ORIGIN This rock forms in marine conditions. 
It commonly originates in calcareous reef 
deposits, where the bryozoans, such as 
Fenestella, help bind the mounds of 

reef sediment. Besides bryozoans, the reef 
environment also supports a wealth of 

other organisms, and these limestones 

are rich in mollusks, brachiopods, and small bryozoans within 
other marine invertebrates. a lime mud 


Classification: Organic Fossils: Invertebrates Grain shape: Angular 
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Group: SEDIMENTARY Origin: Freshwater Grain size: Medium, Fine 


Freshwater limestone ec 


Less common than marine limestone, the freshwater 
variety is distinguished by the nature of the fossils 
contained in it, associated with freshwater environments. 
As with other limestones, this rock has a high 
proportion of calcium carbonate and can also 

contain detrital quartz and clay. The high calcite 
content causes the rock to effervesce when it 

comes into contact with cold, dilute 

hydrochloric acid. 


TEXTURE The calcareous matrix 

is crystalline and binds the rock 

together. This rock consists 

essentially of a calcareous 

mud, with a number of coiled 

gastropod shells. The chief way 

to determine if a limestone is 

marine or freshwater is by 

identifying the fossils. 

ORIGIN This limestone forms in freshwater 
lakes with a high lime content and is unusual 
in the stratigraphic record. lime mud matrix 


Classification: Organic Fossils: Invertebrates, Plants Grain shape: Angular 


Group: SEDIMENTARY Origin: Marine Grain size: Fine 


Nummulitic limestone 


This rock contains a very high percentage — fossil Nummulites 
of calcium carbonate, mainly in the 4 

form of whole and fragmented, circular- 

shaped shells of a foraminiferid fossil 

called Nummulites. These are cemented 

together with calcite. In common with 

other biogenic limestones, which are 

composed largely of one type of fossil, 

nummulitic limestone can contain other 

fossils. Some detrital material, usually 


quartz, may also be present. 


TEXTURE The matrix of this limestone 

is fine-grained, whereas the whole fossil 
can measure up to about % in (2 cm) 

in diameter. 

ORIGIN This rock is formed under marine 
conditions and is commonly found in 
localized areas. The Egyptian pyramids 

are made of this particular limestone. 


fine matrix 


Classification: Organic Fossils: Invertebrates Grain shape: Angular 
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Group: SEDIMENTARY Origin: Marine Grain size: Medium, Fine 


Do l O m ite fine-grained matrix 


: . equigranular 
This rock, also known as dolostone, contains textura 


a high proportion of the mineral dolomite 
(calcium magnesium carbonate), from which it 
gets its name. Detrital minerals and secondary 
silica (chert) are also present. Dolomite rocks 
are usually darker than other limestones 
(often creamy brown). Dolomites also 

tend to be less fossiliferous than other 
limestones, possibly because of the 
recrystallization that has often taken 

place during their formation. 


TEXTURE Dolomite usually has an 
equigranular crystalline texture but 
sometimes occurs as compact and 

earthy masses. 

ORIGIN This rock forms in marine 
environments. Most dolomites are 

believed to be of secondary origin, 
replacing original limestones. 


Group: SEDIMENTARY Origin: Continental Grain size: Fine 


Tufa 


This rock is principally composed of calcite (calcium 
carbonate). Impurities of iron oxides are responsible for 
tufas yellowish or reddish coloration. Calcrete is a name 
given to the pebbly form of tufa. This is a porous 

and usually nonbedded deposit. Travertine is a 

more dense and banded form of tufa. 


TEXTURE This is a crystalline material 

and may have pebbles and grains of 

sediment caught up in it. 

ORIGIN The rock forms when calcium 

carbonate is precipitated from lime- 

rich waters. This may occur on cliffs, 

in caves, and on quarry faces, 

especially in limestone regions. 

Plants and mosses are often covered 

with tufa, and thus preserved as crusty, 

lime-rich fossils. Such preservation 

is very rapid, and modern organisms 

can become encrusted in a matter of 

months in favorable conditions. noticeable lack crusty, porous 
of any bedding structure 


Classification: Chemical Fossils: Plants, Invertebrates Grain shape: Angular 
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Group: SEDIMENTARY Origin: Continental Grain size: Fine 


Travertine 


a : iron minerals 
Consisting of almost pure calcium carbonate, 


give slight 


travertine may also contain some detrital quartz staining 
and clay. Fossil material is virtually absent. 

Travertine is a very light-colored rock unless it 

contains iron compounds or other impurities, 

which can give it a darker coloring. Travertine 

deposits are often rounded and may be banded. 


TEXTURE This rock is formed of small crystals 
of calcite that bind together other sediment 
particles. In many situations, travertine 
occurs in strata. 

ORIGIN Many hot springs, especially in 
volcanic regions, give rise to travertine by 

the deposition of calcium carbonate. 


porous, spongy 
texture 


Group: SEDIMENTARY Origin: Continental Grain size: Fine to medium 


Stalactite 


Sedimentary structures formed of calcium 
carbonate, stalactites are sometimes colored 
by impurities, such as iron oxide. 


pale calcite 


TEXTURE These crystalline structures occur in the 
shape of pendants grown from the roofs of caves, 
especially in limestone regions. While stalactites are 
long, slender forms, the corresponding structures— 
stalagmites—that grow up from the cave floor 

are stumpy and shorter. The two sometimes join 
together to form calcite columns. 

ORIGIN These structures form by inorganic 
precipitation of calcium carbonate from waters 
seeping through fractures in the roofs of caves. 
When lime-rich waters meet the air and carbon 
dioxide is released, calcium carbonate 

is deposited, while evaporation of 

the water speeds up the process. 

Lime-rich water, dropping from 

the end of a stalactite, results 


in the formation of a stalagmite. 
8 pendant-shaped 


Classification: Chemical Grain shape: Angular 


CHAPTER 1 + PLANNING YOUR ELECTRONICS WORKSHOP 


“hobby-grade” alternatives. This is generally to be blamed on the fact that there is a correspondingly 
enormous amount of money to be made in the field of electronics. 

New components are almost always more desirable to use, especially when you're looking at a 
production environment and you need to make sure everything produced is of the highest possible 
quality and reliability. New, unused components are also more appropriate when conducting complex 
experiments, as this helps to reduce, if not eliminate, many variables in the testing and analysis phases. 
You don't have to worry that someone (probably you) might have “borrowed” some parts for a quick fix 
or some other temporary usage and then surreptitiously replaced them back in inventory, having 
possibly compromised them in some unseen way. 


Finding Used 


A prudent way to fill up a new lab, especially when first starting out, is to look for bargains on used tools 
and components. This is especially true of the fixtures, shelves, cabinets, benches, and other furniture 
that belongs in a lab. 

Tools wear out. Tools are replaced. This is a fact of life when you’re in the business of working with 
tools. The good news is that “one man’s trash is another man’s treasure.” If we consider the possibility of 
women participating, we get three more potential combinations, all of which can end up in a win-win 
situation. 

Many used tools can be retrofitted and placed back into service in your lab. On the other hand, there 
are a lot of tools that are simply used up and can not feasibly be brought back into useful service. Either 
their repair is cost prohibitive or they are no longer supported by their original manufacturers. 

Another factor working in favor of the patient and observant collector of discarded tools is the 
inevitable march of progress. What was shiny and top-of-the-line a year ago might be intolerable or 
insufficient next year, from the standpoint of the original purchaser. Many bargain opportunities arise 
from this simple understanding. 

This can sometimes be applied to the purchase of components that have never been used, but have 
been sitting somewhere waiting for their chance. A commonly used phrase to describe these parts, 
which are often sold at a discount, is new old stock (NOS). Sometimes these parts are sold this way 
because of overstock or because a manufacturing run was cancelled or cut short. 


Harvesting or Recycling 


There’s an absurdly large amount of perfectly good equipment, tooling, fixtures, and components sitting 
out there, looking for anew home. A lot of companies, as well as individuals, either outgrow their 
present fittings or turn toward other interests and endeavors. This can be an excellent opportunity to 
acquire the furnishings you need to populate your lab. 

On the other hand, please don’t go crazy. You don’t have to pick up every discarded appliance or 
chair you see sitting by the roadside. Why pay rent for something you can easily and cheaply obtain 
when you actually need it? Are you really wanting to pay the heating and air-conditioning bill for that 
box full of odd-sized capacitors that are probably past their prime? Don’t fall into the trap of the false 
economy when it comes to bargain-hunting for your lab. The most important ingredient in your lab is 
you. Leave a little room to move around a bit. 

Another factor to keep in mind is shelf life. Not all parts (or tools) last forever, especially when not 
being used. Batteries are the worst. You can prolong the shelf life of nonrechargeable batteries by storing 
them in your refrigerator, as this slows down the electrochemical processes within them that produce 
the electricity. Even solar panels will wear out with either constant use or constant disuse, although this 
can take years to happen. 


15 
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Group: SEDIMENTARY Origin: Continental Grain size: Medium, Fine 


Banded ironstone 


This rock is ferruginous chert, showing a marked banded prominent 
structure mainly consisting of alternating layers of banding 
chert and magnetite or hematite in which considerable 

recrystallization has taken place. Magnetite and pyrite 

may also occur in the iron-rich bands of the rock. 


TEXTURE Banded ironstones are fine- to 

medium-grained rocks. 

ORIGIN Mostly formed in the Precambrian, 

between 2,000 and 3,000 million years ago. 

It is open to interpretation whether 

or not banded ironstones were 

deposited by precipitation 

in enclosed lakes or basins. 

They do, however, occur in 

rocks from many sedimentary 

environments, from shallow 

and intertidal to deep water 

situations. The disappearance of 

banded ironstone from the rock record 

around 2000 million years ago is evidence of alternating gray and 
increasing oxygen in the Earth’s atmosphere, red bands of iron oxides 
likely due to the emergence of life on Earth. and iron-rich chert 


Classification: Chemical Grain shape: Crystalline 


Group: SEDIMENTARY Origin: Marine Grain size: Medium 


dark-red, 


Oolitic ironstone iron-rich rock 


This rock consists of closely packed 
ooliths rich in siderite and other iron 
minerals. Quartz, feldspar, and other 
detrital minerals can be present. The 
rock may have originally been calcium 
carbonate-rich, and replacement has 
converted the calcium carbonate to 
iron minerals. The ooliths, which 

give the rock its name, are small and 


rounded like they are in oolitic limestone. 


TEXTURE Detrital grains in the rock 
may be angular. Calcite is a common 
cement between the ooliths. 

ORIGIN Forms in marine environments: 
the rock may undergo change shortly 
after deposition, or it may be deposited 


already rich in iron. rounded ooliths 


form body of rock 


Classification: Chemical Fossils: Invertebrates Grain shape: Rounded 
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Group: SEDIMENTARY Origin: Continental Grain size: Medium, Fine 
Li Es crumbly 
isn ite . surface 


This is a brown-colored coal, having a carbon 
content between that of peat and bituminous 


coal. Lignite still has a large amount of visible 
plant material in its structure and is friable. 


TEXTURE Less compact than other coals, lignite 
has a high moisture content and is crumbly. It also 
contains more volatiles and impurities. 

ORIGIN A type of low-rank coal most commonly 
found in Tertiary and Mesozoic strata where changes 
have not occurred to the vegetable matter. Lignite 
also occasionally results from shallow burial of peat. 


Classification: Organic Fossils: Plants Grain shape: None 


hal had shiny patches 
Bituminous coal dul di 


patches 
The action of pressure and temperature on the rock 
lignite leads to the formation of bituminous or 
“household” coal. It is hard, brittle, and has a high 
carbon content. This rock has alternating shiny and 
dull layers and may contain some recognizable plant 
material. It is dirty to handle. 


TEXTURE This coal is even-textured, with the appearance 

of being fused material. Bituminous coal breaks into cubelike 
fragments due to its structure with two sets of joints at right angles. 
ORIGIN It forms by the accumulation of peat and subsequent changes 
due to burial causing pressure and heat that drives off volatiles. 


Anth racite dark, shiny matrix 


This differs from other coals because of its extremely 
high content of carbon with a correspondingly 

low proportion of volatile matter. It is 

normally an unbanded type of coal. 


TEXTURE More glassy and cleaner to handle 

than bituminous coal, anthracite ignites at much 

higher temperatures compared to other coals. 

ORIGIN Forms by accumulation of peat. It is 

suggested that the increase of pressure and 

especially heat has caused volatiles to be uneven 
driven off, forming a higher grade of coal. surfaces 


Classification: Organic Fossils: Plants Grain shape: None 
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Group: SEDIMENTARY Origin: Continental Grain size: Medium, Fine 


Peat plant fragments 


This rock represents the initial stage in the modification 

of plant material to lignite and bituminous coal. Peat 

is dark brown to black in color and contains about A -i — 

50 percent carbon, as well as a great deal of volatile lee a fe è crumbly 
material. It is crumbly and easily broken in the hand. ET E TENE surface 


TEXTURE There are many plant fragments 
visible in peat, often including large roots. 

It is frequently high in water and breaks 
unevenly when dry. Peat is a soft rock. 
ORIGIN Forms from the deposition 

of plant debris on forest floors, in fens, 

or on moorland. Much of the vegetable 
matter in the peat that accumulates 

today is mosses, rushes, and sedges. The 
deposits may be many feet thick. By decay 
and reconstruction, the bottom layers of peat 
banks become compacted, darkened, and 
hardened, while the carbon content increases. 


Group: SEDIMENTARY Origin: Continental, Marine Grain size: Medium, Fine 


Jet 


Due to its high carbon content, jet is 
classified as a type of coal. It is a compact 
substance found in bituminous shales, 
and it produces a brown streak. Jet has a 
conchoidal fracture, and it is hard enough 
to take a good polish, a characteristic 

that has been exploited for making 
jewelry and ornaments. It rarely forms 

in geographically extensive seams. 


TEXTURE When examined in close detail, 

jet shows woody tissue structures. 

ORIGIN The formation of jet has been open 

to debate. It is generally believed that this black, 
coal-like rock developed in marine strata from 
logs and other drifting plant material, which 

then became waterlogged and sank into the 

mud on the seabed. It is found in rocks of marine 
origin, unlike other forms of coal, which form 

from plant matter accumulated on the land surface. 


bedded structure 


Classification: Organic Fossils: Plants Grain shape: None 
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ERP 
Chert fine grain size 


This occurs as siliceous nodules or sheets, especially 
in sedimentary rocks such as limestone and among 
lavas. Chert is usually grayish in coloring. 


TEXTURE It is composed of crypto-crystalline silica, 
and its components can be seen only under a microscope. 
Chert breaks with an uneven to subconchoidal fracture. 
It is a hard rock that cannot be scratched with a knife. 
ORIGIN Chert is produced from the accumulation 

of silica, possibly in a gelatinous form on seabeds. 


This silica may come from organic sources. subconchoidal 
fracture 


Classification: Chemical Fossils: Invertebrates, Plants Grain shape: Crypto-crystalline 


` sharp edges conchoidal 
Fl | nt i à ~~ fracture 


The term flint is used principally for siliceous nodules 
in the chalk of western Europe. It is a hard, compact 
substance with a homogenous appearance and 
breaks with a conchoidal fracture. Its sharp-edged 
flakes were used as tools by primitive peoples. 


TEXTURE Consists entirely of crypto-crystalline 
silica, which appears to be derived from organic 
opal held in sponge spicules. 

ORIGIN Occurs as bands and nodular masses 
in fine-grained limestones, especially chalk. 
Flint frequently contains fossils. 


Classification: Chemical Fossils: Invertebrates Grain shape: Crypto-crystalline 


Group: SEDIMENTARY Origin: Continental 
A b resinous conchoidal 
m e r luster Bais. fracture 


This material is the fossil resin of coniferous trees. 
Amber is soft, with a resinous or subvitreous luster. 
It is transparent to translucent. Insects and small 
vertebrates trapped in the original sticky resin 
may be found fossilized in amber. Amber is 

often used in jewelry. It is now regarded as 

an organic mineral. 


TEXTURE When broken, amber has 

a conchoidal fracture. 

ORIGIN Forms from the resin of coniferous 
trees and is found in sedimentary deposits. 


Classification: Biogenic Fossils: Vertebrates, Invertebrates Grain shape: None 
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Se ptarian concretion pale calcite riled 


in cracks shrinkage 
Concretions are often formed of the same cracks 
material as the host sediment but are cemented 
(concreted) together by silica, carbonate 
minerals, or iron oxides. Septarian concretions 
have radiating and polygonal internal patterns 
of veins—usually of calcite. 


TEXTURE The structure is one of radiating and 

concentric cracks in a tough outer shell. When 

opened, this internal veined structure is apparent. 

ORIGIN It may form by the segregation of 

minerals during diagenesis (the processes that 

turn soft, muddy material into rock) and their 

concentration around a nucleus, which may be a 

grain of sediment or even a fossil. After formation da 
of the concretion, the cracks known as septa edeareor 
may develop during shrinkage. material 


bronzy yellow acicular 


Pyrite n od u le pyrite crystals 


These rocks occur as spherical, botryoidal, or 
cylindrical nodules formed by the bronzy yellow 
mineral pyrite. On weathered surfaces, the 
nodules usually have a yellow-black coloring. 
Pyrite nodules are commonly found in shales 
and mudstones. 


TEXTURE The internal structure of these rounded 

nodules reveals acicular crystals radiating from a central 

nucleus. Nodules can be a great variety of shapes, 

such as tubular or ovoid. 

ORIGIN Pyrite nodules commonly form 

in shales, clays, and other pelitic rocks, 

which are themselves rich in pyrite. intemal radiating 
Also often found in chalk. i a , sirücture 
Pyrite nodule formation is SN : 

not fully understood, but 

precipitation of pyrite 

around a central nucleus 

is a possible explanation. 


brownish coating 


outer surface dull 
and weathered 


Classification: Chemical Grain shape: Crystalline 
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Group: TEKTITE Origin: Terrestrial Grain size: Glass 


E typical rounded 
Te ktite shape 
These are silica-rich glass objects that were ai 
once believed to be meteorites. However, their surface 
distribution on the Earth and their chemistry 
have now led scientists to suggest that they 
do not in fact have an extraterrestrial origin. 
Tektites actually have a composition not 
unlike that of some volcanic rocks. In 
addition to having a high silica content, 
they are also rich in oxides of 
potassium, calcium, and aluminum. 


TEXTURE These rocks are small in size, 
usually about 7-10 oz (200-300 g) in 
weight, and have a disk or ovoid shape. 
Their surface may be smooth or rough. 
ORIGIN Tektites result from the melting 
of terrestrial rocks on the impact of a 
meteorite. It seems unlikely that they 
were fired toward the Earth from a large 
volcano on the Moon, as has been 
suggested in the past. 


Group: METEORITE Origin: Extraterrestrial Grain size: Fine 


Stony iron 


Stony iron meteorites are composed of about 50 percent 
metal and 50 percent silicate material. The metallic 
content is nickel-iron alloy. The silicate components are 
minerals recognized in many rocks on Earth and include 
olivine, pyroxene, and plagioclase feldspar. 


TEXTURE These are rocklike objects and 

have a surface showing various components, 
including crystals. The silicate minerals, such 

as olivine, may be removed by weathering, 
giving the surface a pitted appearance. 
ORIGIN These are rare meteorites, and only 
about 4 percent of known meteorites are in this 
group. Stony iron meteorites help geologists 
understand how certain elements combine with 
iron or silica during the process of melting and 
vein formation. They give an insight into planets 


: . , ae viti n 
with an iron-rich core and a silicate outer shell. Can 


surface 


Classification: Stony Iron Shape: Angular, Rounded Composition: Silicate, Metal 


Group: METEORITE 


Chondrite 


Origin: Extraterrestrial 


These rocks form the largest group of meteorites 
classified as stones. Chondrites contain silicate 
minerals—mostly pyroxene, olivine, and 

small amounts of plagioclase feldspar. There 

is also a small proportion of nickel-iron. 


TEXTURE These meteorites have a 
structure consisting of chondrules, which are 
small, spherical grains. The overall shape of 
chondrites varies, but many are rounded or 
even dome-shaped. Angular specimens are 
those that have fragmented on impact. 
ORIGIN How chondrites form is not certain, 
but their chemistry seems to represent the 
mantle material of planet-forming bodies, 
planetesimals. This type of meteorite gives 
the oldest radiometric date yet obtained 
from rocky material—4,600 million years— 
a figure generally accepted as the date 

of the formation of the solar system. 


Group: METEORITE Origin: Extraterrestrial 
medium to 


Achond rite coarse grains 


These rocks differ from chondrites in both PEEP LON 
structure and composition. Achondrites gam 
contain a high proportion of silicate 3 

material, similar to that found in i 
rocks on the Earth. This includes 
pyroxene and olivine, as well as 
plagioclase feldspar. However, 
the composition of achondrites 
is more variable than that of 
chondrites, and they generally 
contain very little iron. 


A e 
q 


TEXTURE Achondrites are 
coarser-grained than chondrites, 

and they lack chondrules. 

ORIGIN As achondrites resemble the 
rocks found in the mantle and basaltic 
crust of the Earth, their origin may possibly 
be volcanic. 
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Grain size: Fine 


angular 
fragmented 
specimen 


crust around edges showing 
features of melting on entry 
into the Earth’s atmosphere 


Grain size: Medium, Coarse 


rough surface 


Classification: Achondrite Shape: Angular, Rounded Composition: Silicate 
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TECHNICAL EXPRESSIONS have been 
avoided wherever possible, but a limited 
use of them is essential in a book of this 
nature. The terms listed below, many 

of which are particular to minerals and 
rocks, are defined in a concise manner. 
Some definitions have been simplified 


= Accessory minerals 

The mineral constituents of an 
igneous rock that occur in such 
small amounts that they are not 
considered in its definition. 


= Acicular habit 
Needle-shaped mineral habit. 


= Adamantine luster 
Very bright mineral luster similar 
to that of diamond. 


= Aeolian sediments 
Sediments deposited by the wind. 


= Amphibole group 

Group of common rock-forming 
minerals, often with complex 
composition but mostly 
ferromagnesian silicates. 


= Amygdale 


In-filled vesicle in an igneous rock. 


m Anhedral crystal 
Poorly formed crystal. 


= Arenaceous rocks 
Sedimentary rocks composed 
of sand grains. 


= Batholith 

Very large, irregularly shaped mass 
of igneous rock formed from the 
intrusion of magma at great depth. 


= Bedding 
Layering of sedimentary rocks. 


= Bladed habit 
Blade-shaped habit in minerals. 


= Clay minerals 
Alumino-silicate group of minerals 
common in sedimentary rocks. 


= Cleavage 

The way certain minerals break 
along planes related to their 
internal atomic structure. 


= Conchoidal fracture 
Curved or shell-like fracture in many 
minerals and some rocks. 


= Concordant 
Following existing rock structures. 
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= Concretion 

Commonly discrete, rounded, 
nodular rock masses formed in 
beds of shale or clay. 


m Country rock 
Any rock intruded by magma or 
lying beneath a lava flow. 


m Cryptocrystalline 
With minute crystals, which can 
only be seen with a microscope. 


= Dendritic habit 
Treelike mineral habit. 


= Detrital rocks 

Group of sedimentary rocks formed 
essentially of fragments and grains 
derived from preexisting rocks. 


= Discordant 


Cutting across existing rock structures. 


= Dull luster 
Luster with little reflectiveness. 
= Dike 
Sheet-shaped discordant igneous 
intrusion. Cuts across existing 
rock structures. 


m Earthy luster 
Nonreflective, mineral luster. 


= Essential minerals 
The mineral constituents of a rock 
that are necessary to its classification. 


m Euhedral crystal 
Well-formed crystal that shows 
good faces. 


= Evaporite 
Mineral or rock formed by the 
evaporation of saline water. 


= Fault 

A break in the rocks of the Earth's 
crust where one side has moved 
relative to the other. 


= Feldspathoid minerals 
Group of minerals similar in chemistry 


and structure to the feldspars, but with 


less silica. 


= Felsic rock 
Igneous rock with over 65 percent 
total silica and over 20 percent quartz. 


and generalized in order to avoid 
obscure terminology. Words that 
appear in bold type in the definitions 
are explained elsewhere in the glossary. 
Many keywords are also explained with 
color photographs in the introductory 
section of the book. 


= Ferromagnesian minerals 
Minerals rich in iron and magnesium. 
These are dense, dark-colored 
silicates, such as the olivines, 
pyroxenes, and amphiboles. 


= Fossil 

Any record of past life preserved 
in the crustal rocks. As well as 
bones and shells, fossils can be of 
footprints, excrement, and borings. 


= Glassy texture 
A noncrystalline texture caused 
by the very rapid cooling of lava. 


= Graded bedding 

Sedimentary structure where coarser 
grains gradually give way to finer grains 
upward through a bed. 


= Granular 
Composed of grains. 


= Graphic texture 

Rock texture resembling writing 
resulting from the regular intergrowth 
of quartz and feldspar. 


= Groundmass 
Also called matrix. Mass of rock 
in which larger crystals may be set. 


m Hackly fracture 
Jagged mineral fracture. 


= Hemimorphic crystal 
Crystal with a different termination 
at each end. 


= Hopper crystal 

Crystal with faces that are hollowed, 
as in the “stepped” faces of some 
halite crystals. 


m Hydrothermal vein 

Fracture in rocks in which minerals 
have been deposited from hot 
magmatic fluids rich in water. 

= Hypabyssal 

Occurring at relatively shallow 
depths in the Earth's crust. 


m Inclusion 

A fragment or crystal of another 
material enclosed in a crystal or rock. 
m Intermediate rock 


lgneous rock with between 65 
percent and 55 percent total silica. 


m Intrusion 
A body of igneous rock that 
invades older rock. 


= Laccolith 

Mass of intrusive igneous rock 
with a dome-shaped top and 
usually a flat base. 


= Lamellar 
In thin layers or scales; composed 
of plates or flakes. 


= Luster 
The way in which a mineral 
reflects light. 


= Mafic rock 

geneous rock that contains between 
45% and 55% total silica. These have 
ess than 10% quartz and are rich in 
ferro-magnesian minerals. 


=» Magma 
Molten rock that may consolidate 
at depth or be erupted as lava. 


= Massive habit 
Mineral habit of no definite shape. 


m Matrix see Groundmass 


= Metallic luster 
A luster like that of fresh metal. 


= Metamorphic aureole 

Area around an igneous intrusion 
where contact metamorphism of the 
original country rock has occurred. 


= Metasomatic alteration 
Process that changes composition 
of a rock or mineral by the addition 
or replacement of chemicals. 


= Meteoric water 
Water originating as rain or snow. 


= Microcrystalline 
With very small crystals only visible 
with a microscope. 


m Oolith 

Individual, spheroidal sedimentary 
grains from which oolite rocks are 
chemically formed. Usually calcareous, 
with a concentric or radial structure. 


= Orogenic belt 

Region of the Earth’s crust that 
is or has been active, and in 
which fold mountains are or 
have been formed. 


= Ossicle 

Fragment of the stem of a crinoid, 
belonging to a group of creatures 
within the phylum Echinodermata. 


= Pelitic sediment 
Sediment made of mud or clay. 


= Phenocryst 

Relatively large crystal set into the 
groundmass of an igneous rock 
to give a porphyritic texture. 


m Pillow lava 
Masses of lava formed on the sea bed, 
shaped like rounded pillows. 


= Pisolith 
Pea-sized sediment grain with 


+ 


concentric internal structure. 


= Placer deposit 

Deposit of minerals often in alluvial 
conditions, or on a beach, formed 
because of their high specific gravity 
and/or resistance to weathering. 


= Platy habit 
Mineral habit with flat, thin crystals. 


= Pluton 

Large mass of igneous rock that has 
formed deep beneath the surface of 
the Earth by consolidation of magma. 


= Porphyritic texture 
Igneous rock texture with relatively 
large crystals set in the matrix. 


= Porphyroblastic texture 
Metamorphic rock texture with relatively 
large crystals set into rock matrix. 


= Pseudomorph 
A crystal with the outward form 
of a different mineral. 


= Pyroclast 
Detrital volcanic material that has 
been ejected from a volcanic vent. 


= Radiometric dating 
A variety of methods by which 
absolute ages for minerals and rocks 
can be obtained by studying the 
ratio between daughter products 
and their parent elements. 


m Recrystallization 
Formation of new mineral grains 
in a rock while in the solid state. 


= Resinous luster 
A luster with the reflectivity of resin. 


= Reticulated 
Having a netlike structure. 


= Rock flour 
Very fine-grained rock dust, often 
the product of glacial action. 


= Salt dome 
Large intrusive mass of salt. 


= Schillerization 

Brilliant play of bright colors, 
often produced by minute rodlike 
inclusions in certain minerals. 
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m Schistosity 

Wavy structure that occurs in 
medium- and coarse-grained rocks. 
Generally resulting from the 
alignment of platy mineral grains. 


= Scoriaceous rock 

Lava or other volcanic material 
that is heavily pitted with hollows 
and empty cavities. 


= Scree 

Mass of unconsolidated rock 
waste found on a mountain 
slope or below a cliff face, 
caused by weathering. 


= Secondary mineral 
Any mineral forming in a rock 
after the rock has cooled. 


m Sill 
Concordant, sheet-shaped 
igneous intrusion. 


m Slaty cleavage 

Structure in some regionally 
metamorphosed rocks, allowing 
them to be split into thin sheets. 


= Texture 
Size and shape of rock grains 
or crystals and their relationship. 


= Thrust fault line 1 
Type of fault that has a low 
angle plane of movement, 
where older rock is pushed 
over younger rock. 


= Twinned crystals 
Crystals that grow together, with a 
common crystallographic surface. 


m Ultramafic rock 
lgneous rock having less than 
45 percent total silica. 


m Vein 

Sheet-shaped mass of mineral 
material, usually cutting 
through rock. 


= Vesicle 
An unfilled gas-bubble cavity in lava. 


= Vitreous luster 
A glasslike luster. 


m Volcanic pipe 
Fissure through which lava flows. 


= Well-sorted texture 
A sedimentary rock texture 
where all the grains are very 
similar in size. 


= Zeolite minerals 

Group of hydrated alumino- 
silicates characterized by their 
easy and reversible loss of water. 
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acanthite 54 
achondrite 249 
acicular habit 23 
actinolite 23, 154 
adamellite 182 
adamite 126 
aegirine 151 
agate 88 
agglomerate 204 
albite 168 
alcohol 10 
almandine garnet 19, 133 
alunite 114 
akermanite 143 
amazonstone 167 
amber 246 
amblygonite 120 
amethyst 26, 86 
amphiboles 16, 153-154 
amphibolite 215 
amygdaloidal andesite 200 
amygdaloidal basalt 203 
analcime 176 
anatase 85 
andalusite 137 
andesine 170 
andesite 33, 199-200 
anglesite 112 
anhedral crystals 33 
anhydrite 111 
ankerite 101 
annabergite 126 
anorthite 169 
anorthoclase 167 
anorthosite 191 
anthophyllite 153 
anthracite 244 
antigorite 158 
antimony 49 
apatite 25, 125 
aquamarine 27, 146 
aragonite 98 
arfvedsonite 155 
arkose 229 
arsenates 21, 120, 
126-129 
arsenic 49 
arsenopyrite 61 
artinite 104 
astrophyllite 166 
atacamite 73 
augen gneiss 214 
augite 32, 33, 151 
aurichalcite 106 
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autunite 122 
axinite 22, 149 
azurite 105 


B 


banded ironstone 243 
banded rhyolite 196 
barite 22, 23, 112 
barytocalcite 99 
basalt 33, 202-203 
bauxite 96 

bayldonite 129 
benitoite 149 

beryl 14, 22, 23, 146 
biotite 17, 36, 161 
biotite schist 212 
bismuth 48 
bismuthinite 59 
bituminous coal 244 
black shale 231 

black slate 208 
bladed habit 23 

blue john 74 

bojite 191 

boleite 73 

borates 10, 98, 108-09 
borax 108 

bornite 56 
boulangerite 69 
boulder clay 224 
bournonite 67 
breadcrust volcanic bomb 206 
breccia 31, 39, 223 
brochantite 117 
brookite 84 

brucite 37, 94 
bryozoan limestone 239 
bytownite 171 


C 


calcareous mudstone 233 
calcite 10, 16, 21, 25, 
27, 40, 99 
californite 145 
campylite 128 
cancrinite 174 
carbonates 10, 21, 98-107 
carnallite 72 
carnelian 88 
carnotite 130 
cassiterite 18, 81 
cataloging 12 
celestine 111 
cerussite 23, 24, 104 
chabazite 176 


chalcanthite 113 

chalcedony 88 

chalcocite 57 

chalcopyrite 26, 56 

chalk 237 

chamosite 162 

chemical composition 16 

chemical elements 21 

chemical rocks 39, 235-236, 
241-243, 246-247 

chert 246 

chiastolite hornfels 15, 219 

chlorargyrite 71 

chloritoid 136 

chondrite 249 

chondrodite 134 

chromates 110, 118 

chromite 78 

chrysoberyl 81 

chrysocolla 159 

chrysoprase 89 

chrysotile 158 

cinnabar 26, 53 

citrine 26, 87 

clay 31, 34, 39, 224, 233 

cleaning specimens 10 

cleavage 16, 22, 24 

clinochlore 162 

clinoclase 127 

clinozoisite 143 

coal 244 

cobaltite 54 

colemanite 109 

collecting specimens 6 

color 22, 26 

columbite series 90 

concordant intrusion 32 

conglomerate 38, 39, 222 


contact metamorphism 35-36, 40 


continental shelf 31 
continental slope 31 
copiapite 117 

copper 16, 23, 48 
coral limestone 238 
cordierite 149 
cordierite hornfels 218 
corundum 25, 82 
covellite 57 

crinoidal limestone 6, 238 
crocoite 26, 118 
cryolite 72 

crystalline structure 36 
crystal shape 32-33 
crystal systems 22 
crystal tuff 205 

cubic system 22 
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Some Example Workshops 


Here's a little peek into some actual electronic laboratories, each with its own personality and history. 
Each one grew from something small into something, well, not so small. 


A Fresh Start 


Harold Timmis is an electronic engineer, software developer, and author. His curiosity about how things 
worked started as a small child, which led him from taking apart everything in his parents’ house to 
studying engineering at the Florida Institute of Technology. 

Harold keeps a lab in his home where he can work on gadgets in his spare time. Harold recently 
moved, and used the opportunity to “clean house” and set up everything in his lab exactly the way he 
wanted things. 

He took this photo of his new lab after working on a couple of projects (see Figure 1-5). Note that 
everything is within easy reach when sitting at the desk. It's still quite tidy, as you can see. 


Figure 1-5. The reorganized home lab of Harold Timmis (photo by Harold Timmis) 


cuprite 78 
cyanotrichite 117 
cyprine 145 


D 


dacite 197 

daisy gypsum 110 
datolite 141 

deltas 31 

dendritic habit 23 
descloizite 131 

desert rose 110 
detrital rocks 39 
diaboleite 75 

diamond 25, 51 
diaspore 96 

diopside 150 

dioptase 148 

diorite 187 

discordant intrusion 32 
displaying minerals 12 
distilled water 10 
dolerite 32, 33, 35, 192 
dolomite 100 (mineral) 
dolomite 241 (rock) 
dull, luster 27 
dumortierite 139 

dune system 30, 31 
dunite 193 

dykes 7, 30, 32 
dynamic metamorphism 35 


E 


eclogite 215 
elbaite 147 
emerald 146 
enargite 65 
enstatite 150 
epidote 142 
epsomite 113 
erosion 18, 30, 39 
erythrite 127 
euclase 140 
eudialyte 140 
euhedral crystals 33 
evaporite minerals 18, 110-111, 
115-116 


E 


fayalite 132 


feldspar 16, 17, 19, 32, 37, 168-171 


feldspar pegmatite 185 
feldspathic gritstone 230 
field equipment 8-9 
field notes 8 


fire opal 93 

flame test 11 

flint 246 

floss ferri aragonite 98 
fluorapophyllite-(K) 165 
fluorite 6, 20, 25, 74 
folded gneiss 213 

folded schist 211 

folding 31 

foliated structure 36 
forsterite 132 
fortification agate 88 
fossiliferous shale 34, 231 
fossiliferous slate 209 
fossils 38 

fracture 22, 24 
franklinite 77 

freshwater limestone 240 


G 


gabbro 10, 32, 33, 189-190 
gadolinite-(Y) 141 
galena 24, 25, 27, 52 
garnet 19, 21, 37, 133 
garnet hornfels 219 
garnet peridotite 195 
garnet schist 210 
gehlenite 143 
geological maps 7 
gibbsite 97 
glacier 30, 31 
glauberite 115 
glaucodot 62 
glauconite 161 
glaucophane 154 
gneiss 10, 31, 34, 36, 37, 40, 
43, 213-214 
goethite 94 
gold 16, 20, 27, 46 
grain shape 39 
grain size 33, 37, 39 
granite 6-7, 10, 17, 19, 30, 42, 180-181 
granodiorite 187 
granophyre 186 
granular gneiss 214 
granulite 215 
graphic granite 181 
graphite 51 
greasy luster 27 
green marl 234 
green slate 208 
greenockite 53 
greensand 225 
greywacke 31, 229 
gritstone 230 
grossular garnet 21, 133 
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grunerite 153 
gypsum 21, 25, 27, 110 
gyrolite 165 


H 


habit 22, 23 

halides 20, 70-75 

halite 10, 20, 27, 70 
halleflinta 221 

halloysite 163 

hardness 22, 25 
hardness kit 11 
harmotome 177 
hauerite 59 
hausmannite 90 

hauyne 172 
hedenbergite 151 
heliodor 146 

hematite 20, 23, 26, 27, 80 
hemimorphite 144 
herderite 125 
heulandite-Na 177 
hexagonal system 22 
hornblende 21, 153 
hornblende granite 181 
hornfels 7, 15, 35, 218-219 
humite 134 

hydrochloric acid 10 
hydroxides 20, 76, 94-97 
hydrozincite 107 
hypersthene 150 


Iceland spar 24, 99 

identification key 40-45 

igneous rock characteristics 32 

igneous rocks 15, 17, 19, 30-31, 
38, 40-43, 180-207 

ignimbrite 206 

ilmenite 79 

ilvaite 148 

ironstone 18, 243 


J 


jadeite 152 
jamesonite 65 
jarlite 75 
jarosite 114 
jasper 89 

jet 245 


K 


kaolinite 163 
kernite 109 
kidney ore 80 
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kimberlite 195 
kunzite 152 

kyanite 19, 36, 37, 138 
kyanite schist 36, 212 


L 


labradorite 32, 169 

lakes 30, 31 

lamprophyre 199 

larvikite 189 

laumontite 177 

lava 16, 18, 30, 32,35, 37, 207 

layered gabbro 189 

lazulite 121 

lazurite 172 

leadhillite 106 

lepidocrocite 97 

lepidolite 24, 160 

leucite 173 

leucogabbro 190 

lignite 244 

limestone 7, 18, 38, 40, 236, 
238-240 

limestone breccia 223 

limonite 23, 95 

limonitic sandstone 227 

linarite 116 

lithic tuff 204 

loess 224 

luster 22, 27 


M 


magma 6, 18, 30, 32, 35, 37 

magnesite 102 

magnetite 79 

malachite 105 

manganite 95 

marble 7, 36, 37, 42-43, 216-217 

marl 234 

marcasite 61 

massive habit 23 

mercury 50 

mesolite 178 

metallic luster 27 

metamorphic aureole 7, 35 

metamorphic rock 
characteristics 36-37 

metamorphic rocks 17, 18, 19, 
30-31, 33-37, 38, 40-43, 208-221 

metaquartzite 7, 35, 37, 220 

meteorite 248-249 

mica 16, 17, 19, 32, 36, 37, 160-162 

mica pegmatite 185 

micaceous sandstone 227 

microcline 167 


microgranite 182-183 
microlite 92 

migmatite 214 

milarite 140 

milky quartz 18, 26, 37, 87 
millerite 62 

millet-seed sandstone 226 
mimetite 128 

mineral composition 20 
mineral formation 18 
mineral identification 28 
mineral properties 22 
mineral tests 11 

mineral vein 18 

Mohs Scale of Hardness 25 
molybdates 110, 118 
molybdenite 26, 59 
monazite 123 

monoclinic system 22 
morganite 146 

mudstone 39, 232-233 
muscovite 17, 19, 37, 160 
muscovite schist 211 
mylonite 35, 221 


N 


nacrite 163 

nail-head calcite 99 
native elements 16, 20, 46-51 
natrolite 178 

natural occurrence 16 
nemalite 94 

nepheline 173 

nepheline syenite 188 
nepouite 164 

neptunite 157 

nickel-iron 50 

nickeline 63 
nickelskutterudite 64 
nitrates 10, 98, 108 
nitratine 108 

norite 192 

nosean 174 

nummulitic limestone 240 


O 


obsidian 197 

ocean canyons 31 
oligoclase 170 

olivenite 128 

olivine 19, 132 

olivine gabbro 190 
olivine marble 217 

onyx 89 

oolitic ironstone 243 
oolitic limestone 39, 236 


opal 20, 24, 93 

organic rocks 39, 237-240, 244-245 
orpiment 26, 58 

orthoclase 19, 25, 37, 171 
orthoquartzite 39, 228 
orthorhombic system 22 

oxides 20, 76-93, 97 


p 


peat 245 

pectolite 156 

pegmatite 185-186 
pentlandite 62 

peridot 132 

peridotite 195 
perovskite 83 

petalite 175 

phenakite 159 
phillipsite-K 178 
phlogopite 161 
phosphates 21, 120-125 
phyllite 210 

picotite 76 

pisolitic limestone 236 
pitchstone 198 

platinum 47 

pleonaste 76 

pluton 30, 32 

polybasite 67 
polygenetic conglomerate 222 
polyhalite 116 
porphyritic andesite 200 
porphyritic basalt 202 
porphyritic granite 181 
porphyritic microgranite 183 
porphyritic pitchstone 198 
porphyritic trachyte 201 
potash rock 235 
precious opal 93 
prehnite 164 

preparing specimens 10 
prismatic habit 23 
proustite 69 

pumice 205 

pyrargyrite 66 

pyrite 20, 22, 37, 60 
pyrite nodule 247 
pyrochlore group 92 
pyrolusite 83 
pyromorphite 21, 121 
pyrope garnet 133 
pyrophyllite 166 
pyroxene hornfels 218 
pyroxenes 16, 19, 150-151 
pyroxenite 194 
pyrrhotite 60 


uartz 11, 17, 18, 19, 25, 26, 27, 31, 
32, 33, 34, 35, 37, 40, 86-87 
uartz conglomerate 38, 222 
uartz gritstone 230 

uartz porphyry 184 


R 


realgar 20, 58 

red chalk 237 

red marl 234 

red sandstone 226 

regional metamorphism 31, 34, 
36, 40 

reniform habit 23 

rhodochrosite 100 

rhodonite 156 

rhomb porphyry 201 

rhyolite 33, 196 

richterite 155 

riebeckite 154 

rivers 30, 31 

rock crystal 24, 26, 27, 87 

rock cycle 30-31 

rock formation 30-31 

rock gypsum 39, 235 

rock salt 235 

romanechite 91 

ropy lava 207 

rose quartz 26, 86 

rubellite 147 

ruby 82 

rutile 84 


S 


samarskite 90 

sandstone 7, 31, 35, 39, 225-227 

sanidine 168 

sapphire 82 

satellite navigation 8 

satin spar 27, 110 

scapolite group 175 

scheelite 119 

schist 19, 30, 31, 34, 36, 37, 210-212 

schorl 147 

scolecite 23, 179 

scorodite 129 

sedimentary rock 
characteristics 38-39 

sedimentary rocks 17, 18, 30, 31, 
35, 38, 39, 40, 41, 222-247 

selenite 22, 110 

sepiolite 164 

septarian concretion 247 


a 
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serpentinite 194 

shale 7, 31, 32, 34, 35, 39, 231 
shelly limestone 38, 239 
siderite 102 

silicates 10, 16, 21, 132-179 
silky luster 27 

sill 32 

sillimanite 138 
siltstone 232 

silver 16, 20, 47 

skarn 220 

skutterudite 64 

slate 18, 34, 37, 208-209, 219 
slate with pyrite 209 
smithsonite 101 

smoky quartz 26, 86 
snowflake obsidian 197 
sodalite 172 

specific gravity 22, 25 
specular hematite 80 
sphalerite 55 

spilite 15, 203 

spindle bomb 207 
spinel 76 

spodumene 152 
spotted slate 219 
stalactite 242 
staurolite 23, 136 
stephanite 66 
stibiconite 97 

stibnite 55 

stilbite-Ca 179 

stony iron 248 

streak 22, 26 

streak plate 11 
strontianite 103 
sulfates 10, 21, 110-117 
sulfides 20, 52-62 
sulfur 20, 49 

syenite 188 

sylvanite 63 

sylvite 71 


7 


talc 25, 158 
tantalite 90 

tektite 248 
tennantite 68 
tetragonal system 22 
tetrahedrite 68 
texture 33 
thenardite 115 
thomsonite-Ca 179 
thrust fault 35 
thulite 142 

titanite 139 

topaz 25, 135 


Index | 255 


torbernite 122 
tourmaline 147 
tourmaline pegmatite 186 
trachyte 20l 
transparency 27 
travertine 242 
tremolite 155 
triclinic system 22 
trigonal system 22 
troctolite 193 
trona 107 

tufa 241 

tuff 204-205 
tungstates 110, 119 
tungstite 92 
turquoise 124 
twinning 23 
tyuyamunite 130 


U 


ulexite 109 
uraninite 85 


V 


vanadates 21, 120, 130-131 
vanadinite 131 

variscite 125 

vermiculite 162 
vesicular basalt 203 
vesuvianite 145 

vitreous luster 27 
vivianite 122 
volborthite 130 
volcanic bomb 206-207 
volcanic vent 16, 30 


W 


wad 91 

wavellite 124 
weathering 18, 30 
willemite 135 
witherite 103 
wolframite 119 
wollastonite 157 
wood opal 93 
wulfenite 118 


X 


xenolith 184 
xenotime-(Y) 123 


Z 


zincite 77 
zircon 137 
zolsite 142 
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1. Supplementary Figures and legends 


Figure DR1: The Cueva de las Espadas (Cave of the Swords) discovered in 1910 is located at level 
—120 m close to the Montaña fault (see Fig. 1). It is a long corridor (shown on the left) which walls are 
entirely covered by crystals from centimeter to almost a meter in size (Degoutin, 1912; Foshag, 1927). 
The cave is close to the natural phreatic level and this explains the light grey and black color of the 
crystals due to clay as well as iron and manganese oxides solid inclusions (right). These solid 
inclusions are in most cases aligned on growth fronts, suggesting the occurrence of episodic avalanches 
of strong oxidation and a growing environment from muddy waters containing colloidal clays. 
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2. Supplementary methods 


2.1. Gypsum Crystal Habit 


The habit of gypsum crystals from the Cave of the Crystals has been studied by single crystal X-ray 
diffraction and by laser reflection goniometry. X-ray diffraction experiments on cleavage plates were 
performed to get the first inputs on crystal orientation and morphology as well as the unit cell 
parameters required for the geometrical calculations of inter-facial and inter-edge angles. Our 
laboratory diffractometer, a Bruker Proteum X8 equipped with a Microstar generator, and a KappaCCD 
goniometer and detector was used for these X-ray diffraction studies. The unit cell parameters of the 
crystals investigated were a=5.684A, b=15.189A, c=6.282A, B=114.10°; the face parallel to the main 
cleavage is, as expected, {0 1 0! and the elongation of the crystals was identified to be [0 0 1]. 


Interfacial angles (Fig. DR2b) were measured using a straight edge and a protractor for macroscopic 
forms and a simple light goniometer for microscopic faces (Fig. DR3). These studies indicate that the 
crystals are prisms bounded by {0 1 0} and {1 k 0} faces and caped by {-1 1 1} faces (Fig. DR2a). The 
{1 k 0} faces are striated and composed of alternating bundles of {1 2 0}, {1 4 0} and {1 6 0) faces 
making and overall orientation close to {1 4 0} (Fig. DR4 and table DR1). 


Figure DR2: a) Large blocky gypsum crystal from the Cueva de los Cristales. The crystal size in the 
vertical direction is 12 cm. b) Sketch of the crystal habit showing the indices of the faces, the main 
zone directions (arrows) and the main interfacial angles (curved double arrows). The numbers next to 
the double arrows show the values computed from the unit cell followed by the measured angles in 
parentheses. 
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TN 


Microscope objective 

Pinhole 
Collimation lens 

CCD camera —————————A 


Figure DR3: a) Experimental setup of the laser goniometer used for the measurement of angles 
between mirror reflections belonging to the [001] zone. b) Reflection on the (0 1 0) face as seen from 
the CCD camera. c-e) Mirror reflections from, respectively, (1 2 0), (1 4 0) and (1 6 0). The angles at 
which these pictures were collected are shown in Table DR1 (third column) 
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Figure DR4. Structure of the {1k0} surface. a) Sketch of the face segments distribution and the 


corresponding angles. b-d) Scanning electron microscope views of the surface showing the variable 
face segments at three different magnifications.. 


Table DR1: Calculated and measured angles between 010 and 1k0. The measured angles can be 
assigned to k = 2, 4, 6 


Face Angle (calculated) Angle (measured) 
010 0.00 0 

110 71.14 - 

120 55.66 51 

130 44.30 - 

140 36.20 34 

150 30.35 - 

160 26.01 25 
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Face Angle (calculated) Angle (measured) 
170 22.69 - 


Figure DR5: Top view of a crystal beam showing the terminal faces {-111}: Notice that the large 
development of the prism {1k0} provokes very small pinacoidal {010} faces. 


DR2007080 


Data Repository Item Garcia-Ruiz et al. 6 


Figure DR6: Two examples of blocky crystals. The unusual blocky habit, the development of the more 
acute prismatic faces {140} and (160; instead of the usual {120} (Simon and Bienfait, 1965) and the 
alignment of the crystals with the edge [010] vertical, give them a distinctive sharktooth appearance. 


2.2. Fluid inclusions 


Fluid inclusion petrography and microthermometry were performed in less than 0,1m long gypsum 
cleavage fragment from a gypsum sample of the Cave of Crystals, where clear primary fluid inclusions 
related to growth bands were observed. The large fragment of the crystal from Cave of the Crystals was 
first sawed using an oil saw. Inclusions sizes range from 40 to 600um and most of them display a 
idiomorphic shape. Microthermometry of fluid inclusions was carried out on a Linkam THMS 600 
heating and freezing stage. All measurements were made using a 10x objective lens. Calibration of the 
stage was checked using pure CO» and H20 inclusions. Although heating rates seem not to have a 
crucial role for regular fluid inclusions microthermometric results, as we work with large inclusions 
and thick gypsum slices we checked different heating rates and fragment sizes. We concluded that in 
our case the heating rate must be as slow as 0.1 °C/minute near the final melting temperature, and the 
slices must be thinner than Imm. 


Primary fluid inclusions from gypsum growth bands were in most cases monophasic (liquid phase) at 
room temperature (Figure DR7). Less than 5% of them, however, also show a gas bubble. This 
suggests that inclusions were formed from a liquid phase at higher temperatures, but the gas phase 
bubble did not usually nucleate because the temperature gap to the room temperature is short. In order 
to increase the cooling interval, gypsum fragments were located and maintained at 2 °C for few weeks 
and as expected, about 15% of inclusions showed a gas bubble after the cooling. Only those inclusions 
which were biphasic at room temperature were selected for cryogenic studies (33 fluid inclusions). 
Eutectic temperatures were not clearly observed in any run. Melting ice temperatures show a maximum 
at -0.1 with a dispersion of the values down to -1.1 °C (Fig. DR10). This range of temperatures 
indicates a low salinity conventionally expressed in the NaCl-H2O system: 0.17 mass % NaCl with 
values increasing up to 1.9 mass % NaCl (Bodnar, 1993; Bakker, 2003). The dispersion of melting ice 
temperatures within an inclusion band is of the same order of magnitude of the variations along the 
whole set of samples and, therefore, no significant salinity variation with crystal growth can be 
established. 


Heating experiments were performed in 31 fluid inclusions which were biphasic at room temperature. 
To avoid possible damage, the crystal fragments used in freezing experiments were discarded for 
heating. Homogenization took place to liquid phase, at temperatures showing a normal distribution 
with a maximum around 54+7 °C (Table DR2). From the geological setting no correction due to 
confinement pressure 1s required, so this temperature range can be considered the actual temperature of 
crystal growth. 


CHAPTER 1 = PLANNING YOUR ELECTRONICS WORKSHOP 


The Robot Clubhouse 


The Dallas Personal Robotics Group (http: //dprg.org) is the world’s oldest personal robotics group 
known to man. From 2002 to 2009, Mike Dodson of Modern Assemblies donated the use of a portion of 
one of his warehouses to DPRG. This gave DPRG a permanent home for meetings, contests, and social 
gatherings. 

Robot builders enjoyed a spacious and comfortable area for working on robot projects, among other 
pursuits. Over the years, members contributed time, equipment, and lots of hard work to improving the 
space. The photo in Figure 1-6 shows one end of the available space, after an extensive remodeling. 
Several workstations along the wall are in the process of being set up. That good-looking fellow seated at 
the table is the author. 

When Mike retired in 2009, DPRG began a search for another home. 


= | 
i 
f 
z \ 


Figure 1-6. DPRG's world headquarters from 2002 to 2009 (photo by R. Steve Rainwater) 


A Cautionary Tale 


It’s relatively easy to go from a well-designed and effective lab to something, let’s say, less desirable. This 
doesn’t happen overnight, but it can happen. Let this be a warning to you about how even the best of 
intentions can still produce embarrassing and unproductive confusion (see Figure 1-7). 


17 


DR2007080 


Data Repository Item García-Ruiz et al. 7 


Figure DR7: a) Gypsum crystal form the Cave of Crystals showing growth bands with primary fluid 
inclusions (arrows). b) A detail of these inclusions along growth fronts. c) Detailed view of one of the 
biphasic inclusions used in the study. 
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Figure DR8: Spherulitic solid inclusions trapped within fluid inclusions in gypsum crystals from the 
Cave of Crystals. 
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Figure DR9: a) Ice melting temperatures from 33 selected fluid inclusions which were biphasic at 
room temperature. The range of obtained temperatures (-0.1 °C to -1.1 °C, with a maximum at -0.1 °C) 
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indicates a low salinity of 0.31 mass % NaCl (for -0.1 °C) up to 1.9 mass % NaCl (for -1.1 °C). 


Table DR2: Measured values of the homogenisation temperatures 


54,1 


53,5 


54,3 


50,5 


52,6 


52,1 


54,5 


54,5 


54,0 


52,/ 


48,3 


56,4 


60,0 


58,3 


61,5 


57,8 


52,0 


52,0 


51,4 


46,7 


46,0 


46,0 


38,1 


49,1 


51,6 


56,2 


54,2 


52,3 


53,6 


56,2 


48,1 


Solid inclusions have a spherulitic texture and are located within the fluid inclusions (Fig. DR8). The 
spherulites have a black core and a red halo under transmitted light microscopy, and SEM-EDS 
microanalysis shown that they are made of Mn, Fe, and Pb, and minor amounts of Si, Al, Na, Zn, and 
Cu. No X-ray diffraction pattern could be obtained from this spherulitic material. Similar spherulites 
are found in abundance in the Cave of Swords, where they produce the dark grey color of the gypsum 
crystals. The XRD pattern of this material shows two peaks (4.91 A and 2.95 A) corresponding to 
Mns0g compound (J17-0962 card). 


2.3. Isotopic analysis 


Several samples of anhydrite and gypsum from different locations in the mine were collected for stable 
isotope analysis. A representative sample of 0.1g of the mineral was first dissolved in 50mL of miliQ 
water. The dissolved sulfate was then precipitated as BaSO, by the addition of BaCl2-2H2O in acidic 
media (pH<2) to prevent BaCO; precipitation. The 5S was determined from BaSO, with an elemental 
analyzer coupled in continuous flow with a 0C mass spectrometer. The 3'0 was measured in duplicate 
by on-line pyrolisis coupled with a 5C mass spectrometer. The data were reported in the usual 5s 
CDT notation for the sulfur, and 5'°O SMOW for the oxygen. The overall reproducibility for the 
samples and laboratory internal standards was better than +0.2%o for sulfur and +0.5%o for oxygen. 


The sulfur and oxygen isotopic composition of 17 sulfates (eight gypsum crystals, eight anhydrite 
crystals and one from water collected at level 530 are shown in Table DR3. Two 8°S and 5'°O values 
of gypsum from Cave of the Crystals show no variation, besides the habit of the crystals (beams or 
blocky), with a 5°*S of 16.9%o and the 5'°O of 17.6%o. One sample from the Cave of the Queen (sample 
22) and another collected close to the Cave of the Crystals (sample 28) have similar isotopic 
composition. Gypsum samples from the Cave of the Swords (level 120) have slightly lower O 
values, 1%o less than samples from the Caves of the Crystals and the Queen (level 290). The isotopic 
composition of the mineralizing solution is estimated to be around 3*S=15.3+0.2%o, with a gypsum- 
solution enrichment factor of 1.65%o (value at 25°C) for sulfur (Thode and Monster, 1965), and 
3'0=14.3%o, for a gypsum-solution enrichment factor of 3.3%o (value at 55°C) for oxygen (Pearson 
and Rightmire, 1980). These values are perfectly consistent with the isotope composition of the present 
day water collected at level 530 (Fig. 3 and Table DR3). As seen in the same figure, the isotopic values 
of sulfate dissolved in the water could be explained by mixture of sulfates from the dissolution of 
anhydrite from different locations of the mine, those from the ore deposit area (samples 23, 24, 25 and 
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34) and those from upper levels in the mine (samples 4 and 21). 


Table DR3: Isotopic composition of Naica samples. 


sample Mineral location ss 0O 
9 Gyp. Cave of the Swords 17,3 16,5 
8 Gyp. Cave of the Swords 17,6 16,7 
15 Gyp.(beam) Cave of the Crystals I7 | A 
31 Gyp.(blocky) Cave of the Crystals 16,8 17,8 
4 Anh. close to Cave of the Crystals 16 13,7 
28 Gyp. close to Cave of the Crystals 16,3 17,8 
21 Anh. Cave of the Queen 16,7 13,0 
22 Gyp. Cave of the Queen 16,8 17,7 

23a Anh. Ore body 144 16,0 
24a Anh. Ore body 149 15,6 
25a Anh. Ore body 138 15,7 
25b Gyp. Ore body 17 | 17,9 
34a Anh. Ore body 129 14,3 
34b Gyp. Ore body 16,5 17,0 
35 Anh. level 590 13,8 14,7 
36 Anh. level 700 146 15,6 
26 Water level 530 146 14,4 


2.4. Hydrochemistry 


Two samples of groundwater from the levels 640 and 530 have been analyzed for major dissolved 
components. Cations and anions were analyzed by conventional Inducted Coupled Plasma with Atomic 
Emission Spectrometry (ICP-AES) and High Performance Liquid Cromatrography (HPLC), 
respectively, with an standard error lower than 5% in all cases. The 8D and 5'O values for the same 
two water samples were determined by Hz and CO» equilibrium respectively and Isotope Ratio Mass 
Spectrometry (IRMS). The data were reported in the usual 3'0 and 5D SMOW. The sample from level 
530 has been also analyzed for tritium counting with a precision of +0.31 TU (1 TU = 107° °H/'H). 
These data are summarized in Table DR4. 
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Table DR4: Chemical analyses (mg/L) of water samples from Naica mine. Legend : 290-1976, means 
sample collected at level 290 m in 1976. * (asterisk), measured at 20°C. Analyses 290-1976 and 430- 
1976 are after Dames and More (1977). The saturation index of some main minerals has been 


calculated with the code PHREEQC (Parkhusrt and Appelo, 2003). 


290-1976 390-1976 430-1976 640-2002 530-2003 
Temperature (°C) 54 53 54 52 53 
pH * 7.2 7.4 7.4 Te 7.1 
Alkalinity (CaCO3)* 160 170 170 130 100 
Cl (mg/L) 24 21 21 22 28 
SO4 2130 1960 2140 1922 2033 
F 25 2.6 2:1 2.8 2S 
Ca 640 660 690 585 643 
Mg 130 120 110 124 121 
Sr 4.5 3.9 3.9 11 11.4 
Na 120 125 110 89 96 
K 11 11 11 14 13 
S102 75 110 50 33 31 
Al 1.1 2:3 2) <0.1 <0.1 
Mn 0.22 0.27 0.26 0.02 0.03 
Fe 2:3 0.82 0.7 <0.1 <0.1 
00 (per mil) -7.5 - -7.8 -7.8 -7.5 
0H (per mil) -58.7 - -56.9 -57.0 -57.5 
H (UT) - - - - <0.31 
Saturation Index 
Calcite 0.41 0.64 0.68 0.28 0.10 
Dolomite 0.54 0.94 0.96 0.31 -0.11 
Anhydrite -0.01 -0.04 0.02 -0.09 -0.03 
Gypsum 0.02 0.01 0.05 -0.03 0.01 
Fluorite -0.13 -0.06 -0.24 -0.02 -0.11 
Chalcedony 0.35 0.52 0.17 0.01 -0.03 
Celestite -0.35 -0.44 -0.42 0.02 0.02 
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3. Supplementary Discussion 


3.2 Gypsum Nucleation 


Solubility curves for gypsum and anhydrite as a function of temperature and salinity have been 
computed using version 2.12.1-669 (Linux) of the PREEQC software of the U.S. Geological Survey for 
three different pH values (6.0, 7.0 and 8.0) and three different salinity values. Calculations identified as 
"salinity 1" included a concentration of Na, Cl and Mg equal to the one measured in present-day waters 
collected in the Naica mine (100 mg/L Na, 24 mg/L Cl and 120 mg/L Mg). "salinity 2" conditions 
include twice this concentration and, finally, "salinity 0" calculations were made starting with pure 
water. In contrast with the negligible effect of pH, the salinity is a major control in the solubility of 
both gypsum and anhydrite. Fig. 4a of the paper shows these solubility curves. 


Supersaturation values were calculated as o(T) = m,(T)/m,(T) where m, and mg are the equilibrium 
concentration of Ca in a saturated solution in equilibrium at temperature T with anhydrite and gypsum 
respectively as calculated by PHREEQC. This means that o(T) is the supersaturation with respect to 
gypsum of a solution obtained by equilibrium dissolution of anhydrite at temperature T. The computed 
supersaturation values as a function of T are shown in figure DR10. 


The curves of induction time for nucleation were in turn computed from these supersaturation curves 
using equation 
a ae 16 xy v 

aes A 
3k° T° In’ S 
discussed in the article. Data from three different papers have been analyzed to collect the empirical 
data to parameterize this equation (Lancia et al., 1999; Prisciandaro et al., 2001; He et al., 1994). These 
articles show a considerable scattering in the values of activation energy, which is a critical parameter 
for the nucleation and can have a very large impact (several orders of magnitude) in the value of the 
induction time. Fortunately, owing to the extremely step slope of the induction time curve, these 
changes can only produce shifts of a few degrees in temperature for reasonable time values in the range 
"one day" to "some thousand of years". Consequently, the inherent uncertainty in these empiric data 
does not compromise our results and the only expected influence is a shift of (at most) 5 °C in the lower 
boundary of the temperature window proposed. The parameters used for the curves shown in the article 
(Fig. 4b) were obtained from Lancia et al. (1999) because this article contains data for supersaturation 
values smaller than the remaining references, making more accurate the extrapolation needed for the 
very low supersaturation values involved in the crystallization of the Naica gypsum crystals. 


3.3 Evidence of phase transition anhydrite-gypsum in Naica 


Several mineral samples of gypsum, anhydrite and enclosing limestone were collected from the Caves 
of Crystals, Swords and Queen and from the surroundings. The mineralogy of the samples was 
investigated by transmitted light microscopy, Powder X-ray diffraction method (XRD), and by 
Scanning Electron Microscopy and microanalysis (SEM-EDS). In Figure DR11l evidence of a 
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transformation anhydrite-gypsum at microscopic level 1s shown. 


9 
q 
T 
m ——- salinity=0 
o —  salinity=1 
z i ----- Salinity=2 
a r 
ad 
O 
&. 
= 
un 
o N 
E — 
a 
© 
© 
a 
— 


25 30 35 40 45 50 55 


Temperature (centigrades) 


Figure DR10: Temperature dependence of supersaturation with respect to gypsum of a solution 
obtained by equilibrium dissolution of anhydrite. 
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Figure DR11: Poikiloblastic gypsum crystals growing inside an anhydrite matrix. Sample collected 
close to the Cave of Crystals, Naica mine, level 290. 
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MINERALS BY CLASS 


CHAPTER 1 = PLANNING YOUR ELECTRONICS WORKSHOP 


Unfinished projects and leftover parts and tools compete for the limited space available in this 
photo. Not only is a lot of time wasted in searching for both components and tools, but the limited space 
restricts the scale of projects that can be entertained. 

Don't let this happen to you. 


Figure 1-7. It’s not safe. It’s not pretty. It's not even properly “eccentric.” You have been warned. 


Summary 


So now you know a little something about electricity and electronics. Hopefully this chapter has covered 
your very basic questions about how all this magic stuff actually works. 

Now you're ready to start poking around some circuits. You're going to need the right tools for the 
job. Chapter 2 will get you started. You'll learn about some basic hand tools that are very useful in the 
lab, as well as some fairly high-tech machines that you might require in the future. 
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gite (2 
= carnotite (3) 
babingtonite (3) : 
benitoite (3) CARBONATES OXIDE/ clinoclase (5) 
beryl (6) ankerite (6) HYDROXIDE collinsite (3) 
boltwoodite (4) aragonite (2) atacamite (2) cornetite (4) 

artinite (4) bixbyite (5 cornubite (2) 
cavansite (3) oed z 

azurite (16) brookite (4) eosphorite (3) 
chrysocolla (4) ‘terite (4 ; 

bastnasite (4) cassiterite (4) erythrite (3) 
cuprosklodowskite Se : — 

(5) calcite (25) nn rancevillite (3 
danburite (4) cerussite (3) koettigite (6) 
chrysoberyl (3) lazulite (6 
datolite (4) dolomite (11) lazulite (6) 
corundum (2) legrandite (4 
iopsi kutnohorite (2) legrandite (4) 
diopside (8) utnohorite ae Car: 
dioptase (9) magnesite (5) (5) ibethenite 
epidote (2) malachite (6) cuprite (3) J) 
eudialyte (3) rhodochrosite goethite (3) olivenite (4) 

5 F 
feldspar (14) G) hausmannite (3 pra ona) 
ferroAxinite (4) rosasite ©) hematite (15) Purpurite(S) 
grossular (7) siderite (6) Gant pyromorphite (4) 

imorphi smithsonite(13) |. 4 ite (4) 
hemimorphite (6) smithsonite (13 Srey roselite (4 
heulandite (8) strontianite (3) magnetite (2) Sear) 
hornblende (3) pseudobrookite skutterudite (3) 
ilvaite (3) EEN (6) strengite (3) 

. anglesite (6) pyrolusite (6) svanbergite (4) 
_nesite (5) anhydrite (3) 
joaquinite (3) — rutile (11) torbernite (2) 

arite (8) spinel (4) vanadinite (25) 


kinoite (3) 


kyanite (4) 
laumontite (3) 


brochantite (4 variscite (4) 


BORATES | vivianite (3) 


hilgardite (4) wardite (4) 


creedite (8) 


mesolite (3) 


rhodizite (5 . 
mica (21) wavellite (3) 
murmanite (3) EEEE 
spangolite (3) 
natrolite (3) 


| 
Midi 


Silicates 


Name: laegirine (acmite) : a 


CC CTN CEET 
Monoclinic - often long prismatic, striated, sometimes acicular 


Named for Aegir, the Scandinavian God of the sea. The acmie name is 
derived from the Greek "akme", meaning "point", which describes its 
crystal shape. 


analcime (analcite) 


E 


clear, white, gray, yellow, red, green 


Crystal: Cubic (ikositetrahedrons or cubic forms common) 


Occurs primarily in zeolite mineral groups, often in sodium rich basalts or 
nepheline syenites. Structurally related to "feldspathoids" 


Envronment: 


Association: |leucite, natrolite, stilbite, apophyllite, prehnite, chlorite, calcite 


| Colorado, Michigan, New Jersey, USA | Sicily, Italian Alps | Tasmania | 


Nova Scotia | 


Name is from the Greek "an alkimos" meaning "not strong", because it 1s 
weakly pyroelectric.. 


:landalusite 


Crystal: Orthorhombic, often square in cross section with a distinguishing X in 


cross section 


Envronment: [low pressure metamorphic rocks low in Ca and rich in Al. 
Association: [kyanite, sillimanite, cordierite, and corundum 


| Calif., Penn., Mass. Maine, USA | Brazil | China | Spain | Italy | Australia | 


The variety with the strong X-pattern is called "chiastolite", from the 
Greek "chiastos", meaning "X-marked". The name, Andalusite, comes 
from the Spanish local Andalusia. It is one of three polymorphs of 
Aluminum Silicate, the other two being Sillimanite, and Kyanite. They are 
related through their pressure and temperature of formation. 


andradite (garnet 


Crystal: Cubic - usually dodecahedrons or sometimes trapezohedrons. 
occurs in granite pegmatites, in carbonatites, and in some contact 
Envronment: 
metamorphics 
albite, biotite, calcite, wollastonite, orthoclase, hedenbergite 
| N.J., Ca., Nv., USA | Canada | England | Geermany | 


Named for a Brazilian Mineralogist, d'Andrada Silva. Part of the garnet 
family of minerals and a close cousin to grossular. The green variety is 
sometimes called Demantoid. 
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CHAPTER 2 


Building Your Tool Chest 


You're going to need some tools in your lab, as well as the skills to use them effectively. This chapter will 
get you started. If you're starting from scratch, don’t worry. There's not a whole lot you absolutely must 
have to get started. Some basic hand tools and a place to keep them organized is all you will need. You 
don't even have to spend a lot of money at first. As you progress in your hobby, you will most likely want 
to add to your tool chest and upgrade some of those tools. Electronics can be the perfect hobby because 
it can take up (1) all your spare time and (2) all of your discretionary income. What more could you ask? 

The very basic hand tools, such as screwdrivers and tweezers, are mostly self-evident in their usage. 
Try not to poke yourself in the eye. Where some helpful advice is appropriate, it will be given. 

Here's an excellent example of a simple safety rule that will absolutely improve and extend your life: 
when using any kind of cutting tool, always direct the cutting motion away from yourself. For example, 
you might receive a package in the mail, and get all excited about opening it. You then discover it's 
sealed up with indestructible packing tape and can't simply be ripped open with your bare hands. Use a 
small knife or box cutter and make a single cut at a time, starting from the point closest to you on the 
package and cutting outward. Using this method, should the knife slip for any reason, the blade will 
travel away from you. This allows your blood and other bits to stay inside you, where they can do the 
most good. Never cut toward yourself. 

Ifyou've already got some tools (or even a lot of tools), it never hurts to review their proper usage. 
Also, if you're suffering from an overabundance of tools, to the point where you can no longer keep them 
organized, this chapter might help you to prioritize them, at least as far as permanent residency in your 
lab is concerned. 


Tip Every tool in your shop must earn its place there. It must deserve to be there. No exceptions. 


The Most Important Tool Ever 


The most important tool you'll ever use is your mind. Every other tool you will ever work with depends 
on the correct and proper functioning of your mind. If you’re careful with it, you won't misplace it, 
neglect it, damage it, or use it for the wrong job. Your mind is a wonderful asset when cared for properly, 
and a terrible liability when ill-treated. 

Your mind is in many ways like a muscle. The more you use it, the stronger it gets. Learning new 
things does not “push out” the old things you've already learned. Your brain is capable of forging new 
neural pathways when challenged, and there’s plenty of extra capacity in that old noggin of yours to 
handle whatever may arise. 
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: [apophyllite 


pale green, white, gray, reddish, clear, Streak: white 

tetragonal (often dipyramidal) may look cubic if non terminated 
cavities in basaltic rocks 

zeolites, prehnite, stilbite, analcite, scolecite 

| Poona/India | New Jersey, Michigan/USA | Mexico | 


Misc: from the Greek "apo" and "phyllon", meaning "off" - "leaf", because it 
dá flakes apart when heated in flame. 


12 


(Na,Ca,Mg,Fe2,Ti, AD2[(AL,Si)206 mixed metal aluminum 


silicate 


Color(s): green, black, brown, rarely colorless 


Crvstal: Monoclinic (often short prismatic) twinning and striations common - well 
q formed crystals are rare. 

found in nepheline syenite, and some carbonates. 

hornblende, feldspars, biotite, olivine 


| Oregon, Colorado, New York, USA | Canada | Italy | Greenland | India | 


Pakistan | 


Name comes from the Greek "augites", meaning "brightness" because of 
its bright, vitreous luster. Not affected by acids. 
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Le | 
LS 
Va 


babingtonite 


cavities and crevices in granite, and pegmatites and with zeolites in 
Envronment: 
altered basalts. 


epidote, quartz, prehnite 
NI, MS, ©), USA/ Sweden 
named after the minerologist William Babington (1757-1833) 
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benitoite | 


trigonal (pyramidal or tabular, usually flattened on c-axis and somewhat 
Crystal: : : 
triangular in shape) 


Two Locals San Benito Co. Calif. and Mont. St. Hilaire, Quebec, Canada 


neptunite, joaquinite, natrolite 
| Calif., Texas (sand grains) , USA | Belgium (sand grains) | 


Blue fluorescence under short wave UV. Strongly dichroic. Named after 
the local (San Benito County) where it was first found (1907). This is the 
only site on earth where it has been found in place. 
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madi q > 


BeSADSIGOIE 
green (emerald), blue (aquamarine), yellow (golden), pink 
Color(s): l 
(morganite), red, colorless 
Fracture: a Cleavage: indistinct-one direction 
conchoidal 


Crysta: hexagonal: crystals are common - usually six sided, maybe striated along 
Crystal: | | 

engthwise. 

Envronment:|pegmatites and some metamorphic rocks. 


Association: |quartz, micas, almandine.,microcline,calcite, topaz, fluorite 


NC, CA, NV, CO, New England, USA / Brazil / Columbia / China / 


Ireland/ Switzerland 


the name come from the Greek, beryllos, indicating a green gemstone. 
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Tip Try to learn something new every day. 


Take care of that brain of yours. Just like you wouldn't use a dull drill bit or a rusty saw, don’t try to 
work on electrical or electronic projects when your mind is not in the right place. Ideally, you should 
never try to get any work done in your lab when you are sleepy, distracted, angry, upset, medicated, or 
overly tired. Deal with whatever problems you're facing in a responsible manner and then get back to 
work in the lab. 


e Are you sleepy? Take a nap or head off to bed for the night. Really bad mistakes are 
made when the brain does not get enough sleep. Sleep deprivation is notorious for 
being obvious (and obnoxious!) to everyone else except you. “Really bad mistakes” 
made while working with electrical or electronic projects can produce very 
hazardous conditions for you and everyone around you, such as fire, damaged 
equipment, injuries, and even death. 


e Are you angry or upset? Then your mind is not going to be adequately focused on 
what you need to do in the lab. “Fools! P’ll destroy them all!” are famous last words 
for a reason. Give yourself some time to calm down from whatever has angered or 
upset you. Also, it’s OK for you to give yourself permission to admit that you are 
angry or upset about something in the first place. Ignoring it probably won’t make 
it go away, and probably won’t make your feelings about it go away, either. Walk 
away, count to ten, or whatever works for you. 


e Feeling distracted? Then now is not the time to be conducting electronic 
experiments in the lab. You need to be present in the lab, both bodily and 
mentally. There are just too many ways to make simple blunders that have far- 
reaching and sometimes overly expensive consequences. 


e Have your cognitive functions been compromised? This can happen from taking 
certain medicines or even recreational intoxicants. If the little bottle says, “Don’t 
operate machinery or drive an automobile,” then you probably shouldn’t be 
making important decisions or working with dangerous circuits in your lab, either. 
Wait until you’re clear-headed enough to proceed with your plan for world 
domination, adding blinking eyes to a plush doll, or what have you. 


The worst thing about cognitive impairment is that the first thing that gets impaired is the ability to 
judge the level of your cognitive impairment! 


boltwoodite (Nenadkevite) 


e a 


KH(UVO2(SiO4) Y 1.5 H20 
Color(s): yellow or light yellow. Streak: white 


3.5 
Hardness: - 3.6 
4.0 


Crystal: Monoclinic - Sphenoidal 


alteration areas surriounding hydrated uranyl oxides; also in fractures at 
Envronment: 


some distance from primary uraninite. 
| Ca., Ut., USA | England | South Africa | Namibia | 


Mise: Named after Bertram Borden Boltwood of Yale University; who devised 
Bes the U-->Pb method of measuring geologic time. 
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Name: lcavansite E E a E. 


F - 4 H2O hydrated calcium vanadium 


O Blue (om nu greenish but usually bright blue), 
Streak:blue 


Crystal: Orthorhombic (usually in radiating spherical clusters) 


usually formed in pockets in volcanic basalts 


stilbite, heulandite, apophyllite and other zeolites 


| Poona/India | Oregon/USA | 


Named after its composition of calcium, vanadium, and silicon. 
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:ichrysocolla ES | 


Cu4(0H)8(Si4010) * n H20 hydrated copper silicate 


Color(s): blue, light blue, blue-green, greenish, Streak: greenish-white 


rhombic (seldom crystals, usually found amorphous, often globular) 


in the oxidized zone of copper deposits 
malachite, dioptase, azurite, cuprite 


| Germany | England | USSR | Zaire | Arizona, New Mexico, Idaho/USA | 
Locals: 
Mexico | Chile | 


soluble in HCl, from the Greek words "chrynos" and "kolla" which mean 
"sold" and "glue". It was similar in color to a material used in gold 
soldering in ancient times. 
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cuprosklodowskite 


EEES CC EE 
TT OOOO O 
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Name: |danburite 


ri" $ 3 getty a ¥ i P 


found in fissures, in Alpine crevices, contact metamorphic dolomites, and 
Envronment: l 
hydrothermal sulfide veins. 


feldspar, calcite, dolomite, quartz, datolite, prehnite, pyrite 


| Conn., New York, USA | Mexico | Bolivia | USSR | Japan | Germany | 
Locals: . 
Switzerland | 


Misc: 


Named for an original source location in Danbury Connecticut. It shows a 
green color in a flame test (boron), it is not particularly soluble in acids. 


UY W WA i a = | T kay DU ‘ral z = C3 [ i | 


WWW. Cemwow.corm 
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Care and Feeding of Your Brain 
Here are a few tips to keep your brain (and the rest of you) in good working order: 


e Stay hydrated. Drink more water than you think you need. This might result in 
more trips to the bathroom, but this is much more desirable than the alternative. 
A good flow of water through your systems helps your body feed and repair itself, 
as well as aiding in the elimination of toxins. Drink more water. 


e Avoid excess consumption of coffee, tea, sodas, and especially “energy” drinks. 
These contain ingredients that stress both your body and your mental capacity. 
They do not contain energy, but trick your body into going into overdrive by 
triggering a stress reaction. 


e Take frequent breaks. Get up and walk around, if possible. Raise your arms over 
your head and hold them there as you count to ten. This redirects blood flow and 
helps restore a balance within your peripherals. 


All Those Other Bits, Too 


Just as your mind is the most important tool you'll ever use, the rest of your bodily bits and personal 
pieces are vital and important in your work in the lab. For the most part, there are no spare parts laying 
around for things like your eyes, your ears, your hands, or your skin. 

Should you wear eye protection in the lab? Yes, you should. Are you always going to do so? Probably 
not. It's true, it can be inconvenient or perhaps a tad uncomfortable. Consider the cost, however. Even 
the tiniest scratch on your eyeball can take weeks to heal and leave you susceptible to infection or vision 
loss. It's just not worth it to be lazy. Ask the next one-eyed person you see. If you're a bit uncomfortable 
asking one-eyed people, “Hey, what's with the one eye?” then perhaps you can just try to imagine them 
advocating or encouraging you along the same path they took, whether intentionally or accidentally. 
They won't do it. 

Invest in quality eye protection that is comfortable and properly sized for you. Provide eye 
protection for visitors to your lab as well, if they will be present when soldering, welding, machine 
tooling, or wire clipping is being performed. Then invest in the habit of wearing your eye protection 
whenever it is appropriate. 


Note Don't pretend that your prescription glasses with polycarbonate lenses are “safety glasses.” They aren't. 
They do not protect either your eyes or your face from impact or objects entering from the side, as proper safety 
glasses should. If you usually wear glasses, use safety glasses that comfortably accommodate your glasses when 
worn. 


Will you be working with really loud noises? These could be from powerful audio amplifiers (“it goes 
to 11”) or power tools. Hearing loss from exposure to excessively loud noises is cumulative. This means it 
slowly (or suddenly) chips away at your hearing, bit by bit. Why do you think old people turn up the TV 
so loud? 
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| Bai. - 


uneven, 
Fracture: . y ¡|[Cleavage: none 
conchoidal 


monoclinic, short prismatic, thick tabular, and unusual porcelaneous 
nodules from Michigan 


Secondary mineral in basalt cavities, serpentinites, and sometimes with 
Envronment: 


Crystal: 


zeolites. 


prehnite, apophyllite, wollastonite, diopside, copper, quartz, stilbite, 


Association: ie 


Locals: | New Jersey, Mich., USA | Germany | Italy | Norway ¡Australia | USSR] 


The name is from the Greek "dateisthai", meaning "to divide", as it often 
crumbles easily. Flame test is green, and it is slightly soluble in 
Hydrochloric acid. 
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diopside 


Association: |wollastonite, grossular garnets, chlorite, calcite, magnetite, mica 


| Calif., Montana, USA | Sweden | Canada | Germany | India |USSR | 
Locals: 
Switzerland | 


The name is from the Greek meaning "two views", referencing its two fold 
monoclinic symmetry. Some of the material can be cabbed to form a cats- 
eye stone. It is a member of the pyroxene solution series, hedenbergite 
CaFe(S206), johannsenite Ca(Mn,Fe)(Si206) and diopside 
CaMg(Si206). 
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Name: dioptase 4 : : we 
Ro po pi So: iy 


hexagonal (often rhombohedral) 
formed in hydrothermal alteration zones 
malachite, azurite, chrysocolla, brochanite 


| Chile | Congo | Namibia | Zaire | USSR | Arizona,California/USA | 


From the Greek "diopteia", meaning "to see through", most small crystals 
are transparent with many small cleavage fractures. It was first mistaken 
for emerald. 
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Name: [epidote 


L $ j 4 : 


“et: i K il E 


FER | Austria | Bulgaria | France | USSR | Norway | Texas, Michigan, 
l California/USA | 


Won 


The name from the Greek words "epi" and "didonai", "to give"-"over", 
apparently in reference to one side being larger than the others in many 
crystals. 
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laa 3 e FaN 


Crystal: Trigonal, rhombohedral, often tabular or often in massive forms. 


Envronment: |Forms in coarse grained igneous rocks. Chiefly in nepheline - syenites 


Association: [microcline, aegirine, nepheline 


| Montana, Arkansas, USA | Canada | Norway | Ireland | USSR | 


It is easily dissolved in acids. 
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Hearing protection is both affordable and comfortable. For temporary protection, you can use 
disposable earplugs. If you need protection all day, consider earmuffs designed for hearing protection. 
Don’t let “Hey, y’all, check this out” be the last thing you ever hear. 

It’s hard to work with hand tools with no hands. It’s possible; just really hard. Take care of your 
hands. There are a hundred ways to burn, tear, cut, or otherwise mangle those mitten-fittings of yours. 
Have a variety of work gloves on hand to handle the different needs of your lab. The choice will be 
ultimately determined by the particular hazards present in your lab. Are you working with chemicals as 
well as electronics? How about sharp edges or glassware? Normally, you won't need to wear gloves for 
soldering small electronics, but if you start working with really large-scale projects, such as sculptures or 
plumbing, you might. 

Make sure you are still “handy” when wearing the proper gloves for the job. Make sure the gloves fit 
you properly and allow you the adequate dexterity you need. 


Tip Be safe. Don’t be lazy. 


Basic Hand Tools 


Assuming that you're going to start small and build toward bigger things, you should also start small 
with some small hand tools. These tools will make it much easier to work on small parts and wires. 

Good hand tools increase your effective strength and improve the accuracy and precision of your 
motions. They allow you to focus a great deal of your strength on exactly the part that needs it, without 
wasting a lot of effort. Good hand tools also insulate you from sharp, hot, or otherwise unpleasant 
objects when you work on them. 

Take care of your hand tools. Put them up when you're done with them. Make sure they are clean 
and ready to be used again the next time you need them. Few things are more frustrating than 
attempting to start a quick repair job and finding out that you need to spend twice as much time 
preparing your tools for use. 

Have some sort of methodical plan or reasoning involved with the storage of your tools. They need a 
safe and comfortable home, just like you do. You need to be able to find them quickly when you want 
them. Try out different organizational strategies until you find one that works for you and your lab. This 
is an easy task when you have just a few tools to organize. Once you’ve accumulated a large collection of 
hand tools, this is no longer optional. You must know what tools are available and where they are 
located. 

Frequently used tools should be within easy reach of your primary workstation. If your tools need 
any sort of adjustment or setup before use, make sure you ve got all the proper bits handy. For example, 
a drill press will often have a chuck key used to tighten and loosen the chuck that holds a drill bit in 
place. That key needs to be in the immediate vicinity of the drill press, as well as easy to locate. Don’t 
spend a lot of time needlessly hunting for tools. Decide for yourself on some safe and practical policies 
for where you keep your tools. 


Tip Don’t waste time guessing where your tools are located. Decide where they are located. 


F: 
e 
ith 


feldspar cist 


white, bluish, gray, pink, blue, green, yellowish, brown, 
ORE reddish an : i 


Monoclinic (orthoclase), triclinic (microcline), triclinic (albite,anorthite) 


potassium rich feldspars (Orthoclase group) are important parts of rock 
forming minerals, granite, granite pegmatites, carbonatites, and hornfels. 
Calcium rich feldspars (plagioclase group) are also important rock 
forming minerals, gabbro, nepheline syenites, schists, and hornfels. 


quartz, mica, tourmaline, topaz, garnet,augite, calcite, zeolites 


| Colorado,Calif., Virginia, N.H., Maine, USA | Brazil | Germany | Italy | 
USSR | Madagascar | Finland | Canada | Tanzania | Madagascar | 


The generic term "feldspar" comes from the Germanic term "feldt spat", 
meaning "mineral with prominent cleavage from the field". It was a prime 
constituent of many of the rocks over turned by farmers while plowing 
their fields. The feldspars are made up of three fundamental members and 
a wide number of chemical mixtures. There is the potassium rich member 
KAISi308 (Orthoclase), the sodium rich member NaAIlS1308 (albite), and 
the calcium member CaAl251208 (anorthite). These three members make 
up the vertices ofa solid solution phase diagram. Orthoclase takes 1ts 
name from the Greek "orthos", meaning "upright" and "klasis" meaning 
"fracture". This is due to its perfect right angle cleavage. The "albite" 
member gets its name from the Latin "albus" which means "white" 
illuding to its color. The calcium end member (anorthite) gets 1ts name 
from the Greek, "an-" (meaning a negative), and "orthos" meaning 
"upright", ie. "not-upright" cleavage. The sodium-rich (albite) and the 
calcium-rich (anothite) form a continuous series of what is known as the 
"plagioclase" feldspars. The ratios are as follows: Albite (100) - 
Anorthite( 0) Albite Albite ( 90) - Anorthite( 10) oligoclase Albite ( 70) - 
Anorthite( 30) andesine< Albite ( 30) - Anorthite( 70) labradorite Albite ( 
10) - Anorthite( 90) bytownite Albite ( 0) - Anorthite(100) Anorthite 
"oligoclase" comes from the Greek "oligos", meaning "little" and "klasis" 
meaning "fracture". "Andesine" is named for the after a locality in the 
Andes, "Labradorite" is named for Labrador, and "Bytownite" is named 
for the locality Bytown in Ottawa, Canada. "Orthoclase" composition has 
a variety of different crystal structures based on their temperature of 
formation. Adularia, sanadine, and microcline. The potassium-sodium 
series are known as the "potash feldspars". The name "Andularia" comes 


from a locality in Switzerland known as the Adula Mts., "Sanadine" 
comes from the Greek "sanis" and "inos", which mean "tablet" and "like". 
"like a tablet" from its tabular habit. "Microcline" comes from the Greek 
"mikos" and "klinein" meaning "small" and "to incline". The green variety 
of microcline is called "amozonite" and is often cut as a cabochon. The 
Adularia variety is called "moonstone" in the gem trade, and has what is 
described ad "adularescence" (a blue-white schiller effect.) There is also a 
variety of plagioclase that shows this same effect and is known as 
"moonstone" too. Labradorite may show what is called "labradorescence", 
a bluish to yellow schiller effect. Labradorite 1s sometimes found in pale- 
yellow, transparent crystals as is orthoclase, and both are cut into faceted 
gemstones. When tiny hematite or goethite platelets are trapped in 
feldspar it is known as Aventurine feldspar or "sunstone". 
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ferroAuxinite 


Chemistrv: Ca2 Fe Al BO3 Si4012 (OH) Boro-Calcium Iron 
emIsttYs | AluminoSilicate 
Color(s): Yellow, yellow-brown 


E] 
a AAA 


Name from Iron and Axinite. A series mineral with an Iron rich end- 
member and a Manganese rich end member. The name “axinite? comes 
from the Greek *axine? meaning axe, probably due to its rather distinctive 
crystal form. 
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srossular Garnet (var 
Hessonite) 


some iron) 
honey, brown, brown-orange Streak: white 


The name Grossular comes from the Latin Grossulara (the name of 

gooseberry fruit) which 1s the same color as the greenish variety of garnet. 
The name Hessonite comes from the Greek word meaning "less". Soluble 
in hot sulfuric acid. 


48 


h en nin nor rpi hite 


Clear, white, brown, yellow brown streak: white 
„calcite, limonite, aurichalcite, smithsonite 


Named after the hemimorphic nature of the crystals, 1t has different 
terminations at each end. The *hem1Y means *half? and the “morph? means 
shape?. It is also pyroelectric and piezoelectric. 
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heulandite 


: (Na,K,Ca,Sr,Ba)5A195127* 26 H2O zeolite - hydrous sodium 

Chemistry: i A 
calcium aluminum silicate 

Color(s): red, orange, white, gray, Streak: white 
3.5 - 

Hardness: 40 SpecGrav: 212.2 

Crystal: monoclinic (often tabular "coffin" shaped crystals) 

in cavities in basaltic rocks, and sometime contact metamorphics. 


other zeolites, quartz, calcite 
| Nova Scotia/Canada | Brazil | Iceland | New Jersey/USA | Norway | 


: it is one of the most open structured of the zeolite and capable of 
Misc: ! i 
holding/trapping a number of large ions. 
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Just like everything else, hand tools have a limited useful lifetime. While some tools can easily 
outlast you, it's up to you to keep track of exactly how much utility you can continue to expect from your 
tools. This doesn't mean that you have to trash your hand tools once they develop some tiny flaw. If it’s 
beyond your capabilities to repair the tool, then consider replacing it and reassigning it to the second 
string or backup tool chest. Having a spare tool, even a slightly imperfect one, on hand when you need it 
can make the difference between success and failure in a project. 

Bear in mind, however, that some tools are simply too dangerous to keep around once they've 
outlived their useful life span. A dull cutting tool that cannot be reasonably resharpened is a good 
example of a tool that has lost its honored place among your other tools. Thank it for its service, wipe 
away that little tear, and then figure out a good way to recycle any of its bits that are still functional. 


Wire Cutters and Wire Strippers 


As you might have picked up from Chapter 1, you can spend a lot of time working with wire in this 
hobby. Understanding a little bit about how wire is made and how it functions in a circuit will aid you in 
your experiments. 


How Wire is Made—The Very Short Version 


Most wire is made of copper or a copper alloy. Some wire used for electrical wiring in houses is made of 
aluminum. The wire itself starts out as a fairly thick strand and is stretched and pulled—a process called 
drawing—until the desired diameter is obtained. This strand is then wrapped up on spools or bobbins. 


e Some wire is made of a single strand of copper (or aluminum). This is called solid- 
core or single-strand wire. Itis a single strand of wire, usually circular in cross- 
section. 


e Multiple, thinner strands of wire are often bundled or twisted together to make 
larger-diameter wire. Stranded wire is much more flexible than solid-core wire, 
but is more expensive to produce because of the extra manufacturing steps 
required. Because stranded wire has a larger surface area per unit of length, it is 
more susceptible to environmental hazards such as corrosion. 


Most electrical wire is covered with an insulating jacket, usually made of plastic or rubber. This 
sheathing must be removed to make electrical connections. There is sometimes more than one layer of 
insulation on a wire, depending on what its final application is destined to be. 

More information about wire as a component will be presented in Chapter 3. For now, the emphasis 
is on the characteristics of wire that help determine the best tools to use when working with wire. 


selecting the Correct Tool 


Both copper and the aluminum alloys used for electrical wiring are fairly soft metals and can be easily 
cut or formed with simple hand tools. Wire cutters are specialized tools made to make a clean cut 
through the wire’s strand or stands. Wire strippers are another kind of specialized tool used to remove 
the insulation from a wire. 
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(Ca,Na,K)2-3(Mg,Fe,Al)5(SiAI)8022(OH)2 Complex hydro- 


Silicate 


Color(s): green, brown, black 


Crystal: Monoclinic (usually long prismatic, sometimes w/ diamond shaped cross- 


section) 


a major rock-forming mineral, found in igneous and metamorphic rocks. 
augite, garnet,biotite,feldspars,quartz,epidote 
| New Jersey, Idaho, USA | Canada | USSR | Japan | 


The name comes from a old German miners word, "horn", which may be 

related to the color of horn, and the German word "blenden", which means 
"to deceive". It looked like many of the other mineral ores which could be 
smelted to produce metals, but hornblende failed to be smelted. 
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ilvaite 


- oon 
CTE (S102 (OF) 


dark brown, brownish-blackish, black streak; brownish - 
Color(s): back 


Orthorhombic - Dipyramidal 


occurs with other ore bodies especially cpper and zinc deposits 


Association: 


| Russia | Bulgaria | England | Germany | Al., Co., Id., R.I., USA | 


Ilvaite is derive from the Latin name for the island of Elba. 
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; Ca2Mn7Si10028(OH)2 * 5H520 Hydros Calcium 
Chemistry: M eN 
angenese Silicate 

MO rose, flesh-pink, pale pink, yellow, brown streak: pale- 
pink 

rra os Tc PO 

Oral triclinic (prismatic, fibrous, sometimes spherulitic with radiating 
crystals) 

hydrothermal metamorphic rocks. 

rhodonite, axinite 

| Calif., | Mexico | Sweden | Japan | Australia | 


Mise: The origin of the name is not absolutely know, but it may be from the 
l Greek, "ines" meaning "fibers" 
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joaquinite 


Ba2NaCe2Fe(T1,Nb)2 Si8026(0H,F)2 Hydros Ferrous 
Chemistry: or 
Aluminum Silicate 
Color(s): yellow-brown, honey-yellow 
monoclinic (tabular crystals) 
Envronment: Two Locals San Benito Co. Calif. and Mont. St. Hilaire, Quebec, 
Envronment: 
Canada 
benitoite, neptunite 
“Cali, USA | Canada 
Can be cleaned with dilute acid. 
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kinoite 
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Figure 2-1 shows two rows of commonly available wire cutters. 


Figure 2-1. Commonly available wire-cutting tools. The top row shows three styles of diagonal cutters, 
which are the preferred tools for cutting small-gauge copper wire. The bottom row shows some tools that 
offer wire cutting as a secondary facility, and should only be used when proper wire cutters are not 
available. 


The top row of cutting implements in Figure 2-1 are various forms of what are known as diagonal 
cutters, side cutters, or flush cutters. These cutters have beveled cutting edges that meet in the middle of 
the wire being cut. One side of the cutters is flat, or flush, allowing wires to be cut with some precision. 
These are the preferred cutters for small-gauge copper wire, as well as for clipping excess component 
leads from a printed circuit board (PCB). See Figure 2-2. 

Compare the cutting action of the side cutters to the other, less optimized wire cutters in the second 
row of cutters in Figure 2-1. These cutters either use a shearing action to cut the wire or include a flush- 
cutting area as a secondary feature. 
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: |kyanite à ao Se o 
ARES 


Triclinic, tabular crystals, often not terminated, sometimes bent or twisted, 
Crystal: 
often long and flattened 


high pressure metamorphic rocks low in Ca and rich in Al. 


garnet, staurolite and micas 
Mas Conn NC 119 AN) al dd a italy, dal 


The name comes from the Greek "kyanos", meaning "blue". The crystals 
are usually bladed and have a mica-like structure in one direction. It is 
sometimes used for the manufacture of high-temperature porcelain 
products. It is trimorphous with both andalustie and sillimanite. 
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Pak 


monoclinic (columnar, vertically striped) 
*! magmatites in pore space or crevices. 


Association: |calcite, heulandite, stilbite, analcite, albite, chlorite, quartz 


Association: | 


Germany | Italy | New Jersey, Calif., Georgia/USA 


Soluble in hydrochloric acid, the mineral is named for Francois Nicholas 
Pierre Gillet De Laumont, who discovered the first specimens in the cliffs 
of Brittany. Laumontite will dehydrate when exposed to the air, so 
crystals are often coated with a sealant to protect them. 
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e ie 


Na2Ca2(Al6Si9)030 * 8H20 Hydrous Sodium Calcium 
Chemistry: ee 


Alumino Silicate 


Envronment: a low temperature mineral associated with zeolites in basalt in volcanic 
Envronment: 

rocks 

other zeolites, apophyllite 

| Germany | Iceland | India | Oregon, Calif. /USA | Canada | Australia | 


The name comes from the Greek "mesos" meaning "middle" and "lithos" 
meaning "stone", because its composition falls between two other 
minerals, natrolite, and scolecite. 
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Mesolite with Stilbite from Haldarsvik, Streymoy, Foroyer. Specimen size 4x6 cm © Volker Betz 
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mica : Muscovite, Biotite, 
Phlogopite, Lepidolite 


K2A12((A1S13010)|(OH,F)2 ) Muscovite (fuchsite) 
K(Mg,Fe)3((AIS13010)|(OH,F)2) Biotite KMg3( 
(AISi3010)|(OH,F)2 ) Phlogopite KLi2A1( (AlSi3010)|(OH,F)2 ) 
Lepidolite Mixed hydrated potassium aluminum silicates with a sheet 
Structure. 


Muscovite: colorless, yellow, silvery, green (fuchsite), Biotite: black, 
brown, bronze, Phlogopite: reddish-brown, brown, black, yellowish, 
Lepidolite: purple, magenta, pink, gray 


monoclinic (tabular habit, with thin parallel growths, can easily be 
Crystal: . 
separated into thin layers.) 


Envronment: common rock forming minerals (all except lepidolite), and can be found 
Envronment: 


in metamorphic rocks, pegmatites, and veins. 


quartz, calcite, spinel, garnet, feldspars, andalusite,albite 


| USSR | India | Italy | South Africa | Canada | Scotland | Germany | 
Austria | Finland | Switzerland | Colorado, Utah, S.D., N.H., Calif., 
Idaho, Maine, USA | 


Muscovite: comes from the local Muscovy (Russia) where in ancient 
times it was used as glass in buildings. Biotite: is named after J.B. Biot, a 
French astronomer, physicist and mathematician. Phlogopite: comes 
from the Greek "phlogopos", meaning "firey-look" from its reddish- 
brown color. Lepidolite: comes from the Greek "lepidos", meaning 


Locals: 


"scale", alluding to the scaly conglomerates in which it often forms . 
Phlogopite and Biotite both dissolve in sulfuric acid. Lepidolite give a 
RED flame test. Fuchsite: 1s a variety of muscovite that contains traces 
of chromium and is colored green. There have been some large finds in 
Minas Gerais, Brazil, but much of it is miss-labeled as "Fuschite". 
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Muscovite 


Biotite 
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Phlogopite 


Lepidolite 
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Figure 2-2. A close-up look at the business end of a pair of side cutters. When the two cutting edges meet in 
the middle, the bottom side is flat, or flush, allowing the user to get quite close to where a wire or 
component lead emerges from a solder joint. 


Use caution when clipping component leads or small wires with any wire cutters. The cut lead can 
easily fly away at sufficient velocity to poke you right in the eye or other sensitive area. If possible, hold 
both ends of a wire being cut or direct the cut leads away from your face. 


Caution Use eye protection when clipping leads. Don’t say you weren’t warned about this hazard. 


Wire Strippers 


Wire strippers are tools that allow you to easily strip the nonconductive insulation from wires. You can 
try chewing it off with your remaining teeth, but this is not recommended. 

Wire strippers usually consist of a pair of hinged blades with some sort of machined notch. The 
notch allows the blades to cut the insulation around the wire without cutting or nicking the underlying 
conductor. A good example is shown in Figure 2-3. 
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murmanite 


; Na2(T1, Nb)2S1209 *nH20 Sodium Titano/Niobium 

Chemistry: eN 

Silicate 
Color(s): Lilac, pink, bright-pink 

Triclinic? Euhedral crystals rare, aggregates of platy crystals, or small 
Crystal: 

lamellar masses 
alkali pegmatites, nepheline-syenite 
aegirine, microcline, eudialyte, sodalite 
| Russia | Canada | 


Very rare mineral, looks a little like lepidolite 
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Name: |natrolite | A 
E, Dp 


; Na2A12Si3010 * 2H20 Hydrated sodium aluminum silicate 
Chemistry: 
(zeolite) 
Color(s): white, yellowish,brown, reddish, colorless 
Crystal: orthorhombic (prismatic, acicular, filamentary) 
lining cavities in basalts and other lavas, sometimes as an alteration 
Envronment: : . i 
product in syenites. Hydrothermal veins. 
Association: Association: |benitoite,neptunite,calcite,apophyllite 


Canada | India | Italy | Greenland | France | Ireland |New Jersey, Oregon, 


Calif /USA 


Soluble in strong acids leaving silica gel, loses water at about 300 C. 
Sometimes fluoresces orange. The name comes from the Greek "natron", 
meaning that 1t contains sodium. 
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ke 
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(Na,K)3 Li (Fe,Mn)2 Ti202 (Si4011)2 Complex Titanium 


Named after the roman god of the sea, Neptune, because it is often found 
with Aegirine, and Aegirine is the Norse name for the God of the Sea. 
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T1 


nontronite 


AN 
Association: Pe 
| Ausralia | Brazil | England | Az., Ca., Me., W.V., USA | 
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okenite 


Mise: crystals a very fragile and often form in small, radiating, spherical 
l clusters. 
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Figure 2-3. The popular T-Stripper combination wire cutter and stripper tool from Ideal Industries has 
been around for over half a century. Note the wire gauge sizes stamped into the face of the cutter blade. 
New models feature laser-engraved text. 


The wire strippers in Figure 2-3 can easily strip the insulation from wires with a conductor diameter, 
or gauge, between 16 (0.0508" or 1.291 mm) and 26 (0.0159" or 0.405 mm). The higher-numbered wire 
gauges represent smaller-diameter wires. Once upon a time, the gauge number represented the number 
of drawing operations that were performed on a wire when being manufactured. The more times it was 
drawn through the processing equipment, the thinner the wire became. Today, the wire-manufacturing 
industry in the United States and Canada has adopted the American Wire Gauge standard (AWG). See 
Table 2-1. 


olivine (forsterite - 
fayalite) y 


Chemistry: |(Mg,Fe)2 S104 Mg2 S104 - forsterite Fe2 S104 - fayalite 
Color(s): brown-green, brown, dark green, apple green 


A 
occurs n several rocks as a rock formng mineral. Also in volcanic bombs. 
mL AAA 


Olivine is named for its green color, and *fayalite? after Fayal, and island 
in the Azors. Foresterite is named after Johann R. Forester, a German 

naturalist. When found in large enough sizes Olivine is known as Peridot 
and used as gem in the jewelry trade. 
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$102 * nH20 Hydrated Silica 


Color(s): colorless, red, green, blue, brown, black, milky, yellow etc. "precious 
' opal" is distinguished by "color-play" or "fire" 


Crvstal: amorphous (a layered silica formed in a precipitation process and 
E: cemented with a hydrous silica cement) 


precipitation process, or "fossilization product" as in the replacement of 
Envronment: 
organic materials (opalized wood, clam, shell, etc.) 


zeolites, limonite, chalcedony 


Tne | Austrailia | Brazil | Nevada, Wyoming,Montana, USA | Tanzania | Iceland 
| Mexico | 


Opal may go by a number of names depending on the kind, some examples 
include hyalite (clear transparent samples 1-3 below), Cloudy or Milky 
(samples 4-6), clear or slightly cloudy (samples 7-9), fossilized opal 
(samples 10-11), sand stone opal (samples 12-14), Mexican opal (15), fire 
opal (16), green prose opal, brown liver opal ... It is easily damaged by 
dehydration thermally or chemically. Heat can dehydrate and crack opal, 
and solvents with an affinity for water can damage opal (acetone, strong 
bases, some acids). Soluble in KOH solutions. 
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Ca2(Mn,Fe)A12(Si04)(Si207)O(OH) 
Color(s): red, brown-rd, reddish-black, black 


CECI | fora FT 
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prehnite y 


white, light green, gray, coorless, Streak: white 


Crystal: orthorhombic (often forms in lamellar aggregates) rarely good crystals 


forms in cavities in basaltic rocks, low temperature hydrothermal 
Envronment: A 


fissures, and in limestone 


Association: | Association: |datolite, calcite, pectolite, quartz, zeolites 


ne | New Zealand | India | Switzerland | Scotland | California, Colorado, 
Michigan/USA | 
Named for the Dutch minerologist Hendrik von Prehn. It is sometimes 
Misc: 
faceted when crystals are found. 
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clear, white, brown, yellow, purple, green, blue, Streak: white 


develops in a wide variety of environments, igneous, metamorphic, 
Envronment: 
hydrothermal ... 


pyrite, calcite, feldspars, garnet, sphalerite ... 


| Switzerland | Brazil | Arkansas, Colorado, New York/USA | Austrailia | 


Mexico | 


The Greeks called quartz "krystallos" or "ice", but the name remained with 
the origin of the word crystal and not with quartz. The name appears to be 
from the German "Quartz", of uncertain origin. 
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Table 2-1. The AWG. A more complete listing is available at 
http://en. wikipedia.org/wiki/American_wire_gauge, from which this partial list was obtained. 


Copper 


Diameter Are4 i 
Resistance 


Q/km | Q/1000 ft 
Inch mm 


ofe [sai 
ofa isi 
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monoclinic (often fine fibers) 


Envronment: [cavities in volcanic rock, and contact metamorphics 


stilbite, heulandite, apophylite 


| Poona/India | Iceland | USSR | California, Colorado/ USA | Brazil | 


Mise: 


soluble in dilute HCI. from the Greek "skolex", or "worm", from the 
worm-like shape it creates when heated. 
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Skolecite - Jilové u Décina; Czech republic 
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sillimanite (fibrolite) 


| MA, CN, SC, USA | Germany | Austira | Italy | Brazil | S. Africa | 


Named after Benjamin Sillman, first professor of Mineralogy at Yale. 
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spessartite Garnet 


Class: Silicates 


isometric (icositetrahedron, dodecahedral etc.) often aggregates 
granite pegmatites, and shists 

albite, muscovite, microcline, quartz 

| Virginia, California/USA | Brazil | Germany | Sweden 


Named after an occurrence in the Spessart district, Bavaria, Germany. 
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Name: |staurolite a e 


aL monoclinic (in single or very often twinned crystals, often in the general 
ES shape of a cross) 60 or 90 degrees 


metamorphic rocks. 
garnets, kyanite, andalusite, quartz 


acne: | USSR | France | Austria | Switzerland | Scotland | Namibia | Tennessee, 
New Hampshire, Georgia, USA | 


Mise: 


The name is derived from the Greek word "stauros", meaning "cross". It 
comes from the common cross shaped twinning pattern. 
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ae 


Ca[Al2517018* 7 H2O NaCa4[[A195127]072* 30 H20 a 
Chemistry: 


Zeolite member 


Color(s): white, pinkish, brown, gray, yellowish, Streak: white 


monoclinic 
cavities in volcanic rock 


zeolites, calcite, aphopholyte, heulandite, scolecite 
| Poona/India | Iceland | USSR | California, Colorado/ USA | Brazil | 


Mise: 


The name from the Greek word "stilbein", "to shine", it has a pearly 
luster. 
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22 0.02 0.644 | 0.326 49 6 16.14 


0.0126 1321 0.0810 412. 9 64.90 
0.0100 259 0.0509 le. 6 103.2 


We'll return to this table again in Chapter 3 when the electrical properties of wire are discussed. For 
now, note that as the wire gauge number goes up, the wire’s physical diameter goes down. Similarly, as a 
conductor’s physical size goes down, its ability to carry current also goes down, and its electrical 
resistance goes up. 


26 0.01 0.405 | 0.129 133.9 40.81 
| 
| 


Note Other standards exist throughout the world. Steel-wire manufacturers use a different scale, as their 
interest is more on the tensile strength of the wire, not its electrical properties. 


Note that the AWG is for single-strand copper wire. Equivalent gauges in stranded wire are 
physically a bit larger, although they have the same effective cross-sectional area and can carry the same 
amount of current. 

When using wire strippers, keep in mind that your goal is to cut and remove only the nonconductive 
insulation from the wire, leaving the internal conductor intact. Even a small nick can result in a weak 
point in the wire, both electrically and mechanically. 


Practice Makes Perfect 


The best way to attain proficiency with a new tool is with practice—lots and lots of practice. This is true 
for working with your hands as well as with that big brain of yours. Ideally, any task worth doing will 
involve at least a little bit of both manual dexterity and focused brain power. 

Cutting and stripping wires is an excellent example. For your first practice assignment, spend some 
time turning long, beautiful lengths of wire into little bits of wire with stripped ends. 
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titanite (Sphene) 
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brown-black, yellow, gray, green 


chlorite, hornblende, rutile, apatite, nepheline, feldspars, quartz, calcite 


TER | Germany | Maine, Massachusetts, New York, Montana, USA | Mexico | 
Í Austria | Italy | Switzerland | Canada | USSR| Mexico | 


The Sphene name comes from the Greek "sphen", meaning "wedge", from 
its sharp wedge shaped crystals. The titanite comes from the titanium 
constituent of it composition. Soluble in sulfuric acid. 
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Color(s): blue, orange, clear, yellow, red, pink, violet, green Streak: white 


orthorhombic (often capped columnar-pyramidal) 


high temperature formation in igneous rocks and veins, also hydrothermal 
Envronment: 


replacements 


albite, quartz, beryl, rutile 

| USSR | Brazil | Colorado, Utah, Maine/USA | Germany | Burma | Sri 
Locals: 

Lanka | Pakistan | 


The name Topaz is thought to have come from the island named Topazion 
(after the Greek "topazos"), which was later changed to Zebergit, and is 
now called St. John's Island, in the Red Sea. It is not found there, but it is 
believed that 1t may have been the name originally given to peridot 
(mineral olivine) which is abundant there. 
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Name: tourmaline | 


(Ca,K,Na)(ALFe,Li,Mg,Mny3(Al, Cr,Fe,V)6(BO3)3 Si6018(0,0H,F)4 


Chemistry: 


Complex Silicate 
black(schorl)(uvite), dravite(brown), pink & red (rubellite), blue 


Color(s): (indicolite), green, chrome green, yellow, orange, violet (siberite), 
multicolored 


Hexagonal, short or long prismatic with rounded triangular cross section, 
Crystal: striated lengthwise, black varieties sometimes fan like, good terminations 
on many, flat tops on some 


_Jigneous and metamorphic rocks and veins. Pegmatites,schists, hypothermal 
"| veins, hydrothermal replacement deposits. 


quartz, lepidolite, spoodumene, mica, feldspars, topaz, apatite 


| Calif., Maine, USA | Brazil | Italy | Germany | Pakistan | USSR | 
Madagascar | Afghanistan | Tanzania | 


The name comes from the Singhalese term "turamali", which was used as a 
general description for mixtures of gem pebbles from the alluvial deposits 
of Ceylon (Sri Lanka). Often color zoned by length or from the center out. 
Tourmaline is pyroelectric (generates electricity with heat), and 
piezoelectric (generates electricity with pressure). The Dutch called 
tourmaline, aschentrekker (ash remover), because tourmaline could be 
heated and it would attract ashes from a pipe. 
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uranophane (uranotile) 
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ilicate 
monoclinic (prismatic and often acicular) 
oxidized zone of uranium deposits in pegmatites 
torbernite, autunite, uranocircite, fluorite 


| Germany | Zaire | New Mexico, USA | Canada | Austrailia | 


From uran and phanos - "to appear." 
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CUTTING AND STRIPPING WIRE 


For this exercise, you're going to need the following: 
e Wire cutters 
e Wire strippers 
e Much wire 


e Acomfortable, well-lit location 


Cut the Wire into Segments 


Don’t watch TV or be otherwise distracted. Pay attention to what you are doing. 


Begin by cutting the wire into various-sized segments from 2" to 6" in length. Accuracy in length is not 
critical at this point. You need to get a good feel for your wire cutters and how much force is needed to cut 
the wire, without cutting yourself or others. 


Collect the cut wire segments into a bowl or small container for the next step. 
Strip the Wire Segments 


Using your wire strippers, remove about 1/4" (6 mm) of insulation from both ends of each wire. Try not to 
cut or nick the wire core. The insulation that you remove can either be discarded or collected for use in 
some sort of art or craft project. 


Once you’ve completed the cutting and stripping portion of this exercise, sort the wires according to their 
length, or their color if you used different colors of wire. Compare the quality and consistency of your work 
by looking at the first few wires and the last ones you did. Do you see any improvements in your work? 


If you spend about an hour working on your wire-cutting and wire-stripping technique, you will perhaps 
master a skill that will prove useful for the rest of your life, as well as prepare a big pile of wires that you 
can use in many of the sample projects illustrated in this book. 


Pliers and Tweezers 


Every day, the size of the “typical” electronic component gets smaller and smaller. This miniaturization 
process has brought about a world where you can carry a phenomenally powerful computer in your 
pocket, and sometimes even make phone calls with it. The individual transistors, resistors, capacitors, 
and other components inside such modern marvels are literally microscopic in size. You need a fairly 
powerful microscope to be able to see them at all. 

In your typical home electronics lab, and even in many professional labs, you will not be dealing 
with these tiny things, except as large clumps all tied together inside a chip or other framework. Still, the 
typical components you will use are often a bit too small for all but the tiniest of fingers. That’s where 
pliers and tweezers come into play. They are an extension of your own hands and fingers, increasing 
your precision and allowing you to perform delicate tasks with tiny parts. 
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$ y i 
E 


i 
tp 


5 


Fracture: ue l Cleavage: |indistinct 
conchoidal 


Named after its locality, province Uva, Sri Lanka. 
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Cal0 (Mg,Fe)2 A14 [ (OH)4 | (Si04)5 | (Si207)2 ] Hydrated Calcium 


Magnesium Aluminum Silicate 


Color(s): brown, green, magenta, rarely yellow, blue, black, gray 


Crystal: tetragonal (short and long columnar, dipyramidal, sometimes acicular) 


often vertically striated 


metamorphic and igneous rocks as a by product of volcanic activity. 
garnet, diopside, wollastonite, epidote 


| Germany | Switzerland | California, USA | Canada | Mexico | Italy | USSR 
| 


The name Vesuvianite comes from the famous locality in Italy, Mt. 
Vesuvius. The name Idocrase comes from the Greek word "eidos", 
meaning "form" and "krausis" meaning "mixture". This referenced its 
mixed crystal form. Partially soluble in acids. 
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Chemistry: |Zn2S104 Zinc Silicate 


mnie eile yellow-green, reddish, black, 


Mise: Named for the Willem I, king of Netherlands. It fluoresces a bright 
f yellow-green 
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Locals: Locals: fyc. CA., TN., CO., USA / Tanzania / Italy / USSR /Austria / Switzerland 


Mise: 


named for Baron S. Zois van Edeltein (1747-1819), thulite named for 
Thule and ancient name for Norway, Tanzanite for the local Tanzania 
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There are several types of pliers and tweezers that you may use on a daily basis in your lab. See 
Figure 2-4. 


Figure 2-4. Pliers and tweezers aid in working with small parts. On the left is a pair of needle-nosed pliers 
with cushioned grips and leaf springs. In the center is a pair of slip-joint pliers that can be adjusted to 
accommodate two different ranges of gripping action. On the right is a pair of needle-sharp tweezers, 
which can be used to pick up and place even the tiniest of electronic components—if your hand is steady 
enough! 


Screwdrivers, Nut Drivers, Wrenches, and Ratchets 


A lot of electrical connections can be made using only a screwdriver. Figure 2-5 shows an electrical 
connection using a barrier strip. A specialized connector is crimped onto the end of the wire and held in 
place with a screw. A variety of crimp-on connectors are available and should be installed using the 
appropriate tool, as indicated by the connector’s manufacturer. Just smashing the connector onto the 
wire with some pliers is not recommended. 


chlorargyrite 


d aj t bee ihe: pat : 


AgClI Silver Chloride 


Color(s): colorless, pearly gray to ponn decomposes to violet or black upon 


exposure to sunlight streak: white 


isometric (crystals are somewhat rare as 1t decomposes easily to a powdery 
Crystal: 
crust. Cubes are a common crystal habit when present) 


alteration zone in epithermal veins, and hydrothermal replacement deposits 
acanthite, barite, fluorite, calcite 


| Nevada, Calif., Idaho, USA | Chile | Germany | Bolivia | Peru | England | 


France | Australia | 


The name is derived from the Greek word "argyros", meaning "silver", not 
from the element, but from the silvery sheen of the minerals luster. 
"Chlor" does come from the elemental halide name, chlorine. 
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: fluorite ae 


violet, blue, green, orange, yellow, pink, etc., Streak: white 


| England | Illinois, Kentucky, Ohio, Colorado/USA | Mexico | Canada | 


Often violet, green, or blue fluorescence, dangerous to add acid - forms 
toxic HF, from the Latin "fluere", "to flow" (because it was used in ancient 
times as a flux) 
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halite 


evaporative deposits in sedimentary deposits. 
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salammoniac 


cubic - often in aggregates, crusty or scaley coverings. 
evaporate 

phosphorite 

| Russia | Iceland | Ca., Hw., USA | Italy | 


: The name derived from ancient alchemist's Latin name for the 
Mise: = 
chemical, sal = salt 
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CARBONATES 


ankerite . 


clear, white, gray, yellow-brown 

Hexagonal (often rhombohedral or trigonal) 
in mineral veins often associated with sulfides 
calcite, siderite, quartz, dolomite, galena 

| Hungary | England | South Dakota, USA || 


Soluble with effervescence in dilute HCl, occasional yellowish to reddish 


fluorescence. 
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Figure 2-5. A barrier strip on a low-cost solar-charge controller. No soldering required! The specialized 
connector is held in place with a screw. The connector is affixed to the end of the wire by deformation using 
a specially designed crimping tool. You can see the indentations in the insulating collar around the 
connector. 


Another type of connector that is tightened with a screw is called a terminal block. Unlike a barrier 
strip, no specialized connector is required on the wire. You can simply insert a stripped wire into the 
terminal block and tighten the connector using a screwdriver. Try to strip the wire only enough to allow 
the bare conductor to enter the terminal block, without leaving any noninsulated wire exposed that 
could accidentally short out against another wire. See Figure 2-6. 
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Name: laragonite 


not as common as calcite, it is a high pressure polymorph, evaporative 


deposits in sedimentary rocks, and some metamorphic and disseminated 
hydrothermal deposits 


not as common as calcite, it is a high pressure polymorph, evaporative 
Envronment:|deposits in sedimentary rocks, and some metamorphic and disseminated 
hydrothermal deposits 


calcite, cerussite, lawsonite, gypsum, albite 
| Spain | New Mexico, Arizona/USA | Mexico | Morocco | 


Named for the Spanish province of Aragon, Spain where it was first 
discovered, soluble in HCI with effervescence 
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:lartinite w eg 


Mg2(CO3)(OH)2*3 H20 hydros magnesium carbonate 
Color(s): 


It easily 1s soluble in dilute acids with effervescence, and can be heated to 
lose water and carbon dioxide, but it does not fuse. It was discovered in 
1902 in Italy, and named after researcher, Ettore Artin1. 
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azurite 


pl z | 
> r 
pig C RE 


Jn 


monoclinic (typically tabular or short prismatic) 
oxidized zone in hydrothermal deposits 


malachite, cuprite, enargite, limonite, chalcopyrite 


| Germany | France | England | Italy | Australia | Arizona, New 
Mexico/USA | 


soluble in ammonia or nitric acid (bubbles). Named from "azure" 
meaning "blue" 


137 


138 


bastnasite (bastnaesite) | 2 ae 
Y (C03) F 
yellow, yellow-brown, reddish-brown streak: white 


4.0 
SpecGrav: 4.9 - 5.0 
4.5 


CCC CCT TO 
hexagonal - often prismatic 
I N.M., USA | Sweden | 


Named as the Y end member from the Bastnas Mine, Riddarhyttan, 
Vastmanland, Sweden. There are three minerals that make up the group Y, 
Ce, and La. 
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:Icalcite 


white, yellow, pink, red, brown, green, clear, etc. 


hexagonal (rhombohedral, prismatic, and virtually all other shapes in the 
hexagonal system and many combinations.) It can easily be cleaved to 
form perfect rhombohedrons. 


typical sedimentary mineral formed by precipitation through evaporation. 
Under high carbon dioxide pressure it is stable through most phases of 

Envronment: |[metamorphosis, when the pressure is reduced it may dissociate into a 
variety of complex calcium silicates. It has been found in lava flows, and 1s 
often associated with hydrothermal veins. A very abundant mineral. 


quartz, mica, dolomite, ore minerals, sulfides, analcime 
Poni | Alps | France | Germany | Ireland | England | Canada | Russia | China | 
` Mexico | Mo., Co. Tn., USA | (just about everywhere) 


Mise: soluble in cold HCl with loss of CO2 , fluorescence under UV light several 
; colors depending on local, high double refraction. 
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Figure 2-6. A terminal block uses a screw for tightening the connection with a bare wire. 


Besides being useful for making electrical connections using barrier strips and terminal blocks, 
screwdrivers are also quite handy in their original function, which is to tighten and loosen mechanical 
fastening devices such as screws and bolts. See Figure 2-7. 
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E j A. A 
Chemistry: |PbCO3 lead carbonate 


Mise: 


white, gray, colorless, yellow-brown, Streak:white 


Orthorhombic, (often twinned dipyramidal) 


hydrothermal replacements 


galena, barite, anglesite, smithsonite 


| Germany | Zambia | Colorado, New Mexico, California/USA | Australia | 


sometimes yellow fluorescence, soluble in nitric acid, the name comes 


from the Latin "cerussa" which means "white lead" 
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dolomite p. | 


Crystal: Hexagonal - often twinned, simple rhombohedrons (Sometimes with 
Crystal: 


curved faces), massive, aggregates. 


sedimentary rocks, metamorphic rocks, in hypothermal veins, and 
Envronment: 

hydrothermal replacements 
calcite, siderite, rhodochrosite, galena, gypsum 
CA, MI, NV, USA / Italy / Switzerland 


Named for the French geologist, D. de Dolomieu. A series member with 


ankerite and with kutnohorite. 
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Name: |kutnohorite 


il] 
PEES im 


Ca (Mn,Mg,Fe) (C03)2 ] Calcium (Mixed-Metal) Carbonate 


| Italy | Mexico | New Jersey, Colorado, North Carolina, USA | Japan | 
Czechoslovakia | 


The name Kutnohorite comes from the famous locality in Kutna Hora, 
Czechoslovakia, were it is found. As a carbonate it is soluble in acids. 
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: [magnesite 


white, yellowish, brownish, Streak: white 


hexagonal (usually rhombohedral) distinct xtals are are 


at contact zone of metamorphics, with hydrothermal metamorphics, and 
Envronment: 

hydrothermal replacements 
brucite, calcite, aragonite, talc, chlorite 


Locals: | Locals: || Austria | Italy | China | USSR | Nevada, California / USA | 


Mise: soluble in warm HCl, sometimes fluorescence, cryptic Latin "magneus 
carneus", "flesh magnet" 
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malachite 


monoclinic (often in botryoidal masses) 
alteration zone in hydrothermal replacements 
azurite, limonite, cuprite, chalcosite 


PERR | Zaire | France | USSR | Germany | Chile | Austrailia | Arizona, New 
Í Mexico/USA | 


: soluble in HCL with effervescence, from the Greek "mallow", a green 
Mise: 
herbaceous plant. 
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Figure 2-7. A variety of screwdrivers. The four on the left are standard, or straight-bladed, screwdrivers. 
The three on the right are Phillips-style screwdrivers. Other specialty bits are also available. 


You should only use screwdrivers to drive screws and bolts. Don’t try to use them as levers, pry bars, 
chisels, punches, or other tools. When you need a chisel, use a chisel. Keep your screwdrivers clean and 
dry. Put them back where they belong when you’re done with them. You get to decide where they 
belong. 


Screws, Bolts, and Nuts 


There are a very large number of different kinds of screws and bolts. Some screws, such as wood screws, 
are made to be driven directly into wood and create their own threads in the material as they are 
installed. Other screws, largely referred to as machine screws, mate with a premachined or tapped hole, 
or a machine nut. 

Nuts are often shaped with four or six sides that allow them to be held in place while the screw is 
turned. Alternately, the nuts themselves are turned while the screw is held in place. Some screws and 
bolts have a similarly shaped head that allows them to be turned with a wrench or nut driver instead of a 
traditional screwdriver. 

Please resist the urge to overtighten screws and bolts. The mechanical advantage gained by the 
inclined plane of the screw thread multiplies the force used to turn the screw into a terrific amount of 
pressure on the screw itself. You can easily damage either the screw or the threads in the material to be 
fastened by overtightening a screw. 
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rhodochrosite 


o ey 
i i se 


or ig . T 
EA a 


MnCO3 Manganese Carbonate 
Color(s): pink, gray, brown-black, dark red, Streak: white 


hexagonal (rhombohedral xtls. common) 


Envronment: hydrothermal, mesothermal, & epithermal veins and hydrothermal 
Envronment: 


replacements 


rhodonite, quartz, limonite, fluorite 
Rumania, Peru, Colorado/Montana/Maine/ USA 


Mise: soluble in warm HCL, name comes from Greek phrase "rhodon chros", 
Í "rose colored" 
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rosasite 


Ti Be ai 


Hexagonal (commonly rhombohedral, prismatic and scalenohedral. 
Crystal: ; 

Sometimes massive.) 
hypothermal veins, and hydrothermal replacements. 
barite, calcite, galena, sphalerite, chalcopyrite 


Da | Austria | Germany | Czechoslovakia | England | Spain | Conn., Colorado, 
vila Az., USA | 


The name is derived from the Greek word "sideros", meaning "iron". It is a 
minor ore of iron. It is soluble in warm hydrochloric acid. It often has a 
soft yellow fluorescence under UV light. 
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smithsonite 
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Chemistry: |ZnCO3 Zinc Carbonate 


aa colorless, blue, green, yellow, purple, pink, brown, Streak: 


Secondary zinc mineral forms in oxidized zone of hydrothermal 
Envronment: 

replacements 
Association: |galena, cerussite, malachite, calcite, dolomite 


Namibia | Austrailia | Greece | Germany | S.W. Africa | | Oklahoma, New 


Mexico, Arkansas/USA | 


soluble in warm acid (bubbles), named after Mineralogist James 
Smithson, founder of the Smithsonian Institution. 
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Name: |strontianite 
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white, yellowish, greenish-gray streak: white 


hydrothermal veins, fillings in chalk cavities, sometimes in limestone 
Envronment: ee 


galena, calcite, sphalerite, chalcopyrite, dolomite, quartz 


EA | Scotland | Switzerland | Italy | Germany | Calif., N.Y., Pa., Illinois, Ohio, 
' USA | 


Strontianite colors a flame crimson, it is used in fireworks to create the 
deep red colors. It is named for its classic locality, Strontian, Argkyllshire, 
Scotland. Effervescence in dilute HCl, and is sometimes fluoresces blue in 
UV light. 
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More Specialized Hand Tools 


A good set of wire tools, pliers, and screwdrivers will go a long way when working with electronics. 
However, sometimes you need a more specialized tool for more specialized work. 

Here are some of the more common tools that are a little more focused on a particular task than 
they are for general-purpose usage. 


Wire Crimpers 


As mentioned previously in this chapter, you can make solid electrical and mechanical connections 
using barrier strips and specially terminated wires. The optimized connectors used for this purpose 
require optimized tools for best performance. 

Figure 2-8 depicts some examples of specialized crimp tools for electrical connections. 


Figure 2-8. Some common crimping tools for affixing electrical connectors to wire 
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SULFOSALTS 


ee eee 
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Orthorhombic-thin or thick tabular common, prismatic, granular, or 
Crystal: 
nodules not uncommon. 
alteration zone of hydrothermal deposits 
barite, anhydrite, galena 
Pa., Id., Nv., USA | Mexico | Morocco | 


Names comes from a specific locality, Island of Anglesey, Wales. It can 


sometimes be fluorescent. (yellow) 
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anhydrite 


white, gray, gray-blue, reddish 


Crystal: Orthorhombic, Stocky or tabular prismatic crystals. 


sedimentary rocks and evaporative rocks. Sometimes metamorphosed 
Envronment: 
from dehydrated gypsum. 


dolomite, gypsum, sylvite, calcite 


| Arizona, Texas, N.J., USA | Brazil | China | Spain | Italy | Australia | 


The name is derived from the Greek, ?anhydros? and means *without 
; water? 
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Name: |barite er ; A A 2d 
PA dc 
¡AA ; 


white, yellow, brown, red, blue, green, black, Streak: white 
rhombic (often tabular plates) 


forms in mesothermal and epithermal veins and in hydrothermal 
Envronment: 

replacement deposits 
cerussite, dolomite, gypsum, apatite, calcite 
| British Columbia | Morocco | Colorado/USA | 


Mise: soluble in concentrated sulfuric acid, alteration product is witherite, the 
; name 1s from the Greek "barys" meaning "heavy" 
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Name: |brochantite Bre 
Ge PA 


monoclinic; prismatic or acicular, sometimes tabular 


alteration mineral in hydrothermal replacement deposits 
malachite, azurite, atacamite,cyanotrichitechalcopyrite 


USSR / Romania / Italy / Spain / Az, NM, USA/ Chile 


named after A. T. M. Brochant, mineralogist (1731-1840). This mineral is 
often made in the lab on a host rock and 1s counterfited. 
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creedite 


Crystal: Monoclinic - often prismatic, acicular sprays, radiating groups 


Envronment: |hydrothermal deposition, and in oxidation areas of some veins. 


quartz, barite, fluorite, gerarksutite 
Creede Colorado, USA 
Named after its original local Creede, Colorado. 
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Referring again to Figure 2-8, the crimpers on the left are for crimping tiny pins to the ends of tiny 
wires that are then inserted into plastic connector bodies. The center crimp tool is for crimping modular 
jacks onto telephone cables. It also includes a wire-cutter blade (bottom) and a pair of controlled-depth 
stripper blades for removing only the outside layer of insulation from silver-satin flat telephone cord, 
without disturbing the individually insulated wires contained within. The crimp tool on the right 
features a ratcheting action that increases the crimping force applied to the connectors. This is the tool 
used to crimp the connectors show previously in Figure 2-5. 


Computers 


You might not think about computers as being “power tools” in your toolbox. As the size of computers, 
laptops, tablets, and smart phones decreases, and their computing power, networking ability, and 
storage capacities increase, they become much better candidates for use in the lab. 

Traditional “desktop” personal computers (PCs), laptops, netbooks, and tablets can perform 
multiple roles in your laboratory setting. If you are lucky enough to have Internet access on your 
computer, it can become a conduit for all types of useful electronics information, in addition to its more 
accepted role as a source of funny cat videos. See Figure 2-9. 


Figure 2-9. Computers being used in the lab. Paul Bouchier of DPRG uses two laptops at once when testing 
new robot software with the Microsoft Kinect (just to the right of his mouse). 
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cyanotrichite 
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The name is derived from two Greek words: *kyanos? and *thrix?, *blue? 
and *ha1r?. 
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ettringite 


Sulfosalts 
; Ca6Al2(S04)4 * 24H20 Hydrous Calcium Aluminum 
Chemistry: Sulfate 


Hexagonal (bipyramids or as fibers) 

found in cavities of metamorphosed limestone 
thomsonite, clinohedrite, limestone 

| New Jersey, Arizona, USA | Ireland | Germany | 


Named from one of its early locals, Ettringen, Germany. 
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:|glauberite 


a sedimentary mineral formed through evaporation 
a sedimentary mineral formed through evaporation 


halite, gypsum, anhydrite, silvenite 


| Arizona, Calif., USA | France | Italy | Germany | Austria | USSR | 
Locals: 
i Switzerland | 


Soluble in water and hydrochloric acid. Can become powdery when 
exposed to air. Glauberite gets its name from the salt Na2(SO4) which was 


formerly named Glauber's Salt after the German chemist Johann Glauber. 
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crocoite 
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monoclinic (sometimes hallow, elongated crystals) 
alteration zone in hydrothermal replacements 
wulfenite, galena, cerussite, mimetite, vanadinite 


| Germany | USSR | Brazil | Tasmania | California, Arizona/USA | 


: strong double refraction, soluble in HCl, from the Greek "krokos", 
Misc: on " 
meaning "saffron" for its strong color. 
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Here are just a few of the many possible areas of practical knowledge, learning opportunities, and 
bits of interesting information that you can access using your computer: 


Data sheets: Almost all electronics manufacturers provide online access to a 
library of technical data sheets and application notes for their products. These 
should be your first choice for information about how and when to use their 
products. These sources also contain important product errata, which contains 
corrections and updates for products that have been made since their first 
publication. 


Online tutorials: The Web abounds with detailed and thought-provoking 
tutorials and background information on every topic imaginable, including, not 
surprisingly, mountains of information on computers and electronics. 


User forums: People tend to cluster around others with similar interests. Once 
upon a time when people where geographically limited and unable to 
communicate or interact with folks around the world, this severely restricted a 
lot of the more specialized areas of knowledge. Today, you can find user groups 
centered on every conceivable human endeavor (and some inconceivable ones, 
too) that are filled with helpful, knowledgeable members that are more than 
happy to answer questions and share experiences with you. Do try to be 
courteous, respectful, and fair when asking for help with your projects, and 
always try to repay in kind by helping those with similar questions that you've 
had to master. 


Sharing/collaboration web sites: As the cost and complexity of publishing your 
work on the Internet becomes more manageable, it becomes faster and easier 
to let others know about your progress, as well as your problems. You can easily 
set up your own web page for little or no cash, or join many of the available user 
groups that allow their members to post, browse, and otherwise benefit from 
the works of other similarly minded individuals. 


Design tools: You can find many free or reasonably priced electronic design and 
simulation tools online. Some manufacturers also provide free tools specifically 
for optimizing designs for their products. 


Online suppliers: Where you once had to walk (or drive) down to the store and 
see what was available in your area as far as electronic components and tools 
went, now you can browse through the catalogs of suppliers from all over the 
world, from the comfort of your own lab. Not only does this provide a much 
larger field from which to choose, it also levels the playing field, so to speak, 
forcing worldwide competition for your hard-earned cash. Bonus: Some 
manufacturers offer a limited numbers of free samples. Yip! 


This list only scratches the surface of the kinds of information you can access using a computer. You 
can also use a computer as part of your electronic projects, and several examples of doing this are 
included later in the book. 
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ferberite 


Monoclinic, tabular crystals, vertical striations, or lamellar 


| Bolivia | China | Canada | Austrailia | Colorado, USA | Malaysia | 
Locals: 
Netherlands | 


Insoluble in acids. It is one one end member of a solid solution where the 
Iron may be substituted for Manganese. Ferberite (the iron end member) 
and Heubnerite (MnWO4) is the manganese end member. The material 
with equal amounts of Fe and Mn is sometimes called Wolframite. 
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Name: 


scheelite 


= a 


Germany / China / CA., USA / Austria / Namibia/ Brazil/ Australia 


named for a Swedish Chemist, K. W. Scheele (1742-1786). 
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Name: [wulfenite > x W y : 
aT E 3% a 


yellow, orange, reddish, olive-green, Streak: white 
Tetragonal (common square tabular) 


secondary mineral in oxidizing zone of ore deposits containing lead and 
Envronment: 
molybdenum 


galena, cerussite, pyromorphite, smithsonite, calcite 
| Bohemia | Morocco | Yugoslavia | Zaire | Utah, Arazona/USA | Mexico | 


Austrailia | 


slowly soluble in HCl, named for Franz Xaver Wulfen an Austrian Jesuit 
priest. His interest in creation resulted in his becoming a expert in many 
lead ores. 
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OXIDE / HYDR OXIDE 


atacamite 


oxidation zone of copper deposits, especially under desert saline 
Crystal: a 
conditions 
a oxidation zone of copper deposits, especially under desert saline 
conditions 


malachite, cuprite, hematite, limonite, gypsum, brochantite 


| Italy | England | USSR | Namibia | California, Arizona/USA | Mexico | 
Locals: e 
Peru | Chile | Bolivia | 


Mise: Soluble in HCl and ammonia. Named from the Atacama Desert of 
AS Northern Chile where it was first discovered. 
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mens (usually cubes, sometimes with penetration twins) crystals have a 
rilliant metallic luster 

forms 1n siliceous volcanic rocks 

topaz, hematite, garnet, red beryl 


| Utah, Arizona, USA | Mexico] Argentina | India | India | South Africa | 


Mise: 


Name comes from the mineral collector, Maynard Bixby, and it was first 
found in the Thomas and Wah Wah Mtns. of Utah. 
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Tools for Soldering 


You don't have to learn how to solder to work with electronics, but it helps. It really does. It opens a 
whole new world of possible projects, repairs, and custom modifications to existing equipment. Just 
remember, as always, to keep a work area clean and safe. See Figure 2-10. 
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Figure 2-10. A Weller controlled-temperature soldering station. What a mess! 


Like any worthwhile skill, soldering is best mastered with lots and lots of practice. The best way to 
learn this useful skill is to have someone show you how it’s done. It’s difficult, but not impossible, to 
learn proper soldering techniques from a book. That being said, have a look at Figure 2-11. 
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a - platy, complex crystals form id elongated in one direction, 
an form pseudo hexagonal looking crystals. 


chalcopyrite, hematite, anatase, rutile, quartz, feldspars, sphene 
| Austria | England | Switzerland | Russia | Arkansas, New York, Montana, 


Mise: 


Named for the English mineralogist Henry James Brucke (1771-1857) 
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Name: |cassiterite 


| California, Alaska, South Dakota, USA | Bolivia | Mexico | Nigeria] 
Locals: 
Thailand] Sumatra | 


Probably from the ancient Phoenician name for the northern 
Mediterranean Island, the "cassiterides". Tin was mined and imported 
from these island in ancient times. It has the same structure as rutile 
(T102). 
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chalcotrichite 
(cuprite) 


Oxide/Hydroxides 
CuO2 copper oxide 


cues i 
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chrysoberyl 


„i 


TUTTI 


Crystal: orthorhombic; usually tabular or prismatic, often twinned in circular (six- 


sided) shapes. 
granite pegmatites, shists, and a few other metamorphics 


Association: [microcline, tourmaline,albite, almandite, garnet, spinel 


Sweden / USSR/ Sri Lankra / Burma / Brazil / China/ 


from the Greek, chrysos and beryllos, relating to beryl and its golden 
yellow color. It was once considered a variety of beryl. 
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corundum > 
hd 


OnidelHydronies 


Color(s): red (ruby), blue (sapphire), gray, black, yellow, purple, (just about all 


colors) streak: white 


CEC e ECT 
LAA 


The name comes from the ancient Sanskrit, “kuruvinda? meaning *ruby?. It 
is derived from the Tamil *kuruntan?, which also came from the Sanskrit. 
Do to its hardness it is also used as an abrasive. 
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SOLDERING IS EASY 


HERE'S HOW TO DO IT | 


PUT YOUR PART IN 
PLACE. BENP OUT 
THE LEADS SO IT 


THE IRON IS AY yy 
HOT! BE CAREFLIL! o STAYS IN PLACE 


YOUR KIT SHOULD COME 
WITH INSTRUCTIONS 
FOR WHAT PARTS GO 


WHERE AND WHAT WAY! 


CLEAN THE TIP OF 
YOUR IRON BEFORE 
EACH SOLDER 
CONNECTIONS 


PUT THE PCE DOWN 50 
YOU CAN SOLDER. 


CAREFUL WITH THE 
SURFACE UNDERNEATH! 


FIND SOME GOOP WAY 
TO KEEP IT STEADY 


OK, LETS SOLDER! 


FIRST, YOU WANT TO HEAT 
BOTH THE PAP AND THE LEAD 


FOR ABOUT 1 SECOND 


/ 


PSST! | 
CLEAN THE TOLICH THE SOLDERING IRON TO 


TIP FIRST! BOTH THE PAD AND THE LEAD! 


YOU NEED A THIRD HAND, YOU CAN MAKE | | 
A STANDING COL OF THE SOLDER INSTEAD | 
OF HOLDING IT IN YOUR HAND 


NOW FEED SOLDER an STOP FEEDING SOLDER, A GOOD CONNECTION 


i Ww ‘THEN HOLD FOR 1 
UNDER THE TIP COVERS THE PAD 
OF THE IRON ABOUT SECOND WITHOUT TOUCHING OTHER PADS 


FLOW PROPERLY AND SURROUNDS - 


CLI T THE LEADS OFF di THE SMOKE FROM THE MELTING SOLDER | l VEEP SOLDERING EACH PART IN ITS 


5 NOT TOEIC BUT BLOW GENTLY ON SF 
| i Cu att TO AFOD BREATHING IT CORRECT PLACE, REMEMBER SOME 
aS E MEE TER x “ i PARTS NEED TO GO IN 4 CERTAIN WAY! 


IF ALL YOUR CONNECTIONS ARE 


isso ens Ry stent aca |] SOO LOU CIRCUIT WEL 


EYES DON'T 


THERE ARE MORE TRICKS YOU WILL LEARN AS 
YOU KEEP SOLDERING, BUT NOW YOU KNOW 
ENOUGH TO MAKE MANY COOL THINGS 


ï Ti 1 i 
SOLDERING COURSE BY MITCH ALTMAN 
HTTP CORN wer PELECTRONICS COM 


COMIC ADAPTATION BY ANDIE NORDGREN 
HTTP 4/LOG ANDIE SE 


ME LEADS ARE ALREADY SHOR T.f 
vou DONT NEED TO CUT THOSE. 


PUBLIC DOMAN, DE, COPY, SPREADS 


Figure 2-11. Instructions for soldering. This delightful illustration by Andie Nordgren captures the basics 
of soldering as taught by soldering guru Mitch Altman (http://log.andie.se/post/397677855/soldering-is- 
easy). 
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| N.C., Arkansas, Arizona, Montana, USA | S. Africa | Ghana | Brazil | 
Locals: 
Australia | 


Part of a series of minerals with the general formula AB8O16 where the A 
represents, Ba, K, Na, Pb, Sr, Y, and the B 1s taken from the list, Cr, Fe, 
Mg, Mn, Ti, and V. The minerals include, Coronadite, Priderite, 
Hollandite, Manjiroite, Mannardite, and Redledgeite. 
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Name: |[cuprite (chalcotrichite) 


Coa Isometric (often octahedral and twinned,surface growths, sometimes 
ities acicular) fibrous material often called chalcotrichite 


found in oxidized zone of copper deposits, hydrothermal sulfide veins, and 
Envronment: 


sometimes in aggregates. 


copper, malachite, azurite, chrysocolla, limonite 
| Tennessee, Arizona, USA | Bolivia | Mexico | Japan | Australia | Germany 
| 


Scientific name comes from the Latin "cuprum", meaning copper. It's 
nickname is "ruby copper" from old miners. Pseudomorphs of malachite 
after cuprite a fairly common. 
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:/goethite 


| Alabama, Michigan, Colorado, USA | Germany | England | France | 
Locals: 
l Canada | 


Named in honor of the German poet, Johann Wolfgang von Goethe. 
Goethite is the major constituent of rust, and an important ore of iron. It is 
also the primary constituent of limonite, which is a catchall name for a 
variety of mixed iron oxides. 
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208 


hausmannite 


tetragonal; pseudo-octahedral, massive, 


metamorphic manganese deposits, lining hydrothermal veins 


Association: [braunite, manganite, pyrolusite, psilomelane, barite 


Germany / England / Bulgaria / Sweden / Switzerland / USSR / NV., 


USA / Brazil / India 


after the German mineralogist J. F. L. Hausmann (1782-1859) 
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:Ihematite 


gray-metallic, black, reddish-gray, reddish-brown 


Crystal: Hexagonal (often botryoidal masses, thin needles, tabular) grows in a wide 


variety of forms 


Envronment: [accessory mineral in many igneous and metamorphic rocks. 


Association: | magnetite, pyrite, siderite, limonite,calcite,quartz 


Pa | Great Lakes Region, Many Western States, USA | Canada | Italy | Brazil | 
Switzerland | 


It's name is taken from the Greek word "haima", for "blood". It is still 
sometimes referred to as "bloodstone" do to its red streak. It is often made 
into beads or jewelry as it polishes to good metallic gray finish. 
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To solder, you will need a soldering iron. You will also need some solder and probably some wire 
cutters. That’s just the tip of the iceberg, however. Like any good tool, your soldering station will soon 
accumulate many accessories to enhance your soldering prowess. 

To begin your soldering adventure, you will need a small soldering iron, some solder, and a damp 
sponge. The big, pistol-grip style of soldering irons are for much larger projects, such as plumbing. 
Ideally you want something in the 15W to 50W range. See Figure 2-12. 


Figure 2-12. The pencil-grip style of soldering irons is better suited for working on small electronics 
projects. 


The soldering iron in Figure 2-12 has a replaceable, conical tip. These tips are generally 
interchangeable for a particular model of soldering iron, but unfortunately not interchangeable between 
different models or manufacturers. Different tip shapes are also available, depending on what types of 
things you’re wanting to solder. 

The tip is usually made of copper, which is an excellent conductor of heat. Since copper really likes 
to combine with other metals at high temperatures (which is exactly what happens when soldering), 
most tips are coated in a thin layer of steel to give them much longer useful lifetimes. Tips still wear out, 
however, and should be replaced. 

In this particular soldering iron, the next part of the iron is the removable barrel that holds the tip in 
place. This barrel is where the heating element is housed, so remember that it is just as hot as the tip! Try 
not to touch it. You will probably not want to make that mistake more than once. 

The next section is the padded and insulated handle of the soldering iron, which is made of dense 
plastic foam. A quality soldering iron will be comfortable in your hand and won’t produce excessive 
fatigue, even after hours of use. Lower-quality and lower-priced models will more rapidly take their toll 
on your hands. 

Not shown in Figure 2-12 is the flexible power cord running back to the soldering iron’s base. This 
cord supplies the electrical power that is converted to heat in the barrel, as well as some wires for a 
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latrappite =" 


Facar | fones E 

Orthorhombic; dipyramidal Pseudo Cubic - Crystals show a cubic 
outline., Twinning Common 

| Canada | 


Name comes from the local, La Trappe, Oka, Québec, Canada 
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214 


: |limonite 5 i: pee, 


uneven 

Grr: Amorphous, fibrous, botryoidal - limonite is not really a mineral but 
eae rather a mixture of hydrated goethite. 

a mixture of secondary iron minerals, alteration product of iron ores, 
Envronment: 

especially sulfides 
pyrite, hematite, prolusite, psilomelane, calcite, quartz 

Germany / France / Luxembourg / Italy / USSR/ Cuba/ Brazil / Zaire / 
Locals: i 

India/ USA 


named from the Greek, lemons, meaning "meadow". Because it often was 
found in bogs. It is actually a Cryptocrystalline goethite with water. 
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: magnetite E á 
4 i; a ir, 


Cubic (crystals are often octahedral) 


Envronment: fit occurs in many igneous rocks and is the most abundant metal oxide 


Association: ļandradite,calciīte 


ece Cane | Noman Ruaa eee aa e 


The name comes from the the ancient name Magnesia, in Asia, an ancient 
region bordering on Macedonia. It is now in Turkey. 
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pseudobrookite 


=! ar on 
E a ii A 

MA 
+ LE: j- 
e a 
| 


EEC CO CE EOI 
LAA 


ee hornblende, tridymite, hematite, bixbyite, spessartine, pyroxenes, and 
topaz Á ° j 2 


| Transylvania, Romania | Thomas Range, Utah, USA | 
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pyrolusite 


z fa a 3 A r pi ee Y ly 30 
: o. A E 


Tetragonal (prismatic, often radiating fibrous) 


secondary manganese deposits, and secondary veins. Forms under 
Envronment: 


oxidizing conditions 


Association: |Manganite, psilomelane, limonite 


Germany | Ukraine | S. Africa | Brazil | Michigan, Arkansas/USA | 


found as tubers on deep ocean floors, it is the main ore of manganese. 
Soluble in HCL. The name is derived from the Greek, and translated as 
"fire wash", as it was added to glass to remove iron stain. 
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temperature sensor. This allows the unit to control the temperature of the tip with great accuracy. Note 
the temperature dial in Figure 2-10. Lower-cost units omit the temperature control features and run ata 
constant power output. 

It will take some amount of time for the soldering iron tip to reach a working temperature. Likewise, 
it will also take some time to cool off once you've turned off the soldering iron. 


Caution Soldering irons are very hot in use and can cause painful burns. Always treat them with respect! 


The solder you use will be determined by what kind of soldering you want to do. For most small, 
electronics-related soldering projects, a small-gauge tin-lead or lead-free solder can be used. Bear in 
mind that lead is a poisonous material that slowly accumulates in your system, should you come into 
contact with it, as your body has no good way of eliminating it. Wash your hands before and after 
soldering, just to be safe. 

Soldering works best when everything being soldered is sparklingly clean. To help facilitate this 
cleanliness, chemical compounds known as soldering rosin are used. These compounds chemically 
clean the surfaces being soldered when exposed to high levels of heat. Some types of solder have rosin 
incorporated into them. You can also obtain rosin as a paste into which you can dip wires and 
component leads before soldering. Other types can be applied with a dispensing pen. 


Caution Don’t breathe the smoke emitted during the soldering process. If possible, use a fan or fume extractor 
to redirect the soldering fumes away from you. 


Once your soldering iron is up to its proper operating temperature, clean the tip by wiping it gently 
on a damp sponge. Your tips will last longer if you resist the urge to clean them before replacing the 
soldering iron in its holder. Even though it seems counterintuitive to “put it up dirty,” this will more than 
double the life of your soldering iron tips. Just be sure to clean the tip before you solder anything. 


Power Tools 


Everybody loves power tools, don’t they? Sometimes it’s enough to just imagine that you might need one 
to justify a trip to the store and subsequent purchase. While this may be human nature (or perhaps only 
the nature of one particular gender), it doesn’t fully justify having one of each in the lab, just in case. 


Drills and Drill Bits 


You will, however, find a few particular tools to be especially useful in your lab. A good hand drill or drill 
press is one of those tools. There seems to be no end of things electronical that need a few more holes 
drilled into them. Electronic enclosures and control panels need good, clean holes drilled into them. If 
you make your own PCBs at home, you will find that they need lots of holes drilled into them. 
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Name: [rutile p 1 
Ps: de ce Tas 
Bi ee pa, 


marma e0 CC CESE 
tetragonal (prismatic thick columns, sometimes fine wire-like structures in 
quartz or topaz, often vertical stripes) often twinned 


| Austria | Urals | Norway | Switzerland | Mexico | Brazil | Georgia /USA | 


The name is from the Latin "rutilus", which means "golden-red". There are 
three polymorphs of Titanium Dioxide, rutile, anatase, and brookite. Rutile 
is by far the most common. It is an important ore of titanium. 
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ro a a 
Phy 


Crystal: Isometric (often in octahedrons and cubes, also sometimes compact and 


granular) 


Envronment: [forms in metamorphic rocks 
Association: |zircon, garnet,magnetite, calcite, corundum 


KAE | Germany | Sweden | USSR | Burma | India | New York, Calif., New 
l Jersey, USA | Canada | 


The name is probably from the Latin "spina", meaning "thorn". This is 
because it sometimes forms in small, sharp little crystals, resembling 
thorns. 
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BORATES 


Name: hilgardite EEE A 


Foar | EA ETE 
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228 


rhodizite ¡ a. 


ma i Nis Bet (B.59)12 O28 


ais grayish, yellow, yellowish white, or white streak: 
Isometric - dodecahedral crystals and embedded grains 

found in pegmatites 

| England | russia | Madagascar | 


From the Greek: "RHIDIZEIN", meaning rose colored allunding to a 


flame. It is piezeoelectric. 
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Md antimony : og 
en A y. A Sine 


Color(s): silver gray - metallic 


trigonal - often massive lamellar, forms large masses 
most often found in mesothermal veins 

stibnite, nickeline, sphalerite 

| Ca., USA | Mexico | Canada | 


From the Arabic, *al-uthmud?, tthen from the Medieval Latin, 


Jantimonium’; originally applied to stibnite, antimony sulfide 
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Like any power tool, an electric drill needs and deserves your respect. You'd be surprised how much 
unintentional damage you can cause with such a simple device. Observe these simple safety rules when 
operating a power drill: 


e Keep your work area clean and well illuminated. 

e Remove any watches or jewelry you might be wearing. 

e Ifyou have long hair, keep it pulled back and tied out of the way. 
e Always clamp down any work to be drilled on a drill press. 

e Always remove drill bits from the drill chuck after use. 

e Discard dull or rusted drill bits that cannot be resharpened. 

e Always wear safety glasses when operating power tools. 


Hand drills come in all shapes, sizes, and price ranges. Some are powered by hand cranks and some 
are electric. Rechargeable batteries make for very portable drills that you can carry almost anywhere. See 
Figure 2-13. The only drawback is their limited charge time. That’s why you should always have at least 
one spare battery charged up and ready to go. Electric drills with wires attached don’t have this problem. 
Just don’t trip over the cord! 
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Figure 2-13. A rechargeable hand drill. This model is both variable speed and reversible, which are two 
very desirable features in a hand drill. 
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Chemistry 
Color(s): gray, metallic 


2.0 
Hardness: - |SpecGrav: 
25 


pacare | fomes PTI 
Crystal: hexagonial but quite rare, often in lamular groups. 


in pegmatites, hypothermal and mesothermal veins, and hydrothermal 
Envronment: 
replacements 


bismuthinite, quartz, gold, cassiterite 
| germany | Sweden | Canada | S.C., USA | Mexico | 


Named from the German °Wismut? of unknown origin or perhaps from 


the Arabic, *biismid?’, meaning °having the properties of antimony’. 
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| foe OOO 


Crysta: Isometric; octahedral, dodecahedral, cubic ...often distorted as 
Crystal: 

nuggets 

veins in hydrothermal deposits, and hydrothermal replacements 
quartz, pyrite, sphalerite, magnetite, tourmaline 

Austria / Australia / South Africa / USSR / USA / Canada 


Mise: the name may be Anglo-Saxon, but the origin is unknown or 
uncertain. 
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236 


silver 


Isometric, crystals are rare, massive, also wire forms 
den rocks, veins, mixtures with copper, wires, hypothermal 


| Nv., Mi., Az., Co., USA] Mexico | Norway | 
it is both maleable and ductile. The origin of the name is not known. 
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a mal p E E 
sulfur | SN 


cinnabar, stibnite, calcite, gypsum, halite 


The origin of the name is unknown, but it was known in ancient 
times. 
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SULFIDES 


acanthite (argentite) 


7 Es TA x 7 7 j E 
E Br Fs o as Ol : tel 
ee a AS 


isometric, crystals rare - cubes; octahedrons - often in parallel groups 
hydrothermal replacement deposits 
barite, bornite, galena and quartz 


Kongsberg, Norway / Pachuca, Guanajuarato, Mexico / Aspen, Leadville, 


Co., Nv., USA 


Named for the Greek word for thorn, akantha. Derived from the crystal 
form. Argenite comes from the Latin, arentum. meaning silver. 
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Note Power drills are also very handy when used with screwdriver bits. They can save you time and many 
blisters! 


Drill bits likewise come in all sizes and shapes. You can buy sets with a variety of sizes, and these will 
usually come with a handy storage container that conveniently labels all the sizes for you. This only 
works, however, if you take the time to return the drill bits to their proper location once you've finished 
working with them. 

A drill press has a large frame that facilitates drilling a precisely aligned hole, over and over again. 
You can make spindle-speed adjustments to drill presses (even small ones, such as the one pictured in 
Figure 2-14) either through an electronic speed control or by changing up the belts and pulleys that drive 
the spindle. There are even small frames for mounting handheld drills or rotary tools, such as the 
Dremel brand of tools. You can often, however, find actual, dedicated drill presses on sale for about the 
same price as the daintier Dremel tools. 


% 
Fy JE 


TT 


Figure 2-14. A small tabletop drill press 
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arsenopyrite 


Silverish, whiteish-gray, metallic 


Crvstal: Monoclinic, elongated prismatic crystals with striations, twinning is 
ar common 
in sulfide ore deposits, common in medium to high temperature 
Envronment: l l E 
hydrothermal veins. Frequently in metamorphic deposits. 


Association: often found with gold, silver, and nickel minerals 


PEAR Sonn | Bolivia | Mexico | Canada | Hungary | Colorado, Conn., USA | England | 
ean Norway | 


The most common mineral containing Arsenic, it is soluble in Nitric Acid, 
yielding Sulfur. If it 1s struck with a metal object it produces a garlic odor. 
Its name is a contraction of an archaic term "arsenical pyrites". 
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bornite 


Chemistry: [CuSFeS4 

CoR: copper-red, bronze-brown, tarnishes to deep blue-violet 
... metallic 
uneven 


Crystal: isometric - crystals rare ... cubic, dodecahedral, octahedral 


can occur with carbonatites or in hydrothermal veins, and with other 
Envronment: 


Ores 


calcite, barite, galena, quartz, chalcopyrite, chalcocite, pyrite 


CO, MN, AR, USA / Canada / Morocco / Germany / Poland / England / 


Chile 


It was named after Ignaz vonBorn (1742-1791), mineralogist. 
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boulangerite 


Mullanite ES 


mettalic lloking, gray, black streak: reddish-brown 


Monoclinic - prismatic Acicular - Occurs as needle-like crystals., 
Crystal: 

Massive - Fibrous 
present in lead-ore deposits 
galena, stibnite, sphalerite, pyrite, quartz 


“Germany | USSR |S D, USA, 


Named for a mining engineer, C. L. Boulanger, France. 
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bournonite Fi e 
(endellionite) a E < 


gray, steelish-metallic streak: grayish 
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F. di A ; i : | z E : a ] 
Name: [chalcocite pe pin hos : 
aL = M Miia at 


Cu2S copper sulfide 


iridescent colors. 


The name comes from the Greek "chalcos", meaning "copper". Dissolves 
easily in nitric acid, and in a flame it decomposes giving off sulfur dioxide 
fumes. 


251 


CHAPTER 2 = BUILDING YOUR TOOL CHEST 


Caution When working with drills and presses, always keep your work area clear. Always wear safety glasses 
when using power tools. Try to keep the chuck key handy. Don’t leave drill bits mounted in the chuck when not in 
use. Many chuck keys have built-in springs that prevent them from remaining in the chuck. Those that don’t risk 
being accidentally left in the chuck when the drill its turned on, which can either fling the chuck across the 
workshop or make a big mess of your favorite hands. 


Laser Cutters and 3D Printers 


While not everyone can afford some of the more expensive and esoteric tools that are available, some of 
these tools are getting more popular than others; excellent examples are laser cutters and 3D printers. 
See Figures 2-15 and 2-16. 

Laser cutters and engravers use a powerful carbon-dioxide laser to cut through wood and non- 
chlorine-based plastics. The laser beam is focused onto the work surface using mirrors that are mounted 
in an XY gantry, allowing the cutting area to be controlled by a computer. Typical installations require 
venting to the outside because of the various aromas produced in the process, as well as a water-cooling 
system for the laser tube itself. 

There are also some newer laser cutters being built by hobbyists from scratch. 


Figure 2-15. A laser cutter. A powerful 40W carbon-dioxide laser is used to cut through wood and non- 
chlorine-based plastic, all under computer control. It can also be used as an engraver. This model is 
manufactured by Full Spectrum Engineering. 
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Name: [chalcopyrite O A 


CuFeS2 copper iron sulfide 


brass yellow, sometimes a greenish cast, sometimes an iridescent 
Color(s): 
tarnish 


Ca tetragonal (pseudo tetrahedral crystals common, sometimes massive) The 
ES pseudo tetrahedral crystals are disphenoidal. 


High temperature hydrothermal veins, contact metamorphics 
pyrite, sphalerite, pyrrhotite, fluorite, tetrahedrite 


Dar |France | Chile | Zambia | Peru | Germany | Spain | Montana, Arizona, Utah 
; /USA | 


the word chalcopyrite means "copper pyrite", from the Greek "chalkos" 
meaning "copper" and the "pyrite" which had the general meaning of 
something that, when struck, would produce sparks. Easily distinguished 
from pyrite as chalcopyrite can be scratched with a steel blade and pyrite 
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hexagonal (rhombohedral - thick plates common) 
near hot springs and volcanic activity 


pyrite, marchasite, stibnite, realgar, galena, hematite 


| Almaden/Spain | California, Nevada, Oregon, Texas/USA | China | 


Mise: 


name originally from ancient Persian "zinjifrah", "dragons blood", soluble 
in aqua-regia. Used as a carving material in China. 
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256 


orthorhombic; prismatic with longitudinal striations 


in lamellar growths with chalcopyrite in high-temperature coper 


deposits 


chalcopyrite, pyrrhotite, siderite 
/Germany / Quebec, Canada / 
Named after its locality, Barracanao, Cuba 
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cylindrite 


Pb3Sn4Sb2S12 mixed lead-tin-antimony 
sulfide 

gray, blackish-gray, metallic luster 

From the Greek word, kylindros, "cylinder." 
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Name: lenargite } re 


tabular and often twinned 


Montana, Utah, USA | Chile | Philippines | Germany | Hungary | Peru | 
Locals: p 
Namibia | 


The name comes from the Greek "enargos", meaning "distinct" from its 


nearly perfect prismatic cleavage. Soluble in nitric acid and aqua regia. 
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3D printers seem to be all the rage these days. We're all pretty accustomed to the idea of printing on 
paper with a computer, although it’s still a pretty recent innovation, as far as the history of printing goes. 
The idea of printing a solid object, on the other hand, is considered to be something of a game-changer. 

The simplest 3D printers use a plastic extrusion and a motorized gantry to operate as a kind of a 
robotic glue gun. A plastic filament is fed into a heated fixture that is moved around a print bed, leaving a 
trail of cooling, gooey plastic. Either the extruder or the print bed is moved using motors under 
computer control to build up a layer at a time of the desired object. 

Higher-technology 3D printers use this and other techniques to produce tangible, solid objects. 
Some use layers of fine powder that is glued together with a binder dispensed from a print head, similar 
to an inkjet printer. As each layer is printed, the object is lowered and another layer is deposited. This 
can even be done with sugar, as in the case of the CandyFab 4000, designed by the clever folks at Evil 
Mad Scientist Laboratories (www.evilmadscientist.com/article.php/candyfab). A stream of heated air is 
used to fuse a layer of sugar into a single solid structure, and an object is built up of successive layers. 


Figure 2-16. A 3D printer at Dallas Makerspace. This machine uses a heated extruder to build 3D objects 
out of plastic. 


Basic Test and Measurement Equipment 


When it is behaving itself, electricity is generally invisible. To “see” what it is doing, or not doing, you will 
need some specialized tools. These fall into the two general categories of test and measurement 
equipment. 

The line between testing and measuring is sometimes blurry. One possible distinction might be that 
testing verifies proper operation within acceptable parameters, while measurement actually assigns 
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galena ES h ; a a i nF ; x a y 


cubic (cubes, octahedrons, often twinned) 


pegmatites, high temperature to low temperature hydrothermal veins, 
Envronment: 

replacements in chalks 
sphalerite, chalcopyrite, pyrite, barite, fluorite,calcite 
Germany | Austria | Zambia | Canada | Idaho, Colorado, Mo., USA | 


soluble in HCI when heated (toxic gas produced), Dissolves in Nitric Acid 
producing small flakes of Sulfur, and a fine white precipitate (lead 
sulfate). Dark gray streak. 


263 


264 


kermesite 
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marcasite 


hydrothermal deposits, tends to form at lower temperature and in acid 
Envronment: [solutions whereas pyrite forms at higher temperature and from more basic 
solutions. 


pyrite, quartz, galena, magnetite, feldspars 
| Mexico | Germany | France | Missouri/USA | 


name comes from Arabic word used for pyrite "markaschatsa", "fire 
stone". It may disintegrate with time in collections as it air oxidizes. 
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— foe | eee 


gray, yellowish, brassy, metallic 


hexagonal (usually slender, hair-like, acicular crystals, often radiating 
Crystal: sacs) 


hydrothermal replacement deposits, volcanic exhalation product. 


calcite, chalcopyrite, sphalerite, galena, linneite, gerdorffite 


| Michigan, New York, Pennsylvania, USA | Canada | Germany | 


Named for the English minerologist, W. H. Miller. Soluble in HNO3 
and aqua-regia. 
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: [molybdenite q 


MoS2 Molybdenum Sulfide 
Color(s): lead-gray, metallic 


hexagonal (flat tabular plates common, scales, foliated masses) 


in quartz veins and pegmatites, hypothermal veins, and hydrothermal 
Envronment:| . ! 
veins, and some metamorphic rocks. 


quartz, wolframite, cassiterite, sphalerite, pyrite, magnetite 


| Colorado, New Jersey, USA | Canada | England | Sweden | USSR | 
Locals: = 
Austrailia | 


The name comes from the Greek "molybdos", meaning "lead". Soluble in 
HNO3 and aqua-regia. It feels greasy to the touch and has been used as a 
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values to those parameters. An example of testing is, Does that flashlight work? The answer is yes or no, 
arrived at by the simple expedient of turning it on and observing the results. An example of 
measurement is, How much current does that flashlight draw? The answer might be 0.78A, and this 
would be determined using the appropriate measurement device, which in this case could be an 
ammeter. 


Inspection Equipment 


Sometimes, however, measuring things isn't hard at all, especially when the things being measured are 
actual, tangible items that you can hold in your hand. What you will need are some basic tools, primarily 
to be able to see what it is that you are measuring, and secondarily to take accurate measurements of 
them, at least in regard to their physical dimension. This comes in very handy when trying to identify 
components during repair or equipment upgrades, when the original technical documentation is not at 
hand. 

Even the youngest and finest of eyeballs will need help with the teeny-tiny components that are 
available nowadays. You should try to find at least a small magnifying glass to examine fine details. If 
your budget allows, you might want to consider a microscope of modest power to look at your 
handiwork. Careful shopping will result in finding some older microscopes at bargain prices. Expect to 


Figure 2-17. A very nice stereo microscope. The power cord running to the white ring (partially hidden) 
supplies power to a ring of white LEDs that help illuminate the field of view. The base is very heavy to help 
stabilize the microscope. 
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As2S3 Arsenic Sulfide 
Color(s): lemon-yellow, orange, orange-brownish 


monoclinic (poorly formed and crystals are rare. Crystals are prismatic or 
Crystal: 
tabular when present. Often granular or encrusting. ) 


a sublimation product in fumaroles, and a byproduct of the decay of 


realgar. 


realgar,stibnite,pyrite,sphalerite,calcite 


| USSR | Germany | Switzerland | Utah, Nevada, USA | Hungary | Italy | 


Turkey | China | 


The name is derived from the Latin "auripigmentium", relating to the 
minerals "goldish color". Soluble in nitric acid. 
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pyrargyrite 


named from the Greek. pyr, "fire" and aregyros meaning "silver". 


215 


276 


quartz, microcline, biotite, hematite, magnetite, rutile, calcite, sphalerite 


| Spain | Portugal | Italy | Wyoming, New York/USA | 


soluble in nitric acid, known as "fools gold", the name "Pyrite" means 
"fireStone" in Greek. The name fire stone came from the common belief 
that pyrite held fire (inside) and was used by ancients as a sparking source. 
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siegenite 


Bie 3 2 a bere 


sail sa silvery sometimes with a brownish look, 
Isometric; octahedrons, often botryoidal 
hydrothermal deposits 

chalcopyrite, pyrite 

MO., USA / Germany / Canada 


locality name from, Siegen, Germany. 


279 


3 > Ane e 


eds 
E 


280 
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quartz, galena, pyrrhotite, pyrite, marchasite, barite, fluorite, chalcopyrite 


Do | Poland | Idaho, New Jersey, Missouri, Ohio, USA | Mexico | Germany | 
USSR | 


The name is from the Greek word "sphaleros", meaning "treacherous" - 
probably because of similarity to several other minerals. Soluble in HNO3. 
It 1s the principal ore of zinc. 
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Even a humble magnifying lens can be very helpful in the lab, especially if it has a built-in light. See 
Figure 2-18. 
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Figure 2-18. A small, handheld magnifier with a built-in LED light is very handy for examining small 
features and details, such as are found on many PCBs. 


Physical Measurement Devices 


Once you know what something looks like, at extreme close-ups, can you describe in absolute terms how 
big it is? 

Take a look at Figure 2-19. Here we have, from the top to the bottom, a traditional tape measure, 
marked in both English and metric units (fractional inches and decimal centimeters), a digital caliper 
that can render measurements in either system at the touch of a button, and an architect's scale. While it 
may not be evident in the top-down view, the architect’s scale is triangular in cross-section, resulting in 
not two but six different measurement options. This is mostly due to architects liking to draw things to 
scale, instead of full-sized. 

The digital caliper is interesting in that it also provides a computer interface so that its readings can 
be pulled in by a computing device of some sort. These devices used to be quite expensive, but mass 
production has brought their prices down significantly. 
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stibnite 


orthorhombic, slightly flexible crystals, often radiating blades 
epithermal veins 
A cinnabar, galena, barite, quartz 


Locals: | Shikoku/Japan | Rumania | Idaho, Nevada. California / USA | China | 


Mise: from the Greek name "stibi", used to describe antimony which was used 
to separate gold by the ancients 
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Name: |tetrahedrite 
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Crystal: Isometric (predominantly in tetrahedron) often inter grown masses 


common copper minerals they form in mesothermal and epithermal veins, 
Envronment: E 
they also form with carbonatites, and in hydrothermal deposits. 


galena, quartz, pyrite, chalcopyrite, bornite 
| Germany | Mexico | British Columbia | Idaho, Colorado, Utah, USA | 
Locals: Bean | 


The name is derived from its crystal habit, being predominantly 
tetrahedral . It is soluble in nitric acid and aqua regia 
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PHOSPHATES / VANADINATES / 
ARSENATES 


annabergite 


monoclinic, prismatic to tabular, often acicular ... sometimes massive. 
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Green, yellow, brown, red, yellow, blue, pink, white 


uneven er 
Fracture: - , ,) Cleavage: poor, unidirectinal 
conchoidal 


hexagonal, usually short prismatic, sometimes tabular, often massive 
Crystal: 
without form. 


ae es Igneous rocks, and some metamorphics. In plutonic, granite pegmatites 
and hornfels. 


acmite, titanite, magnetite, albite, andradite, nepheline 


Ontario, Canada/ San Diego, California/ Durango, Mexico 


the name comes fro m the Greek, apate. which means "deceit". Because it 
is often confused with other gem minerals like beryl, olivine (peridot), and 
fluorite. 
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autunite | 


Phosphates/Arsenates/Vanadates 
Ca(UO2)2(PO4)2 € 10-12 H20 
Color(s): lemon-sulfur yellow, yellow-green, green 


o | Je poo 


Germany / Eng;amd / France / Zaire, Africa / Grafton, Colorado, NH, 


NC, SD, USA / 


The name is derived from a locally ... Autun, Saone-et-Lotre, France. 
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Figure 2-19. From top to bottom, a tape measure, a set of digital calipers, and an architect's scale. 


Simple Electronic Measurement Tools 


Now that you've got the tools to examine what these things look like and how big or small they are, let's 
move on to the more mysterious art of measuring their electrical properties. 


Voltmeters 


Voltage is a measure of electromotive force, and the standard unit of measure is the volt, named after 
Alessandro Volta, an Italian physicist. Voltage is sometimes compared to the pressure of water flowing 
through a garden hose, while amperage is compared to the amount of water flowing through the hose at 
any given time. It’s not particularly useful to push this water analogy too far, but it’s helpful in the 
beginning. 
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Phosphates/Arsenates/Vanadates 


CRER NaAl3(PO4)2(OH)4 Hydrous Sodium Aluminum 
Phosphate 
Color(s): Colorless, yellow to yellow green Streak: colorless 
Monoclinic - crystals are often prismatic and often nearly equal in all 
Crystal: E 
directions, globular. 
apatite, quartz,wardite, tourmaline 
| Brazil | N.H., USA | 


Name derived from it most famous locality Brazil. 
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yellow, yellow-brown, greenish-yellow streak: light yellow 


Car Monoclinic - prismatic, often as a fine dispersion over a host rock. Crust 
iiia like aggregates over a matrix. 

Envronment: [a secondary uranium ore that occurs mainly in sandstone deposits. 

Association: 


Co, NM, Ut, Az, USA 
Named after a French chemist;M. A. Carnot 
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clinoclase 


Phosphates/Arsenates/Vanadates 
Cu3AsO4 (OH)3 hydros copper arsenate 
Color(s): dark green, blue, dark blue to black 


2.5 - 

monoclinic (often in groups - radiating as rosettes, tabular and 
Crystal: 

elongated) 
Secondary mineral in the oxidation zone of copper sulfide deposits. 
olivinite, cornubite 


| Morocco | Australia | Japan | England | Chile | Nevada, Utah, USA | 


Soluble in dilute acids and produces a garlic smell. 
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collinsite WA 


Phosphates/Arsenates/Vanadates 


., . [Ca2(Mg,Fe)(P04)2€2H20 Hydrous Calcium Magnesium 
Iron Phosphate 


Triclinic - often prismatic to tabular, sometimes a radial structure 
| Canada | USSR | Austria | Australia | N.C., S.D., USA | 
Named after William H. Collins. 
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ra ES TA 


Orthorhombic; short prismatic often somewhat rounded, sometimes 
Crystal: D 
radiating fibers 


malachite, pseudo malachite, brochanite 
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Voltage can be accurately measured with, you guessed it, a voltmeter. See Figure 2-20. 


Figure 2-20. A panel-mount analog voltmeter (left) and a digital version (right) 


A voltmeter measures the voltage, or potential difference, in a circuit across two points. Sometimes 
one of the points is a fixed reference point, such as the electrical ground mentioned in many circuits. 
This is often just a convenience for the purpose of measuring things, as the ground in an electrical circuit 
may or may not be connected to the ground under your feet. 

A voltmeter will have two terminals, labeled positive (+) and negative (—). Looking at the analog 
voltmeter in Figure 2-20 (the one on the left), we see a needle that can swing from 0 on the left to 30 on 
the right. The prominent capital Von the dial indicates that the unit of measure is the volt. This indicates 
that you can use this meter to directly read from 0 to 30 volts, just by placing its terminals across a 
voltage. The meter itself is electromechanical in design, and creates a magnetic field that works against a 
spring and a fixed magnet. This action causes the needle to move to a point generally corresponding to 
the labeled voltage on the dial. These needles are not especially accurate, but can be corrected using the 
screwdriver adjustment at the bottom of the meter. 

An analog panel meter such as this one does not require a separate power supply for proper 
operation. It draws all the power it needs from the signal being measured. This makes it unsuitable for 
measuring low-power circuits, where the current draw from the meter would unduly influence the 
reading. 

The panel meter on the right is a digital circuit that measures the voltage and displays it on the built- 
in liquid crystal display (LCD). It requires a separate power supply for normal operation. 
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Association: |clinoclase, malachite, olivinite, cornwallite, liroconite 


Locals: | Cornwall, Devon, Cumberland, England | Arizona, Utah, USA | 
Locals: 

Japan | 

Named from Cornubia, the medieval latin name for Cornwall. 


304 


Name: [eosphorite . FK $ E 


Phosphates/Arsenates/Vanadates 


Monoclinic (prismatic crystals or radial bunches) 


found in granite pegmatites, with other manganese phosphates 


childrenite, lipscombite, phosphoferrite, purpurite, 


| New Hampshire, Main, Connecticut, USA | Brazil | Bavaria [Rwanda | 
Locals: a 
Namibia | 


Named from the Greek for "dawn-bearing," in allusion to the pink 
color. 
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Name: erythrite Taig ‘o> + eh 
A es + 


Crystal: Monoclinic (prismatic, tabular, acicular) sometimes massive 


found in oxidized zone of cobalt rich deposits, formed through alteration 
Envronment: l 


of cobaltite, and skutterudite. 


cobaltite, annabergite, malachite, azurite 
| Idaho, USA | USSR | Morocco | Germany | India | South England | 
Locals: Tank] 


From the Greek word "erythos", meaning "red". It is soluble in hot nitric 
; acid. 


307 


NADA 
A L y 


IFA 
YE 
rea. 


AAD 


francevillite 


' > 
Phosphates/Arsenates/Vanadates 
Chemistry: [Ba PPXUO2)2V208 SHO) 


dnd yellow-green, brown, yellow- 

Fane | Jer rocas 
Envronment:| 
a LA 


Franceville, Gabon, Africa / PA, USA / Germany | England | 


Named for the locality in Franceville, Gabon. 
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koettigite (kottigite) 


f eC a 
Phosphates/Arsenates/Vana 
white, gray, brown-reddish 
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Ammeters 


An ammeter looks and operates just like a voltmeter, except that it measures electrical current flow 
instead of voltage. The flow of electrical current is measured in units called amperes (A). The basic 
mechanism is almost identical to a voltmeter. To convert a current flow into a voltage, an electrical 
device known as a shuntis used. The shunt is simply a fixed-value resistor that produces a voltage across 
its terminals in relation to the amount of current that is flowing through it and its inherent resistance to 
the flow of current. 

This relationship between voltage, current, and resistance is elegantly expressed in Ohm’s Law. If 
you know two of the measurements in a circuit, you can calculate the third, based on their fixed and 
proportional relationship to each other. You will find this law to be exceedingly helpful to you when 
designing, repairing, and upgrading electronics. 

To avoid using fractions, which seem to terrify so many people for no good reason, you can use 
Ohm's Law thusly: 


e Voltage (volts) = current (amps) x resistance (ohms) 
e Current (amps) = voltage (volts) + resistance (ohms) 
e Resistance (ohms) = voltage (volts) + current (amps) 


That's all there is to it, if you’re just working with volts, amps, and ohms. Things can get weird, 
however, when you start to work with alternating current (AC), which is the kind of electricity you find in 
wall outlets and audio circuits. 


Ohmmeters 


An excellent application of Ohm’s Law is found in building a resistance meter, also called an ohmmeter, 
because it measures resistance. Resistance is measured in units called ohms, often abbreviated with the 
capital Greek letter omega (Q). 

There are two ways to do measure resistance. One is to pass a known voltage though the unknown 
resistance and measure the current that is flowing in the circuit. The other is to pass a fixed current 
though an unknown resistance and measure the voltage across it. This second method is the one most 
commonly used. 

You're most likely going to use a multimeter to measure resistance, as this is one ofthe more 
common functions of these handy devices. Mutlimeters are covered in the very next section. 


Advanced Test and Measurement Equipment 


It would seem that for simple circuits, having just a voltmeter, an ammeter, and an ohmmeter would be 
all you need. For the most part, this is correct. However, have you considered what would happen if you 
applied 100V to the 30V meter shown in Figure 2-20? What if you simply reversed the polarity of the 
signal by accident? Something bad for the meter, that's for sure. It might not actually catch on fire right 
away, but it would certainly damage the delicate, spring-loaded mechanism, possibly rendering it 
useless as a reliable measuring instrument. 

The same can be said for an unprotected ammeter or ohmmeter. Luckily, the nice people that make 
good test equipment stay up late at night, thinking of the stupid things we might do with their products, 
and protect them accordingly. Let's look at some meters that measure multiple electrical characteristics, 
which strangely enough are called multimeters. 
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MgAl2(PO04)2(OH)2 Hydroxy Magnesium/Aluminum Phosphate 
Color(s): light blue, blue, dark blue, sometimes violet tints 


Crystal: Monoclinic, pseudo-dipyramidal 


Envronment:|In hypersilicic rocks, igneous veins, metamorphic quartzites. 


rutile, quartz, kyanite, corundum, garnet, sapphire 


| Austria | Switzerland | Brazil | Georgia, USA | 


Dissolves in strong hot acids very slowly, breaks apart when heated. The 
name is derived from the Persian "lazhward", meaning "blue". Scorzalite is 
the iron rich end-member where Fe substitutes for Mg. 
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egrandite 
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yellow, yellow-orange streak: white 
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libethenite 


Orthorhombic (usually short prismatic) 

oxidized zones of copper deposits, 

malachite, pseudo malachite, euchroite, limonite 

| France | England | USSR | Zaire | Navada, New Mexico, 
Pennsylvania/USA | Chile | 


Named after its locality, Lubietova (German Livethen), Czechoslovakia 
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Name: |mimetite Jx > ee bs 
= ES no, y e 


Phosphates/Arsenates/Vanadates 
Pb5(AsO4)3C1 Lead ChloroArsenate 
Color(s): yellow, yellow-green, white, brown, Streak: white 


soluble in nitric acid, named from the Greek word "mimetes" which means 
"imitator" because of it's similarity to pyromorphyte 
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olivenite 


°~ 
Phosphates/Arsenates/V anadates 


Crystal: orthorhombic (elongated or short prismatic, sometimes acicular) 


secondary mineral in the alteration of hydrothermal replacement deposits 


Association: |malachite, azurite, arsenopyrite, zeunerite 


| USSR | Utah, Nevada, USA | Greece | Chile] England | 


The name comes from the German word "olivenerz", meaning "olive 
ore". Soluble in both acids and ammonia. 
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Multimeters 


Multimeters will almost always allow you to measure various ranges of DC (direct current) volts, AC 
volts, current, and resistance. More advanced meters also measure things like frequency and duty cycle 
or even temperature. Some meters will even directly measure capacitors, inductors, and transistors 
using specialized connectors. 

As with most tools, you generally get what you pay for with multimeters. The meter on the left in 
Figure 2-21 was purchased for under $3, including shipping from China. It arrived DOA (dead on arrival) 
and was not deemed important enough to return. It will make an interesting clock or fake lie detector 
someday. The unit on the right was purchased new for nearly $400 and has provided over a decade of 
useful service. The unit in the center is modeled after the unit on the right, it would seem, but can be 
bought new for between $10 and $20. The unit in the photo was bought wholesale for $4, because 
sometimes you get lucky. It's often handy to have a second meter in the lab—for example, when you 
need to measure the voltage and the current flowing in a circuit simultaneously, which you just can't do 
with a single meter. 


Figure 2-21. Examples of some multimeters. The meter on the left features an analog display that is easy to 
read and acommodates several readout scales simultaneously. The remaining two meters have digital 
readouts and offer more accuracy. All the meters use a large rotary knob for selecting the proper function. 
The higher-cost unit on the right features auto-ranging, intellignetly deciding what range to use. The right 
two units also have high-impact boots to help protect them in the event of a fall. 
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purpurite : 


Phosphates/Arsenates/V anadates 

Chemistry: |(Mn,Fe)(PO4) Hydrous Copper Arsenate 

VO purple, pink to purplish red, magenta, black, sometimes 
brownish 

Crysta: orthorhombic (very small crystals, usually appears as a thin scale, 

Crystal: 
always inter grown) 

present in pegmatites 

heterosite 


| Sweden | California, USA | France | Namibia | Austrailia | 


From the Latin purpureus - "purple red." 
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pyromorphite 


i A ia at 


A 
Phosphates/Arsenates/Vanadates 
Pb5(PO4)3C1 Lead Chloro-Phosphate 


ellow, yellow-white, greenish, Streak: pale-yellow, greenish- 
Color(s): vellow y E P a 


soluble in nitric acid, it has a high index of refraction, name comes form 
the Greek phrase "pyro morph" meaning "fire formed", it was observed by 
the Greeks that it would recrystallize from a melt. 
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Named after Gustave Rose (1798-1873), professor on mineralogy at the 
University of Berlin, Germany. wendellwilsonite** is a solution series 
member which differs only in the ratio of magnesium to cobalt. 
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Phosphates/Arsenates/Vanadates 


osphate 
Orthorhombic (tabular, acicular, radiating) 
phosphate pegmatites 
phosphophylite, hopeite, parahopeite, tarbuttite 


| Germany | Australia | Zambia | 
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Your present budget will help determine what level of multimeter you might want to obtain. If 
you're wanting to sink less cash into a multimeter right now, consider looking for used equipment in 
good shape. As with any good tool, you can spend as much as you like on these. The sky really is the limit 
here. 

Most all-in-one meters protect their inputs using fuses. You will have to disassemble your meter to 
replace these fuses, so think twice and measure once (to paraphrase the old carpenter’s saying, 
“Measure twice and cut once”). 


Tip Be sure to set up your meter for the proper function and range before taking measurements. 


Oscilloscopes 


Once you've gone beyond measuring simple DC and AC voltages and move on to more complex signals 
and waveforms, you'll have to lay aside your trusty meter and fire up your favorite oscilloscope. This 
instrument is more complex than your traditional multimeter, and offers a different perspective on 
what’s going on in your circuit. 

While many modern oscilloscopes have many modes of operation, their basic function is to draw a 
picture of your signal on a small screen. In the olden days, this was done with a moving dot that was 
swept across a phosphorescent screen, leaving a residual, fading line of light. If this pattern was repeated 
over time, a visual representation of the signal could be seen on the screen. See Figure 2-22. 

Modern oscilloscopes use a computer monitor or built-in screen display to draw the signal. This 
saves space, weight, and power requirements. 

When purchasing an oscilloscope, the features you pay most for are the number of available 
channels and the bandwidth. The least expensive oscilloscopes will have a single channel. Having 
multiple channels allows you to “see” multiple signals simultaneously, which is often helpful in 
understanding what is going on in a circuit. 

Bandwidth refers to the range of frequencies that can accurately be measured by the oscilloscope. 
Lower bandwidth scopes require much simpler electronics, and are thus cheaper to produce. 
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skutterudite 


metallic gray, tin-white streak:black 


isometric (crystals are often octahedral, cubic, and dodecahedral) 


Formed in hydrothermal veins, medium to high temperature 


Association: [arsenopyrite, silver, bismuth, calcite 


| Iran | Germany | Canada | Morocco | Colorado, Arizona, USA | 


Mise: The name is derived from one of its more famous locals, Skutterrud, 
l Norway. Fumes smell strongly of garlic when heated. (not recommended) 
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strengite 


Crystal: Orthorhombic; tabular, radiating fibrous, and sometimes as crusts 


in phosphorus containing limonite, and phosphate pegmatites 


Association: |[phosphosiderite, strunzite, beraunite, vabelite, vivianite 


Germany / Portugal / Sweden / CA., Al, USA / 
name after a German mineralogist, J. A. Streng (1830-1897). 
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ie yellow-orange, reddish brown, pink Streak: 
EEC CEC ETC 
Trigonal - Hexagonal Scalenohedra 


| Australia | Canada | China | England | Sweeden | Ca., USA | 
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Name: l|torbernite hos Y ĪA 


a 10H20 hydrated copper uranium 
green, yellowish-green, Streak: white 
tetragonal (often micaceous - tabular plates) 


in pegmatites, hydrothermal veins, and some sedimentary deposits. It is 


an oxidation product of other uranium minerals. 


uranite, autunite 
Toca | England | Austrailia | Germany | France | Zaire | Mexico | North 
Carolina/USA | 


is not fluorescent, it 1s radio active, named for the Swedish minerologist 
Torbern Olaf Bergman. 
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vanadinite 


Hexagonal (sometimes hallow) 


Secondary mineral develops in hydrothermal replacement deposits 


galena, wulfenite, barite, pyromorphyte 


Morocco | Zambia | Mexico | Arizona, New Mexico/ USA 


Mise: 


soluble in nitric acid, an arsenic rich variety is also known as endlichite, 
name is from the element vanadium 
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Figure 2-22. A Tektronix 475A oscilloscope. This piece of vintage test equipment is considered by some to be 
the best analog oscilloscope ever made. It also has a digital multimeter built in along the top edge. 


The Golden Age 


Once upon a time, not so long ago, a quality oscilloscope weighed 40 pounds and had a folding handle to 
make it, if not portable, at least transportable. It also had its own line of furniture to place it on, so that 
you could wheel it around the lab as you needed. Oh, and it also cost about three months’ salary, and 
that's if you had a good job. 

The good news? That same scope still works today. It can be repaired or calibrated to the exact same 
standards as when it was brand new, plus you can buy it on eBay for a few hundred dollars, sometimes 
less. That's because when these devices were designed back in the 1970s, they were made to be the best 
in the world, and cost was not a factor. 


Modern Oscilloscopes 


Today you can buy a quality oscilloscope for a few hundred to a few thousand dollars. These scopes not 
only display your signal on a large, colorful screen, but they can also analyze the signal and tell you all 
kinds of interesting things about it. For an example of such an oscilloscope, see Figure 2-23. 
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variscite 


Thee name is derived from Variscia and ncient district in Germany. 
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vivianite 
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Phosphates/Arsenates/V anadates 
blue, green, gray-black, Streak: It. blue, white, brown 


Crystal: monoclinic (prismatic) sometimes crystals appear bent 
principally in disseminated hydrothermal replacement deposits 


muscovite, sphalerite, quarts, pyrite, pyrhotite, siderite 


| Bavaria/Germany | New Jersey, Colorado, Utah/USA | Brazil | 


soluble in HCl or HNO3, turns opaque and darker on exposure to light, 
named after J.G. Vivian, English Mineralogist 
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Phosphates/Arsenates/Vanadates 


: NaAlB(PO4)2(0H)4€2H20 Hydrous Sodium Aluminum 
Chemistry: 
Phosphate 
Color(s): blue-green, white, colorless 
Faan [fone A 
Tetragonal - crystals often pyramidal, sometimes striated, sometimes 
Crystal: 
fibrous or aggregates. 
found in pegmatites, and phosphate-rich sedimentary rocks 
variscite, vivianite, lazulite, apatite, amblygonite 
| France |UT., S.D., CA., N.H., USA | Brazil | 
Named for Henry Ward. 
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Phosphates/Arsenates/Vanadates 


green, yellow, white, brown, Streak: white 
Orthorhombic (usually radial fibrous -globular) 


alteration zone in contact metamorphic rocks, and alteration zone of 
Envronment:|_ . 

epithermal veins 
Association: |quartz, muscovite, limonite, turquoise 


| Brazil | Bolivia | England Arkansas, Colorado, Pennsylvania/USA | 


The name is after William Wavell, the English physician who 
discovered it. 
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CHAPTER 2 = BUILDING YOUR TOOL CHEST 


Figure 2-23. A modern digital storage oscilloscope. The RIGOL DS1052E is an affordable scope that will 
handle most troubleshooting and design challenges that you might encounter in your lab. 


This new breed of digital storage oscilloscope (DSO) can even connect to your PC to be remotely 
operated and allow you to capture screen shots that can then be pasted into books about how to build 
your own electronics lab. It's true. See Figure 2-24. 


93 


Minerals of the world 


volumel 
By Anna farahmand and Micheal Webber 
2010 


First published 2010 


All part of this publication may be reproduced, stored in a retrieval system 
or transmitted in any form or by any means electronic, mechanical, 
photocopying, recording or otherwise without the prior written permission of 
the publisher. 


get in touch with us at http://www.dead-phoenix-press.com/ 


Michael Webber: dead-phoenix-press @ xemaps.com 
anna farahmand: annafarahmand O yahoo.com 


preface 


A mineral is any naturally-occurring, homogeneous solid that has a definite chemical 
composition and a distinctive internal crystal structure. Minerals are usually formed by 
inorganic processes. Synthetic equivalents of some minerals, such as emeralds and 
diamonds, are often produced in the laboratory for experimental or commercial purposes. 


Although most minerals are chemical compounds, a small number (e.g., sulfur, copper, 
gold) are elements. The composition of a mineral can be defined by its chemical formula. 
The identity of its anionic group determines the group into which the mineral is 
classified. For example, the mineral halite (NaCl) is composed of two elements, sodium 
(Na) and chlorine (Cl), in a 1:1 ratio; its anionic group is chloride (CI )--a halide--so 
halite is classified as a halide. Minerals can thus be classified into the following major 
groups: native elements, sulfides, sulfosalts, oxides and hydroxides, halides, carbonates, 
nitrates, borates, sulfates, phosphates, and silicates. Silicates are the most commonly 
occurring minerals because silica is the most abundant constituent of the Earth's crust 
(about 59 percent). 


A mineral crystallizes in an orderly, three-dimensional geometric form, so that it 1s 
considered to be a crystalline material. Along with its chemical composition, the 
crystalline structure of a mineral helps determine such physical properties as hardness, 
color, and cleavage. 


Minerals combine with each other to form rocks. For example, granite consists of the 
minerals feldspar, quartz, mica, and amphibole in varying ratios. Rocks are thus 
distinguished from minerals by their heterogeneous composition. A mere 100 of the 
several thousand known types of minerals constitute the main components of rocks. you 
will know more about minerals here. 


Aluminum & Bauxite 


Aluminum: Is the most abundant metal 
element in the Earth’s crust. Bauxite is 
the main source of aluminum. 
Aluminum is used in the United States in 
packaging, transportation, and building. 
Guinea and Australia have about one- 
half of the world’s reserves. Other 
countries with major reserves include 
Brazil, Jamaica, and India. 


Bauxite: A general term for a rock 
composed of hydrated aluminum oxides. 
It is the main ore of alumina to make 
aluminum. Also used in the production 
of synthetic corundum and aluminous 
refractories. 


MII Photo 


Background 


Aluminum is a silver-white metal, very light in weight (less than three times 
as dense as water), yet relatively strong. In addition, aluminum is ductile, that 
is, it can be drawn into wires or pressed into sheets or foil. It 1s the most 
abundant metallic element, and the third most abundant of all elements in the 
Earth’s crust, making up 8% of the crust by weight. Only silicon and oxygen 
are more plentiful. 


Aluminum has numerous applications in the home and industry, and is a 
familiar metal to nearly everyone. 


Name 


Aluminum is a reactive metal, and does not occur in the metallic state in 
nature. Therefore, it was unknown as a separate element until the 1820’s, 
although its existence was predicted by several scientists who had studied 
aluminum compounds. It was produced in metallic form independently by the 
Danish chemist and physicist, Hans Christian Oersted, and the German 
chemist, Frederich Wohler, in the mid-1820’s. 


The name aluminum was derived from alumen, the Latin name for alum (an 
aluminum sulfate mineral). The metal was called aluminium with the -1um 
ending being the accepted ending for most elements at this time. This usage 
persists in most of the world except the United States, where the last i has 
been dropped from the name. 


Aluminum and Bauxite 


Because aluminum metal reacts with water and air to form powdery oxides 
and hydroxides, aluminum metal is never found in nature. Many common 
minerals, including feldspars, contain aluminum, but extracting the metal 
from most minerals is very energy-intensive, and therefore expensive. 


The main ore of aluminum is bauxite, the source of over 99% of metallic 
aluminum. Bauxite is the name for a mixture of similar minerals that contain 
hydrated aluminum oxides. These minerals are gibbsite (Al(OH)3), diaspore 
(AlO(OH)), and boehmite (AlIO(OH)). Because it is a mixture of minerals, 
bauxite itself is a rock, not a mineral. Bauxite is reddish-brown, white, tan, 
and tan-yellow. It is dull to earthy in luster and can look like clay or soil. 
Bauxite forms when silica in aluminum-bearing rocks (that is, rocks with a 
high content of the mineral feldspar) is washed away (leached). This 
weathering process occurs in tropical and subtropical weathering climates. 


Alternative sources of aluminum might someday include kaolin clay, oil 
shales, the mineral anorthosite, and even coal waste. However, as long as 
bauxite reserves remain plentiful and production costs are low, the 
technologies to process these alternative sources into alumina or metallic 
aluminum will likely not progress beyond the experimental stage. 


Sources 


Australia has huge reserves of bauxite, and produces over 40% of the world’s 
ore. Brazil, Guinea, and Jamaica are important producers, with lesser 
production from about 20 other countries. The United States’ production, 
which was important 100 years ago, 1s now negligible. 


Most bauxite is first processed to make alumina, or aluminum oxide, a white 
granular material. Sometimes, raw bauxite is shipped overseas for processing 
to alumina, while in other cases it is processed near the mine. Alumina is 
lighter than bauxite because the water has been removed, and it flows readily 
in processing plants, unlike bauxite which has a sticky, muddy consistency. 
Australia, the United States, and China are the largest producers of alumina. 
All the U.S. alumina being made is from imported bauxite. 


Aluminum metal is refined from alumina, usually in industrialized countries 
having abundant supplies of cheap hydroelectric power. The refining process 


is the Hall-Heroult Process, named after Charles Hall of the U.S. and Paul 
L.T. Heroult of France, who each independently invented the process in 1866. 
In this process, alumina (aluminum oxide) is dissolved in molten cryolite 
(cryolite is an aluminum fluoride mineral, Na3AIF¢). The alumina is then 
separated into its elements by electrolysis. Though attempts have been made 
to replace this process, it is to this day the only method used to isolate 
aluminum on a commercial scale. 


The largest producers of aluminum metal are Russia, China, the United 
States, and Canada, countries which have abundant hydroelectric power. 
More than 40 other countries also produce aluminum, including Norway, 
Iceland, Switzerland, Tajikistan, and New Zealand, which are small but 
mountainous, and have many rivers to provide hydroelectric power. Other 
areas of the world with access to abundant and cheap electricity, such as the 
Middle East, are also expanding their metal production capacities. 


Recycling of aluminum by melting cans and other products is an important 
source of metal in many developed countries. 


Uses 


About 85% of all the bauxite mined worldwide is used to produce alumina for 
refining into aluminum metal. Another 10% produces alumina which is used 
in chemical, abrasive, and refractory products. The remaining 5% of bauxite 
is used to make abrasives, refractory materials, and aluminum compounds. 


The lightness, strength, and corrosion resistance of aluminum are important 
considerations in its application. Metallic aluminum is used in transportation, 
packaging such as beverage cans, building construction, electrical 
applications, and other products. 


Aluminum, the third most abundant element at the Earth’s surface, 1s 
apparently harmless to plant and animal life. 


Alternative Sources 


Though aluminum is very important in industry and daily-life applications, it 
can be replaced by other commodities 1f necessary. For instance, copper can 
replace aluminum in electrical applications. Paper, plastics and glass make 
good packaging alternatives. Magnesium, titanium and steel can be used in 
vehicles and other forms of ground and air transportation. 


Unless energy costs should rise steeply, the use of aluminum in most of these 
applications is not likely to be seriously threatened. Worldwide sources of 
bauxite are large enough to supply the demand for aluminum for some time to 
come. 


BARITE 


Barite Photo from MIL, 
J 
courtesy of the Smithsonian Institution 


Barite on Fluorite 


MII Photos 


Barium: Used as a heavy additive in oil-well-drilling mud, in the paper and rubber industries, 
as a filler or extender in cloth, ink, and plastics products, in radiography (“barium 
milkshake”), as getter (scavenger) alloys in vacuum tubes, deoxidizer for copper, lubricant 
for anode rotors in X-ray tubes, spark-plug alloys. Also used to make an expensive white 
pigment. 


Background 


Barite is a mineral composed of barium sulfate, BaSO,. It is usually colorless or 
milky white, but can be almost any color, depending on the impurities trapped in 
the crystals during their formation. Barite is relatively soft, measuring 3-3.5 on 
Mohs' scale of hardness. It is unusually heavy for a non-metallic mineral. The high 
density is responsible for its value in many applications. Barite is chemically inert 
and insoluble. 


Name 


Barite (spelled baryte in British publications) was named from the Greek word 
baros which means weighty, a reference to its unusually high specific gravity. 
(Specific gravity is a mineralogist’s measure of the density of a mineral; this is 
done by comparing the weight of the mineral to the weight of an equal volume of 
water. ) 


Sources 


Most barite is mined from layers of sedimentary rock which formed when barite 
precipitated onto the bottom of the ocean. Some smaller mines utilize barite from 
veins, which formed when barium sulfate was precipitated from hot subterranean 
waters. In some cases, barite is a by-product of mining lead, zinc, silver, or other 
metal ores. 


There are nine barite mines in the United States; in Nevada, Georgia, Tennessee, 
and Missouri. China produces nearly ten times as much barite as the U.S., and 
India also produces more. About 40 other countries are also producers. 


Many barite deposits are known worldwide, but some are uneconomic because 
barite can be mined more cheaply in China. 


Uses 


By far, the principal use for barite is as a “weighting agent” in oil and natural gas 
drilling. In this process, barite is crushed and mixed with water and other materials. 
It is then pumped into the drill hole. The weight of this mixture counteracts the 
force of the oil and gas when it is released from the ground. This allows the oil and 
gas rig operators to prevent the explosive release of the oil and gas from the 
ground. Currently, the majority of barite consumption in the United States 1s for 
this drilling application. However, the consumption in drilling "mud" fluctuates 
from year to year, as it is dependent on the amount of exploration drilling for oil 
and gas, which in turn depends on oil and gas prices. 


Beyond this, barite 1s used as an additive to paints, enamels, and plastics, in the 
production of so-called "lead" crystal or "leaded" glass, stops radiation from 
computer monitors and television tubes, and as the source of barium chemicals. 


Barite has the unique ability to strongly absorb X-rays and gamma rays. 
Consequently, it is used in medical science for special X-ray tests on the intestines 
and colon. It is also mixed with cement to make special containers used to store 
radioactive materials. A more recent application of barite is in the production of 
brake pads and clutches for cars and trucks. 


Substitutes and Alternative Sources 


Possible substitutes for barite, especially in the oil drilling industry, include other 
similar minerals, such as celestite (strontium sulfate, SrSO4) and iron ore. A 
German company is producing synthetic iron ore (hematite) which is proving a 
good substitute for barite. However, these alternatives have yet to be widely used 
in the oil industry, and barite continues to be the preferred commodity for this 
application as long as barite production remains strong. 


Barite crystal drawings by 
Darryl Powell 

© 1999 Darryl Powell 
Used with permission. 


Coal: One of the world’s major sources of energy. In the United States, 
coal provides approximately 23% of all the energy consumed. Coal is 
used to produce more than half of all the electrical energy that is 
generated and used in the United States. Coal is a very complex and 
diverse energy resource that can vary greatly, even within the same 
deposit. In general, there are four basic varieties of coal, which are the 
result of geologic forces having altered plant material in different ways. 
These varieties descended from the first stage in the formation of coal: 
the creation of peat or partially decomposed plant material. 


MII Photos 


Lignite: Increased pressures and heat from overlying strata causes buried peat to dry and harden into lignite. Lignite is a brownish- 
black coal with generally high moisture and ash content and lower heating value. However, it is an important form of energy for 
generating electricity. Significant lignite mining operations are located in Texas, North Dakota, Louisiana, and Montana. 


Subbituminous Coal: Under still more pressure, some lignite was changed into the next rank of coal subbituminous. This is a dull 
black coal with a higher heating value than lignite that is used primarily for generating electricity and for space heating. Most 
subbituminous reserves are located in Montana, Wyoming, Colorado, New Mexico, Washington and Alaska. 
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Figure 2-24. A screen capture made with the RIGOL DS1052E oscilloscope. 


Tiny Oscilloscopes 


The march of electronic miniaturization never stops, and so it is with oscilloscopes. If both your needs 
and your budget are modest enough, perhaps you can get by with something like the pocket-sized 
wonder shown in Figure 2-25. 

While little scopes like this lack the accuracy and bandwidth of their larger relatives, they are 
definitely handy to have when you need to look at a signal. If you can keep your expectations in check 
when it comes to the user interface, you can get a lot of utility from such a small package. 

Additionally, one of the benefits of a device such as this is that the hardware and internal software 
(yes, there’s a little computer in there, somewhere) is all open source. This means that you have access 
to all the schematics and source code. And what does that mean? It means that if you have the skills and 
the right equipment, you can redesign the entire apparatus to fit your own requirements, assuming that 
you understand the basic limitations of the electronics. The sky is the limit. You are empowered. 


Bituminous Coal: Even greater pressure results in the 
creation of bituminous, or “soft” coal. This is the type 
most commonly used for electric power generation in the 
U.S. It has a higher heating value than either lignite or 
subbituminous, but less than that of anthracite. 
Bituminous coal is mined chiefly in Appalachia and the 
Midwest. Also used to make coke. 


Anthracite: Sometimes also called “hard coal,” 
anthracite forms from bituminous coal when great 
pressures developed in folded rock strata during the 
creation of mountain ranges. This occurs only in limited 
geographic areas - primarily the Appalachian region of 
Pennsylvania. Anthracite has the highest energy content 
of all coals and is used for space heating and generating 
electricity. 


Copper: Used in electric cables and wires, switches, plumbing, heating, roofing and building 
construction, chemical and pharmaceutical machinery, alloys (brass, bronze, and a new alloy with 
3% beryllium that 1s particularly vibration resistant), alloy castings, electroplated protective 
coatings and undercoats for nickel, chromium, zinc, etc., and cooking utensils. The leading 
producer is Chile, followed by the U.S., and Indonesia 


Background 


It is believed the Egyptians (as early as 3900 B.C.E.) were the first people to create 
bronze, a mixture of copper and tin. This marked the beginning of the Bronze Age. 


Modern culture and life is heavily dependent on copper and copper products. It is a 
metal that has the desirable physical properties of being malleable and ductile. 
Malleable means it can be hammered and molded into shapes; ductile means it can be 
drawn into wire. As a result, copper pipes are used to bring water to and through our 
buildings. Because it is such a good conductor of electricity, millions of miles of 
copper wire crisscross the landscape and run through our buildings. Copper alloys 
(such as brass) are important components in many household products and machines. It 
has been said that the amount of copper a society consumes is a direct indicator of the 
advancement of that society. In other words, those societies that consume larger 
amounts of copper are considered more technologically developed. 


Copper ore may be found in large deposits, relatively close to the surface, and 
amenable to relatively low cost bulk mining methods. The combination of its physical 
properties, abundance, and low cost make it a valuable commodity. 


Copper is a mineral. As a mineral, natural copper (also called native copper) is 
relatively rare. Most copper in nature is found in minerals associated with sulfur, or in 
the oxidized products of these minerals. 


Copper also easily combines with a number of other elements and ions to form a wide 
variety of copper minerals and ores. Copper minerals occurring in deposits large 
enough to mine include azurite (Cu3(CO3)2(OH)2), malachite (Cu2CO3(OH)72), 
tennantite ((Cu,Fe)12As4S13), chalcopyrite (CuFeS2), and bornite (CuSFeS4). 


Name 


Copper was named from the Greek word kyprios, that 1s, the Island of Cyprus, where 
copper deposits were mined by the ancients. The chemical symbol for copper is Cu 
which is derived from the Latin name for copper, cuprium. 


Sources 


The amount of copper believed to be accessible for mining on the Earth’s land is 1.6 
billion tons. In addition, it is estimated that 0.7 billion tons of copper is available in 
deep-sea nodules. Mineral-rich nodules of magnesium, copper and other metals are 
known to form as a product of deep-sea volcanic activity. Retrieving these nodules 
from the sea floor is as yet too expensive to allow this to be a major source of copper. 


Of the copper ore mined in the United States, the majority is produced in three western 
States: Arizona, Utah, and New Mexico. 


Other major copper producing nations include Australia, Canada, Chile, China, 
Mexico, Russia, Peru, and Indonesia. 


Recycled copper, predominantly from scrap metal, supplies approximately one-third of 
the United States” annual copper needs. 


Uses 


In pure form, copper is drawn into wires or cables for power transmission, building 
wiring, motor and transformer wiring, wiring in commercial and consumer electronics 
and equipment; telecommunication cables; electronic circuitry; plumbing, heating and 
air conditioning tubing; roofing, flashing and other construction applications; 
electroplated coatings and undercoats for nickel, chrome, zinc, etc.; and miscellaneous 
applications. As an alloy with tin, zinc, lead, etc. (brass and bronze), it is used in 
extruded, rolled or cast forms in plumbing fixtures, commercial tubing, electrical 
contacts, automotive and machine parts, decorative hardware, coinage, ammunition, 
and miscellaneous consumer and commercial uses. Copper is an essential micronutrient 
used in animal feeds and fertilizers. 


Substitutes and Alternative Sources 


A number of plastic products are used now instead of copper pipes. The 
telecommunications industry 1s using fiber optic cables in place of copper wires, and 
the invention of cellular and satellite telephone technology allows many areas of the 
world to have communications without the need to install “copper telephone wires.” 
Aluminum can be used instead of copper for wires, refrigeration tubing, and electrical 
equipment. 


E 7 Copper crystal from Tsumeb, Namibia. 
A 


Drawing by Darryl Powell 


© 2001 Darryl Powell. 


Used with permission. 


IRON ORE 
Hematite, Magnetite & 
Taconite 


Iron Ore: About 98% of iron ore is used to make steel - one of the greatest inventions and most useful 
materials ever created. While the other uses for iron ore and iron are only a very small amount of the 
consumption, they provide excellent examples of the ingenuity and the multitude of uses that man can create 
from our natural resources. Powdered iron: used in metallurgy products, magnets, high-frequency cores, auto 
parts, catalyst. Radioactive iron (iron 59): in medicine, tracer element in biochemical and metallurgical 
research. Iron blue: in paints, printing inks, plastics, cosmetics (eye shadow), artist colors, laundry blue, paper 
dyeing, fertilizer ingredient, baked enamel finishes for autos and appliances, industrial finishes. Black iron 
oxide: as pigment, in polishing compounds, metallurgy, medicine, magnetic inks, in ferrites for electronics 
industry. Major producers of iron ore include Australia, Brazil, China, Russia, and India. 


Magnetite Hematite Cocihite Limonite 


| MIT Photos | 


Background 


Iron (Fe) is a metallic element and composes about 5% of the Earth’s crust. When pure it is a 
dark, silvery-gray metal. It is a very reactive element and oxidizes (rusts) very easily. The reds, 
oranges and yellows seen in some soils and on rocks are probably iron oxides. The inner core 
of the Earth is believed to be a solid iron-nickel alloy. Iron-nickel meteorites are believed to 
represent the earliest material formed at the beginning of the universe. Studies show that there 
is considerable iron in the stars and terrestrial planets: Mars, the "Red Planet," is red due to the 
iron oxides in its crust. 


Iron is one of the three naturally magnetic elements; the others are cobalt and nickel. [ron is the 
most magnetic of the three. The mineral magnetite (Fez04) is a naturally occurring metallic 
mineral that 1s occasionally found in sufficient quantities to be an ore of iron. 


The principle ores of iron are Hematite, (70% iron) and Magnetite, (72 % iron). Taconite is a 
low-grade iron ore, containing up to 30% Magnetite and Hematite. 


Hematite is iron oxide (Fe203). The amount of hematite needed in any deposit to make it 
profitable to mine must be in the tens of millions of tons. Hematite deposits are mostly 
sedimentary in origin, such as the banded iron formations (BIFs). BIFs consist of alternating 
layers of chert (a variety of the mineral quartz), hematite and magnetite. They are found 
throughout the world and are the most important iron ore in the world today. Their formation is 
not fully understood, though it is known that they formed by the chemical precipitation of iron 
from shallow seas about 1.8-1.6 billion years ago, during the Proterozoic Eon. 


Taconite is a silica-rich iron ore that is considered to be a low-grade deposit. However, the 
iron-rich components of such deposits can be processed to produce a concentrate that is about 
65% iron, which means that some of the most important iron ore deposits around the world 
were derived from taconite. Taconite 1s mined in the United States, Canada, and China. 


Iron is essential to animal life and necessary for the health of plants. The human body is 
0.006% iron, the majority of which is in the blood. Blood cells rich in iron carry oxygen from 
the lungs to all parts of the body. Lack of iron also lowers a person’s resistance to infection. 


Name 


The name iron is from an Old English word isaern which itself can be traced back to a Celtic 
word, isarnon. In time, the "s" was dropped from usage. 


Sources 


It is estimated that worldwide there are 800 billion tons of iron ore resources, containing more 
than 230 billion tons of iron. It is estimated that the United States has 110 billion tons of iron 
ore representing 27 billion tons of iron. Among the largest iron ore producing nations are 
Russia, Brazil, China, Australia, India and the USA. In the United States, great deposits are 
found in the Lake Superior region. Worldwide, 50 countries produce iron ore, but 96% of this 


ore 1s produced by only 15 of those countries. 


Iron ore is the raw material used to make pig iron, which is one of the main raw materials to 
make steel. Due to the lower cost of foreign-made steel and steel products, the steel industry in 
the United States has had difficult economic times in recent years as more and more steel is 
imported. Canada provides about half of the U.S. imports, Brazil about 30%, and lesser 
amounts from Venezuela and Australia. 99% of steel exported from the USA was sent to 
Canada. 


Uses 


In the United States, almost all of the iron ore that is mined is used for making steel. The same 
is true throughout the world. Raw iron by itself is not as strong and hard as needed for 
construction and other purposes. So, the raw iron is alloyed with a variety of elements (such as 
tungsten, manganese, nickel, vanadium, chromium) to strengthen and harden it, making useful 
steel for construction, automobiles, and other forms of transportation such as trucks, trains and 
train tracks. 


While the other uses for iron ore and iron are only a very small amount of the consumption, 
they provide excellent examples of the ingenuity and the multitude of uses that man can create 
from our natural resources. 


Powdered iron: used in metallurgy products, magnets, high-frequency cores, auto parts, 
catalyst. Radioactive iron (iron 59): in medicine, tracer element in biochemical and 
metallurgical research. [ron blue: in paints, printing inks, plastics, cosmetics (eye shadow), 
artist colors, laundry blue, paper dyeing, fertilizer ingredient, baked enamel finishes for autos 
and appliances, industrial finishes. Black iron oxide: as pigment, in polishing compounds, 
metallurgy, medicine, magnetic inks, in ferrites for electronics industry. 


Substitutes and Alternative Sources 


Though there is no substitute for iron, iron ores are not the only materials from which iron and 
steel products are made. Very little scrap iron is recycled, but large quantities of scrap steel are 
recycled. Steel's overall recycling rate of more than 67% is far higher than that of any other 
recycled material, capturing more than 1-1/4 times as much tonnage as all other materials 
combined. 


Some steel 1s produced from the recycling of scrap iron, though the total amount is considered 
to be insignificant now. If the economy of steel production and consumption changes, it may 
become more cost-effective to recycle iron than to produce new from raw ore. 


Iron and steel face continual competition with lighter materials in the motor vehicle industry; 
from aluminum, concrete, and wood in construction uses; and from aluminum, glass, paper, 
and plastics for containers. 


LITHIUM 


Lithium: Lithium compounds are used in ceramics and glass, in primary aluminum production, 
in the manufacture of lubricants and greases, rocket propellants, vitamin A synthesis, silver 
solders, underwater buoyancy devices, batteries. 


al 
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Spodumene Photo from MII, courtesy of the Smithsonian Institution 


Lithic Sandstone 
MII Photo 


Background 


Lithium, the lightest metal, is in a group of elements called 1>alkali metals or Group 
I elements, it has the atomic number of 3. This group includes lithium (Li), 
potassium (K), and sodium (Na). The three alkali metals are highly reactive with 
oxygen and water, so they are stored in oil. Although lithium will react dramatically 
when put in water, it is the least reactive alkali metal. When it reacts with water it 
bounces on the top of the water because it is lighter than water. 


The metal lithium is a silvery-white; petalite is found in the minerals spodumene, 
lepidolite mica, and amblygonite. 


Johan A. Arfvedson, of Stockholm, Sweden, first discovered lithium in 1817. It was 
first isolated by W.T. Brande and Humphrey Davy in the 19th century, but it was not 
commercially produced until 1923. 


Name 
The name lithium comes from the Greek word lithos which means stone because 


lithium was first discovered in rocks and other two alkali metals were first 
discovered in plants. Lithium was first found in the mineral called petalite 


(LiAl(Si,05)2, lithium aluminum silicate). 
Sources 


Some lithium is recovered from the mineral spodumene. Commercial quantities of 
spodumene are in a special igneous rock deposit that geologists call a pegmatite.. In 
pegmatites, the liquid rock (magma) cools so slowly that crystals have time to grow 
very large. The largest spodumene crystal ever found was found in a pegmatite in 
South Dakota. 


Most lithium is recovered from brine, or water with a high concentration of lithium 
carbonate. Brines trapped in the Earth’s crust (called subsurface brines) are the 
major source material for lithium carbonate. These sources are less expensive to 
mine than from rock such as spodumene, petalite, and other lithium-bearing 
minerals. 


It is estimated that the United States has approximately 760,000 tons of lithium. The 
resources in the rest of the world are estimated to be 12 million tons. The United 
States is the world’s leading consumer of lithium and lithium compounds. The 
leading producers and exporters of lithium ore materials are Chile and Argentina. 
China and Russia have lithium ore resources, but it is presently cheaper for these 
countries to import this material from Chile than to mine their own. 


Uses 


More than one-half of the lithium compounds consumed are used in the manufacture 
of glass, ceramics, and aluminum. Lithium is also used in making synthetic rubber, 
greases and other lubricants. 


Lithium batteries are proving to be an effective and affordable alternative to 
traditional batteries, and also in new battery applications. 


Lithium is mixed with other light metals such as aluminum and magnesium to form 
strong, light-weight alloys (an alloy is a mixture of metals). 


Some lithium, in the form of lithium carbonate or lithium citrate, is used as medicine 
to treat gout (an inflammation of joints) and to treat serious mental illness. 


Substitutes and Alternative Sources 


Potassium compounds can be used in glass and ceramic production. Greases can be 
made using calcium soaps, for example, in place of lithium compounds. In some 
cases, glass, polymers and resins can be used in place of aluminum-lithium alloys. 
Zinc, magnesium, nickel and cadmium, and even mercury, can be used to make 
batteries in place of lithium. (It must be noted that mercury is being phased out of 
use due to the fact it is so poisonous.) 


MOLYBDENUM 


Molybdenum: The two largest uses of molybdenum are as an alloy in stainless steels and in alloy steels- 
these two uses consume about 60% of the molybdenum needs in the United States. Stainless steels include 
the strength and corrosion-resistant requirements for water distribution systems, food handling equipment, 
chemical processing equipment, home, hospital, and laboratory requirements. Alloy steels include the 
stronger and tougher steels needed to make automotive parts, construction equipment, gas transmission 
pipes. Other major uses as an alloy include tool steels, for things like bearings, dies, machining components, 
cast irons, for steel mill rolls, auto parts, crusher parts, super alloys for use in furnace parts, gas turbine 
parts, chemical processing equipment. Molybdenum also is an important material for the chemicals and 
lubricant industries. Moly has uses as catalysts, paint pigments, corrosion inhibitors, smoke and flame 
retardants, dry lubricant (molybdenum disulfide) on space vehicles and resistant to high loads and 
temperatures. As a pure metal, molybdenum is used because of its high melting temperatures (4,730 E) as 
filament supports in light bulbs, metal-working dies and furnace parts. Major producing countries are China, 
Chile, and the U.S. 


Molybdenite Photo 
from MII, courtesy of 


- the Smithsonian 
Wulfenite - Lead Molybdate netttion 


Molybdenite 
MIT Photos 


Background 


Molybdenum is a metallic, silvery-white element, with an atomic number of 42. Its chemical 
symbol is Mo. Chemically, it is very stable, but it will react with acids. The physical 
characteristic that makes molybdenum unique is that it has a very high melting point, 4,730 
degrees Fahrenheit. This is 2,000 degrees higher than the melting point of steel. It is 1,000 
degrees higher than the melting temperature of most rocks. It has the fifth highest melting 
point of all of the elements. 


Molybdenite (MoS2, molybdenum sulfide) is the major ore mineral for molybdenum 
(sometimes called moly for short). It is rarely found as crystals, but is commonly found as 
what mineralogists describe as foliated masses. This means the mineral forms folia or layers, 
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Figure 2-25. A handheld oscilloscope, which can also fit in your pocket. This is the DSO201, which has 
been discontinued by the manufacturer, but can still be snapped up for a song from various online 
distributors, as well as eBay. This unit was purchased new for $60 and features a single channel with a 
bandwidth of 1 MHz. 


Power Supplies 


One of the most important pieces of test equipment in your lab is a reliable power supply. Building a 
good bench power supply is an excellent first or second electronics project (see Chapter 5 for more on 
adding power supply to your lab and Appendix A for more on building your own). This is because the 
basic design is very simple and easy to build, yet allows you to add any number of additional features 
later. 

Once you get tired of throwing away spent 9V batteries and grow weary of waiting for the red light 
on the battery charger to go out, it's time to invest (either time or money or both) in a decent bench 
power supply. 

It doesn't have to be fancy. In fact, the simpler the better at first. What you're aiming for primarily at 
this point is reliability. You want to know that when you turn on your 5V supply, it's putting out 5 volts, 
not 2 or 11, no matter what you do to it. If it’s overloaded, it needs to deal with it and not be catching on 
fire. If it’s underloaded, or not loaded at all, it still needs to maintain a nice, clean output. 

Want a cheap or free power supply? Do you have any dead or discarded electrical gizmos that came 
with a charger? These make excellent starter supplies for the new lab. Do you have any extra USB 
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like the mineral mica. It is metallic gray, has a greasy feel, and is very soft at only 1 on Mohs' 
hardness scale. Its softness, metallic luster and gray color led scientists to mistakenly believe 
1t was a lead mineral. Geologically, molybdenite forms in high-temperature environments 
such as in igneous rocks. Some molybdenite forms when igneous bodies contact rock and 
metamorphose, or change, the rock. This is called contact metamorphism. 


Molybdenum is also found in the 
mineral wulfenite (Pb(MoO4), 
lead molybdate). Wulfenite 
forms colorful, bright orange, 
red, and yellow crystals. They 
can be blocky or so thin that they 
are transparent. The two 
drawings here illustrate these 
two mineral habits. (Habit 1s a 
description of the form in which a particular mineral has 


grown.) 


Molybdenum is a needed element in plants and animals. In plants, for example, the presence 
of molybdenum in certain enzymes allows the plant to absorb nitrogen. Soil that has no 
molybdenum at all cannot support plant life. 


Molybdenum was discovered by the Swedish scientist, Peter Hjelm in 1781, three years after 
Carl Scheele proposed that a previously unknown element could be found in the mineral 
molybdenite. 


Name 


In 1778, Swedish chemist Carl William Scheele was studying, what he thought was lead, in 
the mineral molybdenite. Molybdenite was named after the Greek word molybdos, which 
means lead. Sheele's studies led him to the conclusion that this mineral did not contain lead, 
but some other element. He named this new element molybdenum after the mineral 
molybdenite. (As an aside, the mineral scheelite (Ca( WO,,MoQ,), calcium tungstate- 
molybdate) was named after Scheele in honor of his discovery of molybdenum. ) 


Sources 


The most important ore source of molybdenum is the mineral molybdenite. A minor amount 
is recovered from the mineral wulfenite. Some molybdenum is also recovered as a by-product 
or co-product from copper mining. 


The United States produces significant quantities of molybdenite from mines in Colorado, 
New Mexico, and Idaho. Other mines in Arizona, New Mexico, Montana, and Utah produce 
molybdenum as a by-product. The largest molybdenum resource in the U.S. 1s in Climax, 
Colorado. It is estimated that there are 5.5 million metric tons of molybdenum in the United 
States. It is probable there are more molybdenum resources in the U.S. yet to be discovered. 


There are significant molybdenum resources around the world. The leading producers are 
Canada, China, Chile, Mexico, Peru, Russia and Mongolia. It is estimated that there are 12 
million metric tons of molybdenum in the world. Other ore deposits may be discovered. 


Uses 


Molybdenum is alloyed with steel making it stronger and more highly resistant to heat 
because molybdenum has such a high melting temperature. The alloys are used to make such 
things as rifle barrels and filaments for light bulbs. The iron and steel industries account for 
more than 75% of molybdenum consumption. 


The two largest uses of molybdenum are as an alloy in stainless steels and in alloy steels- 
these two uses consume about 60% of the molybdenum needs in the United States. Stainless 
steels include the strength and corrosion-resistant requirements for water distribution systems, 
food handling equipment, chemical processing equipment, home, hospital, and laboratory 
requirements. Alloy steels include the stronger and tougher steels needed to make automotive 
parts, construction equipment, gas transmission pipes. 


Other major uses as an alloy include: Tool steels, for things like bearings, dies, machining 
components; cast irons, for steel mill rolls, auto parts, crusher parts; super alloys for use in 
furnace parts, gas turbine parts, chemical processing equipment. 


Molybdenum also is an important material for the chemicals and lubricant industries. 
Molybdenum has uses as catalysts, paint pigments, corrosion inhibitors, smoke and flame 
retardants, dry lubricant (molybdenum disulfide) on space vehicles and resistant to high loads 
and temperatures. As a pure metal, molybdenum is used because of its high melting 
temperatures (4,730 F.) as filament supports in light bulbs, metal-working dies and furnace 
parts. Molybdenum cathodes are used in special electrical applications. It can also be used as 
a catalyst in some chemical applications. 


General uses for molybdenum are in machinery (35%), for electrical applications (15%), in 
transportation (15%), in chemicals (10%), in the oil and gas industry (10%), and assorted 
others (15%). 


Substitutes and Alternative Sources 
Possible substitutes for molybdenum as a strengthening alloy in steel include vanadium, 
chromium, columbium, and boron. However, such substitution is not presently practiced since 


molybdenum is plentiful, affordable, and effective. 


Wulfenite drawings used with permission. 
© 1999 Darryl Powell 


POTASH 


Potash: Usually chloride of potassium. Used as a fertilizer, in medicine, in the chemical industry, and is 
used to produce decorative color effects on brass, bronze, and nickel. Can also be potassium sulfate, 
potassium-magnesium sulfate, and potassium nitrate. Is an essential mineral for vegetable and animal life. 


Feldspar -- MII Photo 


SILICON or SILICA 


Silica (chemical name for the mineral quartz and a synonym for silicon dioxide): Used in manufacture of special steels 
and cast iron, aluminum alloys, glass and refractory materials, ceramics, abrasives, water filtration, component of 
hydraulic cements, filler in cosmetics, pharmaceuticals, paper, insecticides, rubber reinforcing agent - especially for high 
adhesion to textiles, anti-caking agent in foods, flatting agent in paints, thermal insulator. Fused silica is used as an 
ablative material in rocket engines, spacecraft, silica fibers used in reinforced plastics. 


Background 


Silicon is the second most common element in the Earth's crust, comprising 25.7% of the Earth’s crust 
by weight. It was discovered in 1824 by the Swedish chemist Jons Jakob Berzelius. It is shiny, dark gray 
with a tint of blue. Silicon, atomic number of 14, is a semi-metallic or metalloid, because it has several 
of the metallic characteristics. Silicon is never found in its natural state, but rather in combination with 
oxygen as a Silicate ion (S1043) in silica-rich rocks such as obsidian, granite, diorite, and sandstone. 
Feldspar and quartz are the most significant silicate minerals. Silicon alloys with a variety of metals, 
including iron, aluminum, copper, nickel, manganese and ferrochromium. 


Silica is processed into two intermediate products- silicon and ferrosilicon. Silicon is known in the 
ferroalloy and chemical industries as “silicon metal.” The ultra pure form of silicon (>99.99% Si) is 
distinguished from silicon metal by the term “semiconductor-grade silicon.” The terms “silicon metal” 
and “silicon” are used interchangeably. 


Silicon is used in ceramics and in making glass. Ferrosilicon is crushed into a variety of forms and sold 
as bulk metal. Depending on its intended use, it can be mixed with aluminum and calcium. It is a very 
heavy alloy. When it comes into contact with moist air or water, an explosive chemical reaction occurs 
in which hydrogen is released. Consequently there are very strict laws about the shipping of ferrosilicon 
it must be kept perfectly clean and dry. 


<= A quartz crystal from Arkansas. Used with permission. O 1999 Darryl 
Powell. 


Silicon is considered a semiconductor. This means that it conducts 
electricity, but not as well as a metal such as copper or silver. This 
physical property makes silicon an important commodity in the computer 
manufacturing business. 


Ferrosilicon accounts for 53% of the annual silicon consumption in the 
United States; pure silicon accounts for the remaining 47%. 


Silica is in human connective tissues, bones, teeth, skin, eyes, glands and 
organs. It is a major constituent of collagen which helps keep our skin elastic, and it helps calcium in 
maintaining bone strength. Silica dust in mines has caused silicosis or a lung disease in miners. Wetting 
the area being mined and application of good ventilation has reduced the danger of lung disease. Some 
organisms like sponges and some plants use silicon to create structural support. 


Name 
The name silicon comes from the Latin word silicis which means flint. 
Sources 


Silicon compounds are the most significant component of the Earth’s crust. Silicon is recovered from an 
abundant resource: sand. Most pure sand is quartz, silicon dioxide (S102). Since sand is plentiful, easy to 
mine and relatively easy to process, it 1s the primary ore source of silicon. Some silicon is also retrieved 
from two other silicate minerals, talc and mica. The metamorphic rock, quartzite, is another source 
(quartzite is metamorphosed sandstone). All combined, world resources of silicon are plentiful and will 
supply demand for many decades to come. 


The United States has plentiful sand, quartzite, talc and mica resources. The majority of the silica 
produced in the U.S. is produced East of the Mississippi River and in the Northwest. The U.S. also 
imports silicon from Norway, Russia, Brazil, Canada, and from a number of other countries. 


Uses 


Ferrosilicon alloys are used to improve the strength and quality of iron and steel products. Tools, for 
instance, are made of steel and ferrosilicon. 


In addition to tool steels, an example of “alloy steels,” ferrosilicon is used in the manufacture of stainless 
steels, carbon steels, and other alloy steels (e.g., high-strength, low-alloy steels, electrical steels, and full- 
alloy steels). 


An alloy steel refers to all finished steels other than stainless and carbon steels. Stainless steels are used 
when superior corrosion resistance, hygiene, aesthetic, and wear-resistance qualities are needed. 


Carbon steels are used extensively in suspension bridges and other structural support material, and in 
automotive bodies, to name a few. Silicon is also added to aluminum to create a stronger alloy. The 
largest consumers of silicon metal are the aluminum and chemical industries. 


Silicon is used in the aluminum industry to improve castability and weldability, not to add strength as 
noted in the text. Silicon-aluminum alloys tend to have relatively low strength and ductility, so other 
metals, especially magnesium and copper, are often added to improve strength. 


In the chemicals industry, silicon metal is the starting point for the production of silianes, silicones, 
fumed silica, and semiconductor-grade silicon. Silanes are the used to make silicone resins, lubricants, 
anti-foaming agents, and water-repellent compounds. Silicones are used as lubricants, hydraulic fluids, 
electrical insulators, and moisture-proof treatments. 


Semiconductor-grade silicon is used in the manufacture of silicon chips and solar cells. Fumed silica is 
used as a filler in the cement and refractory materials industries, as well as in heat insulation and filling 
material for synthetic rubbers, polymers and grouts. 


Other silicon materials are used in the production of advanced ceramic materials, including silicon 
carbide, silicon nitride, and sialons. Silicon carbide is also used as an abrasive material, a refractory 
agent, and in steel manufacturing. 

Substitutes and Alternative Sources 

There are relatively few options to replace silicon in its applications. Germanium and gallium arsenide 


can be used as semiconductors in place of silicon. In some applications, a small number of metal alloys, 
such as silicomanganese and aluminum, can substitute for ferrosilicon. 


SULFUR 


Sulfur: Used in the manufacture of sulfuric acid, fertilizers, chemicals, explosives, dyestuffs, petroleum refining, 
vulcanization of rubber, fungicides. 


Sulfur Photo from MII. courtesy of the Smithsonian Institution 


Sulfur Crystal 


MII Photo 


Background 


The bright, lemon yellow, non-metallic element, sulfur, 1s a very soft 
mineral. It is only 2 on Mohs' scale of hardness. Sulfur was 
determined to be an element in 1809. Sulfur has a very low thermal 
conductivity meaning it cannot transfer heat very well. The touch of a 
hand will cause a sulfur crystal to crack because the crystal’s surface 
warms faster than the interior. Sulfur melts at 108 degrees Celsius, 
and burns easily with a blue flame. Even the flame of a match is 
enough to set sulfur on fire. When sulfur is burned it combines with 
oxygen producing sulfur dioxide, SO2, which smells like rotten eggs. 


Sulfur attaches to metal ions, creating a number of significant sulfide 
ore minerals such as galena (lead sulfide), pyrite (iron sulfide), 


chalcocite (copper sulfide), and sphalerite (zinc sulfide). 


Sulfur easily attaches to oxygen, creating the sulfate ion (SO4). Sulfates are another significant group of 
minerals, some of which are important commodities. Gypsum (hydrous calcium sulfate) and barite 
(barium sulfate) are two commodities that include sulfur. 


In the late 1800’s, Herman Frasch developed a process for removing sulfur from underground deposits. 
This is still known as the Frasch process. In this process, hot water is forced into the sulfur deposit. The 
sulfur melts and is pushed to the surface where it 1s collected and allowed to cool and solidify, or shipped 
in molten form. 


Name 


Sulfur (also spelled sulphur) is derived from the Latin name for this element, sulphurium. It means 
“burning stone” in reference to its source from volcanoes and that it burns so easily. 


Sources 


Mined sulfur is mostly from salt domes or bedded deposits. The vast majority 1s produced as a by-product 
of oil refining and natural gas processing. 


Uses 


The majority of the sulfur produced in the United States is used to make sulfuric acid. Sulfuric acid has 
multiple uses in the production of chemicals, petroleum products and a wide range of other industrial 
applications. Sulfur’s main use is in making chemicals for agriculture, mostly for fertilizers. Other uses of 
sulfur include refining petroleum, metal mining, and the production of organic and inorganic chemicals. A 
multitude of products (such as the production of rubber for automobile tires) require sulfur in one form or 
another during some stage of their manufacture. 


Substitutes and Alternative Sources 


There are no good alternatives for sulfur. Fortunately, the variety of sulfur resources in different fossil fuel 
deposits, as well as the large amount of sulfur contained in sedimentary gypsum, guarantees massive 
sulfur resources for future use. It is estimated that there are 600 billion tons of sulfur contained in oil 
shale, coal, and other sediments rich in organic matter but a cost-effective method of retrieving the sulfur 
has not yet been developed. The sulfur available in gypsum and anhydrite is described as being "limitless." 


Sulfur crystal drawing used with permission. 
©1999 Darryl Powell 


RUTILE 


Rutile: Titanium dioxide. Used in alloys, for electrodes in arc lights, to give a yellow color to porcelain and false 
teeth. 
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Rutile/Goethite Photo from MIL, courtesy of the Smithsonian Institution 


Goethite -- MII Photo 


ANTIMONY 


i . . — H IML 
courtesy of the Smithsonian Institution 


MII Photos 
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chargers? These are even better, because they supply up to 2.5W (and sometimes more) of regulated 5V. 
We'll use some of these in experiments in Chapter 3. 


Organizing Your Tools 


So now you have an idea about some of the tools you want (or already have) for your lab. Where are they 
all going to live? This is a big question, and deserves a big answer. 

One way to look at this book is that the entire latter half is dedicated to answering this question. 
There are, obviously, many possible arrangements that will work for most people. But we're talking 
about your lab, with your tools, arranged and ordered to meet, specifically, your needs. 

As you progress through Chapter 3 (the very next chapter in this book), you'll get a chance to play 
with both your tools and some interesting electronic components, all in the interest of getting you 
familiar with some basic concepts. These concepts and ideas are not new, but they may be new to you. 
The good news is that time invested today and in the very near future should pay off big dividends to you 
later in life. Who knows what you'll devise in that electronics lab of yours? 


Summary 


Starting with your brain and working outward, this chapter has covered some of the tools and devices 
you might use in your electronics lab. These include basic hand tools, computers, tools for soldering, 
some common power tools you might find handy, as well as some fancy-schmancy tools you might only 
find in a hackerspace, school, or electronics clubs, such as laser cutters and 3D printers. 

You also learned about some of the basic test and measurement tools you'll be needing when 
working on electronic circuits in your lab. These include magnifying glasses, measuring tapes, and 
meters (oh my!), as well as oscilloscopes and power supplies. 

Additionally, lots of advice on safety was presented. These topics were learned the hard way. Do try 
to learn from the mistakes of others, won't you? 

Just a hint was given about how you might want to organize your tools within your lab. Take care of 
your tools and they will most certainly take care of you. The details about possible organizational 
scenarios is left for the second half of the book, where you will learn about setting up labs big and small, 
as befits your needs, budget, and interests. 

Chapter 3 ties in much that you have learned here in Chapter 2 by introducing you to not only some 
of the basic electronics components and their uses and characteristics, but also how to use a good 
number of the tools described in this chapter. Hopefully this chapter has whetted your appetite and 
readied you to dive into some circuits and see what kind of mischief you can wreak on the world. 


Antimony: A native element, antimony metal is extracted from stibnite and other minerals. Antimony is used as a 
hardening alloy for lead, especially storage batteries and cable sheaths, also used in bearing metal, type metal, 
solder, collapsible tubes and foil, sheet and pipes, and semiconductor technology. 


Stibnite: The sample in the photo contains 71.8 percent antimony and 28.2 percent sulfur. It is the most important 
ore for antimony. Stibnite is used for metal antifriction alloys, metal type, shot, batteries, in the manufacture of 
fireworks. Antimony salts are used in the rubber and textile industries, in medicine, and glassmaking. 


Background 


Antimony is a silvery-gray, brittle semi-metal with atomic number 51. It rarely occurs in nature as a 
native element, but is found in a number of different minerals, the most important of which is stibnite 
(SbS3). Antimony is often called a semi-metal, because in pure form it is not shiny and malleable like 
true metals. 


Antimony is not an element which most people see daily in a recognizable form. However, it 1s 
present in many products in everyday use. Antimony’s moderate price allows it to be used in a wide 
variety of applications. 


Antimony minerals, particularly stibnite, have been known and used since ancient times. Because it is 
so soft, stibnite was used in ancient times as black eye makeup. The Roman historian, Pliny, wrote 
about its use as a medicine. Artists used finely-ground stibnite in the Middle Ages as a black pigment. 
Ancient “scientists” were interested in antimony because of their belief that it may be useful in the 
process of changing common metals into gold. This field was known as alchemy. 


Name 


The ancients may have occasionally produced pure antimony from its ore stibnite, and medieval 
alchemists have left recipes for preparation of the pure metal. However, it was not actually recognized 
as a separate element until the mid-1400’s, when chemistry as a science began to take shape. The 
French chemist, Nicolas Lemery, is known to have performed some of the earliest studies on 
antimony. 


The name antimony 1s derived from the Greek words anti and monos, which together mean not alone, 
because it rarely occurs naturally in pure form. Its chemical symbol, Sb, 1s derived from the Latin 
word stibium, which was the name of the most common antimony mineral, stibnite. 


Sources 


Antimony rarely occurs in its native metallic form in nature. It easily combines with other elements, 
usually including sulfur, to form over 100 different minerals. Of these minerals, only stibnite (SbS3) is 
mined commercially as a source for metallic antimony. Antimony is found in trace (that is, very 
minor) amounts in silver, copper and lead ores, and it is usually economically possible, as well as 
environmentally desirable, to extract the antimony from these ores when they are smelted. 


Most of the antimony mined each year comes from China, which supplies over three-quarters of the 
world total. The remainder is from Russia, South Africa, Tajikistan, Bolivia, and a few other 


countries. Some antimony is produced as a by-product of smelting ores of other metals, mainly gold, 
copper and silver, in countries such as the United States, Canada, and Australia. 


No mines are currently producing antimony ore in the U.S., but important amounts are yielded as a 
by-product of copper and silver mining. Numerous stibnite deposits occur in Idaho, Montana and 
Nevada, but most are worked out. Recycling of old lead-acid batteries (such as automobile batteries) 
contributes to U.S. antimony production. 


Uses 


The most important use of antimony in the United States is in chemicals used to impregnate plastics, 
textiles, rubber, and other materials as a flame retardant — that is, a form of fireproofing. This is 
required by federal law for certain childrens’ clothing. Over half the annual U.S. antimony 
consumption is for the manufacture of flame retardants. 


A portion of U.S. consumption is in antimony alloys. Antimony is mixed (that is, alloyed) with other 
metals, such as lead, to make the lead harder and stronger for use in lead-acid batteries. On the other 
hand, some alloys such as Babbitt Metal (an alloy of antimony, tin, copper, and sometimes lead) are 
useful as machine bearings because they are soft and slippery. Antimony is also alloyed with tin to 
make pewter items such as plates, pitchers and cups, used mostly for decoration. One use of 
antimony, which is declining, is to make type metal for printing newspapers and magazines. 
Antimony is one of very few substances (bismuth and water are two others) which expands when it 
cools and freezes. Antimony-bearing type metal thus fills every corner of a mold used to prepare 
sharp type for printing. With the advent of computer printing, this use has greatly decreased. 


Antimony is also used for pigments in plastics, paints, rubber, and for a wide variety of minor uses, 
including medicines, fireworks, and others. Antimony oxide is a brilliant yellow color, accounting for 
much of the pigment use. 


A tiny amount of highly purified antimony metal is used in the computer industry to make 
semiconductors. To be useful in this application, antimony has to be 99.999% pure! 


Substitutes 


Antimony could be replaced by chromium, tin, zinc, and titanium compounds in the paint industry. 
Cadmium, sulfur, copper, and calcium can be used to harden lead. A number of organic compounds 
can be used as fire retardants. Recycling, mining, and smelter production will meet the demand for 
antimony and antimony compounds for many decades to come. 


BERYL/BERYLLIUM 


Beryllium: beryllium alloys are used mostly in applications in aerospace, automobiles, computers, oil and gas 
drilling equipment, and telecommunications. Beryllium salts are used in fluorescent lamps, in X-ray tubes and as a 


deoxidizer in bronze metallurgy. Beryl is the source of the gem stones emerald and aquamarine. Sample in photo 
contains 14 percent beryllium oxide. 


Beryl T so from MI, 


e T ol the Smibsontans Institution 


MII Photo 


Background 


Beryllium 1s a metallic element, with atomic number 4 and 
atomic weight 9. The metal is hard, silvery-white in color, 
and very light — less than twice as dense as water, and 
only two-thirds as dense as aluminum, which it somewhat 
resembles. Beryllium has a very high melting point at 
2349° F (1287° C). The combination of its light weight 
and high melting point make it valuable for making metal 
alloys. 


Because of the toxic nature of beryllium, careful control over the quantity of dust and fumes in 
the workplace must be maintained. 


A beryl crystal from Africa. 
(Beryl crystal drawing © 2002 Darryl Powell. Used with permission. ) 


Name 


Beryllium was not known to ancient or medieval civilizations, and was first recognized by the 
French scientist, Nicholas Louis Vauquelin in 1798. He discovered it as a component of the 
mineral beryl, and named it beryllium. Metallic beryllium was not isolated until 1828, by 
Friederich W“hler in Germany. 


Sources 


The most common mineral containing beryllium is beryl, a silicate mineral with the chemical 
formula Be3Al2Sig01g. Beryl forms distinctive hexagonal prisms, and is found in the igneous 
rock granite and special igneous rocks, derived from granites, known as pegmatites. Colored, 
transparent varieties of beryl may be gems, such as emerald (green), aquamarine (blue-green), 
heliodor (yellow), and morganite (pink). In addition to being found in beryl, beryllium is found in 
the mineral bertrandite Be451207(0H)2, which in recent years has become a major ore of this 
element, in addition to beryl. Bertrandite is found in certain volcanic rocks derived from granite. 


Bertrandite ore mined in Utah makes up nearly all of U.S. production, which 1s about two-thirds 
of the world supply. Russia produces most of the rest, from beryl ores. Five to ten other countries 
mine small amounts of beryl. The United States produces and exports large amounts of beryllium 
alloys and compounds, and thus is a net importer of ores, but a net exporter of finished beryllium 
products. 

Small amounts of beryllium become available from recycling of beryllium-containing scrap. 


Uses 


Most beryllium is used in metal alloys, which account for more than 70% of world consumption. 


Because beryllium is very light and has a high melting temperature, it 1s an ideal metal for use in 
the aerospace and defense industry, almost always alloyed with other metals. Beryllium metal 
also has the interesting characteristic of being elastic. Consequently, it is used in the manufacture 
of springs, gears and other machine components that need a degree of elasticity. Another 
everyday application is in the manufacture of gasoline pumps, because an alloy of copper and 
beryllium (beryllium bronze) does not spark when hit against other metals, nor emit sparks from 
static electricity. 


Rods made of beryllium metal and oxide are used to control nuclear reactions, because beryllium 
absorbs neutrons better than any other metal. 


Most organisms do not depend on beryllium for growth. In fact, beryllium dust and fumes can be 
dangerous to human health when inhaled. Consequently, the Clean Ar Act demands very careful 
handling of beryllium dust and fumes to minimize or eliminate its danger to humans. 


Substitutes and Alternative Sources 


In some applications, graphite, steel and titanium can be used in place of beryllium. However, it 
is a critical component of many military and aerospace applications, and even though it is 
expensive to produce (costing more than silver), 1t is not often replaced by other materials. 


COBALT 


Cobalt: Used in superalloys for jet engines, chemicals 
(paint driers, catalysts, magnetic coatings, pigments, 
rechargeable batteries), magnets, and cemented carbides 
for cutting tools. Principal cobalt producing countries 
include Democratic Republic of the Congo, Zambia, 
Canada, Cuba, Australia, and Russia. The United States 
uses about one-third of total world consumption. Cobalt 
resources in the United States are low grade and 
production from these deposits is usually not 
economically feasible. 


Cobaltite Photo from MII, Courtesy of 
Smithsonian Institution 


Background 


Cobalt is a bluish-gray, shiny, brittle metallic element. Its atomic number is 
27 and its symbol is Co. It belongs to a group of elements called the 
transition metals. It has magnetic properties like iron. 


Ancient civilizations in Egypt and Mesopotamia used a substance to color 
glass a beautiful deep blue. In 1735, the Swedish scientist Georg Brandt set 
out to prove that this color was due not to the element bismuth, as people 
believed, but to a new and unidentified element. He is credited with the 
discovery of this new element, which he named cobalt. 


Cobalt is one of the elements that is very important to life, including human 
life and health. Vitamin B-12 contains cobalt. In areas where there is little 
cobalt in the soil, farmers have to provide salt blocks containing cobalt for 
their animals to lick in order to provide enough cobalt in their diet. 


Cobalt is also found in iron-nickel meteorites. 
Name 


Cobalt was named after the German word kobald which means goblin or evil 
spirit believed to cause health problems for silver and copper miners. 


Sources 


It is estimated that there are about 1 million tons of cobalt in the United 
States. Minnesota has the largest resources, but other ore resources are found 
in Alaska, California, Idaho, Missouri, Montana and Oregon. The identified 
cobalt resources in the world total about 15 million tons. Most are found in 
Australia, Canada, Congo, Russia, and Zambia. 


The ocean floor has nodules of metals that form when hot water from deep in 
the Earth comes into contact with the cold ocean water. These nodules are 
mostly manganese and so are called manganese nodules. It is estimated that 
there are millions of tons of cobalt in these nodules. Presently, we do not have 
the technology to retrieve these nodules at a reasonable cost. 


All of the primary cobalt used in the U.S. is imported. Cobalt is imported into 
the United States in the form of cobalt metal, cobalt salts, and cobalt oxide. 
The imports come from Norway, Finland, Canada, Russia, and other nations. 


Uses 


Cobalt has been used by civilizations for centuries to create beautiful deep 
blue glass, ceramics, pottery and tiles. In a similar way, it is being used to 
make paint pigments. 


In addition to these traditional uses, cobalt 1s used in a number of industrial 
applications. When cobalt is alloyed with other metals, very strong magnets 
are created. Superalloys containing cobalt are used in the production of jet 
engines and gas turbine engines for energy generation. These superalloys 


account for nearly half of the cobalt used each year. Some cobalt is used to 
make cutting and wear-resistant materials. 


A manmade isotope of cobalt, cobalt-60, produces gamma rays. This is used 
for sterilization of medical supplies and foods, for industrial testing, and to 
fight cancer. 


Substitutes and Alternative Sources 


At times, cobalt prices rise significantly and there is concern about the 
amount of cobalt easily available around the world. As a result, industries 
have tried to conserve cobalt consumption. There are some replacements for 
cobalt, but they don’t always work as well as cobalt. For example, nickel-iron 
or neodymium-iron-boron alloys can be used to make strong magnets. Nickel 
and special ceramics can be used to make cutting and wear-resistant 
materials. Nickel-base alloys containing little or no cobalt can be used in jet 
engines. Manganese, iron, cerium, or zirconium can be used in paint driers. 


GYPSUM 


Gypsum: Processed and used as prefabricated wallboard or as industrial or building plaster, used in cement manufacture, agriculture and 
other uses. 


Selenite 
MIT Photos 


Rock Gypsum Satin Spar Gypsum 


Gypsum Photo from MII, courtesy of the Smithsonian Institution 


Background 


Gypsum is found in nature in mineral and rock form. As a mineral, it can form 
very pretty, and sometimes extremely large, crystals. As a rock, gypsum is a 
sedimentary rock, typically found in thick beds or layers. It forms in lagoons 
where ocean waters high in calcium and sulfate content can slowly evaporate and 
be regularly replenished with new sources of water. The result is the accumulation 
of large beds of sedimentary gypsum. Because it is deposited in this environment, 
it is common for gypsum to be associated with rock salt and sulfur deposits. 


Gypsum belongs to a group of minerals called the sulfates, and is the most 
common of the approximately 150 sulfate minerals. Sulfates are compounds of 
one or more metals with oxygen and sulfur. The oxygen and sulfur join together to 


form the sulfate ion, SO”. Technically, gypsum is hydrous calcium sulfate because it has water in its crystal 
Structure, CaSO4¿.2H,0. 


A secondary, and minor source, of raw calcium sulfate is the mineral anhydrite. Anhydrite is chemically very much 
like gypsum, but lacks the water molecule in its crystal structure. Its chemical formula is CaSO,. 


Gypsum is very soft at 2 on Mohs' hardness scale. It is so soft that a fingernail can easily scratch it. Gypsum crystals 
can be a number of attractive colors, ranging from completely colorless to tan and even green. Sedimentary gypsum 
is nearly always white or gray in color. 


Sedimentary gypsum is the gypsum that is mined as a commodity. 


Name 


The mineral name gypsum is so old that it is not known who originated its use. It was derived from the Greek word 
gypsos which means plaster. Originally it referred to the form of gypsum which has been heated to a high 
temperature to drive off the water in its crystal structure; this is called calcined gypsum. This 1s called Plaster of 
Paris. 


Sources 


In the United States, gypsum is mined in about 19 states. The states producing the most gypsum are Oklahoma, 
Iowa, Nevada, Texas, and California. Together, these states account for about two-thirds of the United States’ 
annual production of gypsum. Over 30 million tons of gypsum is consumed in the United States annually. Canada, 
Mexico and Spain are other significant producers of raw gypsum. In all, more than 90 countries produce gypsum. 


Uses 


The most significant use for gypsum is for wallboard and plaster products. All modern homes in North America and 
other developed countries use a great deal of wallboard for interior walls. The United States is the world’s leading 
consumer of wallboard at over 30 billion square feet per year. Some gypsum is used to make Portland cement, and 
some is used in agricultural applications. A small amount of very pure gypsum is used in glass making and other 
specialized industrial applications. 


Substitutes and Alternative Sources 
Gypsum is a by-product of some industrial processes. Although mined gypsum will remain the primary source of 


this commodity for decades to come, about one-fourth of current gypsum production is provided as a by-product of 
some industrial processes. There is presently no substitute for gypsum in the production of Portland cement. 


Drawings O 1999 Darryl Powell 
Used with permission 


KAOLIN 


Kaolin: Also known as "china clay" is a white, aluminosilicate widely used in paints, refractories, plastics, 
sanitary wares, fiberglass, adhesives, ceramics, and rubber products. 


CHAPTER 3 


Components 


You're going to need some components to play with, as well as the knowledge to use them effectively. 
This chapter will introduce you to some of the bits and pieces that make up modern electric and 
electronic circuits. It will also teach you a little bit about how to identify components from their 
appearance and markings, when available. 

Once you've got an idea about what these parts do in a circuit, you'll learn a little more about how to 
measure their electrical properties and put them to use. You'll also be shown what not to do, in some 
select examples. 

There are an enormous number of both manufacturers and vendors of electronic components these 
days. Trying to list even a few of them here in print doesn't really make much sense, as a good 
percentage of that information will be incorrect or obsolete as soon as the ink dries on the page. 

Having a variety of basic components readily available is convenient, until your collection grows 
beyond your ability to house or organize it. This happens far too often, in reality. Most common 
electronic parts can be obtained within a day or two from local sources, unless you live in a really 
secluded part of the planet. Also, most of the more common parts will typically cost only a few pennies 
apiece, so there aren't a lot of reasons to stockpile random parts. Keep a few of each on hand for 
experimentation, but hold off on pointless hoarding... if you can. 


Conductors and Interconnects 


In any electrical or electronic circuit, there are just as many connections between components as there 
are components. These include wires, cables, connectors, plugs, sockets, and all those other pieces that 
help the little electrons zip around the circuit. 

First, let’s take a look at wires and interconnects in a very abstract way. We can think of wires as 
connections between other components, without having to get into a lot of detail about the wire itself. 
We just want a way to indicate that there is an electrical connection among all the bits, and using an 
electrical schematic diagram is an easy and effective way to do this. 


Electrical Schematics 


A schematic diagram is any kind of stylized drawing that represents a simplified view of something. 
Usually some sorts of symbols are used to represent the parts that make up the whole, as well as the 
connections or relationships that exist between them and possibly the outside world. You can have 
schematics for plumbing, hiking trails, or tribbles, a well as electrical and electronic circuits. Let’s talk 
about electronic schematics for a little bit. 

The electrical symbol for a wire is almost always just a plain, solid line. If there’s something really 
special about the wire that needs to be used, it is usually indicated in a note somewhere on the 
schematic. This can be used to indicate what color the wire needs to be, what size is appropriate, 
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Background 


The term clay refers to a number of earthy materials that are composed of minerals rich in 
alumina, silica and water. Clay is not a single mineral, but a number of minerals. When 
most clays are wet, they become "plastic" meaning they can be formed and molded into 
shapes. When they are "fired" (exposed to very high temperatures), the water is driven off 
and they become as hard as stone. Clay is easily found all over the world. As a result, 
nearly all civilizations have used some form of clay for everything from bricks to pottery 
to tablets for recording business transactions. 


The minerals that make up clay are so fine that until the invention of X-ray diffraction 
analysis, these minerals were not specifically known. Under extremely high 
magnification, one can see that clay minerals can be shaped like flakes, fibers, and even 
hollow tubes. Clays can also contain other materials such as iron oxide (rust), silica, and 
rock fragments. These impurities can change the characteristics of the clay. For example, 
iron oxide colors clay red. The presence of silica increases the plasticity of the clay (that 
is, makes it easier to mold and form into shapes). 


Clays are categorized into six categories in industry. These categories are ball clay, 
bentonite, common clay, fire clay, fuller’s earth, and kaolin. 


Name 


Sources 


Clays are common all over the world. Some regions, as might be expected, produce large 
quantities of specific types of clay. It is estimated that the state of Georgia has kaolin clay 
reserves of 5 to 10 billion tons. The United States is self-sufficient so it imports only 
small amounts of clay from Mexico, Brazil, United Kingdom, Canada, and assorted other 
nations. The United States exports nearly half of its production worldwide. 


The nations producing the most significant amounts of the various clays are as follows: 


e Kaolin: Brazil, United Kingdom, and the United States are the dominant 
producers of high quality kaolin. 

e Ball clays: Major producers of ball clays are Germany, the United States, United 
Kingdom, the Czech Republic, China, and France. 

e Fire clays: Major fire clay producing countries are Germany, and the United 
States. 

e Bentonite: Major producers of bentonite are the United States, Germany, Turkey, 
and Greece. 

e Fuller’s earth: Major producers of fuller’s earth are the United States 
(attapulgite, smectite), Spain (attapulgite, sepiolite), and Senegal (attapulgite). 


Uses 


The United States both imports and exports clays and clay products. It is estimated that 
the United States consumes about 37.6 million tons of clays each year. 


Ball clays are good quality clays used mostly in pottery but are also added to other clays 
to improve their plasticity. Ball clays are not as common as other clay varieties. One third 
of the ball clay used annually is used to make floor and wall tiles. It is also used to make 
sanitary ware, pottery, and other uses. 


Bentonite is formed from the alteration of volcanic ash. Bentonite is used in pet litter to 
absorb liquids. It is used as a mud in drilling applications. It is also used in other 
industrial applications such as the "pelletizing" of iron ore. 


Common clay is used to make construction materials such as bricks, cement, and 
lightweight aggregates. 


Fire clays are all clays (excluding bentonite and ball clays) that are used to make items 
resistant to extreme heat. These products are called refractory products. Nearly all (81%) 
of fire clays are used to make refractory products. 


Fuller’s earth is composed of the mineral palygorskite (at one time this mineral was 
called "attapulgite”). Fuller’s earth is used mostly as an absorbent material (74%), but 
also for pesticides and pesticide-related products (6%). 


Kaolinite is a clay composed of the mineral kaolin. It is an essential ingredient in the 
production of high quality paper and some refractory porcelains. 


Substitutes and Alternative Sources 


When necessary, calcium carbonate and talc can be used in place of clay as filler in some 
applications. However, clay is so abundant in all its forms that such substitutions may 
only be necessary if the alternative materials are less expensive than clay (which is not 
very likely). 


MANGANESE 


Manganese: essential to iron and steel production. The U.S., Japan, and Western Europe are all 
nearly deficient in 

economically mineable manganese. South Africa and the Ukraine have over 80% of the world's 
reserves. 


Manganite Photo from MII, 
courtesy of the Smithsonian Institution 


Manganite - MII Photo 


Background 


Manganese is gray-white metal with a pinkish tinge, and a very brittle but hard 
metallic element. Its atomic number 25. In 1774, while heating the mineral 
pyrolusite (MnO», manganese dioxide) in a charcoal fire, the Swedish scientist 
Johann Gahn discovered manganese. The heat and carbon in the charcoal 
separated oxygen from the pyrolusite, leaving a metallic manganese residue. This 
chemical reaction is called a reduction reaction. 


Manganese is a reactive element that easily combines with ions in water and air. In 
the Earth, manganese 1s found in a number of minerals of different chemical and 
physical properties, but is never found as a free metal in nature. The most 
important mineral is pyrolusite, because it is the main ore mineral for manganese. 
When manganese is alloyed with other metals like aluminum, copper and 
antimony, the end product is magnetic. 


Trace amounts of manganese are very important to good health. It makes bones 
strong yet flexible, and it aids the body in absorbing Vitamin B1. It also is an 
important activator for the body to use enzymes. As little as 0.00002% Mn in the 
human body is essential. Studies have shown that a lack of manganese leads to 
infertility in animals. 


Name 


The word manganese comes from the Latin word magnes which means magnet. 


Sources 


Over 80% of the known world manganese resources are found in South Africa and 
Ukraine. Other important manganese deposits are in China, Australia, Brazil, 
Gabon, India, and Mexico. The United States imports manganese ore because the 
manganese resources in the U.S. are relatively low in manganese content per ton 
of ore. Importing these ores is presently more economic than mining them locally. 


Most manganese ore imported to the United States is used to manufacture 
intermediate manganese ferroalloy products and electrolytic manganese for use in 
dry-cell batteries. Only a small amount of the ore is directly used in the steel 
making process. 


Some manganese is recovered through the reprocessing of scrap metals and steel 
slag, or the materials left over from the steel-making process. Though considered 
waste in terms of its steel content, slag often contains significant amounts of other 
elements that can be recovered. 


Deep-sea nodules of manganese and other metals are scattered on the ocean floor. 
They form when the hot waters from hot springs (called black smokers) on the 
ocean bottom meet the cold, deep ocean water. The elements in the hot volcanic 
waters precipitate as nodules. Though rich in manganese (nearly 25% manganese) 
they are very deep in the ocean and it would cost too much to make them worth 
retrieving. This may prove to be an important source of manganese in the future 
should reserves in the Earth’s crust be depleted and cost-effective deep-sea mining 
methods are discovered. 


Uses 


Steel becomes harder when it is alloyed with manganese. It has similar 
applications when alloyed with aluminum and copper. Hardened steel is important 
in the manufacture of construction materials like I-beams (24% of manganese 
consumption), machinery (14% of manganese consumption), and transportation 
(13% of manganese consumption). 


Manganese dioxide is used to: manufacture ferroalloys; manufacture dry cell 
batteries (it's a depolarizer); to "decolorize" glass; to prepare some chemicals, like 
oxygen and chlorine; and to dry black paints. Manganese sulfate (MnSO4) is used 
as a chemical intermediate and as a micronutrient in animal feeds and plant 
fertilizers. Manganese metal is used as a brick and ceramic colorant, in copper and 
aluminum alloys, and as a chemical oxidizer and catalyst. Potassium 
permanganate (KMnO,) is used as a bactericide and algicide in water and 
wastewater treatment, and as an oxidant in organic chemical synthesis. 


Substitutes and Alternative Sources 


There are presently no adequate substitutes for manganese in its varied 
applications. 


NICKEL 


Nickel: Vital as an alloying constituent of stainless steel, plays key role in the chemical 
and aerospace industries. Leading producers include Australia, Canada, Norway and 


Russia. Large reserves are found in Australia, Cuba, New Caledonia, Canada, Indonesia, 
the Philippines, and Russia. 


Nickeline photo from MIL, courtesy of Smithsonian Institution 


Background 


Nickel, with a symbol of Ni, is a silvery shiny, metallic element with an 


atomic number of 28. It can be hammered into thin sheets, which means it is 
malleable. Nickel, iron and cobalt are the only three elements known to be 
ferro-magnetic. Of the three, nickel is the least magnetic. When all three 
ferro-magnetic metals are alloyed together, an unusually strong magnet is 
created. This alloy conducts heat and electricity fairly well, but is not as good 
a conductor as pure silver or copper. 


In 1751, Axel Fredrik Cronstedt of Sweden attempted to extract copper from 
the mineral niccolite and to his surprise got a silvery-white metal, instead of 
the copper. He named the new metal nickel after the mineral name of 
niccolite. This was the first discovery of nickel in the western world, but an 
alloy of copper, nickel and zinc - paitung or paktong - was used in China as 
far back as 235 B.C.E. for utensils and other metal ware. 


The presence of elemental nickel in iron-nickel meteorites distinguishes them 
from rocks or minerals produced in the Earth. The amount of nickel in these 
meteorites ranges from 5% to almost 20%. When they are sliced and etched 
with acid, a pattern of intergrown crystals is revealed. This is called a 
widmanstatten pattern. This texture of the iron-nickel meteorites suggests 
they cooled and crystallized very, very slowly deep inside asteroids. 


Trace amounts of nickel are important to a number of species of animals. It 
plays a role, along with iron, in the transport of oxygen in the blood. Nickel 
deficiency has been shown to reduce iron uptake in young pigs. 


Nickel is also important to the proper function of some enzymes in both 
plants and animals. Experiments on rats have shown that insufficient nickel 
leads to liver damage. Nickel is involved in the transmission of genetic code - 
DNA, RNA, etc. it is also present in certain enzymes that metabolize sugar. 
Oats and other whole grains are an excellent source of nickel. 


Scientists who study seismic waves from earthquakes, have determined that 
the core of the Earth consists of a liquid outer core and a solid inner core 
composed of an iron-nickel mixture. 


Name 

From very early times nickel-bearing minerals, such as niccolite, were mixed 
with glass to create green glass. This was called kupfernickel which means 
Devil’s Copper. When nickel was extracted from niccolite, the mineral name 
was a logical source of the name for the element, nickel. 


Sources 


Although today it is not profitable to mine nickel in the U.S., small amounts 
of by-product nickel are being recovered from copper and palladium- 


platinum ores in the Western United States. 


Approximately 87,000 tons of nickel 1s recovered annually by recycling 
stainless steel and other nickel-iron alloys. This represents about 39% of the 
nickel used each year. 


It is estimated that there is about 140 million tons of nickel available in 
identified deposits. Eighty-four million tons, or 60 percent of the total 
available nickel is in laterite deposits. A deposit in which rain and surface 
water leached nickel-rich rock and concentrated the nickel at or near the 
surface of the Earth is a laterite deposit. Nickel sulfide deposits contain the 
remaining forty percent (56 million tons). 


Demand for nickel in the United States is much higher than what recycled 
nickel can provide, so nickel is imported into the country. Most of the 
imported nickel comes from Canada (40%), while the rest is imported from 
Norway (13%), Russia (12%), Australia (10%), and various other nations 
(25%). 


Uses 


In the United States, large amounts of nickel (42% of consumption in 2001) 
are used in the specialty steel industry for stainless steel and related alloys. In 
1913, Harry Brearly, an English scientist, was the first to produced stainless 
steel, when he accidentally discovered that the addition of chromium to steel 
makes the steel resistant to staining. Today, stainless steel also contains some 
molybdenum, titanium and nickel, to increase its resistance to corrosion. 


Thirty-eight percent of annual nickel use is in nonferrous alloys (or mixed 
with metals other than steel) and superalloys (metal mixtures designed to 
withstand extremely high temperatures and/or pressures, or to have high 
electrical conductivity). Nickel is used as a coating on other metals to slow 
down corrosion. Nickel coatings accounts for 14% of nickel use. 


The remaining 6% of the annual nickel use is for a variety of purposes 
including the production of coins, nickel-cadmium and nickel-metal hydride 
batteries; as a catalyst for certain chemical reactions; and, as a colorant, 
nickel is added to glass to give it a green color. The U.S. 5-cent piece is 
called a "nickel" because it only contains 25% nickel. The other 75% is 
copper. 


Rechargeable nickel-hydride batteries are widely used for cellular phones, 
video cameras, and other electronic devices. Nickel-cadmium batteries are 
used primarily to power cordless tools and appliances. 


Substitutes and Alternative Sources 


Manganese crusts and nodules on the ocean floor could be a valuable source 
of nickel someday. These deposits contain manganese and other metal ions, 
such as nickel. Some deposits appear to have formed when superhot liquids 
from deep sea volcanoes came in contact with the very cold deep ocean water 
causing the metals to precipitate and collect on the ocean floor. Other 
deposits far from subduction zones may have formed when microorganisms 
in the sea water accelerated the precipitation of dissolved iron and 
manganese. Today, it is too expensive to mine the deposits, but as the surface 
nickel deposits are used up, the value of nickel may increase and make it 
profitable to retrieve these manganese nodules. 


There are a number of materials that could be used in place of nickel, but 
generally, these substitutes are more expensive than nickel and/or less 
effective. Aluminum, plastics or coated steel could be used in place of 
stainless steel in some situations. Titanium can be used in place of nickel to 
make some superalloys. 


PYRITE 


Pyrite: used in the manufacture of sulfuric acid and sulfur dioxide; pellets of pressed pyrite dust have 
been used to recover iron, gold, copper, cobalt, nickel, etc.; used to make inexpensive jewelry. 


SILVER 
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whether there are any special requirements for the insulation, and so forth. Most of the time it’s just a 
plain, solid line. For an example of just how simple it can be to draw a wire in a schematic, see 
Figure 3-1. 


Figure 3-1. A very simple electrical schematic diagram, showing how to get from point A to point B with a 


single wire. Drawing wires in schematics is easy! 


If a wire starts in just one place and ends in just one place, everything stays nice and easy. If multiple 
wires need to converge on a single point, or one signal wire needs to split up to go to more than one 
destination, it gets just a little more complicated, but not too much. See Figure 3-2. 


Figure 3-2. Wires that are connected to each other usually have a dot at their intersection. If there is no dot, 
there is no connection between overlapping wires. 


In the figure, points A, B, and C are connected together. Points D and E are connected together, but 
are not connected to points A, B or C, even though the wires look like they are crossing. In a professional 
schematic, a careful draftsperson would route the wire from point D to point E on the right side ofthe 
components to avoid any possible confusion. 

Some folks like to draw a little bump, or bridge, when two unconnected wires cross in a schematic, 
just to make sure that everyone knows that the wires aren't connected. This gets to be a bit tedious once 
you've got more than two or three components in your schematic, and it can look a bit unsightly. Feel 
free, however, to draw your schematics however you see fit. Just remember that others might not share 
your particular drafting sensibilities. 


Wire and Cables 


Chapter 2 took a quick look at wire and how it is made to help you pick out the best wire-cutting and 
wire-stripping tools. Now it is time to consider wire as an electrical component within your circuits. 
Knowing what a wire can and cannot do will help you pick the right kind of wire to use. Yes, wire has 
limits! This is important both for building new circuits from scratch as well as repairing, replacing, or 
upgrading wiring in existing circuits. 

Wire can be used for all sorts of artsy and craftsy purposes. Copper wire is the most common wire 
used in electronics. Sometimes the copper conductor is tinned with another conductive metal with a low 
melting point to make it easier to solder. When you cut this wire, you can see the copper on the inside. 

Pure copper wire is getting very expensive these days. Unscrupulous people try to pass off copper 
alloy with inferior electrical properties as the real deal. A quick way to test is with a magnet. Copper is 
not attracted to magnets. 


Silver has been known and used since ancient 
times. Evidence in Asia Minor suggests that people 
were separating silver from lead as long ago as 
3000 B.C.E. Like gold, 1t is a prized metal, both 
for 1ts beauty and usefulness. 


Silver 
(atomic 
number 47) 
is sometimes 
found in the 
Earth as the 
mineral 
native silver. 
Its chemical 


symbol is 
Ag, after the Latin word Argentum. 
Silver has a bright, metallic 
luster, and when untarnished, 
has a white color. Silver 1s found 


combined with a number of different 
elements to form a variety of minerals and ores. It is also found in very small 
amounts (called trace amounts) in gold, lead, zinc, and copper ores. 


As a mineral, silver crystallizes in the cubic (isometric) system. In rare cases 
it forms crystals. Usually it is found in thin sheets or as long wires and 
bundles of wires, as in these drawings of native silver from Colorado. Silver 
is rather soft at 2 to 3 on Mohs' hardness scale. Like gold, it is malleable 
which means it can be hammered into thin sheets. It is also ductile, meaning it 
can be drawn into wire. 


Name 


Silver was named from the Old English (Anglo-Saxon) word seolfer. This 
name is related to the German word silber and the Dutch word zilfer. 


An early Latin name for this mineral was Luna which means moon, an 
allusion to its striking, bright luster. 


Sources 
Silver is found in lead, zinc, and copper ore deposits. A full two-thirds of the 
silver resources in the world are found in association with these other metal 


ores. The remaining third is found in association with deposits of gold. 


The most important ore mineral of silver is argentite (Ag,S, silver sulfide). 


In the United States, Nevada is the leading producer of silver where it is a by- 
product of gold mining. Other significant world producers of silver are 
Mexico, Peru, Chile, and Canada. A number of other countries produce 
smaller amounts of silver. 


Uses 


Silver has been used for thousands of years for jewelry and decorative items 
of all types. Likewise, 1t has been used for silverware. Of all the metals, 
untarnished silver 1s the best reflector of light. As a result, 1t was used in 
ancient times to make mirrors. Unfortunately, silver tarnishes very easily and 
quickly, and its use as a mirror could be frustrating. Sterling silver is silver 
alloyed with another metal, usually copper. For such an alloy to be called 
“Sterling” it has to have 92.5% silver content. Silver is also used as a 
currency and at one time, along with gold, was the standard for the currency 
of the United States of America. Silver bromide and silver nitrate are used in 
photography. It is estimated that about one-third of the silver used in the 
United States is used in various photographic materials and processes. It is 
also used in electrical products because it conducts electricity so well (silver 
actually conducts electricity more efficiently than copper). It is used by 
dentists in amalgam fillings. Silver is also used in the production of bearings. 


Substitutes and Alternative Sources 


There are a number of materials and 
technologies that can be used in place of 
silver. Stainless steel 1s used to make 
tableware. Film with a lower silver content 
might be used in photography. Digital 
photography can conceivably significantly 
reduce the demand for silver-based films. 
Digital imaging will also reduce the 
consumption of silver-based films in the 
printing industry. Rhodium and aluminum 
can be substituted for silver in making 
mirrors. 


< = Sheet silver from Colorado 


All drawings used with permission 
© 2000 Darryl Powell 


TANTALUM 


Tantalum: a refractory metal with unique electrical, chemical, and physical properties 
that is used mostly as tantalum metal powder in the production of electronic components, 
mainly tantalum capacitors. Alloyed with other metals, tantalum 1s also used in making 
cemented carbide tools for metal working equipment, and in the production of 
superalloys for jet engine components. Australia, Brazil, Canada, Congo (Kinshasa), 
Ethiopia, and Rwanda are leading tantalum ore producers. There 1s no tantalum mine 
production in the United States. The sample photograph is tantalite, a source for 
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Institution 


Tantalite Photo from MII, courtesy of the Smithsonian 


Background 


Tantalum is a hard, grayish-blue, metallic element. Its atomic number is 73 
and its symbol is Ta. It has a very high melting point (2996°C). This melting 
point is exceeded only by that of carbon, tungsten, and rhenium. Tantalum is 
remarkably resistant to attack by air, water and most acids. 


Tantalum was discovered in 1802 by the Swedish scientist Anders Ekeberg. 
Commercial use of tantalum began in 1903 with the production of tantalum 


wire. 
Name 


Tantalum is mostly found with the element niobium. The two elements are so 
similar that they are very difficult to isolate from one another. Tantalum was 
named after the Greek god, Tantalus. Niobium, discovered before tantalum 
(1801), was named after the daughter of Tantalus, Niobe. 


Sources 


Tantalum is recovered from ore minerals such as columbite and tantalite. The 
United States has no high-grade tantalum ores. In fact, no significant tantalum 
ores have been mined in the U.S. since 1959. 


About 20% of the tantalum used in the United States comes from recycling. 
The rest must be imported. Recent major sources for tantalum imports were 
Australia, Kazakhstan, Canada, China, Thailand, and others. 


Uses 


The electronics industry uses most of the tantalum consumed to make 
electronic components (tantalum capacitors). Since tantalum is so resistant to 
corrosion, it is used to make surgical instruments and medical equipment 
such as rods to attach to broken bones, skull plates, and wire meshes to help 
repair nerves and muscles. 


Because it has such a very high melting point, it is alloyed (that 1s, mixed 
with) other metals to create alloys that are needed for very high temperature 
applications. Tantalum is also used in camera lenses. 


Substitutes and Alternative Sources 


Columbium can be used in place of tantalum to make carbides. Columbium, 
hafnium, iridium, molybdenum, rhenium and tungsten can be used for high- 
temperature situations. Aluminum and ceramics can be used in place of 
tantalum in electronic capacitors. The problem is, however, that most of these 
substitutes are not as effective as tantalum in some of these applications. 


VANADIUM 


Vanadium: Used in metal alloys, important in the production of aerospace titanium alloys, as a catalyst for production of maleic 
anhydride and sulfuric acid, in dyes and mordants, as target material for X-rays. Russia and South Africa are the world”s largest 
producers of vanadium. Large reserves are also found in the U.S., Canada, and China. The sample photo is vanadinite, an ore of 
vanadium and lead. 
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Background 


Vanadium is a soft, silver-gray metallic element. Its atomic number is 23 and symbol is V. Two scientists discovered 
it. However, they were not working together and even lived across the globe from one another. In 1803, Andres 
Manuel del Rio, a Spanish mineralogist working in Mexico City, first discovered a material he called “brown lead”. 
He later renamed this compound erythronium meaning red, a reference that this material turned red when heated. In 
1831, a Swedish chemist named Nils Gabriel Sefstrom isolated a new material that he named vanadium in honor of 
the goddess of beauty and fertility, Vanadis. Ultimately, the name vanadium was chosen. 


Henry Roscoe isolated metallic vanadium in 1867. He took vanadium chloride (VCl3) and reduced it with hydrogen 
to form vanadium metal and hydrochloric acid (HCl). Henry Roscoe isolated metallic vanadium in 1867. He took 
vanadium chloride 


There is a very minor amount of vanadium in the human body, however it does not serve any biological purpose. It is 
an interesting fact that vanadium is an essential element to ascidians, also known as sea squirts. They concentrate 
vanadium in their bodies to a level one million times higher than the concentration of vanadium in seawater. 


Name 


Vanadium was named after Vanadis, the goddess of beauty in Scandinavian mythology. 
The name was given by Nils Gabriel Sefstrom. A very beautiful, deep red mineral, 
vanadinite, contains vanadium and was named after its vanadium content. 


Deep red vanadinite crystals. Drawing © 2000 Darryl Powell. Used with permission. 
Sources 


It is estimated that the presently known world resources of vanadium total 63 million 
tons. There is no single mineral ore from which vanadium is recovered. However, it is 
found as a trace element in a number of different rock materials and is a by-product of 
other mining operations. Vanadium is found in magnetite (iron oxide) deposits that are also very rich in the element 
titanium. It is also found in bauxite (aluminum ore), rocks with high concentrations of phosphorous-containing 
minerals, and sandstones that have high uranium content. Vanadium is also recovered from carbon-rich deposits such 
as coal, oil shale, crude oil, and tar sands. 


Vanadium resources in the United States, where it is usually associated with uranium ores in sandstones, are large 
enough to supply U.S. vanadium needs. However, it 1s often cheaper to import vanadium and ferrovanadium 
products. The ferrovanadium that is imported is purchased from Canada, China, the Czech Republic, South Africa, 
and other nations. The majority of vanadium pentoxide used in glass manufacturing is imported from South Africa. 


Uses 


Vanadium itself may be soft in its pure form, but when it is alloyed (that is, mixed) with other metals like iron, it 
hardens and strengthens them dramatically. Consequently, vanadium is used extensively to make alloys (mostly steel 
alloys) for tools and construction purposes. Most of the vanadium consumed is used for these applications. 
Specifically, vanadium is alloyed with iron to make carbon steel, high-strength low-alloy steel, full alloy steel, and 
tool steel. These hard, strong ferrovanadium alloys are used to make armor plating for military vehicles and other 
protective vehicles. It is also used to make car engine parts that must be very strong, such as piston rods and crank 
shafts. The steel “skeleton” or frames of high-rise buildings and oil drilling platforms must be very strong to support 
the weight of the building and its contents; vanadium steel has the strength to support such massive weight. 


Some vanadium is used in other industrial applications. For example, vanadium pentoxide (V205) is used production 
of glass and ceramics and as a chemical catalyst. (A catalyst is a substance that assists in and often speeds up 
chemical reactions but is not consumed in the chemical reaction.) Compounds of vanadium are used to dye fabrics. 


Scientists have discovered that a mixture of the elements vanadium and gallium are useful in making 
superconductive magnets. 


Substitutes and Alternative Sources 
A number of other elements can be substituted for vanadium in the production of high-strength steel. These include 


columbium, molybdenum, titanium, and tungsten. Other metals can be used in place of vanadium as a chemical 
catalyst, including platinum and nickel. 


ASBESTOS 


MU Photos 


Asbestos: because this group of silicate minerals can be readily separated into thin, strong fibers that are flexible, heat resistant, 
and chemically inert, asbestos minerals are suitable for use in fireproof fabrics, yarn, cloth, paper, paint filler, gaskets, roofing 
composition, reinforcing agent in rubber and plastics, brake linings, tiles, electrical and heat insulation, cement, and chemical 
filters. 


Background 


"Asbestos" refers to a small number of minerals that are formed of flexible fibers, and have the useful physical 
property of being very heat resistant. Because asbestos forms as flexible fibers, it is woven to make fabrics for 
heat-resistant and insulating materials. 


Chrysotile asbestos, the fibrous variety of the mineral serpentine, is by far the most important type of asbestos. It 
forms in metamorphic rock, that is, rock that has been altered by intense heat and pressure. Another asbestos 
mineral is called crocidolite. Crocidolite is a dark blue variety of the mineral riebeckite. Crocidolite occurs in 
metamorphic rock. Only about 4% of the asbestos consumed is crocidolite. Other, less important asbestos 
minerals in occasional use are amosite, anthophyllite asbestos, tremolite asbestos, and actinolite asbestos. 


Asbestos has a very high melting point. This, together with the flexible nature of the fibers, helps to determine 
its usefulness. 


Since the discovery in the mid-Twentieth Century that asbestos can cause a fatal lung condition, the mining and 
use of asbestos has decreased, and has become closely regulated in all countries. 


Name 


The name asbestos came from ancient times from a Greek word meaning unquenchable in reference to its 


resistance to fire and heat. For many centuries, small cloths woven from asbestos were a luxury item, for 
handling of hot items in kitchens and foundries. 


Sources 


Most of the asbestos consumed annually is chrysotile asbestos. Asbestos 1s no longer mined in the United States. 
Imports from Canada account for most of the U.S. consumption. Russia, Canada, China, and Kazakhstan are 
major producers of asbestos, with lesser production from a dozen other countries. 


The tonnage of asbestos used worldwide is in a slow decline, as, for health reasons, many countries have 
restricted or altogether banned the use of asbestos. The decline is expected to continue. 


Uses 


Asbestos is used to make heat resistant products. Long asbestos fibers are preferred, and short fibers are worth 
only a fraction of the price. The former uses of asbestos in building construction (fireproof ceiling panels in 
schools, for example) have largely disappeared, although asbestos 1s still used in making asbestos-cement 
products, automobile and truck brakes, roof castings, and applications where the fibers are encased in other 
materials and are unlikely to become free-floating. 


Roofing products containing asbestos (asphalt coatings) account for more than half of U.S. consumption. 
Friction products such as brake pads, and gaskets account for about another 20%. Asbestos is also used for some 
specialized concrete products. 


Substitutes 


No better material has been found, or manufactured, that is as versatile as asbestos. However, due to the serious 
health issues involved in asbestos use, a number of substitute materials are utilized. A variety of different 
manufactured fibers have replaced asbestos in many applications. These include carbon fiber, cellulose fiber, 
ceramic fiber, glass fiber and steel fiber. Other minerals, such as wollastonite, are used for some applications. 


CHROMIUM 


MU Photo 


Photo Courtesy of Simon Williams, 


Chromite (chromium): some 99 percent of the world's chromite is found in southern 
Africa and Zimbabwe. Chemical and metallurgical industries use about 85% of the 
chromite consumed in the United States. 


Background 


Chromium is a hard, bluish metallic element (Cr) with an atomic number of 24. 
In the mid-1700’s, chemical analysis of a mineral from Siberia showed that it 
contained lead. This mineral, crocoite (PbCrO,, lead chromate), was known as 
“red lead” because of the beautiful orange-red color of its crystals. It also 
contained another, then-unknown material. This material was identified as 
chromium oxide (CrO3) by Louis-Nicholas Vauquelin. In 1797, he heated this 
oxide with charcoal to remove the oxygen (chemists call this reaction a 
reducing process) which left the metal chromium. 


Shortly after Vauquelin’s discovery, a German chemist name Tassaert 
discovered chromium in an ore that geologists now call chromite (FeCr2O,, 
ferrous chromic oxide). Chromite forms in an igneous environment. 


Name 


The name chromium was derived from the Greek word chroma which means 
color, in reference to the fact that chromium is known to cause a number of 
colors in a variety of materials. For example, the green color of emerald 1s 
caused by the presence of very small amounts of chromium in the crystal. 


Sources 


The only ore of chromium is the mineral chromite. United States chromium 
consumption 1s equivalent to about 14% of all the chromite ore mined each 
year. In the western hemisphere, chromite ore is produced only in Brazil and 
Cuba; the United States, Mexico and Canada do not produce chromite. (The 
Stillwater Complex in Montana is the biggest chromium deposit in the United 
States, however it is not producing chromite ore at this time.) By comparison, 
about 80% of world production of chromite comes from India, Kazakhstan, 
Turkey and southern Africa. Southern Africa itself produces about half of this. 


Geologists estimate that there are about 11 billion tons of chromium ore 
(chromite) in the world that could be mined. Most of these resources are found 
in southern Africa. This is enough chromium ore to meet world demand for 
hundreds of years into the future. 


Uses 


Chromium is alloyed (that is, mixed) with steel to make it corrosion resistant or 
harder. An example is its use in the production of stainless steel, a bright, shiny 
steel that is strong and resistant to oxidation (rust). Stainless steel production 
consumes most of the chromium produced annually. Chromium is also used to 
make heat-resisting steel. So-called "superalloys" use chromium and have 
strategic military applications. 


Chromium also has some use in the manufacture of certain chemicals. For 
example, chromium-bearing chemicals are used in the process of tanning 
leather. Chromium compounds are also used in the textiles industries to produce 
a yellow color. 


Substitutes and Alternative Sources 


There is no good alternative for chromium in the manufacture of steel or 
chromium chemicals. Scrap metal that contains chromium can be recycled as an 
alternative source. The natural abundance of chromite in the Earth’s crust 
makes alternative sources unnecessary at this time. 


CHAPTER 3 = COMPONENTS 


As mentioned in Chapter 2, wire comes in two major categories: solid core and stranded. Solid core 
wire is just a single piece of copper wire, while stranded wire is made up of many smaller strands of 
copper wire, usually twisted together. Stranded wire is generally more flexible than solid core wire. 

Copper wire is measured using a gauge system. Different systems exist around the world. A 
common system used in the United States and Canada is the American Wire Gauge (AWG) standard. It 
uses a series of single numbers to denote the relative size of the wire, with larger numbers representing 
smaller-diameter wires. These numbers go all the way down to zero (0 gauge), but they don't stop there. 
Larger wires than 0 gauge are called 00 gauge, double-ought, or sometimes 2/0. There are also three- and 
four-digit versions, but after that, those giant wires are specified with their actual cross-sectional 
diameter. 


Using Wire: The Very Short Version 


Fatter wires carry more current with less heat being generated due to resistance. The wire’s insulation is 
rated for a maximum voltage and temperature. If this temperature is exceeded, the insulation will soften, 
melt, or catch on fire. Avoid this by using the right sized wire for the job. Exceeding the maximum 
voltage can cause more problems if the current arcs through the insulation. This can cause a short 
circuit and may even cause a fire. It is also likely to give off noxious fumes. Choose wisely! 

For low voltages (under 36V) and small current loads (under 1A), you can use whatever you want. It 
doesn’t matter. Pick something pretty. A thing of beauty is a joy forever. 

For higher-voltage applications, make sure the wire’s insulation is rated far in excess of what you 
anticipate. The rating should be visibly printed on the insulation itself. See Figure 3-3. 


Figure 3-3. The wire’s insulation only works up to a point. That point is usually printed on the insulation 
itself, but you may need to put on your good reading glasses to see it. This wire states, “LL33911 CSA TEW 
105°C 600V FTT 14AWG,” which translates to the manufacturer’s part number, Canadian Standards 
Association certified thermoplastic equipment wire, maximum temperature of 105°C, 600V insulation 
dialectric strength, 14 gauge. 
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COLUMBITE 


Columbite-tantalite group (columbium is another name for niobium): Columbite is a natural oxide of 
niobium, tantalum, ferrous iron, and manganese. Some tin and tungsten may be present in the mineral. 
Columbium, in the form of ferrocolumbium, is used mostly as an additive in steel making and in superalloys for 
such applications as heat-resisting and combustion equipment, jet engine components, and rocket 
subassemblies, in cemented carbides, and in superconductors. Brazil and Canada are the world”s leading 
producers. 


Columbite photo from MII, courtesy of Smithsonian Institution 


FLUORSPAR - Fluorite 


Florite Photo from MII, 
Courtesy of Smithsonian Institute 


MII Photos 


Fluorite (fluorspar): Used in production of hydrofluoric acid, which is used in the electroplating, stainless 
steel, refrigerant, and plastics industries, in production of aluminum fluoride, which is used in aluminum 
smelting, as a flux in ceramics and glass, in steel furnaces, and in emery wheels, optics, and welding 


rods. 


Background 


When found in nature, fluorspar is known by the mineral name fluorite. Fluorspar (fluorite) is 
calcium fluoride (CaF). It is found in a variety of geologic environments. Fluorspar is found 
in granite (igneous rock), it fills cracks and holes in sandstone, and it is found in large deposits 
in limestone (sedimentary rock). The term fluorspar, when used as a commodity name, also 
refers to calcium fluoride formed as a by-product of industrial processes. 


Fluorspar is relatively soft, number 4 on Mohs' scale of hardness. Pure fluorspar is colorless, 
but a variety of impurities give fluorite a rainbow of different colors, including green, purple, 
blue, yellow, pink, brown, and black. It has a pronounced cleavage, which means it breaks on 
flat planes. Fluorite crystals can be well formed, beautiful and highly prized by collectors. 


Despite its beauty and physical properties, fluorspar is primarily valuable for its fluorine 
content. 


Name 


Even though fluorite contains the element fluorine, its name is not derived from its chemical 
composition. The name was given by Georg Agricola in 1546 and was derived from the Latin 


verb fluere which means to flow because 1t melts easily. 


Spar 1s a generic name used by mineralogists to refer to any non-metallic mineral that breaks 
easily to produce flat surfaces and which has a glassy luster. 


A miner’s name used long ago for fluorite was Blue John. 
Sources 


The United States once produced large quantities of mineral fluorspar. However, the great 
fluorspar mines of the Illino1is-Kentucky fluorite district are now closed. Today, the United 
States imports fluorspar from China, South Africa, Mexico, and other countries. 


A small percentage of the fluorspar consumed in the United States 1s derived as a by-product 
of industrial processes. For instance, an estimated 5,000 to 8,000 tons of synthetic fluorspar 1s 
produced each year in the uranium enrichment process, the refining of petroleum, and in 
treating stainless steel. Hydrofluoric acid (HF) and other fluorides are recovered during the 
production of aluminum. 


Uses 


The majority of the United States’ annual consumption of fluorspar is for the production of 
hydrofluoric acid (HF) and aluminum fluoride (AIF3). HF is a key ingredient for the 
production of all organic and non-organic chemicals that contain the element fluorine. It is 
also used in the manufacture of uranium. AIF; is used in the production of aluminum. 


The remainder of fluorspar consumption is as a flux in making steel, glass, enamel, and other 
products. A flux is a substance that lowers the melting temperature of a material. 


Substitutes and Alternative Sources 
Phosphoric acid plants, which process phosphate rock into phosphoric acid, produce a by- 


product chemical called fluorosilicic acid. This is used to fluoridate public water supplies or to 
produce AIF3. Phosphate-rich rocks are a minor alternative source for elemental fluorine. 
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Pink fluorite from Peru 


Fluorite crystal drawings by Darryl 
Powell 


© 1999 Darryl Powell 


Used with permission. 


Green fluorite from Colorado 


SALT 


MU Photos 


Halite (Sodium chloride--Salt): Used in human and animal diet, food seasoning and food 
preservation, used to prepare sodium hydroxide, soda ash, caustic soda, hydrochloric acid, 
chlorine, metallic sodium, used in ceramic glazes, metallurgy, curing of hides, mineral 
waters, soap manufacture, home water softeners, highway de-icing, photography, herbicide, 
fire extinguishing, nuclear reactors, mouthwash, medicine (heat exhaustion), in scientific 
equipment for optical parts. Single crystals used for spectroscopy, ultraviolet and infrared 
transmission. 


Halite Photo from MII, courtesy of the Smithsonian Institution 


Background 


Salt, composed of sodium chloride (NaCl), is one of the necessities of life for 
man and animals. Even in earliest times, man valued salt licks, springs, and 
marshes, and would go to great effort to visit them and carry salt away. In 
addition to the natural craving for salt which develops when it is absent from 
the diet, salt is valuable for preserving meats in hot climates. 


In Roman society, salt was used as currency, and soldiers were paid in salt. 
The Latin word sal is the root for the English word salary. Based on this, we 
have the familiar phrase that a person is "worth their salt", meaning worth the 
wages they receive. 
Halite crystal drawing 
ei used with permission. 
© 1998 Darryl Powell 


OT Salt that 1s mined from 

O solid layers in the ground 

is called rock salt. When 
produced along with other, 

(7 usually powdery, salt-like 
compounds by evaporation 

from seawater, 1t 1s called 

sea salt or solar salt. Brine 1s the term for salty water from which salt can be 

produced. Geologically, salt 1s also known by its mineral name halite. 


Pure halite is colorless, though it 1s often colored by impurities. It is soft and 
breaks (cleaves) into cubes. Halite crystallizes in the isometric (also called 
cubic) crystal system and when it forms crystals, it generally forms cubes. Its 
most noticeable and important physical feature is that halite is readily soluble 
in water. This allows halite to be useful in such varied applications as 
cooking, food preservation, and chemical production. 


Name 


The term salt is an ancient word, occurring in various forms in earliest 
English and in related languages. The formal mineral name for crystalline 
sodium chloride is halite, derived from the Greek word hals meaning salt. 
The mineral name was given by E.F. Glocker in 1847. 


In chemical usage, salt may refer to any compound of a metal and non-metal; 
thus terms such as "copper salts" or "magnesium salts" refer to the chlorides, 
carbonates, sulfates, etc., of copper or magnesium. "Epsom salts" refers to a 
specific hydrous magnesium sulfate mineral, made famous by its occurrence 
at a spring in southern England. Sodium chloride is sometimes referred to as 


"common salt” or "table salt", to distinguish it from other salts. 
Sources 


Sodium chloride occurs dissolved in seawater, along with other salts of 
sodium, calcium, magnesium, and other light metals. When seawater 
evaporates in a closed lagoon, halite and other minerals precipitate out and 
sink to the bottom as crystals. In this way, great beds of rock salt have been 
formed. 


When sediments containing rock salt are folded and uplifted, the beds of rock 
salt are exposed, and in time they dissolve away, forming brines which either 
percolate into the ground or the ocean, or collect in salt lakes. 


Salt can be mined from rock salt either by traditional mining practices using 
heavy equipment underground, or by pumping hot water in pipes into the salt 
deposit, where the hot water dissolves the halite. The resulting salt water is 
then pumped to surface and evaporated to yield salt. This is called “solution 
mining”. In some modern dry salt lakes, a crust of halite can be recovered by 
simply scraping the salt crust off the lake bottom with bulldozers or scrapers. 
Ancient rock salt is mined in Michigan, New York, Kansas, and other states. 
Solution mining is used to recover salt from underground “salt domes” in 
Louisiana and Texas. Recovery of salt from dry lakes takes place in the 
deserts of California, Nevada, and Utah. 


Much salt is produced by controlled evaporation of seawater or of brines in 
salt lakes. In this technique, the water is pumped or drained into shallow 
ponds. Solar evaporation will eventually (in an arid climate) concentrate the 
salt to the point where it crystallizes on the floor of the pond. This process is 
used around San Francisco Bay, at the Great Salt Lake in Utah, and 
elsewhere. 


In the United States, rock salt accounts for one-third of the salt produced, 
while solution mining yields one-half the total. The remainder comes from 
evaporation of seawater and lake brines, and a small amount from salt crusts 
on dry lakes. The United States produces about one-fifth of the world’s salt. 
However, the United States also imports about one-fifth of its needs from 
other countries, mostly from Canada and Chile. 


Salt is produced in most of the countries on Earth. After the United States, the 
largest producers of salt are China, Germany, India, and Canada. In most 
other countries having a seacoast, salt for local use 1s produced by 
evaporation of seawater. 


Uses 


In every country, salt is used in food preparation. In some poor, non- 
industrialized countries, this is the principal use. However, in a heavily 
industrialized country such as the United States, the consumption pattern is 
quite different. 


In the United States, over 40% of salt is used in the chemical industry (mainly 
for the production of chlorine and caustic soda), and another 40% as a de-icer 
on roads in winter. The remaining is consumed in several sectors, including 
manufacture of rubber and other goods, agriculture, and food processing 
including as table salt. Table salt accounts for only about 1% of U.S. salt. 


Substitutes 


Some other salts, such as calcium chloride and potassium chloride, can be 
used to de-ice roads and walkways. These options, however, are more 
expensive than salt. Due to the limitless, inexpensive quantities available, salt 
is not likely to be replaced in most of its industrial and domestic uses. 


LEAD 


Lead: Used in lead batteries, gasoline tanks, and solders, seals or bearings, used in electrical and electronic applications, TV 
tubes, TV glass, construction, communications, and protective coatings, in ballast or weights, ceramics or crystal glass, tubes or 
containers, type metal, foil or wire, X-ray and gamma radiation shielding, soundproofing material in construction industry, and 
ammunition. The U.S. is the world's largest producer and consumer of refined lead metal. Major mine producers other than the 
U.S. include Australia, Canada, China, Peru, and Kazakhstan. 
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MII Photos 


Galena: A lead sulfide, the commonest ore of lead. Sample in photo below contains 86.6 percent lead. 


Galena Photo from MII, courtesy of the Smithsonian Institution 


Background 


Lead, atomic number of 82, is very soft, blue-gray, metallic element and has been 
used since antiquity. Because it is so soft, lead is usually alloyed with other 
elements. Water pipes in ancient Rome, some of which still carry water, were 
made of lead. The English words plumber and plumbing are derived from the 
Latin word for lead, plumbum. Plumbum is also the source of the chemical 
symbol for lead, Pb. 


Lead is a very heavy element. Native lead was found in Sweden, but it is rare to 
have the element alone in nature. Combined with other elements, it forms a 
variety of interesting and beautiful minerals, all of which are heavy due to their lead content. The most 
significant lead mineral is galena (PbS, lead sulfide). Galena deposits have been worked worldwide for their 
lead. During the Civil War, the Union Army made bullets from lead derived from a galena mine at Balmat, 
New York. Anglesite and cerussite ((PbSO,, lead sulfate and PbCO3, lead carbonate respectively) are two 
other lead-based minerals. 


All major radioactive elements (such as uranium) break down and 
create lead as one of their end products. Interestingly, lead is used to 
safely store radioactive materials because it absorbs radiation from the 
radioactive isotopes. 


Lead is toxic. It can cause damage to the digestive and nervous 
systems, so its use in some applications has been discontinued. Lead 
poisoning is monitored in children to prevent any permanent damage. 
At one time lead was added to gasoline to eliminate “knock” in car 
engines. It was also in paint, but the lead-based paints have a sweet 
taste, and some children were eating the paint and getting serious lead 
poisoning. 


(Above left: Galena crystals on fluorite from Illinois. Above right: 
cerussite crystals from Morocco. Drawings used with permission. ©2000, 2001 Darryl Powell) 


Name 


Although it is believed that it comes from an Anglo-Saxon background, the exact origins of the name lead are 
unknown. 


Sources 
It is estimated that the identified lead resources worldwide exceed 1.5 billion tons. Much lead is recovered as 
the primary metal from galena deposits. Significant amounts of lead are being recovered as a by-product or co- 


product from zinc mines, and silver-copper deposits. 


In the United States, mines in Missouri, Alaska, Idaho and Montana produced the majority of lead. Lead is 
also imported into the United States from a number of countries, both as ore concentrates and as metallic lead. 
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For higher-current applications, you really need to use the highest-gauge wire that is necessary to 
carry the required current. Hot wires cause fires. 


Using Wire: The Longer Version 


If you will spend some time learning about the properties of wire, you will be able to make much better 
decisions regarding its use and application. Assuming that the overall shape of the cross section ofthe 
wire is round, the gauge of the wire determines how much resistance to the flow of electrical current the 
wire will exhibit over a given distance. This resistance, in turn, helps determine the amount of electrical 
current that the wire can safely carry. 

When electric current meets resistance, the electrical power is converted into some other form of 
energy. Usually this energy is given off as heat, or thermal energy. It can also produce magnetic fields, 
sound, light, and radio waves. 

A good example of this is demonstrated by the heater coils on an electric stovetop. When the stove's 
switch is turned on, current flows through the coil. Most of the current is converted directly into heat. 
Electric heaters are very efficient this way. A small amount of the electrical power is converted into light. 
You can see this as a red glow coming from the heater coil when it is hot. The coil also creates a magnetic 
field. 

If you know the gauge of a wire, you can look up the wire’s characteristic resistance. These numbers 
will be close but perhaps not exact, as there will always be small variations in wire diameter, conductor 
purity, and other factors. Generally, however, the numbers are pretty close. 

Let's take another look at the AWG table (see Table 3-1), and look at a few simple examples to help 
understand what these wires can do for us. (A more complete listing is available at 
http://en.wikipedia.org/wiki/American wire gauge, from which this partial list was obtained.) 


Table 3-1. The AWG 
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Canada 1s the most important importer, followed by Mexico, Australia, and Peru. 


More than 1 million tons of lead is recovered in recycling annually, the majority of which is from the recycling 
of batteries. 


Uses 


The majority of the lead consumed annually is used to make batteries for cars, trucks and other vehicles, as 
well as wheel weights, solder, bearings and other parts. Lead is used in electronics and communications 
(emergency power batteries, for example), ammunition, television glass, construction, and protective coatings. 
A small amount is used to make protective aprons for patients having x-rays to shield the body from excess 
radiation exposure, for crystal glass production, weights and ballast, and specialized chemicals. 


Substitutes and Alternative Sources 


Plastics, aluminum, tin, and iron are replacing the use of lead in construction materials, containers, packaging, 
etc. Tin and other metals are being used to replace lead as a solder in some applications where lead could 
poison people, such as in drinking water systems. 


PLATINUM GROUP 


Platinum Group Metals (includes platinum, palladium, rhodium, iridium, osmium, and 
ruthenium): They commonly occur together in nature and are among the most scarce of 
the metallic elements. Platinum is used principally as catalysts for the control of 
automobile and industrial plant emissions, as catalysts to produce acids, organic 
chemicals, and pharmaceuticals. PGMs are used in bushings for making glass fibers used 
in fiber-reinforced plastic and other advanced materials, in electrical contacts, in 
capacitors, in conductive and resistive films used in electronic circuits, in dental alloys 
used for making crowns and bridges. in jewelry. Russia and South Africa have nearly all 
the world’s reserves. The sample in the photo is Sperrylite; it is of very rare occurrence 
but of interest as the only native compound of platinum. 
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Sperrylite Photo from MII, courtesy of the Smithsonian Institution 


Background 


The name platinum refers to a mineral, an element and a group of elements. 
As an element, platinum (chemical symbol Pt) is a silvery-gray metal with an 
atomic number of 78. It belongs to a group of elements that are in the second 
and third triads of Group VIII of the Periodic Table of the Elements. 


The platinum group of elements consists of metals with similar physical 
properties. They are among the rarest elements in the Earth’s crust. They have 
high melting points, are dense or heavy (mineralogists say they have a high 
specific gravity), and are very non-reactive to other elements and ions. The 
platinum group elements include: ruthenium (44), rhodium (45), palladium 
(46), osmium (76), iridium (77) and platinum (78). Of these elements, only 
platinum and palladium are found in a pure form in nature. The others occur 
in nature as natural alloys with platinum and gold, for example. In industry 
people refer to this group of elements as the platinum group metals, or simply 
as PGM. 


As a mineral, platinum occurs in dark silicate rocks with minerals containing 
iron and magnesium. It is usually found as fine grains or flakes scattered 
throughout the rock and rarely as large nuggets. It crystallizes in the cubic 
crystal system, but rarely forms actual crystals. The crystal drawings here are 
of very rare platinum alloy crystals from Russia. Platinum is metallic and, 
like gold and silver, is malleable (it can be hammered into sheets) and ductile 
(it can be drawn into wire). Most naturally 
occurring platinum is actually a mixture of 
platinum and iridium 


Name 


Platinum has been known and used since 
antiquity in South America, where the use 


of platinum by the natives was discovered by Antonio de Ulloa of Spain in 
1735. Because it is silver-gray in color, it was named after the Spanish word 
for silver, plata. 


Sources 


Geologically, platinum is found in thin layers of metal ores called sulfides. 
These sulfide ores are found in mafic igneous rocks (that is, dark igneous 
rocks with high iron and magnesium content). 


In the United States, the only mines producing platinum group metals (PGM) 
are in what geologists call the Stillwater Complex of Montana. In recent 
years, old mines have been enlarged and a new mine has been established in 
this complex. Small amounts of PGM are recovered from copper processing 
in Texas and Utah. 


In 1822 large amounts of platinum were discovered in the Ural Mountains in 
Russia. Russia continues to be an important world source of PGM to this day. 
The most productive PGM mines are in South Africa in a geologic region 
known as the Bushveld Complex. Canada, Zimbabwe, and Australia also 
produce PGM. 


Significant amounts of platinum are recovered annually through recycling. In 
1999, for example, 70 metric tons was recovered through recycling. This will 
continue to be an important part of PGM supplies in the future. 


Uses 


Most platinum is used to produce catalytic converters in automobile exhaust 
systems. The goal is to limit the smog-producing chemicals that come from 
burning gasoline. When an internal combustion engine burns gasoline, 
nitrogen oxides (NO,) are produced. The exhaust passes through the catalytic 
converter that contains platinum and iridium. The gases are in the converter 
for 0.1 to 0.4 seconds and in that very short time, 75% of the nitrogen oxide is 
converted into nitrogen and oxygen. In addition, more than 95% of carbon 
monoxide and other hydrocarbons in the exhaust are oxidized. The platinum 
works by lowering the energy needed to cause these chemical changes. The 
result is a dramatic reduction in pollution. 


Although about one-third of all platinum is used by the automotive industry, 
there are various other uses. It is alloyed with gold, silver and copper for 
dental uses. PGM is used in chemotherapy, particularly to fight leukemia. 
Platinum-iridium compounds are used to make biomedical devices. An alloy 
of platinum and osmium is used in pacemakers to regulate heart function and 


in heart replacement valves. 
Substitutes and Alternative Sources 
Some manufacturers are using less expensive palladium in place of platinum 


in catalytic converters. As a catalytic converter component in diesel engines, 
palladium is proving to be a better than platinum. 


Platinum crystal drawings used with permission. 
©2000 Darryl Powell 


QUARTZ 


Quartz (Silica): as a crystal, quartz is used as a 
semiprecious gem stone. Cryptocrystalline forms may also 
be gem stones: agate, jasper, onyx, carnelian, chalcedony, 
etc. Crystalline gem varieties include amethyst, citrine, rose 
quartz, smoky quartz, etc. Because of its piezoelectric 
properties quartz is used for pressure gauges, oscillators, 
resonators, and wave stabilizers; because of its ability to 
ERA rotate the plane of polarization of light and its transparency 

as. in ultraviolet rays it is used in heat-ray lamps, prism, and 
spectrographic lenses. Used in the manufacture of glass, paints, abrasives, refractories, and precision 
instruments. 


Rose Quartz Photo from MII, courtesy of the Smithsonian Institution 


Background 


Quartz is a very common 
mineral in the Earth’s crust. 
Chemically, quartz 1s silica, or 
silicon dioxide, S102. It is found 
in most types of rocks: igneous, 
metamorphic and sedimentary. 


Quartz is rather hard, 7 on the 
Moh’s hardness scale, and has a 
glassy (vitreous) luster. When a 
crystal is broken, the fracture 
surface 1s curved, like a shell. 
This is referred to as conchoidal 
fracture; glass fractures in the 
same way. 


When crystallized in an open cavity in rocks, quartz forms easily- 
identifiable 6-sided (hexagonal) prismatic crystals. When formed without 
open spaces, deep within the earth, quartz crystallizes in small, roundish 


masses. 


Quartz is physically and chemically resistant to weathering. When quartz- 
bearing rocks become weathered and eroded, the grains of resistant quartz 
are concentrated in the soil, in rivers, and on beaches. The white sands 
typically found in river beds and on beaches are usually composed mainly of 
quartz, with some white or pink feldspar as well. 


Name 


Because of its abundance and distinctive 
crystal shape, quartz has been recognized as 
a mineral for thousands of years. The name 
has an uncertain origin, possibly derived 
from the German word quarz, a word of 
ancient and uncertain origins. 


When water-clear, quartz is known as rock 
crystal or mountain crystal. However, quartz 
can contain a number of different impurities, 
which create different color varieties. Purple 
quartz is known as amethyst, white is milky 
quartz; black is smoky quartz; pink is rose 


quartz, and yellow or orange is citrine. 


SODA ASH or TRONA 


Sodium Carbonate (Soda Ash or Trona): Used in glass container manufacture, in fiberglass and specialty 
glass, also used in production of flat glass, in powdered detergents, in medicine, as a food additive, 
photography, cleaning and boiler compounds, pH control of water. 
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Background 


The commodity called "soda ash" is anhydrous sodium carbonate (that is, sodium carbonate 
without water, NazCO3). It is made both by the processing of the minerals trona 
(Na3H(CO3)2.2H2O)and nahcolite (NaHCO3), and by processing sodium carbonate-rich 
waters (called brines). Sodium carbonate is one of the most important compounds in the 
chemical industry. The production of these chemicals and their compounds is known as the 
“alkali” industry. 


Natural sodium deposits are formed by a long geologic process of the erosion of igneous 
rocks, the transportation of sodium from these rocks, and chemical reactions. First, the 
sodium is released from igneous rocks when they weather and break down. In the right 
situation, the sodium is carried by water in rivers, streams, and as runoff and collects in 
basins. Then, when it comes in contact with carbon dioxide, it precipitates out as sodium 
carbonate. 


When companies process and produce soda ash, a number of other sodium compounds are 
made as co-products, including sodium bicarbonate (also known as baking soda), sodium 


sulfite, sodium tripolyphosphate, and chemical caustic soda. 


Soda ash is one of the most widely used and important commodities in the United States. 
Because so much soda ash is used by so many industries, monthly soda ash production 
information is one of the pieces of information used to determine the condition of the United 
States economy. 


Name 
Sources 


Deposits of sodium carbonate are found in large quantities in the United States, China, 
Botswana, Uganda, Kenya, Mexico, Peru, India, Egypt, South Africa and Turkey. It is found 
both as extensive beds of sodium minerals and as sodium-rich waters (brines). 


Six companies in the United States (four in Wyoming, one in California, and one in 
Colorado) produce over 14 million tons of soda ash annually. The largest trona deposit in the 
world is in the Green River Basin of Wyoming. It is estimated that this deposit alone could 
produce as much as 47 billion tons of soda ash. This deposit consists of thick, extensive beds 
of trona and thin trona beds interbedded with salt (halite). In California, Searles Lake and 
Owens Lake are soda brine lakes that are estimated to contain 815 million tons of soda ash. 


Worldwide, more than 60 natural sodium carbonate deposits have been identified. 
Uses 


By far, the majority of soda ash is used to make glass. The next largest use is to make a 
variety of chemicals, followed by soaps and detergents, distributors, the removal of sulfur 
from smokestack emissions, paper and paper pulp production, water treatment, and other 
assorted uses. These other uses include oil refining, making synthetic rubber, and explosives. 


Substitutes and Alternative Sources 


Soda ash can be made synthetically using limestone, salt and ammonia. This is known as the 
Solvay process, and was the main source of soda ash until the Wyoming trona deposits were 
discovered. However, it is more expensive than mining natural sodium carbonate deposits. In 
addition, the waste products of this process are harmful to the environment and could cause 
serious waste management problems. The enormous natural deposits will not be exhausted 
for decades to come. If ever soda ash must be synthesized using the Solvay process, nearly 
limitless sources of limestone and salt are available. 


TITANIUM 


Titanium: Titanium is a strong lightweight metal often used in airplanes. When titanium 
combines with oxygen, it forms titanium dioxide (TiO,), a brilliant white pigment used 
in paint, paper, and plastics. Major deposits of titanium minerals are found in Australia, 
Canada, India, Norway, South Africa, Ukraine, and the United States. The sample in the 
photo is a mineral collector’s specimen of titanite (or sphene). However, it is not typical 
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Titanite Photo from MII, courtesy of the Smithsonian Institution 


Background 


In 1791, the Reverend William Gregor, an English clergyman and 
mineralogist, reported that he had discovered a magnetic black sand near the 
beaches of Cornwall, England. The mineral was named menachanite after the 
local parish of Menaccan. A few years after Gregor’ s discovery, M.H. 
Klaproth, a German chemist, separated TiO from the mineral rutile. Klaproth 
named the new element titanium after the giants of Greek mythology. In 
1825, J.J. Berzelius, a Swedish chemist, performed a crude separation of 
titanium metal. However, it was not until 1910 that M.A. Hunter, an 
American chemist, produced pure titanium. W.J. Kroll patented his method 
for producing titanium metal in 1938. Coincidently, commercial production 
of titanium metal and TiO, pigment began in the 1940s. 


Titanium is a hard, silvery-gray metallic element. Its atomic number is 22 and 
its symbol is Ti. It is the 9th most common element in the Earth’s crust. It 


also is found in meteorites, the moon, and the sun. 


Titanium metal has a number of useful physical properties. It is very resistant 
to corrosion. It is hard, has a high melting temperature, and is lightweight. Its 
strength is similar to steel, but is 45% lighter. Titanium alloys can be twice as 
strong as aluminum alloys. 


Titanium has no known nutritional benefit for animals. It does, however, have 
some slight benefits for plant health. Titanium has been found to be very 
compatible with the human body and 1s often used in surgical instruments and 
medical implants. Titanium is the only element that will burn in a pure 
nitrogen atmosphere. 


Name 


Titanium was named by M.H. Klaproth after Titans. The Titans were the 
giant sons of Uranus and Gaea. They set out to rule heaven, but were defeated 
by Zeus. Although the name seems quite appropriate, 1t was not meant to 
impart any particular meaning. 


Sources 


Titanium is found in many minerals. //menite (FeT103) and rutile (T102) are 
the most important sources of titanium. Ilmenite provides about 90% of the 

titanium used every year. It is estimated that the resources of ilmenite in the 
world contain 1 billion tons of titanium dioxide. The estimated resources of 
rutile in the world contain about 230 million tons of titanium dioxide. 


Rutile and ilmenite are extracted from sands that may contain only a few 
percent by weight of these minerals. After the valuable minerals are 
separated, the remaining sands are returned to the deposit and the land 
recultivated. In the United States, titantum-rich sands are mined in Florida 
and Virginia. 


Even though the United States mines and processes titanium and titanium 
dioxide, it still imports significant amounts of both. Metallic titanium is 
imported from Russia (36%), Japan (36%), Kazakhstan (25%), and other 
nations (3%). T1O2 pigment for paint is imported from Canada (33%), 
Germany (12%), France (8%), Spain (6%), and other nations (36%). 


Uses 
Most titanium is used in its oxide form. T10, is a white pigment used in paint, 


varnishes and lacquers (49%), plastics (25%), paper (16%), and other 
products such as fabrics, printing inks, roofing granules, and special coated 
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Conductivity 


The first thing you need to know is that copper wire really, really wants to conduct electricity. It wants to 
conduct electricity more than it wants to resist the flow of electrical current. Even so, copper is not a 
perfect conductor, and it has a certain amount of inherent resistance. This resistance causes the energy 
carried by the electrical current to be sidetracked, or converted into heat and other forms of energy. The 
higher the resistance in the wire, the more heat will be produced. 

Normally this heat is a very small thing and is easily dissipated into the surrounding air. You usually 
can’t even tell by touching that a wire is a fraction of a degree warmer than its surroundings—but this is 
only true when the amount of energy is relatively small, like in our rewired flashlight example. When you 
start to push a lot of power through a wire, the heat buildup can outpace the cooling-off provided by the 
surrounding air, and the temperature of the wire increases. 

Again, this is no big deal as long as that temperature stays within a comfortable range. But what 
happens when the temperature gets really high? 

First, the insulation will get soft, melt, or even catch on fire. After the insulation, if any, has burned 
off, the wire will glow red hot and eventually melt. This is known as catastrophic wire failure, which can 
result in what electrical engineers refer to as an unauthorized thermal event, which we call a fire. Yikes! 

But look around you. You’re probably sitting right next to some wires right now, very few of which 
(hopefully) are on fire, even though they are carrying variously large loads. How do they keep from 
burning up? The answer is in the proper selection of the right size of wire for the job. Bigger wires have 
less resistance to the flow of electricity, so they are able to carry more power with less heat being 
produced. 

Now, you don’t want to have to wire up all of your electronic circuits using jumper cables from your 
car’s trunk, as that gets to be cumbersome after a while. Let’s look at some good guidelines for what size 
wire to use for your projects. 

In Chapter 2 you learned about (or were reminded of) Ohm’s Law, which illustrates the 
relationships between voltage, current, and resistance in any electrical circuit. In summary, V =I x R, 
where V is volts, I is current in amps, and R is resistance in ohms. It’s not just a good idea, it’s the law! 
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fabrics. 


Titanium is lighter than steel but still is very strong. It also has a very high 
melting temperature. These physical properties make titanium and titanium 
alloys (an alloy is a mixture of metals) very useful in the aerospace industry 
where it is mostly used to make engines and structural components for 
airplanes, satellites, and spacecraft. An estimated 60% of metallic titanium is 
used in the aerospace industry. The remaining 40% is used in a number of 
other areas that require titanium’s unique properties. 


For example, one physical property of titanium is that it is very resistant to 
corrosion. Since it is very resistant to corrosion by seawater, it 1s used to 
make propeller shafts and other ship parts that will be exposed to ocean 
water. For medial uses, titanium 1s considered to be bio-compatible and often 
is used to make joint replacement parts such as hip joints. Because of its 
strength, it is also used to make armor plated vehicles for the military. 
Titanium is also used to produce silvery-white sparks in some fireworks. 


Substitutes and Alternative Sources 


There are few good substitutes for titanium for its aerospace uses. 
Substituting other metals for titanium usually results in alloys that are not as 
lightweight or as strong as titanium alloys. For applications that require 
corrosion resistance, titanium alloys compete with nickel, stainless steel, and 
Zirconium alloys. 


As a white pigment, TiO2’s brightness and opacity are nearly unsurpassed. 
However, a number of less expensive compounds can be used to substitute or 
reduce the amount of titanium dioxide needed. These alternative materials 
include calcium carbonate, the mineral talc, and the clay kaolin. 


ZINC 


Zinc: Used as protective coating on steel, as die casting, as an alloying metal with copper to make brass, and as chemical 
compounds in rubber and paints, used as sheet zinc and for galvanizing iron, electroplating, metal spraying, automotive parts, 
electrical fuses, anodes, dry cell batteries, fungicides, nutrition (essential growth element), chemicals, roof gutters, engravers' 
plates, cable wrappings, organ pipes, in pennies, as sacrificial anodes used to protect ship hulls from galvanic action, in 
catalysts, in fluxes, in phosphors, and in additives to lubricating oils and greases. Zinc oxide: in medicine, in paints, as an 
activator and accelerator in vulcanizing rubber, as an electrostatic and photoconductive agent in photocopying. Zinc dust: for 
primers, paints, sherardizing, precipitation of noble metals, removal of impurities from solution in zinc electrowinning. Zinc is 
mined in about 40 countries with China the leading producer, followed by Australia, Peru, Canada, and the United States. In 


the U.S. mine production mostly comes from Alaska, Tennessee, and Missouri. The sample photo shows sphalerite, a zinc 
sulfide. 


Sphalerite Photo from MIL, courtesy of the Smithsonian Institution 


Sphalerite Photo from MII, Courtesy 
of Smithsonian Institute 


Sphalerite -- MII Photos 


Background 


In the 1200’s, India produced zinc metal by burning organic materials with smithsonite (ZnCOs3, zinc 
carbonate). Zinc was used long before it was known to be a distinct element. Brass items (brass is an alloy, 
that is, a mixture, of copper and zinc) have been discovered dating back to as early as 1000 B.C. Zinc was 
isolated and identified as a distinct element in 1746 by the German, Andreas Marggraf. 


Zinc is a blue-gray, metallic element, with the atomic number 30. At room temperature, zinc is brittle, but it 
becomes malleable at 100 C. Malleable means it can be bent and shaped without breaking. Zinc is a 
moderately good conductor of electricity. It is relatively 
resistant to corrosion in air or water, and therefore 1s 
used as a protective layer on iron products to protect 
them from rusting. 


Zinc is recovered from a number of different zinc 
minerals. The most significant of these is sphalerite 
(ZnS, zinc sulfide). Other minerals, such as smithsonite 
(ZnCOs, zinc carbonate), and zincite (ZnO, zinc oxide) 
are also zinc ores. 


Adequate amounts of zinc are essential to a healthy life in all humans and animals. It is necessary for the 
function of a number of different enzymes. It has also been proved necessary for skin and bone growth as 
well as sexual maturation. The body uses zinc to process food and nutrients. When animals do not have 
enough zinc in their systems, they need to consume 50% more food to match the weight gain of an animal 
with enough zinc in 1ts body. About 0.003% zinc 1s needed for proper health. 


Zinc alloys (mixes) well with other metals resulting in stronger, harder metals. Brass, for example, is a 
mixture of copper and 20%-45% zinc. 


Above: Smithsonite (zinc carbonate) from Mexico. This bubbly form is described as "botryoidal." Drawing 
used with permission. ©2000 Darryl Powell. 


Name 


The derivation of zinc is unknown but it comes from the similar German word zinker that is used for the 
element zink. 


Sources 


The identified zinc resources worldwide are estimated to total over 1.9 billion tons. In the United States, zinc 
is mined in several states. Alaska produces the most, followed by Tennessee, and Missouri. Together, these 
states account for nearly all of the U.S. zinc production. In earlier years zincite deposits in Ogdensburg, New 
Jersey produced significant quantities of zinc. These mines are now closed but the zinc production of this 
area 1s famous among mineralogists. 


The United States imports zinc from a number of countries. Of total U.S. zinc imports, the majority comes 
from Canada, followed by Mexico, from Peru, other countries. Australia is also a significant zinc-producing 
nation. 


Recycling of new scrap, old scrap and other zinc-using products produces about 400,000 tons of zinc in the 
United States. 


Uses 


Zinc is relatively non-reactive in air or water. Consequently, it is applied in thin layers to iron and steel 
products that need to be protected from rusting. This process is called galvanizing. Galvanizing is done in a 
number of ways. Generally, the metal is dipped in molten zinc. It can also be done by electroplating or by 
painting on a layer of zinc compound. More than half of the zinc consumed is used for galvanizing. 


The second largest use of zinc is as an alloy (other than brass or bronze). Making brass and bronze accounts 
for another portion of zinc consumption. The remaining zinc consumption is for making paint, chemicals, 
agricultural applications, in the rubber industry, in TV screens, fluorescent lights and for dry cell batteries. 
The pennies in your piggy bank are made of zinc - with a thin coating of copper on top. 


Substitutes and Alternative Sources 


There are a number of alternative materials that are used in place of zinc. For example, aluminum and plastics 
can be used in place of galvanized steel (plastic trash cans are rapidly replacing the old galvanized cans of 
earlier generations). A number of elements can replace zinc in its electronics and paint applications. 
Cadmium and aluminum alloy coatings can be used in place of zinc to protect steel from corrosion. 


QUARTZ 


MII Photos 


Quartz Crystals 


Sandstone 


Quartzite 


Quartzite 


Background 


Quartzite 1s a nonfoliated metamorphic rock that formed by the metamorphism of pure 
quartz sandstone. The intense heat and pressure of metamorphism causes the quartz 
grains to compact and become tightly intergrown with each other, resulting in very hard 
and dense quartzite. Quartzite is usually white or gray, but can be other light colors 
depending on the impurities in the parent sandstone. It has a glassy luster, as would be 
expected considering the quartz in sandstone has a vitreous or glassy luster. When 
quartzite weathers 1t can have a granular appearance, but freshly broken surfaces break in 
even surfaces because the break goes through the intergrown quartz grains. (By 
comparison, sandstone breaks around the quartz grains and therefore shows a granular 
appearance on a freshly broken surface.) They can form anywhere heat and pressure 
change pre-existing sandstone deposits, so quartzite is found both in geologic settings of 
regional metamorphism (where metamorphism occurs more from pressure than heat) and 
contact metamorphism (where metamorphism occurs more from heat than pressure). 
However, quartzite most typically forms during mountain-building events where 
continents collide with each other. Because it is so dense and tough, quartzite is 
extremely resistant to weathering and erosion. 


Name 
Sources 


Geologically speaking quartzite occurs in regions of regional, high-pressure 
metamorphism. In the United States quartzite quarries are found in Idaho, New York, 
Wisconsin, Pennsylvania, Minnesota, Montana, Arizona and South Dakota. Because it is 
so dense and resistant to both physical and chemical weathering, it is poor bedrock on 
which to form soil. As a result, typically-quarried quartzite is very near the surface. 
Because it is so hard and dense, quartzite has not been quarried as extensively as other 


softer dimension stone (such as limestone, sandstone and granite), although construction 
industry experts estimate that present demand exceeds annual production. 


A total of 1.3 billion tons of crushed rock is produced in the United States annually. Of 
this, less than 6% is quartzite. In fact, sandstone, marble, scoria, volcanic cinder and 
miscellaneous stone - all together - account for less than 6% of the total crushed stone 
production in the U.S. 


Uses 


Quartzite is becoming more popular as a dimension stone in the construction industry. 
The use of quartzite as decorative stone in building construction is growing annually. As 
noted above, quartzite breaks into flat surfaces. Consequently, quartzite slabs are used to 
cover walls, as roofing tiles, as flooring, and stair steps to name just a few applications. 
Quartzite is also used, to a small degree, as crushed stone. The vast majority of crushed 
stone - about 85% - is used in road construction and repair. In the United States, most 
crushed stone produced is limestone, granite, and trap rock. Limestone represents 70% of 
all the crushed rock produced. 


Substitutes and Alternative Sources 


Other hard, durable rock types are used in road construction and repair. Since they are 
extremely plentiful and easier to quarry than quartzite, it is not likely that quartzite will 
be utilized in greater amounts as a crushed rock. On occasion, quartzite is the alternative 
to other crushed rock simply because it 1s locally available. 

The popularity of quartzite as dimension stone in construction is growing dramatically 
each year . It is an interesting rock with great durability and a unique texture. More and 
more contractors and homeowners are using quartzite to finish and decorate their 
buildings. Natural alternative materials include sandstone, granite, and marble. Created 
materials include bricks, ceramic tiles, concrete, plastics, and resin-agglomerated stone. 
(“Resin-agglomerated stone” is a material composed of crushed pieces of stone held 
together by resin, then cut to the dimensions and shapes needed for each application) 
There are other materials readily available that have very different physical 
characteristics. Two examples are aluminum and steel. 


By Darryl Powell 


Darryl Powell is a 1984 graduate of the University of Rochester, Rochester, New York 
with a B.S. in Geological Sciences. For six years Mr. Powell was an Adjunct Professor at 
Finger Lakes Community College in Canandaigua, New York, where he taught 
“Introduction to Physical and Historical Geology.” He creates Earth Science 
educational kits for NeoSCI, Inc., a science education resource company based in 
Rochester, New York. He also writes Earth Science materials for NewPath Learning, Inc. 


based in Victor, New York. Mr. Powell is the founder of Diamond Dan Publications, a 
small company focused on creative activity books and activity-based learning games 
about rocks and minerals, based in Manchester, New York. 


Amphibole 


(Amphibolite - Hornblende) 


Background 


Amphibolite is a dark, heavy, metamorphic rock composed mostly of the 
mineral amphibole. Amphibolites have very little to no quartz. “Amphibole” 
refers not to a single mineral, but to a group of minerals. Most belong to the 
monoclinic crystal system, but some belong to the orthorhombic crystal 
system. They are silicate minerals containing S104 molecules. The S104 
groups are connected to each other in double chains. 


Rocks that are composed mainly of amphibole minerals are found in both 
metamorphic and igneous environments. Geologists restrict the term 
amphibolite to metamorphic rocks composed of amphibole. In most instances 
the specific amphibole mineral is hornblende. By contrast, geologists often 
refer to igneous rock with amphibole as hornblendite. However, those who 


work with rock as a construction material usually refer to all rock types 
composed of amphibole as “amphibolite.” Based on this industrial application 
of the term “amphibolite” as both metamorphic and igneous in origin, the 
textures of amphibolite can be either roughly laminated if metamorphic or 
granular if igneous. 


The original rock that is metamorphosed (called the protolith) into 
amphibolite is often igneous basalt or gabbro. However, the sedimentary rock 
called marl can also be metamorphosed into amphibolite. “Marl” is mudstone 
that has a certain amount of calcium carbonate (lime) mixed in it. Geologists 
have also discovered that some sediments derived from volcanic rock can 
also be metamorphosed into amphibolite. 


The name amphibolite comes from the Greek word amphibolos which means 
ambiguous, a reference to the fact that the amphibole minerals are easily 
mistaken for other dark-colored minerals (especially the group of minerals 
called the pyroxenes). 


Name 
Sources 


Amphibolite is relatively common. It is found in regions that have been 
affected by regional metamorphism. Amphibolite is found throughout the 
Appalachian Mountain chain. For example, significant quantities of 
amphibolite are found in the Gore Mountain region of the Adirondack 
Mountains in New York State. This is a particularly interesting deposit 
because the amphibolite contains large nodules of deep red garnet that has 
been mined for use in sand papers and other abrasives applications. They are 
also found in the Great Smoky Mountains National Park on the Tennessee- 
North Carolina border. Other states along the Appalachian Mountains 
producing amphibolite are Maine, Connecticut, Pennsylvania and North 
Carolina. 


Uses 


Amphibolite is very hard and takes a high polish. The combination of its 
ability to be polished, its dark color and its texture have made amphibolite a 
popular dimension stone in construction. It is used as paving stones and as a 
veneer or facing on buildings (both for interior and exterior use). 


It is also used as crushed stone for the usual crushed stone applications such 
as road and railroad bed construction. In this application it is used locally, 
near the source of the amphibolite. This reduces the cost of transporting non- 
native stone in from other sources. 

Gemologists and lapidary workers have discovered that some amphibolite 
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So how much electricity will we lose going through a foot or so of 16-gauge wire? Ifwe know that 
one foot of 16-gauge wire has a resistance of 4mQ (and we know this from looking it up in the chart), and 
we build a circuit that pushes 1A of current through this wire, we can figure out a couple of interesting 
things using Ohm's Law and a calculator. 


Applying Ohm's Law 


Ifyou know two of the three variables used in Ohm's Law, you can calculate the third variable. Since we 
know R and I, we can calculate V. Since V =I x R, we can substitute our values of 1A and 4mQ (0.0040) 
into the equation, and get 0.004V, or 4 millivolts. 

That's not very many volts at all! In this case, that's a good thing. The voltage we just calculated is 
the voltage drop across the length of the wire. Those millivolts never make it from one end of the wire to 
the other—they’re lost. Poor millivolts, they never had a chance. 

OK, let’s not let their heroic sacrifice be in vain. If we know volts, and we know amps, we can also 
calculate power, which is the rate at which energy is converted to work. The unit of measure for electrical 
power is watts, and is also the same as Joules per second (J/s), but that’s another story. We usually use 
the capital letter Wto abbreviate wattage, but we use the capital letter P to represent the value in 
equations. 

Calculating power is simple if you know the volts and the amps. Just multiply them together: P = V x 
I. Easy. 

So in our example so far, we have 4mV, 1A, and 4mQ. How much power is being dissipated (wasted) 
in this circuit? P = 0.004V x 1A = 0.004W, or 4 milliwatts, which is just four-thousandths of a watt. That’s 
just about enough power to light up a dim LED, and not much else. So you’re not going to be starting any 
fires with these numbers. You most likely would not even be able to measure the rise in temperature that 
is occurring in the wire (oh yes, it’s occurring, but it’s very, very small). 

Let’s put 10A through a foot of 30-gauge wire. On second thought, let’s not, and just do the math 
instead. The voltage drop will be V = I x R, or 10A x 0.10329 = 1.032V. The power dissipated would be P = 
V x I, or 1.032V x 10A = 10.32W. That wire would be a crispy critter in no time. Ten watts doesn’t sound 
like much when you're talking about a home stereo or a lightbulb or a hair dryer, but that skinny little 
wire has almost no surface area with which to dissipate the generated heat. This means that the 
temperature goes up, quickly. Bye-bye, little piece of wire. 

As aside note, you just learned how most current-limiting fuses operate. The conductor within the 
fuse literally fuses, or evaporates, when the internally generated heat produced from an “overcurrent” 
situation rises beyond its melting point. Poof, the circuit is opened, and property and lives are saved. 


Warning Never circumvent the protection afforded by a fuse. 


Ideally what you want is the smallest wire that will carry the required amount of current with an 
acceptable rise in temperature. Remember that any rise in temperature is in addition to the ambient 
temperature. If you're sitting in a room that is “room temperature,” which is assumed to be 25°C or 77°F 
(the same thing, if you want to check it), and you're expecting a 50°C rise in temperature due to waste 
heat, your wire is going to be 75°C, which is far too hot to touch. Remember that 100°C is the boiling 
point of (pure) water (at sea level). Hot! 

One more thing that complicates the thermal calculations is that copper, as a conductor, has a 
positive thermal coefficient, meaning that the characteristic resistance of a piece of wire (which we can 
look up in the AWG table) goes up by a known amount as the temperature increases. You need to 


rock produces a shimmer effect when it is polished. They use rounded and 
polished pieces of amphibolite for various pieces of jewelry. 


Substitutes andAlternative Sources 

There are nearly limitless alternatives for the various crushed stone 
applications for which amphibolite is occasionally used. Any type of rock, 
local or imported, that can be readily quarried, crushed and transported can 
replace amphibolite. In the United States, limestone and granite together 
represent over 80% of all the crushed rock consumed annually. As noted 
above, amphibolite is used locally where it is easily quarried, reducing the 
costs of transporting rock in from other regions. 


There are many options to amphibolite as dimension stone. Marble, granite, 
and quartzite, for instance, can all be polished and used as facing on the 
interior and exterior of buildings. In some environments even sandstone can 
be used for building construction. In the end, amphibolite is chosen for the 
particular color, texture and overall look it gives to a building. Substitutes 
that provide a similar look include plastics and some varieties of other dark 
rock like dark granite. 


By Darryl Powell 


Darryl Powell is a 1984 graduate of the University of Rochester, Rochester, 
New York with a B.S. in Geological Sciences. For six years Mr. Powell was 
an Adjunct Professor at Finger Lakes Community College in Canandaigua, 
New York, where he taught “Introduction to Physical and Historical 
Geology.” He creates Earth Science educational kits for NeoSCI, Inc., a 
science education resource company based in Rochester, New York. He also 
writes Earth Science materials for NewPath Learning, Inc. based in Victor, 
New York. Mr. Powell is the founder of Diamond Dan Publications, a small 
company focused on creative activity books and activity-based learning 
games about rocks and minerals, based in Manchester, New York. 
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Aragonite is a carbonate mineral, one of the two common, naturally occurring polymorphs of calcium 
carbonate, CaCO3. The other polymorph is the mineral calcite. Aragonite's crystal lattice differs from that 
of calcite, resulting in a different crystal shape, an orthorhombic system with acicular crystals. Repeated 
twinning results in pseudo-hexagonal forms. 
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Chalcopyrite 


Chalcocite 


Tennantite 


Dipotase 


Copper: Used in electric cables and wires, switches, plumbing, heating, roofing and building construction, chemical and pharmaceutical 
machinery, alloys (brass, bronze, and a new alloy with 3% beryllium that is particularly vibration resistant), alloy castings, electroplated 
protective coatings and undercoats for nickel, chromium, zinc, etc., and cooking utensils. The leading producer is Chile, followed by the 
U.S., and Indonesia 


Background 


It is believed the Egyptians (as early as 3900 B.C.E.) were the first people to create bronze, a mixture of copper and 
tin. This marked the beginning of the Bronze Age. 


Modern culture and life is heavily dependent on copper and copper products. It is a metal that has the desirable 
physical properties of being malleable and ductile. Malleable means it can be hammered and molded into shapes; 
ductile means it can be drawn into wire. As a result, copper pipes are used to bring water to and through our 
buildings. Because it is such a good conductor of electricity, millions of miles of copper wire crisscross the 
landscape and run through our buildings. Copper alloys (such as brass) are important components in many household 
products and machines. It has been said that the amount of copper a society consumes is a direct indicator of the 
advancement of that society. In other words, those societies that consume larger amounts of copper are considered 
more technologically developed. 


Copper ore may be found in large deposits, relatively close to the surface, and amenable to relatively low cost bulk 
mining methods. The combination of its physical properties, abundance, and low cost make it a valuable commodity. 


Copper is a mineral. As a mineral, natural copper (also called native copper) is relatively rare. Most copper in nature 
is found in minerals associated with sulfur, or in the oxidized products of these minerals. 


Copper also easily combines with a number of other elements and ions to form a wide variety of copper minerals and 
ores. Copper minerals occurring in deposits large enough to mine include azurite (Cu3(CO3)2(OH)2), malachite 
(Cu2CO3(OH)2), tennantite ((Cu,Fe)12As4$13), chalcopyrite (CuFeS2), and bornite (CuSFeS4). 


Name 


Copper was named from the Greek word kyprios, that is, the Island of Cyprus, where copper deposits were mined by 
the ancients. The chemical symbol for copper is Cu which is derived from the Latin name for copper, cuprium. 


Sources 

The amount of copper believed to be accessible for mining on the Earth’s land is 1.6 billion tons. In addition, it is 
estimated that 0.7 billion tons of copper is available in deep-sea nodules. Mineral-rich nodules of magnesium, copper 
and other metals are known to form as a product of deep-sea volcanic activity. Retrieving these nodules from the sea 


floor is as yet too expensive to allow this to be a major source of copper. 


Of the copper ore mined in the United States, the majority is produced in three western states: Arizona, Utah, and 
New Mexico. 


Other major copper producing nations include Australia, Canada, Chile, China, Mexico, Russia, Peru, and Indonesia. 


Recycled copper, predominantly from scrap metal, supplies approximately one-third of the United States’ annual 
copper needs. 


Uses 


In pure form, copper is drawn into wires or cables for power transmission, building wiring, motor and transformer 
wiring, wiring in commercial and consumer electronics and equipment; telecommunication cables; electronic 
circuitry; plumbing, heating and air conditioning tubing; roofing, flashing and other construction applications; 
electroplated coatings and undercoats for nickel, chrome, zinc, etc.; and miscellaneous applications. As an alloy with 
tin, zinc, lead, etc. (brass and bronze), it is used in extruded, rolled or cast forms in plumbing fixtures, commercial 
tubing, electrical contacts, automotive and machine parts, decorative hardware, coinage, ammunition, and 
miscellaneous consumer and commercial uses. Copper is an essential micronutrient used in animal feeds and 
fertilizers. 


Substitutes and Alternative Sources 
A number of plastic products are used now instead of copper pipes. The telecommunications industry 1s using fiber 
optic cables in place of copper wires, and the invention of cellular and satellite telephone technology allows many 


areas of the world to have communications without the need to install “copper telephone wires.” Aluminum can be 
used instead of copper for wires, refrigeration tubing, and electrical equipment. 


Copper crystal from Tsumeb, Namibia. 
Drawing by Darryl Powell 
© 2001 Darryl Powell. 


Used with permission. 
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consider this when you build circuits that are supposed to get hot, such as electric heaters. In most other 
cases, it’s best to keep the heat to a minimum, as it represents wasted power, plain and simple. 


Testing Your Wires 


Can something as simple as a wire go bad? Yes, it most certainly can. How can you tell? Usually, it’s 
because something doesn't work the way you think it should, or worse, it works sometimes and not 
others. A great deal of time, the problem is right at the end of the wire, where it is trying to make a 
connection with something else. However, it's possible for a wire to develop a problem right in the 
middle. This can be caused by a tiny nick in the insulation that lets in nasty elements such as rain and 
dirt, allowing the inner conductor to corrode. This type of problem takes time to make itself apparent, 
but it can certainly happen, especially in equipment that is exposed to the outside world for any length 
of time. 

A quick way to test a wire is with a piece of test equipment called a continuity tester. This simple 
device usually is battery powered and has two probes. When you connect the probes together, the tester 
makes a noise, lights up a light, or maybe does both. Make sure your continuity tester’s batteries are 
fresh and that the probes, if they are removable, are firmly seated in their sockets. Even test equipment 
needs testing from time to time. 


Note A continuity tester is one of the easiest pieces of test equipment to cobble together yourself. See 
Appendix A for more information about building your own tools. 


As mentioned previously, the problem is almost always at the very end of the wire. This is a good 
thing to know, so you can start looking in the most likely places first, saving valuable troubleshooting 
time. 

A much better way to test a wire is with an ohmmeter. Using an ohmmeter, you can determine the 
exact amount of resistance in a wire, which under ideal circumstances should be very low. One ohm or 
less is typical for most normal-sized wires that you are likely to encounter. Super-long wires can have 
higher resistance, and that’s where you can consult the handy AWG table to find out what the resistance 
is supposed to be. 

When testing wires, especially wires with attached connectors, it’s a good idea to wiggle the wire 
about vigorously, as this will reveal some intermittent connections for you. 


Storing Your Wire 


If you're buying new wire, it will probably come on a reel. It’s often handy to keep common sizes and 
colors on your bench, if you have room. A paper towel-holder makes an excellent wire dispenser rack, 
although you can also spend more time or money buying a prebuilt one or designing and fabricating 
your own. 
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Cassiterite 


Background 


Tin has been known from ancient times. Ancient peoples found that heating 
the tin mineral cassiterite (sometimes found in streams as nuggets) in a 
charcoal fire, they could produce the silvery, soft metal we know as tin. 


Tin 1s a silvery-white metallic element with atomic number 50. Tin 1s 
malleable, meaning it 1s easily shaped by hammering. Pure tin also has a 
relatively low melting point, easily attainable in a wood fire, and is therefore 
easy to melt and cast in a clay mold. Tin is stable in air and water, meaning it 
does not oxidize or react easily . When pure tin is bent rapidly, it makes a 
peculiar squealing noise: this is called the “tin cry.” 


The ancients found tin to be too soft to be of much use for other than 
decorative objects, and the use of pure tin in ancient times was restricted to 
mirrors, clasps, and decorative items. Some coins have been minted of tin, but 
the coins wear and bend rapidly. However, when mixed (alloyed) with 
copper, another metal which could be found in a nearly pure state in nature, 
then a new and much harder alloy resulted: bronze. This discovery marked 
the beginning of the historical period known as The Bronze Age. The advent 
of the Bronze Age, with the use of bronze spears, arrowheads, knives, sickles, 
and scythes, greatly enhanced the efficiency of hunters and farmers. 


The most important ore mineral of tin, cassiterite (tin dioxide, SnO2) forms in 
high-temperature veins, usually related to igneous rocks such as granites and 
rhyolites. It is often found in association with tungsten minerals. When rocks 
containing cassiterite are weathered (decomposed by the action of surficial 
waters and oxidation), the cassiterite tends to remain intact, and eventually is 
concentrated in streams to form “placer” deposits, in a manner similar to gold 
nuggets in “placer” deposits. Ancient peoples recovered cassiterite from 
streams by panning, and even today panning or - more importantly - large- 
scale mechanical dredging of stream deposits and decomposed rock are a 
major means of producing cassiterite. Veins with a high enough cassiterite 
content to mine underground occur in China, Bolivia, Peru, and a few other 
countries. 


Name 


The name tin is an ancient Anglo-Saxon word. Tin in the form of cassiterite 
was mined in ancient Britain and was a major trade item between Britain and 
the Greeks and Phoenicians of the Mediterranean region. The chemical 
symbol for tin, Sn, comes from the Latin word for tin, stannum. Tin was one 
of only seven chemical elements known in pure form, and named by ancient 
peoples. The mineral cassiterite is named for the ancient Greek word for tin. 


Sources 


As noted earlier, the primary mineral source for tin is cassiterite. The most tin 
resources in the United States are in Alaska, but these are relatively 
insignificant, and the U.S. has long imported its tin from other countries. 


World resources to meet the demand for tin are sufficient for many decades to 
come. The primary producers of tin are China, Indonesia, and Peru, with 
lesser amounts from Brazil, Bolivia, Australia, and about a dozen other 
countries. 


Uses 


Much tin is used to coat so-called “tin” cans. Since tin does not oxidize (rust) 
in air or water, it is applied to the surface of flat-rolled steel to make tin plate, 
which is then fabricated to produce “tin” cans. This use accounts for about 
one-fourth of the tin consumed annually. Alloys such as bronze and pewter 
are also a major use of tin. Tin is useful in electrical applications, mainly low- 
melting-point solders, that account for one-fourth of tin consumption. It is 
also used in construction, transportation (mainly in bearings requiring soft 
metal alloys) and other various industrial applications. For example, window 
glass is made by pouring molten glass onto molten tin; this process results in 
flat sheets of glass. An alloy of tin and niobium has proven to be a 
“superconducting” compound at very low temperatures. 


Substitutes and Alternative Sources 


A number of materials can replace tin in its various applications. In the food 
packaging industry, plastics, paper, aluminum and glass can be used in place 
of metal “tin cans.” Tin can be used as a non-toxic substitute for lead in 
solders, pewter, and shotgun pellets. On balance, the world production and 
consumption of tin have not grown during the past 20 years, due mainly to 
the substitution of tin by plastic in the manufacture of cans and other 
containers, such as tubes for toothpaste and ointments. 
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MERCURY 


Cinnabar - Mercury mineral 


Background 


Mercury, known since ancient times, 1s a heavy, silvery, metallic mineral. Its 


atomic number is 80. It is liquid at room temperature. Only two other 
elements (cesium and gallium) are liquid at room temperature. Mercury 
becomes solid at -40° F (-40° C). It is dense and heavy, with a specific 
gravity of 13.6. For comparison, iron has a specific gravity of 7.5. 


Name 


The term "native mercury” is used for natural mercury found associated with 
the mineral cinnebar. Mercury was named after the planet Mercury that was 
named after the Roman god of travel. Mercury 1s also known by the popular 
name of quicksilver, derived from the Greek words, hydros meaning water, 
and argyros meaning silver, because this silvery mineral occurs at room 
temperature as a liquid. The symbol for mercury, Hg, was derived from the 
name, hydrargyrum. 


Sources 


Native mercury is found in association with its ore mineral, cinnabar. In the 
United States, mercury was mined in California, Arkansas, Oregon, Nevada, 
Idaho, and Texas, but these deposits are no longer mined. Major world 
producers of mercury are Algeria, Kyrgyzstan, Spain and China. The United 
States imports much of the mercury it needs each year. 


Mercury vapor has been found to be extremely toxic. New laws, in the United 
States, call for reductions in mercury emissions from smokestacks and 
carefully controlled disposal of waste mercury and mercury compounds. 


The demand for mercury has declined in the past years because of new 
technologies and environmental laws. Some of the demand has been met by 
the recycling of mercury from obsolete or worn out machines, scientific 
apparatus, and batteries. It is also recovered as a by-product from gold mining 
operations in California, Nevada, and Utah. Historically, mercury was used to 
obtain gold from placer gold deposits but this process is no longer used in the 
United States and many other countries. This process is still used by some 
operators in a few other countries, but the practice is disappearing. 


Uses 


Mercury is used to manufacture chlorine and caustic soda (35%). Because it 
is a metal, mercury conducts electricity making it useful in electronics and 
electrical applications (30%). Mercury, for example, is necessary in 
fluorescent light tubes. Mercury was an important ingredient in batteries, but 
newer types of batteries use other metals. The remaining 35% of mercury 
usage is in scientific measuring instruments such as thermometers and 
barometers, and is combined with other metals and used for in fillings for 


teeth (called amalgams by dentists). 


Biological Interactions 


Mercury vapor is a neurotoxin, which means it affects the nervous system. 
Once mercury is in the body, it causes nervousness, trembling, personality 
changes, and in extreme cases, even dementia. Fish that ingest mercury 
compounds that may occur in streams and lakes can become a source of 
mercury poisoning in humans. Consequently, the United States has enacted 
many strict laws to guarantee the proper and safe disposal of all mercury and 
mercury compounds. 


Substitutes and Alternative Sources 


Mercury is being used less in batteries as new types of batteries are 
developed, such as zinc-air, lithium and nickel-cadmium (also called Ni-Cad) 
batteries. Ceramics have lately been used in dental work instead of the 
mercury amalgams. Electronic digital instruments are used more frequently in 
place of mercury thermometers and barometers. 


CLAYS 
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Background 


The term clay refers to a number of earthy materials that are composed of minerals rich in 
alumina, silica and water. Clay is not a single mineral, but a number of minerals. When most 
clays are wet, they become "plastic" meaning they can be formed and molded into shapes. When 
they are "fired" (exposed to very high temperatures), the water is driven off and they become as 
hard as stone. Clay is easily found all over the world. As a result, nearly all civilizations have 
used some form of clay for everything from bricks to pottery to tablets for recording business 


transactions. 


The minerals that make up clay are so fine that until the invention of X-ray diffraction analysis, 
these minerals were not specifically known. Under extremely high magnification, one can see 
that clay minerals can be shaped like flakes, fibers, and even hollow tubes. Clays can also contain 
other materials such as iron oxide (rust), silica, and rock fragments. These impurities can change 
the characteristics of the clay. For example, iron oxide colors clay red. The presence of silica 
increases the plasticity of the clay (that is, makes it easier to mold and form into shapes). 


Clays are categorized into six categories in industry. These categories are ball clay, bentonite, 
common clay, fire clay, fuller’s earth, and kaolin. 


Name 
Sources 


Clays are common all over the world. Some regions, as might be expected, produce large 
quantities of specific types of clay. It is estimated that the state of Georgia has kaolin clay 
reserves of 5 to 10 billion tons. The United States is self-sufficient so it imports only small 
amounts of clay from Mexico, Brazil, United Kingdom, Canada, and assorted other nations. The 
United States exports nearly half of its production worldwide. 


The nations producing the most significant amounts of the various clays are as follows: 


e Kaolin: Brazil, United Kingdom, and the United States are the dominant producers of 
high quality kaolin. 

e Ball clays: Major producers of ball clays are Germany, the United States, United 
Kingdom, the Czech Republic, China, and France. 

e Fire clays: Major fire clay producing countries are Germany, and the United States. 

e Bentonite: Major producers of bentonite are the United States, Germany, Turkey, and 
Greece. 

e Fuller’s earth: Major producers of fuller’s earth are the United States (attapulgite, 
smectite), Spain (attapulgite, sepiolite), and Senegal (attapulgite). 


Uses 


The United States both imports and exports clays and clay products. It is estimated that the 
United States consumes about 37.6 million tons of clays each year. 


Ball clays are good quality clays used mostly in pottery but are also added to other clays to 
improve their plasticity. Ball clays are not as common as other clay varieties. One third of the ball 
clay used annually is used to make floor and wall tiles. It is also used to make sanitary ware, 
pottery, and other uses. 


Bentonite is formed from the alteration of volcanic ash. Bentonite is used in pet litter to absorb 
liquids. It is used as a mud in drilling applications. It is also used in other industrial applications 


such as the "pelletizing" of iron ore. 


Common clay is used to make construction materials such as bricks, cement, and lightweight 
aggregates. 


Fire clays are all clays (excluding bentonite and ball clays) that are used to make items resistant 
to extreme heat. These products are called refractory products. Nearly all (81%) of fire clays are 
used to make refractory products. 


Fuller’s earth is composed of the mineral palygorskite (at one time this mineral was called 
"attapulgite"). Fuller’s earth is used mostly as an absorbent material (74%), but also for pesticides 
and pesticide-related products (6%). 


Kaolinite is a clay composed of the mineral kaolin. It is an essential ingredient in the production 
of high quality paper and some refractory porcelains. 


Substitutes and Alternative Sources 
When necessary, calcium carbonate and talc can be used in place of clay as filler in some 


applications. However, clay is so abundant in all its forms that such substitutions may only be 
necessary 1f the alternative materials are less expensive than clay (which is not very likely). 
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A custom red-and-black wire dispenser is shown in Figure 3-4. You might use a fixture like this if 
many pairs of identical-length wires are needed for a project. Not having to chase the wire spools all over 
the bench really saves a lot of time. This structure was built using a MicroRax miniature slotted 
aluminum extrusion (http://www.microrax.com), which is perhaps a bit of overkill, but was a lot of fun to 
plan and build. A coat hanger, artfully bent, would have also done the trick. 


Figure 3-4. A custom wire-dispensing frame made from modular aluminum extrusion. This kind of fixture 
makes it easier to cut both a red and a black wire to almost exactly the same length, which happens a lot 
when you use red and black wire for positive and negative power connections, respectively. 


Connectors 


Connectors make life easier for the casual wiring enthusiast. The hardcore types solder everything 
together, but that is not always practical or even the right thing to do in every circumstance. 

Keep in mind that every connector, just like every wire, has some sort of electrical limits. These 
limits must be respected. 


Conglomerate 


MIT Photos 


Corundum 


MII Photos 


Creeoite 


MII Photos 


Diorite 
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Dolomite 


MII Photos 


LIME - Limestone 


Limestone Fossils in Limestone 
MII Photos 


Background 


Lime is a general term used for various forms of a basic chemical produced from calcium 
carbonate rocks such as limestone (CaCO3) and dolomite (CaCO3*MgCO3) More specifically, 
“quicklime” is calcium oxide (CaO) or calctum-magnesium oxide (Ca)*MgQ). “Hydrated lime” 
(also called slaked lime) is produced by mixing the oxide forms with water. “Hydraulic lime” is an 
impure form of lime that will harden under water. “Dead-burned dolomite” is a special form of 
dolomitic lime used in refractories. Most lime is produced by calcining (burning) limestone or 
dolomite. For example, if limestone is burned at 1010 to 1345 degrees C, the carbon dioxide is 
driven off and leaves calcium oxide or quicklime. In its purest form and under laboratory 
conditions, 100 kilograms of limestone will produce 56 kilograms of quicklime. Lime has been 
used for thousands of years for construction. Archeological discoveries in Turkey indicate lime 
was used as a mortar as far back as 7,000 years ago. Ancient Egyptian civilization used lime to 
make plaster and mortar. In the United States, lime use has changed dramatically. In 1900, more 
than 80% of the lime used in the U.S. was for construction uses. Today, nearly 90% is used for 
chemical and industrial uses. 


Name 
Sources 


In the United States, lime is produced in a number of states. Companies in Texas, Alabama, 
Kentucky, Missouri, Ohio and Pennsylvania account for more than one-half of U.S. production 
annually. In addition, lime is imported from Canada and Mexico. Other nations producing lime 
include Belgium, Brazil, China, France, Germany, Italy, Japan, Poland, Romania, and the United 
Kingdom. 


Significant amounts of lime are recycled. Paper companies recycle large volumes of the lime they 
use. Some water treatment facilities recycle lime as well. 


Uses 


The largest use of lime is in steel manufacturing where lime is used as a flux to remove impurities 
such as phosphorus and sulfur. Lime is used in power plant smokestacks to remove sulfur from the 
emissions. Lime is also used in mining, paper and paper pulp production, water treatment and 
purification, and in wastewater treatment. It is used in road construction and traditional building 
construction. 


Substitutes and Alternative Sources 


Limestone can be used in place of lime for some industrial applications such as agriculture, as a 
flux in steel making, and in sulfur removal. Limestone is much less expensive than lime; however, 
it is not as reactive as lime, so it may not be the best substitute in all cases. Magnesium hydroxide 
can be used for pH control. Lime resources are plentiful worldwide for the near and distant future, 
and substitutes may not be necessary for a long time to come. 


Gabbro 


MIT Photos 


GARNET (Industrial) 


Garnet Schist 


Background 


"Garnet" is the name given to a group of chemically and physically similar 
minerals. A very small number of garnets are pure and flawless enough to be cut 
as gemstones. The majority of garnet mining is for massive garnet that is crushed 
and used to make abrasives. Garnet is a silica mineral; in other words, garnet’s 


complex chemical formula includes the silicate molecule (S104). The different 
varieties of garnet have different metal ions, such as iron, aluminum, magnesium 
and chromium. Some varieties also have calcium. Garnets all crystallize in the 
isometric (meaning equality in dimension. For example, a cube, octahedron, or 
dodecahedron.) crystal system. Garnets all are quite hard, ranging between 6 and 
7.5 on the Mohs' hardness scale. They also lack cleavage, so when they break, they 
fracture into sharp, irregular pieces. The combination of the hardness and fracture 
make garnet a valuable abrasive material. 


Name 


The name garnet has been used since ancient times. It was derived from the Latin 
word granatium which means a pomegranate because small, red garnet crystals 
were thought to resemble pomegranate seeds. The original name given this mineral 
group was granat. In time the "r" and "a" were transposed giving us garnet. The 
name was officially proposed to mineralogists by the German theologian and 
philosopher, Albertus Magnus. 


Sources 


In the United States, only a few companies in three states (Idaho, New York, and 
Montana) produce garnet for industrial use. 


There are many significant garnet-producing countries. Noteworthy among them 
are Australia, China, and India, all of which export significant amounts of garnet. 
Russia and Turkey also produce large amounts of industrial garnet, but they are 
not yet exporting much of this material. 


Uses 


Garnet is ground to a variety of sizes to be used as an abrasive. Garnet sandpaper 
was the original application of this mineral. It is also used to make a number of 
similar products, including sanding belts, discs, and strips. Today, the vast 
majority of garnet is used as an abrasive blasting material, for water filtration, in a 
process called water jet cutting, and to make abrasive powders. 


Substitutes and Alternative Sources 


A number of natural and synthetic materials could be used in place of garnet for 
abrasive purposes. The natural materials include the minerals staurolite, quartz, 

diamond and corundum. The synthetic materials include fused aluminum oxide 

and silicon carbide. 


Typical massive garnet from New 
York State. Irregular masses of 
garnet in metamorphic rock. 


A typical garnet crystal 
From 


Garnet crystal drawings by Darryl Powell 
© 1999 Darryl Powell 
Used with permission. 


Garnierite 


(Nickel Ore) 
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Sandstone 


Image: Source: USGS, Cross Bedding. 


Background 


Sandstone is a sedimentary rock composed of mostly of quartz sand, but it can also contain significant 
amounts of feldspar, and sometimes silt and clay. Sandstone that contains more than 90% quartz is called 
quartzose sandstone. When the sandstone contains more than 25% feldspar, it is called arkose or arkosic 
sandstone. When there is a significant amount of clay or silt, geologists refer to the rock as argillaceous 
sandstone. Argillaceous sandstones are often gray to blue and consequently are referred to as bluestone. 
Because it is composed of light colored minerals, sandstone is typically light tan in color. Other 
elements, however, create colors in sandstone. The most common sandstones have various shades of red, 
caused by iron oxide (rust). In some instances, there is a purple hue caused by manganese. 


Sandstone began as large deposits of beach or river sands that were later compacted and lithified 
(“turned into stone”). The grains of sand of which sandstone is composed is the mineral quartz (S102). 
The quartz grains came from the weathering and erosion of igneous rocks, particularly granite, that have 
high amounts of quartz (granite is an intrusive igneous rock composed of feldspar, quartz and biotite 
mica). 


Sandstone is deposited by water or air and therefore can represent a number of different geologic 
environments. In many cases, the sand was deposited in shallow lakes or oceans, and beach 
environments. In others, the sands were deposited by large rivers and therefore represent an inland river 
environment. Many are deposited in deltas where rivers empty into oceans. Some sandstones were 
deposited in ancient desert environments by blowing winds. 

Sandstone is a detrital sedimentary rock. This means that it is composed of the weathered fragments of 
other pre-existing rock. In most cases it is stratified, that is, deposited in layers. The layers often run 
parallel to each other. This is typical in lake and ocean deposits of sand. Rivers and deserts, however, 
represent environments in which the direction of the water or wind can change regularly. As a result, the 
layers of sand are deposited in different directions, always at an angle. This creates a special sedimentary 
structure that geologists call cross-bedding. The direction in which the beds of sandstone dip indicates 
the direction in which the water or wind was moving at the time of deposition. 


Sandstone is a very significant aquifer. An “aquifer” is a rock body that has a high degree of porosity 
(which means it has a large volume of space between the individual grains of which the rock is 
composed) and a high permeability (which means the spaces are connected so water can move through 
the rock). The Ogallala Sandstone, for example, is an immense aquifer (it is called both the Ogallala 
Aquifer and the High Plains Aquifer) that lies beneath the Great Plains of the Midwestern United States. 
It covers approximately 174,000 mi2 and is found under portions of South Dakota, Nebraska, Wyoming, 
Colorado, Kansas, Oklahoma, Texas and New Mexico. Today the Ogallala Aquifer provides 12 billion 
cubic meters of water each year. Unfortunately, more water is being removed than is going back into this 
aquifer (a process called replenishing.) 
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Clip Leads 


Also called alligator clips or test leads, you can buy ready-made wires or build your own from individual 
connectors. The flexible rubber or plastic boot extends the insulation of the wire. A spring-loaded jaw, 
often with serrated teeth, is used to clamp down on the wire, lead, or electrical terminal desired (see 
Figure 3-5). 


Figure 3-5. Clip leads come in all sizes, gauges, colors, and terminal types. They are handy for making 
quick electrical connections. 


Clip leads are quite handy to have around your bench, if you've got the room for them. They tend to 
get tangled up, so some people hang them from a specially slotted rack, making them easier to pluck at a 
moment's notice. 

Keep in mind that clip leads are generally for temporary electrical connections, such as when you're 
testing something or trying out a prototype circuit. They don't make very good long-term solutions to 
your electrical connection needs for a variety of reasons. 

The first problem is that even when the spring-loaded jaws make a solid, low-impedance 
connection when first attached, this electrical connection will deteriorate over time as oxidation 
inevitably forms on the contacts. 

Another problem is that many mass-produced clip leads are inexpertly smashed onto the ends of 
wires, without taking advantage of the alligator clips” built-in features, such as strain reliefs and 
soldering points. This leads to additional resistance in your circuit at both ends of the clip lead, where 
you would probably never think to look. The next time you buy some brand-new clip leads, hook them 
up to your ohmmeter and see just how conductive they really are. A good practice is to carefully remove 
the insulating boot and make a proper electrical connection yourself, so that you've got one less thing to 
worry about. 
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Name 
Sources 


Sandstone has two major applications, as crushed stone and as dimension stone. “Dimension stone” 1s 
any rock material that is cut into specific sizes, typically as blocks and slabs. Dimension stone 1s used in 
the construction of roadways and road structures such as bridges, and in buildings, both commercial and 
residential. 


Crushed Sandstone - Crushed sandstone represents less than 6% of the total tonnage of rock quarried 
and crushed for different construction needs in the United States. Approximately 1.7 billion tons of 
crushed rock is produced in the United States annually. Therefore, less than 102 million tons of crushed 
sandstone is produced in the U.S. each year. The majority of this sandstone is used in road and highway 
construction and maintenance. 


Resources for crushed stone in general, and crushed sandstone specifically, are enormous. The world 
supply will likely never be depleted. 


Dimension Stone - Of all the dimension stone quarried in the United States (which includes rock such as 
sandstone, marble, granite, limestone, and slate), sandstone represents 13% of the 1.5 million tons used 
annually. 195,000 tons of sandstone is quarried for use in construction every year. Even more is imported 
from other countries. Resources for sandstone as dimension stone, both in the United States and 
worldwide, are more than adequate to meet projected needs for the near and distant future. 


Uses 
Substitutes and Alternative Sources 


There are a number of alternative materials that could be used in place of sandstone. As crushed rock, 
any number of alternative rock materials can be used in road construction. For example, limestone, 
granite, slate and other rock materials are plentiful and easily accessible. Where there is a need or desire 
to recycle materials, steel slag and glass slag can be crushed and used in road construction, eliminating 
both the need to quarry fresh material and to dispose of the slag. As dimension rock, bricks, ceramic 
tiles, concrete, and resin-agglomerated stone can replace sandstone. (“Resin-agglomerated stone” is a 
material composed of crushed pieces of stone held together by resin, then cut to the dimensions and 
shapes needed for each application.) Aluminum, steel and some plastics can also be used in place of 
sandstone, depending on the application and properties required of the material for that application. 


Gneiss 


MII Photos 


Granite 


Background 


Granite is a very common intrusive igneous rock. It is coarse-grained and is 
composed of the minerals feldspar, quartz and biotite and muscovite mica. It 
has high silica content and occurs only in continental crust. Granites are light- 
colored, usually in grays and pinks, their color being determined by the color 
of the feldspar in the granite. Darker granites and even green granite are 
known. 


Granite is very hard and dense. It can be readily cut into very large blocks and 
it takes an extremely high polish. Weathered granite, by comparison, 
crumbles easily. When granite is weathered and eroded, the feldspar and mica 
break down into clay minerals, leaving the very resistant quartz grains 


behind. Most beach sand is composed of quartz grains derived from granite. 


Granite can contain a number of accessory minerals including apatite, 
magnetite and zircon. When superheated, element-rich waters alter granite, a 
variety of rare minerals are deposited in spaces in the granite, such as 
tourmaline and topaz. The feldspar in granite contains radioactive elements. 
The breakdown of these elements releases radiation, which turns colorless 
quartz crystals in the granite into black smoky quartz crystals. 

The name granite is derived from the Latin word granum, which means grain, 
an obvious reference to the granular texture of granite. 


Name 
Sources 


As indicated above, granite is typical of and widespread in continental crust. 
Much of the North American continent is underlain by granite. The Canadian 
Shield is an extensive region of central and eastern Canada of massive granite 
(mixed with some metamorphic rocks) that covers approximately 1.7 million 
square miles. It extends into northern and northeastern United States. It is also 
called the Precambrian Shield because it first formed in the Precambrian Era 
over 545 million years ago. Some of the Shield is as old as 2 billion years. By 
contrast, granite also occurs in small, local intrusions called stocks. 


Sources of commercial granite are found throughout the United States. New 
Hampshire and Vermont produce significant quantities of crushed granite and 
even more as dimension stone. The official nickname of New Hampshire 1s 
"The Granite State.” Massive blocks of granite are quarried and shipped all 
over the United States for buildings, monuments, memorials (including 
carvings, headstones, mausoleums, etc.) and sculptures. Barre, Vermont is 
known for its granite quarries and calls itself "The granite capital of the 
world." Elberton, Georgia, another producer of fine granite, also considers 
itself "the granite capital of the world." The Elberton granite deposit is 35 
miles long, 6 miles wide and about 3 miles deep. 


Granite has different colors depending on the color of its feldspar. Different 
regions of the United States produce different colors of granite. For example, 
light and dark gray granite is quarried in Vermont, North Carolina and 
Georgia. Oklahoma and South Dakota produce red and pink granite. White 
and pink granite is produced in New Hampshire. Other states producing 
granite products are Arkansas, Colorado, California, and Maine. To 
summarize, granite is quarried from New England to the Southwestern United 
States and in many states in between. 


Granite 1s also quarried in Canada, India and Brazil, Finland, Norway, 
Portugal, Spain, Namibia, Zimbabwe, and South Africa, to name but a few 


countries. 
Uses 


There is an enormous abundance of granite throughout the United States, so it 
is not a surprise that a significant amount of granite 1s used in crushed stone 
applications. Crushed granite represents 16% of the total crushed stone 
produced in the U.S., and it is the second-most utilized crushed stone in the 
U.S. Crushed limestone is by far the most commonly used crushed rock in the 
U.S., representing 70% of total crushed rock consumption. The 16% 
represented by crushed granite (265,000 tons per year) is used in road 
construction and railroad beds. Larger pieces of granite are used to stabilize 
the land around roadways to minimize and even eliminate soil erosion. 


Granite is used extensively as dimension stone. It is used in the construction 
of buildings, both as building blocks and as veneers on frame structures. 
Because it can be smoothed to a very high polish, granite has found extensive 
use in memorials, headstones, monuments, carved decorations on buildings, 
statues and the like. Approximately 1.5 million tons of dimension stone is 
produced annually in the United States. Of this, granite accounts for over 
400,000 tons (27%), second only to limestone. 


Substitutes and Alternative Sources 


Granite is enormously abundant and easily accessible in many parts of the 
world. In regards to crushed stone, there are plenty of options, limestone 
being the most commonly used, for crushed stone applications such as road 
construction, railroad beds, concrete, etc. 


The limitations on the availability of granite for construction purposes (that 
is, as dimension stone) are related to particular colors, grain size and even 
patterns in the local stone. A review of the distributors of granite products 
shows that each granite quarry produces a stone with its own particular color 
and overall appearance. It is conceivable that granite with a particular look 
will eventually be quarried out at a particular quarry. However, granite as a 
commodity will continue to be abundant, easily accessible and economically 
profitable for countless generations to come. 


By Darryl Powell 


Darryl Powell is a 1984 graduate of the University of Rochester, Rochester, 
New York with a B.S. in Geological Sciences. For six years Mr. Powell was 
an Adjunct Professor at Finger Lakes Community College in Canandaigua, 
New York, where he taught "Introduction to Physical and Historical 


Geology." He creates Earth Science educational kits for NeoSCI, Inc., a 
science education resource company based in Rochester, New York. He also 
writes Earth Science materials for NewPath Learning, Inc. based in Victor, 
New York. Mr. Powell is the founder of Diamond Dan Publications, a small 
company focused on creative activity books and activity-based learning 
games about rocks and minerals, based in Manchester, New York. 


GRAPHITE 
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Background 


Pure graphite is a mineral form of the element carbon 
(atomic number 6) and its symbol is C. It forms in 
veins in metamorphic rocks as the result of the 
metamorphism of organic material included in 
limestone deposits. It is an extremely soft mineral at 
1 to 2 on Mohs' hardness scale. It is black and has a 
black streak. (Streak is the color of a mineral when it 
is crushed to a powder). Its softness and streak make 
graphite useful in making “lead” for pencils. Crystals 
are uncommon, but when they occur, they are found 
as rough, six-sided (hexagonal) flakes, as in the 
drawing. It breaks into minute, flexible flakes that 
easily slide over one another. Mineralogists call this basal cleavage. This feature is the cause 
of graphite’s distinctive greasy feel. It is this greasy characteristic that makes graphite a good 
lubricant. Because it is a solid material, it is known as a dry lubricant. Graphite is the only 
non-metal element that is a good conductor of electricity. In nature, graphite is found in two 
distinct forms, flake graphite and lump graphite. Lump graphite is more compact than flake 
and lacks the distinctive flaking mentioned earlier. 


Name 


Graphite was named from the Greek verb graphein meaning to write because it was used in 
the manufacture of pencils. The name was given by Abraham Gottlob Werner in 1789. 


Its "Old World" (that is, old European) name was plumbago which means black lead, a 
reference to its use in pencils. 


Sources 


It is estimated that the world reserves of graphite exceed 800 million tons. China is the most 
significant graphite-producing nation, providing nearly one-half of the United States’ annual 
graphite demand. Flake graphite is also imported to the United States from Brazil, Canada, 
and Madagascar. Lump graphite is imported from Sri Lanka. Graphite resources in the United 
States are very small. At one time a significant deposit at Ticonderoga, New York, was 
exploited, but this source no longer produces graphite. For a number of years, the United 
States has not produced natural mineral graphite and is completely dependent on the 
combination of imported, synthetic graphite, and recycled graphite sources. 


Uses 
Because graphite flakes slip over one another, giving it its greasy feel, graphite has long been 


used as a lubricant in applications where “wet” lubricants, such as oil, can not be used. 
Technological changes are reducing the need for this application. 


Natural graphite 1s used mostly in what are called refractory applications. Refractory 
applications are those that involve extremely high heat and therefore demand materials that 
will not melt or disintegrate under such extreme conditions. One example of this use 1s in the 
crucibles used in the steel industry. Such refractory applications account for the majority of 
the usage of graphite. 


It is also used to make brake linings, lubricants, and molds in foundries. A variety of other 
industrial uses account for the remaining graphite consumed each year. 


Substitutes and Alternative Sources 


Molybdenum disulfide is a good dry lubricant substitute for graphite. However, unlike 
graphite, molybdenum disulfide is not as stable in oxidizing conditions. Manufactured 
graphite powder can be used in the steel industry. However, as long as graphite deposits 
remain abundant, and the cost of raw graphite remains low, producing large quantities of 
manufactured graphite will be unnecessary for many years to come. 


KYANITE 


(including related minerals, 
Sillimanite and Andalusite) 


Background 


Kyanite and its related 
mineral “cousins,” 
sillimanite and andalusite, 
are called polymorphs. 
This means that they are 
three distinct minerals, but 
they all have the same 
chemical formula, Al>5105 (aluminum silicate). Because they are chemically 
the same, they can all be used in the same applications. 


All three form in metamorphic rocks (rocks that are changed by intense heat 
and pressure), specifically in schists and gneisses that were formed out of 
sedimentary rocks with a high clay content. Studies have shown that each 
mineral forms under very specific temperature/pressure (T/P) conditions. 
Relative to one another, kyanite forms in a lower temperature/higher pressure 
environment; andalusite forms in a lower temperature/lower pressure 
environment, and sillimanite forms in a higher temperature/higher pressure 
environment. 


Kyanite forms bladed crystals. It is generally blue, but can also be green or 
gray. It has a glassy luster. Kyanite has a unique physical feature in that it has 
two different hardnesses. When its hardness is measured across the crystal, it 
is 7; when it is measured down the length of the crystal, it is 5. All other 
minerals have a single hardness no matter where it is measured on the crystal. 


Name 


Kyanite 1s the variant spelling of the original name of this mineral, cyanite. 
The name was derived from the Greek word kyanos meaning blue in 
reference to this mineral’s most common color. The name was given by 
Abraham Gottlob Werner in 1789. 


Sillimanite was named in honor of Professor Benjamin Silliman (1779-1864) 
who was the first professor of mineralogy at Yale University (as well as 
professor of chemistry for a time). The name was given by G.T. Bowen in 
1824. 


Andalusite was named after Andalusia, a province in southern Spain, where 
this mineral is found. The name was given by Jean Claude Delametherie in 
1798. 


Sources 


There are substantial deposits of kyanite in the United States. The most 
important deposits are in Idaho and the Appalachian Mountain region in 
Eastern United States. Gneisses in Southern California also have significant 
kyanite resources. Presently, however, 1t is not economical to mine these 
deposits. Should economic conditions change, these deposits may be worth 
mining. South Africa supplies most of the andalusite imported for industrial 
consumption in the United States. France and India also produce andalusite 
and kyanite, respectively. 


Uses 


Kyanite and its related minerals are used to make a variety of refractory 
materials. Refractory materials are those that are resistant to very high 
temperatures. As a result, more than half of the kyanite consumed is used in 
refractories for the production of steel. Kyanite is also used to produce 
refractories for nonferrous (non-iron-bearing) metals. Some is consumed to 
make refractories for glass and heat-resistant ceramics. Kyanite is also used to 
make spark plugs and is used for non-refractory applications. 


Substitutes and Alternative Sources 


For refractory purposes, high-alumina materials, fire clays, and a product 
called synthetic mullite (produced in the United States and elsewhere), can be 
used in place of kyanite and its related minerals. Synthetic mullite is made 
from bauxite (aluminum ore), clays, and silica (quartz) sand. 


Kyanite crystal group drawing used with permission. 
© 1998 Darryl Powell 


Marble 


Background 


The word marble comes from the Greek word marmaros which means 
shining stone. To the geologist, marble is a non-foliated, granular 
metamorphic rock that is formed by the metamorphism of limestone and 
dolostone. It is usually formed by regional metamorphism but sometimes is 
formed by contact metamorphism. Both limestone and marble are calcium 
carbonate (CaCO3) which is also the composition of the mineral calcite. The 
metamorphism of limestone causes the calcite grains to grow in size and to 
interlock with one another. The result is that marble is noticeably more dense 
and harder than limestone. Limestone frequently contains invertebrate fossils. 
However, these fossils are almost always destroyed by metamorphism. 


In industry, the term “marble” is also applied to serpentine rocks that can be 
polished to a high shine. Technically, “marble” and “serpentine” are two 
different metamorphic rocks. Serpentine is formed by the metamorphism of 
rocks called peridotites and another called pyroxenes. True marble is a 
carbonate rock (which means it has CO3 in its chemistry). Serpentine is a 
silicate rock meaning it has silicon and oxygen in its chemistry. It is 
important to be aware that the technical scientific terms (in this case 
“marble”) can have a different meaning in industry. Dark green serpentine 


CHAPTER 3 = COMPONENTS 


Solderless Breadboards 


A very versatile prototyping platform is the solderless breadboard. Once upon a time, people would tack 
together simple electrical circuits using wires, small nails, and a hammer, utilizing a wooden plank or 
small board as the substrate. The kitchen breadboard was often just right in size and weight and would 
mysteriously disappear into the workshop. You can still cobble together simple circuits using this 
technique. 

The solderless breadboard is a miracle of modern manufacturing techniques. A body made of 
precision-molded plastic has an array of small openings built in, and within each opening is a row of 
small spring clips that are just the right size to grasp and hold a small-gauge (22-26 AWG) wire. Adjacent 
points within the array are electrically connected together, which lets you easily connect small 
components into a circuit using your bare hands, with no soldering required. About all you would 
normally need would be some solid-core wire (preferably), some wire cutters, and some wire strippers. 
You can even buy precut jumper wires specifically made for use with solderless breadboards. They're 
terrifically handy! See Figure 3-6. 


Figure 3-6. On the left is a solderless breadboard with 830 tie points. Each hole has a spring clip inside that 
can hold a small wire or component lead. On the right, the underlying electrical connections between the 
tie points are illustrated. 
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“marble” is frequently referred to as verde antique. 


Pure, bright white marble is highly desired because of its even color. Since 
the days of ancient Rome, it has been used for statues and architectural 
decorations because of its pure, bright color and its hardness. Marble’s 
hardness allows it to be polished to a smooth, bright, shining surface. 
However, marble typically has lines and veins running throughout it. This 
look is what is typically referred to as “marbling.” The lines and veins are 
from silt, sand, clay and other impurities that were in the original limestone 
from which the marble was formed. 


A number of minerals and gems can form in marble. Spinel from Vietnam, 
ruby and sapphire from Myanmar (formerly Burma) and lazulite from 
Afghanistan are just a few examples. 


Name 
Sources 


Marble is found, literally, all over the world. It is most notably located in 
regions of dramatic metamorphism, especially regional metamorphism. 
Carrara, Italy produced some of the most famous and desired marble in 
history. From the quarries of Carrara have come enormous blocks of pure 
white, extremely hard marble. The Pantheon was constructed from Carrara 
marble. Michelangelo’s famous sculpture David was carved from Carrara 
marble. Spain, Greece, Turkey, China, Poland, Ireland and Mexico have all 
produced marble of various colors and patterns. In the United States, Danby, 
Vermont and Marble, Colorado have produced significant quantities of high- 
quality marble for use as dimension stone both for construction as well as for 
carving purposes. 


Quarries in the United States produce 11.8 million metric tons of crushed 
marble. Five companies operate a total of six mines in five different states. In 
order of production, from greatest to least, the states are Georgia, Vermont, 
Tennessee, Colorado and Alabama. A total of 1.3 billion tons of crushed rock 
is produced in the United States annually. Of this, less than 6% is marble. (In 
fact, sandstone, quartzite, scoria, volcanic cinder, marble and miscellaneous 
stone, all together, account for less than 6% of the total crushed stone 
production in the U.S.) 


United States marble quarries produced approximately 210,000 tons for 
dimension stone annually (“dimension stone” is any rock that is quarried to 
be cut into specific sizes and shapes). Significant amounts of marble are 
imported from Italy, Turkey, China and Mexico. 


Uses 


Some marble is crushed and used in many applications, with many other 
types of crushed stone, most notably for road and highway construction and 
repair. A relatively small amount of marble is used in cement and lime 
production. 


Marble as dimension stone 1s used for construction of buildings: 40% of the 
marble is cut as rough blocks which is used for building construction; another 
34% is used as finishing stone where the marble is cut into thin sheets, slabs 
and veneers that are given a very high polish and used to finish or cover 
walls, floors and the exteriors of buildings. 


Substitutes and Alternative Sources 


Sources of marble are widespread and plentiful. There is no danger of 
running out of marble in the near, or distant, future. However, specific types 
of marble that have very specific colors or veining patterns, may become 
depleted. When a particular look is desired and the actual marble is no longer 
available, other materials are typically used, including ceramic tiles, brick, 
concrete, and resin-agglomerated stone. Additionally, a builder may choose to 
use aluminum, plastics, glass or steel in place of marble. 


By Darryl Powell 


Darryl Powell is a 1984 graduate of the University of Rochester, Rochester, 
New York with a B.S. in Geological Sciences. For six years Mr. Powell was 
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writes Earth Science materials for NewPath Learning, Inc. based in Victor, 
New York. Mr. Powell is the founder of Diamond Dan Publications, a small 
company focused on creative activity books and activity-based learning 
games about rocks and minerals, based in Manchester, New York. 
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MICA 


Mica: Micas commonly occur as flakes, books, or sheets. Sheet muscovite (white) mica is used in electronic insulators 
(mainly in vacuum tubes), ground mica in paint, as joint cement, as a dusting agent, in well-drilling muds, and in plastics, 
roofing, rubber, and welding rods. 


Photo Courtesy of Simon Muscovite Mica Schist 
Williams, from 
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Background 


Mica 1s a mineral name given to a group of minerals that 
are similar in their physical properties and chemical 
compositions. They are all silicate minerals, which means 
that chemically they all contain silica(SiO 4). 
Mineralogists call micas sheet silicates because their 
molecules combine to form distinct layers. These layers 
can be seen in muscovite mica specimens because it can 
be split (mineralogists call this feature cleavage) into very 
thin, flexible, transparent layers. This physical property is 
so distinctive that all minerals that cleave in this fashion 
are said to have micaceous cleavage. 


There are 37 different mica minerals. In addition to the silicate tetrahedrons in all micas, Purplelepidolite. 


contains the elements potassium, lithium, and aluminum. Black biotite contains potassium, iron, and 
magnesium. The two micas used as a commodity are: brown mica or phlogopite which contains iron and 
magnesium; and the "reddish, green, or white (or clear) mica" or muscovite which contains potassium and 
aluminum. 


<=A typical mica crystal. 


Large sheets of muscovite form in igneous rocks. Very large sheets or 
crystals of muscovite form in a pegmatite. A pegmatite is an extremely 
slow-cooling igneous rock in which very large crystals can form. Phlogopite 
generally forms in metamorphic rocks, especially in metamorphosed 
limestone, although it occasionally forms in igneous rocks, too. 


Mica crystals are six-sided. They are fairly light and relatively soft, at 2 to 4 
on Mohs' hardness scale for the univalent micas. Sheets and flakes of mica 
are flexible. Mica is heat-resistant and does not conduct electricity. 


Two distinct forms of mica are utilized as a commodity. Scrap and flake mica is mica that either occurs 
naturally or is ground into very small flakes and pieces. Sheet mica is large pieces of mica that can be cut 
into various shapes for use in electronics. 


Name 


The name mica was probably created from the Latin word micare meaning to shine in reference to the 
shiny luster of the micas. Muscovite is very resistant to heat and electricity. As a result, it was commonly 
called "Muscovy." This mineral was commonly called Muscovy Glass after the Latin term vitrum 
Muscoviticum. In 1850, James Dwight Dana formally named this mineral muscovite based on the Latin 
term. The name phlogopite, named by F.A. Breithaupt in 1841, comes from the Greek word phologopos 


meaning fiery in reference to the reddish color seen on some specimens of this mica. 
Sources 


Scrap and flake mica is produced all over the world. In the U.S., scrap and flake mica was produced in 
Arizona, North Carolina, South Dakota, Georgia, New Mexico and South Carolina. North Carolina's 
production accounts for half of total U.S. mica production. The flake mica produced in the U.S. comes 
from several sources: the metamorphic rock called schist as a by-product of processing feldspar and kaolin 
resources, from placer deposits, and from pegmatites. Canada, India, Finland, and Japan export flake mica 
to the U.S. 


Sheet mica is considerably less abundant than flake and scrap mica. Sheet mica 1s occasionally recovered 
from mining scrap and flake mica. The most important sources of sheet mica are the pegmatite deposits. 
The United States has limited sheet mica resources. U.S. mining of sheet mica is costly and labor costs are 
high. As a result, the U.S. imports more than half its sheet mica from India, but also from Belgium, 
Germany, China, and a few other countries. 


Uses 


The principal use of ground mica is in gypsum wallboard joint compound, where it acts as a filler and 
extender, provides a smoother consistency, improves workability, and prevents cracking. In the paint 
industry, ground mica is used as a pigment extender that also facilitates suspension due to its light weight 
and platy morphology. The ground mica also reduces checking and chalking, prevents shrinkage and 
shearing of the paint film, provides increased resistance to water penetration and weathering, and 
brightens the tone of colored pigments. Ground mica also is used in the well-drilling industry as an 
additive to drilling “muds.” 


Coarsely ground mica flakes help prevent lost circulation by sealing porous sections of the uncased drill 
hole. The plastic industry used ground mica as an extender and filler and also as a reinforcing agent. The 
rubber industry uses ground mica as an inert filler and as a mold lubricant in the manufacture of molded 
rubber products, including tires. 


Sheet mica is used principally in the electronic and electrical industries. The major uses of sheet and block 
mica are as electrical insulators in electronic equipment, thermal insulation, gauge “glass”, windows in 
stove and kerosene heaters, dielectrics in capacitors, decorative panels in 
lamps and windows, insulation in electric motors and generator armatures, 
field coil insulation, and magnet and commutator core insulation. Mica is 
also used as segment plates between copper commutator sections to 
insulate copper from the steel; phlogopite mica is used because it wears at 
the same rate as the copper segments. 


Substitutes and Alternative Sources 
Some lightweight mineral and rock materials, such as vermiculite, 


diatomite and perlite are similar to micas and can be used in place of 
mica. A long list of manufactured materials, such as styrene, polyester, 


Teflon® , Plexiglass® , etc., can be used in place of sheet mica in the electronic applications. Paper made 
from ground mica can be used in place of sheet mica for insulating applications. 


Phlogopite crystals from New York Mica drawings used with permission. © 2001 Darryl Powell 
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Feldspar 


Potash Feldspar 


Plagioclase Feldspar 


Potassium Feldspar 
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Feldspar: A rock-forming mineral, industrially important in glass and ceramic industries, pottery and enamelware, soaps, abrasives, 
bond for abrasive wheels, cements and concretes, insulating compositions, fertilizer, poultry grit, tarred roofing materials, and as a sizing 
(or filler) in textiles and paper. Albite is a feldspar mineral and is a sodium aluminum silicate. This form of feldspar is used as a glaze in 
ceramics. 


Background 


Feldspar is the mineral name given to a group of minerals distinguished by the 
presence of aluminum (Al) and the silica ion (S1043) in their chemistry. This group 
includes aluminum silicates of soda (sodium oxide), potassium (potassium oxide), 
or lime (calcium oxide). Feldspar is the single most abundant mineral group on 
Earth. Together, the varieties of feldspar account for one half of the Earth’s crust. 
The minerals included in this group are orthoclase, microcline, and the plagioclase 
feldspars. They form in a variety of thermal environments, during the 
crystallization of liquid rock (magma), by metamorphism of rocks deep in the 
earth, and in sedimentary processes. 


Feldspars are relatively hard at 6 on Mohs' hardness scale. Feldspars are generally 
light-colored, including white, pink, tan, green, or gray. The color varies due to 
impurities within the crystal structure. Feldspar is the mineral that gives granite its 
pink, green or gray color. 


When feldspar weathers from igneous or metamorphic rocks, it can accumulate as 
sand. It is, however, easily weathered, and eventually will break down into clay. 


Name 


The name feldspar is a contraction of the longer name fieldspar, some early specimens were found in fields. The 
term spar is a generic term used by geologists to refer to any non-metallic mineral with a glassy (vitreous) luster 
that breaks on distinct flat surfaces (planes). The name was officially given its name by Johan Gottschalk 
Wallerius in 1747. 


Sources 


Feldspar is mined from large granite bodies (called plutons by geologists), from pegmatites (formed when the last 
fluid stages of a crystallizing granite becomes concentrated in small liquid and vapor-rich pockets that allow the 
growth of extremely large crystals), and from sands composed mostly of feldspar. 


Because feldspar is such a large component of the Earth’s crust, it is assumed that the supply of feldspar is more 
than adequate to meet demand for a very long time to come. It is so abundant that geologists and economists have 
not even compiled data on potential deposits of feldspar for future consumption. Present mines worldwide are 
adequately meeting the need for raw feldspar. 


The United States produces about $45 million worth of feldspar annually. North Carolina generates nearly half of 
the raw feldspar produced in the United States. Six other states produce smaller amounts. Other countries 
producing feldspar include Brazil, Colombia, France, Germany, India, Mexico, Norway and Spain. 


CHAPTER 3 = COMPONENTS 


The spacing between adjacent tie points is exactly 0.1", which corresponds to many common 
“footprints” for electronic components. You can easily build simple circuits in just a few minutes. You 
can even build fairly complex circuits using integrated circuits and other components. Figure 3-7 shows 
a complete Arduino-compatible microcomputer that you can build with your bare hands and then 
program using your PC and the free Arduino software. 


Figure 3-7. A breadboard Arduino, which is compatible with the popular Arduino Duemilanove 
microcontroller, can be built using just a handful of components on a solderless breadboard, leaving 
plenty of room for more experimentation. The black, rectangular component in the upper-left corner is a 
miniature USB adapter that supplies power, and provides communication and control signals for the 
microcontroller. 


You ll find that projects tend to expand to fill the available area (and budget). See Figure 3-8. 
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Uses 


Feldspar is used to make dinnerware and bathroom and building tiles. In ceramics and glass production, feldspar 
is used as a flux. A flux is a material that lowers the melting temperature of another material, in this case, glass. 


Substitutes and Alternative Sources 
Feldspar can be replaced by other minerals and mineral mixtures of similar physical properties. Minerals that 
could be used to replace feldspar include pyrophyllite, clays, talc, and feldspar-silica (quartz) mixtures. The 


abundance of feldspar will make these substitutions unnecessary for the foreseeable future. 


Green Feldspar (variety Amazonite) with quartz and albite. 
From Pikes Peak region, Colorado 


Drawings O 1999 Darryl Powell 


Used with permission 


PUMICE 


Background 


Pumice is a type of extrusive volcanic rock, produced when lava with a very high content of water and 
gases (together these are called volatiles) is extruded (or thrown out of) a volcano. As the gas bubbles 
escape from the lava, it becomes frothy. When this lava cools and hardens, the result is a very light 
rock material filled with tiny bubbles of gas. Pumice is the only rock that floats on water, although it 
will eventually become waterlogged and sink. It is usually light-colored, indicating that it is a volcanic 
rock high in silica content and low in iron and magnesium, a type usually classed as rhyolite. If the 
lava hardens quickly with few volatiles, the resulting rock is volcanic glass, or obsidian. Pumice and 
obsidian are often found together. 


In commerce, pumice is the term applied to larger pumice stones, while pumicite consists of fine 
grains or ash. Pozzolan is a fine-grained pumicious material (both natural and man-made), which 
combines with lime to make a smooth, plaster-like cement. These three similar materials may be found 
and mined together, but they have different characteristics and different uses. 


Name 


The name pumice is derived from the Latin word pumex, meaning foam. Pozzolan (or pozzolana) is an 
Italian word, named from Pozzuoli, the place near Naples where pozzolan was first mined and used as 
cement, during Roman times. 


Sources 


Since pumice is a volcanic rock, and retains its useful properties only when it is young and unaltered, 
pumice deposits are found in areas with young volcanic fields. Worldwide, over 50 countries produce 
pumice products. The largest producer is Italy, which dominates pozzolan production and also 
produces some pumice. Other major pumice producers are Greece, Chile, Spain, Turkey, and the 


United States. 


In the United States, Arizona, California, New Mexico and Oregon are the major producers of pumice, 
accounting for the majority of the nation’s pumice and pumicite production. 


Uses 


Pumice and pumicite are used to make lightweight construction materials such as concrete block and 
concrete. About three-quarters of pumice and pumicite is consumed annually for this purpose. 


The remainder of the pumice mined is used in abrasives, horticulture, landscaping, and for washing 
blue jeans. 


Pozzolan is used to make fine-grained, lightweight cement for finishing floors and building interiors. 
Substitutes and Alternative Sources 


Expandable shale can be substituted for pumice and pumicite in the building block and concrete 
applications. There is no lack of pumice and pumicite, as world resources are extensive. However, the 
costs related to mining and trucking the material from the mine to processing plants and the market 
will determine whether pumice from a particular mine is cheap enough to use. In other words, it is 
economics, not the abundance of pumice, which determines whether or not substitutes for pumice are 
necessary. 
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Shale 
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Background 


Shale is a detrital sedimentary rock composed of very fine clay-sized 
particles. Detrital sedimentary rocks are sedimentary rocks composed of the 
weathered and eroded particles of larger pieces of rock. Clay forms from the 
decomposition of the mineral feldspar. Other minerals present in shale are 
quartz, mica, pyrite, and organic matter. Shale forms in very deep ocean 
water, lagoons, lakes and swamps where the water is still enough to allow the 
extremely fine clay and silt particles to settle to the floor. Geologists estimate 
that shale represents almost 34 of the sedimentary rock on the Earth’s crust. 
Geologists are specific about the definition of the rock called “shale.” Shale is 
composed of clay-sized particles that are less than 0.004 mm in size. Siltstone 
is composed of particles that are between 0.004 and 0.063 mm in size. When 
the sedimentary rock is a mixture of clay and silt, geologists call the rock 
mudstone. 


Layers of other sediments eventually cover the silt and mud that collects on 
ocean and lake floors. The weight of these sediments compacts the mud 
leading to lithification (lithification literally means turning to stone). The 
lithification process creates very fine layering in the shale. This layering is 
called lamination. Shale splits easily into relatively thin sheets due to this 
lamination. 


Shale can be red, green or black. The different colors are due to different 
minerals in the shale. Black shale typically has a very high content of oily 
kerogen. Kerogen is organic matter trapped in the sediments that is the 
remains mostly of plants and some water-born microorganisms. Kerogen is 


not oil, but is thought to be the material that, through complex geological 
processes, becomes oil. Though still economically unfeasible, a process of 
heating (in an oxygen-depleted environment) can remove kerogen from shale 
in the form of liquid oil and natural gas. 


Name 
Sources 


Shales are very common in the continental crust all over the Earth. In the 
United States, significant deposits of oil shale are found in the western states. 
It is estimated that the world’s largest oil field is found in the oil shales under 
northwestern Colorado. The western U.S. oil shales only cover approximately 
17,000 square miles, a relatively small geographical region (including the 
states of Colorado, Wyoming and Utah). They are very thick, however, and as 
a result they hold a tremendous reserve of oil, a reserve that represents nearly 
34 of the world’s recoverable oil shale reserves. 


Uses 


Shale is too soft and too easily broken into small pieces to be used as 
dimension stone or even as crushed stone (although some shale is used as 
“slate” for garden walkways and paving stones). The greatest potential use of 
shale today is as a new source of oil. It is presently estimated that 1.75 x 1015 
barrels of oil are trapped in the world’s oil shales. This is 100 times the total 
liquid petroleum geologists expect will be removed from known oil reserves. 


There are many significant problems removing oil from oil shales. 
Environmental considerations as well as complicated technical problems 
make it far too expensive and presently unrealistic to remove large quantities 
of oil from shale. 


Substitutes and Alternative Sources 


There are plenty of alternatives to shale for crushed stone applications (for 
example, road and highway construction and repair) such as limestone, 
sandstone, quartzite, and granite. These alternatives are so abundant that there 
is little need to consider or use shale in these applications. As mentioned 
above, shale’s physical properties do not lend it to be useful as dimension 
stone: it is simply too soft and its laminations cause it to break into thin layers 
much too easily. 


There is little need to consider any kind of substitute or alternative for shale 
since, presently, it has no important use or application. 


By Darryl Powell 
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Figure 3-8. A prototype LED display with computer control, built on a solderless breadboard. That's a lot of 
wires! 


Passive Components 


Most electronic components fall into one of two different categories: passive and active. There are a few 
different ideas floating around as to what, exactly, is the difference between passive and active 
components. For the purposes of this book, we will use the simple definition that an active component 
requires a power source to work properly, while a passive component does not. 


Resistors 


A good example of a passive component is a resistor. You've already learned a lot about resistance in an 
electronic circuit. Resistance is measured in ohms, and it converts electricity into heat. When you’re 
working with wires, cables, and other conductors, resistance is usually a bad thing. You want the least 
amount of resistance possible. However, there are times when you both want and need resistance in a 
circuit. 

One example of when you would want resistance in a circuit is when you want to light up an LED. 
Unlike an incandescent lightbulb, an LED has no built-in current-limiting ability. Without a fixed 
amount of external resistance added to the circuit, an LED would self-destruct in a very short time, 
because it would overheat from excessive current flowing through it. A resistor would limit the amount 
of current flowing and control the brightness of the LED. 

The exception to this dire prediction is when the power source that is lighting up the LED has 
insufficient gumption to blow up anything, such as with a small coin-cell battery. Anything bigger than 


Background 


Slate is a foliated metamorphic rock derived from the metamorphism of shale. 
It is formed by regional metamorphism from tectonic plates colliding with 
one another creating immense pressure. Its foliation does not coincide with 
the layering or foliation of the original shale. Foliation in regionally 
metamorphosed sediments runs perpendicular to the direction of the forces of 
metamorphism. 

Geologists recognize that metamorphism occurs in different grades. The 
grade represents the amount of pressure and heat involved in the 
metamorphism of a particular rock. Slate represents low-grade metamorphism 
of shale. As the pressure increases, the grade of metamorphism increases 
through a series of different rock types. With increased metamorphism the 
crystals in the rock become larger. The mineral grains in slate cannot be seen 
with the naked eye. However, increased metamorphism causes the mineral 
grains in slate to grow resulting in a higher-grade metamorphic rock called 
phyllite. The larger mineral grains give phyllite a shiny appearance. As the 
grade of metamorphism increases phyllite becomes schist, which has easily- 
identifiable quartz and mica grains. Further increased metamorphism results 
in a still higher grade metamorphic rock called gneiss (pronounced nice). If 
the metamorphism increases to an even higher grade, gneiss partially melts 
into magma (liquid rock) and upon cooling becomes migmatite. It is 
impossible to tell the difference between metamorphic migmatite and igneous 
granite in hand specimens. They are differentiated by the geologic 
environment in which they are found. 


Slate has a dull appearance and occurs in a number of colors including light 
and dark gray, green, purple and red. It is not unusual for pyrite crystals to 
form in slate. Pyrite forms due to iron minerals present in the original shale 
from which the slate formed. 


Name 
Sources 


Slate is found worldwide in geologic settings where the continental crust is 
compacted and folded by the collision of two continental plates. 


In the United States, slate is abundant in the so-called Slate Belt of eastern 
Pennsylvania in the Appalachian Mountains. Slate is quarried in the Green 
Mountains of Vermont. Vermont is the largest producer of slate in the United 
States. The slate deposits of Vermont run westward into eastern New York 
State where it is quarried in the town of Granville. This region is locally 
known as “Slate Valley.” Some smaller occurrences of slate have been 
important in the U.S. The slate found in Monson, Maine was abundant early 
in the 20th century, but has been nearly depleted with only one quarry still 


working. President John F. Kennedy’s grave marker is made from the dark 
slate quarried in Monson, Maine. 


Worldwide, significant slate occurrences are found in Wales, England, Italy, 
Portugal, Germany, Brazil and China. Production of slate in China for export 
throughout the world is growing rapidly each year. 


Uses 


A very small amount of slate is crushed and used for road construction, 
concrete mixes and other construction purposes. In these instances, it is used 
locally when it is more expensive to import other crushed stone products such 
as limestone or granite. 


Of all the dimension stone applications of various rock types, slate represents 
only 1% of dimension stone applications. This represents approximately 
15,000 tons of slate used annually in the United States. Slate’s foliation 
allows it to be broken into sheets of any desired thickness. Therefore, for 
centuries it has been used for roofing and for pavement stones around homes, 
buildings and gardens. The same feature made slate a most suitable material 
for making pool table tops. Until the invention of “white boards” and erasable 
markers, slate was used in schools as chalkboards, both small sizes for 
individual students and large wall-sized sheets for teachers. The days of slate 
chalkboards are nearly gone. 


Substitutes and Alternative Sources 


Slate roof tiles are extremely expensive, but also extremely durable. Homes 
shingled with slate seldom need to have the roof replaced, except for 
individual shingles due to storm damage or after many, many years of use. 
Because of the expense, shingles made of a variety of other materials are 
more commonly used in construction today. Some use wooden shake 
shingles. Others use terra cotta tiles. Other options include corrugated plastics 
and metal roofing. Perhaps the most common are asphalt shingles which are 
made of paper soaked with bitumen and covered with granular aggregate. 


Any kind of rock that forms a flat surface can be used for yard and garden 
decorations and walkway stones. 
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TALC and 
PYROPHYLLITE 


Background 


A perfect talc crystal. 


Talc crystal image used with permission. 
© 1998 Darryl Powell 


Two different minerals with similar physical properties are talc and 

pyrophyllite. Their physical properties are nearly identical. Both are very soft: 

talc is the softest mineral on the Mohs' hardness scale at 1, and pyrophyllite is 

1 to 2. Because they are so soft, they can be easily cut and crushed. 
Archaeological discoveries have shown that talc was carved in ancient Babylonia to make signature seals. 
Chinese “soapstone” carvings are carved from fine-grained pyrophyllite. 


Both talc and pyrophyllite have perfect cleavage in one direction. This means that these minerals break into 
thin sheets. As a result, both feel greasy to the touch (which is why talc is used as a lubricant). They are 
both formed in metamorphic environments as the result of changes in silica-rich dolomite. 

Steatite and soapstone are impure, massive forms of talc that lack the distinctive cleavage mentioned above. 


Name 


The name talc is thought to be derived from the Arabic word talg or talk meaning mica since talc forms 


mica-like flakes. In other words, it displays micaceous cleavage. The name in its present form was given by 
Georgius Agricola in 1546. 


The name pyrophyllite comes from the Greek words pyr meaning fire and phyllon meaning leaf, a reference 
to the fact that it flakes when heated. The name was given by R. Hermann in 1829. 


Sources 


There are numerous talc and pyrophyllite resources worldwide. The United States produces enough talc and 
pyrophyllite to meet its annual needs. Of the seven states producing talc, most is mined in Montana, New 
York, Texas and Vermont. All the pyrophyllite produced in the United States is mined in North Carolina. 
Despite the volume of talc/pyrophyllite produced domestically, some is imported from China, Canada, 
Japan, and other countries. Of the countries importing U.S.-produced talc, Canada is the largest importer. 


Unlike other commodities, talc and pyrophyllite are not recycled. 
Uses 


Ground talc is used as an ingredient in ceramics, paper, paint, roofing, plastics, cosmetics, talcum and baby 
powders, and a variety of other assorted uses such as making rubber and plastics. 


Ground pyrophyllite is used in the production of ceramics, heat-resistant products called fractories, and 
paint. 


Soapstone was once used to make chemical-resistant sinks and countertops for laboratories. Before the days 
of furnaces, blocks of soapstone were heated on stoves and used as bed warmers. 


Substitutes and Alternative Sources 


Clays and pyrophyllite can be used in place of talc in the manufacture of ceramics. Kaolin (a clay mineral) 
and mica can be substituted for talc in the production of rubber, paint, and plastics. Kaolin can be used in 
place of talc in paper production. The available reserves of talc are sufficient for many decades to come so 
such substitutions are not necessary, though they may be cost-effective depending on the relative costs of 
talc, mica, pyrophyllite and kaolin. 
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CHAPTER 3 = COMPONENTS 


that normally has no trouble convincing the LED to release its magic smoke, without which it can no 
longer function. 

A typical resistor has a fixed resistance and a maximum power rating. The resistance is determined 
by the material from which the resistor is made. The value of a resistor, as you already know, is measured 
in ohms, and can range from just a fraction of an ohm (often expressed as milliohms) up to millions of 
ohms. 


Through-Hole and Surface-Mount Resistors 


Resistors come in all shapes and sizes. Generally speaking, the larger the surface area of the resistor, the 
more power it can safely dissipate. A typical resistor that you might work with on a solderless 
breadboard or on an older PCB is shown in Figure 3-9. These are called through-hole components 
because their extended leads are meant to be formed and threaded through holes that are drilled into 
PCBs. Also in Figure 3-9, for comparison, are some teensy-weensy surface-mountresistors. Surface- 
mount resistors have no leads and are meant to be soldered directly to pads laid out on the surface of the 
PCB. 


Figure 3-9. Some through-hole resistors (top) and surface mount resistors (bottom). The surface mount 
resistors are so small that they are shipped packaged in tape, which is usually wound on reels for 
automated placement in PCB assembly. 
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TUNGSTEN 


Tungsten: Used in 
metalworking, 
construction and electrical 
machinery and equipment, 
in transportation 
equipment, as filament in 
lightbulbs, as a carbide in 
drilling equipment, in heat 
and radiation shielding, 
textile dyes, enamels, 
paints, and for coloring 
glass. Major producers are 
China, Korea, and Russia. 
Large reserves are also 
found in the U.S., Bolivia, 
and Canada. 


Wolframite 


Background 


Tungsten is a gray-white metallic element. Its atomic number is 74 and its 
atomic symbol is W (after the German name Wolfram given to this element). 
It is stable and is very resistant to acids and bases. It does, however, oxidize 
in air, especially at higher temperatures. It has the highest melting 
temperature of any metal (3422 degrees C, 6192 degrees F), and the second 
highest of all elements (Carbon is highest). 


Tungsten was discovered in 1758 by Axel Fredrik Cronstadt; in 1781 Carl 
Wilhelm Scheele isoldated a tungsten oxide, and in 1783 the Spanish 
chemists (and brothers) Fausto and Juan Jose de Elhuyar first separated 
tungsten from the mineral wolframite. 


It is interesting to note that tungsten is important to the health of plants and 
animals. Specifically, it is used by some enzymes (which are called 
oxidoreductases). 


Name 


Tungsten was named from the Swedish words "tung sten" meaning "heavy 
stone." 


Sources 


Tungsten is retrieved from the ore minerals scheelite (CaWOu, calcium 
tungstate) and wolframite ((Fe,Mn)WO,, iron-manganese tungstate). Of the 
world’s tungsten reserves, over 90% are outside the United States. Of these 
resources, nearly half are found in China, and Canada and Russia also have 
large reserves. About one-third of the U.S. imports of tungsten are from 
China, Russia provides about 25%, and a variety of other nations provide the 
rest. A significant amount of tungsten is recovered through recycling of scrap 
tungsten products. Recycled tungsten in the US accounts for nearly one-third 
of the tungsten consumed. Major production of tungsten concentrates come 
from Austria, Bolivia, Canada, China, Portugal, and Russia. 


Uses 


Tungsten is mixed with carbon to make a very strong, very resistant material 
called tungsten carbide. Tungsten carbide is used to make cutting tools and 
wear-resistant tools for metalworking, drilling for oil and gas, mining, and 
construction. These applications account for more than 60% of the tungsten 
consumed in the US each year. 


Because it has such a very high melting point and low vapor pressure, 
tungsten is used in high temperature situations. For instance, the filaments in 
light bulbs are made of tungsten. It is used in other applications in electronics 
as well. 


When added to steel, tungsten increases its strength. It is alloyed (mixed with) 
other metals to make "superalloys" which have special physical properties of 
high strength and heat resistance. Some of the applications for such 
superalloys are in turbine engines for jet aircraft and energy generation. 


Other alloys bearing tungsten are used for armaments, heat sinks, radiation 
shielding, weights and counterweights, wear-resistant parts and coatings. 


Substitutes and Alternative Sources 


Tungsten is the only material used to make light bulb filaments. Experiments 
are being done with ceramic and ceramics mixed with metals to create 
alternative cutting materials. Cemented carbide made with tungsten carbide is 
still preferred to these materials. 


ARSENIC 


Background 


Arsenic 1s an element (atomic number 33) classed as a semi-metal or 
metalloid. This means it has some properties of metals, and some properties 
of non-metals. Arsenic occurs in two distinct solid forms. One is a brittle, 
gray metal, while the other is a yellow, non-metallic form, rarely seen outside 
the laboratory. Arsenic and its compounds often have a garlic-like odor when 
crushed or when scratched with a hard object. 


Elemental arsenic has very few uses. Nearly all the applications are as salts or 
oxides of arsenic. Arsenic compounds can be very toxic, and their uses are 
strictly controlled by health and environmental regulations. 


Name 


The name arsenic comes from the Greek word arsenikon, which means 
orpiment. Orpiment is a bright yellow mineral composed of arsenic sulfide 
(As2S3), and is the most highly-visible common arsenic mineral. Historians 
say that arsenic was discovered in 1250 C.E. by Albertus Magnus, a German 
monk who spent his life studying and classifying natural materials. It is 
believed that he heated soap and orpiment together and isolated elemental 
arsenic. 


Sources 


Arsenic metal very rarely occurs in its pure form in nature. The most common 
arsenic mineral is arsenopyrite, a compound of iron, arsenic, and sulfur. 
Several other, less-common minerals contain arsenic, including orpiment, 
realgar, and enargite, which are arsenic sulfides. Most arsenic is obtained not 
from an ore mineral of arsenic, but as a by-product in the treatment of gold, 
silver, copper, and other metal ores. In fact, environmental laws require that 
arsenic be removed from ores, so that it does not enter the environment in 
effluent gases, fluids, or solids. 


Significant quantities of arsenic are associated with the copper-gold deposits 
in Chile, the Philippines, and many other countries. However, many countries 
produce by-product arsenic from smelting of metal ores. China is by far the 
largest producer, with Chile, Mexico, and Peru also important, and lesser 


production from about a dozen other countries with metal smelters. 


The United States imports all the metallic arsenic and arsenic compounds that 
it consumes. Very little is recycled, except in waste from factories that make 
arsenic compounds. 


Uses 


Only about 5% of arsenic consumption is of the metallic element. Most of 
this is used to alloy (mix) arsenic with lead, copper, or other metals for 
specific uses. As a metalloid, arsenic is a semiconductor, like silicon. This 
means it conducts some electricity like a metal, but not all the electricity a 
true conductor like copper would conduct. Consequently, about 1/10 % of 
arsenic 1s consumed in the manufacture of gallium arsenide semiconductors 
for use in electronics. Some arsenic is also used in glass-making. 


The majority of U.S. consumption is in the form of chromated copper 
arsenate (CCA), a chemical used as a wood preservative for telephone poles, 
fence posts, pilings, and foundation timbers. The CCA significantly reduces 
rot and eliminates wood destruction by termites, ants and other insects. 
However, the use of CCA 1s being phased out in the U.S., and a major 
decrease in the arsenic market is expected as a result. 


Formerly the most important use of arsenic compounds, was as an insecticide 
sprayed in fields and orchards. This use has entirely disappeared in most 
countries, due to the poisonous nature of arsenic compounds. Arsenic 
contamination is a problem in some well-water and may be associated with 
mine drainage. 


Arsenic is not recovered from any waste materials or in any recycling 
program. Some is recovered from runoff at wood treatment facilities. 


Interestingly, a trace amount of arsenic is necessary for good health and 
growth of animals, including humans. 0.00001% is needed for growth and for 
a healthy nervous system. 


Substitutes and Alternative Sources 


A variety of alternative wood preservatives are available to replace CCA, as 
is plastic wood lumber. 


BISMUTH 


Background 


Bismuth is a silvery-white metallic element with a pinkish tint on freshly- 
broken surfaces. Its chemical symbol is Bi, and its atomic number is 83. 
Bismuth was long thought to be a variety of lead or tin, which it resembles, 
until the chemist Claude Geoffroy showed in 1753 that it is a separate 
element. 


Bismuth is rarely noticed in everyday life. Unlike the more common metals 
such as copper, lead, and iron, bismuth is rarely noticed by the average 
person. 


Bismuth is relatively brittle for a metal. It has the interesting physical 
property of being less dense as a solid than it is as a liquid. The only other 
common substances which expand when they freeze are antimony metal and 
water. This property of expanding when cooling is responsible for much of 
bismuth’s commercial uses. Bismuth is a poor conductor of electricity and 
heat (scientists say it has poor electrical and thermal conductivities). It is 
relatively stable and does not corrode in the atmosphere, unless attacked by 
strong acids. Bismuth is not known to have any role in either plant or animal 
life functions. Importantly, bismuth is non-toxic (not poisonous), unlike lead 
and most other heavy metals. 


Naturally-occurring bismuth metal (known as native bismuth) is rare in 
nature, and does not occur in large enough quantities to be mined as a source 
of bismuth. More often it combines with other elements to form minerals 
such as bismithunite (bismuth sulfide, B1,53) and bismite (bismuth oxide, 
B1,053). 


Name 

The name bismuth 1s derived from the old German word wismut, meaning 
white metal, or meadow mines. The name wismut occurs in German records 
dating to several hundred years before the metal’s identification as a separate 
element, indicating that its special properties were recognized early. 


Sources 


The most common bismuth minerals are bismuthinite and bismite. Generally, 


these and other bismuth minerals occur in minute quantities within ores of 
other metals, such as gold, silver, lead, zinc, and tungsten. 


Bismuth is usually an indicator of high-temperature mineral deposits, forming 
in veins with quartz and various metallic minerals, or at the contact of granite 
intrusions with other rocks such as limestone. 


Most bismuth is produced from mines in China, Mexico, Peru, and Bolivia. 
Only one Bolivian mine was a primary bismuth mine; in other countries the 
bismuth is a by-product of mining other metals. In addition, an important part 
of world production is from the small amounts of bismuth in ores of other 
metals, which is recovered in Belgium and Japan from foreign ores which are 
shipped to those countries for smelting. The United States does not produce 
any bismuth, except small amounts through recycling. Recycled bismuth 
makes up less than 5% of U.S. consumption. 


Bismuth is a moderately priced metal, costing more than copper, lead, and 
zinc, but much less than gold or silver. 


Uses 


Bismuth is used in a number of very different applications. Almost none of 
the uses is for pure metallic bismuth. The majority is consumed in bismuth 
alloys, and in pharmaceuticals and chemicals. The remainder is used in 
ceramics, paints, catalysts, and a variety of minor applications. 


Alloys of bismuth are useful for many reasons: 


Bismuth and many of its alloys expand slightly when they solidify (freeze). 
This allows the bismuth to fill all corners of a mold to form a perfectly sharp 
replica of the mold or the item being replicated. This is also a valued property 
when used in soldering or plumbing (joining of pipes). 


Many bismuth alloys have a low melting point, sometimes even below the 
temperature of boiling water. Thus a bismuth-alloy casting can be covered by 
plastic or other material to form an intricate machine part. The bismuth-alloy 
core is then removed by simply melting it in hot water and pouring it out. The 
use of low-melting bismuth alloys is widespread in sprinkler systems in 
buildings. When the alloy melts in fire-heated air, the sprinkler becomes 
unplugged, and water sprays the fire. This application accounts for over one- 
third of the bismuth used in the United States each year. 


Bismuth metal is relatively inert and non-toxic. It has replaced toxic lead in 
many applications such as plumbing, bullets, birdshot, metal alloys, 
soldering, and other applications. 


Fourthly, many bismuth alloys are relatively soft and malleable. Malleable 
means that a metal can be hammered into thin sheets Bismuth is alloyed with 
iron to create what is known as "malleable irons." 


Bismuth compounds are used in stomach-upset medicines (hence the 
trademarked name Pepto-Bismol), treatment of stomach ulcers, soothing 
creams, and cosmetics. 


Industry uses bismuth in a variety of other applications. Bismuth is a catalyst 
in the production of acrylic fibers. Bismuth replaces lead in some ceramic 
glazes and paints, because bismuth is non-toxic. 


Substitutes and Alternative Sources 


Substitutes for the medical applications of bismuth include magnesia, 
alumina and antibiotics. Scientists have discovered that a glass bulb filled 
with glycerine can be used in place of bismuth as the triggering mechanism 
for fire sprinkler systems. The element indium can be used in place of 
bismuth in the manufacture of low-temperature solders. However, indium is 
extremely expensive, whereas bismuth is much cheaper. 


BORON 


Background 


Boron is a semi-metallic element, exhibiting some properties of a metal and 
some of a non-metal. [ts atomic number is 5 and its chemical symbol is B. In 
elemental form it is a dark, amorphous, unreactive solid. (An amorphous 
substance is one that does not form crystals.) 


Boron 1s used mainly not as the element boron, but as compounds of boric 
oxide (B203) and boric acid (H3BO3). Most people have never seen elemental 
boron. 


Name 


Boron was named for the mineral borax, thought to come from the Persian 
name burah for that mineral. Boron minerals, mainly borax, were traded over 


a thousand years ago, when sheep, camel and yak caravans brought borax 
from desert salt beds in Persia and Tibet to India and the Arab countries. 
There 1t was used mainly in making glass. 


The element boron was not identified and isolated until 1808, when Sir 
Humphrey Davy of England, and Joseph-Louis Gay-Lussac and Louis 
Jacques Thenard of France, discovered that boron could be produced by 
combining boric acid (H3BO3) and metallic potassium. 


Sources 


The major ores of boron are a small number of borate (boron oxide) minerals, 
including ulexite (NaCaBs509.8H2O), borax (Na2B4O05(OH)4.8H20), 
colemanite (Ca2B6011.5H20) and kernite (Na2B406(OH)2.3H2O). These 
minerals form when boron-bearing waters percolate into inland desert lakes 
and evaporate, leaving layers of borates, chlorides, and sulfates. These 
minerals are referred to as evaporite minerals. Very large deposits of 
evaporite boron minerals are found in the United States (especially 
California), Turkey, Chile and Argentina. Less-important deposits occur in 
Iran (formerly called Persia), and elsewhere. 


In addition, boron silicate minerals are mined as boron ores in China, Russia, 
and a few other countries. 


Turkey, the United States and Russia are the largest producers of boron 
minerals. Argentina, Chile, and China have important ore production, and 
five or six other countries produce minor amounts. The U.S. production is all 
from the deserts of southeastern California. 


In addition to its own production, the United States imports borate minerals 
and processed compounds, and exports a large amount of finished products 
containing boron. 


Uses 


Boron compounds are used for many different purposes in industry and the 
home. In the United States, boron is used to make glass, ceramics, and 
enamels, including fiberglass for insulation. 


Boron compounds are used to make water softeners, soaps and detergents. 
Other uses are in agricultural chemicals, pest controls, fire retardants, 
fireworks, medicine, and various minor applications. 


Boron is a chemical used to make boron nitride, one of the hardest known 
substances, for abrasives and cutting tools. 


The effect of boron on animals is under study. There is no evidence that 
boron is necessary for animal health, although in small quantities it might 
stimulate bone and muscle growth. On the other hand, it is an essential trace 
element for green algae and higher plants used in agriculture. 


Substitutes and Alternative Sources 


In detergents, boron compounds can be replaced with chlorine and enzymes. 
Lithium compounds can be used to make enamels and glass products. 
However, the known boron ores in the world should easily meet the world 
demand for boron compounds for many years to come. 


BROMINE 


Background 


Bromine is a reddish-brown fuming liquid at room temperature, one of only a 
few elements which is liquid. Bromine liquid has a very strong, irritating 
odor, and is reactive and rather poisonous. Its atomic number is 35 and 
chemical symbol is Br. 


Bromine is one of the four halogen elements, which are chemically related 
and show a systematic progression of physical and chemical properties. The 
other halogens are: fluorine, an extremely reactive gas; chlorine, a reactive, 
heavy gas; iodine, a relatively inactive solid; and astatine. 


Name 


Bromine compounds were in use long before bromine was identified and 
isolated. A purple excretion from certain mollusks was long ago used to make 
purple dye known as "Tyrian purple.” It is now known that this excretion is a 
bromine compound. 


Elemental bromine was discovered in 1826, by German and French scientists 
working independently. Important quantities of bromine were not isolated 
until 1860. Bromine was named from the Greek word bromos which means 
stench, a reference to its very strong odor. 


Sources 


It 1s no exaggeration to say that world bromine resources are unlimited. 
Seawater contains 63 parts per million (ppm) bromine, which translates into 
100 trillion tons of elemental bromine! In addition, approximately 1 billion 
tons of bromine is believed to be in the water of the Dead Sea in Israel. 
Underground brines in Poland, the United States and elsewhere contain 
millions of additional tons. 


A few bromine minerals have been identified, but none are important in 
commerce, because bromine compounds (bromides) are usually highly 
soluble in water, and tend to remain in solution in oceanic or underground 
brines. 


The United States and Israel are the world’s leading producers of elemental 
bromine. In the U.S., several companies produce nearly one-half of the 
world’s bromine supply from deep brine wells located adjacent to oil fields in 
Arkansas and, to a lesser degree, in Michigan. Israel produces approximately 
40% of the world’s supply from brines in the Dead Sea. The remaining comes 
from nine other countries, including some where bromine is extracted from 
seawater. 


Significant amounts of bromine are recovered by recycling the chemical 
sodium bromide. 


Uses 


Bromine and bromine compounds are used for a number of very different 
applications. Some bromine compounds are effective flame retardants, and 
nearly one-half of the bromine consumed annually is used in flame retardants 
for household and industrial applications. The agriculture industry uses 
bromine in pesticides. Bromine compounds are also used in oil-well drilling 
fluids, sanitary preparations, and an assortment of other applications 
including water purification chemicals, fumigants, dyes, medicines, and 
inorganic bromides (AgBr, silver bromide) used in films and photographic 
processes. 


While pure liquid or vaporous bromine are poisonous, most bromides are not 
especially harmful in small amounts. 


Substitutes and Alternative Sources 


Chlorine and iodine can be used in place of bromine for water purification 
processes and other sanitation applications. A number of different alcohols 
(methanol, ethanol, etc.) can be used in place of ethylene dibromide in 
gasoline. As digital photography and printing grows, there will be a reduced 
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You can easily form the leads of through-hole resistors by hand or by using a lead-bending jig, a 
small tool with accurately spaced notches. Traditionally, these resistors have their leads formed so as to 
be threaded through holes in a PCB, and then soldered to the PCB. The extra lead length on the bottom 
of the PCB is then clipped off. See Figure 3-10. 


Figure 3-10. Resistor leads are bent at right angles and inserted into holes in the PCB to be soldered. 


Schematic Symbols and Reference Designators 


The schematic symbol for a fixed-value resistor is a zigzag line. See Figure 3-11. Every component in 
your circuit should have a name, which is also called a reference designator. Typically, most reference 
designators will have a short letter abbreviation to describe what kind of part itis (Ris for resistor) and a 
sequential number assigned as more parts are added to the schematic. R1 would be the first resistor, R2 
would be the second resistor, and so on. 

If there is only one resistor in your circuit, then you don't have to number them, do you? You can 
just called it R, or Galactic Emperor R the Mighty, or whatever strikes your fancy. Most people stick to 
simple numbers. 

Your numbering scheme depends a lot on the complexity of your schematic. If you only have a few 
resistors in your circuit, you can start at one and go up as needed. If you have a complex circuit with 
many subcircuits, you might allocate R101, R102, R103, and so on, to the first subcircuit (e.g., a power 
supply), and then assigned R201, R202, and so on, to a different section, such as a display. It’s entirely up 
to you. Use a system that helps you keep track of things. 


need for silver bromide to make film. 


There 1s literally more bromine available cheaply than could ever be 
consumed at current rates, for many decades to come. 


CADMIUM 


Background 


Cadmium is a very soft, silvery-white metallic element. Its atomic number is 
48 and its symbol is Cd. It is so soft that it can be cut with a knife. Cadmium 
has many chemical similarities to zinc, but is less reactive with acids than is 
Zinc. 


Cadmium is clearly toxic to animals, and during the past few decades has 
become familiar to the public mainly due to its undesirable presence in 
fertilizers and elsewhere, rather than for its positive industrial applications. 
Metallic cadmium is rarely used industrially in pure form. 


Name 


Cadmium was discovered in 1817 by the German chemist Friedrich 
Strohmeyer. He noticed that some samples of zinc carbonate (calamine) 
changed color when heated. Pure calamine, however, did not. He surmised 
there must be an impurity present and eventually isolated it by heating and 
reducing the zinc carbonate. What he isolated was cadmium metal. 
Strohmeyer coined the name cadmium, derived from the Latin word cadmia 
which means calamine. 


Sources 
Because cadmium is located just below zinc and above mercury in the 


Periodic Table, its physical and chemical properties are rather similar to those 
of zinc, and to a lesser degree, mercury. Most cadmium in nature occurs as an 


atomic substitution for zinc in zinc minerals, usually making up less than 1% 
of the mineral. Only a few relatively pure cadmium minerals are known. The 
best known of these 1s the mineral greenockite (cadmium sulfide, CdS), but 
even this mineral forms rare and rather small crystals. 


In addition, cadmium can occur as an impurity in phosphate minerals. Some 
natural phosphate ores contain several hundred parts per million (ppm) of 
cadmium, and are thus undesirable to use as fertilizers. 


Most cadmium used in industry is recovered from sphalerite (zinc sulfide), 
the principle ore of zinc where cadmium atoms replace some of zinc atoms in 
the sphalerite. On a worldwide basis, zinc ores around the world average 
about 1/400" as much cadmium as zinc. Although some zinc deposits have a 
higher cadmium/zinc ratio than others, those countries producing zinc from 
zinc ores also have the potential to produce significant quantities of cadmium. 
The cadmium is removed when zinc metal is purified in a refinery. 


Cadmium is therefore produced in countries where zinc is refined, not 
necessarily in the countries where zinc ore is mined. China, Japan, and Korea 
are the world’s largest producers, with Mexico, the United States, the 
Netherlands, India, the United Kingdom, Peru, and Germany next. About 15 
other countries produce smaller amounts. 


Some cadmium is recovered from the recycling of nickel-cadmium batteries, 
which is required by law in some countries so that the cadmium is not 
discarded into the environment. 


Uses 


The single most important use of cadmium is in the production of nickel- 
cadmium ("Ni-Cad") batteries. About three quarters of the cadmium 
consumed annually is used to make batteries. Nickel-cadmium batteries are 
rechargeable and have found wide use in cellular phones, hand-held cordless 
power tools, cameras, portable computers, and a wide variety of household 
products. These applications account for the majority of the Ni-cad batteries 
produced. The remaining represents batteries used for emergency power 
supplies in hospital rooms, for emergency lights, telephone exchanges, etc. 


Cadmium is useful in a small number of other applications. Cadmium sulfide 
(also called cadmium yellow) is used as a paint pigment. Cadmium is used to 
make low-temperature melting alloys, such as solder and Wood’s Metal for 
indoor sprinkler systems. The latter is an alloy of 50%Bi, 25%Pb, 12.5% Sn, 
and 12.5%Cd which melts at about 160 degrees Fahrenheit, the temperature 
of a very hot shower. Cadmium compounds are used both in black and white 
and color television tubes. It is used as a stabilizing compound in plastics. 


Cadmium also has the physical property of being able to absorb neutrons. As 
a result, 1t is used in nuclear reactor control rods to dampen the nuclear 
reaction and keep the fission reactions under control. 


China is the world’s largest consumer of cadmium, primarily for 
manufacturing batteries. Worldwide consumption of cadmium is stable or 
slightly declining, as its use is becoming more restricted due to environmental 
rules. 


Soluble compounds of cadmium are poisonous, although the metallic and the 
sulfide forms are not soluble and therefore not very poisonous. 


Substitutes and Alternative Sources 


Due to the poisonous nature of cadmium, small Ni-cad batteries are being 
replaced by lithium-ion batteries and nickel-metal hydride batteries. This will 
obviously reduce cadmium consumption as this replacement increases. 
Presently, lithium-ion batteries are more expensive than Ni-cad, which will 
affect the pace at which this change occurs. Cerium sulfide can be used in 
place of cadmium sulfide as a paint pigment. 


World reserves of cadmium are more than adequate for the foreseeable future, 
especially since the amount of cadmium produced depends on zinc smelter 
output, not the market for cadmium. 


CEMENT 


Background 


The vast majority of cement is used to make concrete and concrete products. 
The manufacturing of and use of cement products make cement one of the 
most valuable and useful mineral products in the world. 


Cement manufacture involves a mix or raw materials, typically about 85% 
limestone (or similar rocks like marble or marl) with the rest mainly clay or 
shale. This mixture is heated until 1t nearly melts, and is then ground into a 
powder. It takes about 1.7 tons of raw materials to make 1 ton of cement. 


When cement is mixed water, it creates a paste. When that “paste” is then 
mixed with other materials, such as aggregates (sand, gravel and rocks), the 


paste binds them all together and makes an extremely tough and hard product, 
usually called concrete. The mixture hardens because a chemical reaction 
occurs between all of the mixed parts, not because the water “evaporates”. 
During this reaction, called hydration, crystals radiate outwards from the 
cement grains and mesh with other adjacent crystals or adhere to the adjacent 
aggregates. A typical mixture (by volume) to make concrete is about 10 to 15 
percent cement, 60 to 73 percent aggregates and 15 to 20 percent water. 


For all practical purposes, the only type of cement used in modern 
construction is called Hydraulic cement, and there are two major types of 
cement: portland cements and masonry cements. More than 95% of the 
cement produced in the United States is portland cement; masonry cement 
used for stucco, and mortar accounts for most of the balance. 


It is not known who invented portland cement but it was patented by Joseph 
Aspdin in England in 1824. He called it Portland cement because its color 
resembled the stone quarried on the Isle of Portland off the southern British 
coast. 


Name 


The name cement is derived from the Latin word caementum meaning rough 
stone. The name concrete 1s derived from the Latin word concretus; 
concretus 1s the past participle of the word concrescere meaning to grow 
together, to harden. 


Sources 


Cement manufacture requires an abundant, close by, supply of limestone or 
similar rocks. About two-thirds of the states in the United States make 
cement. These states produce about 90 million tons of cements each year; 
that’s more than 850 pounds of cement for every person living in the United 
States. The largest cement-producing states are California, Texas, 
Pennsylvania, Michigan, Missouri, and Alabama. Together these states 
account for 50% of the annual U.S. cement production. 


About 20% of the cement consumed in the Untied States is imported from 
other countries, with Canada, Thailand and China being the major suppliers. 


Uses 


About 75% of all the cement produced is used to make ready-mix concrete, 
which is used to make buildings, bridges, sidewalks, walls, and all sorts of 
constructed structures. The rest is used to make building materials such as 
concrete blocks, pipes, and pre-cast slabs, in road building and repairs, and 


other assorted uses. 
Substitutes and Alternative Sources 


Substitutes for cement and cement products include a variety of materials 
such as wood, glass, steel, aluminum, fiberglass, stone, clay brick, and 
asphalt. The substitute chosen depends on the item being constructed and the 
physical properties it needs to have. 


In the United States there is increased use of a material called pozzolans in 
place of concrete. Pozzolans are materials that, when mixed with lime, harden 
like hydraulic cement. These materials include some volcanic rock and some 
industrial by-products such as fly ash and blast furnace slag. 


CESIUM 


Background 


Cesium is a shiny, silvery-gold metallic element. Its atomic number 1s 55 and 
its symbol is Cs. It belongs to a group of elements called the alkali metals. 
Robert Bunsen and Gustov Kirchhoff from Germany discovered it in 1860 
when they were studying the minerals left by the evaporation of mineral 
waters. Pure cesium metal, however, was not prepared until 1882 by another 
scientist named Setterburg. 


The physical properties of cesium are very interesting. It 1s the softest of all 
metals and can even be cut with a knife. Some describe it as being like wax. 
Cesium is one of three metals that are liquid at or near room temperature (the 
other two are gallium and mercury). It is also a very reactive metal. For 
instance, when it mixes with cold water, there is an explosive reaction. Its 
melting point 1s so low that it will melt if it is held in the hand. However, 
because it is so reactive, it can seriously burn the skin, so it must be handled 
with great care. Cesium hydroxide is the strongest base known. 


Only a few thousand kilograms of cesium is used each year. This fact, plus 
the fact that cesium is so reactive to air and water, results in very high prices 


for cesium and cesium compounds. 


Cesium 1s not beneficial to animals or plants. 


Name 


When cesium burns, the light spectrum created contains two bright blue lines. 
Based on these blue lines, this element was named cesium after the Latin 
word caesius which means sky blue. 


Sources 


Most rocks typically contain very little cesium. Seawater also contains very 
little. Springs of mineral waters can contain as much as 9 mg/liter of cesium. 
However, there are a number of minerals that contain significant amounts of 
cesium, including mica, beryl, feldspar, petalite, and pollucite. 


Most cesium is retrieved from the mineral pollucite. This mineral is typical of 
a special igneous rock known as a pegmatite. 


The United States has low-grade deposits of cesium ore in South Dakota and 
Maine, from which it is presently too expensive to get the cesium out. As a 
result, the U.S. imports 100% of the cesium it uses and it imports nearly all of 
this cesium from Canada. Other nations producing cesium are Southwest 
Africa and Zimbabwe. 


Uses 


Cesium and cesium compounds have a number of interesting uses and 
applications. For example, they are used as catalysts in chemical reactions. 
Because it is easily ionized by light, metallic cesium is used in photoelectric 
cells and infrared detectors. (An element that 1s ionized is transformed from a 
neutrally charged element into an electrically charged ion.) Cesium 
compounds are used in specialized alkaline batteries that are designed to 
work in subzero climates. Cesium carbonate is used in the production of 
special glass and glass products. 


The most accurate clock in the world, the "atomic clock," measures time 
based on the very precise vibration of the electrons in the outer shell of the 
cesium atom. This clock is accurate within 5 seconds every 300 years! 


Cesium-137 is radioactive and may be used for radiation therapy to treat 
certain cancers. 


Space travel engineers have discovered that burning cesium in space is a very 
efficient form of fuel. It is determined to be 140 times more efficient than any 
other fuel. 


Substitutes and Alternative Sources 


Estimates of the world resources of cesium have not been calculated. 
Presently, the supply meets demand and it appears it will do so for many 
years to come. 


In addition, rubidium and rubidium compounds are as effective as cesium and 
can be used in place of cesium and its compounds. 


DIAMOND 


Background 


Name 
Sources 
Uses 


Alternative Sources 


Background 


Two different minerals are formed from the element carbon. One is graphite 
which is one of the softest minerals on Earth. The other is diamond which is 
the hardest substance on Earth (10 on Mohs' hardness scale). The difference 
in hardness is due to the way the carbon atoms attach to one another. In 
diamond, they attach in a three-dimensional manner that mineralogists 
describe as a framework. 


Diamond forms at extremely high temperatures and pressures, conditions that 
are only possible very deep in the Earth’s crust or even the upper mantle. 
Large diamonds, particularly large diamonds without flaws, are extremely 
rare. These flawless diamonds are very valuable as gemstones. The vast 
majority of diamonds are small, flawed and colored by dark impurities. These 
impure diamonds are used in industrial uses. 


Industrial diamonds make up more than half of the world’s production by 
weight. The weight of both gem and industrial diamonds is expressed in 


carats. One carat equals one fifth of a gram. 


Diamond crystallizes in the isometric (cubic) system, and regularly forms 
cubes and octahedra (an octahedra is an 8-sided "diamond-shaped" crystal; 
see below). 


In the diamond industry, the term "bort" is used for 
diamonds that have a rough, rounded form and which 
lack a distinct cleavage. Cleavage is the term used by 
mineralogists to describe the way some minerals break 
\ into flat surfaces. Bort refers to low grade, poor 
quality, industrial diamonds. 


<= Diamond crystal in "blue ground" rock. 


Used with permission. 
© 2001 Darryl Powell 


Name 


The name diamond 1s a corruption of the Greek word adamas which means 
invincible. It was given in reference to diamond’s great hardness. 


Sources 


Natural diamond has been discovered in approximately 35 different countries. 
Some diamonds have been found in the United States. Colorado, for instance, 
has produced a small number of diamonds. 


The following countries produce industrial grade diamonds: Australia, 
Botswana, Brazil, China, Congo, Russia and South Africa. 


Geologically speaking, natural diamonds are found in two environments. 
Most are found in kimberlites, which are pipe-like formations created as a 
result of volcanic and tectonic activity. Kimberlite is a blue rock typical of 
these pipes. The second source is placer deposits. The diamonds are easily 
weathered out of their kimberlite host rock and are washed away by streams 
and rivers. When these streams slow down, the diamonds are deposited in the 
stream sands in what are called placer deposits. 


It 1s interesting to note that "synthetic diamond" is the form of diamond 
predominantly used in industry. The process allows the removal of impurities 
and produces a product with consistent physical properties; most of the 
carbon comes from graphite. Synthetic diamond accounts for the majority of 
industrial diamond consumption. 


Uses 


Because it is the hardest substance known, diamond will cut through any 
material. Consequently, it is used as an abrasive and in cutting and grinding 
applications. Industrial diamonds are embedded in large steel drill bits to drill 
into rock for wells to find water, oil, and natural gas. It is also important in 
the manufacture of machinery for drilling and cutting metal machine parts. 


The United States is by far the world’s largest consumer and market for 
industrial diamonds. It is predicted that the U.S. will lead the world in 
diamond consumption well into the 21“ century. 


Substitutes and Alternative Sources 


The mineral corundum can be used for some grinding and cutting 
applications since it is also an extremely hard mineral (number 9 on Mohs' 
hardness scale). Some manufactured materials can also be used in place of 
diamond, including carbon boron nitride, fused aluminum oxide, and silicon 
carbide. 


DIATOMITE 
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Diatom photographs used with permission of the University of Michigan, Great Lakes 
Diatom Project. For further information, refer to their website 


http://www.umich.edu/-phytolab/GreatLakesDiatomHomePage/groups/majorgroups.html 


Background 


A diatom is an organism that is a member of the phylum of algae called Bacillariophyta. 
There are about 60,000 species of these algae presently known. Experts estimate that there 
are more likely 600,000 to 6,000,000 species in total! 


Diatoms are single-celled (unicellular) organisms that live as individuals or in groups 
called colonies. They exist in all the waters of the Earth, both salt and fresh. They form 
shells made out of silica (the mineral name of this silica is opal) which they extract from 
the water. As can be seen in these pictures, their microscopic shells are very intricate and 
beautiful and have rightly been called "the jewels of the sea." Diatoms are very abundant 
and provide food for many aquatic animals. 


When diatoms die, their silica shells accumulate on the floor of the body of water in which 
they lived. Thick layers of these diatom shells have been fossilized (that 1s, preserved) in 
the rock record. Such layers, or beds, of diatoms are called diatomaceous earth, or 
diatomite. Diatomaceous earth is white to cream color. It is very porous which makes it 
useful in a number of filtering applications. 


Name 


The name diatom comes from a Greek word diatomos that means cut in half, because the 
shells of diatoms have two overlapping, symmetrical halves. 


Sources 


In the United States, large deposits of diatomite are found in California, Nevada, 
Washington and Oregon. Of these states, California and Nevada produce the largest 
amount of diatomite. Significant producers of diatomite worldwide include France, China, 
Denmark, Russia, and Algeria. Diatomite resources worldwide will meet demand for the 
foreseeable future. However, new deposits that can be economically mined need to be 
identified. 


The United States produces much of its own diatomite material. Still, some is imported 
from France, Mexico, and other nations. 


Uses 


Because of its porosity, diatomite has been used extensively as a filter for a variety of 
purposes. It is used to filter impurities out of everything from beer and wine to oils and 
greases. Similarly, diatomite is used to filter impurities from water to produce drinkable 
(potable) water in public water systems. In this situation, the diatomite removes bacteria 
and protozoa. 
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Figure 3-11. The schematic symbol for a fixed-value resistor is a zigzag. The reference designator for this 
resistor is R1 and its value is 10,000 ohms, or 10KQ. A simple rectangle symbol is also used to represent 
resistors, although many components are available in this physical form factor. Use the symbol you like 
best. 


Standard Resistor Values and Tolerances 


Remember how wires have their own peculiar numbering scheme to describe their basic characteristics 
(i.e., the AWG, which uses smaller numbers to represent larger wires)? Well, resistors have their own 
peculiar numbering system as well to describe their electrical properties, or value. Even though the value 
of a resistor is measured in ohms and succinctly describes its characteristic resistance, not every possible 
value is readily available. 

Some smart cookies at the Electronics Industries Alliance (EIA; see 
http: //www.ecaus.org/eia/site/index.html#) have come up with some standard values that fill in most 
of the commonly used values for resistors and other components. Their scale is not linear but 
logarithmic, meaning that it takes larger steps as the values go up. This makes a little more sense once 
you understand how component value tolerances work. 

You can buy, for example, a 1Q resistor and expect it to be pretty close to being 10 at room 
temperature, but it’s not going to be exactly 1Q. It’s going to be pretty close. How close? Well, that mostly 
depends on how much money you're willing to spend on this single resistor. If the answer is “not that 
much,” then “pretty close” is going to mean within 5 percent of the stated value. That means your 1Q 
resistor could actually measure as little as 0.95Q or as much as 1.05Q and still be “within tolerance.” 
Five-percent resistors cost only a few cents even in small quantities. 

Given that there’s a little wiggle room for each resistor value, people who can tolerate their resistor 
values being off by as much as 5 percent don’t need to be ordering 50 resistors of 0.99Q and another 50 
of 1.019 when they could just as easily (and certainly less expensively) order 100 resistors of 1Q with a 5 
percent tolerance. 

This overlap in the values of the resistors allows us to skip from 1.0Q to 1.1Q without having to keep 
track of all the little resistors in between. This is because a 1.19 resistor could measure as little as 1.050 
or as much as 1.15Q and still be in tolerance. 

With a standard resistor tolerance of 5 percent, we can use just 24 values to cover the range between 
1Q and 100. The same multiples can then be used to cover the range between 10Q and 1000, and so on. 
Aren't logarithms fun? See Table 3-2. 


Table 3-2. The E24 Standard Values for 5 Percent Resistor Value Tolerances (Higher and Lower Decades 
Are Also Available) 
1010 | 100 | 1.0K | 10K | 100K 


p dad f 110 | 11K | 11K | 110K | 11M | 
1219 | 120 | 1.2K | 12K | 120K | 12M | 


| 1313, | 130 | 1.3K | 13K | 130K | 13M 
21515 | 150 | 15K | 15K | 150K | 15M | 


71 


The oldest use of diatomite 1s as a very mild abrasive and for this purpose has been used in 
toothpaste and metal polishes. 


It is also used in paper, paint, brick, tile, ceramics, plastics, soaps, detergents and other 
products as a filler. A filler is a substance that increases the volume of a product and/or 
fills in space. 


Diatomite has also found value as an insulating material in high-temperature mechanisms 
like furnaces and boilers. It has also proven effective as a sound insulator. 


Substitutes and Alternative Sources 


Diatomite 1s easily replaced by other materials for most of its applications. For example, 
silica sand and an expanded form of the material perlite can be used in filtration 
applications. Talc, ground lime, ground mica, and clay can be used as filler material. 
Despite these many options, its ready availability, abundance and low cost will guarantee 
its use for many decades to come. 


GALLIUM 


Background 


Gallium is a soft, silvery metallic element, with an atomic number of 31 anda 
symbol of Ga. The French chemist Paul-Emile Lecog de Boisbaudran 
discovered gallium in 1875. Its existence was predicted in 1871 by a chemist 
named Mendeleev who said that gallium would be very much like aluminum 
in its physical properties, which proved to be quite accurate. In 1875, de 
Boisbaudran also isolated gallium by electrolysis of a solution of gallium 
hydroxide Ga(OH)3 in potassium hydroxide (KOH). 


Gallium has some physical properties that are worth noting. Like water, 
gallium expands as it freezes which means it becomes less dense. Solid 
gallium has such a low melting temperature (85.6° F, 29.8° C) it will turn to 
liquid when held in the hand! It is a liquid over a wider range of temperatures 
than any other element. By contrast, the boiling point of gallium is unusually 
high (3999° F, 2204° C). 


Studies have shown that gallium is not useful to living organisms, although 
gallium and gallium compounds do not appear to be toxic. 


Name 


One theory says that the name gallium comes from the Latin word for France, 
Gallia. Another theory, however says that its discoverer, Paul-Emile Lecoq de 
Boisbaudran, may have taken the name from the Latin word gallum which 
means the cock, a reference to his own name (Lecoq). 


Sources 


Gallium does not easily combine with other elements or ions to form ore 
minerals. It is, however, found as a trace element in a number of minerals and 
ores, the most important of which is bauxite (aluminum ore). In fact, gallium 
is a by-product of aluminum production. On average, there is 50 ppm (parts 
per million) of gallium in bauxite. Based on this average, known U.S. bauxite 
deposits could produce 15 million kilograms of gallium. Two million 
kilograms are in the Arkansas bauxite deposits alone. World bauxite 
resources are so large (estimated at 55 to 75 billion tons) that gallium could 
be retrieved from these ores for many years to come. 


It is also found in zinc ore (sphalerite) and in coal. Some U.S. zinc deposits 
have 50 ppm gallium. Although zinc deposits are a secondary source after 
bauxite for gallium, they may be a significant source of gallium in the future. 


Gallium is not produced from ore in the United States, but some is produced 
from scrap and impure metals. Consequently, nearly all gallium consumed in 
the U.S. is imported. Gallium imports are from France, the leading refiner of 
gallium metal, Russia, Canada, Kazakhstan, and other countries. 


Uses 


Gallium is used in a variety of highly specialized electrical applications. 
Gallium arsenide (GaAs) is able to change electricity directly into laser light. 
Such gallium arsenide products represent the majority of annual gallium 
consumption. These products are used for lasers, photo detectors, light- 
emitting diodes (LEDs), solar cells, and highly specialized integrated circuits, 
semi-conductors and transistors. 


Gallium is important in some sophisticated physics experiments. The search 
for a particle known as a solar neutrino involves enormous amounts of 
gallium. Two such experiments used a total of 90 tons of gallium in the quest 
to detect these particles. 


Because of its high boiling temperature, gallium is used to make 
thermometers designed to measure very high temperatures. 


Gallium is also used in making mirrors. 
Substitutes and Alternative Sources 


Silicon can be used in place of GaAs in solar cell applications. Gallium 
arsenide circuits are very specialized and do not have a substitute. Though 
there is little chance of running short of gallium in the foreseeable future, 
alternative sources, such as zinc deposits, might one day become important as 
the more easily accessible sources are used up. 


GERMANIUM 


Background 


Germanium is a metallic-looking, grayish-white element. Despite its metallic 
appearance, it is not considered a metal, but a metalloid. This means that in 
some ways it is like a metal (for instance, its metallic appearance) but in other 
significant ways it is more like a non-metal (for instance, it is not as good a 
conductor of electricity as true metals are). Its atomic number is 32 and its 
symbol is Ge. 


Germanium was discovered in 1886 by the German chemist Clemens A. 
Winkler. Winkler discovered germanium in the mineral argyrodite. However, 
germanium rarely forms distinct minerals. The existence of germanium was 
predicted in 1871 by the chemist Mendeleev. He predicted this new element 
would have properties very similar to silicon. His predictions ultimately 
proved to be very accurate. 


Germanium is not necessary to human health; however, its presence in the 
body does stimulate metabolism. In addition, studies indicate it also plays a 
role in the function of the immune system. 


Name 


Clemens Winkler named germanium from the Latin word Germania meaning 
Germany. 


Sources 


Germanium was first discovered and isolated from a specimen of the mineral 
argyrodite. However, there are no significant argyrodite deposits. Germanium 
is retrieved as a by-product of zinc and copper-zinc-lead ores where it 1s 
found as a trace element. Germanium also occurs in significant quantities in 
carbon-based materials such as coal (though not all coal contains 
germanium). 


Two U.S. companies in New York and Oklahoma refine ore material to 
produce pure germanium. Worldwide, about one-fourth of the germanium 
consumed comes from recycled metals, particularly metals used in the 
manufacture of electronic and optical devices. 


Of the germanium imported into the United States, almost all comes from 
Belgium, China, and Russia. 


Uses 


Germanium is a metalloid. It does conduct electricity, but not as well as true 
metals. Therefore, it is described as a semiconductor. Consequently, 
germanium is important in the electronics industry where it is used to make 
transistors and semiconductors. The fiber optic industry uses a large portion 
of the germanium consumed annually. 


It is also used as a catalyst in the production of polymers. Because infrared 
radiation can pass through germanium, it is used in infrared equipment and 
applications. It is also used in some other applications, including 
chemotherapy for treating certain cancers. 


Substitutes and Alternative Sources 


Germanium has been commercially retrieved from coal ash. Coal ash might 
one day become a significant source of germanium. 


Silicon can be used in place of germanium for many electronic applications. 
Silicon is also less expensive. It has been found that zinc selenide and 
germanium glass can be used in place of germanium in some infrared 
equipment; however, these substances do not work as well and germanium is 
much preferred. 


As a catalyst in PET (polyethylene terephthalate) plastics used in beverage 
containers, germanium has a few substitutes. Titanium does not give as clear 
a plastic product. An aluminum-based catalyst is also currently being 
developed. 


HAFNIUM 


Background 


Hafnium is a bright silver, ductile, lustrous metallic element with a very high 
melting point. Its atomic number is 72 and its symbol is Hf. Hafnium is the 
45th most abundant element in the Earth’s crust with an average crustal 
abundance of 3 ppm (parts per million). The element was discovered by Dirk 
Coster and George Charles von Hevesey by separating it from zirconium in 
1923. 


Hafnium does not react with air, water, acids or bases. It is similar to the 
element cadmium in that it absorbs neutrons. This feature makes hafnium 
useful as a control rod material in nuclear reactors. 


There is no biological use or benefit for hafnium. It is present in ocean water 
in very small amounts, specifically 0.008 ppb by weight (parts per billion). 
For comparison, hafnium is far more concentrated in the Earth’s crust at 
3,300 ppb by weight. 


Name 


The name hafnium was given by its Danish discoverers, Coster and von 
Hevesey, and was created from the Latin name Hafnia which means 
Copenhagen, in honor of the capital city of Denmark. 


Sources 


Hafnium is retrieved as a by-product from zirconium ore minerals. In a 
typical zirconium ore, there is a Zr:Hf ratio of about 50:1. The mineral zircon 
is the primary ore source of hafnium. Most zircon (and, therefore, hafnium) is 
mined from titanium-rich, heavy-mineral sand deposits. Hafnium and 
Zirconium are both used in nuclear reactors. In this application, each must be 
pure and free from the other. The manufacture of nuclear-grade zirconium 
therefore produces hafnium as a by-product and, the manufacture of nuclear- 
grade hafnium produces zirconium as a by-product. This processing actually 
produces more hafnium than is consumed. Unused hafnium is stored as 
hafnium oxide or hafnium metal. Geologists estimate the hafnium resources 
in the United States total 130,000 tons. (By comparison, zirconium resources 
are about 14 million tons.) World resources of hafnium are estimated at over 
1 million tons. Hafnium is imported to the United States in a variety of forms, 
including hafnium oxide and scrap metals containing hafnium. The majority 
of the hafnium imported comes from France. Other world producers of 


hafnium-bearing minerals include Germany, the United Kingdom, Brazil, 
China, India, Russia, South Africa, Ukraine, and the United States. 


Zircon crystal from 
Colorado. © 2000 Darryl 
Powell. Used with 
permission. 


Uses 


The most significant use of 

hafnium is in the production 
of special alloys known as superalloys. Superalloys are alloys (mixtures) of 
metals that are designed to withstand high-stress situations, such as very high 
temperatures and pressures. Such metals can include iron, nickel, chromium, 
titanium, niobium, hafnium and other metals. Because of its ability to absorb 
neutrons, it is used to control nuclear reactions in fission reactors, including 
the nuclear reactors that power nuclear submarines. Hafnium is also used as a 
“scavenger” metal in the retrieval of oxygen and nitrogen. A scavenger metal 
is one which aids in the collection of gases without reacting with them to 
form other compounds. 


Substitutes and Alternative Sources 


Silver-cadmium-indium alloys can be used in place of hafnium as control 
rods in nuclear reactors. In the production of superalloys, zirconium can often 
be used in place of hafnium. In some applications, only hafnium gives the 
desired qualities and so no substitute is possible. However, the abundance of 
hafnium in storage (and the fact that its production outpaces its consumption) 
means there is no immediate danger of running short of this rare element. 


HELIUM 


Background 


Helium is a very small and extremely light gaseous element. It is odorless and 
tasteless. It is the least reactive of all elements: that is, it is inert and is not 
known to react with any other element or ion. As a result, there are no 

helium-bearing minerals. However, helium is given off as a by-product of the 
breakdown of radioactive elements in rocks and minerals. 


Helium was not first discovered on Earth; it was first discovered in the Sun! 
In 1868, the chromosphere of the Sun was studied during a solar eclipse. The 
study was done using an instrument that breaks a light into its spectrum, like 
a prism breaks sunlight into its rainbow colors. The instrument used is called 
a spectrometer. The French astronomer Janssen studied the spectrum 
produced during this event, and concluded that a new, yellow stripe was due 
to an element not previously known. In 1895, Sir William Ramsay proved the 
existence of helium on Earth in his studies of a radioactive ore material from 
Norway (the discovery of radium in 1898 showed that helium was indeed a 
by-product of the natural breakdown of radioactive elements). Helium was 
discovered to be an element by Norman Lockyer and Edward Frankland of 
England. 


Studies of the molecules in the Earth’s atmosphere show that helium makes 
up .0004% of the atmosphere. In other words, there is one helium molecule 
for every 200,000 air constituents molecules (which includes oxygen, 
hydrogen, nitrogen, helium, etc.). 


There is no helium in the human body, and since it is so inert, helium is not 
harmful to any life form. 


Helium can be cooled enough to liquefy it; however, it is the only element 
that cannot be frozen solid at very low temperatures. 


Name 


Since helium was first discovered by studying the Sun, its name was derived 
from the Greek word for sun, helios. 


Sources 


Some natural gas deposits have as much as 7% helium. Such deposits have 


been found in Texas, Russia, Poland, Algeria, China and Canada. Helium 
extracted from these natural gas reserves is the single source of helium. 


It is believed the world helium resources — excluding those of the United 
States — totals 15.1 billion cubic meters. It is estimated that the United States 
has helium resources of 11.1 billion cubic meters. 


Uses 


Because it is inert, liquefied helium has a number of applications. It is used in 
cryogenics to freeze biological materials for long-term storage and later use 
(24%). It is also used in welding and to create controlled atmospheres. It is 
used to detect leaks in pipes. Its inert nature makes helium useful for cooling 
nuclear power plants. 


Since helium molecules are so small, mixtures of helium and oxygen have 
proven to be useful in treating people with severe asthma or lung problems. It 
is also mixed with oxygen for use in deep-sea diving. 


Most people are certainly familiar with the use of helium as a lighter-than-air 
substance. It holds up our birthday balloons. The motorized blimps that hover 
over sports stadiums are held up by helium. They are, in reality, very large 
balloons. 


Substitutes and Alternative Sources 


For super cold applications (particularly, at temperatures below —429 degrees 
F) there is no adequate substitute for helium. Another inert gas, argon, can be 
used in place of helium for some welding applications. Hydrogen can also be 
used in place of helium, but only in situations where the explosive nature of 
hydrogen will not be a problem. Hydrogen might be a good substitute for 
helium in some deep-sea diving situations. 


INDIUM 


Background 


Indium 1s a soft, silver-white metallic element. Its atomic number 1s 49 and its 
chemical symbol is In. Indium was discovered in 1863 by the German 
chemists Ferdinand Reich and Heironymous Richter. They not only 
discovered this element, but also were the first to isolate pure indium. It was 
at first believed to be very rare. It is now known that it is relatively abundant 
in some but not all zinc sulphide (sphalerite or ZnS) ore deposits. Indium is 
very stable in both air and water; it does react with some acids. It forms only 
a very few rare minerals, such as indite, which 1s never abundant enough to 
be an ore of indium. 


Indium has the unusual physical property that when it 1s bent (that 1s, when it 
is stressed) it creates a sound similar in pitch to a scream. 


Indium is not necessary for any biological purpose. It has been shown that 
small amounts of indium cause an increase in metabolism. 


Name 


Indium was named after indigo, a significant color line in its atomic 
spectrum. 


Sources 


Indium is retrieved as a by-product of zinc ores, specifically from the mineral 
sphalerite, where its abundance can be as high as almost 900 parts per million 
(ppm) or as low as 1 ppm. By comparison, the average abundance of indium 
in the Earth’s crust 1s about 240 parts per billion (ppb). Indium can also be 
found in significant amounts in lead, copper, and tin ores. The highest 
concentrations of indium can be found in tin ores, and a large part of the 
indium production in Russia comes from tin ores. 


Presently, indium is not recovered from ores in the United States. A small 
number of companies process low-grade indium metal and refine it to higher- 
grade indium. A small amount of indium is recovered by recycling old scrap 
which contains indium. The recycling of scrap from new technologically- 
advanced products is becoming a more significant source of indium. 


Presently the United States imports all of 1ts indium supply. The amounts 
imported each year vary but generally the majority of indium 1s imported 
from Canada, with significant amounts from China, Russia, France, and other 
nations including Belgium, Italy, Japan and Peru. 


Uses 


Indium is used to make what are called thin film coatings which are used to 
make such electronic devices as liquid crystal displays (LCDs). The 
compound indium-tin oxide (ITO) is used to make LCDs and this is the 
largest use of indium, accounting for 50% of annual consumption. Indium, as 
indium phosphide, is used to make photovoltaic devices (devices that 
transform light energy into electricity), semi-conductors, high-speed 
transistors, specialized solders and metal alloys. Indium alloys have been 
used in control rods for nuclear reactors. 


Substitutes and Alternative Sources 


Some compounds can be used in place of indium compounds for a number of 
its applications, but usually at a cost in product efficiency or product 
characteristics. For example, hafnium can be used in place of indium in 
nuclear reactor control rods. Gallium arsenide can be used to make 
photovoltaic cells and LCDs in place of indium phosphide. 


IODINE 


Background 


Iodine is a shiny blue-black solid element. Its atomic number is 53 and it is 
grouped with other elements that, together, are called the halogens, although 
iodine is the least reactive of the elements in this group. The French scientist 
Bernard Courtois discovered it in 1811 when he treated seaweed ash with 
sulfuric acid. 


When iodine is heated, it sublimates, that is, it goes from a solid to a vapor 
without going through the liquid phase. 


Iodine is essential to many life forms, including humans, and is found in 
thyroid hormones. A lack of iodine in the body will result in a condition 
known as a goiter where the thyroid gland in the neck becomes enlarged. In 
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1616 | 160 | 16K | 16K | 160K | 1.6M_ 
| 1.818} | 180 | 18K | 18K | 180K | 1.8M | 
| [200 | 20K | 20K | 200K | 20M 
| | 220 | 2.2K | 22K | 220K | 2.2M 
| $ [240 | 24K | 24K | 240K | 2.4M 
| [270 | 27K | 27K | 270K | 2.7M 
| | 3500 | 3.0K | 30K | 300K | 3.0M 
| | 330 | 33K | 33K | 330K | 3.3M 
| | 360 | 3.6K | 36K | 360K | 3.6M 
| | 390 | 3.9K | 39K | 390K | 3.9M 
| | 430 | 43K | 43K | 430K | 4.3M 
| | 470 | 47K | 47K | 470K | 4.7M 
— | 510 | 51K | 51K | 510K | 5.1M 
| | 560 | 56K | 56K | 560K | 5.6M 
— | 620 | 6.2K | 62K | 620K | 6.2M 
| | 680 | 68K | 68K | 680K | 6.8M 
| 1750 | 75K | 75K | 750K | 7.5M 
| [820 | 82K | 82K | 820K | 8.2M 
| [910 | 91K | 91K | 910K | 9.1M_| 


Color Codes 


Even the old-fashioned through-hole parts are a bit too small to legibly label with a numeric value and 
tolerance factor. A system of color codes was developed to designate resistor values, using colors to 
represent both single digits, a power-of-ten multiple, and the resistor’s tolerance. These colors are 
painted on the resistors in bands. A little memorization and careful practice will have you reading 
resistor color codes in no time. 

For 5 percent tolerance resistors, only four bands are needed to completely specify the resistor's 
value and tolerance. The first two bands represent the first two significant digits of the value. The next 
value is the multiplier. The final value is a special case to tell the resistor’s tolerance. 

The first two bands, as well as the multiplier value, use the color codes shown in Table 3-3 to 
represent the digits 0 through 9. (Unfortunately, these colors were chosen before the subtleties of 
colorblindness were widely understood.) 


Table 3-3. The Resistor Color Codes for the Significant Digits and Multiplier Digit of the Resistor's Value 
| 1Brp wn | 
| 5Green 
7Violet 
8 Gr 

{ 


| 7 Vig 
| 8Gray | 
| 9Whi te 
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order to assure an adequate amount of iodine in the diet, table salt is iodized. 
This approach has greatly reduced the incidence of goiter since so many 
people regularly use table salt. 


Name 


Iodine was named from the Greek word ¡odes which means violet in reference 
to 1ts color. 


Sources 


Iodine is primarily retrieved from underground brines (water with many 
dissolved salts and ions) that are associated with natural gas and oil deposits. 
It is also retrieved as a by-product with nitrate deposits in caliche deposits. 
Chile’s production of iodine is from this source. Seawater contains 0.05 ppm 
(parts per million) iodine which means that there are approximately 76 billion 
pounds of iodine in the world’s oceans. Iodine was first discovered in 
seaweed. Dried seaweeds, particularly those of the Liminaria family, contain 
as much as 0.45% iodine. Seaweed was a major source of iodine before 1959. 
Seaweed is a significant source for iodine in the diets of many people around 
the world. Production from caliche is presently the most economical of the 
options listed here. 


Chile is the world’s leading 1odine producing nation. Japan is second. Russia 
also produces significant amounts of elemental iodine. 


Uses 


Iodine is used in a number of chemical and biological applications. Silver 
iodide is used in photography. Iodide is used as a disinfectant. Iodine 
compounds are used as a catalyst. It is used as a supplement in animal feeds. 
Potassium iodine 1s included in table salt as a simple way to assure adequate 
iodine in the human diet. It is also used to make inks and colorants. 


Substitutes and Alternative Sources 


For many of iodine’s uses, there is no adequate substitute. For example, other 
substances cannot replace its applications in pharmaceuticals, and human and 
animal nutrition. There are some chemical applications for 10dine that can be 
accomplished using other chemicals. For example, bromine and chlorine can 
be used in place of iodine for ink and colorant purposes, and for disinfectant 
purposes. 


NITROGEN 


Background 


Nitrogen is the most abundant gas in the atmosphere: 78% of the Earth’s 
atmosphere is nitrogen, 21% oxygen, and 1% other gases like carbon dioxide, 
argon and water vapor. Nitrogen is a gas that is relatively non-reactive, non- 
flammable, colorless, and odorless. It is an element and its symbol is N. 
Nitrogen is released into the atmosphere from volcanic eruptions and when 
dead plants and animals decay. 


During the 18th century, scientists knew that the atmosphere is composed of 
at least two gases; they thought that one supports life (oxygen) and the other 
does not support life. The Scottish scientist Daniel Rutherford, who 
discovered nitrogen in 1772, called it “noxious air.” 


Actually, both nitrogen and oxygen support life. The circulation of nitrogen 
through life forms and the atmosphere is known as the Nitrogen Cycle. The 
cycle begins when microbes remove nitrogen from the atmosphere and use it 
to make nitrates and other nitrogen compounds. Plants and algae absorb these 
compounds into their tissues. Organisms then eat these plants and the 
nitrogen is absorbed and assimilated into their tissues. When living organisms 
die, microbes break down their tissues into ammonia (this is called 
ammonification) which either evaporates into the air or is used again by 
microbes to create nitrates. The nitrogen cycle then begins again. 


Nitrogen is essential to life: all plants and animals need it to grow properly. In 
fact, nitrogen is a basic building block of biological molecules such as 
proteins. Proteins are made up of smaller molecules such as amino acids and 
nucleic acids (DNA, RNA). It is the fourth most abundant element in the 
human body. 


Nitrogen is seldom sold and used as a gas. It is nearly always combined with 
other elements, the most common of which is hydrogen to form ammonia. 
Nitrogen in this state is called “fixed nitrogen” because it is fixed or attached 
to another element. This fixed nitrogen is the form in which nitrogen 1s sold 
and consumed. 


Name 


The name nitrogen was created from the Greek words nitron genes which 
means nitre and forming. "Nitre" is a common name for the chemical 


compound potassium nitrate. 
Sources 


Some minerals containing nitrogen can occur in deposits large enough to be 
mined for their nitrogen content. Sodium and potassium nitrate mineral 
deposits are mined in the Atacama Desert of Chile. This, however, 1s a minor 
source of nitrogen. 


Nearly all nitrogen is taken from the atmosphere. In a chemical reaction, air 1s 
made to react with hydrogen (which itself is retrieved from natural gas 
deposits) to make ammonia gas (NH3). The ammonia is then combined with 
other molecules to create a number of end products. 


China is the world’s largest ammonia producer and consumer; the United 
States is the world’s second largest ammonia producer and consumer. The 
United States produces much of the nitrogen needed for industry, all in the 
form of ammonia. Because natural gas is a component of ammonia, ammonia 
production plants are being built in locations where there are large natural gas 
deposits. In most cases, natural gas is less expensive in these locations. Some 
ammonia plants in areas with higher cost natural gas and fewer reserves, such 
as the United States and Europe, are being shut down. More than half of the 
ammonia made in the United States is made in Louisiana, Oklahoma and 
Texas, because these states have significant natural gas deposits. More than 
80 nations produce ammonia. 


Of the U.S. ammonia imports, the majority comes from Trinidad and Tobago, 
approximately one-third from Canada, and the rest from Mexico, Venezuela, 
and other nations. The United States also imports ammonia from Russia and 
the Ukraine. 


Uses 


The single greatest use of nitrogen is as fixed nitrogen in ammonia 
compounds. In the United States, the majority of ammonia consumption is for 
the production of fertilizers. 


Nitrogen compounds are very explosive, and as such are used to make 
explosives. 


Nitrogen and ammonia also have a number of other interesting uses. Liquid 
nitrogen is used to freeze cells in a process called cryogenics. The oil industry 
uses liquid nitrogen to create pressure in oil wells to force crude oil to the 
surface. Ammonia is used as a refrigerant, to freeze food and food products 
and for transporting food products. Ammonia is also important in the 


production of plastics, resins and synthetic fibers. 
Substitutes and Alternative Sources 


There is no substitute for nitrogen in plant nutrition. It 1s a basic element of 
life for plants and animals. 


PEAT 


Background 


Peat 1s the partially decomposed remains of plant material, especially 
sphagnum moss. It is found in a wetlands environment where the addition of 
new plant material 1s faster than the decomposition of the accumulated plant 
material. A number of essential conditions that contribute to peat formation 1s 
provided in a wetlands: the plant material remains waterlogged, the 
temperature 1s low and there is a lack of oxygen both of which slow 
decomposition. “Wetlands” include floodplains, marshes, swamps, and 
coastal wetlands. 


Peat 1s the first material formed in the process that transforms plant matter 
into coal. As coal formation progresses, volatile materials like water are 
driven off, and the percentage of carbon content of the material increases, 
making it increasingly dense and hard. 


The majority of the peat harvested is called reed-sedge peat. The other 
harvested forms are sphagnum moss, humus and hypnum moss . 


Name 


The word peat has its roots in the Old Celtic root word pett- meaning piece in 
reference to a piece of peat that had been cut from a bog. 


Sources 


In the United States, Florida, Michigan, and Minnesota are the leading 
producers of peat, although 20 of the contiguous states and Alaska produce 
peat. The United States is estimated to have 110 billion tons of peat, and that 
approximately one-half of it is in presently undisturbed areas of Alaska. 


Of the peat that is imported into the United States, most comes from Canada. 
Other significant producers of peat are Belarus, Estonia, Finland, Germany, 
Sweden, Lithuania and Russia. It is estimated that world resources of peat are 
2 trillion tons. 


Uses 


Approximately 95% of the peat consumed is in agriculture and horticulture 
for soil improvement (peat retains large amounts of water and liquid 
fertilizer), potting soils, for earthworm farms, and golf course maintenance. It 
is also used for other gardening and agricultural applications such as packing 
plants and growing mushrooms and vegetables. In some parts of Ireland, peat 
is burned in fireplaces to heat homes. 


Because peat is so absorbent, it is used in industry to absorb oil spills. This 
same quality makes peat a good material to filter contaminants from water. 
Peat has also been used as a sterile absorbent in such products as diapers and 
feminine hygiene products. 


Substitutes and Alternative Sources 
Natural materials (leaves, plants, vegetable matter, etc.) can be composted. 
These materials compete for some peat applications (improving soil, for 


instance). But most products do not match the superior absorbent qualities of 
peat. 


PERLITE 


PERLITE 


Rock | Crushed di Expanded 


Perlite image courtesy of Redco II at www.perlite.net 


Background 


Perlite is a type of volcanic glass that expands and becomes porous when it is 
heated. When heated, it can expand to as much as twenty times its original 
volume. This expansion is the result of heated water: when the glassy lava 
rock is heated to 1600 degrees F (871 degrees C), the water molecules 
trapped in the rock turn into vapor which causes the rock to expand. (This is 
the same principle as the water in pop corn that causes the kernel to pop when 
it is heated.) Before it is expanded, perlite is commonly gray, but can also be 
green, brown, blue or red. After it has been heated, perlite is typically light 


gray to white. 


Volcanic glass forms when molten rock (lava) pours out of a volcano and 
cools very, very quickly. Because is cools so quickly, there is no time for 
crystals to form or for water to escape. Instead, the lava hardens immediately 
into this glass-like material containing 2-5% water. It is a silicate rock, which 
means that it has a high percentage of silica (S1). 


Perlite 1s known in industry in two forms. Crude perlite is prepared by the 
crushing and screening of perlite into various size fractions. Expanded perlite 
is perlite after it has been heated. 


Name 


The name perlite (also spelled pearlite) comes from the French word perle 
which means pearl, in reference to the “pearly” luster of classic perlite. 


Sources 


Unfortunately there is limited information about perlite production and 
consumption in the world. However, it is still accurate to say that the United 
States is one of the world’s largest producers and consumers of crude perlite 
and expanded perlite. A number of western states including Utah and Oregon 
produce perlite, with New Mexico being the most important perlite-producing 
state. 


The United States, however, is not the only significant producer of perlite. 
Other countries that are believed to produce large amounts of crude and 
expanded perlite include China, Greece, Italy, Philippines, Mexico, and 
Turkey. Even though the United States has large resources of perlite, most is 
still imported, with nearly all imported from Greece. 


Uses 


Perlite is used in a number of different situations. The majority of perlite is 
used in construction products, mainly ceiling tiles and roof insulation 
products, but also as refractory bricks (a refractory brick is a brick designed 
to withstand very high temperatures), pipe insulation, and filling in masonry 
block construction. For example, loose perlite is poured into holes in concrete 
blocks after they are laid in place to improve the insulating quality of the 
construction. Perlite is also used as an insulator in other ways in the 
construction of buildings. It reduces noise and, since it is non-combustible, it 
also improves the fire resistance of different construction components in 
buildings. 


Perlite is an important commodity in the horticulture industry where it is 


mixed with soil. The addition of perlite to soil increases the amount of air 
(1.e., oxygen) held in the soil, as well as the amount of water retained by the 
soil. This obviously improves the growing conditions for plants. This 
represents approximately 10% of annual perlite consumption. 


Perlite is also used in a variety of different applications. For example, it is 
used as a filter for pharmaceuticals, chemicals, and beverages, and as a filler 
in the production of plastics and cements. 


Industrial Applications 


Industrial applications for perlite are the most diverse, ranging from 
high performance fillers for plastics to cements for petroleum, water 
and geothermal wells. Other applications include its use as a filter 
media for pharmaceuticals, food products, chemicals and water for 
municipal systems and swimming pools. 


Additional applications include its use as an abrasive in soaps, 
cleaners, and polishes; and a variety of foundry applications utilizing 
perlite's insulating properties and high heat resistance. This same heat 
resistant property is taken advantage of when perlite is used in the 
manufacture of refractory bricks, mortars, and pipe insulation 


Horticultural Applications 


In horticultural applications, perlite is used throughout the world as a 
component of soilless growing mixes where it provides aeration and 
optimum moisture retention for Superior plant growth. For rooting 
cuttings, 100% perlite is used. Studies have shown that outstanding 
yields are achieved with perlite hydroponic systems. Other benefits of 
horticultural perlite are its neutral pH and the fact that it is sterile and 
weed-free. In addition, its light weight makes it ideal for use in 
container growing. Other horticultural applications for perlite are as a 
carrier for fertilizer, herbicides and pesticides and for pelletizing seed. 
Horticultural perlite is as useful to the home gardener as it is to the 
commercial grower. It is used with equal Success in greenhouse 
growing, landscaping applications and in the home in house plants. 


Construction Applications 


Because of perlite's outstanding insulating characteristics and light 
weight, it is widely used as a loose-fill insulation in masonry 
construction. In this application, free-flowing perlite loose-fill masonry 
insulation is poured into the cavities of concrete block where it 
completely fills all cores, crevices, mortar areas and ear holes. In 
addition to providing thermal insulation, perlite enhances fire ratings, 


reduces noise transmission and it is rot, vermin and termite resistant. 
Perlite is also ideal for insulating low temperature and cryogenic 
vessels. When perlite is used as an aggregate in concrete, a 
lightweight, fire resistant, insulating concrete is produced that is ideal 
for roof decks and other applications. Perlite can also be used as an 
aggregate in Portland cement and gypsum plasters for exterior 
applications and for the fire protection of beams and columns. Other 
construction applications include under-floor insulation, chimney 
linings, paint texturing, gypsum boards, ceiling tiles, and roof insulation 
boards. 


Substitutes and Alternative Sources 


There are a number of materials that can be used in place of perlite for many 
of its applications. These materials (such as diatomite, pumice, expanded clay 
and shale, etc.) may be used in place of perlite without losing any of the 
benefits that perlite provides. Despite the lack of detailed information about 
world perlite production, there appears to be an abundant supply of perlite 
that will last many decades into the future. 


PHOSPHATE ROCK 


Background 


Phosphate rock is used for its phosphorus content. Hennig Brand discovered 
the element phosphorus in 1669. He prepared it in a set of experiments on 
urine; each experiment used at least 50 to 60 buckets! Phosphorus is a very 
important piece of the DNA and RNA molecules of which all life is formed. 
It is also important for the development of teeth and bones. The name 
phosphorus comes from the Greek word phosphoros, which means bringer of 
light. Phosphorus is mined in the form of phosphate rock. 


Phosphate rock is formed in oceans in the form of calcium phosphate, called 
phosphorite. It is deposited in extensive layers that cover thousands of square 
miles. Originally, the element phosphorus is dissolved from rocks. Some of 
this phosphorus goes into the soil where plants absorb it; some is carried by 
streams to the oceans. In the oceans the phosphorus 1s precipitated by 
organisms and sometimes by chemical reaction. Phosphorus-rich sediments 
alternate with other sediments (geologists say these beds are interstratified). 
Phosphorus-rich beds usually have very few fossils; however, deposits in 


Florida and North Carolina contain a large amount of marine fossils. Some 
geologists believe that the formation of these phosphorus layers occur under a 
very special condition in which no other type of sediment is present. In 
addition, it is believed that phosphorus-rich rock is deposited in a body of 
water in which there is no oxygen; this 1s called an anaerobic environment. 
Many theories say that phosphorus is absorbed by ocean plants that die. As 
they decompose, the phosphorus accumulates. Despite many theories, studies 
about the formation of phosphate rock continue and theories about its 
deposition are developing. 


In addition to the sedimentary phosphate deposits, there are some igneous 
rocks that are also rich in phosphate minerals. Sedimentary phosphate 
deposits, however, are more plentiful. 


Name 
Sources 


Large deposits of phosphate from igneous rock are found in Canada, Russia, 
and South Africa. Deep-sea exploration of the world’s oceans has revealed 
that there are large deposits of phosphates on the continental shelf and on 
seamounts in the Atlantic and Pacific Oceans. Recovering these deposits, 
however, is still too expensive, so they remain untouched for now. In the 
United States, phosphate rock is mined in Florida, North Carolina, Utah and 
Idaho. Florida and North Carolina account for approximately 85% of 
phosphate rock production in the United States. U.S. companies export large 
quantities of phosphate fertilizers all over the world. Phosphate rock is 
imported to the United States as well. Nearly all of these imports come from 
Morocco, a major supplier of phosphate rock to the world. 


Uses 


Some phosphate rock is processed to recover elemental phosphorus. Pure 
phosphorus is used to make chemicals for use in industry. 


The most important use of phosphate rock, though, is in the production of 
phosphate fertilizers for agriculture. Some is used to make calcium phosphate 
nutritional supplements for animals. 


Substitutes and Alternative Sources 


Phosphorus is so important to life, that there is no substitute for it in 
agriculture. As for alternative sources, the phosphorus deposits on the ocean 
floor may one day be recovered when a profitable method of deep ocean 
mining is developed. 
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The last band indicates the tolerance of the resistor using a different set of colors, as shown in Table 
3-4. The most common are 5 percent (gold) and 1 percent (brown). There is supposed to be a slightly 
larger gap between the digits and the tolerance bands, but this is sometimes hard to see. 


Table 3-4. Resistor Color Codes for the Final Color Band 


| 0.25% Blue 


| 2%R | ed 


The multiplier digit can be thought of as either the number of 0s after the specified digits or as the 
exponent to which the number 10 is raised, as in scientific notation. Some examples make this easy to 
understand and remember. 

A resistor marked with brown, black, red, and gold stripes has a resistance of 1KQ with a tolerance of 
5 percent. An easy way to decipher this code is to do a simple substitution for the first two digits (brown 
is 1 and black is 0, so we have 10 so far). Next decipher the multiplier band and write down that many Os 
after the first two digits. Red is 2, so write down two Os. That gives us 1000 so far. The final band is gold, 
and that means a 5 percent tolerance; 1,000 ohms is usually abbreviated as 1.0KQ or simply 1KQ. 


Note K stands for kilo, the Greek prefix for 1,000. Likewise, M stands for mega, the prefix for 1 million. 


This method works for most values from 10Q to 1OMQ. A problem occurs, however, when we need 
to specify a value less than 10, as a negative multiplier value must be used to get an exponent of less than 
0. For the value 1 and those less than 100, a gold band is used for the multiplier. For values less than 10, 
a silver band is used. 

To save even more precious space on our schematics, another convention is to replace the decimal 
point with the multiplier. For example, 4.7KQ would be written as just 4K7. 1.8MQ would become 1M8 
and 1.5Q would be 1E5. 10K would still be 10K using this method. If it is clearly understood that the 
unit of measure is the ohm, then even the © can be omitted. 


Resistor Power Ratings 


Any resistor has a maximum power-handling capability. This rating is usually expressed in watts or 
fractions of a watt. The larger through-hole resistors shown previously in Figure 3-9, for example, have a 
power rating of 1/2W (or 0.5W, if you prefer). This means that if you attempt to dissipate more than half 
a watt of power through the resistor, it is most likely going to quickly overheat and fail. 

Thermal failure in a resistor starts with a thin curl of smoke, and then results in the discoloration of 
the resistor itself and sometimes actual flames. In any case, it gets dangerously hot, so do try to avoid 
this situation. 
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RHENIUM 


Background 


Rhenium is a rare, silvery-white 
metallic element. Its atomic 
number is 75 and its symbol is 
Re. Rhenium was discovered in 
1925 by a team of German 
scientists named Walter 
Noddack, Ida Tacke-Noddack, 
and Otto Berg. They discovered 
rhenium as a trace element in 
platinum ores and the mineral 
columbite. It is very dense. It 
has a melting temperature of 3186 degrees C (5767 degrees F). It is not 
known to have any health benefit for animals or plants. Rhenium does not 
form minerals of 1ts own, but 1t does occur as a trace element in columbite, 
tantalite and molybdenite. These minerals are the principal sources of 
columbium (commonly called niobium), tantalum and molybdenum metals. 


Above: A columbite crystal in albite. Drawing used with permission. 
© 2001 Darryl Powell. 


Rhenium is a very rare element that is produced principally as a by-product of 
the processing of porphry copper-molybdenum ores. Because it is scarce, 

very little rhenium is actually processed and isolated each year as compared 
to the millions of tons of copper and millions of pounds of molybdenum that 
are extracted from these same porphry copper deposits. As a result, the 
processing of rhenium poses no environmental threat. The equipment that 
reduces sulfur dioxide in these processing plants also removes any rhenium 
that may escape through the smokestacks. 


Name 

Rhenium was named after the Greek word for the Rhine River, Rhenus. 
Sources 

Rhenium is obtained almost exclusively as a by-product of the processing of a 


special type of copper deposit known as a porphyry copper deposit. 
Specifically, it is obtained from the processing of the mineral molybdenite (a 


molybdenum ore) that is found in porphyry copper deposits. A porphyry 
copper deposit is a valuable copper-rich deposit in which copper minerals 
occur throughout the rock. The copper in these deposits occurs as primary 
chalcopyrite (CuFeS2) or the important secondary copper mineral chalcocite 
(Cu2S). 


The identified rhenium resources in the United States are estimated to total 5 
million kilograms. These resources are found in the southwestern United 
States. The identified rhenium resources in the rest of the world are estimated 
to total 6 million kilograms. Countries producing rhenium include Armenia, 
Canada, Chile, Kazakhstan, Mexico, Peru, Russia, and Uzbekistan. Even 
though the United States has significant rhenium resources, the majority of 
the rhenium consumed in the U.S. is imported. Chile and Kazakhstan provide 
the majority of the imported rhenium. The rest is imported from Mexico and 
other nations. 


Very small amounts are gathered by recycling molybdenum-rhenium and 
tungsten-rhenium scrap metals. 


Uses 


Because of its very high melting point, rhenium is used to make high 
temperature alloys (an alloy is a mixture of metals) that are used in jet engine 
parts. It is also used to make strong alloys of nickel-based metals. Rhenium 
alloys are used to make a variety of equipment and equipment parts, such as 
temperature controls, heating elements, mass spectrographs, electrical 
contacts, electromagnets, and semiconductors. An alloy of rhenium and 
molybdenum is a superconductor of electricity at very low temperatures. 
These superalloys account for the majority of the rhenium use each year. 


Rhenium is also used in the petroleum industry to make lead-free gasoline. In 
this application, rhenium compounds act as catalysts. (A catalyst is a 
chemical compound that takes part in a chemical reaction, and can often 
make the reaction proceed more quickly, but the chemical is not consumed in 
the chemical reaction.) 


Substitutes and Alternative Sources 


Substitutes for rhenium as a catalyst are being researched. Iridium and tin 
have been found to be a good catalyst for at least one reaction. Cobalt, 
tungsten, platinum and tantalum can be used in some of the other applications 
for rhenium. 


RUBIDIUM 


Background 


Rubidium is a very soft, silvery-white metallic element. Its atomic number is 
37 and its symbol is Rb. Rubidium was discovered in 1861 by the German 
chemists, Robert Bunsen and Gustav Kirchhoff. It is the 16th most abundant 
element in the Earth’s crust (making rubidium a pretty common element). It 
belongs to a group of elements known as the alkali metals, such as sodium, 
potassium, cesium and lithium. Like the other alkali metals, rubidium reacts 
violently with air and water. When exposed to air, it bursts into flame. When 
put in water, it explodes. Its melting point is so low (103 degrees F, 40 
degrees C) that it will melt on a very hot day. Scientists know that rubidium 
Stimulates the metabolism. However, it is not known whether rubidium 1s 
beneficial to health. Rubidium does not combine with other elements or ions 
to create minerals. It is found, though, in trace amounts in the minerals that 
contain essential amounts of other alkali metals. These include the cesium 
and potassium rich zeolites, pollucite and leucite, and the lithium rich mica, 
zinnwaldite (a variety of the mineral lepidolite). One isotope of rubidium is 
radioactive. Because it is impossible to separate this isotope from non- 
radioactive rubidium, nearly all processed rubidium is slightly radioactive. 


Name 


Rubidium is named from the Latin word rubidius which means dark red or 
deep red, in reference to the dark red spectroscopic lines. 


Sources 


According to the United States Geologic Survey (USGS) there is no accurate 
information about rubidium resources around the world. It is known that the 
United States imports 100% of the rubidium it consumes. It is believed that 
Canada is the most important supplier of rubidium ore to the U.S. A small 
number of American companies process rubidium ore (lepidolite). 


Most rubidium is retrieved from the minerals lepidolite (a mica mineral) and 
pollucite. Both of these minerals are typical of a special igneous deposit 
known as a pegmatite. (A pegmatite is an igneous deposit where the magma 
(molten rock) cools so slowly that very, very large crystals form. Unusual and 
rare elements are typical in the minerals found in pegmatites.) 


Uses 


There are very few uses for rubidium. It is used in some medical and 
electronic applications. In general, rubidium 1s used mostly in laboratory 
studies. Rubidium may some day be used in space travel in what are called 
ion engines that can power spacecraft. It may some day be used to create very 
thin batteries. 


Substitutes and Alternative Sources 


The physical and chemical properties of cesium and cesium compounds are 
so similar to those of rubidium and rubidium compounds, that they can be 
used interchangeably. 


SAND and GRAVEL 


Background 


The use of sand and gravel as a commodity falls into two separate categories. 
Some 1s used in construction where 1t may be mixed with other materials or 
used as 1s. The second use 1s industrial where the sand and gravel are used in 
some way in the production of other materials. Because so much sand and 
gravel is consumed in each category, the United States Geological Survey 
(USGS) keeps track of sand and gravel consumption in these two separate 
categories. 


Sand, whether 1t is found on beaches or in rivers and streams, 1s mostly quartz 
(silicon dioxide, S102) grains. The weathering of rocks such as granite forms 
these quartz grains. In the process of weathering, the softer, weaker minerals 
in granite (such as feldspar) are weathered away. The more resistant quartz 
eventually is ground down in size, but does not break down chemically. In 
time, these quartz grains accumulate in rivers, streams, deltas and on beaches. 
Grains of other weathering-resistant minerals (such as garnet, rutile, ruby, 
sapphire, zircon, etc.) are often found in quartz sand as well. 


For some applications, it is the silica content (quartz) of sand that makes it so 
valuable. The silica itself is needed to make products such as glass. In 
addition, the physical properties of sand, particularly its abrasive property, 
make it useful for traction on icy roadways and railroads, and for 


sandblasting. 
Name 
Sources 


World resources of sand and gravel are very large. Recovering and processing 
these resources can be too costly depending on the location of a particular 
sand deposit and environmental laws about protecting or preserving the area. 
The sand and gravel deposits that have proven to be most valuable are from 
present and ancient river channels, river flood plains and glacial deposits. 


Construction sand and gravel are produced in all 50 states in the U.S. The 
states producing the most are California, Texas, Michigan, Ohio, Arizona, 
Colorado, Minnesota, Washington, and Utah. Together, they produce 52% of 
the total amount of construction sand and gravel mined and processed in the 
United States. More than a billion tons of sand and gravel are produced 
annually in the U.S. As with many commodities, construction sand and gravel 
1s also imported. These imports primarily come from Canada, but also from 
The Bahamas, Mexico, and assorted other nations. 


Industrial sand and gravel are produced all over the world. The leading 
nations processing and producing industrial sand and gravel include the 
United States, Australia, Austria, Belgium, Brazil, Canada, France, Germany, 
India, Spain, Sweden, and South Africa. The United States is the world’s 
leading exporter of silica sand. (Presently it is impossible to report how many 
tons of sand and gravel produced each year because each nation defines and 
processes "silica sand" differently.) Because of the extensive, high-quality 
deposits of sand, combined with the technology to process sand and gravel 
into nearly any quality for any application, sand and gravel companies in the 
U.S. are able to provide a product for any application. The U.S. exports sand 
and gravel to nearly every region of the world. 


The United States is probably both the world’s largest producer and largest 
consumer of sand and gravel. More than half of the U.S. imports of industrial 
sand and gravel imports come from Australia, but also from Mexico, Canada, 
and other nations. 


Uses 


Specific percentages on the uses of construction sand and gravel are not 
available. This is because a little more than 50% of the sand and gravel 
consumed for construction is for "unspecified" purposes. However, it is 
reported that the remaining 50% is used to make concrete, for road 
construction, for mixing with asphalt, as construction fill, and in the 
production of construction materials like concrete blocks, bricks, and pipes. It 


is also used to make roofing shingles, on icy roads in the winter, railroad 
ballast, and water filtration. 


Industrial sand and gravel is used to make glass (39%), as foundry sand 
(22%), as abrasive sand (5%). The remaining 34% is used for an assortment 
of other uses. 


Substitutes and Alternative Sources 
Crushed stone is an alternative material for construction applications. 


There are suitable substitutes for blasting (abrasive) sand, foundry and 
refractory applications, but not for glass making. 


SCANDIUM 


Background 


In 1879 a Swedish chemist named Lars Fredrik Nilson was looking for rare 
earth elements in the minerals euxenite and gadolinite when he discovered 
erbium and ytterbium; scandium was later separated from the ytterbium. At 
that time these minerals had only been found in Scandinavia, and the element 
was named after the region. Scandium is a soft, silvery-white metallic 
element with an atomic number 21. It easily oxidizes and tarnishes to pink or 
yellow. When placed in water, a chemical reaction occurs which releases 
characteristics that are similar to the rare earth 
1 as a member of the group. The smaller size 
aically more like aluminum, magnesium and 


Intergrown monazite crystals. 
Monazite contains very small amounts of 
scandium. 


Scandium is more common 1n the sun and 


stars than on Earth. It is relatively rare on Earth, although it is more abundant 
than boron. Scandium is widely dispersed in minute quantities in the Earth’s 
crust. It is especially found in uranium minerals and trace amounts occur in 
iron and magnesium rich rocks. One of the few minerals having a notable 
scandium content is thortveitite. But occurrences are rarely large enough to be 
exploited as an ore. Other rare minerals have scandium, bazzite, kolbeckite, 
1x10lite-Sc, perrierite-Sc, and magbasite. Norway, Madagascar, and the 
United States have thortveitite which contains from 44 to 48% scandium 
oxide (ScO»). 


Scandium is very difficult to reduce to its pure state. In fact, it was not 
isolated in its pure form until 1937 and the first pound of pure scandium was 
not produced until 1960. 


Name 


The name scandium was derived from the Latin word Scandia which means 
Scandinavia. 


Sources 


Scandium has been recovered from mine tailings, particularly from tantalum 
deposits and uranium ore tailings. The majority of scandium production 
comes from thortveitite deposits. Processing the residues from mines with 
tantalum is another source of scandium. In the United States, scandium was 
recovered from thortveitite-rich mine tailings, like the tailings of the Crystal 
Mountain fluorite mine near Darby, Montana. Scandium also occurs in iron- 
magnesium rocks and minerals in an abundance of 5 to 100 parts per million 
(ppm). If it could be mined, this would be enough of a resource to supply the 
world demand. 


Worldwide, scandium resources are found in China, Kazakhstan, 
Madagascar, Norway and Russia. Scandium is in tin and tungsten deposits in 
China. In Russia, it is in the mineral apatite and associated with uranium 
deposits. In Norway, scandium is in large thortveitite deposits. 


Geologists believe there are still significant deposits of scandium-bearing 
minerals yet to be discovered. 


Uses 


Scandium is used in mercury vapor lamps to create a light that is very much 
like natural sunlight. This is very important for camera lighting for producing 
movies and television shows. Scandium is also used in the manufacture of 
crystals for laser research and aerospace applications (Russia). Scandium is 
alloyed with aluminum and is used to make lightweight, strong sporting 


equipment like aluminum baseball bats, bicycle frames, and lacrosse sticks. 
There 1s some evidence that at high temperatures, 1t 1s possible to dissolve 
scandium in titanium to make a strong, heat-resistant metal alloy. 


Toxicity 


Based on its chemical similarities to the rare earths, scandium is not expected 
to present a serious health hazard. 


Substitutes and Alternative Sources 


There is no adequate substitute for scandium for its lighting and laser 
applications. Titanium, aluminum alloys and carbon fiber are a substitute for 
use in athletic equipment and sporting goods. 


SELENIUM 


Background 


Selenium is a gray, metallic element. Its atomic number is 34 and its symbol 
is Se. The Swedish scientist Jons Jacob Berzelius discovered selenium in 
1817. In studying the sulfuric acid produced in a particular Swedish factory, 
he discovered an impurity which he eventually identified as selenium. 
Selenium occurs in three distinct forms: as a non-crystalline, gray metal; it 
can form as a deep red to black powder; and it can form as red crystals. It is 
stable in air and in water. Selenium is actually an important trace element to 
mammals and some plants. Too much selenium in a mammal’s diet is 
poisonous and has been shown to cause deformities. When there is not 
enough selenium, a mammal can also have health problems. For example, 
sheep that graze in areas with too little selenium in the soil eventually have a 
problem known as “white muscle disease.” Lack of selenium has also been 
connected to strokes in humans. The percentage amount of selenium in a 
healthy human is 0.00002 %. 


Name 
Selenium was named after the Greek word selene, meaning moon. This is a 


reference to the silvery-gray color of metallic, non-crystalline selenium. 
There is a mineral called selenite which is also named after the word selene; 


however, selenite does not contain selenium. 
Sources 


Minerals containing selenium are very uncommon. Rarely, ores that contain 
high concentrations of selenium have been discovered. Most selenium is 
recovered as a by-product of processing copper ores. This appears to be the 
only affordable source of selenium. It is estimated that the copper deposits 
that are yet to be discovered will produce 2.5 times the amount of selenium in 
the presently known copper ores. Continued search and research will 
therefore lead to the discovery not only of future copper ores, but also of the 
selenium found within them. 


Currently, less than one-fifth of the refined selenium production comes from 
recycling. Almost all of this recycling is of selenium-containing photo- 
receptors used in photo copiers. 


The nations producing selenium include the United States, Belgium, Canada, 
Chile, Germany, Japan, Sweden, Philippines, Finland, Peru, Zambia, and 
other countries. The United States imports selenium, primarily from Canada, 
Philippines, Belgium, Japan, and other nations. 


Uses 


Selenium is known as a photovoltaic substance. This means that it converts 
light energy directly into electricity. It also displays what is called a 
photoconductive action, in which electrical conductivity increases as more 
and more light shines on the selenium. These unique features make selenium 
useful for photocells used to power everything from handheld calculators to 
large-scale photocells used to convert sunlight into electrical energy which is 
then stored in batteries. 


Selenium has other interesting electrical properties. It can be used in devices 
to convert alternating current (AC) electricity to direct current (DC) 
electricity. Therefore, selenium is used in special electrical converters where 
an AC power supply must be changed into a DC current. These special 
converters are called rectifiers. Ultimately, less than one-fifth of the selenium 
consumed annually is used in these various electrical applications. 


Even more selenium is used in the production of glass. It is used to remove 
the color from the glass used to make bottles. It is used in specialized sheet 
glass for windows where it reduces the amount of heat that enters a building 
from sunlight. The glass industry consumes more than one-third of the 
selenium used each year. 


It is also used to make a variety of chemicals and pigments. This accounts for 


about one-fifth of the annual selenium consumption. 


The remainder is used in a variety of applications. At one time, selenium was 
important in the manufacture of the drums in copying machines that transfer 
the image to the paper (newer copiers no longer use selenium on the image 
drum). It is also used in anti-dandruff shampoos, steel alloys, human dietary 
supplements, and rubber production. 


Substitutes and Alternative Sources 


Newer technologies are replacing some of the applications of selenium. For 
instance, high purity silicon is now being used in the production of rectifiers 
(see Uses above). Other elements are being used in the photoelectric 
applications. Cerium oxide is being used in glass production in place of 
selenium. Coal deposits contain 1.5 parts per million selenium. This is 80 
times the amount of selenium found in copper deposits! Unfortunately, a 
method of removing this selenium from coal has not been developed. This 
could prove to be a significant source of selenium should technology 
advance. 


SODIUM SULFATE 


Background 


Sodium sulfate (NazSOy,) is one of the most important minerals in the 
chemicals industry. 


Natural sodium deposits are 
formed by a long geologic 
process of the erosion of 
igneous rocks, the 
transportation of sodium from 
these rocks and chemical 
reactions. First, the sodium is 
released from igneous rocks 
when they weather and break 
down. In the right situation, 
the sodium is carried by water in rivers, streams and as runoff and collects in 
basins. Then, when it comes in contact with sulfur, it precipitates out as 
sodium sulfate. The sulfur can come from the weathering of the mineral 
pyrite (iron sulfide), from volcanic sources, or from gypsum beds (gypsum is 
calcium sulfate). 
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If you know the voltage across the resistor, as well as the current, you can easily calculate the power 
being dissipated using the simple formula P = V x I. Remember that P is the power value in watts, V is the 
voltage in volts, and I is the current in amps. One volt at one amp is one watt, which is way more than 
enough to smoke our little resistors. Be careful! Any time you calculate the correct value for a resistor in 
ohms, be sure to also calculate the required power-handling capability. 


Variable Resistors 


So far we’ve only looked at fixed-value resistors. They usually exhibit the same resistance day in and day 
out. That’s what we love about them. But what if you need to vary the resistance in a circuit? We have 
resistors for that, too! A good example is a volume control on an amplifier. Turn it to the left (down), and 
the volume goes down. Turn it to the right (up), and the volume goes up. How does that work? 

One kind of variable resistor is called a potentiometer. Potentiometers are sometimes abbreviated as 
pots. Pots usually have three terminals instead of two. Two of the terminals connect to the fixed resistor 
that is inside the potentiometer. Instead of being all sealed up like the fixed resistors you’ve been 
studying, the internal, resistive conductor is exposed along a track or groove. The third terminal, which 
is often physically in the center, between the two other terminals, is called the wiper, and can be moved 
from one end of the fixed resistor to the other end, making electrical connection to the inner part of the 
fixed resistor as it goes. As the wiper moves along the length of the resistive element, it taps into the 
resistor at a different point, varying the resistance. This is how a potentiometer can be used as a variable 
resistor. 

Figure 3-12 shows a typical three-terminal potentiometer with a round body. The shaft can be 
turned to adjust the resistance. There are many variations on this basic design. 


Figure 3-12. A typical potentiometer, or variable resistor. Image by BG Micro (http://bgmicro.com). 


The schematic symbol for a potentiometer looks suspiciously like a resistor with an extra terminal, 
which happens to be exactly what it is. The extra terminal is the wiper, shown as the upward-pointing 
arrow. See Figure 3-13. 


The mineral thenardite 1s natural sodium sulfate. Thenardite was named after 
the French chemist Louis J. Thenard. It is soluble in water and has a salty 
taste like the mineral halite. 


In the photo: Thenardite (sodium sulfate) crystals from Searles Lake, San 
Bernardino County, California. Copyright © 1995, 1996, 1997, 1998 by Terran 
Technologies, Inc.. All rights reserved. Used with permission as per 


http://mineral. galleries.com 


Name 
Sources 


In the United States, two companies operate natural sodium sulfate plants in 
California and Texas. The brine waters of Searles Lake in California are 
estimated to contain about 450 million metric tons of sodium sulfate. 
Approximately 12% of the salt in the Great Salt Lake of Utah is sodium 
sulfate. This translates into 400 million tons of sodium sulfate. In addition, 
Nevada, Washington and Wyoming also have identified sodium sulfate 
resources. 


Many other nations around the world also have significant natural sodium 
sulfate deposits. These nations include Canada, Mexico, Spain, Turkey, 
China, Egypt, Italy, Romania and South Africa. The United States imports 
sodium sulfate from Canada, Mexico, and other nations. 


In addition, significant amounts of sodium sulfate are produced as a by- 
product from the production of other materials such as ascorbic acid, boric 
acid, cellulose, rayon, and silica pigments, to name a few. 


A small amount is recycled by the paper and paper pulp industry. Based on 
the amount of sodium sulfate consumed each year worldwide, there is enough 
natural sodium sulfate to last hundreds of years. 


Uses 


Most sodium sulfate consumed annually is used to make soaps and 
detergents. It is an especially important ingredient in powdered soaps. Not as 
much is needed to make liquid soaps. It is also used to make textiles, in the 
production of paper and paper pulp, in glass production, and a variety of other 
applications. 


Substitutes and Alternative Sources 


Emulsified sulfur and caustic soda (sodium hydroxide) can be used in place 
of sodium sulfate in paper production. It is easily replaced by a number of 


products in soap and detergent production. Soda ash and calcium sulfate can 
be used in place of sodium sulfate in glass production, but the glass produced 
is considered "less-than-perfect." 


CRUSHED STONE 


Background 


In industry, two types of "stone" are quarried, processed, and sold as 
commodities: they are known as crushed stone and dimension stone. 


Crushed stone is any type of natural rock that, in order to be mined, has to be 
first blasted from its natural state in the ground, and then processed (crushed 
and screened). The most common types of stone processed into crushed stone 
include limestone and dolomite, granite, and traprock. Smaller amounts of 
marble, slate, sandstone, quartzite, and volcanic cinder are also used. 


Name 
Sources 


Crushed stone is produced in almost every state in the U.S. The type of 
crushed stone mined from any particular state depends on the general geology 
and rocks of the state. For instance, crushed limestone and dolomite is typical 
Indiana, Illinois and Ohio, marble and granite from Vermont, etc. Even 
though it is quarried and processed all over the United States, a small number 
of states account for more than half of the total crushed stone production. 
These states, in decreasing order of amount of stone produced, are Texas, 
Pennsylvania, Florida, Georgia, Illinois, Missouri, Ohio, North Carolina, 
Virginia and Tennessee. Most states are now recycling asphalt as well as 
concrete roads and structures by crushing these materials and using them in 


new road construction projects. 


The United States does import small amounts of crushed stone. Most is 
imported from Canada, followed by Mexico, The Bahamas, and other 
countries. Crushed stone resources worldwide are large. However, high- 
quality stone, such as some limestone and dolomite used for very special 
purposes, are more limited to specific regions. 


Uses 


Crushed stone is used mostly as aggregate for road construction and 
maintenance. It is also used for making cement and lime and other chemical 
applications, and in agriculture. There are other uses for crushed stone, many 
of which are not accurately or completely reported. 


Substitutes and Alternative Sources 


Stone resources in the world are large and crushed stone should never be in 
short supply. However, if necessary, crushed stone substitutes for road 
building include sand and gravel, and slag. Substitutes for crushed stone used 
as construction aggregates include sand and gravel, slag, sintered or expanded 
clay or shale, and perlite or vermiculite. 


DIMENSION STONE 


Background 


Dimension stone is any type of natural rock material that is quarried in order 
to make blocks or slabs of rock that are cut to specific sizes (width, length, 
and thickness) and shapes. Dimension stone is used because it is durable, 
strong and attractive. It is usually important that they can be polished. The 
rocks chosen for dimension stone include all rock types (igneous, 
metamorphic, and sedimentary). The most important rocks used as dimension 
stone are granite, limestone, marble, sandstone, and slate. Certain softer rocks 
such as alabaster (massive gypsum) and soapstone (massive talc) can also be 
considered dimension stone. 


Name 
Sources 


The states usually producing the most dimension stone are Indiana, Vermont, 
Georgia, and Wisconsin. Based on tonnage, granite usually accounts for the 
largest amount of dimension stone production each year. Limestone 
production is next, followed by sandstone, quartzite, marble, slate, and 
miscellaneous stone. Dimension stone is also imported from Italy, India, 
Canada, Spain, and other nations. The overall supplies of dimension stone are 
enough to meet annual demand. 


Uses 


Rough block production represents more than half of the dimension stone 
produced annually. Rough blocks of various dimension stone are used mostly 
in construction and to make monuments. Dressed stone is used to make 
curbstones for streets, flagstones for roofs and walkways, and other 
decorative uses such as for carvings and statues. Dressed stone represents 
more than half by tonnage of total dimension stone sold or used. 


Substitutes and Alternative Sources 


Depending on the application, dimension stone can be replaced with steel, 
concrete, plastics, glass and other similar materials. In building or monument 
construction, for instance, the material chosen very much depends on the 
design choices and goals of the architect. A particular stone might be chosen 
for its color and texture, or for the look it gives to a building or a room. 


Traprock 


age from the USGS 


# 


ar 
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Background 


“Traprock” is not a geological term. It is a term used in the quarrying 
(mining) and rock commodities industries to refer to any number of dark- 
colored igneous rocks that are crushed and used, primarily, for road 
construction. The most common rock type in the traprock category are gabbro 
and basalt. Dark-colored igneous rocks have high iron and magnesium 
contents and relatively lower silica content (compared to continental crustal 
rocks, like granite, that have high silica contents and very low iron and 
magnesium contents). This dark magma originates in the Earth’s mantle. 
Dark igneous rock that is intruded into the crust cools more slowly and 
becomes coarse-grained. Geologists call this rock gabbro. When it 1s extruded 
onto the crust’s surface, it cools quickly and becomes fine-grained. 
Geologists refer to this as basalt. Diabase is another fine-grained igneous rock 
that is considered traprock. Diabase is composed mostly of the minerals 
feldspar and pyroxene. 

Traprock is commonly found intruded between layers of pre-existing rock. 
Liquid rock that is intruded into the crust is referred to as plutonic rock and 
the mass of hardened magma is called a pluton. In some geologic settings, the 
magma does not intrude into the surrounding country rock, but pours out onto 
the surface in thick flows. Geologists call such flows sills. 


When basalt cools, it naturally forms vertical fractures. If you look at the top 
of the basalt, you can see that the fractures result in six-sided columns. Less 
often the basalt columns can be four- or eight-sided. Horizontal fractures also 
form in the basalt. As these blocks weather they typically fall into piles that 
resemble steps. Because they look like giant steps or stairs, these basalt piles 
were given the name trap from the Swedish word trappa (which is related to 
the Danish word trappe and the German word treppe) all of which mean 
stairs. Geologists call this type of formation columnar basalt. 


Name 
Sources 


In the United States, traprock is found in the Hudson River Valley of 
southeastern New York State down to northern New Jersey, where it is found 
as an extruded layer of basalt known as The Palisades Sill. Another 
significant traprock deposit is in southern New England. The Columbia River 
Plateau is another massive flood basalt that covers about 160,000 square 
kilometers in portions of Washington, Oregon and Idaho. 


There are significant traprock deposits throughout the world. For example, 
the Deccan Plateau is a series of extensive flood basalts that cover over 
500,000 square kilometers in west-central India. The Siberian Plateau is 


another extensive flood basalt that covers over 2 million square kilometers. 
Uses 


Traprock is used primarily as crushed rock for road construction. It is also 
crushed and mixed into concrete . Crushed traprock is also used as railroad 
ballast. Railroad ballast is crushed rock poured between railroad ties to 
complete the bed on which trains run. 


Some traprock is cut and polished for use as dimension stone in construction. 
It is used as veneers on buildings, and 1s cut for use as tiles and other 
decorative construction purposes. Traprock can be polished to a very high 
polish. Because of its dark green to black color and ability to be polished, it 
has found some popularity as a material for headstones. 


Substitutes and Alternative Sources 


There are many rock varieties available for both crushed rock and dimension 
stone applications. Limestone is used as crushed stone more than any other 
stone. Other stones used in road construction are marble, granite, sandstone, 
and quartzite. There is more than enough of all of these rock types for both 
crushed rock and dimension stone applications well into the future. The need 
for alternative sources and substitutes is likely unnecessary. 


Crushed limestone is produced and shipped all over the United States. 
However, in many situations it is more economical to use hard, dense rock 
that is found locally rather than incur the cost of importing crushed rock from 
elsewhere. Traprock is one of those stone products that is quarried, crushed 
and used locally. 


By Darryl Powell 


Darryl Powell is a 1984 graduate of the University of Rochester, Rochester, 
New York with a B.S. in Geological Sciences. For six years Mr. Powell was 
an Adjunct Professor at Finger Lakes Community College in Canandaigua, 
New York, where he taught “Introduction to Physical and Historical 
Geology.” He creates Earth Science educational kits for NeoSCI, Inc., a 
science education resource company based in Rochester, New York. He also 
writes Earth Science materials for NewPath Learning, Inc. based in Victor, 
New York. Mr. Powell is the founder of Diamond Dan Publications, a small 
company focused on creative activity books and activity-based learning 
games about rocks and minerals, based in Manchester, New York. 


STRONTIUM 


Background 


Strontium is a silvery-yellow, metallic element. Its atomic number is 38 and 
its symbol is Sr. It is a relatively soft element. 


Strontium was first discovered in 1790 by the Scottish scientist Adair 
Crawford who was studying samples of a new mineral. This new mineral, 
strontianite, is now known to be composed of strontium carbonate, SrCQO3. 
Crawford determined that this new mineral contained an element that had 
never been recognized before, which he identified and called strontium. Pure 
strontium was not isolated until 1808. 


Strontium belongs to a group of elements known as the alkali earth metals. 
Like other alkali metals, it is chemically active and will react with both air 
and water. 


Two radioactive isotopes of strontium, Strontium-89 and —90, are created by 
atomic bomb explosions and are found in their radioactive fallout. This 
radioactive strontium is absorbed by the body and replaces calcium in the 
bones. Once they become part of the bone, they remain there for the lifetime 
of the organism, giving off radiation. 


There is no biological benefit to strontium. 
Name 


Named after the village of "Strontian" in 
Scotland. 


Celestite crystals from Madagascar. 
© 2001 Darryl Powell. Used with 
_ permission. 


4 Sources 


Strontium is recovered from two 
strontium minerals, strontianite (strontium 
carbonate) and celestite (strontium 
sulfate). The most common of these two 
minerals is celestite. Strontium minerals have not been mined in the United 
States since 1959. Consequently, U.S. companies import 100% of the 


strontium minerals needed for strontium. They are imported exclusively from 
Mexico. In addition, strontium compounds are imported from Mexico (90%) 
and Germany (9%) and 1% from other nations. 


Worldwide resources of strontium minerals have not been completely studied. 
However, experts estimate that world resources of strontium exceed 1 billion 
tons. 


Uses 


Most strontium (76% of the strontium consumed each year) 1s used to make 
compounds that are applied to the glass picture tubes on color television sets. 
This compound blocks the X-rays created by the picture tube. 


Some strontium (10%) is used to make special magnets called ferrite ceramic 
magnets. 


Strontium is the element that gives road flares and fireworks a bright red 
color. Pyrotechnics and flares account for 5% of the annual strontium 
consumption. 


Substitutes and Alternative Sources 


There are a few elements that can be used in place of strontium for some of 
its applications. There are two possible problems with such a substitution. 
First, no element or compound works as well as strontium in these 
applications. Second, the possible substitutes can be more expensive than 
strontium. 


TELLURIUM 


Background 


Tellurium is a metallic, silvery-white element. Some even describe its 
appearance as "very metallic." Its atomic number is 52 and its symbol is Te. It 
was discovered in 1783 by Baron Franz Joseph Muller von Reichenstein of 
Romania, the chief inspector of mines in Transylvania at the time. Tellurium 
is very brittle and easily pulverized. It does not react with air or water. 


As a commodity, tellurium is used in industry as pure tellurium metal, 


tellurium dioxide (T'eO,), and alloyed (that is, mixed) with other metals. 


Tellurium has no known benefit to humans. It does have a strange effect on 
humans, though. When tellurium is ingested, even in very small amounts, it 
causes very bad, garlic-smelling breath and body odor. 


There are a very small number of tellurium minerals. It combines with 
oxygen to form tellurite, and with gold and silver to form sylvanite 
(Au,Ag)Te2. The most common gold telluride mineral is called 
calaverite(AuTe,). 


Name 
The name tellurium came from the Latin word tellus meaning earth. 
Sources 


Tellurium is recovered from the residue produced in refining blister copper 
from deposits containing recoverable amounts of tellurium. There are large 
quantities of tellurium in some gold and lead deposits, but the tellurium is not 
being recovered from these at this time. In addition, tellurium is present in 
coal and some lower-grade copper deposits, but the cost of recovering the 
tellurium from these deposits is too high to make it worth the effort. These 
deposits are called subeconomic deposits. 


Nations producing tellurium and tellurium dioxide are the United States, 
Canada, Japan, Peru, and a number of other countries. As with most 
commodities, companies in the United States import tellurium. Of the 
tellurium imported each year, most comes from the United Kingdom, 
followed by Philippines, Belgium, Canada, and a number of other nations. 


Uses 


Half of the tellurium consumed each year is used to improve the 
machinability of special iron and steel products. It is alloyed with copper to 
make copper more ductile (that is, easier to stretch into wires), and with lead 
to prevent corrosion. These, and other nonferrous tellurium alloys, account 
for approximately 10% of tellurium use. Tellurium is also used to make 
catalysts and chemicals. Some of these chemicals are used in the petroleum 
industry and in making rubber. Tellurium is added to selenium-based 
photoreceptors to broaden the spectral range of copiers. Tellurium is also 
used in other electronic applications, and in the production of blasting caps 
for explosives. 


Substitutes and Alternative Sources 


Selenium, bismuth and lead can be used in place of tellurium in many of its 
metallurgical uses. Selenium and sulfur can be used in place of tellurium in 
the production of rubber. 


THALLIUM 


Background 


Thallium is a soft, bluish-white metallic element. Its atomic number is 81 and its 
symbol is Tl. It looks much like lead, but chemically is very similar to aluminum. It is 
so soft that it can be cut with a knife. It reacts easily with air, water, and most acids. It 
does not react violently like the alkali metals. Thallium was discovered in 1861 by the 
English chemist William Crookes. 


Thallium and thallium compounds are very toxic, so some of their earlier uses (such as 
a rodent poison and an insecticide) have been discontinued. They can enter a body 
through the skin, by inhaling dust or fumes, and by direct ingestion. As a result, strict 
rules about the use of thallium and thallium compounds have been created by the U.S. 
Environmental Protection Agency (EPA). 


Adding thallium to mercury lowers mercury’s freezing temperature, permitting its 
application in low-temperature thermometers.. 


Name 
When an element is burned, it creates a very specific spectrum of light. Thallium’ s 
spectrum includes a distinctive bright green line. The name thallium comes from the 


Greek word thallios which means a green twig, which is a reference to this green line. 


Sources 
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A>CW 
Figure 3-13. The schematic symbol for a potentiometer is a fixed resistor with a wiper terminal. The “CW” 
arrow indicates which way the wiper goes when the shaft is rotated clockwise. 


Potentiometers generally come with two distinctive response curves, or tapers: 


e A linear curve means that every equal step of rotation about the axis changes the 
resistance by the same amount. For example, if you were to center the shaft in the 
middle of its rotation, the resistance from the wiper contact to either of the end 
contacts would be nearly exactly half of the total resistance between the two end 
contacts. This is quite useful for when you need to adjust a voltage up or down in a 
relatively straight line. This is sometimes indicated by adding a capital Bto the 
end of the resistance value (e.g., LOKQB). 


e Inmany audio circuits, however, it has been discovered that the human ear is 
anything but linear. A special response curve that more accurately describes this 
sensitivity is called an audio curve or taper. An Ais used as a suffix to indicate that 
an audio taper is used for a potentiometer. 


Note that linear and audio tapers are notinterchangeable. If you find some random potentiometers 
in a parts bin, you can get a quick idea of what you've got by centering the shafts and seeing if the 
resistance is “symmetrical” or not, using an ohmmeter. Equal resistance to either end terminal indicates 
a linear taper, and anything else is mostly probably an audio taper. 

Just like any other resistor, a potentiometer has a maximum power rating as well as a tolerance. 
These are usually either printed on the body of the potentiometer, if there is room, or hidden away in a 
product data sheet somewhere. 


Specialty Resistors 


There are many different kinds of resistors made for many special kinds of applications. High-power 
resistors are built out of sturdier materials that can take the thermal stress required to dissipate large 
amounts of heat. See Figure 13-14. 
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The thallium concentration in the Earth’s crust is 0.7 parts per million (ppm). It forms a 
small number of rare minerals, including crookesite and lorandite. These minerals form 
with the zinc mineral sphalerite. As a result, thallium 1s recovered as a by-product of 
processing zinc ores. It 1s also recovered from lead and copper ores, and from the dust 
that accumulates in the flues of the copper, zinc and lead smelters. 


It is estimated that the thallium resources worldwide total approximately 17 million 
kilograms. These resources are found in Canada, Europe and the United States. As late 
as 1999, thallium was not recovered from ores in the U.S. Thallium is imported by the 
U.S. from Belgium, Mexico, Germany, and the United Kingdom. 


In addition to these resources, approximately 630 million kilograms of thallium is 
contained in coal. As with other commodities, a way of recovering thallium from coal 
at a reasonable cost has not yet been developed. 


Manganese nodules that form on the ocean floor contain thallium. However, it is still 
too expensive to gather these nodules, so they are presently not a source for thallium. 


Uses 


Thallium is used in a number of electronic devices. It is used in selenium rectifiers, 
gamma radiation detection equipment, and infrared radiation detection and 
transmission equipment. 


It also has non-electrical uses. For example, thallium is added to glass to increase its 
density and refractive index (that 1s, its ability to break light into its component colors). 
It is also used as a catalyst to create certain organic compounds. Radioactive thallium 
compounds are used in medical applications. 


As mentioned above, thallium is no longer used to make insecticides or for rodent 
control. 


Substitutes and Alternative Sources 


The supplies of thallium are more than enough to meet the demand for this element. As 
a result, there is presently no need to search for or to develop substitutes or alternative 
sources for thallium. Should these resources be used up, retrieving thallium from coal 
or from the deep ocean manganese nodules may one day become possible or even 
necessary. 


THALLIUM 


Background 


Thallium is a soft, bluish-white metallic element. Its atomic number is 81 and its 
symbol is Tl. It looks much like lead, but chemically is very similar to aluminum. It is 
so soft that it can be cut with a knife. It reacts easily with air, water, and most acids. It 
does not react violently like the alkali metals. Thallium was discovered in 1861 by the 
English chemist William Crookes. 


Thallium and thallium compounds are very toxic, so some of their earlier uses (such as 
a rodent poison and an insecticide) have been discontinued. They can enter a body 
through the skin, by inhaling dust or fumes, and by direct ingestion. As a result, strict 
rules about the use of thallium and thallium compounds have been created by the U.S. 
Environmental Protection Agency (EPA). 


Adding thallium to mercury lowers mercury’s freezing temperature, permitting its 
application in low-temperature thermometers.. 


Name 


When an element is burned, it creates a very specific spectrum of light. Thallium’s 
spectrum includes a distinctive bright green line. The name thallium comes from the 
Greek word thallios which means a green twig, which is a reference to this green line. 


Sources 


The thallium concentration in the Earth’s crust is 0.7 parts per million (ppm). It forms a 
small number of rare minerals, including crookesite and lorandite. These minerals form 
with the zinc mineral sphalerite. As a result, thallium is recovered as a by-product of 
processing zinc ores. It is also recovered from lead and copper ores, and from the dust 
that accumulates in the flues of the copper, zinc and lead smelters. 


It is estimated that the thallium resources worldwide total approximately 17 million 
kilograms. These resources are found in Canada, Europe and the United States. As late 
as 1999, thallium was not recovered from ores in the U.S. Thallium is imported by the 
U.S. from Belgium, Mexico, Germany, and the United Kingdom. 


In addition to these resources, approximately 630 million kilograms of thallium is 


contained in coal. As with other commodities, a way of recovering thallium from coal 
at a reasonable cost has not yet been developed. 


Manganese nodules that form on the ocean floor contain thallium. However, it is still 
too expensive to gather these nodules, so they are presently not a source for thallium. 


Uses 


Thallium is used in a number of electronic devices. It is used in selenium rectifiers, 
gamma radiation detection equipment, and infrared radiation detection and 
transmission equipment. 


It also has non-electrical uses. For example, thallium is added to glass to increase its 
density and refractive index (that is, its ability to break light into its component colors). 
It is also used as a catalyst to create certain organic compounds. Radioactive thallium 
compounds are used in medical applications. 


As mentioned above, thallium is no longer used to make insecticides or for rodent 
control. 


Substitutes and Alternative Sources 


The supplies of thallium are more than enough to meet the demand for this element. As 
a result, there is presently no need to search for or to develop substitutes or alternative 
sources for thallium. Should these resources be used up, retrieving thallium from coal 
or from the deep ocean manganese nodules may one day become possible or even 
necessary. 


TIN 


Cassiterite 


Background 


Tin has been known from ancient times. Ancient peoples found that heating 
the tin mineral cassiterite (sometimes found in streams as nuggets) in a 
charcoal fire, they could produce the silvery, soft metal we know as tin. 


Tin 1s a silvery-white metallic element with atomic number 50. Tin 1s 
malleable, meaning it 1s easily shaped by hammering. Pure tin also has a 
relatively low melting point, easily attainable in a wood fire, and is therefore 
easy to melt and cast in a clay mold. Tin is stable in air and water, meaning it 
does not oxidize or react easily . When pure tin is bent rapidly, it makes a 
peculiar squealing noise: this is called the “tin cry.” 


The ancients found tin to be too soft to be of much use for other than 
decorative objects, and the use of pure tin in ancient times was restricted to 
mirrors, clasps, and decorative items. Some coins have been minted of tin, but 
the coins wear and bend rapidly. However, when mixed (alloyed) with 
copper, another metal which could be found in a nearly pure state in nature, 
then a new and much harder alloy resulted: bronze. This discovery marked 
the beginning of the historical period known as The Bronze Age. The advent 
of the Bronze Age, with the use of bronze spears, arrowheads, knives, sickles, 
and scythes, greatly enhanced the efficiency of hunters and farmers. 


The most important ore mineral of tin, cassiterite (tin dioxide, SnO2) forms in 
high-temperature veins, usually related to igneous rocks such as granites and 
rhyolites. It is often found in association with tungsten minerals. When rocks 
containing cassiterite are weathered (decomposed by the action of surficial 
waters and oxidation), the cassiterite tends to remain intact, and eventually is 
concentrated in streams to form “placer” deposits, in a manner similar to gold 
nuggets in “placer” deposits. Ancient peoples recovered cassiterite from 
streams by panning, and even today panning or - more importantly - large- 
scale mechanical dredging of stream deposits and decomposed rock are a 
major means of producing cassiterite. Veins with a high enough cassiterite 
content to mine underground occur in China, Bolivia, Peru, and a few other 
countries. 


Name 


The name tin is an ancient Anglo-Saxon word. Tin in the form of cassiterite 
was mined in ancient Britain and was a major trade item between Britain and 
the Greeks and Phoenicians of the Mediterranean region. The chemical 
symbol for tin, Sn, comes from the Latin word for tin, stannum. Tin was one 
of only seven chemical elements known in pure form, and named by ancient 
peoples. The mineral cassiterite is named for the ancient Greek word for tin. 


Sources 


As noted earlier, the primary mineral source for tin is cassiterite. The most tin 
resources in the United States are in Alaska, but these are relatively 
insignificant, and the U.S. has long imported its tin from other countries. 


World resources to meet the demand for tin are sufficient for many decades to 
come. The primary producers of tin are China, Indonesia, and Peru, with 
lesser amounts from Brazil, Bolivia, Australia, and about a dozen other 
countries. 


Uses 


Much tin is used to coat so-called “tin” cans. Since tin does not oxidize (rust) 
in air or water, it is applied to the surface of flat-rolled steel to make tin plate, 
which is then fabricated to produce “tin” cans. This use accounts for about 
one-fourth of the tin consumed annually. Alloys such as bronze and pewter 
are also a major use of tin. Tin is useful in electrical applications, mainly low- 
melting-point solders, that account for one-fourth of tin consumption. It is 
also used in construction, transportation (mainly in bearings requiring soft 
metal alloys) and other various industrial applications. For example, window 
glass is made by pouring molten glass onto molten tin; this process results in 
flat sheets of glass. An alloy of tin and niobium has proven to be a 
“superconducting” compound at very low temperatures. 


Substitutes and Alternative Sources 


A number of materials can replace tin in its various applications. In the food 
packaging industry, plastics, paper, aluminum and glass can be used in place 
of metal “tin cans.” Tin can be used as a non-toxic substitute for lead in 
solders, pewter, and shotgun pellets. On balance, the world production and 
consumption of tin have not grown during the past 20 years, due mainly to 
the substitution of tin by plastic in the manufacture of cans and other 
containers, such as tubes for toothpaste and ointments. 


VERMICULITE 


Background 


Vermiculite is a mineral that belongs to a group of minerals called the mica 
minerals. The mica group of minerals includes: biotite, muscovite, lepidolite, 
and phlogopite. Vermiculite is formed by the alteration and/or weathering of 
the minerals biotite and phlogopite. All mica minerals break into very thin 
sheets. Mineralogists call this micaceous cleavage. Like the mineral talc, 
vermiculite has layers of water sandwiched in between layers of silicate. 
Consequently, when vermiculite is heated, the water is driven off and the 
mineral expands. This expanded and lighter form of vermiculite is used 
extensively in industry, agriculture and construction. 


A "book" of biotite crystals. A number of individual 
crystals are stacked upon one another. The 
breakdown of biotite and phlogopite creates 
vermiculite. 


Name 


The name vermiculite was created from the Latin word for worm, vermiculus. 
This is a reference to the fact that when vermiculite is heated, it expands into 
wormlike shapes. 


Sources 


Two companies with three operations in the United States, two in South 
Carolina and one in Virginia, mine vermiculite. Other deposits occur in 
Texas, Colorado, Nevada, North Carolina, and Wyoming. 


Vermiculite is imported into the United States primarily from two countries: 
The majority of the imported vermiculite comes from South Africa; with a 
smaller amount coming from China. Other countries producing vermiculite 
include Russia, Australia, Zimbabwe, Brazil and Japan. 


Uses 


Vermiculite is used in a number of different applications. The majority of 
vermiculite is used annually for agriculture and insulation purposes. In 
agriculture it is used in horticulture and mixed with soil to create a more 
porous, absorbent soil. As an insulator, it is used both as a heat and sound 
insulating material. Vermiculite is added to concrete mixtures to create a 


lightweight concrete mix. 
Substitutes and Alternative Sources 


Several materials can be used in place of vermiculite for various applications. 
Expanded perlite can be used to make lightweight concrete. (Perlite is a form 
of volcanic glass, similar to obsidian. Unlike obsidian, it has a high water 
content, so that when it is heated, it expands and becomes much lighter.) 
Shale, slate and clay can be used as well; however, they are less expensive 
but considerably heavier than perlite and vermiculite. Fiberglass, perlite and 
slag wool can be used for insulating purposes in place of vermiculite. A 
number of different plant materials (peat, saw dust, wood chips, leaves, and 
other organic materials) can be used to condition and prepare soil for plants 
and horticulture. 


Background 


Name 
Sources 
Uses 


Substitutes and Alternative Sources 


ZIRCONIUM 


Background 


Zirconium (Zr) is a grayish-white, metallic element with an atomic number of 
40. It naturally combines with silica and oxygen to form the mineral zircon 
(ZrS104), the primary ore of this element. Zircon has been known since 
biblical times, and 1t has been called by a variety of names, including jargon, 
hyacinth and jacinth. 


In the late 1700”s, the German chemist Martin Heinrich Klaproth suspected 
that there was a new element to be found in this mineral. He reduced the 
mineral zircon to zirconium oxide in 1789, but never isolated the metal. In 
1824, Swedish chemist Jóns Jacob Berzelius isolated an impure zirconium 
metal, but it wasn’t until 1914 when pure zirconium was finally produced. 


Zirconium reacts with oxygen, forming a thin coating of zirconium oxide on 
its surface. This coating protects the metal from further oxidation. Zirconium 
is quite resistant to corrosion by acids and other chemicals, and is valued in 
industry for this resistant quality. 


Zirconium has no beneficial or adverse effect on living organisms, and is 
resistant to corrosion. Based on these properties, it has proven to be a good 
material for artificial limbs and joints. 


Analysis of the rocks collected on the moon has shown that zirconium is a 
common element on the surface of the moon. 


Name 


Zirconium was named after the silicate mineral in which it was first 
discovered, zircon. The mineral name zircon was created from the Arabic 
word zargun which means gold color, a reference to the color of some zircon 
crystals. 


A zircon crystal from Colorado. 
©2000 Darryl Powell. Used with 


permission. 


Zirconium is found in two minerals, zircon (zirconium silicate, ZrS104) and 
baddeleyite (zirconium oxide, ZrO2). The most important of these ores, 
Zircon, Occurs as grains concentrated in sand deposits in the southeastern 
United States, and in Australia and Brazil. Russia and Brazil also have large 
deposits of baddeleyite. World resources are estimated to be more than 60 
million tons worldwide. 


Fourteen million tons of zirconium are in heavy-mineral sand deposits in the 
United States. The sands are called zircon sands because they contain sand- 
sized mineral zircon grains. Most heavy-mineral sands also have a high 
content of titanium-bearing minerals, such as ilmenite and rutile. 


Several American metal companies in Oregon and Utah recover zirconium 
metal when recycling scrap metals created during metal production. 
Zirconium chemicals (like zirconium dioxide) are made in Alabama, New 
Hampshire, New York and Ohio. 


In addition, zirconium ore and zirconium metal is imported. The ore is 
imported primarily from South Africa and Australia. Zirconium metal is 
imported primarily from France, Germany, Canada, and Japan. 


Uses 


Zirconium is used in a number of industrial applications because it is so 
resistant to corrosion. It is used in pumps and valves and the cores of nuclear 
reactors. Zirconium oxide is used to make laboratory crucibles and to line 
furnaces. 


When zirconium is alloyed (mixed) with the element niobium, it becomes 
superconductive. This means that it is able to conduct electricity with very 
little loss of energy to electric resistance. Superconductivity is possible only 
at very low temperatures. 


Another feature of zirconium is that it does not absorb neutrons (unlike 
hafnium, which absorbs neutrons, and is also found in zirconium deposits). 
This makes it useful in nuclear applications, where it is used as fuel cladding 
in nuclear reactors, and as a coating on nuclear fuel parts. 


Zirconium is also used in everyday home products. Zirconium compounds are 
used in deodorants, flashbulbs, lamp filaments, and in artificial gemstones. 
Cubic zirconia is a hard, clear, gem-like material that is marketed as an 
inexpensive diamond-like gemstone. Colored cubic zirconia is sold as 
simulants of many different gemstones. 


Substitutes and Alternative Sources 


Different materials can be used in place of zirconium depending on the 
application. For example, titanium and other compounds can be used in a few 
of zirconium’s chemical applications. Niobium, stainless steel, and tantalum 
can be used in some limited nuclear applications. 


Mineral Identification 


Have you every visited a museum and seen all the exotic and beautiful 
crystals? Did you wonder how scientists were able to put names on all of 
these specimens? Upon completing this exercise you will be able to identify 
many of the common minerals. The next time you go hiking see if you can 
recognize the minerals you have now learned to identify. Do they look 
different in the field? Why is this? 


PHYSICAL PROPERTIES 


Approximately 3,000 minerals exist in nature. How do we identify them? 
Remember minerals differ from one another because each has a specific 
chemical composition and a unique three-dimensional arrangement of atoms 
within its structure. These differences result in a variety of physical 
properties, including the minerals' appearance, how they break, how well 
they resist being scratched, even how they smell, taste, and feel. Not all of 
these properties are equally useful. What if you were going to an airport to 
pick up someone you had never met, armed with a description provided by 
someone who had last seen your arriving passenger 25 years ago? Which 
features in the description would be most helpful? Height? Weight? Hair 
color? Some aspects of human features change markedly with time, while 
others, like eye color or shape of head, do not. 


The problem is the same with minerals. Some properties never change. 
These are the most useful for identifying a mineral and are called diagnostic 
properties. Others, like a person's weight, may vary widely (not with time, 
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Figure 13-14. A power resistor can handle much more heat dissipation than the smaller though-hole or 
surface-mount varieties. They are often so big that they need special mounting hardware. Image by BG 
Micro (http://bgmicro.com). 


Another popular option is the multiturn potentiometer. These potentiometers have an internal gear 
system that allows their shafts or wipers to be moved slowly across their internal resistive tracks by 
multiple turns of the control element. Increasing the number of turns allows the user much finer control 
of the resistance adjustment. It also takes the user longer to get from one point to another along the 
scale. 


Capacitors 


The basic definition of a capacitor is two conductors separated by an insulator. By itself, it doesn’t sound 
like that would be a very interesting configuration at all. It turns out, however, that there’s a lot more to 
it. 

When a voltage is applied across a capacitor, no steady current flows through it. Remember, there is 
an insulator in the middle of that capacitor. Any insulator, just like the insulation on a piece of wire, does 
not conduct electricity. 

What happens is that an electric field is created between the two conductors, or plates, as they are 
called when they are part of a capacitor. Now we get back to the fairies and dragons and molecules and 
so forth, way down deep at the heart of the problem. This electric field is a form of energy. Once it is built 
up by the difference in voltage, or potential, between the two conductors, it has nowhere to go, so there 
it stays... at least until something else in the circuit changes. 

For this reason, capacitors are sometimes used as reservoirs of electrical energy in a circuit, holding 
a bit of spark here and there as needed. Just as it takes electrical energy to build up this electric field, a 
certain amount of electrical energy will be released when the field collapses. This will happen when the 
voltage between the two conductors drops. 

Using capacitors as tiny electric batteries in a circuit is only one of many applications for this 
versatile part. While a capacitor will not conduct a steady flow of electric current between its terminals, it 
will often appear to conduct alternating current (as opposed to direct current), which is why you see 
them so often in audio circuits. As a charge builds up on one plate within the capacitor, it then attracts 
electrons from the other side, pulling them in from the other side. Even though they don’t “jump the 
gap” of the central insulator, it looks like a tug-of-war is going on from both sides. 

This behavior can also be used to send the higher-frequency components of a signal one way in a 
circuit and the lower-frequency components of a signal in another direction. This is one way that analog 
filters are built, and it has all kinds of useful and interesting applications. 


but from specimen to specimen of the same mineral). You should be able to 
decide which of the following properties are truly diagnostic properties, and 
which are less useful. 


Cleavage/ Fracture 


Hardness 
Crystal Shape 
Specific Gravity 
Other Properties 


Color 


The Many Colors of Fluorite The color of a mineral is one of its 
most obvious attributes, and is one of 
the properties that is always given in 
any description. Color results from a 
mineral's chemical composition, 
impurities that may be present, and 
flaws or damage in the internal 
structure. Unfortunately, even though 
color is the easiest physical property to 
determine, it is not the most useful in 
helping to characterize a particular 
mineral. The problem is shown to the 
left, in which the mineral fluorite 
(CaF,) displays a rainbow of colors. 


Eme Fluorite 


Some minerals do have only a single 
color that can be diagnostic, as for 
instance the yellow of sulfur. Also, 
although many minerels vary in color 
few span the spectrum of colors as 
fluorite does. O ften we find most color 
variations of a given mineral are 
consistently light colored (white, tan, 
pink, yellow) or dark colored (gray, 
black, blue, green). 


But Why are Minerals Colored? 


The color of minerals depends on the 
presence of certain atoms, such as iron or 
chromium which strongly absorb portions of 
the light spectrum. The mineral olivine, 
containing iron, absorbs all colors except 
green, which it reflects, so we see olivine as 
green. All natural minerals also contain 
minute impurities. Some minerals such as 
corundum get their colors from these these 
impurities. Blue corundum (sapphire) is 
formed when small amounts of iron and 
titanium are dissolved in the solid crystal. 
Finally some crystals get their color from 
growth imperfections. Smoky (black) quartz 
is a good example. Growth imperfections 
interfere with light passing through the 
crystal making it appear darker, or almost 
black. 


Examples of "Common" colored minerals 


Native Sulfur (S) Malachite Cu,CO,(OH), 


Azurite Cu,(CO,),(OH), 


Streak 


The color of a 
mineral when it is 
powdered is 
' called the streak 
of the mineral. 
Crushing and 
powdering a 
mineral eliminates 
some of the 
The red-brown al of the mmeral | effects of 
hematite. impurities and 
structural flaws, 
and is therefore more diagnostic for some 
minerals than their color. Streak can be 
determined for any mineral by crushing it with a 
hammer, but it is more commonly (and less 
destructively) obtained by rubbing the mineral 
across the surface of a hard, unglazed porcelain 
material called a streak plate. 


A Streak Test (move your mouse 
over the picture to watch the 
animation) 


The color of the powder left behind on the 


Streak Color for a Few 
Common Minerals 


Black - Graphite 
Black - Pryite 

Black - Magnetite 
Black - Chalcopyrite 
Gray - Galena 
Limonite - Yellow- 
brown 

Hematite - Red- 
brown 


streak plate is the mineral's streak. The streak 
and color of some minerals are the same. For 
others, the streak may be quite different from 
the color, as for example the red-brown streak of 
hematite, often a gray to silver-gray mineral. The 
combination of luster, color, and streak may be 
enough to permit identification of the mineral. 


Examples of Streak 


~ Ginnabar 


Luster 


Metallic/Nonmetallic Luster 


The luster of a mineral is the way its 
surface reflects light. Most terms used 
to describe luster are self-explanatory: 
metallic, earthy, waxy, greasy, vitreous 
(glassy), adamantine (or brilliant, as in a 
faceted diamond). It will be necessary, 
at least at first, only to distinguish 
between minerals with a metallic luster 
and those with one of the non-metallic 
lusters. A metallic luster is a shiny, 
Opaque appearance similar to a bright 
chrome bumper on an automobile. 
Other shiny, but somewhat translucent 
or transparent lusters (glassy, 
adamantine), along with dull, earthy, 
waxy, and resinous lusters, are grouped 
as non-metallic. 


Cleavage 


A Demonstration of Cleavage In some minerals, bonds between layers of atoms 
(move your mouse over the aligned in certain directions are weaker than bonds 
picture to watch the animation) between different layers. In these cases, breakage 
occurs along smooth, flat surfaces parallel to those 
zones of weakness. In some minerals, a single 
direction of weakness exists, but in others, two, 
(/ 1. a three, four, or as many as six may be present. Where 
ACAVc a more than one direction of cleavage is present, it is 
al important to determine the angular relation between 
th $ the resulting cleavage surfaces: are they 
5 perpendicular to each other (right angle), or do they 
meet at an acute or obtuse angle? 


lovie 


| 


Rebtionship between crystal structure and cheavage for the mineral halie (NaCl 


When a mineral cleaves, it often exhibits many 
cleavage surfaces, but most of these are generally 
parallel to one another. A hundred cleavage surfaces 
parallel to one another all define a single direction 
of cleavage, because all of them are parallel to the 
same zone of bond weakness. It is the number of 
directions of cleavage that we record, along with the 
angles between them. Minerals with two or more 
cleavage directions generally have a "stair-step" 
appearance when viewed with a magnifying glass. A 
mineral with two directions of cleavage may indeed 
be broken in some other direction-by irregular 
fracture. Thus, a single specimen may exhibit 
smooth cleavage planes in some directions, and 
irregular breakage surfaces in others. The more 


breakage surfaces we can see, the more clues we 
have to the mineral's internal structure. 


It may be difficult for the beginner to distinguish 
between cleavage and crystal faces. After all, both 
are smooth, planar surfaces. Two hints will help 
make the distinction easy. (1) If a mineral's outer 
surface shows a tarnish or alteration, the crystal 
faces will be tamished or dull; if cleavage planes are 
present, they are usually recently made and will be 
fresher and less altered. (2) If many surfaces are 
present parallel to one another, they are most likely 
cleavage surfaces. 


Three directions - cubic 


Examples of Cleavage 


Galcite 


Fracture 


Hardness 


Hardness Testing 
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When bonds between atoms are 
approximately the same in all directions 
within a mineral, breakage occurs either on 
irregular surfaces (splintery or irregular 
fracture) or along smooth, curved surfaces 
(conchoidal fracture), similar to those 
formed when thick pieces of glass are 
broken. 


Several items have been provided for 
your use in determining physical 
properties, including a glass plate 
(H=5.5), an unglazed porcelain streak 
plate (H=7.5), and a nail or pocket 
knife (H=5.0). Try scratching each of 
these with the others to determine their 
relative hardnesses. Where does your 
fingernail fit into this hardness scale? A 
copper penny? The hardness of any 
object is controlled by the strength of 
bonds between atoms and is measured 
by the ease or difficulty with which it 
can be scratched. Diamond is the 
hardest mineral, because it can scratch 
all others. Talc is one of the softest; 
nearly every other mineral can scratch 
it. We measure a mineral's hardness by 


Diamond 
The Hardest Known Substance 


Diamond is the 
hardest naturally 
occurring substance 
known; It is also the 
most popular 
gemstone. Because of their 
extreme hardness, diamonds 
have a number of important 
industrial applications. 


The hardness, brilliance, and 
sparkle of diamonds make 
them unsurpassed as gems. In 
the symbolism of gemstones, 
the diamond represents 
steadfast love and is the 
birthstone for April. Diamonds 
are weighed in carats (1 carat 
= 200 milligrams) and in 
points (1 point = 0.01 carat). 
In addition to gemstones, 
several varieties of industrial 
diamonds occur, and synthetic 
diamonds have been produced 
on a commercial scale since 
1960. 


A very high refractive power 
gives the diamond its 
extraordinary brilliance. A 
properly cut diamond will 
return a greater amount of 


comparing it to the hardnesses of a 
standardized set of minerals first 
established by Friederich Mohs in the 
early nineteenth century, or with the 
common testing materials that have 
been calibrated to those standards. 


The Mohs Hardness Scale is a relative 
scale. This means that a mineral will 
scratch any substance lower on the 
scale and will be scratched by any 
substance with a higher number. 
Diamond is not 10 times harder than 
talc or 1.1 times harder than 
corundum, as would be the case with 
an absolute hardness scale. Most often 
we are able only to narrow down 
hardness to within a certain range; for 
example, if an unknown mineral 
scratches a copper penny but does not 
scratch a glass plate, its hardness must 
be greater than 3.0 and less than 5.5. 
Usually this range of values is sufficient 
to identify an unknown. Note: please 
always use care when testing hardness 
on a glass plate. If the glass gets broken 
DO NOT handle it! 


light to the eye of the observer 
than will a gem of lesser 
refractive power and will thus 
appear more brilliant. This high 
dispersion gives diamonds their 
fire, caused by the separation 
of white light into the colors of 
the spectrum as it passes 
through the stone. 


The scratch hardness of 
diamond is assigned the value 
of 10 on the Mohs scale of 
hardness; corundum, the 
mineral next to diamond in 
hardness, is rated as 9. 
Actually, diamond is very much 
harder than corundum; tf the 
Mohs scale were linear, 
diamond's value would be 
about 42. 


CHAPTER 3 = COMPONENTS 


Capacitors come in all shapes and sizes. They are made of many different materials, depending on 
what particular characteristics are needed. See Figure 3-15. 


Figure 3-15. Some electrolytic capacitors of various sizes and capacities. Both much larger and much 
smaller capacitors exist and are very common in electronics. 
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Crystal Shape 


Various Crystal Shapes 


When minerals form in environments 
where they can grow without interference 
from neighboring grains, they commonly 
develop into regular geometric shapes, 
called crystals, bounded by smooth crystal 
faces. The crystal form for a given mineral 
is governed by the mineral's internal 
structure, and may be distinctive enough 
to help identify the mineral. For example, 
quartz forms elongated, six-sided prisms 
capped with pyramid-like faces; galena 
and halite occur as cubes; and garnets 
develop 12- or 24-sided equidimensional 
forms. Interference from other mineral 
grains during growth may prevent 
formation of well-formed crystals. The 
result 1s shapeless masses or specimens 
that developed only a few smooth crystal 
faces. This type of specimen is much more 
common than well-formed crystals. 


Specific Gravity 


The specific gravity of a substance is a comparison of its density to that of 
water. Imagine a gallon bottle filled with water, a second filled with feathers, a 
third filled with lead weights. There are equal volumes of material present, but 
the bottle with the feathers will weigh less than that containing water; the 
bottle with lead weights will weigh the most. In order of increasing specific 
gravity, these materials would be: feathers, water, lead. Specific gravity can be 
measured precisely, or estimated by a comparison, as above. To compare the 
specific gravity of any two minerals, simply hold a sample of one in your hand 


and "heft it," 1.e., get a feeling for its weight. Then heft a sample of the other 
that is approximately the same size. If there is a great difference in specific 
gravity, you will detect it easily. It is often sufficient to note whether a 
mineral's specific gravity 1s significantly higher or lower than that of other 
minerals. Heft each of the specimens in your mineral set. Which ones have a 
high specific gravity? A low specific gravity? 


Other Properties 


Using Acid to Identify Calcite There are a few other tests that can be used 
"he "Acid" Test —— to differentiate one or more common 
a minerals. Some of these should be used 
br with great CAUTION! 


adi | e Magnetism - A few minerals are 
attracted to a magnet or are 
themselves capable of acting as 
magnets (the most common 
magnetic mineral is magnetite). 
Because these are so rare, this 
property helps narrow the 
possibilities drastically when trying 
to identify an unknown specimen. 

e Feel - Some minerals, notably talc 
and graphite, feel greasy or slippery 
when you rub your fingers over 
them. The greasiness occurs because 
bonds are so weak in one direction 
that your finger pressure alone 1s 
enough to break them and to slide 
planes of atoms past neighboring 
atomic layers. 

e Taste - Geologists use as many 
senses as possible in describing and 


identifying minerals. Taste is one of 
the last tests to be conducted, 
because some minerals are 
poisonous. Some minerals taste 
salty-most notably halite (salt). 
Sylvite, a mineral similar in all other 
properties to halite, tastes bitter. 
Taste is thus a diagnostic property 
because it distinguishes between 
these minerals. NEVER TASTE A 
MINERAL UNLESS 
INSTRUCTED TO! 

Reaction with Dilute Hydrochloric 
Acid - This is actually a chemical 
property rather than a physical 
attribute of a mineral. Minerals 
containing the carbonate anion 
(C03) effervesce ("fizz") when a 
drop of dilute hydrochloric acid is 
placed on them. Carbon dioxide 1s 
liberated from the mineral and 
bubbles out through the acid, 
creating the fizz. This test is best 
performed on powdered minerals. 
Calcite (calcium carbonate) will 
effervesce readily in either massive 
or powdered form, but dolomite 
(calcium-magnesium carbonate) 
reacts best as a powder. 


Identification of unknown mineral 


Identification of an 


Unknown Mineral 


Step 1 


The first step of the identification process involves 
determining the luster of your unknown. Remember there 
are numerous types of lusters, but for identification 
purposes it is generally sufficient to distinguish only between 
metallic and nonmetallic minerals. Look at the images 
below. Which does your specimen most closely resemble? 
Metallic minerals have the sheen of a metal, like the frame 
of your desk. Nonmetallic minerals may appear glassy, 
meaning they allow light to pass through, dull or even 
waxy. Keep in mind you are not looking at color, simply the 
way a mineral specimen reflects room light. 


There is one concern, many metallic minerals contain the 
element iron. When iron is exposed to oxygen in the air it 
Starts to covert to an iron oxide compound we commonly 
call rust. Rust dulls the metallic luster of most minerals. If 
you have a sample that has been in your science collection 
for a few years it may have been shiny when new but has 
dulled with age (kind of like a "old" copper penny. That can 
sometimes make it difficult to be certain if a mineral has a 
metallic luster or not. There is one trick you can try. Take 
your streak plate and gently rub the mineral on the plate. If 
it leaves a very noticeable colored or black streak it is 
probably a metallic mineral. Note:If you rub any black 
mineral hard enough it will leave a black streak whether it is 


metallic or not, but you will find the nonmetallic minerals 
require a much greater effort to make a black streak! 


a. MI 


Metallice Luster 


We Py 


Nonmetal he Luster 


Now if it was Luster - Metallic 
Step 2 


The next step of the identification process involves 
determining the hardness of your unknown. We will use a 
couple of simple objects to preform all of the necessary 
tests; your fingernail (H=2.5), a steel nail (H=5.0) and a 
glass plate (H=5.5). 


First Test 

Begin by attempting to scratch your unknown with your 
fingernail. Does it scratch the mineral? If, not try the 
second test. If you were able to scratch the mineral 


Step 3 


We are getting close! The next step of the identification 
process involves a simple streak test of your unknown. 
Simply rub the sample on the streak plate and click on the 
streak color that most closely matches those shown below. 


BLACK YELLOW-BROWN 


Note: Some minerals in this group have either a BLACK or GRAY streak, 
but unless seen side by side they can not be distinguished so we have 
grouped them together. 


if itis: 


Luster - Metallic 
Hardness - Less than 2.5 
Streak=Black/ Gray 


One Final Step! Let's examine the mineral for any signs of 
cleavage. Sometimes it will be obvious and other times it 
will be more difficult to see or even indistinct. Fortunately, 
we have narrowed our choices down to only two cleavge 
types for our unknown. 


Usually called basal a A, 
i i cleavage. = 
One Direction = 


Three at 90 degrees. p” 
i i Minerals with three | 

Three Directions a pdas <p> 
90 degrees that intersect at 90 i | 


degrees are said to 
have cubic cleavage. 


Luster - Metallic 
Hardness - Less than 2.5 
Streak=Black/ Gray 


One Direction (Basal) Cleavge 


Graphite Black Basal Cleavge | Dark gray-black. Greasy 
C Streak feel. Leaves a mark on 
paper. H=1 


Your Mineral is Graphite! 


GRAPHITE 


Also called PLUMBAGO, of 
BLACK LEAD, graphite is a 
mineral consisting of carbon. 
Graphite has a __ layered 
structure that consists of rings 
of six carbon atoms arranged in 


ee 


widely spaced horizontal sheets. Graphite thus crystallizes in the hexagonal 
system, in contrast to the same element crystallizing in the octahedral or 
tetrahedral system as diamond. Such dimorphous pairs usually are rather 
similar in their physical properties, but not so in this case. Graphite is dark 
gray to black, opaque, and very soft (with a hardness of 1 on the Mohs 
scale), while diamond may be colorless and transparent and is the hardest 
naturally occurring substance. Graphite has a greasy feel and leaves a black 
mark, thus the name from the Greek verb graphein, "to write.” 


Graphite is formed by the metamorphosis of sediments containing 
carbonaceous material, by the reaction of carbon compounds with 
hydrothermal solutions or magmatic fluids, or possibly by the crystallization 
of magmatic carbon. It occurs as isolated scales, large masses, or veins in 
older crystalline rocks, gneiss, schist, quartzite, and marble and also in 
granites, pegmatites, and carbonaceous clay slates. 


Graphite is used in pencils, lubricants, crucibles, foundry facings, polishes, 
arc lamps, batteries, brushes for electric motors, and cores of nuclear 
reactors. It is mined extensively in Sri Lanka; Madagascar; North Korea; 
Sonora, Mex.; Ontario; western Siberia; and New York. 


Graphite was first synthesized accidentally by Edward G. Acheson while he 
was performing high-temperature experiments on carborundum. He found 
that at about 4,150 C (7,500 F) the silicon in the carborundum vaporized, 
leaving the carbon behind in graphitic form. Acheson was granted a patent 
for graphite manufacture in 1896, and commercial production started in 
1897. Since 1918, petroleum coke, small and imperfect graphite crystals 
surrounded by organic compounds, has been the major raw material in the 
production of 99 to 99.5 percent pure graphite. 


Luster - Metallic 
Hardness - Less than 2.5 
Streak=Black/ Gray 


Three Directions (Cubic) Cleavge 


a 
Galena Gray Cubic Shiny gray. Very heavy. 
PbS Streak Cleavge Perfect cubic cleavage. 
H=2.5 
Your Mineral is Galena! 
Galena 


Also called LEAD GLANCE, 
a gray lead sulfide (PbS), the 
chief ore mineral of lead. One 
of the most widely distributed 
sulfide minerals, it occurs in 
many different types O 
deposits, often in metalliferous 
veins, as at Broken Hill, 
Australia; Coeur d'Alene, 
Idaho, U.S.; and Cornwall, 
England. Large deposits also 
occur as replacements of 

limestone or dolomite (e.g., Pine Point, Canada). Some deposits (e.g., at 
Darwin, California) are of contact-metamorphic origin. Galena is found in 
cavities and brecciated (fractured) zones in limestone and chert, as in the 
extensive Mississippi River valley deposits, where 90 percent of the U.S. 
production of lead is mined. The mineral has occasionally been observed as 
a replacement of organic matter, and sometimes occurs in coal beds. 


Galena forms isometric crystals in which the ionic lattice is like that of 
sodium chloride. The mineral is often weathered to secondary lead minerals, 
the upper part of galena deposits often containing cerussite, anglesite, and 
pyromorphite. Nodules of anglesite and cerussite with a banded structure 
and a galena core are common. 


In many cases, galena contains silver and so is often mined as a source of 
silver as well as lead. Other commercially important minerals that frequently 
occur in close association with galena include antimony, copper, and zinc. 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Streak=Yellow-brown 
One Final Step! Let's examine the mineral for any signs of 
cleavage. Sometimes it will be obvious and other times it 
will be more difficult to see or even indistinct. The only 
mineral in this particular group should not have any visible 


cleavage. If you see evidence of cleavage try returning to 
Step 2 or the previous step, Step 3. 


If there is No Apparent Cleavage: 
Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=Yellow-brown 


No Apparent Cleavge 


CHAPTER 3 + COMPONENTS 
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schematic Symbols 


While there are a large number of special-purpose capacitors that are custom made for certain 
applications, a very large number of capacitors fall into two broad categories: polarized and 
nonpolarized. The schematic symbols for both types of capacitors display the fundamental construction 
of two conducting plates separated by an insulator. See Figure 3-16. 


adit sill 
ie 01 T C2 
Figure 3-16. The schematic symbols for polarized capacitors (left) and nonpolarized capacitors (right) 


C1 is a polarized capacitor, meaning one terminal is more positive than the other. In practice, this is 
indicated on the part itself in a variety of ways. One convention is that the anode, or more positive lead, 
is physically a little bit longer than the cathode, or negative lead. There is generally some sort of mark 
made on the capacitor body itself. Usually this is a stripe on the negative side of the capacitor. 

What's really odd and potentially confusing is that one type of capacitor, specifically that made 
primarily of tantalum, has a stripe that indicates the positive lead of the polarized capacitor. Know your 
capacitors! 

A polarized capacitor that is installed backward will experience terrible physical and thermal 
stresses and can sometimes explode, sending bits of itself all over the place. 

C2 in Figure 3-16 illustrates a nonpolarized capacitor. It doesn’t matter which way it is installed in a 
circuit. It is electrically symmetrical and works just as well in either orientation. 


Inductors 


An inductor is almost always made out of coils of wire. Sometimes inductors are quite large, as with 
transformers, while other times they are as small as a speck. An inductor would appear, electrically, as a 
simple short-circuit if it weren’t configured to take advantage of certain principles of electromagnetism, 
or the tendency for the flow of electric current in a conductor to form a magnetic field around the 
conductor. The shape and orientation of the loops of wire that compose the inductor determine its 
electrical characteristics. 

In many ways, an inductor is the opposite or complement of the capacitor. While a capacitor does 
not conduct direct current from one terminal to another, an inductor will happily do so, at least for a 
time. While a capacitor will resist a change in voltage across its terminal as it builds up its electric field, 
an inductor will resist a change in current flow across its terminal once it has established a magnetic 
field. 

Because of their complementary natures, the two components can be used together to form a tuned 
circuit—one that resonates at a particular frequency, or allows the passage of only a certain range of 
frequencies, with the capacitor shuffling the high-frequency portions and blocking the low-frequency 
portions, while the inductor does the opposite, blocking the high-frequency components and passing 
the low-frequency ones. This is how many older radios and televisions worked before the advent of low- 
cost solid-state electronics. 

Once an inductor has built up a magnetic field, any drop in the current flow across its terminals will 
result in the collapse of the field and the generation of a very-high-voltage spike. This is the basic 
electrical circuit that was used in automobile engines to create the high-voltage spark needed to ignite 
the fuel-and-air mixture in the combustion chamber. 


Limonite Yellow- No Cleavge Commonly in earthy, 
FeO(OH)- brown powdery masses. 
nH,O Streak H=3.6-4.0 


Your Mineral is Limonite! 


LIMONITE 


One of the major iron 
minerals, hydrated ferric 
oxide (Fe,03H,0). It was 
originally considered one of a 
series of such oxides; later it 
was thought to be the 
amorphous equivalent of 
goethite and  lepidocrocite, 
but X-ray studies have shown 
that most so-called limonite is 
actually goethite. The name 
limonite properly should be 
restricted to impure hydrated 
iron oxide (with variable 
water content) that is colloidal, or amorphous, in character. 


Often brown and earthy, it is formed by alteration of other iron minerals, 
such as the hydration of hematite or the oxidation and hydration of siderite 
or pyrite. It probably bears the same relationship to iron oxides that wad 
does to manganese oxides. 


Second Test 


Attempt to scratch your unknown with the steel nail. Does 
it scratch the mineral? If not, try the Third test. 


If you were able to scratch the mineral: 


Luster - Metallic 
Hardness - 2.5-5.0 


We are getting close! The next step of the identification 
process involves a simple streak test of your unknown. 
Simply rub the sample on the streak plate and click on the 
streak color that most closely matches those shown below. 


BLACK YELLOW 


Luster - Metallic 
Hardness - 2.5-5.0 
Streak=Black/ Gray 

Step 4 


One Final Step! Let's examine the mineral for any signs of 
cleavage. Sometimes it will be obvious and other times it 
will be more difficult to see or even indistinct. Fortunately, 
we have narrowed our choices down to only two cleavge 
types for our unknown. 


Three al 90 degrees. 


Three Directions Minerals with three 
planes of cleavage 
90 degrees that intersect at 90 


degrees are said to 
have cubic cleavage. 


No Apparent Cleavage (CLICK 


HERE) 
Luster - Metallic 
Hardness - 2.5-5.0 
Streak=Black/ Gray 
Three Directions (Cubic) Cleavge 
Galena Gray Cubic Shiny gray. Very heavy. 
PbS Streak Cleavge Perfect cubic cleavage. 


H=2.5 


Your Mineral is 
Galena! 


hoy 
Chalcopyrite 


CuFes, 


Luster - Metallic 
Hardness - 2.5-5.0 
Streak=Black/ Gray 


No Apparent Cleavge 


Black No Cleavge Bronze yellow, but often 
Streak tarnishes to an 
irridescent blue- purple. 
Similar to pyrite, but 
never in cubic crystals. 
H=3.5-4.0 


Your Mineral is Chalcopyrite! 


Chalcopyrite 


The most common coppe 
mineral, a copper and iron 
sulfide, and a very importan 
copper ore. It typically occurs 
in ore veins deposited a 
medium and high 
temperatures, as in Río Tinto, ` 
Spain; Ani, Japan; Butte, 
Mont.; and Joplin, Mo. ` 
Chalcopyrite (CuFeS,) is a 
member of a group of sulfide 


minerals that crystallize in the tetragonal system; the group also includes 
stannite. Both minerals have crystalline structures related to sphalerite. 


Luster - Metallic 
Hardness - 2.5-5.0 
Streak=Yellow 
Step 4 


One Final Step! Let's examine the mineral for any signs of 
cleavage. Sometimes it will be obvious and other times it 
will be more difficult to see or even indistinct. Fortunately, 
we have narrowed our choices down to only two cleavge 
types for our unknown. 


Complex geometric 
Six Directions ne y 


No Apparent Cleavage (CLICK 
HERE) 


Sphalerite 
ZnS 


Luster - Metallic 
Hardness - 2.5-5.0 
Streak=Yellow 


Six Directions (Complex) Cleavge 


Yellow Six directions Often has resinous 
Streak of cleavage, luster. At best is only 
only a few submetallic. Can be 
usually black, brown, red, green 
present or yellow. H=3.5 


Your Mineral is Sphalerite! 


Sphalerite 


Also called BLENDE, o 
ZINCBLENDE, zinc sulfide 
(ZnS), the chief ore mineral o 
zinc. It is found associated 
with galena in most importan 
lead-zinc deposits. The name 
sphalerite is derived from a 
Greek word meaning 
treacherous, in allusion to the” 
ease with which the dark- 
coloured, opaque varieties are 
mistaken for galena (a 


valuable lead ore). The alternative names blende and zincblende, from the 
German word meaning "blind," similarly allude to the fact that sphalerite 
does not yield lead. 


In the United States the most important sphalerite deposits are those in the 
Mississippi River valley region. There it is found associated with 
chalcopyrite, galena, marcasite, and dolomite in solution cavities and 
brecciated (fractured) zones in limestone and chert. Similar deposits occur in 
Poland, Belgium, and North Africa. 


Sphalerite also is distributed worldwide as an ore mineral in hydrothermal 
vein deposits, in contact metamorphic zones, and in high-temperature 
replacement deposits. 


Third Test 


Attempt to scratch a knife blade with your unknown 
mineral. Does it scratch the knife? If you were able to scratch the 
knife blade 
Luster - Metallic 
Hardness - Greater than 5.0 
Step 3 


We are getting close! The next step of the identification 
process involves a simple streak test of your unknown. 
Simply rub the sample on the streak plate and click on the 
streak color that most closely matches those shown below. 


BLACK RED-BROWN 


Luster - Metallic 
Hardness - Greater than 5.0 
Streak=Black/ Gray 
Step 4 
Next, let's examine the mineral for any signs of cleavage. Sometimes 
it will be obvious and other times it will be more difficult to see or even 


indistinct. No mineral in this group should have cleavage, if your 
unknown does, try going back to Step 2 or the previous step, Step 3. 


if there is no No Apparent Cleavage 


Luster - Metallic 
Hardness - Greater than 5.0 
Streak=Black/ Gray 
No Apparent Cleavage 
Step 5 


There are two common minerals that fit the criteria you have entered. 
They are normally easily differentiated on the basis of color, one is 
brass yellow and the other silvery or black. However, there is a much 
Simpler test we can use. Find the small magnet that came with your 
mineral identification kit. Try placing it on the unknown mineral. 


Magnetite 
FezO, 


If the Magnet is STRONGLY Attracted to the Mineral: 
Luster - Metallic 
Hardness - Greater than 5.0 
Streak=Black/ Gray 
No Apparent Cleavge 


Black No Cleavge Iron black to silvery 
Streak gray. Strongly magnetic. 
H=6.0 


Your Mineral is Magnetite! 


Magnetite 


Also called LODESTONE, or 
MAGNETIC IRON ORE, iron 
oxide mineral (Fe30,) that is 
the chief member of one of the 
series of the spinel group. 
Minerals in this series for 
black to brownish, metallic, We fe > 
moderately hard octahedronsyg i 

and masses in igneous and) gm “ T 
metamorphic rocks and in hs F y Pie, de CERO 
granite pegmatites, stony == u 
meteorites, and high- 
temperature sulfide veins. The magnetite series also contains magnesioferrite 
(magnesium iron oxide), franklinite (zinc iron oxide), jacobsite (manganese 
iron oxide), and trevorite (nickel iron oxide). All are magnetic, although 
franklinite and jacobsite are only weakly so; magnetite, which frequently has 


' 
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il 
amm 


distinct north and south poles, has been known for this property since about 
500 BC 


If the Magnet is NOT Attracted to the Mineral: 


Luster - Metallic 
Hardness - Greater than 5.0 


Streak=Black/ Gray 


No Apparent Cleavge 


A 
Pyrite Black No Cleavge, Brassy yellow; 
FeS, Streak may have commonly in cubes or 
Concoidal 12-sided crystals with 
fracture striated faces. Fool's 
gold. H=5.0 


Your Mineral is Pyrite! 


Pyrite 


Sometimes called IRO 
PYRITE, or FOOL'S GOLD, 
naturally occurring iron 

disulfide mineral. The name = 
comes from the Greek word Ji: $ = 
pyr, "fire," because pyrite “Ef 
emits sparks when struck by $ 4 
steel. Nodules of pyrite have "i 
been found in prehistoric © 
burial mounds, which suggests 


CHAPTER 3 = COMPONENTS 


Inductors can also be used to efficiently pass alternating current via a magnetic field from one 
inductor to another. This is how the primary windings of a power transformer induce a current in the 
neighboring secondary coil, which, depending on the ratio of windings and a few other factors, 
determines if the transformer steps up the voltage or steps down the voltage. It can even keep the voltage 
the same, for when electrical isolation is needed between two different systems. 

Most electric motors employ some sort of inductor that alternately attracts and repels another 
electromagnet or permanent magnet. The most basic direct-current (DC) motors require a fairly 
complex mechanical arrangement to perform the necessary switch-swap to alternate the fields. This 
process is called commutation. In other types of electric motors, such as brushless motors and stepper 
motors, this commutation process is done electronically, externally to the motor itself, and requires 
more complex circuitry to control the speed and direction of the motors. See Figure 3-17. 


Figure 3-17. Some simple DC motors. When direct current is applied to their terminals, they spin. The 
magic happens with an electrical and mechanical arrangement inside that performs the necessary 
commutation of the magnetic fields. 


Switches 


The most basic way to control the flow of electric current in a circuit it to literally break the circuit. This 
means that instead of forming a conductive loop from power source to components and back again, a 
gap is introduced somewhere in the loop. 

This gap can come anywhere in the loop. It can be right next to the battery, for example, or 
somewhere off in the middle—as long as the circle is broken, no current will flow. 
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their use as a means of producing fire. Pyrite is called fool's gold because its 
color may deceive the novice into thinking he has discovered a gold nugget. 


Pure pyrite (FeS,) contains 46.67 percent iron and 53.33 percent sulfur; its 
crystals display isometric symmetry. Pyrite is widely distributed and forms 
under extremely varied conditions. For example, it can be produced by 
magmatic (molten rock) segregation, by hydrothermal solutions, and as 
stalactitic growth. It occurs as an accessory mineral in igneous rocks, in vein 
deposits with quartz and sulfide minerals, and in sedimentary rocks, such as 
Shale, coal, and limestone. 


Pyrite occurs in large deposits in contact metamorphic rocks. Deposits of 
copper-bearing pyrite are widely distributed and often of great size. They 
usually occur in or near the contact of eruptive rocks with schists or slates. 
Pyrite weathers rapidly to hydrated iron oxide, goethite, or limonite. This 
weathering produces a characteristic yellow-brown stain or coating, such as 
on rusty quartz. 


Pyrite 1s used commercially as a source of sulfur, particularly for the 
production of sulfuric acid. Because of the availability of much better 
sources of iron, pyrite 1s not generally used as an iron ore. 


For many years Spain was the largest producer, the large deposits located on 
the Tinto River being important also for copper. Other important producers 
are Japan, the United States (Tennessee, Virginia, California), Canada, Italy, 
Norway, Portugal, and Slovakia. 


Now if it is Luster - Nonmetallic 
Step 2 


The next step of the identification process involves determining the 
hardness of your unknown. We will use a couple of simple objects to 
preform all of the necessary tests; your fingernail (H=2.5), a steel nail 
(H=5.0) and a glass plate (H=5.5). 


First Test 


Begin by attempting to scratch your unknown with your fingernail. 
Does it scratch the mineral? If not, try the next test. 


If you were able to scratch the mineral 


Luster - Nonmetallic 
Hardness - Less than 2.5 
Step 3 


The next step of the identification process involves a simple 
streak test of your unknown. Simply rub the sample on the 
Streak plate and click on the streak color that most closely 
matches those shown below. 


WHITE YELLOW GREEN or BROWN 


Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=White or Colorless 
Step 4 


One Final Step! Let's examine the mineral for any signs of 
cleavage. The minerals in this group should have 
no/indistinct cleavage or one direction of cleavage. 


Usually called basal A, 


. i cleavage. i - =, a 
One Direction —— OAT 


No Apparent Cleavage 


Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=White or Colorless 
One Direction (Basal) Cleavage 
Step 5 


There are several nonmetallic minerals that have one 
direction of cleavage. They are often fairly easily 
differentiated on the basis of appearance. Feel frre to look at 
each of the possibilities and pick the one that best fits your 
unknown mineral. With a nail or your fingernail scrape off a 
few small flakes. Are they very tiny flakes? If so, run your 
fingers over the mineral, does it feel slippery or greasy? 


If so: 
Luster - Nonmetallic 
Hardness - Less than 2.5 


Streak=White/ Colorless 


One Direction Cleavage 


— 
Talc White or 1 direction, Greasy or slippery feel; cig PEN 
Mg;Si,0i.(OH), | Colorless but difficult green, gray or white. AS Se 
Streak to see H=1.0 


Your Mineral is Talc! 


Tale 


Talc is a common silicate 
mineral that is distinguished 
from almost all other minerals 
by its extreme softness (it has 
the lowest rating [1] on the 
Mohs scale of hardness). Its 
soapy or greasy feel accounts 
for the name soapstone given to 
compact aggregates of talc and 
other rock-forming minerals. 
Dense aggregates of high-purity 
talc are called steatite. Since ancient times, soapstones have been employed 
for carvings, ornaments, and utensils; Assyrian cylinder seals, Egyptian 
scarabs, and Chinese statuary are notable examples. Soapstones are resistant 


to most reagents and to moderate heat; thus, they are especially suitable for 
sinks and countertops. Talc is also used in lubricants, leather dressings, toilet 
and dusting powders, and certain marking pencils. It is used as a filler in 
ceramics, paint, paper, roofing materials, plastic, and rubber; as a carrier in 
insecticides; and as a mild abrasive in the polishing of cereal grains such as 
rice and corn. 


Talc is found as a metamorphic mineral in veins, in foliated masses, and in 
certain rocks. It is often associated with serpentine, tremolite, forsterite, and 
almost always with carbonates (calcite, dolomite, or magnesite) in the lower 
metamorphic facies. It also occurs as an alteration product, as from tremolite 
or forsterite. 


One of the remarkable features of talc is its simple, almost constant 
composition; talc is a basic magnesium silicate, Mg3S14O,)(OH). Unlike 
other silicates, even closely related ones, talc appears to be unable to accept 
iron or aluminum into its structure to form chemical-replacement series 


If not, is the mineral a shade of dark green mineral? If 
SO: 


Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=White/ Colorless 


One Direction Cleavage 


m 


Chlorite 
Complex Fe- 
Mg sheet 
silicate 


White or 1 direction, Various shades of green. 


Colorless | perfect (small A mica-like mineral. 
Streak flakes) H=2.0-2.5 


Your Mineral is Chlorite! 


Chlorite 


The name chlorite 1s from the 
Greek chloros, meaning 
"egreen".Chlorite has habits 
similar to the other micas: 
foliated books, scaly 
aggregates, and individual 
flakes in a quartz-feldspar 
matrix are common. Rare 
pseudohexagonal crystals are 
known. 


Chlorite is a common mineral in low- to intermediate-grade metamorphic 
rocks, diagnostic of the greenschist facies. It is also a common secondary 
mineral after biotite, muscovite. and other mafic silicates in igneous and 
metamorphic rocks, and is sometimes found in sediments. Many greenish 
rocks owe their color to the presence of chlorite. Associated minerals 
include quartz and feldspars, epidote, muscovite, actinolite, albite, and a 
number of ferromagnesian silicates. 


The remaining three possibilities either cleave into larger 
flakes or only cleave with difficulty. If the mineral cleaves in 
larger sheets (hint: it is nice and flat), are they silvery, light 
brown or colorless? 


If so: 
Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=White/ Colorless 
One Direction Cleavage 
-aaa 
Muscovite White or 1 A colorless to silvery 
KAL(AISIi3010)(0H)> Colorless = direction, mica; can be peeled 
Streak perfect into transparent 


Sheets. H=2.0-2.5 


Your Mineral ts Muscovite! 


Muscovite 


Muscovite is a very common 
mineral found in igneous, 
metamorphic, and sedimentary 
rocks. In igneous rocks it 1s 
common constituent of granitic 
pegmatite, granite, granodiorite, 
aplite, and related felsic rocks. It isi 
somewhat less common in felsic. * 
volcanic rocks. Sericite is} == 
widespread in many igneous rocks, 
produced by the hydrothermal or late-stage magmatic alteration of feldspars 


and other minerals. The alteration may be selective, replacing only the cores 
of plagioclase grains or selected twin lamellae. Muscovite is a constituent of 
a wide variety of metamorphic rocks including slate, phyllite, schist, gneiss, 
homfels, and quartzite that are produced by metamorphism of common 
sedimentary rocks. Clastic sediments derived from crystalline terranes and 
not subjected to extensive weathering or transport often contain muscovite. 
It is therefore a common mineral in arkosic sandstone and related siliclastic 
sedimentary rocks 


One of the earliest uses for muscovite was as a substitute for glass because 
thin cleaved sheets are transparent. It is still used infrequently for viewing 
windows in industrial furnaces and ovens. It is now widely used in 
electronics and industrial applications. Muscovite sheets and ground 
muscovite are used in the electronics industry to make components as 
diverse as capacitors, transistors, insulators, and the windows on microwave 
tubes used in microwave ovens. Industrial applications include use as a filler 
in plastic, paint, and wallboard cement, coatings on wallpaper to produce a 
silky luster, mold release agents in the manufacture of automobile tires, and 
as a constituent of drilling mud used when drilling for oil and gas. Consumer 
products that contain muscovite include nail polish, lipstick, and eye 
shadow. The subtle luster seen in many colored cosmetic creams is there 
because of the presence of pulverized muscovite. 


The final mineral in this group is usually clear and colorless 
to chalky white . It does cleave, but nice thin flakes are rare, 
rather it usually makes kind of blocky pieces. If that is the 
case: 
Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=White/ Colorless 


One Direction Cleavage 


Gypsum White or 1 direction, Clear, colorless or A A 
CasSO,-2H,0 Colorless poor massive white and/or t 
Streak gray. H=2.0 


Your Mineral is Gypsum! 


Gypsum 


Gypsum crystals have a variety 
of habits, but most are tabular, 
less commonly they are 
prismatic or acicular. Large 
euhedral crystals are known as 
selenite. Granular or foliatec 
masses are quite common. Satin 
spar consists of parallel 
aggregates of fibrous gypsu 
and may fill veins. Simple 
contact twins are common and 

may form "swallow tail" twins. Prismatic crystals may be curved, and 
tabular crystals and cleavage sheets may be bent in certain directions with 
relative ease. Granular-massive rock gypsum is known as alabaster if white 
or light colored. 


Gypsum is a very common mineral in marine evaporite deposits and may be 
associated with halite, sylvite, calcite, dolomite, and anhydrite, as well as 
clay and silicate detrital grains. Gypsum in some evaporite deposits is 
produced by hydrating primary anhydrite. This requires a volume increase, 
so original planar anhydrite beds may become crumpled or disrupted as a 
result of the mineralogical change. Gypsum may also be produced as a 
precipitate from saline lakes, as an effiorescence on desert soils, or may 
precipitate around fumeroles or volcanic vents. Infrequently it is found in the 
near-surface, oxidized zone of hydrothermal sulfide deposits. 


Gypsum is one of the earlier minerals to be exploited by people; 1ts use goes 
back at least 5000 years. About 70% of the gypsum now mined goes to 
manufacture gypsum wallboard, also known as drywall. Gypsum wallboard 
is used to cover interior walls of most houses, apartments, and offices in 
North America and in many other parts of the world. To make wallboard, 
gypsum is calcined (heated) to drive off part of the water and is then ground 
to form a material called stucco (similar material is sold as plaster of Paris). 
Stucco 1s mixed with water, reinforcing fibers, and other additives to form a 
thick slurry that is extruded and wrapped with heavy paper to make 
wallboard. This material sets or hardens by recrystallizing to form gypsum. 
When cured it forms a stiff panel that is attached to interior wall framing 
with screws or nails. Joints between panels are finished with strips of mesh 
or heavy paper set in a plaster-like compound. 


Gypsum also is used in portland cement to control the setting rate, and as a 
soul amendment to improve soil structure and workability, provide sulfur and 
calcium to plants, and control the availability of other soil nutrients. 
Calcined gypsum also has medical applications. It 1s used as a dietary 
supplement to provide needed sulfur both for people and animals, and is 
used to make casts to support broken bones, and as a special casting plaster 
to make dental molds. Alabaster, which is fine-grained white gypsum, is 
used as an ornamental stone and for sculpture, but its softness restricts its 
utility. 


To review look for the following: 


e Small flakes, slippery feel —1t is talc 

+ Small green flakes -itis Chlorite 

e Larger, silvery or transparent flakes-it is Muscovite 

e Colorless to chakly white, poor cleavge perhaps a little blocky-it is 
Gypsum 
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Ifyou perform the lightbulb experiment in Chapter 1, you can see how this works. When everything 
is lined up properly and the final connection is made, the lightbulb lights up. When any of the 
connections are broken, the light goes out. It's really as simple as that. 

Most of the electrical switches that you operate every day are really mechanical in nature. Their 
main function is to physically move two conductors either together or apart. 

In the lightbulb experiment, you could use the wire as a switch, by physically touching either the 
battery terminal or the lightbulb (depending on how you were holding everything together). With a little 
practice, you could probably send Morse code, or at least a variation on “one if by land, two if by sea.” 

There are many kinds of switches for many kinds of switching tasks. The most basic are momentary 
action switches. These are usually push buttons, and only conduct electricity when pressed. Alternately, 
they can be built so that they conduct electricity all the time, except when pressed: 


e The first option is called normally open. When a circuit is open, it is not 
conducting electricity. When you close the circuit, by completing the loop, 
electricity can flow. A normally open switch would be welcome in a doorbell 
circuit. When no one is pressing the button, no bells are ringing. It would be 
annoying the other way around. 


e Anormally closed switch acts like a solid piece of wire (being a conductor of 
electricity) until it is activated, when it ceases to provide a path for the electricity 
to follow. This type of switch can be used as a kill switch on a gasoline-powered 
engine, such as a lawn mower, for example. By interrupting the flow of electricity 
generated by the magneto and powering the spark plug, you interrupt the internal 
combustion cycle, which will eventually cause the engine to slow down and then 
stop. 


This type of switch is called a single-throw switch. It’s either on or it’s off—conducting electricity or 
not conducting electricity. 


Note For almost every possible configuration of switches, there is a corresponding opposite configuration that 
is almost as popular. 


Another useful configuration for a switch is to switch from one circuit to another circuit, and not 
just on and off. This is referred to as a double-throw circuit. A switch like this normally has three 
terminals. A common terminal is usually, but not always, in the center. At any rate, the common terminal 
is electrically connected to the moving part of the switch that is going to make contact with one or the 
other two remaining contacts. The normally closed contact is the one that will be making contact with 
the common terminal when the switch is not activated, or at rest. The normally open contact is simply 
the other terminal. This assumes that the switch has some sort of bias or mechanical spring action that 
returns it to a certain orientation when no one is activating it. 

Some double-throw switches can remain in either state indefinitely. A typical light switch used in 
indoor lighting is a good example. It’s just as happy to stay on as off. 

Switches can have more than one circuit built into them. These switches are called double pole, 
triple pole, and so forth. They’re like two or more single-pole switches physically taped together, so that 
when one is switched, they all are switched. Usually these poles are electrically isolated from each other. 

We'll play with switches again in Chapter 5, where you'll learn some interesting ways to wire 
them up. 


Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=White or Colorless 
No Apparent Cleavage 
There are two minerals that have no apparent cleavage. In reality, 
both have excellent one directional cleavage, but each Is so fine 
grained that the cleavage is only visible under a microscope. It is 


Suggested you read both descriptions and select the one that fits the 
best. There is one simple test. Run your fingers over the mineral, does 


it feel slippery or greasy? If so: it is talc 


If not, does the mineral appear to be dull, chalky white and perhaps 
smell earthy? If so: 


In either case look at both mineral descriptions and pick the one that 
fits the best. 


Luster - Nonmetallic 
Hardness - Less than 2.5 


Streak=White/ Colorless 


No Apparent Cleavage 


— 
Kaolinite White or 1 direction, Occurs in dull, earthy, 
Al,Si;0;(OH);, | Colorless but difficult powdery white masses. 
Streak or impossible H=2.0 
to see 


Your Mineral is Kaolinite! 


Kaolinite 


Kaolinite is actually a group o 
common clay minerals that are hydrous 
aluminum silicates; they comprise the 
principal ingredients of kaolin (china 
clay). The group includes kaolinite and 
its rarer forms, dickite and nacrite, 
halloysite, and allophane, which are 
chemically similar to kaolinite bu 
amorphous. 


Kaolinite, nacrite, and dickite occur as 

minute, sometimes elongated, hexagonal plates in compact or granular 
masses and in micalike piles. They are natural alteration products of 
feldspars, feldspathoids, and other silicates. 


Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=Yellow 
Step 4 


One Final Step! Let's examine the mineral for any signs of 
cleavage. Sometimes it will be obvious and other times it 
will be more difficult to see or even indistinct. The only 
mineral in this particular group should not have any visible 
cleavage. If it does try returning to STEP 3 or STEP 2. 


Sulfur 
S 


if there is No Apparent Cleavage : 


Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak= Yellow 


No Apparent Cleavage 


Yellow No cleavage Various shades of 
Streak or Conchoidal | yellow; resinous luister. 
Fracture H=1.5-2.5 


Your Mineral ts Sulfur! 


Sulfur 


Sulfur is found around 
fumaroles, volcanic vents, and 
in hot spring deposits associated 
with recent or active volcanism. 
The sulfur may precipitate 
directly from vapors or be 
produced as a result of bacterial 
action on sulfate minerals. 
Hydrothermal sulfide deposits 
may also contain native sulfur, 
usually in the near-surface 
oxidized zone. 


The largest concentrations of sulfur are associated with salt domes formed of 
marine evaporite deposits. The evaporites are dominantly halite, but usually 
contain gypsum, anhydrite, and calcite. When the top of a salt dome 


encounters fresh meteoric groundwater within roughly a kilometer of the 
surface, halite is dissolved. Continuous upward movement of salt from its 
source allows a cap of less soluble calcite and gypsum to accumulate at the 
top of a salt dome. The cap commonly consists of an outer/upper zone of 
calcite, transitioning inward to gypsum and then anhydrite. Hydrogen sulfide 
is produced by anaerobic sulfur-reducing bacteria provided that 
hydrocarbons (oil/gas) are available by the following general reaction: 


CaSO, + CH,(hydrocarbons) + bacteria = HS + CaCO; + H2O 


The hydrogen sulfide is oxidized either by oxygen in the groundwater, 
hydrocarbons, or other chemical processes to form elemental sulfur: 


2H,S + O,=25S + 2H,0 


The actual reaction paths are greatly more complicated than these and may 

additionally involve aerobic bacteria. Because generation of sulfur involves 
breaking down sulfates and production of calcite, the sulfur is concentrated 
at the calcite—sulfate boundary in the cap rock of salt domes. 


Sulfur from salt domes is usually extracted by injecting superheated water 
into the sulfur. The hot water mobilizes the sulfur and both water and sulfur 
are then pumped to the surface for processing. Sulfur is principally used to 
manufacture sulfuric acid, which is itself used in many chemical processes. 
Major uses of sulfuric acid include the manufacture of phosphatic fertilizer, 
leaching copper from copper ore, and a wide variety of other chemical 
processes. Sulfur also may be added directly to soil as a nutrient. A 
substantial amount of the sulfur used for industrial purposes is derived as a 
byproduct of extracting metals from sulfide minerals. 


Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=Green or Brown 

Step 4 


One Final Step! Let's examine the mineral for any signs of 
cleavage. It will be obvious. The only mineral in this 
particular group should have very visible cleavage. If there 
is no cleavage try going back to STEP 2. 


Usually called basal = a, 
One Direction eres O 
Luster - Nonmetallic 
Hardness - Less than 2.5 
Streak=Black, Green or Brown 


One Direction Cleavage 


Biotite Green 1 direction, A dark-colored mica; 
KAl,(AlSI3010)(0H)> | or Dark perfect usually black, brown 
Brown or green. Can be 
Streak peeled into thin 
sheets. H=2.5 


Your Mineral ts Biotite! 


Biotite 


Biotite is a very common 
mineral. In igneous rocks it is 
characteristic of silicic and 
alkalic rocks such as granite, RAS 


granodiorite, quartz  diotite, 2 Y : ee 3 

pegmatite, syenite, nephelineWk kre : : Tiina E 
syenite, rhyolite, rhyodacite,k ae : 
dacite, and phonolite. It also isf B G Se 


found as a late-stage magmaticiMis 
product in more mafic rocks i 


gn 


including diorite, gabbro, norite, and anorthosite. Mg-rich biotite 
(phlogopite) is found in peridotite and other ultramafic varieties. In 
metamorphic rocks, biotite is very common in a wide variety of hornfels, 
phyllites, schists, and gneisses and may persist from greenshist facies 
through strongly migmatitic rocks. Mg-rich biotite is also found in marble 
and related metamorphosed carbonate-rich rocks. 


Biotite also is a relatively common detrital mineral, particularly in immature 
sediments, but yields to clay minerals with extended weathering and 
transport. 


Most vermiculite is a hydrated alteration product of biotite. Alteration, 
accomplished either by weathering or hydrothermal processes, results in 
leaching of interlayer K cations and replacement with Ca, Mg, and water, 
with ion exchanges in other sites as needed to maintain electric neutrality. 
As a result of adding the interlayer water, vermiculite is prone to dramatic 
expansion when heated. It owes its name to the observation that books of 
vermiculite, when heated, expand into worm-like shapes. For most 
applications, the vermiculite is heated to force it to expand, producing a low- 
density product that looks like dirty fluffed-up biotite. Expanded vermiculite 
is used as an insulation material, a filler in gypsum wall board or other 
construction materials, and in a variety of other industrial applications. The 
most frequently encountered use for most people is as an additive in potting 
soul used to grow house plants. 


Second Test 


Attempt to scratch your unknown with the steel nail. Does it scratch 
the mineral? If not, try the Third test. 


If you were able to scratch the mineral: 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Step 3 


The next step of the identification process involves a simple 
streak test of your unknown. Simply rub the sample on the 
streak plate and follow on the streak color that most closely 
matches those shown below. 


WHITE YELLOW-BROWN 


if it was white: 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Streak=White or colorless 
Step 4 


Next, let's examine the mineral for any signs of cleavage. All minerals 
in this particular group should have readily visible cleavage. Usually it 
will be obvious but occasionally it will be more difficult to see. If you 
see no evidence of cleavage try returning to Step 2 or the previous 


step, Step 3. 


Three Directions 


not 90 degrees 


Three Directions 


90 degrees 


Four Directions 
octahedral 


Three mot at 90 
degrees. A mineral 
that breaks into a six- 
sided priem, with 
each side having the 
shape of a 
parallelogram, has 
rhombic cleavage. 


Three at 90 degrees. 
Minerals with three 
planes of cleavage 
that intersect at 90 
degrees are said to 
have cubic cleavage. 


Calcite 
CaCO; 


if it is Three Directions -not 90 degrees: 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Streak=White or Colorless 
3 Directions of Cleavage - Not right angles 
Step 5 


There are two minerals that have 3 directions of cleavage, 
not at 90 degrees (rhombohedral cleavage). There is a 
simple test to differentiate the two minerals. Using dilute 
(2%) hydrochloric acid, place a couple of drops of acid on 
the mineral specimen. Does it bubble or fizz vigorously? 


If so: 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Streak=White or Colorless 
3 Directions of Cleavage - Not right angles 


White or 3 Directions Varicolored: often white 


colorless of Cleavage or colorless. Occurs as 
Streak at 60° or rhombic or 
120° scalenohedral crystals. 
Reacts vigorously with 
HCl. H=3.0 


Your Mineral ts Calcite! 


CALCITE 


The name calcite is from the 
Latin calx, meaning burnt 
lime. Calcite has many habits, 
The most common are 
hexagonal prisms with simple 
to complex 
terminations;scalenohedra, 
often with combinations of 
other forms;rhombohedra, 
either acute or flattened; and 
tabs with well-developed 
basal faces. Polysynthetic 
twinning is common but 
usually requires a microscope 
to detect. Calcite is also found as a massive rock-forming mineral, as 
nodules or crusts, in speleothems, and as fine to coarse granular aggregates. 


Calcite is a common and widespread mineral. It is an essential and major 
mineral in limestones and marbles, occurs in cave deposits, and occurs as a 
vein mineral with other carbonates, sulfides, barite, fluorite, and quartz. 
Calcite also occurs in some rare carbonate-rich igneous rocks and is a 
common cement in some sandstones. Calcite is common as a weathering 
product. Organic calcite is common in shells and skeletal material. 


There are several varieties of calcite. Iceland spar refers to clear calcite, 
usually in rhombohedral cleavage fragments; dogtooth spar refers to crystals 
with steep scalenohedral forms; nail-head spar refers to flat rhombs or 
stubby prismatic crystals. 


Calcite has two polymorphs, aragonite and vaterite. It is isostructural with 
magnesite, siderite, sphaerocobaltite, smithsonite, nitratite, dolomite and 
gaspeite. Calcite and rhodocrosite form extensive solid solutions at room 
temperature and a complete solid solution above about 550 degrees C. 
Calcite forms limited solid solutions with ankerite and dolomite at all 
temperatures. 


CHAPTER 3 + COMPONENTS 


Active Components 


While it could truthfully be said that all electronic components require some electricity to do anything, 
the distinction made in this book between passive and active components is that active components 
need a little more power to be really interesting. 

First we’ll look at sources of this magical electricity, and then we'll move on to some of the 
fascinating and complex components that will happily use it all up for you. 


Power Supplies 


You're going to need some sort of power source for any electric or electronic circuit you run across. If it 
doesn't use electricity in some structured form, it's not really electronics, now is it? 


Batteries 


You can use regular batteries to power a lot of your circuits, but they eventually wear out, and then you 
have no real recourse other than to throw them away or recycle them, if possible. Ifyou're going to be 
using batteries, at least get some good ones. Many of the bargain brands are terribly inferior in their 
manufacture and are only providing you with a false economy. Spend a little more and get higher- 
quality parts, and you will be rewarded with longer life and more reliable operation. 

A great way to work with batteries is to use the appropriate battery connectors or battery holders. 
Sometimes you can remove these from obsolete electronic devices that have outlived their useful 
lifetime. Always observe the proper orientation and polarity of batteries. Even smaller batteries contain 
an annoying amount of power, especially when it all decides to come out at once, such as when you 
accidentally plug something in backward or short something out. This can result in damaged parts, 
burns, or even fires. Be careful with batteries. 

Having a fuse holder wired inline with your battery-powered supply is an excellent and cheap way 
to prevent such “unauthorized thermal events.” Keep several spare fuses on hand as well. Fuses cost 
little and save much. 

Rechargeable batteries are becoming more common, and they keep coming down in price while 
improving in longevity and power capacity, and decreasing in size and weight. Any rechargeable battery 
technology beats any kind of primary, or nonrechargeable, battery in the long run. 


Caution The same warnings about battery polarity and fuses apply to rechargeable batteries as well. 


Since there’s no easy way to “turn off” a battery, it would be a good idea to include a power switch in 
your supply, if possible. Just make sure that whatever switch you select can stand up to the maximum 
current you will want to be extracting from your power supply. You should also make your switch large 
and easy to see, so that you can find it quickly when you need it. An obvious power-on indicator is also a 
great plus for a homemade power supply. This can be as simple as a green LED (with appropriate 
current-limiting resistor—see below) or as complex as a voltage meter indicating how much juice is left. 
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If it the acid fizzes very slowly or not at all try taking a nail, 
pocketknife of steel file and powdering the mineral , Drop 
some acid on the powder. It should now bubble more 
vigorously, if so: 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Streak=White or Colorless 
3 Directions of Cleavage - Not right angles 


Dolomite White or 3 Directions Usually pink or white. 


Ca,Mg(CO3). | colorless of Cleavage Occurs as small, 
Streak at 60° or rhombic, poorly-formed. 
120° Reacts with HCI when 


powdered. H=3.5-4.0 


Your Mineral is Dolomite! 


DOLOMITE 


Dolomite is named after D. 
de Dolomieu, a French 
chemist and geologist. 
Crystals are typically 
rhombohedral, having the 
shape of cleavage fragments, 
often with curved faces. Less 
commonly they are prismatic 
or steep rhombohedra. 
Lamellar twinning is nearly 
always present but may be 
hard to see. Massive 
dolomite, showing 
rhombohedral cleavage, is 
common. Dolomite is isostructural with calcite). Fe and Mn may substitute 


for Mg in substantial amounts. Co, Pb, Zn, Ce, or excess Ca may also be 
present. 


Dolomite 1s a common mineral, found in massive carbonate sediments and 
in marbles, often with calcite. It also occurs in hydrothermal veins with 
fluorite, barite, other carbonates, and quartz, and as a secondary mineral or 
alteration product in limestone. Dolomite is isostructural with calcite, and a 
number of other minerals. 


If you do not have hydrochloric acid, examine the specimen carefully. 
Does it have large, shiny cleavage surfaces at 60 or 120 degree 
angles? If so: 

Your Mineral is Calcite! 


If not, is it comprised of smaller, chalky white grains or 
crystals with poorly developed cleavage surfaces? If so: 


Your Mineral ts Dolomite! 


If neither of these descriptions fits your mineral try going 
back to Step 4 or Step 3 


now if it is Three Directions-90 degrees: 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Streak=White or Colorless 
3 Directions of Cleavage - Right angles 


Halite White or | 3 Directions | White or colorless, cubic = o oJ) 
NaCl colorless of Cleavage crystals. Excellent ES T A eY 
Streak at 90° cleavage. Tastes salty. drik: ef ries alee 


Your Mineral ts Halite! 


Four-Directions -octahedral: 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Streak=White or Colorless 
4 Directions of Cleavage 


—$<—— 

Fluorite White or 4 Directions Cubic or octahedral 
CaF, colorless of Cleavage crystals; often purple, 
Streak blue, green, yellow or 


colorless. H=4.0 


Your Mineral ts Fluorite! 


if you find it yellow: 


Luster - Nonmetallic 
Hardness - 2.5-5.0 
Streak=Yellow-brown 
Step 4 


One Final Step! Let's examine the mineral for any signs of 
cleavage. Sometimes it will be obvious and other times it 
will be more difficult to see or even indistinct. The only 
mineral in this particular group should not have any visible 
cleavage. If you see evidence of cleavage try returning to 
Step 2 or the previous step, Step 3. 


If No Apparent Cleavage : Your Mineral is Limonite! 


Third Test 


Attempt to scratch your streak plate with your unknown 
mineral. Does it scratch the streak plate? 


If you were NOT able to scratch the streak plate: 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Step 3 


The next step of the identification process involves a simple 
streak test of your unknown. Simply rub the sample on the 
streak plate and followon the streak color that most closely 
matches those shown below. 


WHITE PALE GREEN 


OR COLORLESS OR COLORLESS RED-BROWN 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=White or colorless 
Step 4 


Next, let's examine the mineral for any signs of cleavage. All 
minerals in this particular group should have readily visible 
cleavage. Usually it will be obvious but occasionally it will be 
more difficult to see. If you see no evidence of cleavage try 
returning to Step 2 or the previous step, Step 3. 


Two at 90 degrees. 


Two Directions 
at nearly 90 degrees 


No Apparent Cleavage (CLICK 
HERE) 


Plagioclase 
CaAl,S1,04 
NaAlSi30s 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=White or Colorless 
2 Directions of Cleavage - Nearly right 
angles 
Step 5 


There are two minerals that have 2 directions of cleavage at 
90 nearly degrees. They are both members of the much 
larger group of minerals called the feldspars. Since both are 
feldspars they can be difficult to distinguish from one 
another. First let's look at the specimen carefully (use a 
magnifying glass or hand lens if you have one). Do you see 
tiny striations (parallel lines on some cleavage surfaces? 


If so: 
Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=White or Colorless 


2 Directions of Cleavage - Nearly right 


angles 
White or 2 Directions, Solid solution series 
colorless nearly 90° between albite (Na) and 
Streak anorthite (Ca). White, 


gray or black. Striations 
on some cleavage faces. 
H=6.0 


Your Mineral is Plagioclase feldpar! 


Plagioclase 


Plagioclase is actually a group of minerals. 
There is a continuous series from pure albite, 
NaAlISi30g (Ab), to pure anorthite, 
CaAl,Si,0g (An). The series is arbitrarily 
divided into six species or subspecies as 
follows: 


e Albite An0-Anl0 

e Oligoclase Anl0-An30 
e Andesine An30-An50 

e Labradorite An50-An70 
e Bytownite An70-An90 
e Anorthite An90-An100 


Distinguishing the plagioclase series minerals from the potassium feldspars 
1s difficult. Look for the twinning striations on basal cleavage surfaces. 
Differentiation between the individual species or subspecies within the 
plagioclase series 1s best done optically or by X-ray diffraction, but careful 
density determinations can give a good indication of composition. Rock type 
1s also a useful guide (see below). 


Some albite, oligoclase, and labradorite in coarse cleavages commonly 
exhibit a play of colors in shades of blue or blue-green, yellow, and brown. 
Those with bulk compositions in the albite-oligoclase range, which are 
typically light colored, are called penstenite. 


Most anorthite occurs in contact metamorphosed limestones. Bytownite and 
labradorite are characteristic of igneous rocks of gabbroic composition and 
of the anorthosites; andesine, of andesites and diorites; oligoclase, of 
monzonites and granodiorites; albite, of granites and granitic pegmatites. 
The albite of pegmatites is of two distinct types; massive and lamellar, the 
latter widely referred to as cleavelandite. The plagioclases are also common 
in metamorphic rocks; in low-grade schists and gneisses, the plagioclase is 
typically albite; in medium-grade rocks, it is typically oligoclase or 
andesine. Pure or nearly pure albite occurs as veins in a few schists. 


Albite and oligoclase are mined from some pegmatites and used in the 
manufacture of ceramics and as the abrasive in toothpaste. 


The striations are the result of a process called twinning in 
which multiple crystals share a common growth plane. If you 
can not see any striations then you will be forced to rely on 
color. If the sample is white light gray or black: it is 
Plagioclase feldspar! 

Ifitis pink or blue-green: 

Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=White or Colorless 


2 Directions of Cleavage - Nearly right 


angles 
Orthoclase White or 2 Directions, Pink, white or blue- 
KAISI30s colorless nearly 90° green. H=6.0 
Streak 


Your Mineral is Orthoclase feldpar! 


Unfortunately, some varieties of orthoclase can also be white 
and easily mistaken for plagioclase. If neither description fits 
your mineral, try going back to Step 4 or Step 3 


if it has No Apparent Cleavage : 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=White or Colorless 
No Apparent Cleavage 
Step 5 


There are two minerals in this group. They are fairly easily 
discriminated. Although neither has cleavage, one often has 
conchoidal fracture. Also, it is usually white or colorless 
although rarely it can be light pink, purple, black or yellow. 
If your unknown specimen fits this description: 


Luster - Nonmetallic 
Hardness - 5.0-7.5 


Streak=White or Colorless 


No Apparent Cleavage 


Quartz White or Conchoidal Colorless or white; can 
SiO, colorless fracture be pink purple black or 
Streak yellow. Often forms 6- 


sided crystals. H=7.0 


Your Mineral is Quartz! 


The second mineral is often dark red, but can be green or 
brown. It may occur as 12-sided (dodecahedral) crystals. If 
your unknown specimen fits this description: 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=White or Colorless 


No Apparent Cleavage 


Garnet | White or No Dark red, green or 


Complex | colorless Cleavage brown. Often forms 
Ca,Fe,Mg,Al,Cr,Mn Streak 12-sided crystals. 
silicate H=7.0 


Your Mineral is Garnet! 


Garnet 


The composition of naturally occurring 
garnets rarely approaches the formulas given 
in textbooks because of extensive atomic 
substitution. The specific name applied is tha 
of the component that is present in larges 
amount. Ferrous iron and magnesium are 
interchangeable, and a series of intermediate 
compositions exist between almandine and 
pyrope; similarly, series of intermediate 
compositions exist between almandine and 
spessartine and between grossular and andradite. 
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Transformers 


Another great power supply that you probably already own is a power adapter or transformer from 
another electronic appliance. You should use caution, of course, with anything that plugs into the wall 
for power, especially if you're planning on monkeying around with the other end of it. 

Almost all commercially produced power adapters have a slew of certifications plastered on them. 
Somewhere in there should be the basic data concerning what type of power input it expects, what it is 
going to try to produce, and what the maximum limits are on the output. Make sure that whatever it is 
that you're going to plug into your wall is specifically designed to plug into your wall, as electrical power 
standards vary from one location to another. 

Make sure that any repurposed power supply you use does not get overly warm when in use. This is 
an indication that it is presently or has been overloaded in the past. Such a device is a fire-starter waiting 
for its magic moment. 

You need to know how much voltage is coming out of your power supply. Even if it is clearly printed 
on the device itself, if you have access to a voltmeter, you need to verify the output voltage before 
connecting it to anything. Many lower-cost power adapters are unregulated and will produce an output 
voltage that will vary wildly depending on the load applied to it. A regulated voltage output, on the other 
hand, will provide consistent voltage levels on the output, even with varying loads. 

USB adapters and chargers are becoming quite common and can provide regulated +5V at up to 
1/2A and sometimes more. These are great devices to use for small electronic experiments. They are 
generally small, lightweight, and reliable. 

A dedicated bench power supply is a very handy piece of test and measurement gear to have 
available in your lab. A good supply will have a variable voltage and a readout to show you what’s going 
on (or coming out). A step up and you get to set the maximum current that it will supply (to keep things 
from getting out of control too fast). Additional desirable features include multiple outputs and remote 
control from your PC. 

No matter what kind of power supply you use, use it responsibly. Don’t leave equipment powered 
up if you're not using it. Don’t attempt to bypass safety measures that are in place for your protection. 


Diodes 


A diode is a semiconductor device that will conduct current in one direction only. That’s the simple 
story. Of course, the reality is much more complex. A typical diode is composed of two pieces of a 
semiconductor material, usually silicon, but sometimes germanium or some other exotic substance. The 
diode action occurs in the junction between the two types of semiconductors, which have been specially 
manufactured to contain the exact right balance of impurities required. This is generally not the kind of 
thing you can build in your lab, unless you're Jeri Ellsworth. 

These two bits of semiconductor, called the N region and the P region (for negative and positive, 
respectively), are sealed up in either a glass or plastic enclosure. A standard diode has two terminals—an 
anode and a cathode—which represent the positive and negative leads, again respectively. Conventional 
current (i.e., current flowing from the more positive voltage to the more negative voltage) can flow 
through the diode from the anode to the cathode, but not the other way around. It’s magic! Well, 
technically it’s semiconductor physics, but either answer will serve for our purposes. 

Diodes come in all sizes. Generally speaking, the more power a diode is expected to handle, the 
larger it is going to be. Small-signal diodes are the same size or smaller than typical resistors. Power 
diodes, often called rectifiers, depending on their application, can be so large they have to be mounted 
with large bolts. 

The two most important electrical characteristics for the happy care and feeding of diodes are their 
maximum reverse voltage and forward current capability. You don’t want to exceed either one. 


Garnets differ somewhat in their mode of typical occurrence, as follows: 


e Almandine: The common garnet of gneisses and schists is almandine. 
it is also recorded from granites, rhyolites, and pegmatites. 

e Pyrope: Less common than the other garnets (except uvarovite), 
pyrope occurs in ultrabasic igneous rocks and serpentinites derived 
from them. It also occurs in high-grade, magnesium-rich metamorphic 
rocks. 

e Spessartine: Many garnets from granite pegmatites and in vesicles in 
rhyolites are spessartine or intermediate between spessartine and 
almandine. Spessartine also occurs im metamorphosed manganese- 
bearing rocks. 

e Grossular: Grossular is typically formed by contact or regional 
metamorphism of impure limestones and dolostones and, thus, is 
associated with calcite, wollastonite, and idocrase. 

e Andradite: Andradite is formed by the metasomatic alteration of 
limestones by iron-bearing solutions, and it commonly occurs 
associated with ore deposits in calcareous rocks. 

e Uvarovite: Uvarovite, which is rare, occurs in association with 
chromite and serpentinite. 


Garnets, being resistant to both mechanical and chemical breakdown, also 
occur as detrital grains in sands and sandstones. 


Garnet has some value as an abrasive because it is fairly hard, lacks 
cleavage, and hence breaks into irregular grains. Although garnet is a 
common mineral, material suitable for use as an abrasive has seldom been 
found in workable quantity. The requirements are for large isolated crystals 
that are crushed to provide the garnet sand used to make sandpaper. Severai 
thousand tons of such garnet have been produced annually at Gore 
Mountain, in the Adirondack Mountains of New York. Transparent 
unflawed garnet of good color can be cut into attractive gemstones. Much of 
the red garnet jewelry consists of pyrope from Czechoslovakia. Uvarovite 
would make a magnificent gemstone, but it does not occur in sufficiently 
large pieces. Green garnet gemstones are cut from a variety of andradite 
known as demantoid. 


If neither description fits, try going back to Step 4 or 
Step 3 


if itis PALE GREEN OR COLORLESS: 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=Pale green or colorless 
Step 4 
Next, let's examine the mineral for any signs of cleavage. Two 
minerals in this particular group have cleavage (although it is poorly 


developed). The other does not. You can return to Step 2 or the 
previous step, Step 3, by clicking on the appropriate hyperlinks. 


Two at 90 degrees. 


Two Directions 
at nearly 90 degrees 


Two Directions degrees. 
at 56 degrees and 124 
degrees 


No Apparent Cleavage 


Two Directions at nearly 90 degrees: 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=Pale green or colorless 


2 Directions - Nearly right angles 


Pyroxene 
Ca,Fe, Mg 
silicate 


Pale 2 Directions, Dark green stubby 


green or 87° and 93° crystals. Very poor 
colorless cleavage. H=5.0-6.0 


Streak 


Your Mineral is Pyroxene! 


Pyroxene 


The pyroxenes are the most important group 
of rock-forming ferromagnesian silicates. gepi 
They are a group of minerals that are closelyM % 
related structurally, in physical properties, andy a 
in chemical composition, even though they euT 
crystallize in two different systems; PM 
orthorhombic and monoclinic. In all species i 
of the group, the fundamental and common. ¿EY 
form 1s the prism. There are good cleavages A 
parallel to the prism faces. 


The chemical composition of the pyroxenes can be expressed by the general 
formula (W,X,Y),2,06, in which W, X, Y, and Z indicate elements having 
similar ionic radii and capable of replacing each other within the structure. 
In the pyroxenes, these elements may be: 


e W=Ca, Na 

e X= Mg, Fe+2, Mn+2, Ni, Li 
e Y=Al, Fe+3, Cr, Ti 

e Z=SLAI 


The proportion of W atoms is generally close to 1 or 0. Of the X group, 
manganese 1s generally present in minor amounts, and Li occurs as a major 
constituent only in spodumene (LiAIS1,0¢). Of the Y group, Ti is present 
only in minor amounts, replacing Al and Fe+3. Z is generally Si; in natural 
pyroxenes. 


The following table gives the names that have been applied to the common 
members of the group: 


Orthorhombic 


e Enstatite Mg2S1206 
e Bronzite (Mg,Fe)51.05 
e Hypersthene (Mg,Fe)5105 


Monoclinic 


e Clinoenstatite Mg2S1206 

e Pigeonite (Mg,Fe)S1206 

e Diopside CaAMg5105 

e Hedenbergite CaFeSi205 

e Augite intermediate between diopside and hedenbergite, 


e Acmite (Aegirine) NaFeSi1,0¢ 

e Jadeite Na(Al,Fe)S1O¢ 

e Spodumene LiAIS1,0¢ 

e Omphacite (Ca,Na)l(Mg,Fe** Fe” ADSi0s 


Amphibole Pale 2 Black, prismatic 
Ca,Fe,Mg,Al,OH  green/black | Directions, crystals. Good 
silicate or colorless 56° and cleavage. H=5.0-6.0 
Streak 124° 


Two Directions at 56 degrees and 124 degrees: 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=Pale green or colorless 


2 Directions - Not right angles 


Your Mineral is Amphibole! 


Amphibole 


The amphibole group comprises a complex 
group of 57 silicate minerals that, althoug ‘all 
falling in both the orthorhombic and = 
monoclinic systems, are closely related in. 5 
crystallography and other physical properties, ~~ $ 
as well as in chemical composition. A general pA 4 
formula of members of the amphibole group sau | 


1S Wo-.1A2Y5Z302(0H,F,CD,, in which dl = 


e W=Ca, Na, K 

e X=Ca, Fe+2, Li, Mg, Mn, Na 

e Y=Al, Cr, Fe+2 Fe+3, Mg, Mn, Ti 
e Z=AI,Si, Ti 


Briefly, the amphiboles can be categorized in four groups: (1) the iron- 
magnesium-manganese group, which includes orthohombic anthophyllite, 


gedrite, and holmquistite and the monoclinic cummingtonite series; (2) the 
calcic amphibole group, which includes, among others, the tremolite- 
actinolite series, magnesio- and ferro-hornblende, and hastingsite; (3) the 
sodic-calcic group; and (4) the alkali-amphibole group, which includes the 
glaucophanes and riebeckites. 


On the basis of composition, the most frequently encountered amphiboles 
may be conveniently grouped as follows: 


Orthorhombic 
e Anthophyllite Series (Mg,Fe)7Sig022(OH)> 
Monoclinic 


e Cummingtonite Series (Mg,Fe)7Sig02.0H)> 
e Tremolite-Actinolite Series Ca,(Mg,Fe)s51302,(0H), 
e Hornblende Series Ca,(Mg,FeAI(SI¡A1)0,,(0H,B), 


Alkali Amphibole Group 


e Glaucophane Series Na,(Mg,Fe)3A1,51502,(0H), 
e Riebeckite Series Na2(Fe,Mg)3Fe2Sig022(OH)> 
e Arfvedsonite Series Na3(Fe,Mg)4FeSig02.(OH)> 


Members of the anthophyllite series occur largely, 1f not wholly, in 
metamorphic rocks. Members of the cummingtonite series are also more-or- 
less restricted in occurrence to metamorphic rocks. The tremolite-actinolite 
series is also most common in metamorphic rocks. The series that we refer 
to as the hornblende series is more correctly called the magnesiohornblende- 
ferrohornblende series. Hornblende is the name applied to the dark gray or 
essentially black-to-greenish black amphiboles that occur in many igneous 
rocks. The alkali-amphibole group includes three series whose individual 
members are relatively common in either metamorphic or alkalic igneous 
rocks. 


No Apparent Cleavage : 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=Pale green or colorless 


No Apparent Cleavge 


Olivine Pale No Cleavge | Green granular masses. 


(Fe, Mg)>SiO, | green or H=6.5-7.0 
colorless 
Streak 


Your Mineral ts Olivine! 
Olivine 


The olivine series is an example of continuous 
solid solution of two components, Mg.S10,4 
and Fe.Si0,. Three names are used currently: 
forsterite for pure or nearly pure Mg.SiQ,, 
fayalite for pure or nearly pure Fe.S1O,, and 
olivine for the common intermediate varieties. 
Forsterite and olivine are incompatible with 
free silica because they react with it to give 
pyroxene; as a consequence, olivine and - 
quartz cannot crystallize together in a rock. ~ 

Fayalite, however, does not react in this way, and fayalite occurs in some 
granites and rhyolites. 


The composition of olivine generally corresponds closely to (Mg,Fe)2S10,, 
there being little replacement by other elements. Substitution by calcium is 
evidently strongly temperature dependent, because only a little of the olivine 


from plutonic rocks contains more than 0.1 percent CaO, whereas most of 
the olivine of volcanic rocks contains more than this amount, typically 
ranging up to a maximum of about 1 percent CaO. Manganese is present in 
most olivines and generally correlates positively with Fe content, ranging 
from about 0.1 percent in forsterites up to 2.5 percent in fayalite. Olivines 
from ultrabasic rocks generally contain some nickel, commonly about 0.3 
percent. A noteworthy feature of olivine is the virtual absence of aluminum; 
evidently replacement of Mg and Si by Al is unacceptable in the olivine 
Structure. 


Olivine alters readily. Hydrothermal alteration generally results in the 
formation of serpentine, whereas surface or near-surface alteration results in 
oxidation of the iron and removal of the magnesium and silica, commonly 
leaving a brown or red-brown pseudomorph that consists of goethite or 
hematite. 


Olivine is typically a mineral of mafic and ultramafic igneous rocks; in some 
places, it constitutes major rock masses (dunite); some basalts contain 
nodules of granular olivine, some that are derived from the earth’s mantle. 
Olivine is a common mineral in stony and stony-iron meteorites. Forsterite 1s 
formed by the metamorphism of dolomitic limestone. Fayalite melts at 
1205°C, forsterite at 1890°C; thus, magnesium-rich olivine, with a very high 
melting point, is used in the manufacture of refractory bricks. Transparent 
olivine of good color has been cut into attractive gemstones (peridot). 


if itis RED-BROWN: 


Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=Red-brown 

Step 4 


Next, let's examine the mineral for any signs of cleavage. 
Sometimes it will be obvious and other times it will be more 
difficult to see or even indistinct. No mineral in this group 
Should have cleavage, if your unknown does, try going back 
to Step 2 or the previous step, Step 3. 


if there is No Apparent Cleavage : 
Luster - Nonmetallic 
Hardness - 5.0-7.5 
Streak=Red-brown 


No Apparent Cleavge 


~ 


Hematite Red- No Cleavge Often in earth masses, 
Fe,O3 brown distnctly red-brown. 
Streak H=5.5-6.5 


Your Mineral is Hematite! 


Third Test-1r you were able to scratch the streak plate: 
Luster - Nonmetallic 
Hardness - Greater than 7.5 
Step 3 


There are NO minerals in your set that have a hardness 
greater than 7.5. Please return to Step 2. 
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Since a diode is, at best, only ever going to have a cryptic part number written on it, you’ll need to 
consult the manufacturer’s data sheet to find out all the necessary information. Many semiconductor 
producers offer “commodity” parts that conform to standard part numbering schemes. That way, you 
know that a 2N4148 diode from one manufacturer is going to be pretty close to a 2N4148 diode from any 
other manufacturer, but you should always check to make sure. 

Diodes typically have a forward voltage that must be exceeded before current will flow. This voltage 
is essentially lost and is dissipated as waste heat from the device. Silicon diodes will have an average 
forward voltage around 0.7V and up. Germanium diodes will have a smaller forward voltage, in the area 
of 0.3V. Schottky diodes use a metal-to-semiconductor interface region and achieve substantially lower 
voltage drops, making them much more suitable for higher-power applications. 


LEDs 


One special kind of diode is the popular light-emitting diode. You see these little guys everywhere these 
days. In fact, some folks go around with black tape, just trying to cover them all up so they can get their 
darkness back at night. 

The reason that they are everywhere is that they are cheap, reliable, and easy to use. They don’t take 
up much room, don’t take up much power, and don’t generate that much heat. The exceptions to these 
admirable qualities, of course, are in the newer generation of LED lighting products that emit 
tremendous amounts of light and produce tremendous amounts of heat. Every month it seems that a 
new record is set for efficiency. Let’s hope that trend continues. 

Being essentially diodes, LEDs have both an anode and a cathode. LEDs only conduct current in a 
single direction. You’ll need to make sure you limit the amount of current flowing through your LEDs, 
because the LEDs themselves sure aren't going to do it. 

LEDs designed to be indicator lights can be powered with as little as 1mA. High-efficiency LEDs can 
be used for illumination purposes and still only draw 20-30mA each. These very modest power 
requirements make LEDs a favorite for microcontroller projects, as these output power levels are easily 
handled by most popular chips. 

The forward voltage drop across LEDs is typically much higher than for a rectifier or signal diode. In 
fact, the voltage goes up as the emitted color of the LED goes from the infrared and red end of the 
spectrum (1.2-2V) up to the blue and ultraviolet end of the spectrum (3-3.6V). 


Transistors 


A true modern miracle, the semiconductor transistor ushered in the age of solid-state electronics. More 
than a million individual transistors can be used to build modern computer processors, all on a single 
chip. 

The first types of transistors to be built and used were called bipolar junction transistors (BJTs). This 
type of transistor is similar in construction to the diode, except that there are two semiconductor 
junction areas inside. 

This arrangement of magic beans allows a small amount of electrical current to be applied to one of 
the three terminals of the transistor, called the base, which in turn allows a much greater amount of 
electrical current to flow between the remaining two terminals, known as the collector and emitter. 

Two complementary types of BJTs are made, depending on the way that the positive and negative 
semiconductors are sandwiched together. NPN transistors will conduct conventional current from the 
collector to the emitter when current flows from the base to the emitter. The opposite variety, called the 
PNP transistor, does precisely the opposite, conducting conventional current from the emitter to the 
collector when the base is negatively biased. 

Transistors can be used to make amplifiers, switches, current limiters, voltage regulators, oscillators, 
and any number of other useful circuits. They are generally very low cost, lightweight, and reliable. 
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INTRODUCTION 


The Origin of the Earth 


Origin of the solar system. 


How and when did 1t begin? Any theory must answer the following: 


l. 


2; 


Gy 


All planets revolve around the Sun in the same direction in elliptical orbits that lie 
in the same plane. Pluto is a slight exception, probably a captured comet. 

All planets except Uranus (which rolls) and perhaps Venus and Mercury which 
are in tidal lock with the Sun, rotate in the same direction (counterclockwise). 
The planets lie at regular geometric distances from the Sun. Each about 2X the 
distance of the previous. 

99.9% of the angular momentum is in the planets. 

Separated into two distinct groups: 


e ‘Terrestrial (inner) planets of high density. Elements present are iron, 
oxygen, silicon, and magnesium. All are of roughly the same size. 

e Jovian (outer) planets of low density. Dominated by hydogen, helium, 
ammonia and methane. All are quite large. Density of Saturn less than that 
of water. 


Hypotheses to explain the origin of the solar system 


l. 


Nebular Hypothesis - Proposed by Kant in 1755. Solar system began as a large 
rotating dust cloud. Explains 1 and 2 above. Cloud cools and contracts. Can use 
the analogy of a figure skater to explain how cloud spins faster as it contracts. 
Eventually spins off rings that agglomerate into planets. Big problem is the 
presence of all the angular momentum in the planets. Sun should be spinning 
faster. 

Collision Hypothesis - Begins in same manner as above with gas cloud cooling 
and contracting. Passing star yanks tongues of material from the proto-sun. 
Problem is that an expanding gas cloud should overcome the gravitational 
attraction of the Sun. 

Recent Theory - Revives nebular hypothesis. Sun condenses under the force of 
rotation and gravity. Compression causes temperature to exceed one million -C. 
Thermonuclear reaction occurs which synthesizes the various elements. Material 
is blown out into space. As tempereature falls condensation begins with higher 
temperature substances (heavier elements) first to condense. Hence, heavy planets 
are near Sun and lighter ones farther out. 


Gross Structure of the Earth's Interior (Figure below) 


1) Crust - 5-50 km thick. Density 2.85 gr/cm? 


2) Mantle - 2900 km thick. Density 3.3 er/cm? 


3) Core - 3400 km thick. Density 15 gr/cm? 


Outer Core 


Inner 


Core 
2885 km 2270 km 1200 km 


Knowledge of the interior structure of the Earth 1s based largely on the study of seismic 
waves as they travel through the Earth and studies of meteorites, which are thought to 
represent fragments of extraterrestrial planetary material. 


Planetary Evolution 


No recent hypothesis. Thought that planetesimals form by accretion of condensed clumps 
of silicon. oxygen, iron and magnesium. Accreted material attracted to other accreted 
material by the force of gravity. Compression provides heat. Further infalling chunks of 
material convert energy of motion to heat energy. Finally radioactivity generates 
additional heat. All three combine to heat Earth to the melting point. Iron and magnesium 
sink to the core (iron catastrophe). This differentiates the Earth into a core and 
mantle/crust. 


Elemental Composition of the Earth 


Element Crust (wt.%) Core (wt.%) 
Oxygen 46.6 30 
Silicon 27.7 15 
Aluminum 8.1 1 

lron 5.0 35 
Calcium 3.6 

Sodium 2.8 

Potassium 2.6 

Magnesium 2.1 17 


Looking at the Crust 


1. Bedrock - Solid outcropping bodies of rock. Example is the San Gabriel 
Mountains. Three distinct types of bedrock: 


a) Igneous rock - Formed from the cooling of a magma. 


b) Sedimentary rock - Rocks formed from fragments of pre-existing rocks at the 
Earth's surface in response to weathering. 


c) Metamorphic rock - Rocks which are changed from their original nature in 
response to heat and pressure. 


Geologic Time 
Basic Concepts 


1. Principle of Uniformity - Proposed by James Hutton (aka Father of Geology). 
"The Present is the Key to the Past". Processes that operate on the Earth today 
probably operated in a similar manner in the past. Does not imply they operated at 
the same rate. 

2. Law of Superposition - Proposed by Nicholas Steno in 1669. In any sequence of 
layered rocks that have not been disturbed, the oldest layer is on the bottom and 
the youngest on the top. 


3. Law of Original Horizontality - (Steno) Sediments are deposited in layers 
parallel to the Earth's surface. 

4. Law of Cross Cutting Relationships - When one rock unit cross cuts another, 
the one that does the cross cutting is the younger. 

5. Law of Faunal Succession - W. Smith - Rocks with similar fossils are the same 
age. 


Types of Geologic Time 
A. Absolute Time - The actual age of a rock or geologic event in years. Based on 
radioactive age dates. 
B. Relative Time - The relative of age of one rock compared to another. Is this rock 
younger or older than that rock”? 


Relative Time 


First attempts to establish ages based on relative age dating and the basic principles given 
above. Go through figures on relative age dating. 


Coarse-grained Fine-grained 
Boulders « Clay 


San sabre Mountains 


These attempts worked only over short distances (physical correlation). The problem is 
what happens over longer distances. Introduce the concept of differing sedimentary facies 
due to differences in the environments of deposition. Use analogy of So. Cal. (Figure) 
showing different environments of deposition. Another example is England and France 
(Figure). 


england France 


Second figure shows how the correlation using fossils in England and France was much 
more successful (Figure). With fossil assemblages 1t 1s possible to create a chronologic 
sequence of rocks based on relative ages. This sequence is termed the Geologic Column. 


Fossil 1 Fossil 1 
Fossil 2&3 Fossil 2&3 
Fossil 4 Fossil 5 

Fossil 5 
Fossil 6 Fossil 6 
Fossil 7 Fossil 7 


england) France 


Geologic Time Scale 


1. Precambrian - Thought to represent all rocks deposited prior to the evolution of 
life. Now recognized to be period of time prior to the evolution of complex 
organisms. (4/5 ths of earth's history) 

2. Paleozoic - Generally period of time when life was confined to the seas. (about 
1/2 of the remaining 1/5th) 

3. Mesozoic - Age of reptiles and other primitive land animals. Advanced land 
plants (most of the remaining span of time) 

4. Cenozoic - Age of mammals. (about 1% of the earth's history) 


Absolute Time 


While relative time provides useful information regarding the timing of one event relative 
to another, it does nothing to answer the fundamental question about the age of the Earth. 


Early Attempts at Absolute Age Dating 


1. Bible - Archbishop Ussher - 9 AM, Oct. 26, 4004 B.C. 

2. Rate of Cooling of the Earth - Lord Kelvin estimates the Earth is 70 MY old. 
Unfortunately, he was unaware of radioactive decay and neglected its contribution 
to the total heat being lost by the Earth. 

3. Salt in the Oceans - Estimates of about 90 MY based on this method. It neglects 
all the salt in trapped in sedimentary rocks. 

4. Rate of Sediment Accumulation - 3 MY to 1584 MY. Very inaccurate due to 
problems determining the total thickness of all sediments accumulated through 
geologic time. 


Radioactive Decay 


Matter - Anything that occupies space and can be seen by the human eye. Definition 
serves well until the first microscope is built (17th century). Scientists realize there are 
particles smaller than the eye can see. 


Atom - The smallest particle of which matter is composed. 


Scientists could not see atoms, but over centuries they devised a model of the atom based 
on simple logic. They reasoned the atom had to be composed of at least two sub-atomic 
particles, which they termed the proton (+) and the electron (-). The latter revolved in 
orbitals around the former, analogous to the revolution of the planets around the Sun. 
Mass deficiencies lead them to propose a third sub-atomic particle, the neutron (no 
charge) which they place in the nucleus with the protons. From this was born the concept 
of the element. 


Element - A unique combination of protons, electrons and neutrons. Each element differs 
in the number of protons in the nucleus. 


Atomic Number - The number of protons in an atom of a particular element. 


Atomic Weight - The number of protons and neutrons. Electrons have less than 1% of 
the total mass of an atom and can be ignored. 


Late in the 19th century the theory of radioactivity was first proposed. It explained why 
certain elements were unstable, that 1s, they were observed to spontaneously decay to 
other differing elements. Central to this theory was the concept of the isotope. 


Isotope - An atom of an element that differs from another atom of the same element only 
by the number of neutrons in the nucleus. Example C °C *C 


Certain isotopes are radiogenic (unstable) and with time will decay to another element. 
There are several decay schemes. 


Decay Schemes 


a. alpha decay - emission of a helium nuclei (2 protons and 2 neutrons). The result 1s 
a loss of 2 in atomic number and 4 atomic weight. The decay of uranium to lead 
follows this scheme. 

b. beta decay - a neutron decays to a proton with the emission of a beta particle 
(electron). The result is a gain in | in atomic number and no change in mass. An 
example is the decay of rubidium to strontium. 

c. electron capture - an electron falls into the nucleus and combines with a proton to 
form a neutron. The result is a loss of 1 in atomic number and no change in mass. 
An example is the decay of potassium to argon. (Figure) 


Electron Capture 


At. Number = 2 At. Number = 1 
At. Mass = 4 At. Mass = 4 


The usefulness of radioactive decay to geology comes from the fact that the rate of decay 
is a constant that is unaffected by any physical process. Figure shows how the decay of 
parent atoms and growth of daughter atoms with time. 


How 
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does it work in nature? 


Magma is generated and begins to cool. Radioactive decay occurs throughout this 
process, but since the magma is a liquid the parent atoms quickly separate from 
the daughter atoms. 

When the rock solidifies that separation can no longer occur and the newly 
formed daughter atoms are trapped. 

Scientists sample the rock and in the lab release both the parent and daughter 
atoms, counting each. 

The decay rates have been experimentally determined and from the decay 
equation the age of the rock can measured. 


Using this method we can date: 


most igneous rocks 
very few sedimentary rocks 
organic material 


CHAPTER 3 + COMPONENTS 
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As with any other electrical components, you need to be aware of the electrical limitations of your 
transistors. Even when a transistor is fully saturated and conducting very efficiently, it’s still dissipating a 
certain amount of its energy as heat. Too much heat and say goodbye to your transistor. 

A newer type of transistor is becoming quite popular in power circuit applications, and uses a 
different type of semiconductor property to accomplish its mission. The MOSFET (metal-oxide- 
semiconductor field-effect transistor) has three terminals, just like the BJT. Each terminal performs a 
similar job, but does it in a different way. The gate of a MOSFET is electrically isolated from the 
conduction channel between the drain and source terminals. However, when a proper voltage is applied 
to the gate, it creates an electrical field that influences the conductivity of the channel between the drain 
and the source. 

The important differences between BJTs and MOSFETs lie in the type of signal needed to drive each 
of the transistors and how much power is wasted by being converted to heat. A BJT is a current- 
controlled device, where more current into (or out of) the base results in more current flow through the 
device. The MOSFET is a voltage-controlled device, where more voltage applied to the gate increases the 
current flowing through the channel. 

Additionally, MOSFETs typically have much lower on-state resistance than BJTs, meaning they can 
more efficiently switch higher currents. Finally, MOSFETs have a positive temperature coefficient, 
meaning that they conduct less power as they heat up—which is a good thing. BJTs are subject to 
thermal runaway—conducting more current as they heat up, which in turn generates more heat, and so 
on, until something snaps, crackles, or pops. 


Integrated Circuits 


As parts get more specialized, they become less fun. There are a hundred ways to wire up some 
transistors, resistors, and capacitors, but there’s generally only one way to hook up a thermocouple 
interface chip. 

The good news is that it has become much easier for companies to design and build vastly complex 
chips that can do things for us that, honestly, most people cannot comprehend. And that’s OK. We need 
airplanes that can, mostly, fly themselves. If we had to depend on humans to get everything done, you 
can imagine what kind of world we’d live in. Humans are notoriously sleepy, hungry, distracted, and 
forgetful. A voltage comparator chip does nothing but compare two voltages, all day, every day, 
perfectly, all the time. 

Integrated circuits come in an unbelievably wide range of functions, packages, and capabilities. The 
first integrated circuits were amplifiers. Integrated circuits allowed manufacturers to make chips that 
have dozens or hundreds of transistors and other parts all at once. Just plop that little silicon chip into a 
plastic package with legs on it, and you're done. 

What kind of chips do you need in your lab? Well, that's going to depend heavily on what kind of 
circuits you're wanting to design, build, or repair. 

Many older chips had a standard 0.1" pin spacing that made them easy to plug into a solderless 
breadboard for prototyping purposes. Most newer chips have been considerably shrunk, because 
phones and tablet computers are all the rage these days. It's still possible to work with these newer chips, 
but it almost always requires mounting them to some sort of breakout board or expander that brings out 
their tiny leads to a more reasonable, and reachable, size. 


Acquiring Components 


Where do components come from? The same place as everything else—the store—just like food, just like 
money. 

The electronic component manufacturing industry spans the globe. If someone’s not putting 
something electronic together, they're taking something electronic apart. 


Since we cannot age date most sedimentary rocks and the geologic column was complied 
on the basis of sedimentary rocks we have a slight problem assigning ages to rocks in the 
geologic column. Figure shows how we reconciled this problem. 


Weathering 
surface 


/ 


Cambrian 


Beginning of Ordovician 
between 475 MY and 510 MY 


The age of the Earth based on 
1. meteorites - 4.5 BY 
2. moon rocks - 4.5 BY 
3. minerals - 4.0 BY 
From these the age of the Earth is at least 4.5 BY and generally agreed to be 4.6 BY. 
MINERALS 
Minerals - Defined 
Naturally occurring 
Inorganic 


Fixed chemical formula 
Unique orderly internal arrangement of atoms (crystalline) 
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Atoms to Rocks (Figure) - Shows how the mineral is the basic building block of the 
geologist. In order to build minerals the atoms must join together. The process of the 
joining of atoms is called bonding. 


Atoms to Rocks 
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There are several mechanisms through which bonding can occur but from the geologic 
standpoint only two are important: 


e Ionic 
e Covalent 


Figure for NaCl. All atoms attempt to achieve the stable configuration of eight electrons 
in the outer most shell. To do this they can gain or lose electrons. This gain or loss causes 
the atoms to become charged since there is now an imbalance between positive charges 
(protons) and negative charges (electrons). For NaCl; chlorine gains an electron and 
hence a negative charge while sodium does the opposite. Ionic bonds are generally weak 
and many of the compounds resulting from these bonds are soluble in water. 


lonic Bonding 


ae 
Sodium (Na) Chlorine (Cl) 


Covalent bonds result from the sharing of electrons. See the CI-Cl Figure. Each chlorine 
shares one of its outer most electrons with an adjacent chlorine atom. This sharing results 
in stronger bonds, particularly where multiple electrons are shared. 


Crystals are built by this sharing or overlapping of electron orbitals. Since only certain 


arrangements minimize the mutual repulsive forces between electrons these are favored 
giving each crystal/mineral its unique internal geometric arrangement. 


Covalent Bonding 


_ shared 
_electrons 


Chlorine (Cl) Chlorine (Cl) 


Physical Properties 


Properties of minerals that the eye can readily discern. All physical properties are to a 
large extent a function of the orderly nature of atoms making up the crystals and how 
those atoms are joined to build the crystal structure. Let#i look at some physical 
properties: 


e Color - Probably the least reliable of the physical properties. Caused by impurities 
or lattice defects in the crystals. Example the yellow of sulfur or green of 
malachite. 

e Streak - The color of a powdered sample of a mineral. More reliable than color 
since same mineral seems to have same streak regardless of color of hand sample. 
Drawback is that many minerals have a white or colorless streak. Example the 
red-brown streak of hematite. 

e Hardness - The ability of one mineral to scratch another or an object of known 
hardness. Hardness is directly related to the strength of the bonds. 

e Cleavage - (Figure) The tendency of a mineral to split along certain preferred 
planes. A function of a weaker bonds in one or more planes or directions. Can 
have as many as 6 directions or as few as one. If a mineral does not have cleavage 
it is said to have fracture. Example: the concoidal fracture of quartz. 


e Specific Gravity - The weight of a mineral compared to the weight of an equal 
volume of water. Can use heft as a crude estimate of specific gravity. Most 
silicates 2-3. Metallic minerals 4-10. A function of atomic packing. 

e Luster - Appearance of a mineral when held up to the light. Terms most 
commonly used are metallic and nonmetallic. Metallic luster a function of 
metallic bonding. Other terms waxy, resinous, vitreous, earthy. A function of the 
interaction of light with the outer most shell of electrons. 


Classification of Minerals 


A classification of minerals is a necessity if we are to talk about them since there are over 
three thousand different minerals. We use the anion classification system in introductory 
classes to pigeonhole similar minerals. This is because minerals with common anions 
share many common physical properties. Before discussing the classification leti 
examine the abundance of elements in the earth's crust (Figure). We can expect that the 
most common minerals will be dominated by the most abundant elements (see below). 
Silicates (built from silicon and oxygen) are by far and away the most important/common 
minerals. Common Rock Forming Minerals table lists only the 10 most common minerals 
but they comprise 98% (by volume) of all minerals at the Earth#i surface. 


Crust 


Abundance of elements by weight % 


The Common Rock Forming Minerals 


o  Feldspar (silicate) 
o Quartz (silicate) 
o  Muscovite (silicate) 


Ferromagnesians 


Olivine (silicate) 
Pyroxene (silicate) 
Amphibole (silicate) 
Biotite (silicate) 
Muscovite (silicate) 


O O O O O 


o Calcite (not a silicate) 
Silicates 


Consists of a small silicon atom with a +4 charge surrounded in tetrahedral fashion by 
four larger oxygen atoms each having a -2 charge (Figure). Net charge on the anion group 
is -4. To satisfy this charge deficiency the S10; tetrahedra can either bond with cations 
(Fe, Mg, Ca, K, Na) or join with other S10, tetrahedra through oxygen sharing. 


Oxygen (O ) 


Silicon (Si ) 


Silicon-Oxygen 
Tetrahedron 


tetrahedron 


A) Simple silicates (Figure) Simplest structure in which each tetrahedra bonds to 
cations, usually Ca, Fe or Mg. Olivine is an example. Also the most dense of the 
silicates due to the close packing of the tetrahedra. Due to cation-tetrahedra bonds 
there are no stronger or weaker bonds and hence no cleavage. 


Simple silicate (olivine) 


g tetrahedron ” tetrahedron 
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B) Chain silicates (Figure) Can be either single or double chain silicates. Single 
chains share two basal oxygen while the double chain shares three. Two examples 
of this group are the pyroxenes (single chain) and amphiboles (double chain). 
Since the Si-O bonds are stronger than the tetrahedra-cation bonds this subgroup 
has fairly good cleavage in two directions. 
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C) Sheet silicates (Figure) Involves sharing of all basal oxygens to form a sheet 
of silicate tetrahedra. On top of this layer is a layer of cations, then another sheet 
of silicates, etc. etc. This gives the well developed basal cleavage in this group. 
Common sheet silicates are the micas. 


Sheet Silicates (micas) 


D) Framework silicates - All four oxygens are shared to build up a 
framework of tetrahedra. Good example is quartz. 


Other Anion Groups (See Slides in Class) 

Carbonates - Consist of cation plus the carbonate anion (CO3%). Important 
minerals calcite (calcium carbonate) and dolomite (calcium, magnesium 
carbonate). Calcite (limestone) the most important constituent in cement. 
Oxides - Consist of oxygen plus a cation, often Fe, Ti, Al, Cu, or Cr. 
Important oxides include hematite (Fe oxide) magnetite (Fe oxide). Major 
source of world iron, aluminum and chromium. 
Sulfides - Sulfur plus a metallic cation. Most of our important ore minerals 
are in this group. Includes galena (PbS), pyrite (FeS>) and numerous copper 
sulfides. Another important group of ore minerals. 
Other Groups 

a) Sulfates (S04) - Gypsum used for drywall 

b) Halides (CLF,Br) - Rock salt 


c) Phosphates (P0,) - Apatite for fertilizer 


IGNEOUS ROCKS 
Rocks - Aggregates of minerals 
Igneous Rocks - Rocks formed by crystallization from a melt (magma) 


1. Extrusive (volcanic) - produced when magma flows on the earth's surface 
2. Intrusive (plutonic) - produced when magma solidifies at depth beneath the earth. 


Classification of Igneous Rocks 


Process-oriented. Based on the rate of cooling of the igneous rocks and their resultant 
grain size. 


Texture - size, shape and arrangement of mineral grains in a rock. 


Coarse grained - Individual mineral grains can be seen which the naked eye. Rock must 
have cooled slowly to allow large crystals to develop. 


Fine grained - Mineral grains are present but are two small to be seem with the eye. 
Cooled rapidly before crystals had a chance to grow. 


Vesicular - Rock containing vesicles (gas holes). Always light weight. Example pumice. 
Glassy - Not composed of minerals at all but a true glass. Glasses are not crystalline! 


All typical classification schemes rely on a combination of texture, particularly grain size, 
and mineralogy. But, keep in mind they are process-oriented. Coarse grained are plutonic, 
fine grained are volcanic. See Figure below that depicts a typical classification. Stress 
similar mineralogy of granite vs. rhyolite, just differ in grain size. Compare granite to 
gabbro which have the same grain size, but different mineralogy. Notice from figure how 
the three comon fine-grained rocks, rhyolite, andesite and basalt differ in their chemistry. 
Rhyolite is very rich in silica while basalt has less silica, but more iron and magnesium. 
Andesite is intermediate. 


Ehyolite] Andesite | Basalt 
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Andesite Basalt 


Volcanoes 
Volcano - Cone shaped feature with a pit or depression at the summit. 
Crater - The pit or depression at the top of the volcano. 


Caldera - A destructive feature that marks the site of collapse of a volcano's summit. 
Form when magma chamber beneath the volcano is emptied. 


Anatomy of a Volcanic Eruption 


1. Magma is generated at depth. Cause of magma generation is a combination of 
factors including; geothermal gradient, radioactive heating and friction along plate 
boundaries. Temperature of typical magma 600-1400 degrees C. Depth of 
generation 50-100 km based on geophysics. 

2. Because magma is less dense it begins to rise. Lithostatic pressure drops as 
magma rises and it begins to boil. This releases gas which exerts outward 
pressure. 

3. At depth of 3-5 km magma reaches gravitational equilibrium. Boiling continues. 
If outward pressure of gas exceeds lithostatic pressure an eruption occurs. 
Obviously greater the volatile content (water) the more potential for a destructive 
eruption we have. Viscosity of the magma also an important consideration. 


Products of Volcanic Eruptions 
Lava - Magma which flows on the surface 


1. Pahoehoe - Ropy, fast moving low viscosity lavas 
2. AA - Blocky, slow moving higher viscosity lava 
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Once upon a time it took some hunting to find sources for electronic parts. Swap meets and “ham 
fests” were great places to find components, assemblies, and entire appliances just ready to be hacked, 
studied, improved, or rebuilt. Now you have to spend time looking for places to get away from all the 
electronic hustle and bustle. 

One of the great things about today’s Internet is that it takes almost no effort to find both electronic 
parts and the information needed to use them. The real trick these days is finding the best deal. 

Ifyou're strictly a hobbyist, looking to spend some quality time alone or with your kids, learning 
about electronics and building fun projects, then it just about doesn't matter if you get the absolute, 
rock-bottom price on every component and tool. Even if you're a budding entrepreneur, you're still in a 
much better position today to leverage those brilliant ideas floating around in that noggin of yours than 
you would have been even ten years ago, all because of the ubiquitous nature of electronics and 
technology saturating our lives. Not only can you get the right tools and the best parts shipped right to 
your door for a song, you can easily network with knowledgeable folk from all over the globe, 
contributing ideas and brainstorming across time zones and borders. 


Buying New Components 


Itwould be more than a full-time job just keeping up with all of the new tools, parts, software, and 
hardware that are available today. Even if you could, it would take many lifetimes to make and grow the 
connections and relationships you need to successfully compete in the global economy. 

That being said, a good place to start is in your own backyard. If at all possible, you should deal 
locally for the things you need. When what you want or need cannot be obtained locally, expand 
outward until you find it. 

While it's certainly nice to be able to find all your needs met close to home, it's also good to know 
that the world is shrinking every day. The sort of deals and relationships that couldn't possibly have 
existed in your parents’ time are happening right now. 

If you are in a position to spend some money on quality tools and components, then by all means 
do so. You will not regret it. Buying questionable items is like buying your groceries out of some guy’s 
van in a parking lot. Maybe he'll be there next week and maybe he won't. 

Even the small fry can get treated like an honored guest when dealing with the right people. The 
trick is finding the right people. The best way to find them is to ask your friends and others with similar 
interest where they trade. Ask them how they feel about their relationships with their vendors. Are they 
just a number? Or are they a partner? 


Recycling Used Components 


It’s really a bad idea to waste anything. In a more perfect world, there’d be no “other” category at the 
recyclers. Everything would have an exit strategy, especially the complex and fragile toys we're so 
addicted to these days. 

Until that day, try to look at your trash with new eyes. Is it conceivable that someone else might be 
able to use this equipment, or is it truly past its useful life? Or are you just being lazy? 

You can do your part, and you should believe that others are doing their part as well. Take the time 
to find them, find out what they can offer you, and find out what you have that they might be able to use. 
You won't know until you ask. 

Be careful when harvesting components with which you are unfamiliar. Novice recyclers should 
give yesterday’s cathode ray tube (CRT) TVs and monitors a wide berth. They can retain lethal voltages 
for considerable periods of time after being retired from service. Just leave them on the side of the road. 
The same goes for microwave ovens, or any equipment that has refrigerant in it. The stuff they use 
nowadays is quite toxic. 
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Pyroclastics - Airborne material 


l. 


E a a 


Dust - Fine fragments carried into upper atmosphere. Can remain suspended for 
weeks or years. 

Ash - Fragments of angular glass <.5 cm in diameter 

Cinders - Slag sized fragments .5-2.5 cm in diameter 

Lapilli - Fragments >2.5 cm 

Blocks - Very large angular fragments 

Bombs - Large rounded masses 


Classification of Volcanoes 


Morphology - appearance, size and shape 


d. 


Shield Volcano - Built up by repeated lava eruptions from a central vent. Very 
large with broad, mound- shaped, sides. Slopes 5-10 degrees. Typical example is 
Kilauea. Few in number and in center of plates. 

Composite (stratovolcano) Built from a combination of lave flows and 
pyroclastic material. Have smaller size, diameter 3-30kms and steeper slopes (10- 
30 degrees). Occur along plate margins. Many examples Vesuvius, Cascade 
volcanoes. 

Cinder Cone - Small feature a few thousand meters in diameter or less with very 
steep sides (30-40 degrees). Very numerous. Example Paracutin in Mexico. 


Distribution of Active Volcanoes - Most lie in a belt around the Pacific termed Ring of 
Fire. Also occur in Southern Europe, Atlantic, Central Africa. 


Comparison of Mt. St. Helens and Kilauea 


Mt. St. Helens Kilauea 
violent eruption quiescent eruption 
mostly pyroclastics mostly lava 
sticky viscous lavas low viscosity lava 
rhyolite basalt 
composite cone shield volcano 


at plate margins center of a plate 


Some Volcanic Eruptions 


Vesuvius - 79 AD Was a dormant volcano called Mt. Somma. Erupted with no 
warning in August. Eruption was so sudden inhabitants of Pompeii and 
Herculeaneum were buried where they lie. Eruption was believed to be a nuee 
ardente (fiery cloud) traveling at velocities of 150-200 km/hr. Prior to 79 AD last 
eruption believed to have occurred about 10,000 BC when Mt. Somma was 
formed. 79 AD eruption blew top off Mt. Somma and cone of Vesuvius was born. 
Since that time periodic eruptions have occurred to the present. Initial history one 
of repeated violent pyroclastic explosions. Since 17th century we are in a period 
of quiet eruptions accompanied by lavas. 


Mt.St. Helens - May 18, 1980. Eruption preceded by numerous of small earth 
tremors and steam venting. Last previous eruption was 1831. Summit blown off 
removing upper 400 m in one blast of rock and ash. One of a chain of volcanoes 
from southern B.C. into northern California (Cascade Range). 


Hawaiian Islands - Part of a 2400 km long chain of volcanic islands stretching 
across the central Pacific. Oldest islands in the chain are the most heavily eroded 
and have the oldest rocks. Lie to the northwest. Youngest islands are still active 
and lie at the southeast end of the chain. Postulated that the islands overlie a 
mantle hot spot. Movement of the Pacific lithospheric plate to the northwest over 
the stationary hot spot has caused the observed relationships. 


Iceland - Fissure Eruptions occur as lava flow from a long linear fissure rather 
than a central volcano. Seem to be associated with spreading centers at 
constructive plate margins. Erupted lavas consist of voluminous low viscosity 
basaltic lava. 


Intrusive Igneous Rocks 


Pluton - Body of magma which has solidified beneath the earth. Classified based 
on whether they are concordant (i.e. they are parallel to layering of host) or 
discordant (cross cut host). Also if they are tabular (table-like) or massive 
(equi-dimensional football-shaped). (Figure) 


1. Sill- Tabular concordant pluton 

2. Dike - Tabular discordant pluton 

3. Laccolith - Massive concordant pluton 
4. Batholith - Massive discordant pluton 


Cone sheet 


marble 


Pendant septa 


Magma Crystallization 


By the end of the 19th century it was recognized that all igneous rocks formed from the 
crystallization of a magma. A fundamental question that followed was "why do we get so 
many different types of igneous rocks if we had one primordial starting material". Use the 
analogy of baking a cake. N.L. Bowen conducts the first systematic study of the 
crystallization of igneous rocks. 


Publishes Bowen's Reaction Series (Figure) which shows that the minerals in igneous 
rocks crystallize in an orderly sequence. Discontinuous Series so named because as 
temperature falls we change from one new mineral to another (Ex. olivine alters to 
pyroxene). Continuous Series in which plagioclase feldspar merely changes composition 
from Ca-rich at high temperature to Na-rich at low temperature. Does not involve the 
formation of a new mineral, just a compositional change. This does not really help us 
understand why we have different igneous rocks, but it does seem to show that there is 
some order in nature. To more closely examine this order let's look only at the 
plagioclase feldspars. Why? Because plagioclase occurs in most igneous rocks. So if we 
can understand how and why feldspars form we may have some understanding about how 
different rocks form. 


Bowen's Reaction Series 
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Figure (Phase Diagram for Plagioclase) Explain how the diagram works. Plot of 
temperature vs. composition. Upper line is liquidus. Separates liquid field from liquid + 
crystals field. Lower line is the solidus which separates the liquid + crystals field from 
the solid field. We can begin by examining the crystallization path of a liquid of 
composition Xo. It cools to temperature X; and at that point the first crystals begin to 
form. To determine their composition we project a horizontal line to the solidus and find 
they have the composition C; or about 85% Ca plag. As temperature continues to fall 
liquid composition shifts along liquidus to X> and solid crystals shift in composition 
along the solidus to C2. At the completion of crystallization, (about 1275°C) the final 
solid has exactly the same composition as the starting liquid. This is an example of 
equilibrium crystallization. 
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Now let's look at what happens when we remove some of the crystals from the liquid as 
they form rather than allowing them to remain in contact with the liquid and change 
composition as they did in the example above. Result would be a series of fractions of 
crystals of different composition (Fractional Crystallization). 


Theoretically, fractional crystallization seems possible, but how could it occur in nature? 
By the process of gravitative settling, in which the early formed crystals in a magma 
sink to the bottom of the chamber due to their greater density and as such are shielded 
from reacting with the magma. Result is a series of layers of crystals of differing 
composition. Where can we find such a phenomenon in nature? Figure shows layering in 
the Palisades Sill that has occurred as the result of gravitative settling and fractional 
crystallization. 


Sandstone 


plag-pyroxene layer (gabbro) 


Sandstone 


Return to Bowen's Reaction Series and show the result of plotting the various major 
igneous rocks on the diagram (Figure). We could form each of these rocks as the result 
of fractional crystallization. The problem with fractional crystallization, however, 1s that 
it is not very efficient. Even under the best of circumstances we can form only 5% 
granite by fractional crystallization. Continents are 60% granite so where did all of it 
come from? Answer is there must be another mechanism involved. Go back to 
Plagioclase Phase Diagram and look at what happens if we take a solid of 50% Na 
plagioclase and 50% Ca plagioclase and heat it just enough to partially melt the solid. 
Liquid that forms is very Na-rich. Because it is a liquid it rises out of the system, 
eventually to crystallize higher in the crust. The solid that forms has the very same Na- 
rich plagioclase as the composition of the liquid. Thus if we partially melt a solid we can 
generate a liquid of very different composition which eventually recrystallizes as a rock 
of very different composition. This mechanism of forming rocks of different composition 
is termed Partial Melting and is thought to be the dominant mode of formation of the 
various different rocks. 
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Partial melting leads to the following: 
peridotite ---> basalt 
basalt ---> andesite 
andesite --> granite (rhyolite) 


Mantle of the earth thought to be peridotite. This conclusion ts based on the velocity of 
seismic waves and samples of peridotite found in diamond pipes. If we partially melt a 
peridotite (3-8%) the magma we generate has the composition of a basalt. Figure shows 
the typical result of partial melting of mantle peridotite at a divergent plate boundary such 
as the Mid- Atlantic Ridge. The crust is pulled apart and a basaltic magma is produced 
and then rises upward and emplaces itself on the sea floor as a pillow lava. Beneath the 
pillow lavas are diabase dikes, gabbro and peridotite. 
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The situation is different for the formation of granites at subduction zones. In order to 
form a partial melt at realistic depths we need water. This is because water dramatically 
lowers the melting point of rocks. The water comes from sediments carried down the 
subduction zone at convergent plate boundaries (Figure). Water lowers melting point of 
sediments and surrounding igneous rocks, thus forming a partial melt at 30-50km. 
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So the following occur: 
At divergent plate boundaries peridotite mantle partially melts to give basalt magma. 


At convergent plate boundaries water 1s carried down subduction zones causing partial 
melting and the formation of granitic magmas. 


METAMORPHISM 


Metamorphism - Solid state changes in sedimentary or igneous rocks. Takes place 
within the crust and in response to the agents of metamorphism. 


Agents of Metamorphism 
1) Heat 
a) frictional sliding of plates 
b) radioactivity 
c) gravitational compression 
2) Pressure 
a) burial (lithostatic) 
b) directed pressure due to tectonism 
3) Chemically Active Fluids 
a) Water - circulates in response to heat generated by cooling magmas. 
Exchanges ions between the solution and the rock through which it is 
traveling. 
Types of Metamorphism 
Dynamic metamorphism - Metamorphism along faults zones in response to 
pressure. Involves a brittle deformation of the rock during which it is ground into 
fine particles. Heat and chemical fluids are less important. Most important rock is 
mylonite a very distinctive lineated rock. 
Contact metamorphism - Alteration of rocks at or near the contact of a cooling 
pluton. Most important agents of metamorphism are heat and circulating fluids. 
Pressures usually less important, often in the range from 1-3 kilobars. 
Temperatures 300-800 degrees C. Produces a series of zones characterized by the 


presence of one or more diagnostic minerals. 


Regional metamorphism - Occurs over a very large area in response to increased 
temperature and pressure. Circulating fluids are unimportant due to the great 


depth of regional metamorphism. Pressure seals pore space in the rocks and fluids 
can't circulate. A variation on regional metamorphism is burial metamorphism, 
the latter occurs solely in response to burial. Generally, regional metamorphism 
occurs in tectonically active areas (i.e. plate margins). 


Classification of Metamorphic Rocks 


Process oriented classification just as is that for the igneous rocks. The two dominant 
processes are regional and contact metamorphism. 


Foliated - Contain linear or planar features. Form in response to active pressure during 
regional metamorphism. Foliation is not to be confused with the original sedimentary 
layering. 


Slate - Fine grained, with nice rock cleavage. Cleavage due to the parallel 
orientation of the mica grains. 


Phyllite - Well developed foliation. Grains slightly larger than those of a slate. 
Again composed of mica. Poorer rock cleavage. 


Schist - Contains grains that can be seen by the eye. Still has noticeable foliation. 
May be most common of all metamorphic rocks. 


Gneiss - Consists of alternating light (feldspar-quartz) and dark (amphibole- 
biotite) bands. Requires a higher degree of metamorphism. 


Non-foliated - Show no evidence of foliation and are apt to form in a contact 
metamorphic environment where pressure 1s unimportant. 


Marble - Recrystallized limestone (calcite). 
Quartzite - Metamorphosed quartz sandstone. 


Hornfels - "Spotted rock" due to the presence of large crystals in a fine-grained 
matrix. 


Contact Metamorphism 


Metamorphic aureole - Zone characterized by a certain mineral or assemblage of 
minerals which differ from those originally present in the protolith (starting material). 
Index Mineral - The mineral that characterizes each contact metamorphic zone. Isograd - 
line on a map that marks the first appearance of that mineral. 


Figure: the Onawa Pluton in Maine. Note the various zones and index minerals. Several 
factors control this zoning. 


CHAPTER 3 + COMPONENTS 
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There is a growing surplus of both components and “last year’s models” available to the student of 
electronics these days. Sometimes it’s worth your time and money just to take something apart to see 
how it works. Then sometimes you find some useful parts inside that you can use in projects of your 
own. 


Component Data Sheets 


Every component ever manufactured has a data sheet. This data sheet contains everything you ever 
wanted or needed to know about this particular component. It’s probably available right now on the 
manufacturer’s web site, along with a dozen application notes. If not, then it’s probably available ona 
university's computer system in a project folder. 

This isn’t always the case, sadly. Past a certain point, it doesn’t make sense to allocate resources to 
information that no one wants or needs anymore. That point varies with each company, with some 
diligently archiving their information and others tossing it out the window at the end of the quarter. 

When possible, collect and maintain your own private set of data sheets. When you acquire a new 
piece of equipment, get everything you can find in electronic form and stash it away somewhere where 
you can find it when you need it. If you’re experimenting with some new components, squirrel away 
those data sheets, just in case you strike gold. 

Have you built something cool? Write up your own data sheet for it! Pretend that you're still going to 
be interested in this project next year. Better yet, imagine that someone else could take an interest in your 
work. You'll be pleasantly surprised at how useful you'll find this information in the future, after you've 
slept a bit. 


Summary 


This chapter has covered a lot of different types of electronic components, but it has only scratched the 
surface of what is presently available. 

It’s perfectly possible to spend a lifetime pleasantly tinkering with electronics and never have a clue 
how any of the underlying principles work. Sometimes all you need is a practical understanding of what 
the different components do in a circuit. Hopefully this chapter has given you a rough outline of what is 
involved. Ideally, your interest has been sparked enough to pursue more detailed study elsewhere. Good 
luck and happy discovering! 

Now that you're armed with some basic tools and some ideas about some of the available 
components, it's time to get busy building your own lab, one experiment at a time. 

The remainder of this book will take you on a journey of trial, error, and experimentation that will 
help you build the best possible lab for your needs, both for now and in the future. 


Onawa Pluton 


e Temperature 
e Pressure - not really important in contact metamorphism 
e Composition of the pluton - it supplies the fluid 


Look at phase diagram for the Al,S105 polymorphs (Figure) and notice how the zoning 
reflects the stability of the various mineral phases. Why is there no sillimanite zone in the 
Onawa pluton? Answer - it didn't get hot enough adjacent to the pluton. 
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Look at the Marysville Pluton in Utah (Figure). What has happened here? Why is the 


zoning on the northwest side of the pluton different? What did we fail to take into 
consideration? 


Marysville Pluton 


Limestone 


Shale 


e Composition of the starting material 


This creates a problem if a large area has undergone metamorphism as is the case in 
regional metamorphism. The chances that only a single rock type will be present over a 
wide area is small. Sometimes it works, such as in southern Vermont (Figure). Here we 


are looking at regional metamorphism of a single rock type, shale. 


Regional metamorphism 
of southern Vermont 
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Regional Metamorphism 
To attack complex regional metamorphism we obviously needed a different approach 


since index minerals often will not work. There would be one for each different starting 
rock type and the result would be so complex 1t would be difficult to interpret. 


Characteristics of regional metamorphism: 
1. Occurs over large areas (1000's of sq. miles) 
2. Closely related to episodes of mountain building 


3. Both temperature and pressure important 


Metamorphic facies - An assemblage of minerals that reached equilibrium under a 
specific set of temperature and pressure conditions. Each facies named for a readily 


recognizable characteristic mineral or other feature. Remember that any one mineral does 
not have to be present, the facies is characterized by several different minerals (Figure). 


Regional Metamorphic Facies 
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1. Zeolite - Transitional from sedimentary conditions. P 2-4 kb and T 200-300 
degrees C. 

2. Greenschist - Low temperature and pressure facies of regional metamorphism. P 
3-8 kb and T 300-500 degrees C. Characterized by the green minerals chlorite, 
epidote and actinolite. 

3. Amphibolite - Moderate to high temperature and low pressure regional 
metamorphic facies. P 3-8 kb and T 500-700 degrees C. Characterized by the 
presence of amphibole. 

4. Granulite - High temperature and low to moderate pressure regional metamorphic 
facies. P 3-12 kb and T >650 degrees C. Characterized by quartz, feldspar, same 
minerals in a granite, hence the name. 

5. Blueschist - Low temperature and high pressure metamorphic facies. Occurs only 
in areas of abnormally low geothermal gradients. P >4 kb and T 200-450 degrees 
C. Name from the blue mineral glaucophane. Common rock type on Catalina 
Island. Actually very rare in much of the world. 

6. Eclogite - Mantle rock, probably not a valid metamorphic facies. Requires P >10 
kb and T from 350-750 degrees C. 


Myoshira and the "Paired Metamorphic Belts" of Japan 


Figure shows Myoshira's geologic map of Japan. Published in the early 1960's. Shows a 
series of paired belts with a low temperature, high pressure belt (oceanward) juxtaposed 
against a high temperature, low pressure belt (landward). This presented problems to 
geologists. What was this map showing> 
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(Figure) Myoshira was actually mapping the location of ancient subduction zones. High 
P low T belt marked the trench where plates were colliding, hence high pressure. Low 
temperature due to the cooling effect of seawater. Landward the rising plutons from the 
zone of partial melting caused the local high temperatures at relatively shallow depth. 
Oceanward facies 1s the blueschist and landward a combination amphibolite and 
granulite. 
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WEATHERING AND SEDIMENTARY ROCKS 


Weathering - Process which acts at the earth's surface to decompose and breakdown 


rocks. 


Erosion - The movement of weathered material from the site of weathering. Primary 
agent is gravity, but gravity acts in concert with running water. 


Types of Weathering 


l. 


2: 


Mechanical or Physical - the breakdown of rock material into smaller and smaller 
pieces with no change in the chemical composition of the weathered material. 
Chemical - the breakdown of rocks by chemical agents. Obviously the chief 
chemical agent is water which carries dissociated carbonic acid. 


Mechanical Weathering 


l. 


2; 


4. 


Expansion and Contraction - the thermal heating and cooling of rocks causing 
expansion and contraction. 

Frost Action - Water freezes at night and expands because the solid occupies 
greater volume. Action wedges the rocks apart. Requires adequate supply of 
moisture; moisture must be able to enter rock or soil; and temperature must move 
back and forth over freezing point. 

Exfoliation - process in which curved plates of rock are stripped from a larger 
rock mass. Example Half Dome. Exact mechanism uncertain but probably due to 
unloading. 

Other types - Cracking of rocks by plant roots and burrowing animals. 


Chemical Weathering 


Factors which effect the rate of chemical weathering are: 


Particle size - Smaller the particle size the greater the surface area and hence the 
more rapid the weathering 

Composition 

Climate (See Figure) 
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Chemical Weathering of Rocks 
Show Figure and explain formation of carbonic acid 

H20 + CO) ------- >> H2CO3 
Acid then dissociates and the following happens: 


2KAI1Si30¢ (feldspar)+ 2H* + H20 ------- >> Al,Si05(OH), (clay)+ 2K” + 4SiO2 
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Weathering of Igneous Minerals 


Products of Weathering Figure: 
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1. Quartz - slow process and largely ineffective. Quartz remains quartz. Grains are 


Ze 


rounded. 


Feldspar - weathers to clay with the cations Na, Ca, and K going into solution. 
Clays that can form include kaolinite (pure aluminum silicate), illite and 
montmorillonite. Factors which dictate clay formation are (a) climate; (b) time; 


(c) parent material. 


3. Muscovite - Same as above 
4. Ferromagnesian minerals - weather to clay plus highly insoluble iron oxides, 
essentially varieties of limonite (rust). 


Rates of Weathering 


Studied by S.S. Goldich (Figure) and found to be inverse of Bowen's Reaction Series. 
Why? A function of equilibrium, the higher the temperature of formation of a mineral the 
more unstable it is at the earth's surface. Hence olivine weathers the most rapidly. 
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Soils 


Soil - Surficial material that forms due to weathering. Includes an organic component. 
Many different soil types. Factors effecting their formation are: 


1) Climate 

2) Relief 

3) Bedrock material 

4) Time 
Classification of soils varies depending on the classifier. Geologists use a very simple 
classification based largely on materials added or removed from the soil during its 


formation. 


Soil consists of four major zones (horizons) (Figure). 
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1. O horizon - Organic layer 


2. A horizon - Zone of leaching - Cations are leached from this horizon by strongly acid 
solutions generated in the O horizon 


3. B horizon - Zone of Accumulation - Cations leached out of the A horizon accumulate 
here. Horizon consists of clays, iron and aluminum oxides. Deposition due to 
neutralization of acid solutions. 


4. C horizon - Partially decomposed parent material. Lower most zone. 


Soil Types 


Pedalfer - Named for the abundance of Al and Fe in the B horizon. Occur in temperate, 
humid climates. Lie generally east of the Mississippi River, correspond with 63 cm/yr 
rainfall contour. 


Pedocal - Named for the accumulation of calcium carbonate in the B horizon. 
Characteristic of temperate, dry climates. Lie generally west of Miss River. Poorly 
developed A horizon, B horizon is caliche (calcium carbonate). 


CHAPTER 4 


A Portable Mini-Lab 


Having a portable (or at least (transportable) electronics lab comes in handy in several circumstances. 
Maybe you don't have a place (yet) for a permanent home for all that equipment. Maybe you need to 
bounce at a moment's notice, heading off on electronic adventures at the drop of a hat. Or maybe you 
like to keep everything where you can find it in a hurry, without having to rummage through shelves and 
boxes, looking for just the right tool or component. 

Whatever your motivation for wanting a portable lab at your disposal, this chapter should help you 
get started. 


Have Lab, Will Travel 


First, a note or two is in order concerning travelling with your electronics lab. Nothing makes security 
screeners at an airport or customs inspectors at border crossings more nervous than a bunch of 
mysterious devices, especially devices that are tangled up in a rat’s nest of wires. 

Do what you can to keep your collection of tools and components tidy and in working order. You 
will most likely be asked to at least turn on any questionable items and demonstrate that they are not 
hollowed-out shells for transporting questionable items. It also doesn’t hurt to clearly label equipment 
as to its function and ownership, which makes sense in any case, not just travel scenarios. 


The Compact Executive Model 


“A full mongoose is a slow mongoose.” This is an important lesson learned from Rudyard Kipling’s 
Rikki-Tikki-Tavi. Rikki, a mongoose, has to stay fast on his feet to be able to combat Nag the cobra and 
hope to win. Therefore, Rikki learns to only take a few bites at a time when eating and never gorge 
himself. 

Although hopefully not in a life-or-death situation like Rikki’s, you can learn a thing or two from this 
simple philosophy. Only take what you absolutely need when travelling, and never take something you 
can obtain at your destination. These things will only slow you down. Don’t be a slow mongoose. 


Tip Travel light. 
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Laterites - Tropical soils thought to represent the end products of weathering. 
Characterized by stark red color and abundance of iron and aluminum oxides and lesser 
clay minerals. Requires abundant rainfall. 


SEDIMENTARY ROCKS 


Sedimentary Rocks - Layered or stratified rocks formed at or near the earth's surface in 
response to the processes of weathering, erosion, transportation and deposition. 


Rock Cycle 


All rocks discussed in this class are a part of the rock cycle (Figure). 


Weathering & erosion 


Sedimentary Cycle (Figure) 


uplift => weathering ~F erosion 


lithification > deposition “=™ transportation 


Processes 


1. Transportation - Transporting medium usually water. More rarely wind or 
glacial ice. 

2. Deposition - Occurs when energy necessary to transport particles is no longer 
available. Deposition due to the gentle settling of mineral grains. Can also be 
result of chemical precipitation due to changing conditions. 


3. Lithification - Involves several steps. All taken together are termed Diagenesis. 


a. Compaction - Squeezing out of water. 

b. Cementation - Precipitation of chemical cement from trapped water and 
circulating water. 

c. Recrystallization - Growth of grains in response to new equilibrium 
conditions 


Single most important characteristic of sedimentary rocks is layering. Occurs in response 
to changes in conditions at the site of deposition. Sedimentary rocks cover 75% of the 
earth's surface, but amount to only 5% of the outer 10 km. 


Origin of Sedimentary Material 


e Derived directly from pre-existing rocks. Ex. quartz. 
e Derived from weathered products of these rocks. Ex. clay. 
e Produced by chemical precipitation. Ex. calcite. 


First two processes result in detrital or clastic rocks. Third produces nondetrital or 
chemical sedimentary rocks. 


Minerals of Sedimentary Rocks 


1. Clay - Important constituent of mudstones and shales, but occurs in minor 
amounts in all sedimentary rocks. 

2. Quartz - Most abundant constituent of sandstone. In addition to detrital quartz, 
free silica can be chemically precipitated as opal, chalcedony and chert. 

3. Calcite - Chief constituent of limestone. Precipitates from seawater which is 
saturated in both Ca*” and CO3-2. Small changes in both T and P enough to cause 
precipitation. Differs from most compounds in that solubility decreases with 
increasing temperature. 

4. Others 


a. Dolomite CaMg(CO3)2 - Most important constituent of dolostone 

b. Feldspars - Occur in sedimentary rocks formed by very quick deposition 
and burial allowing no time for feldspars to alter to clay. 

c. Iron oxides and sulfides - Chemical precipitates dictated by the 
environment at the site of deposition. 

d. Salts and gypsum - Chemical precipitates occurring in restricted 
sedimentary basins under arid climatic conditions. Modern analog is the 
Middle East (Red Sea). 

e. Volcanic Debris - Glass and other pyroclastic material incorporated into 
sediments. 


5. Organic Material - Forms coal and gives color to black shales. 


Classification of Sedimentary Rocks 
Texture - Size, shape and arrangement of particles. 
1. Clastic - Formed from broken or fragmented grains (detrital). Rock appears 


grainy. Basis of classification of the clastic rocks is the Wentworth Size Scale 
which was derived from studies of grain diameters. 


Wentworth Size Scale 


Boulder >256 mm Conglomerate 
Cobble 64-256 mm 

Pebble 2-64 mm 

Sand 1/16-2 mm sandstone 
Silt 1/256-1/16 mm Siltstone 
Clay <1/256 mm Shale 


Conglomerate - Detrital rock made up of more or less rounded fragments, an appreciable 
percentage of which are pebble size or larger 


Sandstone - Consists primarily of grains in the sand size range. Dominant mineral in 
sandstones is always quartz. Further subdivide sandstones based on other minerals 
present. Quartz sandstone 1s 99% quartz. Arkose contains both quartz and feldspar. 
Graywacke 1s a garbage sandstone with quartz, feldspar, mica and rock fragments. Often 
has a significant fine-grained component and is poorly sorted. 


Siltstone - Rare sedimentary rock composed mostly of silt sized particles. Rare because 
dominant mineral is quartz which does not like to get any smaller than sand size. Many 
siltstones thought to form by glacial grinding of sand-sized quartz grains. 


Shale - Most common of the sedimentary rocks. Composed primarily of clay minerals. 
Often tends to split into flat sheets due to the mica-like cleavage of clay minerals. 


2. Nonclastic (chemical) - Grains are interlocked through crystallization. Has 
igneous appearing texture with very little open space. 


Limestone - Formed by the precipitation of calcite from seawater. Most form in marine 
environments, but also around hot springs, as a crust in desert soils, and as cave 
formation. 


Dolostone - Composed of the mineral dolomite. Probably starts life as limestone then is 
altered to dolostone by Mg-bearing solutions in arid environments. 


Evaporites - Formed by partial to complete evaporation of seawater in enclosed basins. 
Forms salts and gypsum. 


Organic Rocks - Rocks formed by the accumulation of organic material. Ex. coquina and 
chalk. 


Coal - Rock composed of lithified plant material. 


Abundance of Sedimentary Rocks (Figure) 
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A) Structures formed during deposition 


1. Bedding - Layering of sedimentary rocks. Each bed represents a homogeneous set 


of conditions of sedimentation. New beds indicate new conditions. Most layering 
is parallel, but occasionally it is inclined. These inclined layers are cross beds. 
Examples of sedimentary environments in which cross beds form are dune fields 
and deltas. 

Graded beds occur when a mass of sediment is deposited rapidly. The bedding 
has the coarsest sediment at the bottom and finest at the top. Often found forming 
in submarine canyons. A collection of graded beds is termed a turbidite deposit. 
Well exposed in many of the sea cliffs along So. Cal. beaches. 

Ripple Marks - Waves of sand often seen on a beach at low tide and in stream 
beds. 


a) Current - asymmetrical - Rivers 
b) Oscillation - symmetrical - Beaches 


Mud Cracks - Polygonal-shaped cracks which develop in fine grained sediments 
as they dry out. Common in arid environments, such as a desert. 


B) Structures formed after deposition 


l; 


Nodule - Irregular, ovoid concentration of mineral matter that differs in 
composition from the surrounding sedimentary rock. Long axis of the nodule 
usually parallels the bedding plane and seems to prefer certain layers. 

Concretion - Local concentration of cementing material. Generally round. Usually 
consist of calcite, iron oxide or silica. Can exceed | meter in diameter. Not 
understood how they form. 

Geode - Roughly spherical structures up to 30 cm in diameter. Outer layer 
consists of chalcedony. Inside lined with crystals. Calcite and quartz the most 
common. 


C) Other features 


1. 


Fossils - Any direct evidence of past life. Examples are dinosaur bones, shells of 
marine organisms, plant impressions, etc. 


EARTHQUAKES 


Figure shows the maximum intensity earthquake which can occur and indicates that most 
of California is at extreme risk. Not shown is the frequency of large magnitude 
earthquakes, which for California is higher than anywhere else in the nation. Thus we 
must be earthquake aware since we are at great risk in southern California. 
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Tectonism - Forces working to distort the earth's crust. Rocks are deposited in originally 
horizontal layers. When we see them uplifted frequently they are highly contorted or 
deformed and no longer in horizontal layers. 


Basic Types of Earth Movement 


1. Abrupt Movement - Earthquakes accompanied by measurable uplift or 
depression of the earth's surface. Generally only a few meters, but occurs in a 
matter of seconds. Alaskan earthquake caused uplift of as much as 10-15 meters 
in a few seconds. 

a. Vertical Displacement - Upward or downward movement of rock masses. 
Classic example is Sagami Bay, Japan where all historic earthquakes can 
be correlated in the cliffs along the bay, because each was accompanied by 
vertical displacement. 

b. Horizontal Displacement - San Andreas Fault, 1000 km long reaching 
from offshore north of San Francisco to the Gulf of California. 
Characterized by horizontal displacement of in excess of 100 km over the 


last 10-20 million years. Movement from a single earthquake can be as 
much as 10 meters. 
2. Slow Movement - Creep in which the fault moves slowly and continuously over a 
long period of time. Average rate of movement of the central portion of the San 
Andreas is .5- 2 cm/yr. 


Seismology - The study of earthquakes. Recent science, developed only 80 years ago as a 
consequence of the 1906 San Francisco quake. 


Earthquakes are dangerous because they: 


cause structural damage due to the shaking motion; 

cause fires due to broken gas mains; 

sometimes generate tsumanis (Seismic sea waves); 

can trigger landslides; 

cause cracks in the ground. A particular problem in Tokyo where Godzilla then 
runs rampant destroying the city. 
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Causes of Earthquakes 


Elastic Rebound - (Figure) Rock is stretched to the breaking point by twisting action on 
either side of the fault. Finally it can stand the strain no longer and it snaps causing 
displacements along the fault. 


Elastic Rebound , 


Earthquake Waves 


1. Body Waves (Figure)- Waves moving through the body of the earth 
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Shake (shear) wave 


a. Push-Pull, Primary (P) Waves - Compressional waves moving parallel to 
the direction of propagation. Can move through solids, liquids or gas. 
b. Shake, Secondary (S) Waves - Shear waves traveling or advancing at right 
angles to the direction of movement. Travel only through solids. 
2. Surface (L) Waves - Waves Similar to ripples on a pond 


Interpreting Earthquakes 

Focus (hypocenter)- Point at which earthquake originates. 
Epicenter - Point on the earth's surface directly above the focus. 
Scales of Earthquake Intensity/Magnitude (Table) 


1. Modified Mercalli - Based on personal interviews of victims in the quake area. 
Has XII degrees of intensity. 

2. Richter Scale - Based on the magnitude of energy released during a quake as 
measured by a seismograph (Describe how a seismograph works). Richter scale 
corrects for distance of the recording device from the epicenter. Scale is 
logarithmic so each increase by I represents a ten-fold increase in magnitude and 
actually a 30-fold increase in the amount of energy released. Largest quake ever 


recorded subject of some debate, but is either Alaskan (1964) at 9.2 or one in 
South America (1976) which may have been near 9.5. 


Comparison of the Richter and 
Mercalli Scales 


Magnitude Intensity Effects 
<3.4 [ Recorded only by seismographs 
3.5-4.2 11811 Felt indoors by some 
4.3-4.3 IV Felt indoors by many 
4.9.5.4 V Felt indoors by all 
5.5-6.1 VI and VH Slight building damage 
6.2-6,9 VIII and IX Much building damage 
7.0-7.3 X Serious structural dama se 
7.4-7.9 XI Great, widespread damage 
>8.0 XII You don’t want to know 
Recording Earthquakes 
What happens: 


1. P Wave arrives first, followed by S Wave. P Wave travel times about 2.5 times 
those of S Wave due to differing path of travel. Travel times vary systematically 
to a distance of 11,000 km from the focus. 

2. Beyond 11,000 km P Waves are delayed several minutes over predicted arrival 
time and S Waves do not arrive at all. Why? 


Locating Earthquakes 


1. Difference between arrival times of P and S waves is determined. This gives 
distance to the epicenter from the seismograph. 

2. Three seismographs are triangulated to give actual location of the epicenter 
(Figure). 

3. Once distance to epicenter is known a correction factor 1s applied to amplitude of 
largest wave (usually S) to determine magnitude. 


epicenter 


Distance to 
epicenter 


Seismograph 1 - 800 km 
seismograph 2 - 1200 km 
Seismograph 3 - 500 km 


Distribution of Earthquakes 


e Average about 150,00 quakes a year. About 6,000 are strong enough to be 
recorded. 

e Generally most of the energy is released in the one or two large quakes which 
occur each year. Due to log scale, energy of all others barely total that of the large 
quakes. 

e Occur in belts coincident with those of active volcanoes. These belts lie along 
plate boundaries and can be used to outline the plates. 


Prediction and Control 


A. Prediction 
1. Stress Meters 
2. Tilt Meters 
3. Recording Small Quakes 
4. Changes in Fluid Pressure in Wells 
5. Observing Animal Behavior 
B. Control 


CHAPTER 4 = A PORTABLE MINI-LAB 


A slim and lightweight briefcase or attaché can hold many of the tools and components you might 
need for your mobile electronic experimentations. The main advantage is that you will only need one 
hand to carry it (leaving one hand free to open doors, bribe guards, or fend off ninja—assuming you 
have two hands to begin with). See Figure 4-1. 
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Figure 4-1. The compact executive mobile electronics laboratory. There’s plenty of room for lots of tiny 
things, but not much else. Also handy for transporting big stacks of cash, should the situation arise. 
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1. Evidence indicates that fluid injection can trigger small movements along 
earthquake faults. But study is still in its infancy. 


Structure of the Earth (See Figure from Introduction) 


e Crust - Averages 33 km in thickness beneath the continents. Varies from about 20 
km to 60 km. Seems to consist of an upper granitic layer, underlain by gabbro (*?). 
onclusion based on increase in the velocity of P waves. Beneath oceans crust only 
5 km thick and not layered. Consists entirely of basalt/gabbro. 

e Mantle - Separated from crust by Mohorovichic Discontinuity (Moho). This is a 
zone of abrupt increase in P and S wave velocity. Indicates major change in the 
nature of the mantle. Mantle thought to consist largely of peridotite with lesser 
eclogite (metamorphic basalt) and dunite (olivine-rock). Mantle is a solid or near 
solid with a density of about 3.3 er/cm?. Extends to a depth of 2900 km. 

e Core 


1. Outer core - 2,200 thick. Must be liquid due to disappearance of S waves 
and abrupt slowing of P waves. Probably consists of iron, nickel and some 
silicon. 

2. Inner Core - 1270 km thick. Probably a solid, but not known. Consists of 
same elements as outer core. Density of core about 15 er/cm?. 


PLATE TECTONICS 
Continental Drift 


Alfred Wegener first proposes Continental Drift in his book published in 1915. Suggests 
that 200 million years ago there existed one large supercontinent which he called 
Pangaea (All Land Figure). This was not really a new idea, but Wegener offered 
several lines of evidence in support of his proposal. 
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. Fit of the Continents - Noted the similarity in the coastlines of North and South 


America and Europe and Africa. Today the fit is done at the continental shelf and 
it is nearly a perfect match. 


. Fossil Similarities - Mesosaurus, (Figure) reptile similar to modern alligator 


which lived in shallow waters of South America and Africa. 


Locations Yielding 
Mesosaurus Fossils 


South 
America 


3. Rock Similarities 
a. Rocks of same age juxtaposed across ocean basins. (Figure) 
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b. Termination of mountain chains. (Figure) 


4. Paleoclimatic Evidence 
a. Glacial deposits at equator 
b. Coral reefs in Antarctica 


Idea was rejected by North American geologists because Wegener couldn't come 
up with a mechanism for continental drift. Suggested tidal forces, but physicists 
showed this to be impossible. Wegener dies in 1930 and his idea dies with him. 


Magnetism and Paleomagnetism 


Earth is a bar magnet with a magnetic north and south. At poles a compass 
needle dips vertically. Downward at the north pole, upward at the south pole and 
horizontal at the equator. Magnetic poles do not correspond with geographic 
poles. Variation is termed the magnetic declination. lt is 16 degrees east in 
California. However, it has been found that even though the magnetic and 
geographic poles do not correspond today when the location of the magnetic 
north pole is averaged over a 5,000 year period it does correspond with 
geographic north. Magnetic pole moves as much as 25 km per year. 


Causes of Earth's Magnetism 


e First thought to be the result of a permanently magnetized core. However, 
it has been shown that when any substance is heated above 500 degrees 
C it looses its permanent magnetism. 

e Earth is a Dynamo - Outer core is a fluid consisting largely of iron, so it is 
an excellent conductor. Electromagnetic currents are generated and 
amplified by motion within the liquid caused by convection. Rotation of the 
Earth unifies the random convective movements generating the magnetic 
field. 


Paleomagnetism 


In the 1950's scientists discover how to measure paleomagnetism (magnetism 
frozen in the rock at the time it formed). With this knowledge scientists could tell 
the direction and latitude of geomagnetic pole at the time the rock formed. 
Europeans were the first to extensively study paleomagnetic pole locations and 
found that by 500 MY ago magnetic north was located near Hawaii. At first it was 
assumed the poles were free to wander (Apparent Polar Wandering). North 
American geologists attempted similar studies largely to disprove the Europeans 
and found that 500 my ago North American rocks showed the magnetic north 
pole to be in the East Pacific, 3000 miles to the west of the European magnetic 
north at that time. (Figure) 
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At the same time a series of bathymetric surveys of the ocean basins revealed a 
system of ridges and trenches with high heat flow over the ridges. H. Hess 
(1962) rushes to print with the idea of Sea Floor Spreading. Postulates 
convection cells beneath ocean basins to drive the spreading.(Figure) 
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Fred Vines supports Hess with his explanation of symmetrical magnetic stripes 
on either side of the Atlantic Mid-ocean ridge (Figure). 
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Plate Tectonics 


Theory of Plate Tectonics is born. Plate - is a rigid piece of lithosphere floating 


on a partially plastic substrate (asthenosphere). 


Seven Major Plates (See Figure in your Text) 
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5. Eurasian 
6. Antarctic 


Indo-Australian 
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Types of Plate Boundaries (Figure) 
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A. Divergent (Figure)- Spreading Center - Constructive Margin. 
Characterized by ocean ridges and sea floor spreading. 
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B. Convergent - (Figure) Characterized by trenches and island arcs 


1. Ocean - Ocean (Japanese Islands) 
2. Ocean - Continental (Cascade Mountains) 
3. Continent - Continent (Himalayas) 
C. Transform - Plates moving past one another along strike- slip faults. 
(Figure) 


Additional Evidence in Support of Plate Tectonics 


e Distribution of earthquakes along plate margins 

e Location of earthquake foci along steeply-dipping subduction zones 

e Age dating sediments on either side of the ridge indicates the sediments 
get progressively older away from the mid-ocean ridge axis 

e Thickness of sediments also increases away from ridge 


Driving Force (Figure) 


1. Convection Cells 
2. Hot Spots 
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Hot Spot Model 


OCEANOGRAPHY 


Branches of Oceanography 


1. Physical Oceanography - study of the motions of seawater, particularly 
waves currents and tidal motion. 

2. Chemical Oceanography - chemistry of seawater and reactions between 
the atmosphere and hydrosphere. More recently looks at how changes in 
seawater temperature (El Nino) and salinity affect global climate. 

3. Biological Oceanography - study of life in the oceans, includes marine 
biology and ecology. 

4. Geological Oceanography - study of the shape and geologic features of 
the ocean floor. 


Geology of the Ocean Floor 


The ocean basins are characterized by a series or recognizable 
geologic/topographic features (Figure). While the size of each feature varies 
within the various ocean basins they are always present: 


1. 


Continental shelf - the gently (<1-) sloping platform at the edge of 
the continent. The shelf is generally thought to be an extension of 
the continent and not really a part of the ocean basin. The average 
water depth on the shelf is about 75 meters, varying from zero at 
the shoreline to about 150 meters near its edge. A typical 
continental shelf is 60 kilometers wide, but it exceeds 100 
kilometers off the Florida coast and is less than a few kilometers 
wide in places along the West Coast of South America. The rock 
underlying the thin veneer of sediments is granite similar to the 
basement rock elsewhere beneath the continents. 

Continental slope - the continental slope marks the transition 
between the shelf and deep ocean floor. It has an average slope of 
3-6-. This way not sound like much, but over a distance of 100 
kilometers water depth increases from 75 meters to 4000 meters. 
Typically, continental slopes are crisscrossed by a series of deep 
submarine canyons the origin of which is controversial. Some 
represent drowned stream valleys, but others were clearly never 
above sea level and can not have been cut downward by stream 
erosion. 

Continental rise - represents the accumulation of sediment at the 
base of the continental slope. Result is a gentler slope and the 
buildup of "turbidite" deposits. Uplifted turbidite deposits are 
common along the coastline of southern California, particularly at 
Blacks and Torrey Pines beaches north of San Diego. Southern 
California turbidites are thought to form during major earthquakes 
which cause sediments to slide off the edge of the shelf and 


CHAPTER 4 © A PORTABLE MINI-LAB 


Let's take a look at what all you can take with you without a lot of heavy lifting. Starting on the left 
and moving to the right, we have 


e Netbook PC with AC charger and USB mouse (it might be hard to see in Figure 4-1 
because it’s upside down and covered by other stuff) 


e Arduino Uno programmable microcontroller (or physical computing platform) 
e Folding multitool 

e Lighted magnifier 

e Digital camera 

e Solderless breadboard with lots of precut jumper wires 

e Digital multimeter and probes 

e Compact single-channel oscilloscope with probe 


e AC-powered USB charger—can also be used as a stand-alone regulated 5V power 
supply 


e USB cable 
e A variety of LEDs in all shapes and sizes 
e Additional passive components 


e A variety of batteries, both rechargeable and otherwise, and various battery 
holders (not shown) 


e Static-sensitive integrated circuits and modules stored in antistatic bags 
e Notebooks, writing implements, blank media, and documentation 
e Your contact information in case of loss 


One of the interesting features of this lab is that it is completely self-contained, power-wise. While 
it’s nice to have access to AC power, it’s not strictly required, at least for a while. The Arduino and the 
attached breadboard are powered by the battery in the netbook, via the USB cable. The multimeter has 
its own 9V battery, while the mini-oscilloscope can be recharged from a spare USB connector. With an 
extended-life battery, you can expect four to five hours of on-location electronic experimentation. 

If your netbook or PC has Wi-Fi or other connectivity to the Internet, you can browse tutorials, data 
sheets, user forums, and even this book, unless you've already downloaded these items to the internal 
hard drive. 

Have a look at this particular lab deployed and ready for action in Figure 4-2. 
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accumulate on the ocean floor as "fining upward" sequences of 
sedimentary rocks. 

4. Abyssal plain - the ocean floor (covers about 30% of the earth's 
surface). The average water depth is around 5000 meters. Consists 
of a layer of unconsolidated sediment underlain by sedimentary 
rock and pillow basalt (Figure). 
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Continental Shelf and Slope off New York 


Continental Shelf and Slope off San Francisco 


Sea Floor Sediments 


Sediments found on the floor of the ocean (abyssal plain) fall into three distinct 
categories. The percentages of each vary from place to place within the ocean 
basin and appear to be a function of deep ocean currents, prevailing wind 
patterns and local volcanism. 


e Lithogenous sediment - derived from the weathering of continental rocks 
and volcanic eruptions. 

e Biogenous sediment - comprised of the remains of organisms. When the 
sediment contains 30% or more organic material it is termed ooze. Oozes 
are further subdivided into calcareous oozes, which are only found in 
water depths less than 3000 meters, and siliceous ooze that occur 
throughout the deeper portions of the ocean basin. 

e Hydrogenous sediment - precipitated directly from seawater. Most 
common type of hydrogenous sediment is a manganese nodule. How and 
why they form remains something of a mystery, but probably requires a 


contribution from hydrothermal waters generated by heat from subsea 
volcanoes. 


Composition of Seawater 


lon wt % 
Chlorine 1.92 
Sodium 1.07 
Sulfate 0.25 


Magnesium 0.13 


Calcium 0.04 
Potassium 0.04 
Others 0.02 
TOTAL 3.47 


The average salinity of seawater is 3.47% but oceanographers choose to report 
salinities in parts per thousand (ppt). Since wt% is the same as parts per 
hundred, all we need to do is multiply by 10. This gives a value of 34.7 ppt for 
average salinity. Ocean water is very homogeneous but locally the salinity can 
vary from 33 ppt near the Poles to 41 ppt in arid, enclosed basins such as the 
Red Sea. 


Scientists recognize the ocean is actually comprised of a series of layers 
(Figure). These layers represent differences in water temperature and salinity. 
The layering is a function of geographic latitude and water depth. The three 
layers are: 


e Surface Zone - warmest water. Does not extend beyond 50- north or 
south of the equator. Is only about 2% of the ocean's volume. In this zone 
the water is thoroughly mixed due to thermal energy from the Sun. This 
zone does not extend below the depth to which appreciable sunlight 
penetrates seawater (a few hundred meters). 

e Transition Zone (pycnocline) - density changes rapidly with depth. Since 
density of seawater is a measure of salinity and temperature we are 
looking at the zone in which the effect both are changing. This zone is also 


absent near the poles. About 18% of all seawater. Extends to a depth of 
1800 meters. 

e Deep Zone - 80% of all seawater. Temperature and salinity are very 
uniform and show little or no local variation. 


Zoning Within the Ocean 
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Tides 


Tides are caused by the gravitational attraction of the moon and the sun 
(Figure). Although the mass of the moon is much less than that of the sun it is 
also much closer and hence its tidal pull is about twice that of the sun. A tidal day 
lasts 24 hours and 53 minutes, the time for the moon to make one complete 
revolution about the earth. However, the complete tidal cycle takes 19 years 
because of two complications: 


Moon 


Tidal Bulge 


e the moon and earth have elliptical orbits so their distance from one 
another and the sun varies. Since tidal forces are due to the pull of gravity 
and the force of gravity is inversely proportional to distance the height of 
tides will be a function of distance to the sun and moon. Further, tidal 
forces can be additive when the sun and moon are aligned relative to 
earth producing very high (Spring) tides (Figure). 
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e the tilt of earth's axis also effects the position of the sun and moon with 
respect to the equator. This causes local variation in tidal height as a 
function of latitude and season (Figure). 


Moon above the Equator 


Types of Tides (Figure) 


1. Semidiurnal - two high and two low tides of the same height in 24 hours. 

2. Diurnal - one high and one low tide in a 24 hour period. Common along 
Gulf Coast of U.S. 

3. Mixed - two high tides and two low tides of differing heights during a 24 
hour period (California) 


Not well understood what causes the different types of tides, but probably a 
function of the geometry of the coastline. Open coastlines such as West Coast 
experience mixed tides, while partially enclosed basins like the Caribbean 
experience diurnal tides with highs and lows varying by less than a meter 
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OCEANOGRAPHY II 


Waves 
Characteristics (Figure) 
e Height (H) 


e Period (T) - time between successive crests 
e Wavelength (L) - distance between successive crests 


Wave Terminology 


Wavelength 
distance 


Period = time 


Wave Height —P 


Velocity in Deep water = 1.56T (m/sec) and wavelength = 1.56T* (m). In deep 
water only the wave form moves (Figure) while in shallow water both the wave 
form and the water moves. In shallow water the waves will touch bottom when 
the water depth = 4 L. Friction slows the wave causing H to increase and L to 
decrease. Also, front of wave is slowed more than rear, thus it breaks. Waves 
break when H = 1/7 L or about a depth = 14 H. Since waves rarely exceed 6 
meters in height, this limits wave erosion to depths of less than 10 meters. There 
are two types of breaking waves: (Figure) 


Wave Motion 


Water motion 


Negligible turbulence below 1/2 wavelength 


e Spilling waves - typical breaking wave. 
e Plunging waves - top of the wave curls over trapping an air pocket. 
Trapped air generates foam when the wave breaks. (Storm-generated 


waves) 


Spilling Wave 


Plunging Wave 


Swells - large, long period waves formed by the recombination of two or more 
waves during storms. Can travel thousands of miles. Not unusual for swells that 
hit California beaches to be generated near Australia. 


Average wave height = 2 meters; 10-15% exceed 15 meters; largest ever 
witnessed 35 meters in height. 


Waves are caused by wind. Wave height is dependent on: 


e wind velocity 
e how ling the wind blows over a given area 
e fetch - the distance over which the wind blows 


The shoreline is often divided into distinct zones by the nature of the wave 
erosional forces present: 


1. Offshore - that portion of the shoreline beyond the breaker zone where 
water depths exceed 6 meters. 

2. Inshore - includes the breaker zone and surf zone. In the former, waves 
crest and break. The surf zone is characterized by foam and turbulence 
from the breaking waves. 

3. Foreshore - the swash zone where breaking waves surge up onto the 
beach. Top of the swash zone is marked by a berm or ridge of sand 
created by wave erosion and surge. 

4. Backshore - that portion of the beach not effected by present day wave 
activity. 


Refraction and Longshore Currents 
Refraction - change in a waves direction as it approaches a coastline. Due to 
drag on waves approaching a coast obliquely. Effect is to cause waves to 


approach nearly parallel to the shore (Figure). 
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Although refraction bends the waves until they are nearly parallel to the coast, 
they nonetheless still approach at a slight angle. This results in a longshore 
current. The current is caused by the slight oblique angle of the wave, but runoff 
that is perpendicular to the slope of the beach. This causes grains of sand to be 
moved along the shore (Figure). 


Direction of 
incoming wave 
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Longshore transport 


Currents 


Currents are driven by the wind. The general effect of currents is to move warm 
water toward the poles and cold water toward the equator. A major factor in the 
movement of ocean water is the Coriolis effect. Can use the analogy of a slow 
moving artillery shell. The shell travels a straight path but the Earth rotates 
beneath it (Coriolis effect) causing theshell to be deflected relative to the 
observer. The same process effects currents. 


Gyres - Closed loops formed by currents. Major gyres are centered about 30-N 
and S of the equator. Continents have a major effect. At 60- S, where no 
continents are present currents circle the Earth. (Figure) 


CHAPTER 4 = A PORTABLE MINI-LAB 
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Figure 4-2. The compact executive lab is deployed on a desktop. You have access to lots of electronic 
building and debugging capabilities in a small area. Using a solderless breadboard helps reduce the 
number of fabrication tools that you need to carry with you on your adventures. 


The Arduino was included for its small size, popularity, and ease of use. There's a whole world 
waiting for you inside that little board, waiting to be explored, but that's a story for another day. 

You can use the USB cable to extract a regulated +5V supply from your PC for your low-voltage- 
experimenting pleasure. You can also use an inexpensive USB charger to do the same thing, if you don't 
feel like hauling a whole PC around with you. Just don't try to draw more than half an amp of current, 
which is the “official” USB limit for supplying power to USB devices. Technically, unenumerated devices 
(i.e., just a USB cable with nothing intelligent enough to identify itself to your computer) can only draw 
up to 100 mA (0.1A) of current. A USB charger, on the other hand, is not so picky. 


No Soldering Required 


One notable omission from this particular configuration is any sort of soldering tool. You could certainly 
add a small soldering iron, some solder, and a few more hand tools. You'll either need to boot out some 
of the bulkier items, such as the PC or the full-sized multimeter, or get a slightly bigger carrying case. 
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Typical major gyre consists of: 


o Two equatorial currents moving westward on either side of the 
equator. These are driven by the Trade Winds. 

o In between is a weak eastward-moving Equatorial Countercurrent. 
The weak current is due to the absence of wind currents at the 
equator (Doldrums). Equatorial currents move at about 2-4 miles 
per day which allows for maximum heating. 

o When the warm currents near the continents they are deflected 
north and south by the continents and the Coriolis effect. (Example: 
Gulf Stream along the east coast of the U.S.) Currents move rapidly 
(25-75 miles per day) and remain warm. 

o At about 40- N and S the Prevailing Westerly winds deflect the 
currents to the east. Water cools as it moves eastward. 

o Reaching the continents the current is again deflected by the 
continent and Coriolis effect, completing the gyre. 


Geostrophic Currents 


Wind movement and the Coriolis effect combine to cause currents to move at 45 
- to the actual wind direction. The surface layer drags the next layer of seawater 


below it which is deflected even farther than the surface layer. This continues 
downward with depth all the way to the ocean bottom. This is called the Eckman 
Spiral (Figure). 


However, at an average wind speed of 30 mph at a depth of 300 feet the water is 
moving slowly in the opposite direction from that at the surface. This is 
considered to be the bottom limit of wind driven currents. The net result of this 
entire process is actually to cause the water to move at a right angle to the wind 
direction or toward the center of a gyre. This causes hills up to 6 feet high in the 
center of a gyre. 


The mounded water flows downward and outward from the "hill" under the 
influence of gravity, but the Coriolis effect deflects it to the right continuously until 
it is flowing parallel to the hill at which point gravity and the Coriolis effect are 
balanced. This is termed a geostrophic current (Figure). 
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Vertical Currents 


Because prevailing winds along most coastlines blow more or less parallel to the 
shoreline (reason to be discussed later in the course) they push the water either 
toward the shore or offshore causing sinking currents or upwelling currents 
(Figure). The later are especially important to commercial fishing since upwelling 
currents provide nutrients for marine life. 
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Deep Ocean Currents 


As noted previously the ocean is layered with differences in salinity and 
temperature. Since dense, cold water sinks and warm water rises there Is a net 
effect of cold Polar water sinking and moving both northward and southward 
toward the equator. The cold current flowing along the ocean floor displaces the 
warmer water upward. 


Longshore Current 


As waves approach a coastline they undergo a change in direction. They touch 
bottom and the dragr causes the waves to approach nearly parallel to the shore 
(refraction). 


Although refraction bends the waves until they are nearly parallel to the coast, 
they nonetheless still approach at a slight angle. This results in a longshore 
current. The current is caused by the slight oblique angle of the wave, but runoff 
that is perpendicular to the slope of the beach. This causes grains of sand to be 
moved along the shore (Figure). 
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Coastal Features (slides) 
Passive Coastline (East coast) 


e barrier island - sand bar formed offshore along gently sloping beaches 
with little wave erosion (Outer Banks) 

e spit - hook-shaped sand bar extending from a headland (Cape Cod) 

e tombolo - a sand bar extending from an island to the coast 

e lagoon - area of quiet water and high organic activity behind a barrier 
island 

e eustuary - area of brackish water caused by water of seawater and river 
water 


Active Coastline (West coast) 


sea cliff - flat bench uplifted by tectonic activity to form a cliff 

wave cut bench - erosional feature found near shoreline of an active coast 
beach terrace - somewhere between a wave cut bench and sea cliff 

stack - headland cut by wave erosion 

sea arch and sea cave - early stages in the formation of a stack 


MOISTURE, CLOUDS and PRECIPITATION 


Meteorology - study of the atmosphere 


e Weather - study of short-term changes in the atmosphere. 
e Climate - the combination of weather elements that characterize an area 
over a long term. Takes into account seasonal changes as well as short 


term extreme fluctuations. 


Composition of the Atmosphere 


Gas Volume % 
Nitrogen 78 
Oxygen 21 
Argon 
All others <1 
Locally up to 3% water vapor 


Structure of the Atmosphere (Figure) 
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e Troposphere - lowest layer of the atmosphere where weather occurs. 
Temperature falls 3.5-F per 1000 feet. Top lies at about 6-7 miles. 
Temperature varies from an average of 60- at the surface to -60- at the 
top of the troposphere. Tropopause - top of the troposhere. 

e Stratosphere - top of the tropopause to about 30 miles. Temperature is 
constant to about 20 miles then increases to the stratopause. At the 
stratopause the temperature is about 40-F. The temperature rise is due to 
the presence of an ozone layer. The ozone absorbs incoming UV radiation 
increasing the heat content of the gas. At about 18 miles the ozone 
reaches its maximum concentration, about 50pm. Without the ozone layer 
the Earth's surface would be warmer and the UV level much higher. 

e Mesosphere - extends from 30 miles to about 50 miles. Temperature falls 
to -120-F at the mesopause. 

e Thermosphere - extends above the mesosphere more than 100 miles. 
Zone of increasing temperature, but this is meaningless since there is in 
effect no atmosphere present. 


Heat 


Heat is a form of energy. Temperature is a measure of the quantity of heat 
energy. Actually each is a function of molecular motion, the faster a molecule is 
vibrating/moving the greater the heat energy and the higher the temperature. 


Temperature is measured with a thermometer. The most common, the alcohol 
thermometer, measures the differential expansion of red alcohol and the glass 
that encloses it. 


All weather is a function of heat transfer. There are three forms of heat transfer. 


1. Conduction - heat travels through material by molecular collisions. The 
analogy is a hot spoon. 

2. Convection - heat transfer by actual motion. For example (Figure) heated 
water is less dense so it rises and the colder water at the surface sinks to 
take its place 


3. Radiation - transfer of energy by electromagnetic waves. The radiant heat 
of the sun passes through the vacuum of space and is absorbed by the 
Earth. 


Heat Balance 


Sun emits energy in the wavelength from 0.5 u m to 10 um. This includes some 
ultraviolet and infrared energy as well as visible light. 


Ozone and oxygen absorb most of the ultraviolet. Water vapor and carbon 
dioxide absorb infrared. 


70% of the Sun's radiant energy penetrates the Earth's atmosphere (Figure). 
30% is reflected by the atmosphere- albedo. 
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Greenhouse Effect - (Figure) Earth like the Sun radiates energy, but since it is a 
smaller body it radiates in the infrared. Carbon dioxide in the atmosphere 
absorbs significant quantities (Figure) of this energy and reradiates it to Earth. It 
is estimated that the temperature on Earth is 63-F warmer than it would be if 


there were no greenhouse cycle. 
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Sun's Illumination 


Effected by the inclination of the Earth's axis, which in turn causes the seasons. 
Earth's geographic poles are tilted 23.5- from the vertical. This dramatically 
influences the amount of radiant energy striking various points on the Earth's 
surface. 


The days when the axis is tilted exactly 23.5- toward the Sun are termed the 
solstices: 


e June 21 - summer solstice 
e December 22 - winter solstice 


Equinox - days when the Earth's axis is at right angle to a line between the 
center of the Earth and Sun. 


e March 21 - vernal equinox 
e September 23 - autumn equinox (Figure) 
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Tropic of Cancer and Capricorn - point on the Earth's surface where rays from 
the Sun strike the Earth at a perpendicular angle at noon on the solstice. Located 
23.5- north or south of the equator. 


Arctic Circle - boundary marking the part of the Earth which remains in daylight 
or darkness for 24 hours during the solstice. Located 66.5- north or south of the 
equator. 


Obviously, the tropics receive more thermal energy than the poles. Weather and 
seasons result from the tendency of the Earth to disperse this uneven heat 
distribution. 


Moisture in the Atmosphere 
Humidity - measure of the amount of water vapor in the atmosphere: 


° Absolute humidity - the mass of water vapor in a given volume of air 
(g/m. 

e Relative humidity - the amount of water vapor in air relative to the 
maximum it can hold at a given temperature. Expressed as a percentage. 
Relative humidity is temperature dependent, the higher the temperature 
the air, the more moisture it can hold. 


Dew Point - point at which the relative humidity = 100%. At the dew point 
theoretically condensation will occur. In reality, unless dust or other particulate 
matter is present the air must be supercooled to produce condensation. 

Dew - condensation in the form of water vapor. 

Frost - condensation as a solid, below the freezing point. 

Clouds form when warm moist air rises (Figure). The process of adiabatic 
cooling accompanies this. As the air cools, it looses its capacity to hold moisture 
and condensation in the form of clouds appears. 

Dry adiabatic lapse rate = 10-C per 1000 meters 

Wet adiabatic lapse rate = 5-C per 1000 meters 


Normal lapse rate = 6-C per 1000 meters 


Dry and Wet Adiabatic Lapse Rates 
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Temperature of rising air (°C) 


Clouds (See slides in class) 
Clouds are classified by 1) shape and 2) elevation. 
Elevation 


1. Low - ground level - 6500 feet 
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The Ever-Shrinking Computing Device 


One option that will be gaining momentum in the very near future is the use of tablet computers or 
smart phones instead of the physically larger laptops or netbooks. They already have a lot of the 
computing capabilities of reasonably powered portable computers. Also, you can look forward to 
innovative hardware and software interfaces that will make them more useful in the lab as 
programmable test and measurement devices. While name-brand products still command a premium 
price, many no-name or OEM (original equipment manufacturer) products are being sold for a fraction 
of the cost. 


Electrical Experiments You Can Perform 


Here are some simple electronic experiments that you can perform using only the tools and components 
found in the compact executive mobile electronics lab. Start out with something simple and 
incrementally build on your success. Don't try the most complex problems first. What you want is to 
build up both your knowledge and your confidence at the same time. 


Lighten Up, 20th Century Style 


Here's an easy experiment that will teach you several interesting things about electronics, believe it or 
not. You can light up a typical LED using only a lithium coin cell. It needs to be a lithium coin cell that 
produces at least three volts (marked “3V”), not one of the smaller batteries that only supplies 1.5V, such 
as a watch or hearing-aid battery, as these will not produce enough voltage to light up a typical LED. 

Slide the coin cell between the leads of your LED. There are four possible outcomes, three of which 
are “nothing interesting happens.” Let's start with the least likely possibility, in which the LED lights up. 
Sometimes you just get lucky. 


First Possible Outcome: The LED Lights Up When Attached to the Coin Cell 


Figure 4-3 shows the results of this outcome. Notice that the longer lead of the sLED (the positive, or 
anode, lead) is touching the side of the coin cell marked with a +. No current-limiting resistor is required 
in this circuit because the battery's internal resistance is sufficient to keep from blowing up the LED. It 
just happens to work out that way, this time. Most other times, you will need to add a current-limiting 
resistor to the circuit. 
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2. Medium - 6500-23,000 feet 
3. High - 23,000 feet + 
4. Clouds of vertical development (span two or more elevation zones) 


Shape 


1. Stratus - layered 

2. Cumulus - look like cotton balls, generally have flat bottoms and 
rounded tops 

3. Cirrus - thin, wispy 


Low Clouds 


1. Fog - cloud layer very close to the ground 

2. Nimbostratus - low layered cloud 

3. Stratocumulus - low level cumulus cloud often seen during the clearing 
stages of a storm 


Medium Clouds 


1. Altostratus - mid level layered clouds 
2. Altocumulus - mid level cumulus clouds 


High Clouds 


1. Cirrostratus - high, thin layers, often invisible to the eye from the ground 
2. Cirrocumulus - high cotton ball-like clouds 
3. Cirrus - typical high level thin, wispy clouds 


Vertical Clouds 


1. Cumulonimbus - thunderheads with tremendous vertical extent (25,000 
meters) 


Precipitation 


Not nearly as straightforward as it may seem. The average cloud droplet is 0.01 - 
0.02 millimeters in diameter. At that size, it would take 48 hours to reach the 
surface of the Earth if it began to fall. lt would evaporate before it reached the 
surface. How then does precipitation occur? This remains largely a matter of 
speculation. Clearly, the droplets must grow in size, but how? Two theories: 


1. Coalescence - some droplets are able to fall to earth under the influence 
of gravity. These collide with others and grow. This is probably the least 
important process. 


2. Supercooling - at the top of a cloud ice forms because the temperature is 
below freezing. lf supercooling occurs the process literally sucks all the 
available moisture from around the ice crystal forming a much larger ice 
crystal, which then melts as it falls to earth. 


Types of Precipitation 


Rain - droplets >.5 mm in diameter 

Drizzle - droplets .1 - .5 mm in diameter 

Snow - aggregates of ice crystals several mm in diameter 
Sleet - rain or drizzle which freezes before reaching the ground 
Freezing rain - rain which freezes upon reaching the ground 


PRESSURE and WIND 


Acts in all directions because the atmosphere is a gas. Example: the weight of air 
on the roof of a typical house is about 2,000,000 pounds, however the roof does 
not collapse because the same force acts on both the top and bottom of the roof. 


In the atmosphere as air is heated it expands. Because it expands it becomes 
less dense and therefore, rises. This creates an area of low pressure at the 
surface. As the warm air rises it begins to cool, eventually causing it to sink back 
to the surface creating an area of high pressure. In general, air flows towards 
areas of low pressure and away from areas of high pressure. 


Measurement of Pressure 


1. Mercury barometer - the pressure air exerts on a column of mercury. At 
sea level this pressure averages 29.92 inches. 

2. Aneroid barometer - uses a partial vacuum that expands or contracts as a 
function of changing atmospheric pressure. Same device as an altimeter 
in airplanes. 


Pressure is usually given in inches of mercury by television weathermen. But the 
National Weather Service reports pressure in millibars. For those scientists out 
there one millibar = 10 newtons. 


Wind 
Caused by pressure gradients. Wind is an attempt to equalize the pressure 


differential. This differential is the result of unequal heating of different portions of 
the Earth's surface. 


Pressure Gradient - the change in air pressure with distance.(Figure) 


Steep Gentle 


Strong wind Light wind 


Winds start blowing perpendicular to the pressure gradient, but the Coriolis effect 
deflects the wind to the right in the Northern Hemisphere. Results in a spiral-like 
effect in which the winds end up blowing parallel to the pressure isobars. 


Wind direction is generally given as the direction from which the wind is blowing. 
Therefore a westerly wind would be one that blows from west to east. 


Types of Winds 


Cyclone - low pressure system, wind blows in a counterclockwise direction 
Anticyclone - high pressure system, clockwise wind circulation 


Land-Sea Breeze - (Figure) result from differences in temperatures of the 
land surface and ocean. During the daytime the land heats up more 
rapidly than the ocean, the warm air rises and cool air blows in from the 
ocean to take its place. At night the opposite occurs. The land cools 
quickly while the ocean remains warmer. The wind direction reverses itself 
and blows offshore as the warm ocean air rises and the cooler air from the 
land moves in to take the place of the rising air. 


C 2 Co. 


Day - Sea breeze Night - Land breeze 


Monsoons - seasonal land-sea breezes. During the winter cool, dry air 
flows offshore to the ocean. In the summer cooler, moist air from the 
ocean flows landward. If it is pushed upward by a mountain range it looses 
its moisture as it rises and cools. 


e Chinook Winds - warm, dry winds that flow downslope. Occurs when a low 
pressure system is on the lee side of a mountain range. Air rushes 
downslope toward the low and is heated by compression. Example, 
Southern California Santa Ana Winds are caused when air moves down 
through passes from the high desert to the coastline. It is heated by 
compression due to the pressure increase at sea level relative to the 
typical 3000 foot altitude of the high desert. 


Global Wind Circulation (Figure) 
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1. Atthe equator the Earth receives the maximum amount of thermal energy 
from the Sun. This causes equatorial air to rise, losing its precipitation in 
the process. 

2. Steady surface winds are absent in this area (doldrums), but aloft the 
winds diverge to flow northward or southward toward the poles. As the 
wind flows to the north or south the Coriolis effect deflects it. At about 30 
degrees N or S the winds are flowing due east. 

3. As the air moves northward it cools. By 30 degrees north latitude it is cool 
enough it begins to sink to the surface creating the subtropical high 
pressure areas. It warms as it cools and since it lost most of its moisture at 
the equator it is very dry (note that most desert are located 30 degrees N 


or S of the equator) (Figure). Since the air movement is vertical there is an 
absence of surface wind in the "horse latitudes". 


4. The descending air splits with some flowing back toward the equator and 


some continuing poleward. Surface winds blowing toward the equator are 
deflected until they are blowing from the northeast (in the Northern 
Hemisphere) to give us the "Trade Winds". 

The winds flowing toward the poles are also deflected by the Coriolis 
effect to give us the prevailing "Westerlies" of the middle latitudes. 

At the poles the cold air sinks and flows toward the lower latitudes. It is 
deflected to give the polar "Easterlies". These converge with the prevailing 
Westerlies at the Polar Front at 60 degrees N or S of the equator. 


This global circulation model is termed the three-cell model. Keep in mind, this 
is only a general model and local geography as well as seasonal changes have 
considerable effect on patterns of wind circulation. 


Air Masses 


Large volumes of air that have uniform characteristics at any given latitude. Air 
masses are named for where the originate: 


Arctic/Antarctic (A) - at the poles 

Polar (P) - to the south (or north) of the polar front 

Tropical (T) - form in the region from 30 to 60 degrees north or south of 
the equator 

Equatorial (E) - form near the equator 


Sub-classified as: 


Continental (c) - form over continents (dry) 
Maritime (m) - form over oceans (moist) 


Arctic Air Mass 
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FRONTS and STORMS 


Front - Boundary separating two air masses of different type. 


Types of Fronts 


AAA aaa 


Cold Front Warm Front 
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Occluded Front Stationary Front 


a. Cold Front - cold air moves into an area occupied by warm air. Steep 
frontal boundary with warm air forced up and over. Often accompanied by 
cumulonimbus clouds and thunderstorms. Move at speeds of 20-30 mph, 
followed by rapid clearing. 


i 


Cold Air Warm Air 


—> 


b. Warm Front - warm air moves into area occupied by cold air. Gentle slope 
to the front. Move at 10-20 mph. Cloud sequence cirrus, status, 
nimbostratus. Steady gentle rains. 


c. Occluded Front - rapidly moving cold air overtakes warm air. Often 
associated with periods of prolonged heavy showers. 

d. Stationary Front - boundary between warm and cold fronts that does not 
move appreciably. 


Cyclonic Storms 


In the northern hemisphere these are low pressure systems with 
counterclockwise air circulation that generally form at the polar front. At the front, 
cold polar air is moving eastward while warm, moist Pacific air is flowing to the 
west. Friction along the front causes waves as warm air overrides cold. A cyclone 
begins to develop. Eventually the cyclones spin off the polar front and are driven 
southeastward by the let stream. A typical "wave cyclone" has a life span of 7 to 
10 days. As long as the frictional waves persist along the polar front a series of 
cyclones will be spawned. 


Severe Storms 


Thunderstorms - most serious form of severe weather because they kill more 
people each year than tornadoes or hurricanes. 


e Local - associated with warm moist air masses. Commonly form during the 
afternoon or early evening. 

1. start when warm, moist air is forced upward 

2. Condensation occurs and clouds form (cumulus stage) 

3. cloud grows upward until the top is below freezing and precipitation 
develops 

4. as precipitation falls, downdrafts are created pulling cold air 
downward (mature stage) 

5. cold air is replaced by warm air until the warm air supply is used up 
and the rainfall stops (dissipating stage) 


e Organized thunderstorms - form along fronts. Longer and more persistent 
than local thunderstorms. They often form along squall lines associated 
with the passage of cold fronts. 


Lightening - a complex process 


ok, 


Cloud droplet freezes from the outside inward. This concentrates + 

charges on the outside and - charges on the inside 

2. Core freezes last and volume increase shatters the droplet 

3. Heavy core falls toward the base of the cloud taking the - charges with it 

4. Lighter external particles rise with + charge 

5. Negative charge on the base of the cloud causes a positive charge to 
develop on the ground 

6. Lightening flash begins when negative particles move down from cloud 
(Invisible Lightening Leader) 

7. Return strokes (visible) result in reverse flow of + charges to the cloud. 

Can also move cloud to cloud. 


Thunder - caused by the high temperatures generated by the lightening stroke 
which expands the surrounding air explosively. 


Tornadoes - violent wind storms produced by a spiraling column of air that 
extends downward from a cumulonimbus cloud. Typical wind speeds average 
300mph and can reach 500mph. Also there is a severe pressure drop in the 
center of the funnel. This combination of high wind speed and a near vacuum 
can be very destructive. The U.S. averages about 800 tornadoes a year, most 
from April through June. The Midwest is especially vulnerable in the spring 
because of the clash between cold polar air and warm Gulf air. 


Formation of tornadoes is poorly understood. For some reason especially violent 
thunderstorms cause the air which rushes inward and upward to spiral downward 
creating a funnel from a few hundred feet to over a mile in width. The tornado 
travels along the ground, usually in a northeasterly direction, for distances of a 
few hundred feet to tens of miles eventually dissipating. 


Hurricanes - tropical storms that move independent of a recognizable frontal 
boundary. Have wind speeds in excess of 75mph; the upper limit is about 
200mph. Friction with the ground is the limiting factor. 


Hurricanes form initially by surface convergence. The warm air spirals upward. 
As it rises, the latent heat of condensation heats the air further causing it to rise 
faster and higher. This sucks more toward the center of the hurricane. Eventually 
an eye forms which marks the upper limit of wind velocity. Inside the eye the 
winds are calm. Typically, a hurricane eye is 10 to 20 miles in diameter. 


Hurricanes are spawned over the ocean in latitudes just to the north and south of 
the equator. They feed from the warm, moist water requiring a surface T of +80 
degrees F, and can not be sustained over land or cold water. Areas of the U.S. 
that are especially susceptible to hurricanes are the Gulf Coast and southern 
Atlantic Coast. Hurricane season starts in June and runs through September. 
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Figure 4-3. A typical LED lights up when attached to a lithium coin cell. No extra wires needed! 


The other three scenarios? Let's look at them one at a time. 


Second Possible Outcome: Nothing Interesting Happens 


Why? Because the LED has been installed backward. Alternatively, the coin cell has been installed 
backward. Remember from Chapter 2 that LEDs are light-emitting diodes, and diodes only carry current 
in one direction. Therefore, when connected backward, they block the flow of electric current, 
preventing anything interesting from happening in the rest of the circuit. 

Typical lithium coin cells have one broad, flat side that usually has something printed or etched on 
it, almost always with a + to indicate the positive polarity of the cell. The other side is often textured or 
rippled in some way to help make better electrical contact when installed in a device. This other side is 
the negative terminal of the battery. 

The LED, being a diode, is polarized. It will only work when installed in the proper orientation inside 
the circuit. Most LEDs will offer one or more ways of easily identifying which lead is which (see 
Figure 4-4). 


Igneous Rock Identification 


The eruption of a volcano is an awesome process. Unfortunately, (or fortunately!) 
most of us will never experience it in our lifetime. But we might have the 
opportunity to see the products of volcanic processes while driving across country or 
hiking in the woods. Volcanic rocks, the solidified products of volcanic eruptions are 
part of a larger group of rocks called 

igneous rocks. 


IGNEOUS ROCKS 


Igneous rocks are crystalline or glassy 
rocks formed by the cooling and 
solidification of molten magma. 
Igneous rocks comprise one of the 
three principal classes of rocks, the 
others being metamorphic and 
sedimentary. 


Igneous rocks are formed from the 
solidification of magma, which is a hot 
(600 deg.C - 1300 deg.C, or 1100 deg. 
- 2400 deg. F) molten or partially 
molten rock material. The Earth is 
composed predominantly of a large 
mass of igneous rock with a very thin 
covering of sedimentary rock. Whereas 
sedimentary rocks are produced by 
processes operating mainly at the 
Earth's surface such as weathering and erosion, igneous--and metamorphic--rocks are 
formed by internal processes that cannot be directly observed. 


Magma is thought to be generated within the asthenosphere (the layer of partially molten 
rock underlying the Earth's crust) at a depth below about 60-100 kilometers (40-60 
miles). Because magma is less dense than the surrounding solid rocks, it rises toward the 
surface. It may settle within the crust or erupt at the surface from a volcano as a lava 
flow. Rocks formed from the cooling and solidification of magma deep within the crust 
are distinct from those erupted at the surface mainly owing to the differences in 
conditions in the two environments. Within the Earth crust the temperatures and 
pressures are much higher than at its surface; consequently, the hot magma cools slowly 
and crystallizes completely. The slow cooling promotes the growth of minerals large 
enough to be identified visually without the aid of a microscope (called phaneritic, from 
the Greek phaneros, meaning "visible”). On the other hand, magma erupted at the surface 


1s Chilled so quickly that the individual minerals have little or no chance to grow. As a 
result, the rock is either composed of minerals that can be seen only with the aid of a 
microscope (called aphanitic, from the Greek aphanes, meaning "invisible") or contains 
no minerals at all (in the latter case, the rock is composed of glass, which is really a 
viscous, non-crystalline liquid). This results in two groups of igneous rocks: (1) plutonic 
or intrusive igneous rocks that solidified deep within the earth and (2) volcanic, or 
extrusive, igneous rocks formed at the Earth's surface. 


The deep-seated plutonic rocks can be exposed at the surface for study only after a long 
period of weathering or by some tectonic forces that push the crust upward or by a 
combination of the two. The exposed intrusive rocks are found in a variety of sizes, from 
small dikes to massive dome-shaped batholiths, which cover hundreds of square miles 
and make up the cores of many mountain ranges. 


Extrusive rocks occur in two forms: (1) as lava flows that flood the land surface much 
like a river and (2) as fragmented pieces of magma of various sizes (pyroclastic 
materials), which often are blown through the atmosphere and blanket the Earth's surface 
upon settling. The coarser pyroclastic materials accumulate around the erupting volcano, 
but the finest pyroclasts can be found as thin layers located hundreds of miles from the 
opening. Most lava flows do not travel far from the volcano, but some low-viscosity 
flows that erupted from long fissures have accumulated in thick sequences. Both intrusive 
and extrusive magmas have played a vital role in the spreading of the ocean basin, in the 
formation of the oceanic crust, and in the formation of the continental margins. Igneous 
processes have been active since the formation of the Earth some 4.6 billion years ago. 


CLASSIFICATION 


Igneous rocks are classified on the basis of 
mineralogy, and texture. As discussed earlier, 
texture 1s used to subdivide igneous rocks into 
two major groups: (1) the plutonic rocks, with 
mineral grain sizes that are visible to the naked 
eye, and (2) the volcanic types, which are 
usually too fine-grained or glassy for their 
mineral composition to be observed without the ' 
use of a microscope. Being rather coarsely 
grained, phaneritic rocks readily lend themselves to a classification based on mineralogy 
since their individual mineral components can be discerned, but the volcanic rocks are 
more difficult to classify because either their mineral composition is not visible or the 
rock has not fully crystallized owing to fast cooling. 


A plutonic rock may be classified mineralogically based 
on the actual proportion of the various minerals of which 
it is composed. In any classification scheme, boundaries 
between classes are set arbitrarily; however, 1f the 
boundaries can be placed closest to natural divisions or 
gaps between classes, they will seem less random and 
subjective, and the standards will facilitate universal 
understanding. The most commonly used scheme was 
devised by the International Union of Geological Sciences 
(IUGS)(See image). 


While such a classification 1s desirable for petrologists, 
the average earth scientist relies on a much simpler 
scheme. That classification takes advantage of simple associations that occur among the 
various silicate minerals. We do not need to know percentages of the various mineral 
phases, merely which minerals are present. While not as accurate or precise as the IUGS 
classification if is more than adequate for field and lab studies. We will be utilizing this 
classification as our basis for identifying igneous rocks. 


Volcanic rocks present a greater challenge. Since many of the mineral grains are not 
visible, using a mineralogical classification becomes problematic. Ideally we would like 
to have a chemical analysis. However, most lay people have little access to analytic 
facilities and a classification based on chemistry, although desirable, 1s rather impractical. 
Thus, most field classifications of volcanic rocks rely on the few phenocrysts we can see 
or the rock's color. The latter can be especially unreliable, but often it is the only clue me 
have. We shall attempt to rely on texture, color and phenocryts to identify our volcanic 
rock specimens. To learn more about textures and mineralogy of igneous rocks follow on 
the them below. 


e Igneous Rock Textures 
e The Minerals of |gneous Rocks 
e Classification of I gneous Rocks 


IGNEOUS ROCK 
TEXTURES 


Phaneritic 


Examples of Phaneritic Rocks (the three 
images below show a hand sample, low 
magnification of a hand sample and a thin section 
of phaneritic textured rocks) 


Phaneritic textured rocks are comprised 
of large crystals that are clearly visible to 
the eye with or without a hand lens or 
binocular microscope. The entire rock is 
made up of large crystals, which are 
generally 1/2 mm to several centimeters 
in size; no fine matrix material is present. 
This texture forms by slow cooling of 
magma deep underground in the plutonic 
environment. 


Phaneritic Texture 


The cartoon sketch above, though highly 
idealized, attempts to make the point that 
in order to be truly phaneritic all of the 
mineral grains must be visible. The 
beginner often makes the mistake of 
identifying porphyritic textured (see 
discussion below) aphanitic rocks as 
phaneritic. For the more felsic rocks like 
granite, phaneritic texture is rarely 
misidentified. But dark rocks like gabrro 
are more problematic. A good rule of 
thumb is that fine grained or aphanitic 
rocks are dull appearing, while phaneritic 
rocks are brighter or shinier (of course be 
careful of a glassy rock like obsidian). 


Examples of Phaneritic Rocks 


Examples of Aphanitic Rocks (the two 
images below show a hand sample and a thin 
section of aphanitic textured rocks) 


Aphanitic 
Texture 


Aphanitic texture consists of small crystals 
that cannot be seen by the eye with or hand 
lens. The entire rock is made up of small 
crystals, which are generally less than 1/ 2 
mm in size. This texture results from rapid 
cooling in volcanic or hypabyssal (shallow 
subsurface) environments. 


Aphanitic Texture 


MECT o W ats Yes, I know the cartoon above is rather 
A AA crude, but it gets the point across. Aphanitic 
EN tl aa rocks are characterized by textures in which 
EG AOS the mineral grains are not visible to the eye 
pa a A + so they generally look rather like a blank 
AE slate. Of course, this represents an ideal 
a A world. Most aphanitic rocks will have at 
ie. A ey E; least a few phenocrysts (larger grains). This 
a S often causes the lay person to assume a 
E ie R sA. pam phaneritic texture, but with a little practice 
E a AE hy you will find you can quickly distinguish 
anr e E ` NA e between aphanitic and phaneritic textures. 


Examples of Aphanitic Rocks 


Porphyritic Rocks (the two images below 
show a hand sample and a thin section of 
porphyritic aphanitic textured rocks) 


porphyritic andesite 


Porphyritic 
Texture 


Porphyritic texture is really a subtype, but 
usage of the term often confuses the 
beginner. Porphyritic rocks are composed 
of at least two minerals having a 
conspicuous (large) difference in grain size. 
The larger grains are termed phenocrysts 
and the finer grains either matrix or 
groundmass (see the drawing below and 
image to the left). Porphyritic rocks are 
thought to have undergone two stages of 
cooling; one at depth where the larger 
phenocrysts formed and a second at or near 
the surface where the matrix grains 
crystallized. 


Phenocrysts 


Groundmass 


Both aphanitic and phaneritic rocks can be 
porphyritic, but the former are far more 
common. Most often the porphritic term is 
utilized as a modifier. For instance, an 
andesite with visible phenocrysts of 
plagioclase feldspar would be termed an 
andesite porphyry or porphyritic andesite 
(see photo above). 


Glassy Texture 


_ Glassy textured igneous rocks are non-crystalline meaning 
_ the rock contains no mineral grains. G lass results from 
cooling that is so fast that minerals do not have a chance 
to crystallize. This may happen when magma or lava 
comes into quick contact with much cooler materials near 


Vesicular 
Texture 


This term refers to vesicles (holes, pores, or cavities) 
within the igneous rock. Vesicles are the result of gas 
expansion (bubbles), which often occurs during 
volcanic eruptions. Pumice and scoria are common 
types of vesicular rocks. The image to the left shows a 
basalt with vesicles, hence the name "vesicular 
basalt". 


"tuff". 


Fragmental 
Texture 


We are almost done, I promise. The last textural term is 
reserved for pyroclastic rocks, those blown out into the 
atmosphere during violent volcanic eruptiions. These 
rocks are collectively termed fragmental. If you examine 
a fragmental volcanic rock closely you can see why. Y ou 
will note that it is comprised of numerous grains or 


| fragments that have been welded together by the heat 
| of volcanic eruption. If you run your fingers over the 


rock it will often feel grainy like sandpaper ora 
sedimentary rock. You might also spot shards of glass 
embedded in the rock. The terminology for fragmental 
rocks is voluminous, but most are simply identified as 


MINERALS OF IGNEOUS 
ROCKS 


To correctly classify many igneous rocks it is first necessary to identify the constituent minerals that 
make up the rock. Piece of cake you say, I saw most of these minerals when I did the Minerals Exercise 
or I have them in my mineral collection. Well, its not quite that easy. The mineral grains in rocks often 
look a bit different than the larger mineral specimens you see in lab or museum collections. The 
following section is meant to assist you in recognizing common rock-forming minerals in igneous 
rocks. Refer back to it often as you attempt to classify your rock specimens. 


Plagioclase 
Plagioclase: the white or chalky Plagioclase is the most common mineral in igneous 
looking grain is the common rocks. The illustration to the left shows a large chalky 
feldspar, plagioclase. white grain of plagioclase. The chalky appearance is a 
a + wae result of weathering of plagioclase to clay and this can 


often be used to aid in identification. Most plagioclase 
appears frosty white to gray-white in igneous rocks, but 
in gabbro it can be dark gray to blue-gray. If you examine 
plagioclase with a hand lens or binocular microscope you 
can often see the stair-step like cleavage and possibly 
striations (parallel grooves) on some cleavage faces. 
Some potassium feldspar is white like plagioclase, but is 
usually a safe bet to identify any frosty white grains in 
igneous rocks as plagioclase. Expect to find plagioclase in 
most phaneritic igneous rocks and often as phenocryts in 
aphanitic rocks. 


CHAPTER 4 = A PORTABLE MINI-LAB 


e Brand-new LEDs will have extended leads about an inch or so long. One lead will 
be slightly longer than the other one. The longer lead is the anode, or positive lead. 
The shorter lead is the cathode, or negative lead. This information is lost when the 
leads of the LED are trimmed—for example, after being installed in a PCB. 


e Another industry standard for identifying the polarity of an LED is to look at the 
small ridge or shoulder at the base of the LED body. There will be a flat portion 
molded into the otherwise circular outline. This flat spot marks the cathode, or 
negative terminal of the LED. 


Figure 4-4. Typical LEDs in the 3mm, 5mm, 8mm, and 10mm sizes almost always have two polarity 
indicators. The first is that the longer lead is the positive lead, or anode (top). The second is that the flat 
side on the base indicates the negative lead, or cathode (bottom). 


On really tiny LEDs, there may be an even tinier mark printed or etched onto the LED to indicate the 
cathode. You will sometimes need a magnifying glass just to see it! 

The quick and easy fix for this problem is to swap the direction of either the LED or the battery. If 
this still produces no good results, we have to consider some more possibilities. 
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Quartz 


Quartz: the dark gray, glassy grain 
is quartz. — 


Quartz is also a very common mineral in some igneous 
rocks. It can be difficult to recognize since it doesn't look 
like the beautiful, clear hexagonal-shaped mineral we see 
in mineral collections or for sale in rock shops. In 
igneous rocks it is often medium to dark gray and has a 
rather amorphous shape. If you look at it with a hand 
lens you will notice the glassy appearance and lack of any 
smooth cleavage surfaces. Y ou will also find quartz 
grains resist scratching with a nail or pocket knife, You 
can expect to find abundant quartz in granite and as 
phenocryts in the volcanic rock rhyolite. In some other 
common igneous rocks you may find a few scattered 
grains of quartz, but it is often conspicuous by its 
absence. Once recognized, quartz is rarely confused with 
any other common rock-forming mineral. 


Potassium 
Feldspar 


Orthoclase: the slightly pinkish 
grains are the potassium feldspar, 
orthoclase. 


Think pink is the motto for potassium feldspar. The 
image to the left shows several large grains of the 
potassium feldspar, orthoclase; note the pinkish cast. As 
orthoclase is a feldspar, you should also see the stair- step 
cleavage characteristic of feldspars. Unfortunately, all 
potassium feldspar is not pink, microcline is usually 
white. How does one distinguish white potassium 
feldspar from plagioclase? The answer is that in hand 
samples it is nearly impossible. Sometimes striations on 
cleavage faces allow you to differentiate the two. 
Plagioclase has striations, potassium feldspar does not. 
But in most cases any white feldspar is identified as 
plagioclase and any pink feldspar as orthoclase. Expect to 
find orthoclase as acommon constituent of granite and 
matrix material in rhyolite. In the latter rock the 
orthoclase is too fine-grained to be seen even with a 
binocular microscope, but its presence gives most 
rhyolites a distinct pinkish cast. 


Muscovite 


Muscovite: the small, shiny grains Muscovite is not a common mineral in igneous rocks, 
are muscovite. but rather an accessory that occurs in small amounts. It is 

e <a l shiny and silvery, but oxidizes to look almost golden. In 
fact, more prospectors probably confused muscovite in 
their pans for gold than they did pyrite (fool's gold). 
Muscovite has excellent cleavage and will scratch easily. 
If you suspect muscovite is present, try taking a nail to it. 
It should flake off the rock. Muscovite occurs in some 
granites and occasionally in diorite. Unlike, its close 
cousin, biotite, it rarely occurs as phenocrysts in volcanic 
rocks. 


Biotite 


Biotite: the small, black grains are Biotite occurs in small amounts in many igneous rocks. It 
biotite. is black, shiny and often occurs in small hexagonal (6- 
sided) books. Unfortunately, it is often confused with 


amphibole and pyroxene. Like muscovite, it is soft and 
has good cleavage. Try scratching the black grains with a 
nail or knife, Biotite will flake off easily. Biotite is 
differentiated from amphibole by shape of the crystals 
(hexagonal for biotite and elongated or needle-like for 
amphibole) and by hardness (biotite is soft, amphibole is 
hard). It is differentiated from pyroxene by hardness, 
color (biotite is black and pyroxene dark green) and 
occurrence (biotite is found in light-colored igneous 
rocks like granites, diorites and rhyolites while pyroxene 
occurs in dark-colored rocks like gabbro and basalt). 
Expect to find biotite as a common accessory in granite, 
and as phenocrysts in some rhyolites. 


Amphibole 


Amphibole: the elongated, black 
EUS are so 


Amphibole is a rather common mineral in all igneous 
rocks, however, it is only abundant in the intermediate 
igneous rocks. It occurs as slender needle-like crystals 
(see image to the left). It has good cleavage in 2 
directions and hence has a stair-step appearance under a 
binocular microscope. It is often confused with biotite 
and pyroxene. Biotite is softer and the needle-like crystals 
differentiate it from pyroxene. One caution, most 
students believe that all amphibole crystals must have the 
pencil-like appearance. Remember the orientation of 
grains in an igneous rock is random. What would your 
pencil look like if you looked at it down the eraser? Not 
all grains of amphibole will be oriented so you can see 
the elongation of the crystals. Its a good guess that if you 
see a few crystals that have the "classic" amphibole 
shape, the other black grains are also amphibole. Biotite 
and amphibole do occur together in igneous rocks, but 
the association is not all that common. Amphibole is 
very commom in diorite, less so in granite or gabbro. It 
also is acommon and diagnostic phenocryst in andesite. 


Pyroxene: the equi-dimensional, 
green SEMA are pyroxene. 


Olivine: the green, glassy grains are 
olivine. 


Pyroxene 


Pyroxene is common only in mafic igneous rocks, It 
occurs as short, stubby, dark green crystals (see image to 
the left). It has poor cleavage in 2 directions and cleavage 
surfaces are often hard to see with even a binocular 
microscope. It is often confused with biotite and 
amphibole. Biotite is softer, darker and occurs in 
predominantly light-colored rocks Amphibole is also 
darker and occurs in needle-like crystals rather than the 
stubby shape of pyroxene. Association is the best guide 
for the identification of pyroexene. It is usually restricted 
to dark-colored rocks (the image on the left is of 
pyroxene is a very rare light-colored rock called 
shonkenite) such as gabbro or basalt. 


Olivine 


Olivine is common only in ultramafic igneous rocks like 
dunite and peridotite. It occurs as small, light green, 
glassy crystals (see image to the left). It has no cleavage. 
The texture of olivine in igneous rocks is often termed 
sugary. Run your fingers over the grains, do they feel like 
sandpaper? The mineral is most probably olivine. 
Although olivine occurs in gabbro and basalt, it is far 
more common in peridotite and dunite. Because of the 
light green color and sugary texture it is rarely confuded 
with other rock-forming minerals. 


CLASSIFICATION 
OF IGNEOUS ROCKS 


The classification of igneous rocks has been the subject of frequent debate and voluminous literature. 
Over the past decade, most geologists have accepted the IUG S (International Union of the Geological 
sciences) classification as the standard. Since this classification is being widely adopted, it bears 
discussion. However, as we shall see is rather complex and best left to advanced students. For our 
purposes, we will introduce and discuss a much simpler classification that will allow us to easily identify 
the more common igneous rocks. 


IUGS 
Classification 


Why 
Do 
We 
Nee 
d to 
Clas 
sify 
Thin 
65 90 “gs? 


35 
Highly Modified IUGS Classification 
of Phaneritic Igneous Rocks 


Carolus Linneaus proposed the first 
classifcation for biological organisms 
in the 18th century. This taxonomic 
classification was designed to simplify 
the complexity of nature by lumping 
together living species that shared 
common traits. So to classifications in 
the earth sciences are designed to 
reduce complexity. For instance, the 
classification of minerals is based on 


common anoins since minerals 


Sharing common anions often have 
similar physical properties (i.e 
hardness, cleavage etc.). Rock 
classifications also seek to reduce 
complexity. Most are what we term 
genetic. That means that by 
pigeonholing a rock in a certain group 
we say something about its genesis 
or origin. For example, aphanitic 
rocks are or volcanic origin while 
phaneritic rocks are plutonic. 


Igneous rocks are classified on the basis of 
mineralogy, chemistry, and texture. As discussed 
earlier, texture is used to subdivide igneous rocks 
into two major groups: (1) the plutonic rocks, with 
mineral grain sizes that are visible to the naked eye, 
and (2) the volcanic rocks, which are usually too 
fine-grained or glassy for their mineral 
composition to be observed without the use of a 
petrographic microscope. As noted in the sidebar 
to the left, this is largely a genetic classification 
based on the depth of origin of the rock (volcanic 
at or near the surface, and plutonic at depth). 
Remember that porphyritic rocks have spent time 
in both worlds. Let's first examine the 
classification of plutonic rocks. 


A plutonic rock may be classified mineralogically based on the actual proportion of the 
various minerals of which it is composed (called the mode). In any classification scheme, 
boundaries between classes are set arbitrarily. The International Union of Geological 
Sciences (IUG S) Subcommission on the Systematics of Igneous Rocks in 1973 suggested the 
use of the modal composition for all plutonic igneous rocks with a color index less than 90 
(Image to the right). A second scheme (not shown) was proposed for those plutonic 


ultramafic rocks with a color index greater than 90. 


The plotting of rock modes on these triangular diagrams is simpler than it may appear. The 
three components, Q (quartz) + A (alkali (Na-K) feldspar) + P (plagioclase), are recalculated 
from the mode to sum to 100 percent. Each component is represented by the corners of the 

equilateral triangle, the length of whose sides are divided into 100 equal parts. Any 
composition plotting at a corner, therefore, has a mode of 100 percent of the corresponding 
component. Any point on the sides of the triangle represents a mode composed of the two 
adjacent corner components. For example, a rock with 60 percent Q and 40 percent A will 
plot on the QA side at a location 60 percent of the distance from A to Q. A rock containing 
all three components will plot within the triangle. Since the sides of the triangle are divided 
into 100 parts, a rock having a mode of 20 percent Q and 80 percent A + P (in unknown 

o proportions for the moment) will plot on the line that parallels the AP side and 

lies 20 percent of the distance toward Q from the side AP. If this same rock 
has 30 percent P and 50 percent A, the rock mode will plot at the intersection 
of the 20 percent Q line described above, with a line paralleling the QA side at 

a distance 30 percent toward P from the QA side. The third intersecting line 
for the point is necessarily the line paralleling the QP side at 50 percent of the 
distance from the side QP toward A. A rock with 25 percent Q, 35 percent P, 


and 40 percent A plots in the granite field, whereas one with 25 percent Q, 60 percent P, and 
15 percent A plots in the granodiorite field. The latter is close to the average composition of 
the continental crust of the Earth. 


Ideally it would be preferable to use the same modal scheme for volcanic rocks. However, 
owing to the aphanitic texture of volcanic rocks, their modes cannot be readily determined; 
consequently, a chemical classification is widely accepted and employed by most petrologists. 
One popular scheme is based on the use of both chemical components and normative 
mineralogy. Because most lay people have little access to analytic facilities that yield igneous 
rock compositions, only an outline will be presented here in order to provide an appreciation 
for the classification scheme. 


The major division of volcanic rocks is based on the alkali (soda + potash) and silica 
contents, which yield two groups, the subalkaline and alkaline rocks. Furthermore as they are 
so common, the subalkaline rocks have two divisions based mainly on the iron content with 

the iron-rich group called the tholeiitic series and the iron-poor group called calc-alkaline. 
The former group is most commonly found along the oceanic ridges and on the ocean floor 
and is usually restricted to mafic igneous rocks like basalt and gabbro; the latter group is 
characteristic of the volcanic regions of the continental margins (convergent, or destructive, 
plate boundaries) and is comprised of amuch more diverse suite of rocks. 


Chemically the subalkaline rocks are saturated with respect to silica. This chemical property 
is reflected in the mode of the mafic members that have two pyroxenes, hypersthene and 
augite [Ca(Mg, Fe)Si20 6], and perhaps quartz. Plagioclase is common in phenocrysts, but it 
can also occur in the matrix along with the pyroxenes. In addition to the differences in iron 
content between the tholeiitic and calc-alkaline series, the latter has a higher alumina content 
(16 to 20 percent), and the range in silica content is larger (48 to 75 percent compared to 45 
to 63 percent for the former). Hornblende and biotite phenocrysts are common in calc- 
alkaline andesites and dacites but are lacking in the tholeiites. D acites and rhyolites 
commonly have phenocrysts of plagioclase, alkali feldspar (usually sanidine), and quartz in a 
glassy matrix. Hornblende and plagioclase phenocrysts are more widespread in dacites than 
in rhyolites, which have more biotite and alkali feldspar. 


The alkaline rocks typically are chemically undersaturated with respect to silica; hence, they 
have only one pyroxene, the calcium-rich augite) and lack quartz but often have a 
feldspathoid mineral, nepheline. Microscopic examination of alkali olivine basalts (the most 
common alkaline rock) usually reveals phenocrysts of olivine, one pyroxene (augite), 
plagioclase and perhaps nepheline. 


A Field 
Classification 


Now that we have completely confused you,let's look at a much simpler classification. We 
call this a field dassification because it requires little detailed knowledge of rocks and can be 


easily applied to any igneous rock we might pick up while on a field trip. It utilizes texture, 
mineralogy and color. The latter is a particularly unreliable property, but the classification 
realizes that certain fine-grained (aphanitic) igneous rocks contain no visible mineral grains 
and in their absence color is the only other available property. Students the thus cautioned to 
use color only as a last resort. 


Felsic Mafic 
intermediate [aocasio | Utamat 
coor] Granite | Dion 
Fine Ehyolitel Andesite 
seora 
cular 


Minerals Present 


Texture 


QUARTZ 
K-FELDSPAR 
NA-PLAG 


PYROXENE 
OLIVINE 


NA-CA PLAG | CA PLAG 
AMPRHIBOLE | PYROXENE 


To employ this classification we must first determine the rock's texture. Y ou might 
remember we have five basic textures; phaneritic (coarse), aphanitic (fine), vesicular, glassy 
and fragmental (our classification doesn't bother with the latter because we often term all 
fragmental igneous rocks tuffs). Examine your rock and determine which textural group it 
belows to. If it is glassy, vesicular or fragmental you cannot determine mineralogy and hence 
the name is simply obsidian for a glass, tuff for a fragmental or pumice/ scoria for a vesicular 
rock (the latter are differentiated on the basis or color and size of the vesicles or holes). 


For the phaneritic and some aphanitic rocks you must determine the mineralogy. O ften it is 
only necessary to identify one or two key minerals, not all of the minerals in the rock. For 
instance quartz and potassium feldspar (k-feldspar) are restricted to granites and rhyolites. 
Amphibole is only abundant in diorite or andesite, although minor amounts can be present 
in granite. How am I getting these names? Let's take an example. I pick up my first specimen 
and notice that it is distinctly coarse grained (phaneritic). This means that it must be one of 
the rocks in the row labeled coarse (i.e., granite, diorite, gabbro or peridotite). I next place the 
rock under a binocular microscope and identify the minerals plagioclase and pyroxene. I go 
to the bottom row of the chart (Minerals Present) and look for a match with my mineralogy. 
I find it in the third column (Ca-play, pyroxene) and read the name (gabbro) from the œarse 
row on the chart. Pretty simple!! Relax, when you actually begin your igneous rock 
identification we will walk you through it step by step. But remember to refer to the above 
classification diagram often as an aid. 


Identification steps 
Step 1 


The first step involves determining the texture of your unknown rock 
sample. There are five basic textural types, phaneritic, aphanitic, 
glassy, vesicular and fragmental. Examples of each are shown below. 
Remember, many rocks have a porphyritic texture (two different grain 
sizes). But in reality, we treat porphyritic textured rocks as either 
phaneritic or aphanitic depending on size of the smallest of the two 
different grain sizes. Most porphyritic textures rocks end up in the 
aphanitic group, but rarely we do see a porphyritic phaneritic rock. 
Let's examine your rock. CLICK on the appropriate texture to move to 
the next identification step. 


Phaneritic (coarse-grained) 
texture. All of the mineral 
grains should be visible with 
the unaided eye. 


Texture - Phaneritic (coarse 


grained) 
Step 2 


The identification of phaneritic-textured igneous rocks involves a 
second step, determining the mineralogy. To help you with the process 


review the discussion of Igneous Minerals. The table below lists the 
minerals you may find in each of the common phaneritic igneous 
rocks. The key or important minerals for identification purposes are in 
BOLD and ALL CAPS. Some rocks will not have all of the minerals 
listed, but all should have at least one of the important or diagnostic 
minerals. If your sample does not appear to have a phaneritic texture 
or any of the minerals below. Go Back to the previous step. 


COLOR 


Light colored, 
pink or white 


Intermediate 
color, dark 
pink or gray 


Dark color, 
dark gray or 
black 


Light green 
color 


MI NERALOGY 


QUARTZ, POTASSIUM 
FELDSPAR 

plagioclase, biotite, 
muscovite, amphibole 


AMPHIBOLE, 
plagioclase 


PYROXENE, 
plagioclase, olivine 


OLIVINE, 
pyroxene 


CHAPTER 4 = A PORTABLE MINI-LAB 
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Third Possible Outcome: Nothing Interesting Happens 


This time, after establishing that the LED has been properly oriented with respect to the polarity of the 
battery, we must entertain the possibility that the battery has been previously depleted. Coin cells have a 
limited amount of energy stored within them, and this can be easily drained in normal use over time. 

A quick way to measure a battery's electrical goodness is to use a voltmeter. See Figure 4-5. 


Figure 4-5. Measuring a coin cell's electrical goodness using a digital multimeter. This one is chock-full of 


goodness! 


If you have a multimeter, be sure to set it to read DC voltage, in the appropriate voltage range 
(unless you have a fancy “autoranging” meter). Touch one of the meter’s probes to one side of the 
battery and the other probe to the other side of the battery, and see how much voltage is measured. 
Anything below 3V should be considered depleted and of no further use, as far as electronic-type 
projects are concerned. The batteries are shiny and round, so they may have a second career in some 
sort of art project, but otherwise they should be disposed of in a responsible manner. 

Also, perhaps because of their very shininess and roundness, they like to be eaten by small children. 
Don’t let this happen! Take whatever steps are necessary to prevent small children from handling or 
even touching your electronic tools and components. Use extra care when your lab is mobilized. 


Caution No unsupervised children, no matter how adorable, are allowed in the lab! 


Light colored,pink or white: 


Texture - Phaneritic 


—— 
Variable color, Quartz and/or 


pink to white, orthoclase (k- 
can be light gray feldspar); 
plagioclase, 


minor biotite, 
amphibole 
and muscovite may 
be present 


Your Rock is Granite! 


GRANITE 


Granite is a coarse or medium- 
grained intrusive igneous rock that 
is rich in quartz and feldspar (k- 
feldspar and plagioclase); it is the 
most common plutonic rock of the 
Earth's crust, forming by the 
cooling of magma (silicate melt) at 
depth. 


Granite has found its biggest use 
as paving block and as a building 
stone. The quarrying of granite 
was, at one time, a major mining 
activity in the New England and 
southeastern states. Today, except 
for tombstones, for which there is 
a continuing demand, the production of granite is geared to the fluctuating market for 
highway construction and veneer or sheet rock used in the facing of large commercial 
buildings. 


Granite may occur in dikes or sills (tabular bodies injected in fissures and inserted 
between other rocks), but more characteristically it forms irregular masses of extremely 
variable size, ranging from less than a few square miles to larger masses (batholiths) that 
are often hundreds or thousands of square miles in area. 


Granitic pluton 
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The principal constituent of granite is feldspar. Both plagioclase feldspar and potassium 
feldspar are usually abundant in it, and their relative abundance has provided the basis for 
granite classifications. In most granite, the ratio of the dominant to the subdominant 
feldspar is less than two. This includes most granites from the eastern, central, and 
southwestern United States. Granites in which plagioclase greatly exceeds potassium 
feldspar are common in large regions of the western United States and are thought to be 
characteristic of the great series of batholiths stretching from Alaska and British 
Columbia southward through Idaho and California into Mexico. Granites with a great 
excess of potassium feldspar over plagioclase are known from New England, but their 
most extensive development is in Nigeria. 


Rocks containing less than 20 percent quartz are almost never named granite, and rocks 
containing more than 20 percent (by volume) of dark, or ferromagnesian, minerals are 
also seldom called granite. The minor essential minerals of granite may include 
muscovite, biotite, amphibole, or pyroxene. Biotite may occur in granite of any type and 
is usually present, though sometimes in very small amounts. 


Granitic magmas are generated at convergent plate boundaries where the oceanic 
lithosphere (the outer layer of the Earth composed of the crust and upper mantle) is 
subducted so that its edge is positioned below the edge of the continental plate or another 
oceanic plate. Heat will be added to the subducting lithosphere as it moves slowly into 
the hotter depths of the mantle. This will cause the overlying wedge of crustal material to 
melt. The formation of granite is often envisioned as a two-stage process. The first stage 
involves partial melting of lower crust and perhaps subducted oceanic material to form a 
magma of andesitic composition (see discussion of andesite). The produces island arcs 
and volcanic mountain chains comprised of andesite and diorite. The base of these 
andesite/diorite piles then, in turn, partially melts to form magmas of granitic 
composition 


Intermediate color, dark pink or gray: 


Texture - Phaneritic 


Black and white Amphibole very abundant, 
(spotted) plagioclase common, 
about a 50:50 mix of light 
and dark minerals 


Your Rock is Diorite! 


DIORITE 


Diorite 1s a medium to coarse- 
grained intrusive igneous rock that 
commonly is composed of about 
two-thirds plagioclase feldspar and 
one-third dark-colored minerals, 
such as amphibole and/or biotite. 
The presence of sodium-rich 
feldspar, oligoclase or andesine, in 
contrast to calcium-rich 
plagioclase, labradorite or 
bytownite, is the main distinction 
between diorite and gabbro. The 
extrusive (volcanic) equivalent of 
diorite is andesite. 


Diorite has about the same 
structural properties as granite but, perhaps because of its darker colour and more limited 
supply, is rarely used as an ornamental and building material. It is one of the dark gray 
rocks that is sold commercially as black granite. 


Most diorites are truly igneous; they have crystallized from molten material (magma). 
Occassionally, we find others that are products of reactions between magma and included 
fragments of foreign rock (xenoliths). Many have been chemically transformed 
(metasomatized) in the solid state from some pre-existing rock, such as gabbro, by the 
loss of certain constituent atoms and the gain of others. 


Diorite occurs in small bodies such as sills (tabular bodies inserted while molten between 
other rocks), dikes (tabular bodies injected in fissures), stocks (bodies intruded upward), 
or as more irregular masses associated with gabbro. More commonly it occurs in 
batholiths (huge bodies) with granodiorite and granite. The igneous rock of the San 
Gabriel Mountains of southern California is predominantly diorite. 


Diorite, and its volcanic equivalent andesite, are thought to be the be the initial products 
of plate subduction at convergent margins. Indeed, huge bodies of diorite and 
granodiorite form the core of the Sierra Nevadas. Radiometric age dating of batholiths 
has shown that diorite is consistently older than adjacent granites supporting a model 
which has granitic plutons being emplaced after diorite. This model suggests that 
subducted basaltic crust is partially melted and may be combined with some subducted 
oceanic sediments to form andesites/diorites. Diorite is then partially melted to generate 
the younger granitic magmas. 


Dark color, dark gray or black: 


Texture - Phaneritic 


m 
Very dark gray to Pyroxene very 
black abundant, 


plagioclase common, 


may appear rusty on 
weathered surfaces 


Your Rock is Gabbro! 


GABBRO 


Gabbro is a medium or coarse-grained rock 
that consists primarily of plagioclase 
feldspar and pyroxene. Essentially, gabbro is 
the intrusive (plutonic) equivalent of basalt, 
but whereas basalt is often remarkably 
homogeneous in mineralogy and 
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composition, gabbros are exceedingly variable. Gabbros are found widely on the Earth 
and on the Moon as well. Gabbros are sometimes quarried for dimension stone (the black 
granite of commerce), and the San Marcos Gabbro of southern California is used for 
gauge blocks, but the true economic value of gabbro is minor. Far more important are the 
nickel, chromium, and platinum that occur almost exclusively in association with 
gabbroic or related ultramafic rocks. Primary magnetite (iron) and ilmenite (titanium) 
mineralizations are often intimately associated with gabbroic complexes. 


Banded, or layered, gabbroic complexes in which monomineral or bimineral varieties are 
well developed have been described from Montana, the Bushveld in South Africa, and 
the island of Skye. There are also gabbro complexes that are inhomogeneous and not 
regularly layered, as the large, basinlike intrusion at Sudbury, Ontario, and some of the 
larger diabase sills (tabular intrusions), as the Palisades, New Jersey; and many of the 
Karoo diabases (fine-grained gabbro) in South Africa. A lopolith at Duluth, Minn., is a 
notable exception to the rather arbitrary division between layered and unlayered gabbro 
complexes. The lower part of this mass has the average composition of an olivine gabbro 
but is strongly banded. The upper portion is a comparatively homogeneous feldspathic 
gabbro, not sharply banded. 


Although gabbro forms in diverse tectonic settings, much is thought to form at divergent 
plate margins. Here, the gabbro is a product of mantle-derived partial melts of peridotite. 
These partial melts rise bouyantly in the oceanic crust and solidify. The upper portion of 
the magma chamber crystallizes as the fine-grained, ubiquitous, pillow lavas 
characteristic of the ocean floor, while the middle and lower portions of the system 
soldify as diabasic dikes and cumulus textured gabbro. 


Light green color: 


Texture - Phaneritic 


Green Olivine very abundant, 
pyroxene may be present 


Your Rock is Peridotite! 


PERIDOTITE 


Peridotite is a medium-grained, 
dark-colored, intrusive igneous 
rock that contains at least 10 
percent olivine, other iron- and 
magnesium-rich minerals 
(generally pyroxenes), and not 
more than 10 percent feldspar. It 
occurs in four main geologic 
environments: (1) interlayered 
with other ultramafic rocks in the 
lower parts of layered igneous 
complexes or masses; (2) in 
alpine-type mountain belts as 
irregular, olivine-rich masses, 
with or without related gabbro; 
(3) in volcanic pipes (funnels, 
more or less oval in cross 
section, that become narrower with increasing depth) as kimberlite; and (4) as dikes and 
irregular masses with rocks exceptionally rich in potassium and sodium. The layered 
complexes are believed to have been formed in place by crystal settling from a previously 
intruded fluid or magma. Other types seem to have ranged from fluid magmas to 
semisolid crystal mushes at the time of emplacement like kimberlites. 


Peridotite is the source of all chromium ore and naturally occurring diamonds, and of 
nearly all chrysotile asbestos. It is one of the main host rocks of talc deposits and 
platinum metals and formerly was a major source of magnesite. Fresh dunite (olivine- 
rock) is used in parts of glass furnaces. Nearly all peridotite 1s more or less altered to 


serpentine (hydrous phases are present) In warm, humid climates peridotite and 
serpentine have weathered to soils worked on a relatively small scale for iron, nickel, 
cobalt, and chromium. 


Based on the observed samples, peridotite with about 50 percent olivine, 30 percent 
pyroxene, and 15 percent garnet is considered to be the dominant rock of the upper 
mantle. This conclusion is supported by melting studies that demonstrate that a basaltic 
liquid is produced if peridotite is heated enough to melt partially. It is by partial melting 
of the upper mantle beneath mid-oceanic ridges that the basalt and gabbro composing the 
oceanic crust is produced. The effect of this partial melting is to slightly deplete the 
original peridotite in aluminum and iron that preferentially are concentrated into the 
basaltic liquid. Thus, when aluminum and iron-rich xenoliths are present in a peridotite, 
they are referred to as "fertile," meaning that they have not yet been significantly melted 
and could produce basaltic liquid upon partial melting. 


Aphanitic (fine-grained) 
texture. Most or all of the 
mineral grains cannot be 
seen with the unaided eye. 


Texture - Aphanitic (fine grained) 
Step 2 


The identification of aphanitic-textured igneous rocks can often be 
frustrating. When no minerals are visible we have to rely on color, a 
poor means of identifying a rock. When a few mineral grains are 
present as phenocrysts in a fine-grained matrix, these can be very 
helpful in the identification. The table below lists the minerals you may 
find in each of the common aphanitic igneous rocks and their 
approximate colors. If your sample does not appear to have an 


aphanitic texture or any of the minerals below. Go Back to the 
previous step. 


COLOR MI NERALOGY 


Pink or 


white Quartz, Potassium feldspar 


Light to 
medium 
gray, or 
red-purple 


Amphibole, Plagioclase 


Dark gray 


or black Pyroxene, Olivine 


Pink or white: 


Texture - Aphanitic 


—— 
White to Often contains 


distinctly pink phenocrysts or 
quartz or potassium 


feldspar 


Your Rock is Rhyolite! 
RHYOLITE 


Rhyolite is extrusive igneous rock that is the 

volcanic equivalent of granite. Most rhyolites 
are porphyritic, indicating that crystallization 
began prior to extrusion. Crystallization may 
sometimes have begun while the magma was 


deeply buried; in such cases, the rock may consist principally of well-developed, large, 
single crystals (phenocrysts) at the time of extrusion. The amount of microcrystalline 
matrix (groundmass) in the final product may then be small. In most rhyolites, however, 
the period of such crystallization is relatively short, and the rock consists largely of a 
microcrystalline or partly glassy matrix containing a few phenocrysts. The glassy 
rhyolites include obsidian, pitchstone, perlite, and pumice. 


The chemical composition of rhyolite is very like that of granite. The phenocrysts of 
rhyolite may include quartz, potassium feldspar, plagioclase feldspar, biotite, amphibole, 
or pyroxene. Certain differences between rhyolite and granite are noteworthy. Muscovite, 
a common mineral in granite, occurs very rarely and only as an alteration product in 
rhyolite. In most granites the potassium feldspar is microcline or microcline-perthite; in 
most rhyolites, however, it is sanidine. A great excess of potassium over sodium, 
uncommon in granite except as a consequence of hydrothermal alteration, is not 
uncommon in rhyolites. 


Rhyolites are known from all parts of the Earth and from all geologic ages. They are 
mostly confined, like granites, to the continents or their immediate margins, but they are 
not entirely lacking elsewhere. Small quantities of rhyolite have been described from 
oceanic islands remote from any continent. An unusual occurrence of rhyolite has been 
observed in the Mojave Desert. There the rhyolite occurs in bimodal volcanic fields 
comprised of basalt and rhyolite. An absence of the intermediate volcanic rock, andesite, 
suggests these two rock types had separate origins and their parent magmas did not mix. 
The origin of these bimodal fields remains the subject of much study and conjecture. 


Light to medium gray, or red-purple: 


Texture - Aphanitic 


Light to medium Abundant amphibole 
gray phenocrysts can be 
diagnostic when 
present, plagioclase can 
also be present but is 
NOT diagnostic 


Your Rock is Andesite! 


ANDESITE 


Andesite is common in most of the 
world's volcanic areas. Andesites 
occur mainly as surface deposits and, 
to a lesser extent, as dikes and small 
plugs. Not only the Andes, where the 
name was first applied to a series of 
lavas, but most of the cordillera 
(parallel mountain chains) of Central 
and North America consist largely of 
andesites. The same rock type occurs 
in abundance in volcanoes along 
practically the entire margin of the 
Pacific Basin. The volcanoes 
Montagne PelÉ%, the Soufrif#e of St. 
Vincent, Krakatoa, Bandai-san, 
Popocatietl, Fuji, Ngauruhoe, Shasta, Hood, and Adams have emitted great quantities of 
andesitic lava. 


Andesite most commonly is fine-grained, usually porphyritic. In composition, andesites 
correspond roughly to the intrusive igneous rock diorite and consist essentially of 
andesine (a plagioclase feldspar) and one or more ferromagnesian minerals, usually 
amphibole or biotite. The larger crystals of feldspar and ferromagnesian minerals are 
often visible to the naked eye; they lie in a finer groundmass, usually crystalline, but 
sometimes glassy. There are three subdivisions of this rock family: the quartz-bearing 
andesites, or dacites, sometimes considered to be a separate family; the hornblende- and 
biotite-andesites; and the pyroxene-andesites. 


Andesite forms at convergent plate margins and is thought to be the product of partial 
melts of the water-rich subducting oceanic crustal basalts or of the intervening wedge of 
lower crustal rocks above the subducting plate. While andesite 1s common in younger arc 
systems such as the Cascades, it is nearly absent in the older Sierra Nevadas, possibly a 
consequence of erosion. 


CHAPTER 4 © A PORTABLE MINI-LAB 


Fourth Possible Outcome: Nothing Interesting Happens Because the LED ls 
Defective 


This can happen when an LED is subjected to too much current and the tiny, tiny wires within the 
plastic body overheat and fail. It can also occur when the LED has been exposed to the elements and 
moisture has penetrated the casing, allowing the internal connections to oxidize. This scenario, while 
within the realm of possibility, is certainly the least likely of the four, unless you are habitually cruel to 
your LEDs. It's also easy to test, if you have a known-good lithium coin cell handy. 


Where's the Resistor? 


You might be wondering where the current-limiting resistor can be found in this circuit. It's in there, all 
right, but it's hidden within the battery, so to speak. Coin cells are designed to provide tiny amounts of 
current over a long period of time. You're not going to arc-weld or start your car with one. As such, they 
have a much higher internal resistance than most any other kind of battery. We use this “feature” to our 
advantage when testing LEDs using just a coin cell, as the maximum amount of current that will 
normally flow out of the battery is below that necessary to destroy the LED. 


A Slightly More Permanent Circuit 


You can build a more permanent circuit for the coin cell and LED using a solderless breadboard. If you 
recall from the “Solderless Breadboards” section of Chapter 3 (see Figure 3-6), a solderless breadboard is 
an array of spring-loaded tie points, which serve to both physically hold electronic components and 
provide electrical connections between certain points. Let's build an LED circuit on a solderless 
breadboard using an LED, a coin cell, a resistor, a jumper wire, and a custom battery holder (see Figure 
4-6). Later on, in Figure 4-7, you can see details of the custom battery holder. 
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Texture - Aphanitic 


Very dark gray to black Olivine phenocrysts may be 
present, 
but often color is the only 


means of identification 


Your Rock ts Basalt! 


BASALT 


Basalt is an extrusive igneous 
rock that is low in silica content, 
dark in color, and comparatively 
rich in iron and magnesium. 


Some basalts are quite glassy, 
and many are very fine-grained 
and compact; it is more usual, 
however, for them to exhibit 
porphyritic structure, with larger 
crystals (phenocrysts) of olivine, 
pyroxene, or feldspar in a finely 
crystalline matrix (groundmass). 
Olivine and pyroxene are the 
most common porphyritic 
minerals in basalts although 
plagioclase feldspar is also 
found. Basaltic lavas are frequently spongy or pumiceous; the steam cavities become 
filled with secondary minerals such as calcite, chlorite, and zeolites. 


ta PA 
Depth (km) 
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Because basalts are so abundant they are subdivided on a chemical and petrographic basis 
into two main groups: tholeiites and the alkali basalts. Tholetitic basaltic lavas are 
characterized by plagioclase with the pyroxenes augite, pigeonite or hypersthene. They 
predominate among the lavas of mountain belts; their flows may build enormous 
plateaus, as in the northwestern United States, the Deccan of India, and the Paraná Basin 
of South America. The active volcanoes of Mauna Loa and Kilauea in Hawaii erupt 
tholeiitic lavas. Alkali basalt contains olivine and, commonly, a the pyroxenes diopside 
or titaniferous augite. Alkali basalts predominate among the lavas of the ocean basins 
(divergent plate margins as pillow lava) and are common among the basic lavas of the 
forelands and backlands of the mountain belts. 


Minerals of the feldspathoid group occur in a large number of basaltic rocks belonging to 
the alkali group; nepheline, analcime, and leucite are the commonest. If nepheline 
entirely replaces feldspar, the rock is known as nepheline-basalt; if the replacement is 
only partial the term nepheline-basanite is used. Similarly, there are analcime- and 
leucite-basalts and leucite-basanites. Most nepheline-basalts are fine-grained, very dark- 
colored rocks and are of Tertiary age. They are fairly common in some parts of Germany 
and also occur in the United States (as in New Mexico). Leucite-basalts are found 
principally in Italy, Germany, eastern Africa, Australia, and, in the United States, in 
Montana, Wyoming, and Arizona. Basalts rich in feldspathoidal minerals such as 
nepheline and leucite are of uncertain origin. While they occur in ocean basins, they are 
much more common in continental settings suggesting the continental crust is enriching 
these basaltic magmas in alkalis and perhaps alumina. 


Glassy texture. No mineral 
grains are present, the rock 
is comprised entirely of glass. 


Texture - Glassy 
Step 2 


The identification of glassy rocks is quite easy. There is only one! First 
examine your rock for signs of concoidal fracture. It should be very 
apparent. Your glass should also be massive, not granular. 
Furthermore, most volcanic glass has a distinctly dark gray or black 
tint. If your sample does not match this description, Go Back to the 
previous step. 


Fracture 


When bonds between atoms are approximately the 
same in all directions within a mineral, breakage 
occurs either on irregular surfaces (splintery or 
irregular fracture) or along smooth, curved 
surfaces (conchoidal fracture), similar to those 
formed when thick pieces of glass are broken. 


Glassy, black, concoidal fracture: 


Texture - Glassy 


—— 
Massive, shiny Glass-like; concoidal fracture 


dark gray/black 


Your Rock ts Obsidian! 


OBSIDIAN 


Obsidian 1s a natural glass of volcanic origin that 1s 
formed by the rapid cooling of viscous lava. Obsidian is 
extremely rich in silica, low in water, and has a 
chemical composition similar to rhyolite. Obsidian has 
a glassy luster and is slightly harder than window glass. 
Though obsidian 1s typically jet-black in color, the 
presence of hematite (iron oxide) produces red and 
brown varieties, and the inclusion of tiny gas bubbles 
may create a golden sheen. Other types with dark bands 


or mottling in gray, green, or yellow are also known. 


Obsidian generally contains less than 1 percent water by weight. Under high pressure at 
depth, rhyolitic lavas may contain up to 10 percent water, which helps to keep them fluid 
even at a low temperature. Eruption to the surface, where pressure 1s low, permits rapid 
escape of water and increases the viscosity of the melt. Increased viscosity impedes 
crystallization, and the lava solidifies as a glass. 


Different obsidians are composed of a variety of crystalline materials. Their abundant, 
closely spaced crystallites (microscopic embryonic crystal growths) are so numerous that 
the glass is opaque except on thin edges. Many samples of obsidian contain spherical 
clusters of radially arranged, needlelike crystals called spherulites. Microlites (tiny 
polarizing crystals) of feldspar and phenocrysts of quartz may also be present. 


Obsidian was used by American Indians and many other primitive peoples for weapons, 
implements, tools, and ornaments and by the ancient Aztecs and Greeks for mirrors. 
Because of its conchoidal fracture (smooth curved surfaces and sharp edges), the sharpest 
artifacts were fashioned from obsidian; some of these, mostly arrowheads, have been 
dated by means of the hydration rinds that form on their exposed surfaces through time. 
Obsidian in attractive and its variegated colors make it useful as a semiprecious stone. 


Vesicular texture. No 
mineral grains are present, 
the rock is light-weight and 
contains numerous holes or 
cavities. 


Texture - Vesicular 
Step 2 


Actually any igneous rock can be vesicular (have gas holes in it). But 
two types of vesicular igneous rocks are so common we give them 


special names. Both are light weight. They are differentiated on the 
basis of color and the size of the holes or vesicules. If your sample is 
not light weight with abundant vesicles, Go Back to the previous step 


Dark colored, light weight,vesicles are large and obvious: 


Texture - Vesicular 


Large vesicles or holes Dark colored; thick-walled, 
abundant vesicles, 
light weight 


Your Rock is Scoria! 


SCORIA 


Scoria 1s a light-weight, dark- 
colored, glassy, pyroclastic 
igneous rock that contains many 
vesicles (bubblelike cavities). 
Foamlike scoria, in which the 
bubbles are very thin shells of 
solidified basaltic magma, occurs 
as a product of explosive 
eruptions (as on Hawaii) and as 
frothy crusts on some pahoehoe 
(smooth- or billowy-surfaced) 
lavas. Other scoria, sometimes 
called volcanic cinder, resembles 
clinkers, or cinders from a coal 
furnace. 


The darker color of scoria has 

made it less useful commercially than pumice. Locally, it has been quarried for road 
cinders. US Highway 395 through the southern Owens Valley has been surfaces with 
scoria cinders from Red Hill, a small cinder cone adjacent to the highway. 


Light colored, light weight,vesicles are quite small and may 
require a hand lens to be seen : 


Texture - Vesicular 


Small vesicles or holes Light colored; thin-walled, 
abundant small vesicles, 
very light weight 


Your Rock is Pumice! 


PUMICE 


Pumice is a very porous, frothlike 
volcanic glass that has long been used 
as an abrasive in cleaning, polishing, 
and scouring compounds. It is also 
employed as a lightweight aggregate in 
precast masonry units, poured 
concrete, insulation and acoustic tile, 
and plaster. 


Pumice is pyroclastic igneous rock that 
was almost completely liquid at the 
moment of eruption and was so rapidly 
cooled that there was no time for it to 
crystallize. When it solidified, the 
gasses dissolved in it were suddenly 
released, the whole mass immediately consolidated. Had it cooled under more pressure, it 
would have formed a solid glass, or obsidian. Any type of lava, if the conditions are 
favourable, may assume the pumiceous state, but basalt and andesite do not occur as 
often in this form as does rhyolite. 


Small crystals of various minerals occur in many pumices; the most common are 
feldspar, pyroxene, amphibole, and zircon. The cavities (vesicles) of pumice are 
sometimes rounded and may also be elongated or tubular, depending on the flow of the 
solidifying lava. The glass itself forms threads, fibres, and thin partitions between the 
vesicles. Rhyolite aumices are white, andesite pumices often yellow or brown, and 
pumiceous basalts (such as occur in the Hawaiian Islands) pitch black. 


Pumices are most abundant and most typically developed from silica-rich magmas; 
accordingly, they commonly accompany obsidian. In minute fragments, it has an 
exceedingly wide distribution over the Earth's surface. It occurs in all the deposits that 
cover the floor of the deepest portion of the oceans and is especially abundant in the 
abyssal red clay. Much of this pumice has been derived from submarine volcanic 
eruptions, but its presence 1s also accounted for by the fact that it will float on water for 
months and is thus distributed over the sea by winds and currents. After a time it becomes 
waterlogged and sinks to the bottom, where it gradually disintegrates and is incorporated 
in the muds and oozes of the ocean floor. 


Fragmental texture. Rock A 
fragments and glass shards META 
embedded in a fine-grained 
(ash) matrix. 


E 
di 


Texture - Fragmental 
Step 2 


The identification of fragmental-textured rocks can be quite complex. 
We have reduced the complexity for you, there is only one! 
Fragmental rocks get their name because they have rock fragments 
embedded in them . Do you see any, they should be obvious? The 
matrix material is usually volcanic ash that can feel gritty and 
sometimes contains small shards of glass. The rock can be light in 


weight. If your sample does not match this description, Go Back to the 
previous step. 


Rock fragments in an ash/ glass matrix,light weight and light 
colored : 


Texture - Fragmental 


Light colored Broken rock fragments 
in a fine-grained, 
soft, ash matrix. 
Glass shards may be present. 


Your Rock is Volcanic Tuff! 


VOLCANIC 
TUFF 


Tuff 1s a termed used to describe 
a relatively soft, porous rock that 
1s usually formed by the 
compaction and cementation of 
volcanic ash or dust. Tuffs may 
be grouped as vitric, crystal, or 
lithic when they are composed 
principally of glass, crystal chips, 
or the debris of pre-existing 
rocks, respectively. Some of the 
world's largest deposits of vitric 
tuff are produced by eruptions 
through a large number of 
narrow fissures rather than from 
volcanic cones. 


In extensive deposits, tuff may vary greatly not only in texture but also in chemical and 
mineralogical composition. There has probably been no geological period entirely free 
from volcanic eruptions; tuffs therefore range in age from Precambrian to Recent. Most 
of the older ones have lost all original textures and are thoroughly recrystallized. In some 
eruptions, foaming magma wells to the surface as hot gases and incandescent particles; 


the shredded pumaceous material spreads swiftly, even over gentle gradients, as a 
glowing avalanche (nu@g ardente) that may move many miles at speeds greater than 100 
miles per hour. After coming to rest, the ejecta (erupted matter) may be firmly compacted 
by adhesion of the hot glass fragments to form streaky, welded tuffs (ignimbrites) such as 


those covering vast areas in Yellowstone National Park in the United States and the 
Owens Valley, CA (Bihop Tuff). 


Metamorphic Rock Identification 


The term metamorphism means to change. Most of us think of the metamorphosis 
that occurs when a caterpillar becomes a butterfly. While not as dramatic, similar 
changes can occur in rocks. Rocks will alter their form and appearance to suit new 
conditions Unfortunately, metamorphism is a slow process that occurs deep within 
the Earth. We cannot directly observe the process, but we can see the end result, 
metamorphic rocks. 


METAMORPHIC ROCKS 


Metamorphic rocks result from mineralogical and 
structural adjustments of solid rocks to physical and 
chemical conditions differing from those under which the 
rocks originally formed. Changes produced by surface 
conditions such as compaction are usually excluded. The 
most important agents of metamorphism are temperature, 
and pressure. Equally as significant are changes in chemical environment that result in 
chemical recrystallization where a mineral assemblage becomes out of equilibrium due to 
temperature and pressure changes and a new mineral assemblage forms. 


Three types of metamorphism may occur depending on the relative effect of mechanical 
and chemical changes. Dynamic metamorphism, or cataclasis, results mainly from 
mechanical deformation with little long-term temperature change. Textures produced by 
such adjustments range from breccias composed of angular, shattered rock fragments to 
very fine-grained, granulated or powdered rocks with obvious foliation and lineation 
termed mylonites. Contact metamorphism occurs primarily as a consequence of increases 
in temperature where differential stress is minor. A common phenomenon is the effect 
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Figure 4-6. A slightly more permanent LED circuit, built on a solderless breadboard. The tie points on the 
breadboard are labeled left to right with the letters A-E and F-J for the columns. The rows are numbered 
starting at 1 at the top. The LED’s anode, for example, is installed in tie point F3. The power rails on either 
side are simply marked with + for positive and — for negative. 


Referring again to Figure 4-6, you can see the overall layout of the LEDcircuit. The power rails along 
both sides of the breadboard are just longer versions of the electrical connections that connect each of 
the groups of five tie points together. In this example, the right-hand power rails are used, but the left- 
hand side is not. 

The schematic diagram of this circuit shows how simple it is, at least in principle (see Figure 4-7). 
Can you see the circle? 


D1 
GREEN 


Figure 4-7. The schematic diagram of the LED circuit as built on the solderless breadboard. Schematics are 
intentionally simpler than reality (most of the time) in order to help convey the very basic idea of how 
things are to be wired and the relationships between the components, without bogging you down in all the 
inevitable details that are involved. 


produced adjacent to igneous intrusions where several metamorphic zones represented by 
changing mineral assemblages reflect the temperature gradient from the high-temperature 
intrusion to the low-temperature host rocks; these zones are concentric to the intrusion. 
Because the volume affected is small, the pressure is near constant. Resulting rocks have 
equidimensional grains because of a lack of stress and are usually fine-grained due to the 
short duration of metamorphism. Regional metamorphism results from the general 
increase of temperature and pressure over a large area. Grades or intensities of 
metamorphism are represented by different mineral assemblages. Regional 
metamorphism can be subdivided into different pressure-temperature conditions based on 
observed sequences of mineral assemblages. It may include an extreme condition, where 
partial melting occurs, called anatexis. 


Other types of metamorphism can occur. They are retrograde metamorphism, the 
response of mineral assemblages to decreasing temperature and pressure; metasomatism, 
the metamorphism that includes the addition or subtraction of components from the 
original assemblage; poly-metamorphism, the effect of more than one metamorphic 
event; and hydrothermal metamorphism, the changes that occur in the presence of water 
at high temperature and pressure which affect the resulting mineralogy and rate of 
reaction. 


TYPES OF METAMORPHISM 


To more fully understand metamorphic rocks and metamorphic 
processes 1s necessary to briefly discuss the various types of 
metamorphism. This may seem like a simple task, but 
unfortunately, there is no general agreement among scientists 
upon how many different types of metamorphism occur in nature. 
For our purposes we will discuss only the three most common and leave the controversy 
to others! To go to a discussion of each type follow them below. 


e Contact Metamorphism 
e Regional Metamorphism 


e Dynamic (cataclastic) Metamorphism 


Contact Metamorphism 


Contact metamorphism occurs locally, at and near the contacts between intrusions and the 
surrounding country or host rock. The heat introduced by the intrusion controls the 
metamorphism. The effects of increased temperature are most pronounced where intrusions 
occur at shallow levels. There, contrasts in temperature between country rock and intrusion 
are at amaximum. The fluid phase is also an important agent of contact metamorphism. It 


transports heat and has a profound influence on the chemistry and mineral composition of 
the rocks with which it comes in contact. Fluids are particularly important in the 
metamorphism of carbonate rocks. Contact metamorphism commonly produces fine- 
grained rocks termed hornfds. In addition to a variety of common minerals, such as quartz, 
feldspars, and epidote, hornfels locally contain unique phases. Typically, contact 
metamorphism occurs at shallower levels of the crust, where the pressure is relatively low (< 
4 kb). At those shallow levels, the stresses characteristic of orogenic belts are generally 
absent and contact metamorphic rocks lack foliation. 


Contact Metamorphic Facies Series 


Contact metamorphic rocks are found in aureoles, zones of metamorphic rock surrounding 
and associated with plutons. O bservation of the occurrences of contact metamorphic rocks 
reveals that Zeolite, Prehnite-Pumpellyite, Albite-Epidote Hornfels, Hornblende Hornfels, 
Pyroxene Hornfels, and Sanidinite facies constitute the Contact M etamorphic F ades Series. 


Minerals indicative of these facies include analcite, stilbite, wairakite, pyrophyllite, cordierite, 
andalusite, sillimanite, K -feldspar, orthopyroxene, sanidine, and mullite. In mafic/ ultramafic 
rocks, albite, actinolite, epidote, hornblende, pyroxenes and olivine my occur. In carbonate 
rocks, minerals such as talc, tremolite, diopside, forsterite, grossularite, wollastonite, and 
spurrite may develop. 


A classic example 
of a partial 
Contact Facies 
Series is provided 
by the contact 
aureole of the 
Devonian 

O nawa pluton of 
Maine (see figure 
to right). The 
granitic pluton 
was intruded into 
slate country 
rock previously 
metamorphosed 
under regional : | 
metamorphic Y eS] Pyroxene horntels facies 
conditions. The Pott] Hornblende horntels facies 
country rocks | Slate (Greenschist facies) 
contain the — | 
assemblage Fe-Ti oxide + white mica + chlorite + quartz (figure below). The first evidence 
of contact metamorphism is the appearance of spots in the slates as far as 2 km from the 
pluton margin. The spots are cordierite porphyroblasts (largely replaced by phyllosilicates) 
and are part of the assemblage biotite + andalusite + cordierite + white mica + quartz + 
albite (figure). This assemblage is representative of the Hornblende Hornfels Facies. 


he 


l 
-a 


1 
i 
Gran 
I 
re. 
H ifr 1 
TaN 


4 
1 


iy 
RA] 
CF = ats i 


This outer zone surrounds an 
: wS inner zone, adjacent to the 
J _ Monticallite zane NONN pluton, composed of the 
LARISA] assemblage biotite + 
y it SN 71 sillimanite + cordierite + alkali 
mot zono TAS Va EN SASN feldspar + quartz (figure). This 
CI AAA O assemblage is indicative the 


AT 


TA ' 


vda A ` | 
KA AS 
E AAA MAA NA i r 
l xX i, 3 a E a A a A \ \ | 
CS i A le A . a 3 r | | 
a A A, Ll 


fe r, 
Tm 


i EE h 
MG = Ga 
hell 


— a 


i 1 | A + 4 z) n A | 1 
i 4 i, AA KA i 
E Mz, h 


j a q ee "i a 
Quartz mo 


3 
2 
i E 
| pots 
| Xu | B 
Biotite X 4 
A’, Sillimanite 
\ INNER HORNFELS 
j f { IN Í ` 
PININON x 
ye AN SED 
1? | 1 \ \ f g 
A l YA, Cordierite : 
/ SNOW a \ 
( IM) N | 
=? ety > EE 
Tai) x a 
/ 5 | HEROL 
M < 


Conditions 


The conditions of contact metamorphism are those of low to moderate pressure and low to 
high temperature. Pressures are generally less than 4 kilobars. Temperatures of 
metamorphism vary widely from 400-1000°C. Among the controlling factors are: 


the temperature of the magma, 

the temperature of the country rock at the time of intrusion, 

the conductivities of the solidifying magma and the country rock, 

the diffusivity (of both the country rock and the intrusion), 

the heat of crystallization of the magma, 

the heat capacity (the rate of change in the energy of reaction with change in 
temperature), 

fluid transport, the heating or cooling by influx of water, 

contributions from other sources, such as radioactive. 


DI OTAS IES 


Ta 


Now let's consider the metamorphic aureole at Crestmore, California (figure to the left). 
Quartz diorite and quartz monzonite have intruded a relatively pure limestone. The igneous 
rocks are surrounded by an aureole of variable width (< 3 cm-> 15 m) consisting of four 
parts. The outermost zone, referred to as the marble zone, consists of calcite marble and 
brucite-calcite marble. The marble zone is succeeded inwardly by the monticellite zone, 
consisting of rocks composed of calcite and monticellite in association with one or more of 
the various minerals clinohumite, forsterite, melilite, spurrite, tilleyite, and merwinite. An 
idocrase zone occurs interior to the monticellite zone. The idocrase zone contains rocks 
composed of idocrase in association with such minerals as calcite, diopside, wollastonite, 


phlogopite, monticellite, and xanthophyllite. Closest to the intrusion is the garnet zone where 
diopside-wollastonite-grossularite rocks, containing minor calcite and quartz, occur. 


Examination of the key minerals indicates that metasomatism has occurred. The progressive 
sequence of key minerals and their chemistries is as follows: 


calcite CaCO; 

calcite + brucite CaCO; + Mg(OH) 
monticellite CaMgSiO,4 

idocrase CajoMg2Al4S19034(OH)4 
grossularite - Ca3A1,5130;>- CaS103- 


wollastonite - diopside | CaMgSnOs 


Notice that there is a progressive increase in the ratio Si/ Ca towards the contact with the 
intrusive and a similar increase in Al, Chemical analyses of the rocks confirm these trends 
and also indicate a slight enrichment in Fe**. As the original rock was a Mg-bearing 
limestone, the first two assemblages shown in the table indicate isochemical (no change in 
the chemistry) metamorphism. The latter three suggest an introduction of silica and alumina, 
or metasomatism. 


Regional Metamorphism 


Mountain systems typically contain large belts of regionally metamorphosed rock. These are 
often foliated metamorphic rocks developed under medium to high temperatures. They 
occur in belts of regional extent, from which the term regional metamorphism was originally 
derived. The accompanying pressures vary from low to high. Geothermal gradients, which 
are likewise moderate to high, produce Buchan and Barrovian Facies series. Because the 
pressures of Buchan and Barrovian Facies series are commonly higher than are those of 
Contact Facies Series, they may contain different sequences of minerals. 


e Buchan Facies Series forms under pressures, which, in the middle grades of 
metamorphism, are lower than that of the aluminum silicate triple point. 


Consequently, the critical sequence of aluminum silicates is kaolinite -->pyrophyllite 
-->andalusite --> sillimanite. 

e Barrovian Facies Series, in contrast, develops where pressures in the middle grades 
of metamorphism are higher than that of the aluminum silicate triple point. The 
resulting aluminum silicate mineral sequence is kaolinite -->pyrophyllite -->kyanite -- 
> sillimanite. 


The presence of either andalusite or kyanite on metamorphosed shales and siltstones at the 
middle grades of metamorphism is one feature that distinguishes these facies series from one 
another. 


BUCHAN FACIES SERIES 


The Buchan Facies Series takes its name from a region in the Scottish Highlands. In general, 
the geothermal gradients that give rise to the low pressures and high temperatures of Buchan 
Facies Series may be attributed to (a) regional heating from intrusion of groups of plutons at 
shallow to moderate depths; (b) plate collisions at convergent margins; and (3) crustal 
thinning. Buchan metamorphism is common, and a number of Buchan belts have been 
described from various parts of the world, notably Spain and Japan. O ther localities include 
Maine, New Hampshire, Colorado, Oregon, Alaska, Australia, India, and Ireland. 


The low-grade assemblages are virtually identical to those of the Barrovian Facies Series 
described below. Similarly, G reenschist Facies rocks are mineralogically similar to their 
equivalents in Barrovian Facies Series. It is in the Amphibolite Facies, where andalusite and 
cordierite appear, that the Buchan Facies Series is distinguished from the higher-pressure 
Barrovian rocks. 


The various phase assemblages developed in each metamorphic zone of the Buchan Facies 
Series indicate various reactions. In pelitic (shale) rocks, at the lowest grade, the Zeolite 
Facies contains assemblages such as 


kaolinite-illite-smectite-chlorite-quartz-analcite-K feldspar 


At slightly higher- grade conditions, where assemblages of the Zeolite Facies are replaced by 
those of the Prehnite-Pumpellyite Facies, some minerals, such as K feldspar, are absent from 
many rocks, and new phases appear, such as white mica, prehnite, pumpellyite and albite. 
Smectites and K feldspar are among the first minerals that may disappear from aluminous 
rocks. Kaolinite also commonly disappears from pelitic assemblages during development of 
Prehnite-Pumpellyite Facies assemblages. 


Typical assemblages in G reenschist Facies pelitic rocks include 
white mica-chlorite-quartz-albite-magnetite-epidote-pyrophyllite-biotite-garnet-ilmenite 
The Greenschist-A mphibolite Facies boundary is a broad zone. The disappearance of albite 


marks the maximum upper limit of the Greenschist Facies. Both albite and pyrophyllite are 
absent from Amphibolite Facies rocks, whereas cordierite and the aluminum silicates 


andalusite (at lower grades) and sillimanite (at higher grades) characterize aluminous bulk 
compositions. Additional phases that may occur in pelitic rocks include, but are not 
restricted to, chloritoid, alkali feldspar, tourmaline, apatite, and sphene. Reactions distinctive 
of Buchan Facies Series are those defining the appearance of andalusite and cordierite, which 
combined with the disappearance of albite, mark the transition to the Amphibolite Facies. 


Pelitic rocks in the G ranulite Facies are distinguished by the general absence of white mica, 
by the presence of alkali feldspar + sillimanite or orthopyroxene, and by the occurrence of 
the assemblage cordierite + orthopyroxene. 


Example: Buchan Metamorphism, Northern New England, U.S.A. 


Perhaps the best-known Buchan Facies Series is that of northern New England. A line 
representing the aluminum silicate triple point extends through New England-from Rhode 
Island, through central Massachusetts, across western New Hampshire, and into 
northeastern V ermont-marking a change from a Barrovian Facies Series on the southwest to 
a Buchan Facies Series on the northeast (figure). 
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In the Buchan Facies Series of northeastern New England isograds have been mapped in the 
widely distributed pelitic rocks, including biotite, garnet, andalusite-staurolite, cordierite- 


staurolite, sillimanite, and K feldspar-sillimanite (G reenschist Facies). Locally, muscovite 
coexists with sillimanite and K feldspar in pelitic rocks of the uppermost zone; thus, the 
rocks containing these minerals belong to the Amphibolite Facies. G ranulite Facies rocks are 
present only to the south, in New Hampshire, Massachusetts, and northern Connecticut. In 
northernmost Maine, Quebec, and New Brunswick, the Zeolite and Prehnite-Pumpellyite 
Facies are represented by analcite, prehnite-pumpellyite, and pumpellyite-epidote-actinolite 
zones in metaclastic and metavolcanic rocks. 


Differences and Similarities Between Contact and Buchan Facies Series 


Contact Buchan 
Distribution local regional 
Foliation non-foliated foliated 
Hi Grade Facies Sanidinite Granulite 
Location near pluton orogenic belt 


BARROVIAN FACIES SERIES 


The Barrovian Facies Series occurs in a number of Paleozoic mountain belts, as well as in 
some of Precambrian age. Notable are the Caledonides of northwestern Europe, including 
the classic region in the Scottish Highlands, and parts of the Appalachian Mountain System 
of eastern North America. Other belts with Barrovian rocks occur in Idaho, Colorado, 
British Columbia, Alaska, Venezuela, Spain, southern Europe and Asia and Japan. 
Precambrian belts of Barrovian rocks occur in the Black Hills of South D akota, the Rocky 
Mountains, and Labrador, Quebec, and Ontario (Canada). 


The Paleozoic orogenic belts are clearly associated with convergent plate margins. Both 
Barrovian and Buchan Facies series develop at such margins. In convergent zones, regional 
heating due to the rise of plutons into the overlying plate (the plate above the subduction 
zone) is the general cause of metamorphism, but migrating fluids may also transport heat. 


The zones of metamorphism in the Scottish Highlands originally described by Barrow (1893) 
include six distinct mineral assemblages that occur in the rock types listed below: 


Chlorite Zone (slates, phyllites, and schists) 
quartz-albite-white mica-chlorite-microcline + calcite 
Biotite Zone (phyllites and schists) 


quartz-albite-white mica-chlorite-biotite + microcline +calcite + epidote 


Almandine (G arnet) Zone (phyllites and schists) 
quartz-albite-white mica-biotite-garnet + chlorite 
Staurolite Z one (schists) 
quartz-oligoclase-white mica-biotite-garnet-staurolite 
K yanite Zone (schists) 
quartz-oligoclase-white mica-biotite-garnet-kyanite +staurolite 
Sillimanite Z one (schists and gneisses) 
quartz-oligoclase-biotite-sillimanite + kyanite + K-feldspar + white mica 


At the lowest grade, in the Zeolite Facies, which forms under conditions just above those of 
diagenesis, assemblages are characterized by clay minerals. Assemblages may include 


kaolinite-illite-smectite-chlorite-quartz-analcite 


At slightly higher- grade conditions, assemblages of the Zeolite Facies are replaced by those 
of the Prehnite- Pumpellyite Facies. New phases appear, including albite, white mica and 
stilpnomelane. As was the case in Buchan Facies Series, K feldspar and smectites are among 
the first minerals to disappear from aluminous rocks. K aolinite also is commonly absent 
from Prehnite- Pumpellyite Facies rocks. 


Asthe P-T conditions increase, G reenschist Facies assemblages with new minerals form. 
Typical assemblages in pelitic rocks include 


white mica-chlorite-chloritoid-quartz-albite- magnetite-biotite-epidote-garnet-pyrophyllite 


As is the case in the Buchan Facies Series, the G reenschist-A mphibolite Facies boundary is a 
broad zone. The disappearance of albite marks the maximum upper limit of the G reenschist 
Facies. Thus, albite, like pyrophyllite, is absent from Amphibolite Facies rocks. Staurolite, 
rather than chloritoid, occurs in the lower part of the Amphibolite Facies and the aluminum 
silicates kyanite (at lower grades) and sillimanite (at higher grades) characterize aluminous 
bulk compositions. Typical assemblages include 


white mica-chlorite-biotite-quartz-plagio clase- garnet-magnetite-staurolite-ilmenite-kyanite- 
sillimanite 
The G ranulite Facies is distinguished by the general absence of white mica and the presence 
of orthopyroxene and cordierite. Pelitic assemblages include 


biotite-garnet-sillimanite-K feldspar-andesine-quartz-cordierite-orthopyroxene-sillimanite- 
zircon 


The quartzo-felspathic rocks differ from the pelitic rocks. Q uartz and feldspar are the 
dominant phases, rather than the phyllosilicates, and calcium-bearing phases are common. 
Additional minerals that may occur include stilbite, calcite, stilpnomelane, actinolite and 
hornblende. 


Example: Barrovian Metamorphism in the Southern Appalachian Orogen 


The southern Appalachian O rogen extends from central Virginia to Alabama. It is a complex 
orogenic belt, parts of which have experienced regional metamorphism during four orogenic 
events. The ages of these events are Proterozoic, Ordovician (the Taconic O rogeny), 

D evonian- Mississippian (the Acadian O rogeny), and Pennsylvanian-Permian (the 
Alleghanian/ Appalachian O rogeny). 


While the Southern Appalachian O rogen is one of the major regions of Barrovian Facies 
Series rocks in North America, analysis of the metamorphism there has been confounded by 
several factors. First, the various tectonic belts (terranes) in the southern Appalachian 
Orogen have been juxtaposed by significant movements of various types along major 
faults— in several cases, after metamorphism had occurred. This problem is particularly 
significant in the central and eastern parts of the O rogen. Second, the thermal significance of 
various metamorphic zones is open to question. 


A map of the orogen, showing the approximate positions of metamorphic facies of 
Paleozoic age, is presented below. A broad range of rock types exists in the region, but 
carbonate rocks, especially impure carbonate rocks, are relatively rare in the higher-grade 
parts of the metamorphic belt, whereas mafic and ultramafic rocks are rare to nonexistent in 
the low-grade zones. Rocks of the Zeolite and Prehnite-Pumpellyite Facies occur primarily in 
the Valley and Ridge Belt. At these lowest grades of metamorphism, the pelites are 
characterized by clays and the carbonate rocks by calcite and/ or dolomite + quartz. 

G reenschist Facies assemblages are distributed in the western Blue Ridge Belt. Rocks of this 
grade consist of younger (Cambrian) sedimentary and igneous rocks and older (Proterozoic) 
polymetamorphic rocks. Q uartz-rich metaclastic rocks typically contain the assemblage 
quartz-white mica-chlorite-alkali feldspar. Q uartz-feldspar gneisses, probably products of 
retrograde metamorphism of Precambrian Amphibolite and G ranulite facies rocks, contain 
similar assemblages. Pelitic rocks are composed of the assemblage chlorite-white mica- 
quartz-albite. In higher-grade assemblages, garnet is present. Metabasites contain 
assemblages such as chlorite-epidote- albite-quartz-actinolite. 


Much of the eastern Blue Ridge Belt is composed of rocks of the Amphibolite Facies. 
Migmatites are common. Pelitic mica schists consist of various assemblages containing 
staurolite, kyanite, and sillimanite. Q uartzo-feldpathic rocks are composed predominantly of 


the assemblage plagioclase-quartz-biotite- white mica- garnet. Mafic rocks are typical 
amphibole schists and gneisses, with hornblende and plagioclase as the dominant phases. 
Geothermometry and geobarometry indicate that the Amphibolite Facies rocks of the Blue 
Ridge were metamorphosed at temperatures between 500 and 850 *C at pressures of 5-11 
kb. 


Paleozoic G ranulite Facies rocks have been recognized at only a few localities. Aluminous 
schist consists of biotite-garnet-sillimanite-K feldspar- andesine-quartz. Q uartzo-feldpathic 
rocks contain assemblages such as andesine-quartz-K feldspar-biotite-garnet. A typical 
metabasite assemblage is hornblende-bytownite-biotite-orthopyroxene. Given that the 
estimated P-T conditions do not differ significantly from those for Amphibolite Facies 
metamorphism, the zones of G ranulite Facies metamorphism probably represent local areas 
in which the rocks were dehydrated by previous metamorphic events. 


Because the overall metamorphic pattern in the Southern Appalachian orogen developed 
over a long period of time, it is difficult to discern the complete patterns of metamorphism 
associated with each orogenic event. In the western part of the orogen, that problem is increased 
where thrust faults have shortened the width of the orogen, concealing sections of the 
metamorphic belt. Nevertheless, the elongate metamorphic zones are typical of orogenic 
Barrovian Facies Series metamorphic belts. 


BLUESCHIST FACIES SERIES 


Glaucophane imparts an attractive blue hue to rocks. T'his feature undoubtedly accounts for 
the considerable interest given to the relatively uncommon glaucophane schists (the 
"blueschists") of the California Coastal Ranges. The blue color also serves as the basis for 
the name Blueschist Facies, even though this facies contains large volumes of rock that are 
neither blue nor schistose. It is also true that all rocks containing blue amphibole do not 
belong to the Blueschist Facies. 


The Blueschist Facies develops in terranes in which the geothermal gradient is low or the 
overall P/T is moderate to high. Two sub-types of facies series are recognized in such 
terranes: the Sanbagawa Facies Series and the Franciscan Facies Series. In the Sanbagawa 
Facies Series, the maximum temperatures are somewhat higher than in the Franciscan Facies 
Series. The facies sequence is Z eolite-- Prehnite-Pumpellyite--Blueschist --G reenschist-- 
Amphibolite. In the Franciscan Facies Series, the facies sequence is Z eolite-- 
PrehnitePumpellyite--Blueschist--E clogite. 


Bluescist Facies series are widely distributed. They occur in North, Central, and South 
America, in the Caribbean region, in Europe, especially in the Alps, in the Middle East, in 
Asia, and in the circum-Pacific region (figure). Typically, these facies series form on the outer 
(trench) side of a paired metamorphic belt associated with a subduction zone. In some cases, 


CHAPTER 4 = A PORTABLE MINI-LAB 


The Battery 


The symbol for the battery actually looks like the battery in this case. The same symbol is used for most 
single-cell batteries, even when they are of completely different shapes or proportions. Multicell 
batteries are usually represented with repeated stacks of long and short lines. 

The battery symbol's long line represents the positive terminal of the battery, and the short line 
represents the negative terminal. Again, it’s just a coincidence that the wide side of the lithium coin cell 
is the positive terminal. The addition of the + sign in the schematic is redundant, but you'd be surprised 
how many people accidentally reverse this symbol. Better safe than sorry when it comes to electricity! 


The Resistor 


The battery’s positive terminal is connected via a wire (drawn as a simple, solid line) to one side of the 
resistor. The schematic symbol for the resistor is a zigzag line. 

The resistor is labeled “R1” (resistor 1) in this schematic, even though it’s the only resistor and could 
just as well have been labeled “RESISTOR +1,” or just plain “resistor.” The numeric value underneath the 
resistor is the component’s primary electrical characteristic, at least as far as we're concerned when 
looking at the schematic. In this case, it indicates a resistor whose value is 1500. In this simple example, 
the value of the resistor is quite flexible. A larger value, such as 1KQ (1,000 ohms) or more, would also 
work, except that the LED would not shine as brightly. This is because more resistance results in less 
current flow, and it's the current flow that makes the LED shine. More current, more shiny. 

We haven't specified any of the other important characteristics of the resistor, such as the tolerance 
or the power-handling capacity. Because this is such a low-power circuit, almost anything will do. When 
you start to work with really big LEDs that require correspondingly really big power supplies, this 
becomes a much more critical issue. For now, we start simply. 


The LED 


The other side of the resistor is connected, again, with a simple, solid line, to the anode of the LED, 
whose reference designator in this schematic is D1 (for diode 1). You could have called it “LED,” and 
future generations would probably have understood your intentions, which should be your overriding 
goal. Its characteristic “value” in this case is “green.” Of course, any color will do, as long as you have the 
eyes to see it. 

The LED’s schematic diagram effectively communicates its polarized nature. The arrow indicates 
the flow of conventional current. The flat bar indicates the cathode, or negative terminal of the LED. This 
corresponds to the flat side of the LED body in this example. The cathode is connected via a wire back to 
the negative terminal of the battery, completing the circuit. 

Can you see the circle yet? Hint: It’s disguised as a rectangle. The important point is that it forms a 
complete loop. 
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high P/T (low-temperature) rocks form where subduction-induced collision between a 
continent and island arc or another continent is inferred. 


Y oung mountain belts contain the majority of these rocks, but early Paleozoic and rare 
Precambrian Blueschist Facies rocks are known. The two sub-facies series of high P/ T 
metamorphism take their names from well-studied examples on opposite sides of the Pacific 
Ocean. The Franciscan Facies Series is named for the Franciscan Complex of western 
California and southern O regon. The Sanbagawa Facies Series takes its name from rocks 
exposed in southeastern Japan. 


Mineral assemblages, facies, and textures set the high P/ T facies series apart from those of 
lower P/ T. Minerals such as lawsonite occur only at high P and low T. In general, the rocks 
in outer metamorphic belts are metamorphosed pieces of ocean crust and overlying 
sediments. The most common of the critical minerals that appear include laumontite, 
pumpellyite, glaucophane, lawsonite, aragonite, jadeitic pyroxene, and omphacite. 


In the Zeolite Facies, common mineral assemblages are 
heulandite-quartz-analcite-vermiculite-white mica-laumontite-calcite 
These are replaced in the Prehnite-Pumpellyite Facies by assemblages such as 
quartz-albite- prehnite-pumpellyite-white mica-chlorite- stilpnomelane-calcite 
Blueschist Facies assemblages include 


quartz-albite-lawsonite-pumpellyite-chlorite-white mica-jadeitic pyroxene-glaucophane- 
aragonite 


Rare E clogite Facies rocks contain 
quartz-white mica-omphacite-glaucophane-garnat-epidote 
Petrogenetic Models 


Three hypotheses for the origin of Blueschist Facies Series rocks are advocated by various 
geologists. 


e Metasomatic R ecrystallization H ypotheses - Blueschists result from low-pressure 
metasomatism induced by concentrated, saline pore fluids evolved during 
serpentinization. 

e Tectonic O verpressure M odel - This hypothesis argues that tectonic overpressures cause 
Blueschist Facies Series metamorphism. Tectonic overpressures develop below a 
regional thrust fault that is capped by serpentinite. Trapped water creates the 
overpressures. 

e Burial M etamorphism H ypothesis - Deep burial may result from either sedimentation or 
tectonic thickening of the crust via faulting. The tectonic setting of high P/ T 


metamorphic belts is consistent with this hypothesis. In particular, the presence of 
Blueschist Facies Series rocks in paired metamorphic belts suggests that subduction 
and associated accretion of subducted rocks, are generally responsible for Blueschist 
Facies and related rocks. 


Example: Regional Hign P/T Metamorphism of the Franciscan Complex, CA 


The Franciscan Complex forms the structurally complicated basement of much of the 
California Coast Ranges. It is composed of a wide variety of rock types, not all of which are 
metamorphosed. As a group, however, metamorphic rocks dominate. G raywacke and 
metagraywacke and associated shale and metashale are the most abundant rock types. Chert, 
pillow basalt, limestone, conglomerate, ultramafic rocks and the metamorphic equivalents of 
all of these also occur at numerous localities. Well known among the metamorphic rocks are 
eclogites, glaucophane schists and gneisses, and actinolite and hornblende schist and gneiss 
that occur in isolated blocks and sheets. The isolated masses most commonly occur in 
melanges. In addition, Eclogite, Blueschist, Amphibolite, and rare G reenschist Facies rocks 
form slabs and tectonic blocks along faults. 
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In the northern Coast Ranges, rocks of six metamorphic facies are distributed across three 
major, fault-bounded belts that are successively younger from east to west. High-grade 


schists and gneisses, in tectonic blocks and slabs, form a fourth unit that locally caps the 
Franciscan Complex along its eastern edge. Each belt is subdivided into several thrust sheets 
or fault blocks (commonly designated as terranes) that include various formations, broken 
formations, dismembered formations, and melanges. The Central Belt is largely melange. In 
contrast, the adjoining Eastern and Coastal belts, though locally containing melange, consist 
predominantly of rock bodies with greater internal coherence. In the area at the southern 
end of the Northern Coast Ranges, in the San Francisco Bay area and to the north for 
several tens of kilometers, the structural and metamorphic patterns are highly disrupted by 
Cenozoic faulting. The metamorphic patterns of the northern Coast Ranges are more regular 
than the patterns in the south. 


In the north, the westernmost belt, the Coastal Belt, is a metawacke and metashale- 
dominated, Z eolite Faces metamorphic belt. The metawackes contain laumontite, prehnite, or 
pumpellyite. The Central Belt melanges structurally overlie the Coastal Belt rocks. Most 
rocks of the Belt are considered to belong to the PrehnitePumpelyite Fades. However, because 
the Central Belt consists primarily of an assemblage of melanges, rocks from Zeolite Facies 
to Eclogite and Amphibolite Facies are present. To the east and structurally overlying the 
Central Belt is a faulted Bluesehist Faces belt dominated by metasedimentary rocks and 
containing a variety of pumpellyite, lawsonite, and jadeitic-pyroxene-bearing assemblages. 


Analyses of the conditions that produced the metamorphic rocks in the Franciscan Complex 
suggest metamorphism of Eastern Belt rocks occurred at P=6-10kb and T= 125-350 °C, 
whereas Central Belt melange metamorphism resulted from pressures of 2-6kb and 
temperatures of 125-300 °C. Zeolite Facies metamorphism of Coastal Belt rocks occurred at 
about P= 1-3kb and T=100-200 °C 


Dynamic Metamorphism 


Dynamic (cataclastic) metamorphism is metamorphism of rock masses caused primarily by 
stresses that yield relatively high strain (deformation) rates. More simply, it is metamorphism 
resulting from deformation. The deformation may be dominantly brittle, in which case rock 
and mineral grains are broken and crushed, or it may be dominantly ductile, in which case 
plastic behavior and flow occur via structural changes within and between grains.’ 
Temperatures during dynamic metamorphism are typically elevated and may be caused by 
the deformation process. Fluids commonly contribute to the metamorphic process, both by 
altering chemistry and by aiding recrystallization. 


Both local and regional dynamic metamorphism are recognized. At the local scale, in narrow 
zones from less than 1 cm to several meters wide, brittle or ductile deformation along faults 


and fold limbs causes rock to break, recrystallize, and even to melt. Similarly, both brittle and 
ductile deformation, as well as melting, occur during impacts of extraterrestrial bodies. Brittle 
and ductile deformation processes also operate at the regional scale. 


The rocks produced at all scales by dynamic metamorphism are rocks composed of 
fragments of preexisting material (porphyroclasts), surrounded by a deformed matrix, the 
texture or mineral composition of which was produced by metamorphic processes. Such 
rocks, which fit into the broad category of clastic rocks, referred to as dynamoblastic rocks. 


Occurrences of Dynoblastic Rocks 


Faults are common within the crust of the Earth. Since faults are deformation zones, 
dynamoblastic rocks associated with faults are a common feature. In addition, folds and 
related deformation zones are relatively common in the roots of mountain belts. Even in 
zones in which newly formed rocks are only partially lithified, for example, in soft sediments 
on the seafloor, deformation may yield dynamically metamorphosed rocks. Particularly 
noteworthy among the local- to regional-scale zones of dynamoblastic rock are the mylonite 
zones associated with metamorphic core complexes and the melanges of outer metamorphic 
belts. Melanges are, in fact, mappable masses of dynamoblastic rock of local to regional 
dimensions. Impact structures with dynamoblasric rocks include Meteor Crater in Arizona 
and the Ries Basin of G ermany. 


Regional zones of dynamoblastic rocks occur at plate boundaries. Along spreading ridges, 
regional stress may be widespread enough to yield dynamically metamorphosed zones of 
rock. Perhaps more commonly, ductile deformation is concentrated in narrow zones within a 
regional terrane of schistose ultramafic rocks. Most local and regional zones of this type are 
probably subducted and are not preserved. Nevertheless, evidence of their existence is 
preserved locally in mantle slabs of accreted ophiolites. More commonly, oceanic crustal 
rocks are deformed along transform faults. Examples of rocks deformed in this way are 
exposed in the Sierra Nevada of California, in northern Italy, and on the island of Cyprus. 
Exposures of transform faults that transect the continents also reveal brittly and ductily 
deformed rocks, such as those along the San Andreas Fault System in California. 


The most extensive development of dynamically metamorphosed rocks occurs in the 
mountain belts. Rocks of the transform fault zones may be accreted here, but most 
commonly, the regional zones of dynamoblastic rock are produced by deformation 
associated with the plate (and continent) collisions that yield the mountain range. At the 
shallower and cooler levels of orogens, melanges, formed by brittle deformation, ductile 
deformation, or both, are widespread. Well known examples include the melanges of the 
Franciscan Complex of California, and the Apennine Mountains of Italy." 


D uctile deformation zones of regional extent are also common in the internal, high- 
temperature zones of the orogenic belts. Here, discrete fault lines are replaced by extensive 
zones of recrystallization and flow. Examples of such ductile deformation zones include 
some of the more regionally extensive mylonitic zones associated with metamorphic core 
complexes in the Rocky Mountain region, the Brevard Zone of the Southern A ppalachian 


Orogen, faults in the Grenville Tectonic Zone in Ontario and the Moine Thrust of the 
Scottish Highlands. 


TEXTURE AND CLASSIFICATION 


In order to classify metamorphic rocks, it is also necessary to take of the subjects of 
texture and classification schemes. If you have completed the igneous rock exercise you 
might note that these discussion topics are similar with one exception. We also discussed 
the Minerals of Igneous Rocks, there is no such discussion of metamorphic minerals. 
This does not mean mineralogy of metamorphic rocks is not an important topic, rather the 
number of metamorphic minerals is too large to discuss in an introductory exercise. 
Fortunately, 1t is necessary to recognize only a few common minerals to name most 
metamorphic rocks. You have seen these minerals if you completed the minerals exercise 
and in some cases again in igneous rocks. 


e Metamorphic Rock Textures 
e Classification of Metamorphic Rocks 


METAMORPHIC ROCK 
TEXTURES 


Foliated Texture 


The mineral constituents of foliated metamorphic rocks are oriented in a parallel or 
suhparallel arrangement. Foliated metamorphic rocks are generally associated with regional 
metamorphism. Four kinds of foliated textures arc recognized. In order of increasing 
metamorphic grade, these are slaty, phyllitic, schistose 

and gneissic. 


Slaty Texture - This texture is caused by the 
parallel orientation of microscopic grains. The name 
for the rock with this texture is slate , and the rock is 
characterized by a tendency to separate along 
parallel planes. This feature is a property known as 
slaty deavage. (Slaty cleavage or rock cleavage is not to 
be confused with cleavage in a mineral, which is 
related to the internal atomic structure of the 
mineral.) 


Phyllitic Texture - This texture is formed by the 
parallel arrangement of platy minerals, usually 
micas, that are barely macroscopic (visible to the 
naked eye). The parallelism is often silky, or 
crenulated. The predominance of micaceous 
minerals imparts a sheen to the hand specimens. A 
rock with a phyllitic texture is called a phyllite. 


Schistose Texture This is a foliated texture 
resulting from the suhparallel to parallel orientation 
of platy minerals such as chlorite or micas. O ther 
common minerals present are quartz and 
amphiholes. A schistose texture lies between the 
parallel platy appearance of phyllite and the distinct 
banding of gneissic texture. The average grain size 
of the minerals is generally smaller than in a gneiss. 
A rock with schistose texture is called a schist 


Gneissic Texture This is a coarsely foliated texture 
in which the minerals have been segregated into 
discontinuous hands, each of which is dominated 


by one or two minerals. These bands range in ee ot E 
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individual mineral grains are macroscopic and 
impart a striped appearance to a hand specimen. 
Light-colored bands commonly contain quartz and 
feldspar. and the dark hands are commonly 
composed of hornblende and hiotite. Accessory 
minerals are common and are useful in applying specific names to these rocks. A rock with 
a gneissic texture is called a mëss. 


Nonfoliated 
Texture 


Metamorphic rocks with no visible preferred orientation of mineral grains have a nonfoliated texture. 
Nonfoliated rocks commonly contain equidimensional grains of a single mineral such as quartz, calcite, 
or dolomite. Examples of such rocks are quartzite , formed from a quartz sandstone, and marble , 
formed from a limestone or dolomite. Conglomerate that has been metamorphosed may retain the 
original textural characteristics of the parent rock, including the outlines and colors of the larger grain 
sizes such as granules and pebbles. However, because metamorphism has caused recrystalliza tion of 
the matrix, the metamorphosed conglomerate is called metaconglomerate, In some cases, the 
metamorphism has deformed the shape of the gran ules or pebbles; in this case the rock is called a 
stretched pebble conglomerate. 


Quartzite and metamorphosed conglomerate can be distinguished from their sedimentary equivalents 
by the fact that they break across the quartz grains, not around them. Marble has a crystalline 


appearance and generally has larger mineral grains than its sedimentary equivalent. 


Examples of Nonfoliated Texture 
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A fine-grained (dense-textured), nonfoliated rock usually of contact metamorphic origin is hornids. 
Hornfels has a nondescript appearance because it is usually some medium to dark shade of gray, is 
lacking in any structural characteristics, and contains few if any recog nizable minerals in hand 
specimen.T he metamorphic equivalent of bituminous coal is anthraate coal. 
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METAMORPHIC ROCK 
CLASSIFICATION 


Classification 


When preexisting rocks are exposed to conditions of high temperature and/ or pressure they 
undergo solid-state changes (they "metamorphose") to become metamorphic rocks. The rock 
doesn't melt, but it changes state by one or both of these processes: 


e mineral changes - growth of new minerals that are more stable under conditions of 
high temperature/ pressure 

e textural changes - recrystallization, alignment of platy minerals, usually as a result of 
unequal application of stress 


The first thing to notice when you look at a metamorphic rock is its texture. Is the rock 
foliated or not? Foliation refers to flat or wavy planar features (looking like layers) caused by 
the alignment of platy minerals such as mica. Foliation may also look like alternating bands of 
light and dark minerals. In contrast, a nonfoliated rock has interlocking grains with no specific 
pattern. Foliated rocks (Table 1) are classified based on metamorphic grade: the lower the 
metamorphic grade, the smaller and finer the crystal size. N onfoliated rocks (Table 2) are 
classified based on composition, and this usually depends on the type of rock it originally 
formed from (called the protolith). 


TABLE 1: FOLIATED (banded) ROCK CLASSIFICATION 


Metamorphic 50-3007C 300-4501C Above 4501C 

Environment 

Metamorphic Low 

Grade 

Rock Name SLATE SCHIST GNEISS 
Minerals not visible Rock is medium to Rock is coarse 
with the naked eye or | coarse grained with grained and usually 


with a hand lens, rock | visible grains of mica | banded with 
shows slaty cleavage, | or other metamorphic | alternating layers of 


Rock Description is usually dark- minerals. Often shiny | light and dark 
colored. A product of | due to reflection of minerals. Foliation 
low-grade mica on foliation bands may be folded. 
metamorphism of planes. Product of Product of high grade 
shale or mudstone. intermediate grade metamorphism of 


metamorphism of shale, schist, granite 


shale, slate, phyllite, or many other rock 
basalt or granite. types. 


TABLE 2. NONFOLIATED (not banded) ROCK CLASSIFICATION 


MARBLE QUARTZITE ANTHRACITE COAL 

Mineral(s) | calcite quartz crystalline carbon 

Coarse-grained Rock has intergrown Hard, black shiny coal; 

recrystallized limestone | quartz grains, thus is product of low-grade 
Description | or dolomite. Typically massive and hard. metamorphism of 

harder than the protolith. | Protolith is sandstone. bituminous coal. 

May have dark bands Intermediate to high 

due to organic grade metamorphism. 


impurities. 
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Building the Actual Circuit 


Comparing the schematic to the photograph of the completed circuit might not immediately click in 
your head. Take a look at Figure 4-8 for a slightly different angle, where you can see some more details, 
such as how the battery is being mounted. 


Figure 4-8. Another view of the LED circuit as built on a solderless breadboard. The battery holder is a 
modified pin block that has had a couple of its pins removed, allowing the coin cell to fit in on the 
diagonal. A thinner coin cell could have fit without your having to remove the corner pins. A proper coin 


cell holder is inexpensive and would provide a much more robust solution to the problem. 


Looking at Figure 4-8, you can see how the positive side of the battery is making physical and 
electrical contact with the gold-plated pin of the pin block. The remainder of the pin emerges 
underneath the black plastic molding to make contact with the spring-loaded tie point within the body 
of the solderless breadboard, which in this case is the negative power rail. The positive terminal, in a 
similar fashion, makes contact with the positive power rail. 

By attaching the battery directly to the right-side power rails, you ensure that your circuits are only a 
short jumper away from power, no matter where along the breadboard you decide to build them. Handy! 
Note that the left-side and right-side power rails are not connected at this time. If you would like 

them to be, you can easily attach them using jumper wires. See Figure 4-9. 


Step 1 


The first step involves determining the texture of your unknown rock 
sample. There are only two metamorphic rock textural types, foliated 
and nonfoliated. Examine your rock and CLICK on the appropriate 
texture to move to the next identification step. 


Foliated texture. Sets of 
flat or wavy parallel 
planes that represent the 
preferred orientation of 
the minerals in the rock 
under a deforming 
pressure. The main 
cause of foliation is the 
presence of platy 
minerals which are easily 
elongated such as micas 
or amphibole. 


Texture - Foliated 
Step 2 


The identification of foliated metamorphic involves an additional step. 
We must examine the foliated rock to see if the individual mineral 
grains are visible to the eye 


GRAINS VISIBLE: 


1- Coarse black and white banding: Feldspar, quartz, biotite and 
amphibole commom 


Texture - Foliated 
Grains Visible 


=m 
Black and white banding Quartz, feldspar, biotite and 


amphibole may be present 


Your Rock is Gneiss! 


GNEISS 


Gneiss has a distinct banding, 
which is apparent in hand 
specimen or on a microscopic 
scale. Gneiss usually is 
distinguished from schist by its 
foliation and schistosity; gneiss 
displays a well-developed 
foliation and a poorly developed 
schistosity and cleavage. It is 
convenient to think of a gneiss as 
a rock with parallel, somewhat 
irregular banding which has little 
tendency to split along planes. In 
contrast, schist typically is 
composed of platy minerals with 
a parallel geometric orientation 
that gives the rock a tendency to 
split along planes; banding is usually not present. 


Gneiss is medium to coarse-grained and may contain abundant quartz and feldspar. The 
banding is usually due to the presence of differing proportions of minerals in the various 
bands; dark and light bands may alternate because of the separation of mafic and felsic 
minerals. Banding can also be caused by differing grain sizes of the same minerals. The 
mineralogy of a particular gneiss is a result of the complex interaction of original rock 
composition, pressure and temperature of metamorphism, and the addition or loss of 
components. 


Gneiss can be classified on the basis of minerals that are present, process of formation, 
chemical composition, or probable parent material. Orthogneiss is formed by the 
metamorphism of igneous rocks; paragneiss results from the metamorphism of original 
sedimentary rocks. Augen gneiss contains stubby lenses of feldspar and quartz having the 
appearance of eyes scattered through the rock. In some areas, gneiss grades laterally into 
granitic rocks with the characteristics of typical igneous granite. This feature is one of the 
important factors that have led some to call upon a metamorphic process (granitization) 
for the development of granitic plutons. 


Gneiss is the principal rock over extensive metamorphic terrains. The banding may be 
oriented nearly parallel to the Earth's surface or may have a steep dip. Such orientations 
can be interpreted in terms of the stresses that prevailed during the formation of the rock, 
but they also may be inherited from the rock that was metamorphosed. 


2- Obvious foliation, a few large grains may be present, various 
colors: Muscovite, garnet, talc and chlorite commom 


Texture - Foliated 
Grains Visible 


ee 
Obvious foliation, various Muscovite, biotite chlorite, talc 


colors or garnet may be present 


Your Rock is Schist! 


SCHIST 


Schist is a medium crystalline rock that 
has a highly developed schistosity, or 
tendency to split into layers. Unlike its 
close cousin gneiss, banding is poorly 
developed or absent. Most schists are 
composed largely of platy minerals such 
as muscovite, chlorite, talc, biotite, and 
graphite; feldspar and quartz are much 
less abundant in schist than in gneiss. 
The green color of many schists and 


their formation under a certain range of temperature and pressure has led to a distinction 
of the greenschist facies in the mineral facies classification of metamorphic rocks. The 
parallel orientation of the platy minerals and well-developed folding of many schists 
indicate formation under stresses that are not the same in all directions. The mineralogy 
and high water content of the minerals indicate that they were formed under conditions of 
relatively low temperature and pressure. 


Schists are usually classified on the basis of their mineralogy, with varietal names that 
indicate the characteristic mineral present. Talc schist contains abundant talc; it has a 
greasy feel, a well-developed schistosity, and a grayish-green colour. Mica schist often 
contains muscovite mica rather than biotite, although both minerals are common. It 
represents a somewhat higher grade of metamorphism than talc schist and is more coarse- 
grained; individual flakes of mica can be seen. 


GRAINS NOT VISIBLE: 


l- Silky sheen, fair rock cleavage, often gray: Muscovite or 
chlorite may be bearly discernable: 


Texture - Foliated 
Grains NOT Visible 


Silky sheen, fair- Muscovite, biotite 
poor rock chlorite may be barely 
cleavage, gray to visible 
green 


Your Rock ts Phyllite! 


PHYLLITE 


Phyllite is a fine-grained metamorphic rock 
formed by the low grade metamorphism of 
fine-grained, sedimentary rocks, such as 

mudstones or shales. Phyllite has a marked 


fissility (a tendency to split into sheets or slabs) due to the parallel alignment of platy 
minerals; it may have a silky sheen on its surfaces due to tiny plates of micas. Its grain 
size is larger than that of slate but smaller than that of schist. 


Phyllite 1s formed by relatively low-grade metamorphic conditions in the lower part of 
the greenschist facies. Parent rocks may be only partially metamorphosed so that the 
original mineralogy and sedimentary bedding are partially preserved. Depending upon 
the direction of the stresses applied during metamorphism, phyllite sheets may parallel or 
crosscut the original bedding; in some rocks, two stages of deformation, called 
precrystalline and postcrystalline deformations, can be distinguished on the basis of two 
orientations of definable surfaces in the rock. Precrystalline surfaces have slaty cleavage, 
or flow cleavage, whereas postcrystalline surfaces have fracture, or strain-slip cleavage. 
Such terms can be used only when the type of deformation and its relation to time can be 
determined. 


2- Dull luster, excellent rock cleavage, various colors: No 
minerals visible: 


Texture - Foliated 
Grains NOT Visible 
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Dull luster, excellent rock No visible minerals 
cleavage, gray, red green 
or black 


Your Rock is Slate! 


SLATE 


Slate is a very fine-grained, metamorphic 
rock that splits readily into thin slabs having 
great tensile strength and durability. A true 
slates does not, as a rule, split along the 
bedding plane but along planes of cleavage, 
which may intersect the bedding plane at 
high angles. Slate is formed under low-grade 
metamorphic conditions (low temperature 
and pressure). The original material was a 


fine clay, usually in the form of a sedimentary rock (e.g., a mudstone or shale). The 
parent rock may be only partially altered so that some of the original mineralogy and 
sedimentary bedding are preserved; the bedding of the sediment as originally laid down 
may be indicated by alternating bands, sometimes seen on the cleavage faces. Cleavage is 
an inherited structure, the result of pressure acting on the rock when it was deeply buried 
beneath the Earth's surface. The direction of cleavage depends upon the direction of the 
stresses applied during metamorphism. 


Slate may be black, blue, purple, red, green, or gray. Dark slates usually owe their color 
to carbonaceous material or to finely divided iron sulfide. Reddish and purple varieties 
owe their color to the presence of hematite (iron oxide), and green varieties owe theirs to 
the presence of much chlorite, a green micaceous clay mineral. The principal minerals in 
slate are muscovite and biotite (in small, irregular scales), chlorite (in flakes), and quartz 
(in lens-shaped grains). 


Slates are split from quarried blocks about 3 inches thick. A chisel, placed in position 
against the edge of the block, is lightly tapped with a mallet; a crack appears in the 
direction of cleavage, and slight leverage with the chisel serves to split the block into two 
pieces with smooth and even surfaces. This is repeated until the original block is 
converted into 16 or 18 pieces, which are afterward trimmed to size either by hand or by 
means of machine-driven rotating knives. 


Slate is sometimes marketed as dimension slate and crushed slate. Dimension slate 1s 
used mainly for electrical panels, laboratory tabletops, roofing and flooring, and 
blackboards. Crushed slate is used on composition roofing, in aggregates, and as a filler. 
Principal production in the United States 1s from Pennsylvania and Vermont. 


3- Shiny luster, with obvious striations or grooves, hard and 
dense: Quartz is common, but often not visible: 


Texture - Foliated 
Grains NOT Visible 


po > l Lo 
May have Quartz 
shiny luster, may be 
obvious visible 
striations or 
grooves, 
hard and 
dense 


Your Rock is Mylonite! 


MYLONITE 


The formation of mylonites (fault 
rocks) 1s complex and involves 
successive stages of deformation, 
recovery, and recrystallization. 
During deformation, pressure 
solution may contribute to fabric 
development, but deformation 
processes are basically 
mechanical in nature. 
Mylonitization also involves the 
chemical processes of 
metasomatism and 
recrystallization. In these, as well 
as in the deformation processes, 
fluids are important. Other 
variables that control the nature 
of the mylonitization include the 
nature of the protolith, the confining pressure, the temperature, and the continuity of the 
rock mass. 


The deformation processes involved in mylonitization include microfracturing, twinning, 
dislocation glide, and grain-boundary sliding. Microfracturing is a process in which 
microscopic fractures develop within and between grains, in response to stress. In 


minerals with cleavage, the intragranular fractures may follow the cleavage. Feldspars, in 
particular tend to fracture during mylonitization, and in some cases, quartz, calcite, 
olivine, pyroxene, and biotite do so as well. Twinning is another mechanism by which 
crystals may reflect strain. Dislocation glide refers to a shift in the position of a defect 
within a crystal lattice. The defect may change size or may simply change positions. 
Grain-boundary sliding is a process in which grains shift positions relative to adjoining 
grains, with the shift occurring along the grain boundary. All of these processes are 
granular adjustments made within rocks to accommodate an applied stress. The 
adjustments result in a foliated rock. 


In addition to the mechanical processes of deformation involved in mylonite formation, 
recrystallization, and metasomatism are important in the development of the character of 
these rocks. Recrystallization is the process in which strain energy is reduced by the 
nucleation and growth of new crystals within and at the margins of host crystals. Fluid 
flow in fault zones and ductile deformation zones is significant in promoting mechanical 
deformation and recrystallization. Major metasomatic effects are also produced by fluids. 
For example, fluids have removed more than 60% of the volume of material in some 
mylonite zones. Pressure solution promotes some of this volume loss. 


Together, combinations of the processes described above yield mylonitic rocks. The 
particular combination of processes that produces the specific fabric elements and 
mineral composition of any given mylonite is a function of the rock and fluid 
composition and the strain history. 


Nonfoliated texture. 
Nonfoliated rocks will 
appear as massive and 
structureless. They 
exhibit a nonfoliated 
character because the 
Original rocks 
(protolith) were 
composed of equant 
grains that tended to 
grow equally in all 
directions and form an 
interlocking, dense, 
crystalline mosaic. . 


Texture - Nonfoliated 
Step 2 


COLOR/ PROPERTIES MI NERALOGY 
Shiny Black Coal (no minerals) 


Light colored , fizzes 


with acid Calcite 


Various colors, 


scratches glass suet 


l- Shiny Black: 


Texture - Nonfoliated 


Black with a shiny luster Does not easily soil fingers, 
may have a concoidal fracture 


Your Rock is Anthracite! 


ANTHRACITE 


Anthracite, often called HARD COAL, is a 
highly metamorphosed variety of coal. It 
contains more fixed carbon (about 90 to 98 
percent) than any other form of coal and the 
lowest amount of volatile matter (less than 8 
percent), giving it the greatest calorie, or heat, 
value. Because of this, anthracite 1s the most 
valuable of the coals. It is, however, also the 
least plentiful. Anthracite makes up less than 2 
percent of all coal reserves in the United States. 
Most of the known deposits occur in the eastern part of the United States. 


Anthracites are black and have a brilliant, almost metallic lustre. They can be polished 
and used for decorative purposes. Hard and brittle, anthracite breaks with conchoidal 
fracture into sharp fragments that are clean to the touch. Although anthracite 1s difficult 
to ignite, it burns with a pale-blue flame and requires little attention to sustain 
combustion. Anthracite is particularly adaptable for domestic use because it produces 
little dust upon handling and burns slowly while emitting relatively little smoke. It is 
sometimes mixed with bituminous coal for heating factories and other commercial 
buildings to reduce the amount of smoke produced but it is seldom used alone for this 
purpose because of the high cost. 


CHAPTER 4 = A PORTABLE MINI-LAB 


Figure 4-9. Attaching the left- and right-side power rails using jumpers. By default, the power rails are not 
connected. There are some situations where you need them to not be connected, such as when using 
multiple supply voltages within a single circuit. These things happen. 


Now, referring all the way back to Figure 4-6 (sorry about that), you should be able to see how the 
positive terminal of the battery is indeed connected to one side of the resistor. The other side of the 
resistor, then, makes an electrical connection with the anode of the LED (the non-flat side, when seen 
from above). The cathode is connected to the negative power rail using a short jumper wire. The 
negative power rail then completes the circuit back to the battery. The circle is complete. 

Note that the resistor could have been placed either before the LED in the circuit (as shown in the 
photographs) or after the LED. The only important points are that it is in the same circuit, or circle, and 
that the current must flow through both the LED and the resistor. It really doesn't matter which one 
comes first, especially in this simple circuit. It will only make a difference when you start to do fancy 
stuff, like adding switches and such to complicate things. 

If you're using a different kind of solderless breadboard (and there are a few distinct varieties), you 
may or may not have power rails available. If so, fret not. You can still make point-to-point connections 
using more jumper wires. Now you're starting to understand why you were assigned to cut and strip so 
many jumper wires back in Chapter 2! They should start to be coming in handy just about now. 
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2- Light colored , fizzes with acid: 


Texture - Nonfoliated 


c 
White, cream, pink or light Reacts with acid, 


blue crystalline appearance 


Your Rock is Marble! 


MARBLE 


Marble is a granular limestone or dolomite that 
has been recrystallized under the influence of 
heat, pressure, and aqueous solutions. 
Commercially, it includes all decorative 
calcium-rich rocks that can be polished, as well 
as certain serpentines. Marbles are massive 
rather than layered and consist of a mosaic of 
interlocking calcite grains. They often occur 
interbedded with such metamorphic rocks as 
mica schists, phyllites. 


Most of the white and gray marbles of Alabama, 

Georgia, and western New England are 

recrystallized rocks, as are a number of Greek and Italian statuary marbles famous from 
antiquity. These include the Parian marble, the Pentelic marble of Attica in which 
Phidias, Praxiteles, and other Greek sculptors executed their principal works, and the 
snow-white Carrara marble used by Michelangelo and Antonio Canova and favored by 
modern sculptors. The exterior of the National Gallery of Art in Washington, D.C., is of 
Tennessee marble, and the Lincoln Memorial contains marbles from Colorado, Alabama 
and Georgia. 


Even the purest of the metamorphic marbles contain some accessory minerals. The 
commonest are quartz in small rounded grains, scales of colorless or pale-yellow mica 
(muscovite and phlogopite), dark shining flakes of graphite, iron oxides, and small 
crystals of pyrite. Many marbles contain other minerals that are usually silicates of lime 
or magnesia. Diopside is very frequent and may be white or pale green; white bladed 
tremolite and pale-green actinolite also occur; the feldspar encountered may be a 


potassium variety but is more commonly a plagioclase (sodium-rich to calcium-rich) such 
as albite, labradorite, or anorthite. 


These minerals represent impurities in the original limestone, which reacted during 
metamorphism to form new compounds. The alumina represents an admixture of clay; 
the silicates derive their silica from quartz and from clay; the iron came from limonite, 
hematite, or pyrite in the original sedimentary rock. In some cases the original bedding of 
the calcareous sediments can be detected by mineral banding in the marble. The silicate 
minerals, if present in any considerable amount, may color the marble; e.g., green in the 
case of green pyroxenes and amphiboles; brown in that of garnet; and yellow in that of 
epidote and sphene. Black and gray colors result from the presence of fine scales of 
graphite. 


3- Various colors, scratches glass: 
3-1: Shiny , white or light gray: 
Texture - Nonfoliated 


Scratches Glass 


White, light gray, Quartz grains welded E” 
a 


pink or blue together Sie: f 
(hard), breaks across W 7 | 
grains y 


Your Rock is Quartzite! 


3-2: Dark gray, green, brown: 
Texture - Nonfoliated 


Scratches Glass 


m 
Various shades Dense, dull (not 
of gray, or gray- shiny), 


green may be spotted 


Your Rock is Hornfels! 


HORNFELS 


Hornfels are rocks that form by contact 
metamorphism in the inner parts of the contact 
zone around igneous intrusions. All of the rocks 
called hornfels--a hard, fine-grained, flinty rock- 
-are created when heat and fluids from the 
igneous intrusion alter the surrounding rock, 
changing its original mineralogy to one that is 
stable under high temperatures. Temperatures as 
high as 700 - 800deg C may be reached, 
depending upon the pressure at the depth of the 
intrusion. The minerals of the hornfels facies 
depend largely upon the composition of the parent rock. 


Gemstone 


Andalusite 


Apatite 
Beryl 


Clear 
Yellow 
Green 


Cordierite 
Feldspar 


Orthoclase 
Labradorite 
Sunstone 
Moonstone 


Fluorite 


Garnet 


Almandine 
Pyrope 
Rhodinite 
Spessartine 
Tsavorite 
Malaysian 


Lapis 
Malachite 
Opal 


Solid 
Brazilian 
Triplets 
Slocum Stone 


Peridot 


Quartz 


Caringorm 
Amethyst 
Citrine 
Amatrene 
Dentritic 
Tourmalated 
Rutilated 
Agate 

Fire Agate 
Onyx 
Bloodstone 
Carneilian 
Aventurine 
Sardonyx 


Sapphire 


Yellow 
Blue 
Lavender 
Green 


Scapolite 
Spinel 
Sugilite 


Tanzanite 
Topaz 


Clear 
Imperial 
Blue 
Root beer 
Rutillated 


Tourmaline 


Indicolite 
Rubellite 
Green 

Yellow 
Orange 
Watermelon 
Bi & Tri color 


Turquoise 


Morenci 
Green 
Blue 


Synthetics 


Cubic Zirconia 
Spinel 

Corundum 
Strontium Titanate 
Fiberlite 

Linde 

Chatham 


Zircon 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 
Fracture: 
Environment: 
Association: 


Locals: 


Misc: 


Gem info: 


Andalusite 
Al2S105 
Aluminum Silicate 


Orthorhombic (Large size gem 
quality crystals are rare.) 


Strong pleochroism one 
axis/yellow-olive other 
axis/brown-red 


1.63 - ; ; 

1 648 Birefraction: 0.006 
a Spec. Grav.: 3.12 - 3.18 
quality) 

conchoidal Cleavage: imperfect 


Found in pegmatites, gneiss, hydrothermal deposits, 
and gem gravel 


quartz, muscovite, microcline, cordierite, topaz 
| Brazil | Sri Lanka | Canada | Spain | 


the name is from a region in Spain (Andalucia), it is 
one member of three minerals with the same 
composition, andalusite, sillmanite, and kyanite. 


It is mainly a collectors item, and has not seen wide 
use in the jewelry trade, there is another variety called 
chiastolite that forms long prismatic crystals with a 
black cross in its cross section. The name comes from 
the Greek "chiastos” meaning "X-marked". It was 
used as an amulet by early Christens. 


Name: Apatite 

Cas(F,CI,OH)(POs.)s 
ow cimam epe Fluoro-Phosphate 
Crystal: hexagonal (prism very common) (prism very common) 


Color: Color: colorless, blue, green, yellow, violet 
Refrac. Index: l aoe Birefraction: a 003 


Hardness: 5 S Spec. Grav.: 3.17 - 3.23 
Fracture: conchoidal Cleavage: poor 


: stable in many environments, hydrothermal veins, metamorphics, and 
Environment: . . E 
even via chemical deposition 
‘Association: pegmatites, al manner of metamorphics 
Locals: | Brazil | Sri Lankra | Canada | Maine, USA | 


from the Greek word "apatos" meaning "deception", because of its 
wide variety of colors and crystals shapes. soluble in HCl, often 
fluorescent or thermoluminescent. Used mainly as a source of 
phosphates for fertilizer. 


The green variety is sometimes called "asparagus stone", it 1s not 
Gem info: common in the jewelry trade because it is both soft and very brittle. 
Mainly purchased by gem collectors. 


Name: > Beryl 


Ch AbkBe3(SicO1s) 
ca Aluminum Beryllium Silicate 
Crystal eS (often long prisms 


blue green yellow colorless red 
goshenite bixbite 


po grn/blue-0.006 
Index: 1.57 - 1.60 Birefraction: vel-0.005 


Color: 


Hardness: 
Fracture: 
Environment: 


Association: 


Locals: 


Misc: 


Gem info: 


others-0.008 
7.5 Spec. Grav.: 2.69 - 2.8 
conchoidal Cleavage: imperfect 
granite rocks and pegmatites, hydrothermal deposits 


quartz, spodumeme, cassiterite, columbite and other rare minerals 


| Columbia | Brazil | Russia | Australia | Mass., Calif., USA | Sri 
Lankra | Namibia | 


the name comes from the Greek "berylos", and which means 
"sweet.”. Some varieties fluorescent, insoluble in acids, a very 
important economic mineral and the major source of beryllium. 


An important series of gemstones, Emerald is one of the most 
expensive stones on the market, the best comes from Columbia and is 
colored by chromium impurities. The chromium weakens the crystal 
lattice and produces a highly flawed structure, which makes the stone 
weak and easily damaged by mechanical force.. It is sometimes oiled 
to hide the internal flaws. 


The best blue, Aquamarine, comes from Brazil today, and can be 
found in very large, and very clean crystals. The color is caused by 
iron impurities, and it can be heat treated to enhance the color. It 1s 
more expensive than blue topaz, but far less expensive than emerald. 
Asterism is possible in aqua producing either cats-eye or even star 
stones. 


The rarest beryl is bixbite (red) and is not usually seen in jewelry as it 
occurs in only very small crystals. The red color is due to manganese, 
and the best material comes from Utah. 


Heliodor (yellow-green) is colored by uranium and is slightly 
radioactive. Yellow to yellow-orange samples are referred to as 
golden beryl. True Heliodor is valued by collectors but not seen much 
in jewelry, the golden beryls are seen often in jewelry but are not as 
expensive as aquamarine. 


Morganite (pink) is one of the more expensive beryls and like 
virtually all good pink stones draws an excellent price, again not as 
expensive as emerald, but equal to the best aquamarine. It contains 
cesium and lithium, but the color agent is a trace of manganese. 


Goshenite (clear-colorless) - often used with a metal foil to imitate 
emerald or aquamarine. Is not used extensively in jewelry and is not 
expensive. 


Name: 
Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 
Fracture: 


Environment: 


Association: 


Locals: 


Misc: 


Gem info: 


Cordierite (Iolite) 
Mg2Ab(AISi001s) 


Orthorhombic (often short 
prisms) 


Strongly dichroic or 
trichroic blue - yellow - 


gray 
1.53 - 1.55 Birefraction: 0.008 - 0.012 


7-7.5 Spec. Grav.: 2.58 - 2.66 
conchoidal Cleavage: imperfect 
found in aluminum rich metamorphic rocks 


quartz, andalusite, sillmanite, biotite, spinel, 
corundum 


| Conn., N.Y., N.H., Calif., USA | Brazil | Sri Lanka | 
Burma | 


One of the names comes from the Greek "ion", 
meaning "violet", while the name cordierite comes 
from the French geologist, Pierre Louis Cordier. 
Another common name is "dichroite" from its strong 
dichroic nature. Insoluble in acids. 


The gem trade has yet another name for this mineral 
water sapphire”. It is usually cut so that the strongest 
blue color comes up through the top of the stone. It 
often shows gray overtones which can detract from its 
appearance. It is used sparsely in jewelry, and is more 
of a collectors stone. 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 


Fracture: 


Environment: 


Feldspar 


KAISBOs- Orthoclase 
KAISi3Os - Microcline 
NaAlIlSizOs. CaA LSi20s- 
Plagioclase 


Orthoclase - monoclinic 
(prismatic crystals, often flat 
sided crystals) 


Microcline - triclinic(prismatic, 
and often twinned) 


Plagioclase - triclinic(often flat or 
tabular with striations) 


Orthoclase - usually light colored 
white, pink, yellow, or cream, and 
not transparent. The gem variety 
is clear to pale yellow, and some 
called "noble orthoclase" 


Microcline - white, pink, pale 
yellow, or sometimes green-blue, 
and not transparent. The green- 
blue variety is called "amazonite" 


Plagioclase - gray to grayish- 
white 1s common, but may also be 
white, pink or pale yellow. More 
semi-opaque than the other 
feldspars on average, and contains 
striations on some crystal faces or 
cleavage surfaces. 


O 1.52-2.54, O-0.005, 
M 1.52-1.53, Birefraction: M-0.008, 
P 1.53-1.59 P-0.010 

; (O-M)-2.56 , 
6-6.5 Spec. Grav.: 5670 
All-uneven Cleavage: All-perfect 


the feldspars make up the major constituent of many 
igneous and metamorphic rocks, they form at medium 
to high temperature and at some depth. Microcline 
can form in granite pegmatites and at lower 


Association: 


Locals: 


Mise: 


Gem info: 


temperatures. 
quartz, other feldspars, hornblende 


| all over the world Amazonite-Brazil, Col., USA | 
Labradorite - Labrador, Norway | Sunstone - Ore., 
USA | Gem Orthoclase - Madagascar | 


The word comes from the German "feldt spat", 
meaning "field spar", "spar" meaning common 
clevable material - the material dredged up on farm 
lands during plowing. Most of them are not affected 
by acid (exception the Ca rich plagioclase - 
Anorthite). Orthoclase got is name from the Greek 
phrase meaning "straight fracture", Microcline from a 
Greek phrase meaning "small incline", and 
Plagioclase from the Greek phrase meaning "oblique 
fracture”. 


Orthoclase - when transparent it is faceted into a 
gemstone. Clear or pale yellow in color it is a 
collectors item, and of little value to the jewelry 
industry as both beryl and even citrene are harder and 
more durable. 


Microcline - variety amazonite, 1s sometimes cut into 
cabochons, and used in jewelry. The blue-green color 
is caused by a lead impurity. It is rarely used as more 
people are aware of turquoise and chrysocolla. 


Moonstone - moonstone can be made up of any 
number of different feldspars including, orthoclase, 
plagioclase, albite, and microcline. They are all very 
similar when cut into cabochons, they can best be 
distinguished by their different densities. Moonstone 
tends to be silver, pale green, pale blue, or creamy 
colored. It is translucent and shows a blue-white 
sheen sometimes called "adularescence”. 


Plagioclase - there are two distinct varieties used in 
jewelry, the dark-blue-black Labradorite, and the 
orange-honey colored Sunstone. 


e  Labradorite gets its coloring from a 
"labradorescence”, reflected light from a 
multitude of small parallel, plate-like 
structures, with minute inclusions of ilmenite, 
rutile, and magnetite. The color patterns are 
similar in that shown in nature with oil on 


CHAPTER 4 = A PORTABLE MINI-LAB 
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Multiple Uses for the LED 


Now we've moved from the 19th century incandescent bulb to the 20th century LED. What kind of 
lighting devices will we encounter in the centuries ahead? 

One of the nice features of LEDs is that they don't typically require a great deal of power to operate. 
This is certainly true of indicator-style LEDs, whose only purpose is to be seen as either on or off. We can 
leave this LED installed right where it is and use it as a handy power-on indicator for future projects. You 
might be surprised how many heads get scratched in puzzlement, wondering why a newly wired 
prototype isn't working, only to find out after exhaustive investigation that the power wasn't turned on! 
Then again, you might not be surprised by this. 

Now let's take this perfectly working circuit and break it—on purpose. If we interrupt the circuit, for 
example, by removing any of the components or their connections, the circuit stops working. To that 
end, remove the short jumper wire and replace it with two longer jumper wires. Plug in each of the new, 
longer jumper wires where the two ends of the short jumper were installed. See Figure 4-10. 


Figure 4-10. By intentionally breaking the circuit, we stop the flow of electricity through the components, 
extinguishing the LED. By reconnecting the longer jumpers (or just touching them together), we reestablish 
the circuit, and the LED should light back up again. We can use this mechanism to test whether there is 


continuity in another circuit. 


Now, by touching the two probe wires together, you recomplete the circuit, and the LED should 
glow in happiness. This is exactly how a switch works. You can use this basic idea to build a continuity 
tester that lights up the LED when the current flows in the circuit. This is very handy for testing cables 
and wiring in a more complex assembly. 


water. It is rarely faceted, but often cut into 
attractive cabochons. Value 1s not really very 
high as 1t has not caught on as a popular 
material and is abundant. 

e Sunstone is a species of plagioclase called 
"oligoclase" or known sometimes in the 
jewelry industry as "adventurine feldspar". It 
gets is shiller in the same way that labradorite 
does, but the background color is brown to 
orange, and the composition is full of small 
hematite crystals that give it additional 
sparkle. 


ee | | 


Name: > Fluorite ts” 


CaF» 
Chem: Calcium Fluoride 
Crvstal: Cubic (cubes, octahedrons, 
y dodecahedrons) 


Color: Color: (clear, blue, yellow, purple, pink, green, brown, orange 


Refrac. 1.43 Birefraction: none 
Index: 


Hardness: 4 Spec. Grav.: 3.18 


even to 
: . : erfect 
Fracture ao? dal Cleavage p 
hydrothermal veins, pegmatites, sublimation product in 
Environment: i 
some a Pra 


Association: quartz, cassiterite, topaz, quartz, cassiterite, topaz, apatite, sulfides, = sulfides, 


Locals: | Italy | Switzerland | Brazil | Germany | Canada | IIL., 
eis Ken., USA | 


Misc: From the Latin "fluere", meaning" to flow". It was used 
° in ancient times as a flux. Contact with sulfuric acid 


releases HF gas (very toxic!) Often fluorescent in UV. 


Used by ancients to carve bowls, vases, goblets etc. It 
is extremely soft and can only be used in jewelry if 
very well protected. It also has perfect cleavage making 

Gem info: it subject to easy fracture. There has recently been a 
number of cut stones in the market coming from China. 
It is very inexpensive, but the cut stones tend to be 


fairly large. 
Name: Garnet Family 
Mg3Abh(Si04); - 
FezAL(SIO04) - 
Chem: Mn3Ahb(SiOs)3 
Pyrope - Almandine - 
Spessartite 
Isometric (rhombic, 
Crystal: dodecahedron, 
nas isoctohedron, and 
trapezohedron) 
Color: red, red-brown, black, green, orange, purple, yellow 
oe 1.69 - 1.86 Birefraction: 0.022 - 0.057 
Index: 
Hardness: 6.5-7.5 Spec. Grav.: 3.6 - 4.2 
Fracture: conchoidal Cleavage: imperfect 
. garnets area solid solution series, and occur in contact 
Environment: 
metamorphics, serpentines 
F scapolite, diopside, calcite, wollastonite, kimberlite, 
Association: i 
remolite 
Cocais: | Italy | Turkey | Calif.., N.J., N.C., Col., USA | Sri 


Lanka | Norway | Bohemia | 


The name almandine comes from the Anotolian city 
of Alabanda; the name Andradite comes from the 
Mise: Brazilian mineralogist J.B. d'Andrada; the name 
Grossular comes from the Greek "grossularia”, 
"meaning gooseberry"; the name Pyrope comes from 


Gem info: 


the Greek "pyropos", meaning "fire-eyed” for its red 
color; the name Spessartite comes from Spessart 
mining district in Bavaria; and the name Uvarovite 
comes from the Russian noble man, Count Sergei 
Uvarov. The garnets make up two solid solution 
series; 1) pyrope-almandine-spessarite and 2) 
uvarovite-grossularite-andradite. The majority of 
garnet goes into the manufacture of sand-paper. 


Almandine is the deep-red iron rich garnet and often 
cut into ovals. If the stone is deep it may appear too 
dark and has less value. Much of the older Victorian 
jewelry used these garnets. 


Pyrope is a fiery red garnet, but it too may suffer from 
being too dark. Large stones are often available but it 
is not one of the more highly priced gems. 


"Rhodolite” is a special variety of the Almandine- 
Pyrope mix. It is about 1/2 way between the two end 
members and is a reddish-purple stone usually with 
good clarity. It is very popular today, and is among 
the more expensive of the red garnets. It is still not in 
the price range of good imperial topaz, aquamarine or 
good tourmalines. It is a second tier stone. 


Spessartite is a manganese rich variety that may be 
orange to orange-brown in color and large stones are 
usually not available. It is priced above Almandine 
and Pyrope and about the same level as rhodolite. 


Grossular garnets come manly in a yellow color from 
Sri Lanka. It also comes in a yellow-brown variety 
with the name "Hessonite" (from the Greek "esson", 
meaning inferior). Today the most prized member of 
the garnet family is the green grossular garnet called 
"Tsavorite" from near the Tsavo National park in 
Kenya. This green garnet gets it's color from 
chromium just like emerald. It is sold as an emerald 
substitute and brings a quality price. Large stones 
above 3 carats are very uncommon. 


Andradite garnet is usually black and of no interest to 
the gem trade, but one variety called "Demantoid" is a 
lively green. It is a little on the softside and very 

brittle so it needs good protection in jewelry. It brings 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 
Fracture: 


Environment: 


Association: 
Locals: 


Misc: 


Gem info: 


a premium price, but is available only in small stones. 


Uvarovite rarely occurs in facetible sizes, but when 1t 
does it makes a spectacular stone. If it is emerald 
green in color it can bring a hefty price. If too dark, it 
not worth nearly as much. 


Lapis Lazuli (Lazurite) 


(Na,Ca)s(AI,Si) 120248 - FeS - 
CaCO; 

Sodium Calcium 
AluminoSilicate - (with 
pyriteX calcite) 


Isometric (usually not 
crystalline, instead aggregate 
masses) 


blue 

1.50 Birefraction: None 
5-6 Spec. Grav.: 2.4 - 2.9 
conchoidal Cleavage: none 


lazurite is the primary mineral, but lapis lazuli is a 
physical mixture of calcite, pyrite, lazurite and other 
minerals to a lesser degree. Found as veins in limestone, 
and created at the contact metamorphic zone of marbles. 


pyrite, calcite, augite, diopside, hornblende 
| Afghanistan | Chile | Russia | Calif., USA | 


The names comes from the Persian "lazuward", meaning 
"blue". It was the main coloring agent for ultramarine blue 
pigment, but has now been surpassed by synthetic 
colorants. It is easily damaged by both acids and strong 
base. 


Lapis has been mined for more than a thousand years as an 
ornamental stone, and was found in the possessions of 
Tutankhamen. It is usually cut into cabochons, or 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 
Fracture: 
Environment: 
Association: 
Locals: 


Mise: 


Gem info: 


geometric shapes. It is also prized for carving. About on 
par with turquoise and jade in price. 


Malachite 
Cu2zCQO3(OH)2 
basic copper carbonate 


Monoclinic (usually not crystalline, often 
botryoidal masses) 


light green --> dark green 


1.65 - : r: 
Birefraction: (0.021 
1.91 

4 Spec. Grav.: 3.8 
splintery Cleavage: perfect 


oxidation zone of copper deposits 


azurite, limonite, chalcopyrite 


| | Ar., Calif., Nev, USA | Zaire | Chile | USSR | 


The name derived from the Greek word "malache", meaning "mallow' 
in reference to its green color or "malakos", meaning soft. Easily 
damaged by acids like all carbonates, and when subjected to heat 1t 
turns black. 


Cut stones (usually cabochon) have been used since ancient Egyptian 
times as amulets, carvings, and even as powder for eye shadow. It has 
been used as a pigment for green paint. Today the best material comes 
from Zaire, Africa, 1s cut into cabs of all sizes. Less valuable than 
turquoise, jade, and lapis. 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 


Fracture: 


Environment: 


Association: 
Locals: 


Misc: 


Gem info: 


Opal 
SiO2n(H20, 
hydrated silica 


Isomorphic (no crystal 
structure) 


yellow, clear, blue, gray, (all with or without color 
flash) 


1.44 - 1.46 Birefraction: none 


5.5 - 6.5 Spec. Grav.: 1.98-2.20 
conchoidal Cleavage: none 


opal is a low temperature mineral and is found in 
cracks or cavities that are filled in late in their 
geological life. Water , must be present. It is also 
found as a replacement after certain skeletons of 
marine animals or plants. 


often in porous substrates 


| Australia | Calif., Nev., Idaho, USA | Mexico | Brazil 
| Hungary | 


The name is probably from the Latin "opalus", 
meaning "precious stone". Opal can easily be 
dehydrated by heat or chemical exposure. Is very 
porous and can be damaged by many chemicals. 


Opal has been duplicated in the laboratory, and the 
material provides a very close approximation to the 
natural material. It is produced by the controlled (very 
slow) precipitation, and alignment of small silica 
spheres. The spheres form a three dimensional 
diffraction pattern which produces the color play. 


Beside synthetic opal there are also some opal 
"simulants” on the market. A simulant is something 
that resembles the natural material, but is composed 
or produced in an entirely different way. One such 
simulant is "Slocum Stone", and appears to be a 
variety of glass. (See Synthetics for more man-made 
stones.) 


Opal has a variety of poor gemstone characteristics, 
softness, dehydration, cracking, physical weakness, 


and sensitivity to heat. It also shows one of the best 
spectral displays of any gemstone, hence its value. It 
is made up of layers of precipitated silica spheres in a 
jelly-like water mass, and the ordering of the spheres 
sometimes produce a diffraction grating, that creates a 
play of rainbow sparkling light from within the stone. 


There are fundamentally three types of opal: precious 
opal (containing flashes of fire), the yellow-reddish 
"fire opal" which is named for its color (not flashes of 
fire), and common opal (sometimes called "potch"). 


"Common opal" is rarely transparent, but may be 
colored or contain inclusions. It is used as backing for 
the more desirable varieties of precious opal, but may 
also be cabbed to produce interesting stones. It comes 
in white, gray, yellow, blue, green, pink, and may be 
dendritic or contain moss. 


"fire opal" is named for its fiery red color, and not the 
flashes from within. Today most fire opal comes from 
Mexico and is often cut into faceted gem stones. It 
runs from a deep red to many shades of orange and 
even on to yellow. It may have a few flashes of fire, 
but usually it is sold for the color and clarity. It is not 
particularly expensive as it suffers from the same 
physical characteristics as all opal, and contains little 
of the desired color flash. 


"Precious Opal" - this is the material with the internal 
"color play", "flash", or "light show". It is classified 
by its back ground color, the particular colors and 
intensity of color display, and its size. Stones that are 
predominantly white or light blue are the most 
common, and those that contain reds, oranges, and 
violets are considered more desirable. Blue and green 
are very common in most precious opal. Black opal, 
opal containing a predominantly dark background 
(dark-gray to blue-black) is the rarest, and most 
desired of all opals. When it contains reds and 
oranges it brings even a higher value. It may be priced 
right up with the top gemstones (diamond, emerald, 
and ruby). The very best black opal came from 
Lightening Ridge. Australia and small amounts till 
reach the market today, but there have been no major 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 


Fracture: 
Environment: 
Association: 


Locals: 


finds in many years. 


Another "collectors" variety is called "contra luz". It 
shows the desired play of color, but only when light is 
transmitted through the stone. It appears to be clear 
when viewed from the same side. It is thus very 
difficult to design jewelry using this variety and it 
finds its way mainly into collections. "Hydrophane" is 
a variety that losses its water to become opaque, but 
can regain it's water and become transparent with 
color flash, again mainly a collectors stone. 


Opal Doublets and Opal Triplets - these are 
sandwiched stones made up of 2 or more pieces. 


Further information is provided. 


Peridot (Olivine) 


Meg2Si0O.-forsterite 
(Mg, Fe)2SiQ0z- olivine 
(Peridot) 

Fe2S8i0s - fayalite 


Orthorhombic (Usually glassy 
rounded grains, crystals are 
rare.) 


light green, dark green, olive 
green, yellow-brown, and rarely 
reddish 


1.65-1.69 [Birefraction: 0.036 


6.5- 7 Spec. Grav.: 27 23.07 
brittle Cleavage: imperfect 


a rock forming mineral and often present in basalt and 
volcanic ejecti. 


basalt, gabbro and peridotite 


| St. Johns Island | Ar., N. M., USA | Burma | 
Australia | Norway | 


Misc: 


Gem info: 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 


it is soluble very slowly in hydrochloric acid yielding 
a gel. Most of the gem variety is predominantly 
foresterite, named for the German naturalist, Johnn 
Forester. 


Peridot has been mined on St. John's Island (known in 
Arabic as Zibergit) for more than 3000 years. At one 
time it was known as Topazion and the gem was 
topazos. Now the name topaz is given to an entirely 
non-related gem. Peridot may be from the Arabic, 
"faridat" which means gem. 


It is also known as chrysolite from the ancients 
"chrysolithos", meaning "golden stone". It has an oily 
look which looks something like olive oil. Good 
crystals are more valuable than cut stones, so are 
usually purchased by mineral collectors. Small cut 
stones are very common (less than 2-3 carats) and not 
expensive. Stones over 5 carats begin to climb in 
value, and those above 10-15 carats my be pricey as 
they are rare. 


Quartz 


SiO2- 
Silicon Dioxide 


Hexagonal (excellent hexagonal prisms with 
termination, also massive, and crypto- 
crystalline varieties) 


purple 


yellow crypto- 

amethyst ~ clear (gray crystalline 
rock ‘brown 
orange agate 

pink crystal cairngorm |. 

citrene jasper 
rose 
1.54 - 1.55 Birefraction: 0.009 


7.0 Spec. Grav.: 2.65 


Fracture: 


Environment: 
Association: 


Locals: 


Misc: 


Gem info: 


conchoidal Cleavage: none 


a rock forming mineral, contact metamorphics, hydrothermal, 
mesothermal, and epithermal veins 


feldspars, pyrite, tourmaline, rutile 


| Largest crystals, Brazil | found virtually everywhere | Ark., 
USA | 


The name is derived from the German "quarz" of Slavic origin. 
It was called "krystallos" by the Greeks, but this later became 
the generic term for crystal. It is used as an oscillator in time 
pieces and in radio, and was mined extensively in brazil during 
W.W.II. The material has now been synthesized in the 
laboratory and is much purer and better for electronic use. 


Quartz is the most abundant mineral on earth and is present in 
many rock types. It is classified by both color and physical 
makeup. First there are two physical types: 

1.) crystalline (natural and synthetic) 

2.)cryptocrystalline 


Crystalline: meaning large single crystals of aggregates of 
individual crystals. Having the hexagonal shape or habitat of the 
mineral. (Rose quartz is a minor exception as it rarely forms 
good crystals.) 


e Amethyst: lilac or purple quartz gets its color from an 
iron impurity (Fe+3), it is the most valuable of the quartz 


CHAPTER 4 = A PORTABLE MINI-LAB 


More electronic experiments, including how to both calculate and measure what's happening in a 
circuit, can be found in Chapter 5. 


The Special Project Portable Laboratory 


When you move past the simple joys of lighting LEDs and wiring up tutorial circuits, where do you go 
and what do you build? How about a robot? 

Doug Paradis is an award-winning writer and robot builder. When Doug wants to work on one of his 
robots, he packs up a small kit of tools and heads over the local robot club, which in Doug’s case is the 
Dallas Personal Robotics Group (DPRG). They meet every Tuesday at the Dallas Makerspace for an 
informal evening of robot building and socializing. See Figure 4-11. 


Figure 4-11. Doug Paradis of DPRG, arriving at the Dallas Makerspace for an evening of robot building. 
Doug uses the club's laser cutter and other specialized tools to give his robots that winning edge. He brings 
his own set of hand-picked tools along with him. 
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gem stones. The best quality 1s dark purple with a red- 
flash. At one time it was one of the most expensive 
stones on earth, but with the huge finds in the new world 
(especially Brazil) the price plummeted. 

e Citrene: yellow to orange in color, citrene gets its color 
from an iron impurity too, and heating amethyst to 550 
degrees centigrade converts it to citrene. Subjecting 
citrene to radiation can re-convert 1t to amethyst. Heat 
treated stones tend to have a red-tint. It is sometimes 
passed off as a form of topaz being called "bahia-topaz" , 
"golden topaz" or "Madeira topaz". All of these 
materials a quartz and NOT topaz. Citrene 1s typically 
not as expensive as amethyst, so is usually very 
inexpensive. 

e Smoky Quartz: smoky quartz gets its color from 
irradiated impurities which have a smoky area around 
them. The term "cairngorm" is used to describe the 
variety found in the Cairngorm Mountains of Scotland. 
It is very inexpensive in cut stones, less than $1 per 
carat. 

e Rose Quartz: this is one of the more rare types of 
crystalline quartz, it is usually somewhat cloudy due to 
the inclusion of rutile crystals. Large cut stones are rare, 
and even small ones tend to be cloudy looking. It tends 
to have more value as a carving material. 


Cryptocrystalline: masses made up of either fibrous or 
granular aggregates of quartz. Both are tough and compact, and 
take a good polish when cabbed. 

Chalcedony: the general term used to describe the fibrous 
variety of cryptocrystalline quartz. 


e Agate: usually a banded material that is translucent and 
may contain any number of colors or combinations. It 
may also include members that are non-banded, but 
contain dendrites in the form of moss or other organic- 
like structures. 

e Carnelian and Sard: are solid colored, but translucent 
chalcedony that are in the red to brown end of the 
spectrum 

e Aventurine : A greenish quartz with fuchite mica or 
other metallic looking inclusions that make the material 
"sparkle". 

e Bloodstone : Also known as heliotrope or plasma, is an 
Opaque green chalcedony with red iron oxide inclusions 
that resemble blood. 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 


e Chrysophrase: a green variety of chalcedony colored 
by the element nickel. The best material is now coming 
from Australia. 

e Onyx: a variety of agate with parallel bands of color that 
are linear and not in the form of curves. (There is a 
variety of marble that is sometimes called onyx, but 1s 
much softer and easily damaged by acid.) 


Jasper, Flint, and Chert are names used to describe some of 
the varieties of granular quartz. 


e Jasper: it is the granular counterpart of carnelian and 
sard, and is usually brown, red, yellow, and may have 
inclusions of metal oxides. The name derived from the 
Greek and means "spotted stone". Sometimes as parallel 
lines rather than spots. Several varieties can create what 
looks like miniature landscape scenes and are often 
referred to as "picture Jaspers”. 

e Flint and Chert: non-gem varieties of cryptocrystalline- 
granular quartz. They chip very easily and thus can be 
made to hold and edge. Used mainly in the manufacture 
of arrow heads and stone knives. 


Sapphire (Corundum) 


ALO > - 
Aluminum Oxide 


Hexagonal (sometimes 
tapering crystals) 


Sapphires may be all colors 
except red, 1f red 1t is called 
ruby. Common colors, 
clear, blue, pink, green, 
yellow, violet. 


1.76 - 
1.77 


9.0 Spec. Grav.: 3.9-4.1 


Birefraction: 0.008 


Fracture: 
Environment: 


Association: 
Locals: 


Misc: 


Gem info: 


uneven Cleavage: none 


it occurs in nepheline syenite pegmatites, contact 
metamorphics, and hornfels 


albite, andalusite, cordierite, muscovite, oligoclase 
| Mon., N.C., USA | Canada | Thailand | Australia | 


The mineral name Corundum comes from Sanskrit 
"kuruntam", "red-stone or ruby”. The name Ruby 
comes from the Latin "ruber", meaning "red". The 
name Sapphire comes from the Sanskrit "sanipriya”, 
which means "dear to the planet Saturn”. Insoluble in 
acids. Poor qualities are used as an abrasive, and it is 


made synthetically. 


In general all colors of corundum that are not RED 
are called sapphire. This is done so that there are no 
poor grades given to light pink stone. It is not a poor 
quality ruby, it is a pink sapphire. The most desired 
color is called "corn-flower blue", and any traces of 
gray detract from the value. There is one special 
variety , an orange-pink stone (very rare) called 
Padparadscha (which is a Sinalese word for "lotus 
blossom". 


Sapphires fall behind diamond, emerald, and ruby is 
price, but not much. The non-blue stones are worth 
substantially less. Of the other colors the special 
Padparadscha and pink stones are the most expensive. 


Os)3(SO4,CO3) 
complex sodium calcium 
aluminum silicate 


Tetragonal (usually short 


Crystal: prisms with square cross 
section) 
clear, yellow, green, gray, 
Color: and rarely violet, blue, or 


pink 


Refrac. 1.54 - 1.58 Birefraction: 0.020 
Index: 


Hardness: 5 - 6.5 Spec. Grav.: 2.57 - 2.74 
Fracture: conchoidal Cleavage: perfect (2 directions) 


hj l 
Environmen E z metamorphic product, hydrothermal metamorphic 

rocks. 

a almandine, andalusite, andradite, actinolite, 

Association: . l l 

microcline, muscovite 

| Canada | N.Y., N.J., USA | Brazil | Switzerland | 
Locals: Mexi 

exico | 


The name comes from the Greek "skapos", meaning 
"shaft" alluding to its common long prismatic form. 
Often fluorescent orange-yellow. Soluble in HCl 
leaving silica. Also known as wernerite named for a 
German explorer. 


The transparent varieties are faceted and the less 
transparent stones may be cabbed yielding some cats- 
eye stones. The value increases with the darker colors, 
but it is not an expensive stone. 


Gem info: 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 
Fracture: 
Environment: 


Association: 


Locals: 


Misc: 


Gem info: 


Spinel 


MgALbo. . 
Magnesium Aluminum 
Oxide 


Isometric (usually in 
octahedrons or cubes) 


color: pink, violet, red, 
yellow, orange, blue, green, 
black, brown 


1.71 - 1.74 Birefraction: ¡None 


8.0 Spec. Grav.: 3.58 - 3.61 
conchoidal Cleavage: imperfect 
found mainly in metamorphics rocks 


olivine, hornblende, phlogopite, chondrodite 


| Ceylon | Burma | Canada | N.Y., N.J., Calif., USA | 
Brazil | Pakistan | Sweden | 


The origin of the name is uncertain but probably 
comes from the Latin "spina", meaning "thorn", in 
reference to sharply pointed crystals. It is an excellent 
refractory material and has been used in many high- 
temperature applications. It has been synthesized 
since 1910 and is now available in more synthetic 
colors than natural colors. 


Good quality red spinel is difficult to tell from ruby, 
and for years a large red-stone in the British Crown 
Jewels was identified as the Black Prince's Ruby", but 
was eventually discovered to be a red spinel. 


Several colors have trade names, purple spinel is 
called "almandine spinel", very dark blue-green stones 
are called "pleonast", and orange-pink spinel is called 
"rubicelle”. Although none of these are common 
names, they may be refereed to in some cultures. 


Good red spinels and good blue spinels command 
prices near the top of the secondary market, but are 
not anywhere near on par with their ruby and sapphire 
counter parts. Pink spinels, and other pale colors have 
far less value. 


A | S S S 
Name: Sugilite 


KNazLis(Fe.Mn.Al)8i:2030 


Potassium sodium lithium 
(Iron, Manganese, Aluminum) 
Silicate 


; ae (crystals are very 

Crystal: rare, usually massive) 

Caor purple, orchid, brown, and 
black 

Refrac. 1.60-1.61 Birefraction: NA 

Index: 


Hardness: 6 - 6.5 Spec. Grav.: 275-280 o 
Fracture: subconchoidal Cleavage: onedirection = 
Environment: found in aegirine syenite = 
Association: albite, pectolite, titanite, allanite, zircon, apatite = 
Locals: | Iwagi Island, Shikoku, Japan | South Africa] 
Misc: | 


Gem info: The very best quality comes as a translucent material 
which is normally cabbed. It is finding use in jewelry 
with turquoise, malachite and lapis as associate stones 
and in intarsia. It has a value about the same as turquoise 
or good lapis. 


a A IO 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 
Fracture: 
Environment: 


Association: 


Locals: 


Misc: 


Gem info: 


Tanzanite (zoisite) 


Ca2Al5Si3O012(0H) 1 
Hydrous calcium aluminum silicate 
Orthorhombic (long striated crystals, 
also bladed crystals) 
di 


gray, yellow brown, pink (thulite), 
blue-purple (tanzanite), greenish 


1.69-1.70 Birefraction: 0.009 
6-65 Spec. Grav.: 3.35 
uneven Cleavage: perfect 


restricted to metamorphic rocks 


hornblende, almandine, glaucophane 


| Norway (thulite) | Tanzania, East Africa | N.C., Calif., USA | 


named for its locality, Tanzanite (from Tanzania) where the only 
transparent gem variety is found. Thulite is named after Thule, an 
archaic name for Norway. (strong pleochroism from blue-violet to 
violet) 


The gem variety, tanzanite, is a very rare gemstone as there is only 
one place it has ever been found. Tanzanite was found in this locality 
in 1967, and it is today about exhausted. The stone is said to have low 
tolerance to ultrasonics, and should not be subjected to this method of 
cleaning. 


Tanzanite is a fairly high valued gemstone and falls in a class just 
below the three big colored stones, emerald, ruby and sapphire 
(which it resembles). Tanzanite can be heat treated to enhance its 
color and remove any yellow or brown overtones. Thulite is a cabing 
material and is not found in transparent rough. It is usually pink to 
brown in color. 


Name: 


Chem: 
Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 


Fracture: 


Environment: 


Association: 


Locals: 


Misc: 


Gem info: 


Topaz 
ALb(Si01(F,OH) 
Hydroxy-fluoro-aluminum silicate 


Orthorhombic (prisms with 
multifaceted ends common) 
clear, blue, pink, orange-red, red- 
brown 


1.61 - l 
1.638 Birefraction: 0.014 
3.53 - 
8 Spec. Grav.: 356 
conchoidal Cleavage: perfect 


It is a high temperature mineral 
usually found in igneous rocks and 
high temperature veins. Also in 
hydrothermal replacement deposits. 


beryl, quartz, rutile, orthoclase, 
albite 


| Brazil | USSR | Utah, Calif., Co, 
N.H., USA | Sri Lanka | Mexico | 


The name Topaz is thought to be 
derived from the name Topazion, 
the old name for the island of 
Zebergit (St. Thomas Island) in the 
Red Sea. The Sanskrit word "Tapas" 
means "fire". It is insoluble in acids. 
Some varieties are heat sensitive. 


Clear topaz has little value, and is quite prevalent. Some 
varieties can be irradiated to various shades of blue, and 
this acceptable in the trade. Most blue topaz on the 
market today is irradiated. There is a grayish variety of 
topaz that 1s sometimes cut to produce a stone called 
"champaign” topaz. 


Blue topaz is rare in nature, but easily created from 
clear material. There is an abundance on the world 
market, and very large, flawless stones are easily 
available. It is relatively low in value, about the same as 
good amethyst.. It is available in shades of blue from 
very light, through sky-blue, and on to almost an inky 
blue. Overtones of gray are not desirable, and further 


reduce 1ts value. 


Red-brown topaz is also common and found in Mexico 
and Utah, it makes a nice faceted stone, and some don't. 
It is sometimes called "rootbeer" topaz. Again it is not 
of high value. It is typically more expensive than 
citrene, and far less than morganite, or good golden 
beryl. 


Imperial-topaz is the most prized, and 1s a red-orange to 
a pink-orange color. The color is due to the presence of 
hydroxyl ions, and hence this variety is heat sensitive, 
and it usually contains numerous flaws. Preferred colors 
make this stone about the same in value as good 
aquamarine. 


Pink topaz is fairly rare, but highly valued. Green is 
another rare color, but highly valued. Although pink is 
occasionally found in jewelry, the green is very rarely 
found. 


Many times smoky quartz (under the name "smoky 
topaz"), or citrene (under the name "Bahia or Maderia 
topaz") is sold as a variety of topaz to increase the value 
of the quartz. Buyer beware! 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 


Fracture: 


Environment: 


Association: 


Locals: 
Misc: 


Gem info: 


Tourmaline 
(Li,Na,Ca)(Fe,Mg,Mn,Al)3(Al,Fe)o(BQO3)3SicOis(OH,F)4 
AluminumBoroSilicate (wide variety of substitutions) 


Hexagonal (long prismatic, striated, with a rounded 
triangular cross section) 


black(schorl), brown(dravite), blue(indicolite), 
pink(rubellite),green, yellow, orange, multicolor, clear 
(rare) 


1.616 - 1.652 Birefraction: 0.040 
7-7.5 Spec. Grav.: 3.0 - 3.3 
uneven Cleavage: none 


Found in igneous and metamorphic rocks, in shists, 
pegmatites, and hydrothermal replacement deposits 


lepidolite, microcline, spodumene, andalusite, biotite, 
quartz, cassiterite, molybdenite 


| Brazil | Calif., Maine, USA | Sri Lanka | Italy | USSR | 


The name apparently comes from the Sinhalese word 
"Turamali" which was given to mixtures of unidentified 
gem gravels in Ceylon (now Sri Lanka). Insoluble in 
acids. Strong pyroelectric, and piezoelectric properties. 
This pressure/electric relationship is used in some high 
pressure gauges. 


Tourmalines come in just about every color in the rainbow. Some of the 
colors have unique jewelry related names. 


Pink to Red tourmaline is known as rubellite, and the color is probably from 
manganese. It is one of the most valuable of the tourmalines when the colors 
are dark and rich. Large flawless stones are rare, as the pink variety tends to 
have more flaws. 


Greens - there are two distinct families of green tourmaline, one contains 
trace amounts of chromium (and coincidentally is called Chrome 
Tourmaline). It has a high value. Other shades of green may run from light 
green, to dark olive green and they tend to have less value than the chrome, 
blue or pinks. 


Blue - blue tourmaline is known as indicolite and is highly prized. The best 
stones are pure blue without hints of green or gray. It tends to be of similar 
color to dark blue topaz. A new variety of light and very lively blue was 


CHAPTER 4 = A PORTABLE MINI-LAB 


Figure 4-12 shows what Doug brings with him to work on his robots. 


Figure 4-12. The contents of Doug's portable workshop. A variety of hand tools, precison measurement 
devices, and fasteners (including tape, tie wraps, and super glue) are easily stored in a small tool bag for 
easy transport. The comparmentalized storage containers at the upper right contain a large assortment of 
screws, washers, and nuts. 


Doug has learned the lesson of travelling light. The electronic portions of his robotic creations 
evolve slowly over time, but the mechanical aspects get a lot of tweaking along the way. 
Not everyone has perfected the art of light travelling. See Figure 4-13. 
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Name: 


Chem: 


Crystal: 


Color: 


¡discovered in Parabia, Brazil, and has achieved the highest prices paid for 


tourmaline. Analysis of this material show trace amounts of gold in the 
structure. Blue stones can be found that are large and flawless. They do not 
suffer from the poor structure found in rubellite. 


Yellow and orange tourmaline maintains intermediate value as long as it does 
not move into the brown region. Clean yellow and bright orange stones are 
sought after by collectors and find their way into a small amount of 
commercial jewelry. 


Brown and orange-brown stones are quite common and are not highly 
valued. 


There is a special variety of tourmaline that shows a pink/red interior, and is 
surrounded by a green exterior "rind". It is called "watermelon" tourmaline, 
and is often cut and polished flat across a crystal face. It is sometimes 
cabbed, and even faceted. 


Some faceted tourmalines show color changes from top to bottom. Most 
often these stones are cut into long, rectangular shapes and may display two 
or more color changes down their long axis. They are usually called bi- 
colored or tri-colored stones. 


Finally, some pinks, yellows, and greens, may show chatoyance, and produce 


cats-eye cabochons. 


Turquoise 


CuAlo(PO4)4(OH)s + 5H20 
Hydrous copper aluminum 
phosphate 


Triclinic (crystals are rare, 
usually compact or massive 
blocks) 


sky blue, bluish-green, pale 
green 


Refrac. 
Index: 


Hardness: 


Fracture: 
Environment: 


Association: 
Locals: 


Mise: 


Gem info: 


1.61 - 1.65 Birefraction: 0.04 


5-0 Spec. Grav.: 2.60 - 2.80 
conchoidal (Cleavage: none 


a secondary mineral in the alteration zone in 
hydrothermal replacement deposits 


quartz, pyrite, chalcopyrite, apatite 
| Iran | Az., Nv., N.M., USA | Egypt | Afghanistan | 


The name comes from the French "turquoise", which 
means "Turkey" as in the original great localities in 
Persia (today Iran). Soluble in hot HCl 


Turquoise has been used and coveted since before 
4000 BC. It can be pure in color or may contain 
secondary minerals or even matrix. If the matrix 
forms a pattern of interlocking polygons it is 
sometimes called "spider-web" turquoise. 


The associate minerals often make the original local 
easy to pin-point. The very best material still comes 
from Iran today. It has a one of the highest values of 
Opaque gemstones and is second only to a few 
varieties of jade and the highest quality lapis. 


It was used in much of the early American Indian 
jewelry and was often mixed with red-coral, pink- 
coral, or malachite. Today it is often found in intarsia 
with lapis, sugilite, and even opal. 


A chalky variety is sometimes pressure treated with a 
plastic-polymer to make "stabilized" turquoise. It is 
worth far less than the non-stabilized material. 


Made-made stones can be divided into two 
major categories, imitations and true 
synthetics. 


Imitations: are artificial materials which 
look like a real stone, but have entirely 
different chemical compositions. Colored 
glass was used to mimic many real stones in 
the past, and is an imitation of everything 
except obsidian. (It could be considered to be 
a synthetic obsidian.) 


Plastic, glass, paste, natural organics, and 
compressed powders have been used to create 
simulants (imitation gemstones). There is 
another category which might lie between 
imitation and synthetic, and that is composite 
stones. 


A composite might be a quartz bottom and 
top, sandwiching a thin piece of colored glass 
or even a thin mineral sample. A faceted top 
and bottom will reflect the thin slice of color 
throughout the entire stone, and the only way 
to easily see it is to look "edge-on" right at 
the joint. 


Cubic Zirconia: is used to simulate a diamond and the composition 
ZrO2 is not a natural occurring chemical structure. It has hardness of 
about 8.5, and a specific gravity between 5.65 - 5.95 (gm/cm3). It is 
very inexpensive and has a dispersion slightly greater than diamond, 
and this produces an abundance of color play. It is available in a variety 
of colors. Sample 1 (multicolors) - Sample 2(clear). A radio-frequency 
"skull crucible" system is used to melt and recrystallize the CZ. Due to 
its extremely high melting point, (2750 C or 4604 F), it was not 
synthesized early. The melting zirconia powder actually creates the 
sides of its own container during its formation. 


Strontium Titanate: another simulant with a man-made chemical 
structure SrT103 , but with a much lower hardness, 5.5. It has a much 
higher dispersion than diamond (0.19), and thus far more color-play. It 
was produced in some quantity in the mid 1950's, but has been replace 
by CZ with it's higher hardness, and better diamond matching 
dispersion. It's known as "Fabulite" in the jewelry industry. 


Fiberlite: this is actually fused fiber-optic glass that can be colored 
during the fusion process, and when cut into cabochons forms a strong 
catseye. The material is fibrous glass so is actually amorphous. Sample 
1 (3 stones) - Closeups of structure, 2 closeup near the catseye (parallel 
fibers), 3 edge of yellow rough showing linear fibers on the side and 
bundles at the top, and 4 


showing the bundles with fused glass in-between. 


Slocum Stone: is another imitation. It appears to be a type of glass, and 
is used to imitate opal. It is harder and more heat resistant. There are 
samples and photos in the gemstone section under opal. 


Synthetics: have the composition of a known mineral, but do not 
necessarily match the composition of the gemstone it is to mimic. They 
may be created by mimicking the natural process, by recrystallizing 
natural stones, or through an entirely new man-made technology. They 
share the same chemical structure, and general physical properties with 
their natural counter parts. 


Chatham Ruby: this ruby is very hard to distinguish from natural 
ruby. It is created from a melt - recrystallization process. It has the 
same corundum (A1203) chemical structure, and shares the same 
general types of flaws. Sample 1. 


Verneuilli Process Corundum: another variety of corundum which is 
produced by a high temperature fusion of pure aluminum oxide with 
small amounts of impurities added to provide color. The red rubies 
created via this process tend to be too pure, flawless, and lack the 
"ruby-red" color found in the natural stone. They do have the right 
composition and hardness. The material forms what is known as a 
"boule", cylindrical shape, tapered at one end. 


The Line Company adapted this process to create synthetic star 
sapphires. They added a small amount of T10» (rutile) during the 
creation phase. 


Another similar process, known as the Czochralsky process, 1s also 
used to make synthetic corundum. It differs in the way the boule is 
drawn and twisted as it is removed from the flame zone. It can produce 
larger diameter boules. 


Synthetic Spinel: this is produced by the same process as the 
corundum, and was originally discovered while trying to use 
magnesium oxide as a stabilizer for a corundum run. The synthetic 
material can be made with ratios of aluminum oxide to magnesium 


oxide of 1:1, 2:1 or even as high as 4:1. It forms very pure colors and 
flawless gems. It is used to create a specific material that imitates 
alexandrite with a moderate color change. 


Name: 


Chem: 


Crystal: 


Color: 


Refrac. 
Index: 


Hardness: 
Fracture: 
Environment: 


Association: 


Locals: 


Misc: 


Gem info: 


Zircon 


ZrSiO; 
Zirconium silicate 


tetragonal (often short four- 
sided prisms with pyramidal 
ends) 


brown, red, blue, yellow, green, 
clear, violet 


1.777 - A r 

1 987 Birefraction: 0.039 

6.5 - 7.5 Spec. Grav.: 4.6 - 4.71 
conchoidal Cleavage: imperfect 


found in both igneous and metamorphic rocks 


orthoclase, biotite, acmite 


| Australia | Fl., Maine, Co., N.J., USA | Sri Lanka | 
Urals | Canada | 


The name comes from the Persian "zargun", meaning 
"gold-colored". Is mined for its zirconium and 
hafnium content. 


The majority of rough is brown or yellow-brown in 
color, and is often heat treated producing blue zircon 
of clear zircon. The blue, sometimes called "starlite" 
is popular in jewelry, although quite brittle, it has a 
high dispersion and produces brilliant cut stones with 
sparkle similar to diamond. 


The yellow-red to red-brown variety is sometimes 
called "hyacinth". The rarest form is the green, and is 
the most demand by collectors. Yellow , brown, and 
clear stones are least valuable. Blue, clear red and 
bright green are the most prized. They are still well 
below the top colored gems, but in the same area as 
medium priced topaz, and beryls. 


1/15/2018 MK 484 Radio 


A simple MK 484 IC tuned rf (trf) radio 


(updated 4 Jun 01) 


In 1970 Ferranti started the development of a single-chip AM tuner, and by 1973 it became widely available 
for use. The 414 is no longer in production, but a follow on IC, the MK484 recently became available, and 
incorporates essentially the same features. It is a 3 terminal device which packs ten transistors providing 3 
stages of rf amplification with an input impedance of about 4 Megohms, and giving 72 dB of gain with about 30 
millivolts of audio output (rms). Thanks to the editors of Practical Wireless a ham magazine in the UK, and Dr. 
Philip Miller Tate of Kingston University, who has probably built a dozen or so of these in one guise or another, 
and sent me one fully assembled, here is one adaptation of this versatile little chip which gives you a nice little 
portable radio which is stable and virtually idiot proof to build, needs only a 1.5 v battery, and requires a tiny 
thimble full of parts to give you near-superhet performance. Here is the schematic of the circuit that PW came 
up with: 


100k i 
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The frequency range of the chip is about 200 kHz to 3 MHz. The coil/capacitor selection for the tank circuit 
should fall into this range. For small size and shirt pocket portability, you can use a ferrite core coil as shown. I 
have tried it with a variety of tank coils, and they all work fine. Notice there is no antenna - don't need one. I 
have found that the set "likes" to have a ground connection. You can improve reception somewhat with an 
external antenna and ground, but do so lightly; I found that a small antenna coupling coil connected to antenna 
and ground in the vicinity of the tank circuit, loosely coupled, works nicely. 

While the designers had in mind a pc board assembly, I have found that "dead bug squashed flat" works well 
too; so did the PW staff, as you could see by the rendition on their technical features page. Phil used a small 
masonite board and epoxied brass strips on it to make his solder connections (see it at Xtal Set Photos by Dr. 
Whiz ). Mine was assembled on a 6 lug tie strip, which was then screwed into a board. 

Now for some notes and fashion tips on putting this together and using it: 


100 nF = 0.1 uF (that's a 104) 10nF=0.01 uF (103) 

The dynamic earpiece mentioned can be one of the balanced armature types found in sound powered headsets 
(and most telephone earpieces - don't tell Ma Bell I told you). I used successfully magnetic earphones; 2000 
ohm phones, if used, can replace the 1 kohm resistor. I also tried a 1 kohm dynamic earplug from Mouser, also 
replacing the 1 k resistor, and it worked, but it is not a very sensitive plug, and is not recommended except "in 
town". I also used a high impedance crystal earphone across the 1k resistor with good success - I think a 1.5 k 
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resistor worked a little better, however. 
You can connect a small audio amp to this set, connecting it across the 100 nF capacitor - the input capacitor 
to the amp should be about 100 nF. 


Did I mention that this chip incorporates automatic gain control (AGC)? The resistance between the (+) side 
of the battery and the junction of the 1 k and 100 k resistors determines this, and you might want to play around 
with this a bit, depending on how you get the audio out. If you feed an audio amp with the set, the 1k AGC 
resistor might need to be adjusted, but don't go below about 500 ohms. The AGC and the Q of the tank circuit 
pretty much determine the ability of this set to perform as well as it does. Even with rather strong stations 
nearby, you will be slowly tuning and hearing a strong station in the background, all over the dial, so to speak 
(remember, this isn't a superhet), and then a station will pop up clearly out of the background noise. You can 
also null the strong locals a bit by turning the set so that its coil is pointed in a quieter direction. This set might 
be neat to use with a loop antenna for the coil. 

You can get this set to oscillate (I did it when playing around with the AGC), but you don't want it to. You 
should separate the power and audio leads from the tuned circuit, and keep your leads short (separated is perhaps 
more important than short - I used long clip leads to connect different coil/cap combinations to the set). 

Don't buy a new battery - this baby only draws a half a milliamp when its cooking. With a spanking new 
alkaline battery, the high gain front end is susceptible to oscillation, and a higher value R1 might be needed. 


Austin Hellier from down under posted this on Rap 'n Tap for those of you looking for some mods to this 
simple rig which he claims will improve its performance - takes only a couple of 1N914 diodes and a bit of wire 
to accomplish: 


"Thought you might be interested in a couple of mods for your MK484 receiver - these have proved very 
popular over here in Australia - Dick Smith Electronics puts out their Funway 1 series, and one of the projects is 
this kind of receiver, driven from a simple cell made of zinc coated nails, copper strips and - good old Aussie 
beer... 

Now to the mods - take two 1N914 diodes in series from pin 1 to ground - this ensures no overvoltage to the 
chip - then take a 1K5 resistor to the 1.5 volt battery. You can use a 6K8 resistor instead, if you want to use a 9 
volt battery. 

Instead of using a single winding and parallel polycap, I use an inductive coupling method. Five turns of 
telephone jumper wire (brittle stuff, easy to work with though) and connect that between the junction of the 
100K/0.01u - the other end goes to pin 2. Both ends of the main winding (50 turns around a 100 x 9mm rod in 
parallel with a 220pF cap)is then floating free from the rest of the circuit. This prevents loading of the tuning 
circuit, prevents acoustic feedback, and the volume, clarity and selectivity have to be heard to be believed - hope 
this helps you and your students, club, friends etc." 


I suspect that either of the two modifications will improve the set. However, the diode trick will cost you 
some battery life, and the inductive coupling does cut down on the sensitivity with the unadorned set. 


You Elmers can go HERE for a layout and construction instructions I use with my students. 

Oh yeah, here is a picture of the "student model, without the battery installed or the capacitor knob. The base 
shown is 3 x 6, but I use 3 x 5 with the students; this is the prototype. Assembly time with prepared coil and 
capacitor was about 1.5 hours for very novice builders. 
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Suppliers of the MK 484: 
Kanga ,a UK supplier will sell you the chip for a pound note plus S&H. 
Dick Smith Electronics has it listed at $2.29 AUS; get ten, they're cheap, and get your cub scout pack 
involved, or have a building contest at your next ham club meeting. 
Ocean State Electronics has a pricey ZN414 listed. 


If you run across any 414s, you can build the set here, just remembering that the pinout for the 414 in the 
TO92 case is reversed from the 484 above, center is still input. For the 414 in the TO39 case, the output is next 
to the metal tab, input is in the center, same as the base for a bipolar xistor, etc. 


Once you have this one running, modify it slightly for more flexibility and dx by going HERE . 


HOME LINKS 
CONSTRUCTION TIPS ANTENNAS 
RADIO SHACK PROJECT PROJECT RADIO 
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CHAPTER 4 = A PORTABLE MINI-LAB 


Figure 4-13. A sort-of-portable robotics lab, with lots of tools and spare parts. One way of looking at this 
bounteous splendor is “three trips to the car.” 


This caravan of tools, parts, and miscellaneous supplies forms the entourage of Kyle the Robot. Kyle 
is very much a work-in-progress. The basic framework is made of hand-tooled aluminum. The large 
wheels use O-rings for tires and are driven by 24V gear motors. The 24V supply is made up of two 12V, 
5Ah rechargeable lead-acid batteries. Ah stands for amp hours, and represents the capacity ofthe 
battery. In this case, it can deliver an amp of current for five hours, or five amps for one hour. The 
custom PCB holds the electronics for the drive motors and will be controlled by a separate 
microcontroller that has yet to be added. See Figure 4-14. 
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Preface 


When the first edition of this dictionary was published in 1961, today’s everyday items like color 
TVs, VCRs, CD players, computers, FAX machines, ATMs, cordless and cell phones, pagers, tape 
recorders, digital watches, pocket calculators, lasers, and many others too numerous to mention, 
were non-existent or mere laboratory curiosities. Since then, electronics has undergone significant 
changes based primarily on the meteoric expansion of integrated circuits and their apparently limitless 
applications. Vacuum tubes were replaced by semiconductors, and numerous technologies like ferrite 
core or bubble memories were relegated to the electronics graveyard. No other industry has ever grown 
so much and matured so fast, paced by technological advances that occur at a feverish pace. The first 
edition of this dictionary contained about 10,000 definitions of then current terms. And now, a scant 
38 years later, this seventh edition contains approximately 25,000 terms— a clear indication of the 
phenomenal growth of our industry. 

As technologies evolve and fresh products and concepts are introduced, suitable terminology must 
be developed to be able to communicate. The originators of the new words give them their initial 
meaning, but their exact definitions change with technological advances and through actual use by 
others. The contents of this dictionary is thus an analysis of words and their meanings as determined 
by common usage, written in a modern and popular style to provide clear and concise explanations of 
each entry. Continual updating of a work such as this is vital, so that those involved in the world of 
electronics have the power to communicate with those about them and to grasp new concepts as they 
emerge. 

All entries are allowed as much space as is necessary for complete and meaningful definitions. 
Terms are explained clearly and precisely without excessive technical jargon. Original entries from the 
previous edition have been reviewed and many were revised to keep pace with current usage. Where 
more than one definition exists for a term, they are arranged numerically. This method, however, does 
not necessarily imply a preferred order of meanings. Important words from formative technologies that 
are no longer in use are retained in this edition for their historical interest. 

My thanks go out to Ms. Tara Troxler Thomas and to Charles Thomas whose dedication to this 
project and skill at the word processor made it possible to deliver the manuscript for this work to the 
publisher in a timely fashion. 

Industry and technical sources—notably the IEEE and the ASA—generously aided in defining 
many terms during the preparation of earlier editions of this work. 

While this volume is as up-to-date as possible at the time of writing, the field of electronics is 
expanding so rapidly that new terms are constantly being developed and older terms take on broader 
or more specialized meanings. It is the intention of the publisher to periodically issue revised editions 
of this dictionary; thus suggestions for new terms and definitions are always welcome. 


Rudolf F. Graf 
February 1999 


A—-1. Abbreviation for angstrom unit, used in 
expressing wavelength of light. Its length is 107* centi- 
meter. 2. Chemical symbol for argon, an inert gas used in 
some electron tubes. 3. Letter symbol for area of a plane 
surface. 4. Letter symbol for ampere. 

a —Letter symbol for atto- (107*8), 

AO — The Federal Communications Commission (FCC) 
designation for radio emission consisting solely of an 
unmodulated carrier. 

A1— The FCC designation for radio emission consist- 
ing of a continuous-wave carrier keyed by telegraphy. 

A-1 or A.1—The atomic time scale maintained 
by the U.S. Naval Observatory; presently it is based 
on weighted averages of frequencies from cesium-beam 
devices operated at a number of laboratories. 

A2— The FCC designation for radio emission consist- 
ing of a tone-modulated continuous wave. 

A3— The FCC designation for radio emission consist- 
ing of amplitude-modulated speech transmission. 

A4 — The FCC designation for radio emission consist- 
ing of amplitude-modulated facsimile signals. 

A5 — The FCC designation for radio emission consist- 
ing of amplitude-modulated television video signals. 

A— (A-minus or A-negative) — Sometimes called 
F—. Negative terminal of an A battery or negative polarity 
of other sources of filament voltage. Denotes the terminal 
to which the negative side of the filament-voltage source 
should be connected. 

A+ (A-plus or A-positive) — Sometimes called F+. 
Positive terminal of an A battery or positive polarity of 
other sources of filament voltage. The terminal to which 
the positive side of the filament voltage source should be 
connected. 

ab-— The prefix attached to names of practical elec- 
tric units to indicate the corresponding unit in the cgs 
(centimeter-gram-second) electromagnetic system, e.g., 
abampere, abvolt, abcoulomb. 

abac-— See alignment chart. 

abampere — Centimeter-gram-second electromagne- 
lic unit of current. The current that, when flowing through 
a wire | centimeter long bent into an arc with a radius 
of | centimeter, produces a magnetic field intensity of 
1 oersted. One abampere is equal to 10 amperes. 

A battery — Source of energy that heats the filaments 
of vacuum tubes in battery-operated equipment. 

abbreviated dialing—1. A system using special- 
grade circuits that require fewer than the usual number of 
dial pulses to connect two or more subscribers. 2. Ability 
of a phone system to require only two to four digits, while 
the network dials the balance of the seven to fourteen 
digits required. 

abc — Also ABC. See automatic bass compensation. 

abcoulomb — Centimeter-gram-second electromag- 
netic unit of electrical quantity. The quantity of electricity 


passing any point in an electrical circuit in 1 second when 
the current is 1 abampere. One abcoulomb is equal to 
10 coulombs. 

aberration—1.In lenses, a defect that produces 
inexact focusing. Aberration may also occur in electron 
optical systems, causing a halo around the light spot. 
2. In a cathode-ray tube, a defect in which the elec- 
tron “lens” does not bring the electron beam to the same 
point of sharp focus at all points on the screen. 3. Failure 
of an optical lens to produce exact point-to-point corre- 
spondence between an object and its image. 4. Blurred 
focusing of light rays due to the difference in bending 
(refraction) imparted on different light frequencies (col- 
ors) as they pass through a lens. 

abfarad — Centimeter-gram-second electromagnetic 
unit of capacitance. The capacitance of a capacitor when a 
charge of 1 abcoulomb produces a difference of potential 
of | abvolt between its plates. One abfarad is equal to 
10” farads. 

abhenry — Centimeter-gram-second electromagnetic 
unit of inductance. The inductance in a circuit in which 
an electromotive force of 1 abvolt is induced by a current 
changing at the rate of 1 abampere per second. One 
abhenry is equal to 107? henry. 

abmho — Centimeter-gram-second electromagnetic 
unit of conductance. A conductor or circuit has a 
conductance of | abmho when a difference of potential 
of l abvolt between its terminals will cause a current of 
I abampere to flow through the conductor. One abmho is 
equal to 10? mho. Preferred term: absiemens. 

abnormal glow — In a glow tube, a current discharge 
of such magnitude that the cathode area is entirely 
surrounded by a glow. A further increase in current results 
in a rise in its density and a drop in voltage. 

abnormal propagation—The phenomenon of 
unstable or changing atmospheric and/or ionospheric 
conditions acting on transmitted radio waves. Such 
waves are prevented from following their normal path 
through space, causing difficulties and disruptions of 
communications. 

abnormal reflections — See sporadic reflections. 

abnormal termination — The shutdown of a com- 
puter program run or other process by the detection of 
an error by the associated hardware, indicating that some 
ongoing series of actions cannot be executed correctly. 

abohm — Centimeter-gram-second electromagnetic 
unit of resistance. The resistance of a conductor when, 
with an unvarying current of 1 abampere flowing through 
it, the potential difference between the ends of the 
conductor is 1 abvolt. One abohm is equal to 107? ohm. 

abort—1. To cut short or break off (an action, 
operation, or procedure) with an aircraft, guided missile, 
or the like, especially because of equipment failure. An 
abort may occur at any point from start of countdown 


AB power pack — absolute tolerance 


or takeoff to the destination. Án abort can be caused by 
human technical or meteorological errors, miscalculation, 
or malfunctions. 2. The process of halting a computer 
program in an orderly fashion and returning control to 
the operator or operating system. 3. Abnormal termination 
of a computer program, caused by hardware or software 
malfunction or operator cancellation. 

AB power pack — Assembly in a single unit of the 
A and B batteries of a battery-operated circuit. Also, a 
unit that supplies the necessary A and B voltages from an 
ac source of power. 

abrasion machine — A laboratory device for deter- 
mining the abrasive resistance of wire or cable. The two 
standard types of machines are the squirrel cage with 
square steel bars and the abrasive grit types. 

abrasion resistance — A measure of the ability of a 
wire or wire covering to resist damage due to mechanical 
causes. Usually expressed as inches of abrasive tape 
travel. 

abrasion soldering — Soldering difficult metals by 
abrading the surface oxide film beneath a pool of molten 
solder. 

abrasive trimming — Trimming a ceramic capacitor 
or a film resistor to its nominal value by notching the 
surface with a finely adjusted stream of abrasive material 
such as aluminum oxide. 

abscissa — Horizontal, or x, axis on a chart or graph. 

absence-of-ground searching selector— In 
dial telephone systems, an automatic switch that rotates, 
or rises vertically and rotates, in search of an ungrounded 
contact. 

absolute accuracy — 1. The tolerance of the full- 
scale set point referred to as the absolute voltage standard. 
2. Parameter for a d/a converter. It is the overall accuracy 
of the converter, in which all levels are compared with 
an absolute standard. Absolute accuracy includes the 
combination of all nonlinearity and end-point errors. 

absolute address — 1. An address used to specify 
the location in storage of a word in a computer program, 
not its position in the program. 2. A binary number 
assigned permanently as the address of a storage location 
in a computer. 3. A fixed location in the memory of the 
CPU, as opposed to a relative address, which is specified 
according to its distance from another location. 

absolute altimeter— 1. Electronic instrument that 
furnishes altitude data with regard to the surface of 
the earth or any other surface immediately below the 
instrument, as distinguished from an aneroid altimeter, the 
readings of which depend on air pressure. 2. An altimeter 
that employs transmitted and reflected radio waves for 
its operation and thus does not depend on barometric 
pressure for its altitude indication. 

absolute code—A code using absolute addresses 
and absolute operation codes; that is, a code that indicates 
the exact location where the reference operand is to be 
found or stored. 

absolute coding — Coding written in machine lan- 
guage. It can be understood by the computer without 
processing. 

absolute delay— The time interval between the 
transmission of two synchronized radio, loran, or radar 
signals from the same or different stations. 

absolute digital position transducer— A digital 
position transducer, the output signal of which is indica- 
tive of absolute position. Also called encoder. 

absolute efficiency —Ratio of the actual output of 
a transducer to that of a corresponding ideal transducer 
under similar conditions. 

absolute error — 1. The amounts of error expressed 
in the same units as the quantity containing the error. 
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2. Loosely, the absolute value of the error, that is, the 
magnitude of the error without regard to its algebraic sign. 

absolute gain of an antenna —The gain in a 
given direction when the reference antenna is an isotropic 
antenna isolated in space. 

absolute instruction — A computer instruction that 
explicitly states, and causes the execution of, a specific 
operation. 

absolute language—The language in which 
instructions must be given to the computer. The absolute 
language is determined when the computer is designed. 
Synonyms: machine language, machine code. 

absolute loader—Program to load a computer 
program at specified numerical addresses. 

absolute maximum rating —Limiting values of 
operating and environmental conditions, applicable to any 
electron device of a specified type as defined by its 
published data and not to be exceeded under the worst 
probable conditions. Those ratings beyond which the life 
and reliability of a device can be expected to decline. 

absolute maximum supply voltage — The max- 
imum supply voltage that may be applied without the 
danger of causing a permanent change in the characteris- 
tics of a circuit. 

absolute minimum resistance — The resistance 
between the wiper and the termination of a potentiometer, 
when the wiper is adjusted to minimize that resistance. 

absolute Peltier coefficient — The product of the 
absolute temperature and the absolute Seebeck coefficient 
of a material. 

absolute power — Power level expressed in absolute 
units (e.g., watts or dBm). 

absolute pressure transducer—1. A pressure 
transducer that accepts two independent pressure sources 
simultaneously, and the output of which is proportional 
to the pressure difference between the sources. 2. A 
transducer that senses a range of pressures, which are 
referenced to a fixed pressure. The fixed pressure is 
normally total vacuum. 

absolute scale — See Kelvin scale. 

absolute Seebeck coefficient— The integral 
from absolute zero to the given temperature of the quo- 
tient of the Thomson coefficient of a material divided by 
its absolute temperature. 

absolute spectral response — Output or response 
of a device, in terms of absolute power levels, as a 
function of wavelength. 

absolute system of units — Also called coherent 
system of units. A system of units in which a small 
number of units is chosen as fundamental, c.g., units of 
mass, length, time, and charge. Such units are termed 
absolute units. All other units are derived from them by 
taking a definite proportional factor in each of those laws 
chosen as the basic laws for expressing the relationships 
between the physical quantities. The proportional factor 
is generally taken as unity. 

absolute temperature — Temperature measured 
from absolute zero, a theoretical temperature level var- 
iously defined as —273.2°C, —459.7°F, or 0 K. 

absolute temperature scale — Thermodynamic 
temperature scale, named for Lord Kelvin (1848), in 
which temperatures are given in kelvins (K). (In the 
SI system the degree sign and the word degree are 
not used for Kelvin temperatures.) The absolute zero of 
temperature is 0 K, —273.2°C, or —459.7°F. The kelvin 
is the same size as the Celsius degree. 

absolute tolerance— Also called accuracy. The 
maximum deviation from the nominal resistance (or 
Capacitance) value, usually given as a percentage of the 
nominal value. 
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Figure 4-14. Kyle the Robot is a work-in-progress who requires a wide range of specialized tools and 


components. Some new components are being fitted, including dedicated battery voltmeters, fuses, a 
circuit breaker, and a master power switch. Once the sharp corners are filed off, Kyle will be able to roll 
around the house, looking for chores to do. 


Summary 


As we come to the end of this chapter, you should have some good ideas bouncing around in your head 
about how you want to pack your mobile electronics lab, what tools and components you absolutely 
must have with you, and how you want them organized. The best way to find out for sure what works for 
you is to make a few field trips, paying careful attention to what was actually used compared to what you 
anticipated needing. This will help you whittle down your cargo to the bare essentials, which is what you 
want. Remember, travel light. Excess baggage is a purely optional curse. 

In the next chapter, we’ll look at some suggestions for organizing and working in a more permanent 
setting. This could be a domain as small as the corner of a desk or as large as a warehouse. You will soon 
discover, if you haven't already, that this hobby, like many other projects, will quickly expand to fill the 
space available. Try to keep in mind that you are the one that ultimately makes the decisions. Effort 
spent planning ahead of time will help keep the sprawl to a minimum, while helping you stay focused on 
what you wanted to be able to do in the first place. 


absolute units — A system of units based on physi- 
cal principles, in which a small number of units are chosen 
as fundamental and all other units are derived from them; 
e.g., abohm, abcoulomb, abhenry, etc. 

absolute value — The numerical value of a number 
or symbol without reference to its algebraic sign. Thus, 3 
is the absolute value of |3| or |—3]. An absolute value is 
signified by placing vertical lines around the number or 
symbol. 

absolute value device — A computing element that 
produces an output equal to the magnitude of the input 
signal, but always of one polarity. 

absolute zero — Lowest possible point on the scale 
of absolute temperature; the point at which all molecular 
activity ceases. Absolute zero is variously defined as 
—273.2°C, —459.7°F, or 0 K. 

absorbed wave —A radio wave that becomes lost 
in the ionosphere due to molecular agitation and the 
accompanying energy loss it undergoes there. Absorption 
is most pronounced at low frequencies. 

absorber — 1. In a nuclear reactor, a substance that 
absorbs neutrons without reproducing them. Such a 
substance may be useful in control of a reactor or, if 
unavoidably present, may impair the neutron economy. 
2. Any material or device that absorbs and dissipates radi- 
ated energy. 3. In microwave terminology, a material or 
device that takes up and dissipates radiated energy. It may 
be used for shielding, to prevent reflection, or to transmit 
one or more radiation components selectively. 

absorption — 1. Dissipation of the energy of a radio 
or sound wave into other forms as a result of its interaction 
with matter. 2. The process by which the number of 
particles or photons entering a body of matter is reduced 
by interaction of the particle or radiation with matter. 
Similarly, the reduction of the energy of a particle while 
traversing a body of matter. This term is sometimes 
erroneously used for capture. 3. Penetration of a substance 
into the body of another, 4. Conversion of radiant energy 
into other forms by passage through, or reflection from, 
matter. 5. The adhesion of a fluid in extremely thin layers 
to the surfaces of a solid. 6. Reduction in strength of 
an electromagnetic wave propagating through a medium, 
determined by dielectric properties of the material. 

absorption attenuation — Loss in an optical fiber 
due primarily to impurities, including metals, such as 
cobalt, chromium, and iron, as well as OH ions. 

absorption circuit— A tuned circuit that dissipates 
energy taken from another circuit or from a signal source. 
This effect is especially evident in a resonant circuit such 
as a wavemeter or wave trap. 
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Absorption circuit. 


absorption coefficient— 1. Measure of sound- 
absorbing characteristics of a unit area of a given mate- 
rial compared with the sound-absorbing characteristics of 
an open space (total absorption) having the same area. 
2. Ratio of loss of intensity caused by absorption to the 
total original intensity of radiation. 

absorption current— The current flowing into a 
capacitor following its initial charge, due to a gradual 
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penetration of the electric stress into the dielectric. Also, 
the current that flows out of a capacitor following its 
initial discharge. 

absorption dynamometer— An instrument for 
measuring power, in which the energy of a revolving 
wheel or shaft is absorbed by the friction of a brake. 

absorption fading — A slow type of fading, primar- 
ily caused by variations in the absorption rate along the 
radio path. 

absorption frequency meter— See absorption 
wavemeter. 

absorption loss — 1. That part of transmission loss 
due to dissipation or conversion of electrical energy into 
other forms (e.g., heat), either within the medium or 
attendant upon a reflection. 2. The loss of optical flux or 
energy caused by impurities in the transmission medium 
as well as intrinsic material absorption. Expressed in 
decibels per kilometer. 

absorption marker — 1. A sharp dip on a frequency- 
response curve due to the absorption of energy by a circuit 
sharply tuned to the frequency at which the dip occurs. 
2. A small pip or blank introduced on an oscilloscope 
trace to indicate a frequency point. It is so called because 
it is produced by a frequency-calibrated tuned trap similar 
to an absorption wavemeter. 

absorption modulation — Also called loss modula- 
tion. A system for amplitude-modulating the output of a 
radio transmitter by means of a variable-impedance device 
(such as a microphone semiconductor or vacuum-tube cir- 
cuit) inserted into or coupled to the output circuit. 

absorption trap—aA parallel-tuned circuit coupled 
either magnetically or capacitively to absorb and attenuate 
interfering signals. 

absorption wavemeter— Also cailed absorption 
frequency meter. An instrument for measuring frequency. 
Its operation depends on the use of a tuned electri- 
cal circuit or cavity loosely coupled inductively to the 
source. Maximum energy will be absorbed at the reso- 
nant frequency, as indicated by a meter or other device. 
Frequency can then be determined by reference to a cal- 
ibrated dial or chart. 

absorptivity — A measure of the portion of incident 
radiation or sound energy absorbed by a material. 

abstraction — A simplified description or specifica- 
tion of a system that emphasizes some of the system’s 
details or properties while suppressing others. A high level 
of abstraction or a highly abstract machine is one in which 
very few machine details are apparent to a programmer, 
who sees only a broad set of machine concepts. Abstract 
machines are created by surrounding a primitive machine 
with layers of operating systems. To converse with higher 
levels of abstract machines, the user needs higher levels 
of languages. 

A/B switch — A switch that selects one of two inputs 
(A or B) for routing to a common output while providing 
adequate isolating between the two signals. 

A-B test— 1. Direct comparison of two sounds by 
playing first one and then the other. May be done with 
two tape recorders playing identical tapes (or the same 
tape), two speakers playing alternately from the same tape 
recorder, or two amplifiers playing alternately through one 
speaker, etc. 2. An audio comparison test for evaluating 
the relative performance of two or more components or 
systems by quickly changing from one to the other. The 
left- and right-hand channels or the record and replay 
sound signals are often designated A and B. A and B test 
facilities are installed at most high-fidelity dealers. 

abvolt—Centimeter-gram-second electromagnetic 
unit of potential difference. The potential difference 
between two points when | erg of work is required to 
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transfer 1 abcoulomb of positive electricity from a lower 
to a higher potential. An abvolt is equal to 107* volt. 

ac — Abbreviation for alternating current. 

ac bias—The alternating current, usually of a fre- 
quency several times higher than the highest signal 
frequency, that is fed to a record head in addition to the 
signal current. The ac bias serves to linearize the recording 
process. 

accelerated aging — A test in which certain param- 
eters, such as voltage and temperature, are increased 
above normal operating values to obtain observable dete- 
rioration in a relatively short period. The plotted results 
give expected service life under normal conditions. Also 
called accelerated life test. 

accelerated graphics port — Abbreviated AGP. A 
slot inside PCs for high speed video to be used instead of 
the standard slot type, called PCI. 

accelerated life test — Test conditions used to bring 
about, in a short time, the deteriorating effect obtained 
under normal service conditions. 

accelerated service test—A service or bench 
test in which some service condition, such as speed, 
temperature, or continuity of operation, 1s exaggerated to 
obtain a result in a shorter time than that which elapses 
in normal service. 

accelerating conductor or relay — A conductor 
or relay that causes the operation of a succeeding device to 
begin in the starting sequence after the proper conditions 
have been established. 

accelerating electrode — An electrode in a cathode- 
ray or other electronic tube to which a positive potential is 
applied to increase the velocity of electrons or ions toward 
the anode. A klystron tube does not have an anode but 
does have accelerating electrodes. 

accelerating time — The time required for a motor 
to reach full speed from a standstill (zero speed) position. 

accelerating voltage—A high positive voltage 
applied to the accelerating electrode of a cathode-ray tube 
to increase the velocity of electrons in the beam. 

acceleration — 1. The rate of change in velocity. 
Often expressed as a multiple of the acceleration of 
gravity (g = 32.2 ft/s”). 2. The rate of change in velocity 
of a stepping motor measured in rad/s; it is the result of 
rotor torque divided by rotor and load inertia. 3. A vector 
quantity that specifies rate of change of velocity. 

acceleration at stall —The value of servomotor 
angular acceleration calculated from the stall torque of 
the motor and the moment of inertia of the rotor. Also 
called torque-to-inertia ratio. 

acceleration time — In a computer, the elapsed time 
between the interpretation of instructions to read or write 
on tape and the possibility of information transfer from 
the tape to the internal storage, or vice versa. 

acceleration torque—Numerical difference bet- 
ween motor torque produced and load torque demanded 
at any given speed during the acceleration period. It is 
this net torque that is available to change the speed of the 
driven load. 

acceleration voltage — Potential between a cath- 
ode and anode or other accelerating element in a vacuum 
tube. Its value determines the average velocity of the elec- 
trons. 

accelerator— A device for imparting a very high 
velocity to charged particles such as electrons or protons. 
Fast-moving particles of this type are used in research 
or in studying the structure of the atom itself. 2. A 
circuit that speeds up a computer or monitor. Typically 
a circuit card with an extra processing chip and/or 
additional RAM. 

accelerator board — An adapter with a micropro- 
cessor that makes a computer run faster. 
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accelerator dynamic test— A test performed on 
an accelerometer by means of which information is 
gathered pertaining to the overall behavior frequency 
response and/or natural frequency of the device. 

accelerometer — 1. An instrument or device, often 
mounted in an aircraft, guided missile, or the like, 
used to sense accelerative forces and convert them into 
corresponding electrical quantities, usually for measuring, 
indicating, or recording purposes. It does not measure 
velocity or distance, only changes in velocity. 2. A 
transducer that measures acceleration and/or gravitational 
forces capable of imparting acceleration. 3. A sensor 
whose electrical output is proportional to acceleration. 
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accentuation — Also called preemphasis. The em- 
phasizing of any certain band of frequencies, to the 
exclusion of all others, in an amplifier or electronic 
device. Applied particularly to the higher audio 
frequencies in frequency-modulated (FM) transmitters. 

accentuator — 1. Network or circuit used for preem- 
phasis, that is, an increase in amplitude of a given band of 
usually audible frequencies. 2. A circuit or device, such 
as a filter, tone control, or equalizer, used to emphasize a 
band of frequencies, usually in the audio-frequency spec- 
trum. 

acceptable-environmental-range test— A test 
to determine the range of environmental conditions for 
which an apparatus maintains at least the minimum 
required reliability. 

acceptable quality level — Abbreviated AQL. The 
maximum percentage of defective components considered 
to be acceptable as an average for a process or the lowest 
quality a supplier is permitted to present continually for 
acceptance, Also see AQL. 

acceptance angle— 1. The solid angle within 
which all incident light rays will enter the core of an 
optical fiber. Expressed in degrees. 2. In fiber optics, a 
measure of the maximum angle within which light may 
be coupled from a source or emitter. It is measured rel- 
ative to the fiber’s axis. 3. The critical angle, measured 
from the core centerline, above which light will not enter 
an optical fiber. It is equal to the half-angle of the accep- 
tance cone. 4. The maximum angle within which light 
will be accepted by an element, such as a detector. 

acceptance cone—1.A parameter that defines 
acceptable light-launching angles. Only light launched 
at angles within this cone will be waveguided (fiber 
optics). 2. A cone with an included angle twice that of 
the acceptance angle. 

acceptance pattern— In fiber optics, a curve of 
total transmitted power plotted against the launch angle. 

acceptance sampling plan—A plan for the 
inspection of samples as a basis for acceptance or 
rejection of a lot. 

acceptor— Also called acceptor impurity. An impu- 
rity lacking sufficient valence electrons to complete the 
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bonding arrangement in the crystal structure. When added 
to a semiconductor crystal, it accepts an electron from a 
neighboring atom and thus creates a hole in the lattice 
structure of the crystal, making a p-type semiconduc- 
tor. 2. An impurity from column III of the periodic table, 
which adds a mobile hole to silicon, thereby making it 
more p-type and accepting of electrons. Boron is the pri- 
mary acceptor used to dope silicon (compare with donor). 

acceptor circuit— 1. A circuit that offers minimum 
opposition to a given signal. 2. A circuit tuned to respond 
to a single frequency. 

acceptor impurity — See acceptor. 

acceptor-type semiconductor — A p-type semi- 
conductor. 

access — |. To gain access to a computer’s memory 
location in which binary information is already stored or 
can be stored. 2. To open up a set of connections to allow 
reading from or writing into this location. 

access arm—In a computer storage unit, a 
mechanical device that positions the reading and writing 
mechanism. 

access code— 1. The preliminary digit or digits 
that a telephone user must dial to be connected to a 
particular outgoing trunk group. 2. A group of characters 
or numbers that identifies a user to a computer or any 
other secure system. 3. One or more numbers and/or 
symbols that are keyed into the repeater with a telephone 
tone pad to activate a repeater function, such as an 
autopatch. 

access control— 1. The control of pedestrian and 
vehicular traffic through entrances and exits of a protected 
area or premises. 2. The process of limiting access to 
resources of a system to only authorized users, programs, 
processes, or other systems. 

access grant— Multiprocessor system response that 
satisfies a previous service request. 

access hole—A hole drilled through successive 
layers of a multilayer board to gain access to a land or 
pad location on one of the inside layers. 

access method — 1. A data-management technique 
available for use in transferring data between the main 
storage and an input/output device. 2. A software compo- 
nent of a computer operating system that controls the flow 
of data between application programs and either local or 
remote peripheral devices. 

access mode— 1. A technique used in COBOL to 
obtain a specific logic record from, or to place it into, a file 
assigned to a mass storage device. 2. The operation of an 
alarm system such that no alarm signal is given when the 
protected area is entered; however, a signal may be given 
if the sensor, annunciator, or control unit is tampered with 
or opened. 

accessory card — An additional circuit card that can 
be mounted inside a personal computer and connected to 
the system bus. 

access protocol—-A defined set of procedures that 
function as an interface between a computer user and a 
network, enabling the user to employ the services of that 
network. 

access provider— Telecommunications company 
that links businesses and individuals to the Internet using 
modem devices, high-speed ISDN lines, or dedicated 
links. 

access time—dAlso called waiting time. 1. The 
time interval (called read time) between the instant of 
calling for data from a storage device and the instant 
of completion of delivery. 2. In a memory system, the 
time delay, at specified thresholds, from the presentation 
of an enable or address input pulse until the arrival 
of the memory data output. 3. The time required for a 
computer to move data between its memory section and its 
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CPU. 4. A time interval that is characteristic of a storage 
device. Essentially, it is a measure of the time required to 
communicate with that device, or, more specifically, it is 
the time between the application of a specified input pulse 
(assuming that other necessary inputs are also present) 
and the availability of valid data signals at an output. 
The access time can be defined only with reference to 
an output signal. 5, The time required by a computer to 
begin delivering information after the memory or storage 
has been interrogated. 6. The time it takes a computer 
to retrieve a piece of information. With hard disks or 
compact discs, maximum access time is measured as the 
time it takes to move from one end of the disk to the other, 
find a piece of information, and transfer that information 
to . 

accidental jamming — Jamming caused by trans- 
mission from friendly equipment. 

ac circuit breaker— A device that is used to close 
and interrupt an ac power circuit under normal conditions 
or to interrupt this circuit under faulty or emergency 
conditions. 

accompanying audio (sound) channel — Also 
known as co-channel sound frequency. The rf carrier fre- 
quency that supplies the sound to accompany a television 
picture. 

ac component—In a complex wave (i.e., one 
containing both ac and dc), the alternating, fluctuating, 
or pulsating member of the combination. 

accordion — A type of contact used in some printed- 
circuit connectors. The contact spring is given a z shape 
to permit high deflection without excessive stress. 

ac-coupled flip-flop — A flip-flop that changes state 
when triggered by the rise or fall of a clock pulse. There 
is a maximum allowable rise or fall time for proper 
triggering. 

ac coupling — Coupling of one circuit to another 
circuit through a capacitor or other device that passes the 
varying portion but not the static (dc) characteristics of 
an electrical signal. 

accumulation key — In a calculator, it automatically 
accumulates products and totals of successive calcula- 
tions. 

accumulator— 1. In an electronic computer, a device 
which stores a number and which, on receipt of another 
number, adds the two and stores the sum. Án accumulator 
may have properties such as shifting, sensing signals, 
clearing, complementing, etc. 2. A chemical cell able to 
store electrical energy (British). Also called secondary 
cell. 3. The “scratch pad” section of the computer, in 
which arithmetic operations are carried out. 4. A register 
and related circuitry that hold an operand for arithmetic 
and logic operations. 5. A register or latch internal to the 
MPU where data is stored temporarily before being sent 
to another location internal or external to the MPU chip. 

accuracy — 1. The maximum error in the measure- 
ment of a physical quantity in terms of the output of 
an instrument when referred to the individual instrument 
calibration. Usually given as a percentage of full scale. 
2. The quality of freedom from mistake or error in an 
electronic computer, that is, of conformity to truth or to 
a rule. 3. The closeness with which a measured quan- 
tity approaches the true value of that quantity. (See true 
value.) 4. The degree to which a measured or calcu- 
lated value conforms to the accepted standard or rule. 
5. The measure of a meter’s ability to indicate a value 
corresponding to the absolute value of electrical energy 
applied. Accuracy is expressed as a percentage of the 
meter’s rated full-scale value. To be meaningful, accuracy 
specifications must always consider the effects of time, 
temperature, and humidity. 6. Confidence in the correla- 
tion between measurements in one location and another, 
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or between a measurement and a recognized standard. 
7. The correctness or certainty of position when the rotor 
of a stepping motor comes to rest. It is usually expressed 
as a percentage of the step angle, but can also be spec- 
ified in degrees or minutes of arc. In steppers, the error 
is not cumulative, but occurs only at the completion of 
the last step. 8. The degree of freedom from error, that is, 
the degree of conformity to some standard. Accuracy is 
contrasted with precision. For example, four-place num- 
bers are less precise than six-place numbers; however, 
a properly computed four-place number might be more 
accurate than an improperly computed six-place number. 
9. As applied to an adc, the term describes the differ- 
ence between the actual input voltage and the full-scale 
weighted equivalent of the binary code. 

accuracy rating of an instrument— The limit, 
usually expressed as a percentage of full-scale value, not 
exceeded by errors when the instrument is used under 
reference conditions. 

ACD — Abbreviation for automatic call distributor. A 
switching system that automatically distributes incoming 
calls to a centralized group of receivers in the sequence in 
which the calls are received. It holds calls until a receiver 
is available. 

ac/dc — Electronic equipment capable of operation 
from either an ac or de primary power source. Abbre- 
viation for alternating current/direct current. 

ac/dc receiver —A radio receiver designed to oper- 
ate directly from either an ac or a de source. 

ac/dc ringing—A method of telephone ringing in 
which alternaling current is used to operate a ringing 
device, and direct current is used to aid the action of a 
relay that stops the ringing when the called party answers. 

ac directional overcurrent relay — A device that 
functions on a desired value of ac overcurrent flowing in 
a predetermined direction. 

ac dump — The intentional, accidental, or conditional 
removal of all alternating-current power from a system or 
component. An ac dump usually results in the removal of 
all power, since direct current is usually supplied through 
a rectifier or converter. 

ac erasing head — In magnetic recording, a device 
using alternating current to produce the magnetic field 
necessary for remoyal of previously recorded information. 

acetate — A basic chemical compound in the mixture 
used to coat recording discs. 

acetate base—The transparent plastic film that 
forms the tough backing for acetate magnetic recording 
tape. 

acetate disc— A mechanical recording disc, either 
solid or laminated, made mostly from cellulose nitrate 
lacquer plus a lubricant. 

acetate tape—A sound-recording tape with a 
smooth, transparent acetate backing. One side is coated 
with an oxide capable of being magnetized. 

ac generator — 1. A rotating electrical machine that 
converts mechanical power into alternating current. Also 
known as an alternator. 2. A device, usually an oscillator, 
designed for the purpose of producing alternating current. 

A channel— One of two stereo channels, usually 
the left. 

achieved reliability — Reliability determined on the 
basis of actual performance of nominally identical items 
under equivalent environmental conditions. Also called 
operational reliability. 

achromatic — 1. In color television, a term meaning 
a shade of gray from black to white, or the absence 
of color (without color). 2. Black-and-white television, 
as distinguished from color television. 3. Literally, color 
free. In an optical system, the term is used when chromatic 
aberration is corrected for at least two wavelengths. A 
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color that is defined as being achromatic is often referred 
to as gray. 4. Having no color; being a neutral such as 
black, white, or gray. 

achromatic lens— A lens that has been corrected 
for chromatic aberration. Such a lens is capable of 
bringing all colors of light rays to approximately the same 
point of focus by combining a concave lens of flint glass 
with a convex lens of crown glass. A lens that transmits 
light without Separating it into its constituent colors. 

achromatic locus — Also called achromatic region. 
On a chromaticity diagram, an area that contains all points 
representing acceptable reference white standards. 

achromatic region — See achromatic locus. 

acicular — Needle-shaped; descriptive of the shape of 
the magnetizable particles composing the coating of a 
recording tape. Modern tapes are premagnetized during 
the coating process to line the “needles” up with the 
direction of the tape, thus providing maximum sensitivity 
from the oxide. 

acid—A chemical compound that dissociates and 
forms hydrogen ions when in aqueous solution. 

acid depolarizer— An acid, such as nitric acid, 
sometimes introduced into a primary cell to prevent 
polarization. 

acid fluxes— Fluxes consisting of inorganic acids 
and salts, which are used when a surface to be soldered 
is below the ideal for rapid wetting. Also called corrosive 
fluxes. 

acknowledge — A control signal used to complete 
a handshaking sequence in telecommunications. The 
acknowledge signal indicates that the information has 
been accepted by the receiving computer. 

ac line —A power line delivering alternating current 
only. 

ac line filter — A filter designed to dissipate or bypass 
to ground any extraneous signals or electrical noise on an 
ac power line, while causing virtually no reduction of 
the power-line voltage or power. Used to keep unwanted 
signals and noise out of sensitive equipment. 

aclinic line — Also called isoclinic line. On a mag- 
netic map, an imaginary line that connects points of equal 
magnetic inclination or dip. 

ac magnetic biasing —In magnetic recording, the 
method used to remove random noise and/or previously 
recorded material from the wire or tape. This is done 
by introducing an alternating magnetic field at a substan- 
tially higher frequency than the highest frequency to be 
recorded. 

ac noise — Noise that displays a rate of change that 
is fast relative to the response capability of the device. 

ac noise immunity — A measure of a logic circuit's 
ability to maintain the prescribed logic state in the 
presence of such noise. It is defined in terms of the 
amplitude and pulse width of an input noise signal to 
which the element will not respond. 

acorn tube—A button- or acorn-shaped vacuum 
tube with no base, designed for UHF applications. Elec- 
trodes are brought out through the glass envelope on the 
side, top, and bottom. 
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acoustic — Also acoustical. Pertaining to sound or 
the science of sound. 

acoustic absorption loss—The energy lost by 
conversion into heat or other forms when sound passes 
through or is reflected by a medium. 

acoustic absorptivity — The ratio of sound energy 
absorbed by a surface to the sound energy arriving at the 
surface. Equal to | minus the reflectivity of the surface. 

acoustical — See acoustic. 

acoustical attenuation constant — The real part 
of the acoustical propagation constant. The commonly 
used unit is the neper per section or per unit distance. 

acoustical coupler— A device for connecting a 
telephone handset to a computer input port. 

acoustical-electrical transducer—A device 
designed to transform sound energy into electrical energy 
and vice versa. 

acoustica! material — Any material considered in 
terms of its acoustical properties; especially, a material 
designed to absorb sound. 

acoustical mode — A mode of crystal-lattice vibra- 
tion that does not produce an oscillating dipole. 

acoustical ohm— A measure of acoustic resistance, 
reactance, or impedance. One acoustical ohm is equal to 
a volume velocity of 1 cubic centimeter per second when 
produced by a sound pressure of | microbar. 

acoustical phase constant —The imaginary part 
of the acoustical propagation constant. The commonly 
used unit 1s the radian per section or per unit distance. 

acoustical reflectivity — See sound-reflection coef- 
ficient. 

acoustical transmittivity — See sound-transmission 
coefficient. 

acoustic burglar alarm— Also called acoustic 
intrusion detector. A burglar alarm that is responsive to 
sounds produced by an intruder. Concealed microphones 
connected to an audio amplifier trip an alarm when sounds 
within a predetermined range of frequencies exceed a 
predetermined normal level. 

acoustic capacitance —In a sound medium, a 
measure of volume displacement per dyne per square 
centimeter. The unit is centimeter to the fifth power per 
dyne. 

acoustic clarifier—A system of cones loosely 
attached to the baffle of a speaker and designed to vibrate 
and absorb energy during sudden loud sounds, thereby 
suppressing them. 

acoustic compliance — |. The measure of volume 
displacement of a sound medium when subjected to 
sound waves. 2. That type of acoustic reactance which 
corresponds to capacitive reactance in an electrical circuit. 

acoustic coupler— 1. A device that converts digital 
signals into audio signals, enabling data to be transmitted 
over the telephone lines via a conventional telephone. 
2. A modem device that connects a terminal or computer 
to the handset of a telephone. 

acoustic coupling —-Coupling resonator elements 
by mechanical means through the use of wires, rods, or 
nonelectroded sections of quartz or ceramic. The terms 
acoustic and mechanical can be used interchangeably. 

acoustic delay line -—A device that retards one or 
more signal vibrations by causing them to pass through a 
solid or liquid. 

acoustic dispersion — The change of the speed of 
sound with frequency. 

acoustic elasticity— 1. The compressibility of the 
air in a speaker enclosure as the cone moves backward. 
2. The compressibility of any material through which 
sound is passed. 
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acoustic feedback — |. Also called acoustic regen- 
eration. The mechanical coupling of a portion of the sound 
waves from the output of an audio-amplifying system to 
a preceding part or input circuit (such as the microphone) 
of the system. When excessive, acoustic feedback will 
produce a howling sound in the speaker. 2. The pickup, 
by a turntable, of vibrations from the speaker. If these 
vibrations reach the cartridge, they will be reamplified, 
causing noise (usually a rumble, but in extreme cases 
a howl) and/or distortion. Also, feedback resulting from 
such sound waves setting some part of an amplifier cir- 
cuit into vibration and thus modulating the currents in 
the circuit. Acoustic feedback usually causes howling or 
whistling. 

acoustic filter —1. A sound-absorbing device that 
selectively suppresses certain audio frequencies while 
allowing others to pass. 2. Any sound-absorbing or sound- 
transmitting arrangement, or combination of the two, 
that passes sound waves of desired frequency while 
attenuating or eliminating others. 

acoustic frequency response—tThe voltage- 
attenuation frequency measured into a resistive load, 
producing a bandwidth approaching sufficiently close to 
the maximum. 

acoustic generator— A transducer, such as a 
speaker, headphones, or a bell, that converts electrical, 
mechanical, or other forms of energy into sound. 

acoustic homing system — 1. A system that uses 
a sound signal for guidance purposes. 2. A guidance 
method in which a missile homes in on noise generated 
by a target. 

acoustic horn—Also called hom. 1. A tube of 
varying cross section having different terminal areas that 
change the acoustic impedance to control the directivity of 
the sound pattern. 2. A tapered tube (round or rectangular, 
but generally funnel shaped) that directs sound and, to 
some extent, amplifies it. 

acoustic impedance— 1. Total opposition of a 
medium to sound waves. Equai to the force per unit area 
on the surface of the medium divided by the flux (volume 
velocity or linear velocity multiplied by area) through that 
surface. Expressed in ohms and equal to the mechanical 
impedance divided by the square of the surface area. 
One unit of acoustic impedance is equal to a volume 
velocity of 1 cubic centimeter per second produced by 
a pressure of | microbar. Acoustic impedance contains 
both acoustic resistance and acoustic reactance. 2. The 
degree of resistance to transmitting sound imparted by 
the characteristic elasticity of a given substance. 

acoustic inertance — A type of acoustic reactance 
that corresponds to inductive reactance in an electrical cir- 
cuit. (The resistance to movement or reactance offered by 
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the sound medium because of the inertia of the effective 
mass of the medium.) Measured in acoustic ohms. 

acoustic intensity— The limit approached by the 
quotient of acoustical power being transmitted at a given 
time through a given arca divided by the area as the area 
approaches zero. 

acoustic interferometer — An instrument for mea- 
suring the velocity or frequency of sound waves in a liquid 
or gas. This is done by observing the variations of sound 
pressure in a standing wave, established in the medium 
between a sound source and a reflector, as the reflector is 
moved or the frequency is varied. 

acoustic intrusion detector — See acoustic bur- 
glar alarm. 

acoustic labyrinth— A loudspeaker enclosure in 
which the rear of the loudspeaker is coupled to a tube 
which, at the resonant frequency of the loudspeaker, is 
one quarter of a wavelength long. The tube, folded upon 
itself in order to save space, gives the appearance of a 
labyrinth. 

acoustic lens— 1. An array of obstacles that refract 
sound waves in the same way that an optical lens 
refracts light waves. The dimensions of these obstacles 
are small compared with the wavelengths of the sounds 
being focused. 2. A device that produces convergence or 
divergence of moving sound waves. When used with a 
loudspeaker, the acoustic lens widens the beam of the 
higher-frequency sound waves. 

acoustic line — Mechanical equivalent of an electri- 
cal transmission line. Baffles, labyrinths, or resonators are 
placed at the rear of a speaker to help reproduce the very 
low audio frequencies. 

acoustic memory — A computer memory using an 
acoustic delay line. The line employs a train of pulses in 
a medium such as mercury or quartz. 

acoustic mine — Also called sonic mine. An under- 
water mine that is detonated by sound waves, such as 
those from a ship’s propeller or engines. 

acoustic mirage — The distortion of a sound wave- 
front by a large temperature gradient in air or water. This 
creates the illusion of two sound sources. 

acoustic ohm— The unit of acoustic resistance, 
reactance, or impedance. One acoustic ohm is present 
when a sound pressure of 1 dyne per square centimeter 
produces a volume velocity of 1 cubic centimeter per 
second. 

acoustic phase constant — The imaginary part of 
the acoustic propagation constant. The commonly used 
unit is the radian per section or per unit distance. 

acoustic phonograph—A_ mechanical record 
player (now obsolete) in which the needle sets a thin 
diaphragm into vibration. The diaphragm in turn causes 
the air in a horn to vibrate, thus reproducing the recorded 
sound. 

acoustic pickup — |. In nonelectrical phonographs, 
the method of reproducing the material on a record by 
linking the needle directly to a flexible diaphragm. 2. In 
an acoustic phonograph, a pickup consisting of a needle, 
needle holder, and vibrating diaphragm. 

acoustic radiator—In an electroacoustic trans- 
ducer, the part that initiates the radiation of sound 
vibration. A speaker cone or headphone diaphragm is an 
example. 

acoustic radiometer — An instrument for measur- 
ing sound intensity by determining the unidirectional 
steady-state pressure caused by the reflection or absorp- 
tion of a sound wave at a boundary. 

acoustic reactance — That part of acoustic impe- 
dance due to the effective mass of the medium, that is, 
to the inertia and elasticity of the medium through which 
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the sound travels. The imaginary component of acoustic 
impedance; expressed in acoustic ohms. 

acoustic reflectivity — The ratio of the rate of flow 
of sound energy reflected from the surface on the side of 
incidence to the incident rate of flow. 

acoustic refraction— A bending of sound waves 
when passing obliquely from one medium to another in 
which the velocity of sound is different. 

acoustic regeneration — See acoustic feedback. 

acoustic resistance — That component of acoustic 
impedance responsible for the dissipation of energy due 
to friction between molecules of the air or other medium 
through which sound travels. Measured in acoustic ohms 
and analogous to electrical resistance. 

acoustic resonance — An increase in sound inten- 
sity as reflected waves and direct waves that are in phase 
combine. May also be due to the natural vibration of air 
columns or solid bodies at a particular sound frequency. 

acoustic resonator — An enclosure that intensifies 
those audio frequencies at which the enclosed air is set 
into natural vibration. 

acoustics -—1. Science of production, transmission, 
reception, and effects of sound. 2. In a room or other 
location, those characteristics that control reflections of 
sound waves and thus the sound reception in it. 

acoustic scattering—The irregular reflection, 
refraction, or diffraction of a sound wave in many 
directions. 

acoustic shock—Physical pain, dizziness, and 
sometimes nausea brought on by hearing a loud, sudden 
sound. (The threshold of pain is about 120 dBm.) 

acoustic surface-wave component—A pas- 
sive electroacoustic device that has metallized interdigital 
transducer elements deposited on the surface of a piezo- 
electric substrate. The device allows acoustic energy to be 
generated, manipulated, and detected on the substrate sur- 
face. Most of the acoustic energy is confined to a region 
within one wavelength of the surface of the substrate. 
When the metallization is subjected to an alternating volt- 
age, a Strain develops between the interdigital fingers and 
also at the frequency of excitation. This alternating strain 
on the crystal surface launches a Rayleigh surface-wave 
front that travels in both directions and that originates 
from the center of the transducer. The wave exists as an 
electroacoustic vibration. 

acoustic suspension— 1. A loudspeaker system 
in which the moving cone is held by an overcompliant 
suspension, the stiffness required for proper operation 
being supplied by air that is trapped behind the cone 
in a sealed enclosure. While relatively inefficient, such 
a system permits good bass reproduction in a unit of 
moderate size. 2, Á speaker enclosure design in which 
the speaker cone is suspended in an airtight box. This 
enables the acoustic pressure of the air enclosed therein 
to provide the principal restoring force for the diaphragm 
of the speaker. It needs somewhat more power from the 
amplifier than a free speaker but has better low-frequency 
performance. 

acoustic system — Arrangement of components in 
devices designed to reproduce audio frequencies in a 
specified manner. 

acoustic telemetry— The utilization of sound 
energy for the transmission of information. It differs from 
other telemetry methods in that information derived from 
the received signal is encoded by the transmitting source. 

acoustic transformer—.A device that transmits 
power along a glass or ceramic rod and isolates the power 
supply from the signal input. 

acoustic transmission— Direct transmission of 
sound energy without the intermediary of electric currents. 


acoustic transmission system — An assembly of 
elements adapted for the transmission of sound. 

acoustic treatment—Use of certain sound- 
absorbing materials to control the amount of reverberation 
in a room, hall, or other enclosure; that 1s, to make the 
room less live, 

acoustic wave —A traveling vibration by which 
sound energy 1s transmitted in air, water, or the earth. The 
characteristics of these waves may be described in terms 
of change of pressure, particle displacement, or density. 

acoustic wave filter — A device designed to sepa- 
rate sound waves of different frequencies. (Through elec- 
troacoustic transducers, such a filter may be associated 
with electric circuits.) 

acoustoelectric effect — Generation of an electric 
current in a crystal by a traveling longitudinal sound wave. 

acousto-optic Bragg cell —A modulation device 
that impresses analog information on light beams. This 
transducer 1s composed of two sets of interleaved elec- 
trodes of alternating polarities deposited on an optical 
waveguide. An electrical signal applied to each pair of 
adjacent electrodes buckles the film between them. This 
distortion changes the refractive index of the waveguide 
and creates physical waves in the film, commonly called 
surface waves. These waves are generated at a rate equal 
to that of the applied electrical signal. 

acousto-optics— The study of the interactions 
between sound waves and light in a solid medium. Sound 
waves can be made to modulate, deflect, and focus light 
waves —an important characteristic in laser and holo- 
graphic applications. 

ac plate resistance — Also called dynamic plate 
resistance. Internal resistance of a vacuum tube to the 
flow of alternating current. Expressed in ohms, the ratio 
of a small change in plate voltage to the resultant change 
in plate current, other voltages being held constant. 

ac power supply —A power supply that provides 
one or more ac output voltages, e.g., ac generator, 
dynamotor, inverter, or transformer. 

acquisition — 1. The process of pointing an antenna 
or telescope so that it is properly oriented to allow 
gathering of tracking or telemetry data from a satellite or 
space probe. 2. In radar, the process between the initial 
location of a target and the final alignment of the tracking 
equipment on the target. 3. The gathering of data from 
transducers or a computer. 

acquisition and tracking radar—aA radar set 
that locks onto a strong signal and tracks the object 
emitting or reflecting the signal. May be airborne or on the 
ground. Tracking radars use a dish-type antenna reflector 
to produce a searchlight-type beam. 

acquisition radar—A radar set that detects an 
approaching target and feeds approximate position data to 
a fire-control or missile-guidance radar, which then takes 
over the function of tracking the target. 

acquisition range — Also called capture range. The 
range of input frequency about fo under which a phase- 
locked loop, which is initially unlocked, will become 
locked. This range is narrower than the normal tracking 
range and is a function of the loop-filter characteristics 
and the input amplitude. 

acquisition time— 1. Time delay between request 
for data conversion and the holding of the analog value 
by a sample-and-hold amplifier. 2. In a sample-and-hold 
circuit, how long it takes after the sample command is 
given for the hold capacitor to be charged to a full-scale 
voitage change and to remain within a specified error band 
around its final value. 3. The time it takes for the output 
of a sample-and-hold circuit to change from its previous 
value to a new value when the circuit is switched from 
the hold mode to the sample mode. It includes the slew 


acoustic transmission system — activation 


time and settling time to within a certain error band of the 
final value and is usually specified for a full-scale change. 

ac receiver—A radio receiver designed to operate 
from an ac source only. 

ac reclosing relay—-A device that controls the 
automatic reclosing and locking out of an ac circuit 
interrupter. 

ac relay—A relay designed to operate from an 
alternating-current source. 

ac resistance — Total resistance of a device in an ac 
circuit. See also high-frequency resistance. 

acronym — A word formed from the first letter or let- 
ters of the words describing some item, e.g., FORTRAN 
from formula translation. 

across-the-line starting — Connection of a motor 
directly to the supply line for starting. Also called full- 
voltage starting. 

ac signaling — Using ac signals or tones to transmit 
data and/or control signals. 

ACTCRBS — Abbreviation for air traffic control radar 
beacon system. A control system in use worldwide. Air 
separation information exchanged between plane and air 
traffic controller must be sent by radio. 

ac time overcurrent relay— A device that has 
either a definite or an inverse time characteristic and 
functions when the current in an ac circuit exceeds a 
predetermined value. 

actinic —In radiation, the property of producing a 
chemical change, such as the photographic action of light. 

actinium — A radioactive element discovered in pitch- 
blende by the French chemist Debierne in 1889. Its atomic 
number is 89, its atomic weight 227, and its symbol Ac. 

actinodielectric — A photoconductive dielectric. 

actinoelectric — Exhibiting a temporary rise in elec- 
trical conductivity during exposure to light. 

actinoelectric effect— 1. The property of some 
special materials whereby when an electric current is 
impressed on them, their resistance changes with light. 
2. The property of certain materials (such as selenium, 
cadmium sulfide, germanium, and silicon) that causes 
them to change their electrical resistance or generate a 
voltage on exposure to light. 

actinoelectricity — Electricity produced by the action 
of radiant energy on crystals. 

actinometer— An instrument that measures the 
intensity of radiation by determining the amount of fluo- 
rescence produced by that radiation. 

action area — In the rectifying junction of a metallic 
rectifier, that portion which carries the forward current. 

action current—A brief and very small electric 
current that flows in a nerve during a nervous impulse. 

action potential —1. The instantaneous value of 
the voltage between excited and resting portions of an 
excitable living structure. 2. The voltage variations in a 
nerve or muscle cell when it is excited or fired by an 
appropriate stimulus. After a short time, the cell recovers 
its normal resting potential, typically about 80 millivolts. 
The interior of the cell is negative relative to the outside. 

activate — To start an operation, usually by applica- 
tion of an appropriate enabling signal. 

activating — 1. Chemically treating a basic metal 
to remove oxides and other passive films to make it 
more receptive to electroplating. 2. A treatment that 
renders nonconductive material receptive to electroless 
deposition. (Nonpreferred synonyms: seeding, catalyzing, 
and sensitizing.) 

activation — 1. Making a substance artificially radio- 
active by placing it in an accelerator such as a cyclotron or 
by bombarding it with neutrons. 2. Tc treat the cathode or 
target of an electron tube in order to create or increase its 
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emission. 3. The process of adding electrolytes to a cell to 
make it ready for operation. 4. Causing the acceleration 
of a chemical reaction. 

activation time-—In a cell or battery, the time 
interval from the moment activation is initiated to the 
moment the desired operating voltage is obtained. 

activator— An additive that improves the action of 
an accelerator. 

active — 1. Controlling power from a separate supply. 
2. Requiring a power supply separate from the controls. 
3. Containing, or connected to and using, a source of 
energy. 

active area — The portion of the rectifying junction 
of a metallic rectifier that carries forward current. 

active balance — In operation of a telephone repeater, 
the summation of all return currents at a terminal network 
balanced against the local circuit or drop impedance. 

active circuit—A circuit that contains active ele- 
ments such as transistors, diodes, or integrated circuits. 

active communications satellite —A communi- 
cations satellite in which on-board receivers and trans- 
mitters receive signals beamed at them from a ground 
terminal, amplify them greatly, and retransmit them to 
another ground terminal. Less sensitive receivers and less 
powerful transmitters can be used on the ground than are 
needed for passive satellites. Also called active comsat. 

active component— 1. Those components in a 
circuit that have gain, or direct current flow, such as 
SCRs, transistors, thyristors, or tunnel diodes. They 
change the basic character of an applied electrical signal 
by rectification, amplification, switching, and so forth. 
(Passive elements like inductors, capacitors, and resistors 
have no gain characteristics.) 2. A device, the output 
of which is dependent on a source of power other 
than the main input signal. 3. A device capable of 
some dynamic function (such as amplification, oscillation, 
signal control) and which usually requires an external 
power supply for its operation. 4. Broadly, any device 
(including electromechanical relays) that can switch (or 
amplify) by application of low-level signals. 

active computer — The one of two or more comput- 
ers in an installation that is online and processing data. 

active comsat— See active communications satel- 
lite. 

active current — In an alternating current, a compo- 
nent in phase with the voltage. The working component 
as distinguished from the idle or wattless component. 

active decoder — A device that is associated with 
a ground station and automatically indicates the radar 
beacon reply code that is received in terms of its number 
or letter designation. 

active delay line—A digital delay module that 
incorporates a passive delay line and a series of logical 
gate circuits. These modules are used specifically with 
digital or logic signals. Also called digital delay line, 
digital delay unit, digital delay module, and digital 
programmable delay line. 

active device — See active component. 

active display ——A display, such as a cathode-ray 
tube, electroluminescent display, or plasma panel, that 
presents information by emitting light. 

active ECM — See jamming. 

active electric network—An electric network 
containing one or more sources of energy. 

active element— 1. The driven or self-excited ele- 
ment in a multielement antenna or antenna array. 2. Also 
known as the responsive element. That part of a detec- 
tor on which the infrared energy 1s projected and which, 
when radiation falls on it, undergoes a physical change 
that results in an electrical signal. See active component. 
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active equalizer— An equalizer designed to cor- 
rect deficiencies in a speaker system’s response. Such 
equalizers, which are designed to precisely match specific 
speaker systems, usually connect between the amplifier 
and preamplifier, or in one of the amplifier’s tape-monitor 
circuits. 

active filter—1.A device employing passive net- 
work elements and amplifiers. It is used for transmitting 
or rejecting signals in certain frequency ranges or for 
controlling the relative output of signals as a function of 
frequency. 2. A high-pass, low-pass, bandpass, or band- 
elimination filter that uses an active element, such as 
an operational amplifier, and relatively small capacitors, 
rather than the larger inductors and capacitors that would 
be required in a conventional passive filter. 3. A circuit 
whose gain depends on the frequency of the input signal. 
4. A filter, consisting of an amplifier and suitable tuning 
elements, usually inserted in a feedback path. 5. A fil- 
ter that uses active devices such as operational amplifiers 
to synthesize the filter response function. This technique 
has an advantage at high speeds because the need for 
inductors (with their poor high-frequency characteristics) 
is eliminated. 

active guidance — See active homing. 

active homing — A system whereby a missile homes 
in on a target by means of a radar aboard the missile. Also 
called active guidance. 

active infrared detection — An infrared detection 
system in which a beam of infrared rays is transmitted 
toward one or more possible targets, and the rays reflected 
from the target are detected. 

active infrared system— A system in which the 
object is irradiated by a source of infrared energy, which, 
in turn, is reflected by the object onto a detector. A 
snooperscope is an active infrared system. 

active intrusion sensor— An active sensor that 
detects the presence of an intruder within the range of 
the sensor. Examples are an ultrasonic motion detector, 
a radio-frequency motion detector, and a photoelectric 
alarm system. See also passive intrusion sensor. 

active jamming — 1. Intentional radiation or rera- 
diation of electromagnetic waves to impair the use of 
a specific portion of the electromagnetic-wave spec- 
trum. 2. Transmission or retransmission of signals for the 
express purpose of disrupting communications. 

active junction — In a semiconductor, a change in n- 
type to p-type doping, or vice versa, by a diffusion step. 
On discrete transistors there are two active junctions, the 
collector-base junction and the emitter-base junction. 

active leg — Within a transducer, an electrical ele- 
ment that changes its electrical characteristics as a func- 
tion of the applied stimulus. 

active line — In a U.S. television picture, one of the 
lines (approximately 488) that makc up the picture. The 
remaining 37 of the 525 available lines are blanked; they 
are called inactive lines. 

active maintenance downtime — The time during 
which work is actually being done on an item, from 
the recognition of an occurrence of failure to the time 
of restoration to normal operation. This includes both 
preventive and corrective maintenance. 

active material — 1. In the plates of a storage 
battery, lead oxide or some other active substance that 
reacts chemically to produce electrical energy. 2. The 
fluorescent material, such as calcium tungstate, used on 
the screen of a cathode-ray tube. 

active matrix—aA display matrix with a transistor 
at each pixel location to individually store its state (on 
or off). Pixels in active matrix panels only need to be 
addressed when they are being turned on or off. 
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active mixer and modulator — A device requiring 
a source of electrical power and using nonlinear network 
elements to heterodyne or combine two or more electrical 
signals. 

active network— 1. A network containing passive 
and active (gain) elements. 2. An electrical network that 
includes a source of energy. 

active pressure — In an ac circuit, the pressure that 
produces a current, as distinguished from the voltage 
impressed on the circuit. 

active probe — A test probe, generally used with an 
oscilloscope, that is so named because of the active com- 
ponents used within probe circuitry. These components 
consist of one or all of the following: transistors, diodes, 
integrated circuits, or FETs. If FETs are used, these probes 
are Often referred to as FET probes. 

active pull-up — An arrangement in which a transis- 
tor is used to replace the pull-up resistor in an integrated 
circuit in order to provide low output impedance without 
high power consumption. 

active RC network—A network formed by resis- 
tors, capacitors, and active elements. 

active redundancy — That redundancy wherein all 
redundant items are operating simultaneously rather than 
being switched on when needed. 

active repair time—That portion of corrective 
maintenance downtime during which repair work is being 
done on the item, including preparation, fault location, 
part replacement, adjustment and recalibration, and final 
test time. It may also include part procurement time under 
shipboard or field conditions. 

active satellite —A satellite that receives, regener- 
ates, and retransmits signals between stations. See also 
communications satellite. 

active sensor — A sensor that detects the disturbance 
of a radiation field that is generated by the sensor. See also 
passive sensor. 

active sonar — See sonar. 

active splitter — See line splitter. 

active substrate — 1. A substrate in which active 
elements are formed to provide discrete or integrated 
devices. Examples of active substrates are single crystals 
of semiconductor materials within which are transistors, 
resistors, and diodes, or combinations of these elements. 
Another example is ferrite substrates within which elec- 
tromagnetic fields are used to perform logical, gating, or 
memory functions. 2. A substrate for an integrated com- 
ponent in which parts display transistance. 3. A working 
part of the electronic circuit, which it supports physically. 
4, In an integrated circuit, a substrate consisting of single- 
crystal semiconductor material into which the various IC 
components are formed; it acts as some or all of the com- 
ponents. This is in contrast to a substrate consisting of a 
dielectric, on whose surface the various components are 
deposited. 

active swept-frequency interferometer ra- 
dar— A dual radar system for air surveillance. It pro- 
vides angle and range information of high precision for 
pinpointing target locations by trigonometric techniques. 

active systems—JIn radio and radar, systems that 
require transmitting equipment, such as a beacon or 
transponder, to be carried in the vehicle. 

active tracking system — Usually, a system that 
requires the addition of a transponder or responder on 
board the vehicle to repeat or retransmit information to 
the tracking equipment, e.g., dovap, secor, azusa. 

active transducer—1.A type of transducer in 
which its output waves depend on one or more sources 
of power, apart from the actuating waves. 2. A transducer 
that requires energy from local sources in addition to that 
which is received. 
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active trim — Trimming of a circuit element (usually 
resistors) in a circuit that is electrically activated and 
operating to obtain a specified functional output for the 
circuit. See functional trimming. 

active wire — The wire of an armature winding that 
produces useful voltage. That portion of the winding in 
which induction takes place. 

activity — 1. In a piezoelectric crystal, the magnitude 
of oscillation relative to the exciting voltage. 2. The 
intensity of a radioactive source. 3. Operations that result 
in the use or modification of the information in a computer 
file. 

activity curve——A graph showing how the activity 
of a radioactive source varies with time. 

activity ratio— The ratio of the number of records 
in a computer file that have activity to the total number 
of records in the file. 

ac transducer — A transducer that, for proper oper- 
ation, must be excited with alternating currents only. Also 
a device, the output of which appears in the form of an 
alternating current. 

actual height — The highest altitude at which refrac- 
tion of radio waves actually occurs. 

actual power— The average of values of instanta- 
neous power taken over one cycle. 

actuating device—-A mechanical or electrical 
device, either manual or automatic, that operates electrical 
contacts to bring about signal transmission. 

actuating system — 1. In a device or vehicle, a sys- 
tem that supplies and transmits energy for the operation 
of a mechanism or other device. 2. A manually or auto- 
matically operated mechanical or electrical device that 
operates electrical contacts to effect signal transmission. 

actuating time—The time at which a specified 
contact functions. 

actuator—1.In a servo system, the device that 
moves the load. 2. The part of a relay that converts 
electrical energy into mechanical motion. 3. Switch part to 
which an external force is applied to operate the switch. 
4, A manual or automatic switch or sensor, such as a 
holdup button, magnetic switch, or thermostat, that causes 
a system to transmit an alarm signal when manually 
activated or when the device automatically senses an 
intruder or other unwanted condition. 5. A motorized arm 
that moves a Satellite dish into position under the control 
of a receiver. 

ACU — Abbreviation for automatic calling unit. 

ac voltage — See alternating voltage. 

acyclic machine—A direct-current machine in 
which the voltage generated in the active conductors 
maintains the same direction with respect to those con- 
ductors at all times. 

a/d— Abbreviation for analog-to-digital. Also a-d, 
A-D, or A/D. 

adapter— 1. A fitting designed to change the ter- 
minal arrangement of a jack, plug, socket, or other 
receptacle, so that other than the original electrical con- 
nections are possible. 2. An intermediate device that 
permits attachment of special accessories or provides spe- 
cial means for mounting. 3. A device for connecting two 
parts of an apparatus that would not be directly con- 
nectable because of incompatible dimensions, termina- 
tions, currents, voltages, frequencies, etc. 

adaptive communication—A method in which 
automatic changes in the communications system allow 
for changing inputs or changing characteristics of the 
device or process being controlled. Also called self- 
adjusting communication or self-optimizing communica- 
tion. 

adaptive control—1.A control method that uses 
sensors for real-time measurement of process variables 
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with calculation and adjustment of control parameters as a 
method of achieving near-optimum process performance. 
2. A method of control in which actions are continuously 
adjusted in response to feedback. 

adaptive control system — A device whose param- 
eters are automatically adjusted to compensate for changes 
in the dynamics of the process to be controlled. An AFC 
circuit utilizing temperature-compensating capacitors to 
correct for temperature changes is an example. 

adaptive telemetry — Telemetry having the ability 
to select certain vital information or any change in a given 
signal. 

adaptor — A device that locates and supports prod- 
ucts to be tested. Generally, it is made of an insulating 
material with locator pins mounted to precisely position 
the product to a spring contact probe test pattern. Also, 
an adaptor serves as an intermediate between the circuit 
verifier and the interchangeable test head that contains the 
test pattern. 

adc — Abbreviation for analog-to-digital converter. 
Also ADC. 

Adcock antenna—aA pair of vertical antennas 
separated by one-half wavelength or less and connected in 
phase opposition to produce a figure-8 directional pattern. 

Adcock direction finder — A radio direction finder 
using one or more pairs of Adcock antennas for direc- 
tional reception of vertically polarized radio waves. 

Adcock radio range—A type of radio range 
utilizing four vertical antennas (Adcock antennas) placed 
at the comers of a square, with a fifth antenna in the 
center. 

a/d converter — Abbreviation for analog-to-digital 
converter. Also a-d, A-D, or A/D converter. 1. A unit or 
device that converts an analog signal, that is, a signal in 
the form of a continuously variable voltage or current, to 
a digital signal, 2. A circuit that accepts information in 
a continuously varying ac or dc current or voltage and 
whose output is the same information in digital form. 
3. A circuit or device for producing a set of digital output 
signals representing the magnitude of a voltage applied to 
its input. 

add-and-subtract relay— A stepping relay capa- 
ble of being operated so as to rotate the movable contact 
arm in either direction. 

addend—A quantity that, when added to another 
quantity (called the augend), produces a result called the 
sum. 

adder— 1. A device that forms the sum of two or 
more numbers or quantities impressed on it. 2. In a color 
TV receiver, a circuit that amplifies the receiver primary 
signal coming from the matrix. Usually there is one 
adder circuit for each receiver primary channel. 3. An 
arrangement of logic gates that adds two binary digits 
and produces sum and carry outputs. 

add-in — Components (expansion boards, cartridges, 
or chips) that can increase a computer’s capabilities, 
such as memory, graphics, and communications. Add-ins 
usually refer to an entire circuit board. See also add-on. 

add-in memory — Additional computer memory that 
is added to a computer system within the computer’s 
physical housing. Typically the add-in memory is inserted, 
in board form, into an available card slot on the assembly, 
the connections for which have already been placed on the 
existing computer. Additional memory may be in the form 
of semiconductor RAM, CCD, bubble memory, disk, or 
tape. 

additional station— Any amateur radio station 
licensed to an amateur radio operator, normally for a spe- 
cific land location other than the primary station. 

addition record —-A new record created during the 
processing of a file in a computer. 
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additive — Sometimes referred to as the key. A num- 
ber, series of numbers, or alphabetical intervals added to 
a code to put it in a cipher. 

additive color — A system that combines two col- 
ored lights to form a third. 

additive primaries— Primary colors that can be 
mixed to form other colors, but which cannot themselves 
be produced by mixing other primaries. Red, green, and 
blue are the primaries in television because, when added 
in various proportions, they produce a wide range of other 
colors. 

additive process — A printed-circuit manufacturing 
process in which a conductive pattern is formed on an 
insulating base by electrolytic chemical deposition. 

additive synthesis — A technique for creating musi- 
cal notes whereby sine waves are added together to create 
new waveforms. Frequently used in electric organs rather 
than in synthesizers. 

additron— An electrostatically focused, beam- 
switching tube used as a binary adder in high-speed digital 
computers. (No longer used.) 

add mode — Allows entry of numbers in a calculator 
to two decimal places without the need to enter the 
decimal point. 

add-on — Circuitry or system that can be attached to 
a computer to increase memory or performance. See also 
add-in. 

add-on component or add-on device—A 
discrete or integrated prepackaged or chip component 
that is attached to a film circuit to complete the circuit 
functions. 

add-on memory — Additional computer memory 
that is added externally and is plug compatible with 
the computer system. The add-on memory is connected 
with an external connector cable to the computer, where 
provision has been made for memory expansion. Such a 
memory device is also available in its own housing, in 
which case it is physically placed beside the computer’ s 
main cabinet. Additional memory may be in the form of 
semiconductor RAM, CCD, bubble memory, disk, or tape. 

address — 1. An expression, usually numerical, that 
designates a specific location in a storage or memory 
device or other source or destination of information in a 
computer. 2. An identification, as represented by a name, 
label, or number, for a register, location in storage, or any 
other data source or destination, such as the location of a 
station in a communications network, 3. Loosely, any part 
of an instruction that specifies the location of an operand 
for the instruction. 4. To select the location of a stored 
information set for access. 5. In computer technology, 
a number used by the central processing unit (CPU) to 
specify a location in memory. 6. Element(s) of a packet 
frame that identifies the source and/or destination stations 
by means of an agreed bit pattern. 7. A unique sequence 
of letters or numbers for the location of data or the identity 
of an intelligent device. 

address bus— 1. A unidirectional bus over which 
digital information appears to identify either a particular 
memory location or a particular device. 2. The set of 
output pins from a microprocessor chip and the associated 
circuitry linking them to other devices for the purpose 
of addressing those chips or parts of them. See also bus 
system. 

address characters — Blocks of alphanumeric 
characters that identify users or stations uniquely. 

address comparator — In a computer, a device that 
ensures that an address being read is the right one. 

address computation — The process by which the 
address part of an instruction in a digital computer is 
produced or modified. 

address constant — See base address. 


CHAPTER 5 


The Cozy Corner Lab 


Chapter 4 focused on the needs of the travelling electronic adept. Here in Chapter 5 you can come home 
to a lab that is always ready and waiting for some electrical fun and doodling. Nice! 

You don't need an entire garage or extra office for a functional laboratory for your electronic 
endeavors. It’s certainly nice if these areas are available to you, but you might be surprised at how much 
you can do in just a small space, if you set it up properly and maintain it with determination. 

The first part of this chapter will deal with the task of rehabilitating a small, dedicated work area that 
has succumbed to years of poor organizational habits. These things happen. The second half of the 
chapter explores the possibilities of starting afresh with a nice, clean space—either something brand 
new or just newly cleaned. Some more projects help break in your new work area, as well as familiarize 
you with more interesting information about some of the basic electronic components reviewed in 
Chapter 3. 


The Rehabilitation of a Small but Useful Area 


Let's perform a little magic, in the form of a complete makeover for a small workstation. Have a look at 
Figure 5-1. Don't let this happen to you! 
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addressed memory — In a computer, memory sec- 
tions containing each individual register. 

address field —The portion of an instruction that 
specifies the location of a particular piece of information 
in a computer memory. 

addressing mode — An addressing method. One of 
several different addressing methods possible in micro- 
processors. 

address modification —- In a computer, a change 
in the address portion of an instruction or command 
such that, if the routine which contains that instruction 
or command is repeated, the computer will go to a new 
address or location for data or instructions. 

address part— In an electronic computer instruc- 
tion, a portion of an expression designating location. See 
also instruction code. 

address-routing indicator — Group of characters 
contained in a message heading that designates the 
destination of the message. 

add-subtract time — The time required by a digital 
computer to perform addition or subtraction. It does not 
include the time required to obtain the quantities from 
storage and put the result back into storage. 

add time — The time required in a digital computer 
to perform addition. It does not include the time required 
to obtain the quantities from storage and put the result 
back into storage. 

a/d encoder — Analog-to-digital encoder. A device 
that changes an analog quantity into an equivalent digital 
representation. Also referred to as an a-d, A-D, or A/D 
encoder. 

adf — See automatic direction finder. Also referred to 
as ADF. 

adiabatic damping — A reduction in the size of an 
accelerator beam as the energy of the beam is increased. 

adiabatic demagnetization — A technique used to 
obtain temperatures within thousandths of a degree of 
absolute zero. It consists of applying a magnetic field to 
a substance at a low temperature and in good thermal 
contact with its surroundings, insulating the substance 
thermally, and then removing the magnetic field. 

A-display — Also called A-scan. A radarscope pre- 
sentation in which time (distance or range) is one coordi- 
nate (usually horizontal) and the target appears displaced 
perpendicular to the time base, 

adjacency —In character recognition, a condition 
in which the character-spacing reference lines of two 
characters printed consecutively on the same line are less 
than a specified distance apart. 

adjacent- and alternate-channel selectivity — 
A measure of the ability of a receiver to differentiate 
between a desired signal and signals that differ in fre- 
quency from the desired signal by the width of one chan- 
nel or two channels, respectively, 

adjacent audio (sound) channel — The rf carrier 
frequency that contains the sound modulation associated 
with the next-lower-frequency television channel. 

adjacent channel — That frequency band immedi- 
ately above or below the one being considered. 

adjacent-channel attenuation — See selectance. 

adjacent-channel interference — Undesired sig- 
nals received on one communication channel from a 
transmitter operating on a channel immediately above or 
below. 

adjacent-channel selectivity —The ability of a 
recciver to reject signals on channels adjacent to the 
channel of the desired station. 

adjacent conductor— Any conductor next to 
another conductor, either in the same multiconductor 
cable layer or in adjacent layers. 
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adjacent sound channel—In television, the rf 
channel containing the sound signal modulation of the 
next lower channel. 

adjacent video carrier — The rf carrier that carries 
the picture modulation for the television channel imme- 
diately above the channel to which the viewer is tuned. 

adjustable component— Any circuit component 
whose electrical value may be varied at will, e.g., 
adjustable capacitor, inductor, resistor, or load. 

adjustable resistor—1.A resistor that has the 
resistance wire partly exposed to enable the amount of 
resistance in use to be adjusted occasionally by the 
user. Adjustment requires the loosening of a screw, the 
subsequent moving of the lug, and retightening of the 
screw, 2. A fixed resistor with a movable contact (or 
tap) that can be positioned along the length of the 
resistive path. 


Adjustable resistor. 


adjustable voltage divider—A wirewound resis- 
tor with one or more movable terminals that can be slid 
along the length of the exposed resistance wire until the 
desired voltage values are obtained. 

adjusted circuit— Also called bolted-fault level. 
In a circuit, the current measured under short-circuit 
conditions with the leads that are normally connected to 
the circuit breaker bolted together. 

adjusted decibels — An expression of the ratio of 
the noise level to a reference noise at any point in 
a transmission system, when the noise meter has been 
adjusted to allow for the interfering effect under specified 
conditions. 

admittance — 1. The ease with which an alternating 
current flows in a circuit. The reciprocal of impedance; 
usually expressed in siemens. Symbol is Y or y. 2. The 
(sinusoidal) current in a circuit divided by the terminal 
voltage. 3. The vector sum of a resistive component of 
conductance and a reactive component of susceptance. 

ADP — Abbreviation for automatic data processing. 

ADSL — Abbreviation for Asymmetric Digital Sub- 
scriber Line. A video display terminal distribution video 
system delivering video over existing (1.e., copper) tele- 
phone lines. 

adsorption — The deposition of a thin layer of gas 
or vapor particles onto the surface of a solid. The process 
is known as chemisorption if the deposited material is 
bound to the surface by a simple chemical bond. 

ADU — Abbreviation for automatic dialing unit. 

advance ball—In mechanical recording, a rounded 
support (often sapphire) that is attached to a cutter and 
rides on the surface of the recording medium. Its purpose 
is to maintain a uniform mean depth of cut and to correct 
for small irregularitics on the surface of the disc. 

advance calling — A telecommunications feature in 
which voice messages can be spoken into the telephone 
for automatic delivery at a prearranged time to any other 
telephone or telephones. 

advanced license —A license issued by the FCC 
to amateur radio operators who are capable of sending 
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and receiving Morse code at the rate of 13 words per 
minute and are familiar with general and intermediate 
radio theory and practice. Its privileges include exclusive 
use of certain frequencies. 

advance wire — An alloy of copper and nickel, used 
in the manufacture of electric heating units and some 
wirewound resistors, 

aeolight — A glow lamp that uses a cold cathode and 
a mixture of inert gases. Its illumination can be regulated 
with an applied signal voltage and it is often used as a 
modulation indicator for motion picture sound recording. 

aerial— See antenna. 

aerial cable — A cable installed on a pole line or 
similar overhead structure. 

aerodiscone antenna — An aircraft antenna that is 
aerodynamically shaped and is physically small compared 
with other antennas having similar electrical characteris- 
tics. Its radiation pattern is omnidirectional and linearly 
polarized. 

aerodrome control radio station—A radio 
station providing communications between an airport 
control tower and aircraft or mobile aeronautical radio 
stations. 

aerodynamics— The science of the motion of air 
and other gases. Also, the forces acting on bodies such 
as aircraft when they move through such gases, or when 
such gases move against or around the bodies. 

aeromagnetic — Pertaining to the magnetic field of 
the earth as surveyed from the air. 

aeronautical advisory station—A station used 
for civil defense and advisory communications with 
private aircraft stations. 

aeronautical broadcasting service — The broad- 
casting service intended for the transmission of informa- 
tion related to air navigation. 

aeronautical broadcast station — A station that 
broadcasts information regarding air navigation and mete- 
orological data pertinent to aircraft operation. 

aeronautical fixed service—A fixed service 
intended for the transmission of information relating to 
air navigation and preparation for and safety of flight. 

aeronautical fixed station—A station operating 
in the aeronautical fixed service. 

aeronautical ground station—A radio station 
operated for the purpose of providing air-to-ground com- 
munications in connection with the operation of aircraft. 

aeronautical marker-beacon station—A land 
station operating in the aeronautical radionavigation ser- 
vice and providing a signal to designate a small area above 
the station. 

aeronautical mobile service—A radio service 
between aircraft and land stations or between aircraft 
stations. 

aeronautical radio-beacon station— An aero- 
nautical radionavigation land station transmitting signals 
that are used by aircraft and other vehicles to determine 
their position bearing or position in relation to the aero- 
nautical radio beacon station. 

aeronautical radionavigation service—A 
radionavigation service intended for use in the operation 
of aircraft. 

aeronautical radio service —1. Service carried 
on between aircraft stations and/or land stations. 
2. Special radio for air navigation. 3. Service that includes 
aircraft-to-aircraft, aircraft-to-ground, and ground-to- 
aircraft communications important to the operation of 
aircraft. 

aeronautical station — A land station (or in certain 
instances a shipboard station) in the aeronautical mobile 
service that carries on communications with aircraft 
stations. 
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aeronautical telecommunication — Electronic 
and nonelectronic communications used in the aeronauti- 
cal service. 

aeronautical telecommunication agency — An 
agency to which is assigned the responsibility for operat- 
ing a Station or stations in the aeronautical telecommuni- 
cation service. 

aeronautical telecommunication log — A record 
of the activities of an aeronautical telecommunication 
station. 

aeronautical telecommunications— Any tele- 
graph or telephone communications of signals, writing, 
images, and sounds of any nature by wire, radio, or other 
system or process of signaling, used in the aeronautical 
service. 

aeronautical telecommunication service — 
Telecommunication service provided for aeronautical pur- 
poses. 

aeronautical telecommunication station— A 
station in the aeronautical telecommunication service. 

aeronautical utility land station —A land station 
located at an airport control tower and used for commu- 
nications connected with the control of ground vehicles 
and aircraft on the ground. 

aeronautical utility mobile station — A mobile 
station used at an airport for communications with aero- 
nautical utility land stations, ground vehicles, and aircraft 
on the ground. 

aerophare — See radio beacon. 

AES — Abbreviation for Audio Engineering Society. 
A professional group; the official association of technical 
personnel, scientists, engineers, and executives in the 
audio field. 

AF — See audio frequency. 

AFC — See automatic frequency control. 

afocal— An optical system with one set of object 
and image points at infinity. Literally, “without a focal 
length.” An afocal system receives its input image from 
infinity and projects its output image to infinity. 

AFSK— Abbreviation for audio-frequency shift key- 
ing. With this method of modulation, two tones (mark = 
2125 Hz, space = 2295 Hz) are fed directly into the 
microphone jack of the transmitter. 

afterglow — Also called phosphorescence. 1. The 
light that remains in a gas-discharge tube after the volt- 
age has been removed, or on the phosphorescent screen 
of a cathode-ray tube after the exciting electron beam has 
been removed. 2. The luminosity that remains in a rar- 
efied gas after an electrodeless discharge has traversed 
the gas. 

afterpulse —In a photomultiplier, a spurious pulse 
induced by a preceding pulse. 

AGC — See automatic gain control. 

age — To maintain an electrical component in a speci- 
fied environment, as with respect to pressure, temperature, 
applied voltage, etc., until its characteristics stabilize. 

aggregate function—A command that performs 
calculations based on a set of values rather than on a 
single value. 

agile receiver — A satellite receiver that can be tuned 
to any desired channel. 

aging— 1. Storing a permanent magnet, capacitor, 
semiconductor, meter, or other device, sometimes with 
voltage applied, until its desired characteristics become 
essentially constant. 2. The change of a component 
or a material with time under defined environmental 
conditions, leading to improvement or deterioration of 
properties. 

agonic line — An imaginary line on the earth’s sur- 
face, all points of which have zero magnetic declination. 
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AGP — Abbreviation for accelerated graphics port. 

AGREE — Advisory Group on Reliability of Electron- 
ics Equipment. 

Al — See artificial intelligence. 

aided tracking—A system of tracking a target 
signal in bearing, elevation, or range (or any combination 
of these variables) in which manual correction of the 
tracking error automatically corrects the rate at which the 
tracking mechanism moves. 

AIEE— Abbreviation for American Institute of Elec- 
trical Engineers. Now merged with IRE to form IEEE. 

air bearing — A means of supporting magnetic tape 
on an air film rather than by means of a sliding or 
rolling contact. Usually, an air bearing is a perforated 
cylinder; pressurized air flows through the perforations 
and forms a film that prevents the tape from contacting 
the cylinder. 

airborne intercept radar — Short-range airborne 
radar employed by fighter and interceptor planes to track 
down their targets. 

airborne long-range input— Airborne equipment 
designed to extend air-surveillance coverage seaward so 
that long-range interceptors may be used. 

airborne moving-target indicator—A type of 
airborne-radar display that does not present essentially 
stationary obiects. 

airborne noise — Undesired sound in the form of 
fluctuations cf air pressure about the atmospheric pressure 
aS a mean. 

airborne radar platform — Airborne surveillance 
and height-finding radar for early warning and control. 

air capacitor— A capacitor in which air is the only 
dielectric material between its plates. 

aircarrier aircraft station — A radio station aboard 
an aircraft that is engaged in or essential to the transporta- 
tion of passengers or cargo for hire. 

air cell—A primary cell in which depolarization 
at the positive electrode is accomplished chemically by 
reduction of the oxygen in the air. 

air column—The air space within a horn of an 
acoustic chamber. 

air condenser — See air capacitor. 

air-cooled tube— An electron tube in which the 
generated heat is dissipated to the surrounding air directly, 
through metal heat-radiating fins, or with the aid of 
channels or chimneys that increase the air flow. 

air-core cable—A telephone cable in which the 
interstices in the cable core are not filled with a moisture 
barrier. 

air-core coil—A number of turns of spiral wire in 
which no metal is used in the center. 

air-core transformer — A transformer (usually rf) 
having two or more coils wound around a nonmetallic 
core. Transformers wound around a solid insulating 
substance or on an insulating coil form are included in 
this category. 

aircraft bonding —- Electrically connecting together 
all the metal structure of the aircraft, including the engine 
and metal covering of the wiring. 

aircraft flutter— Flickering (repetitive fading and 
intensifying) in a TV picture as the signal is reflected 
from flying aircraft. The reflected signal arrives in or out 
of phase with the normal signal and thus strengthens or 
weakens the latter. 

aircraft station — A radio station installed on aircraft 
and continuously subject to human control. 

air defense control center— Principal informa- 
tion, communications, and operations center from which 
all aircraft, antiaircraft operations, air-defense artillery, 
guided inissiles, and air-raid warning functions of a 
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specific area of air defense responsibility are supervised 
and coordinated. 

air defense identification zone— Airspace of 
defined dimensions within which the ready identification, 
location, and control of aircraft is required. 

air dielectric capacitor—A capacitor with a 
dielectric consisting of air. 

airdrome control station—A station used for 
communication between an airport control tower and 
aircraft. 

air environment — In communications electronics, 
all airborne equipment that is part of the communications- 
electronics system, as distinguished from the equipment 
on the ground, which belongs to the ground environ- 
ment. 

air gap— 1. A nonmagnetic discontinuity in a fer- 
romagnetic circuit. For example, the space between the 
poles of a magnet—although filled with brass, wood, 
or any other nonmagnetic material —is nevertheless 
called an air gap. This gap increases magnetic reluc- 
tance and prevents saturation of the core. 2. The air 
space between two magnetically or electrically related 
objects. 

air/ground control radio station — An aeronauti- 
cal telecommunication station with the primary responsi- 
bility of handling communications related to the operation 
and control of aircraft in a given area. 

air/ground liaison code — Set of symbols for a 
limited number of words, phrases, and sentences used for 
communications between air and ground forces. 

air-motion transformer—A type of speaker in 
which the air is not pushed into vibration by a piston, but 
rather squeezed by the contractions of a folded diaphragm. 

air navigation radio aids — Aeronautical ground 
stations, radio beacons, direction finders, and similar 
facilities. 

airplane flutter rejection— The measure of a 
receiver’s immunity to the effects of wavering signals 
produced by aircraft in the reception path. 

airport beacon—A beacon (light or radio) to 
indicate the location of an airport. 

airport control station— A station that furnishes 
communications between an airport control tower and 
aircraft in the immediate vicinity; messages are limited 
to those related to actual aviation needs. 

airport radar control— The surveillance-radar por- 
tion of radar approach control. 

airport runway beacon—A radio-range beacon 
that defines one or more approaches to an airport. 

airport surface detection equipment — Abbrevi- 
ated ASDE. |. Radar that shows the movement of aircraft 
and other vehicles on the ground at an airport. Valu- 
able tool at night and during low visibility. 2. A digital 
radar system used to track planes and vehicles on airport 
runways and up to 200 feet in altitude. Unlike previous 
surface radar systems, ASDE provides clear images in bad 
weather. 

airport surveillance radar—1. Abbreviated ASR. 
A short-range radar system that maintains constant 
surveillance over aircraft at the lower levels of flight. Dis- 
tinct from air route surveillance radar (ARSR), which is 
long-range radar — 150-mile (241-km) radius —to con- 
trol traffic between terminals. 2. An air-traffic-control 
radar that scans the airspace 30 to 60 miles (48 to 98 km) 
around an airport and displays the location of ail aircraft 
below a certain altitude and all obstructions near the con- 
trol tower. 

air-position indicator — Airborne computing sys- 
tem that presents a continuous indication of aircraft posi- 
tion on the basis of aircraft heading, air speed, and elapsed 
time. 
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air-spaced coax— A coaxial cable in which air is 
basically the dielectric material. The conductor may be 
centered by means of a spirally wound synthetic filament, 
by beads, or by braided filaments. This construction is 
also referred to as an air dielectric. 

air surveillance — Systematic observation of airspace 
by electronic, visual, or other means, primarily to iden- 
tify and determine the movements of aircraft and missiles, 
friendly and enemy, in the airspace under observation. 

airtime — Time spent on a cellular phone, which is 
usually billed to the subscriber on a per-minute basis. 

air-to-ground communication — Transmission of 
radio signals from an aircraft to stations or other locations 
on the earth's surface, as differentiated from ground-to- 
air, air-to-air, or ground-to-ground communications. 

air-to-ground radio frequency —The frequency 
or band of frequencies agreed upon for transmission from 
an aircraft to an aeronautical ground station. 

air-to-surface missile — A missile designed to be 
dropped from an aircraft. An internal homing device or 
the aircraft’s radio guides it to a surface target. 

airwaves — Slang expression for radio waves used in 
radio and television broadcasting. 

alacritized switch — 1. A mercury switch treated to 
yield a low adhesional force between the rolling surface 
and mercury pool, resulting in a decreased differential 
angle. 2. A mercury switch in which the tendency of the 
mercury to stick to the mating parts has been reduced. 

alarm— A device that signals the existence of an 
abnormal condition by means of an audible or visible 
discrete change, or both, intended to attract attention. An 
alarm circuit produces or transmits an alarm signal. 

alarm condition— A threatening condition, such as 
an intrusion, fire, or holdup, sensed by a detector. 

alarm device —A device that signals a warning in 
response to an alarm condition, such as a bell, siren, or 
annunciator. 

alarm discrimination —The ability of an alarm 
system to distinguish between those stimuli caused by an 
intrusion and those which are a part of the environment. 

alarm hold—A means of holding an alarm once 
sensed. The typical magnetic trap does not hold or latch, 
and thus the reclosing of a trapped door resets the typical 
magnetic trap. A hold circuit applied to such a device 
indicates that the door has been opened and continues to 
so indicate until reset. 

alarm line —A wired electrical circuit used for the 
transmission of alarm signals from the protected premises 
to a monitoring station. 

alarm relay—aA relay, other than an annunciator, 
used to operate, or to operate in connection with, a visual 
or audible alarm. 

alarm state — The condition of a detector that causes 
a control unit in the secure mode to transmit an alarm 
signal. 

alarm system— An assembly of equipment and 
devices designated and arranged to signal the presence 
of an alarm condition requiring urgent attention, such as 
unauthorized entry, fire, temperature rise, etc. The system 
may sound a local warning or alert the police, a central 
station, or a proprietary service. 

albedo — The reflecting ability of an object. It is the 
ratio of the amount of light reflected compared with the 
amount received. 

ALG — Abbreviation for automatic level (volume) 
control. 1. A special compressor circuit included in some 
tape recorders for automatically maintaining the recording 
volume within the required limits regardless of changes in 
the volume of the sound. 2. A circuit that automatically 
maintains recording levels within permissible limits, so 
that, no matter how loud or soft the sound being recorded, 
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the signal on the tape will not get strong enough to over- 
modulate and distort or soft enough to be lost in noise. 
Also known as automatic volume control (AVC). 

Alexanderson alternator— An early mechanical 
generator used as a source of low-frequency power 
for transmission or induction heating. It is capable of 
generating frequencies as high as 200,000 hertz. 

Alexanderson antenna— A vif antenna consisting 
of a horizontal wire connected to ground at equally 
spaced points by vertical wires with base-loading coils; 
the transmitter is coupled to an end coil. 

Alford antenna — A square loop antenna comprising 
four linear sides with their ends bent inward so that 
capacitive loading is provided to equalize the current 
around the loop. 

algebraic adder— In a computer, an adder that 
provides the algebraic rather than arithmetic sum of the 
entered quantities. 

algebraic logic — A calculator mode that permits all 
calculations to be done in the order in which they are 
written. 

algebraic sum— The sum of two or more quanti- 
ties combined according to their signs. (Compare with 
arithmetic sum.) 

ALGOL— 1. An international problem language 
designed for the concise, efficient expression of arithmetic 
and logical processes and the control (iterative, etc.) of 
these processes. From algorithmic language. 2. A high- 
level language that has a context-free structure. 

algorithm — 1. A set of rules or processes for solving 
a problem in a finite number of steps (for example, a full 
statement of an arithmetic procedure for finding the value 
of sin x with a stated precision). See also procedure. 2. A 
series of equations, some of which may statc inequalities, 
that cause decisions to be made and the computational 
process to be altered based on these decisions. 3. A set 
of rules or directions for getting a specific output from a 
specific input. The distinguishing feature of an algorithm 
is that all vagueness must be eliminated; the rules must 
describe operations that are so simple and well defined 
they can be executed by a machine. Furthermore, an 
algorithm must always terminate after a finite number of 
steps. 4. An ordered sequence of mathematical steps that 
always produces the correct answer to a problem, though 
the solution may be more lengthy than necessary. 5. A set 
of well-defined procedures for the solution of a problem 
in a limited number of steps. Algorithms are implemented 
in a computer by a programmed sequence of instructions. 

algorithmically generated pattern — An array of 
digital data automatically generated by a predetermined 
software routine or program. 

algorithmic language — An arithmetic language by 
which a numerical procedure may be presented to a 
computer precisely and in a standard form. 

algorithmic pattern generation — Real-time gen- 
eration of input test patterns during test execution accord- 
ing to specified procedures, formulas, or algorithms. Also 
refers to procedures or algorithms used in automatic-test- 
generation software for specific fault sets. 

alias — An alternate label. For instance, a label and 
one or more aliases may be used to identify the same 
data element or point in a computer program. 

aliasing — 1. The introduction of error into the Fourier 
analysis of a discrete sampling of continuous data when 
components with frequencies too great to be analyzed 
with the sampling interval being used contribute to the 
amplitudes of lower-frequency components. 2. A phe- 
nomenon arising as a result of the sampling process in 
which high-frequency components of the original analog 
signal (whether information or noise) appear as lower fre- 
quencies in the sampled signal. Aliasing occurs when the 
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sampling rate is less than twice the highest frequency 
existing in the original analog signal. 3. Undesirable 
distortion component that can arise in digital audio 
equipment when the input signal’ s frequency exceeds one- 
half of the digital circuitry’s sampling rate. 4. The mis- 
taking of some object or situation for another, especially 
because of the way data is examined. Examples: movies 
of propellers and wagon wheels that seem to turn back- 
ward, musical notes that are wrongly analyzed by sequen- 
tial measurement (for instance, thought to be an octave 
too low), and, especially, “jaggies.” 5. Undesirable stair- 
step distortions in computer-generated images caused by 
improper sampling techniques. The most common effect 
is a jagged edge along object boundaries. 

aliasing noise—A distortion component that will 
be created if a sampled signal bandwidth is effectively 
greater than one-half the sampling rate. 

align — 1. To adjust the tuned circuits of a receiver 
or transmitter for maximum signal response. 2. To put 
into proper relative position, agreement, or coordination 
when placing parts of a photomask together or placing 
a photornask over an etched pattern in the oxide on 
a semiconductor wafer. 3. To adjust the tuning of a 
multistage device so that all stages are adjusted to the 
same frequency or so that they work together properly. 

aligned bundle — See coherent bundle. 

aligned-grid tube—A multigrid vacuum tube in 
which at least two of the grids are aligned one behind the 
other to give such effects as beam formation and noise 
suppression. 

alignment— |. The process of adjusting components 
of a system for proper interrelationship. The term is 
applied especially to (a) the adjustment of tuned circuits 
in a receiver to obtain the desired frequency response 
and (b) the synchronization of components in a system. 
2. In a tape recorder, the physical positioning of a tape 
head relative to the tape itself. Alignment in all respects 
must conform to rigid requirements in order for a recorder 
to function properly. 3. The accuracy or proper relative 
position of an image on a photomask with respect to an 
existing image on a substrate, as in a photoresist coating, 
or etched in the oxide of an oxidized silicon wafer. 4. A 
technique in the fabrication process of semiconductors 
by which a series of six to eight masks are successively 
registered to build up the various layers of a monolithic 
device. Each mask pattern rnust be accurately referenced 
to or aligned to all preceding mask patterns. 5. The 
accuracy of coordination or relative position of images 
on a semiconductor oxide coating and on the photomask, 
or any other images placed in relation to those. 

alignment chart— Also called nomograph, nomo- 
gram, or abac. Chart or diagram consisting of two or more 
lines on which equations can be solved graphically. This 
is done by laying a straightedge on the two known values 
and reading the answer at the point where the straightedge 
intersects the scale for the value sought. 

alignment pin — 1. A pin in the center of the base of 
a tube. A projecting rib on the pin ensures that the tube 
is correctly inserted into its socket. 2. Any pin or device 
that will ensure the correct malting of two components 
designed to be connected. 

alignment protractor— An instrument that indi- 
cates error in a pickup’s lateral alignment. It fits on the 
center spindle of the turntable, and the pickup stylus fits 
into a small hole on the device. The correct indication is 
shown when the angle of lateral movement of the pickup 
head is at 90° to the tangent of the groove at any point, 
although minimal tracking error is expected with most 
pickup arms. 

alignment tool —A special screwdriver or socket 
wrench used for adjusting trimmer or padder capacitors 
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or cores in tuning inductances. It is usually constructed 
partly or entirely of nonmagnetic material. See also 
neutralizing tool. 


SMALL 

Pa HEXAGONAL 27 

LARGER 

HEXAGONAL 

HEAOS 

~, SMALL Y SCREWDRIVER $u. SMALL 
HEXAGONAL TIP HEXAGONAL 

TIP (MADE OF METAL) HEAD 


Alignment tools. 


alive — 1. Electrically connected to a source of 
potential difference, or electrically charged to have a 
potential different from that of the earth. 2. Energized. 
3. Reverberant, as a room in which sound reflects and 
echoes. 

alive circuit —A circuit that is energized. 

alkali— A compound that forms hydroxyl ions when 
in aqueous solution. Also called a base. 

alkaline cell — 1. A primary cell, similar to the zinc- 
carbon cell, in which the negative electrode is granular 
zinc mixed with a potassium hydroxide (alkaline) elec- 
trolyte; the positive electrode is a polarizer in electrical 
contact with the outer metal can of the cell. A porous sep- 
arator divides the electrodes. This type of cell delivers a 
terminal potential of 1.5 volts and has a 50 percent to 100 
percent higher capacity than does a 1.5-volt zinc-carbon 
cell. Also called an alkaline-manganese cell. 2. A primary 
dry cell that has a very low internal resistance and high 
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service capacity. It is characterized by a relatively flat 
discharge curve under load. 

all-channel tuning — Ability of a television set to 
receive all assigned channels, VHF and UHF, channels 2 
through 83, as well as cable channels. 

all-diffused monolithic integrated circuit — 
Also called compatible monolithic integrated circuit. A 
microcircuit consisting of a silicon substrate into which 
all the circuit parts (both active and passive elements) are 
fabricated by diffusion and related processes. 

Allen screw — A screw having a hexagonal hole or 
socket in its head. Often used as a setscrew. 

Allen wrench —A straight or bent hexagonal rod 
used to turn an Allen screw. 

alligator clip — A spring-loaded metal clip with long, 
narrow meshing jaws similar to the jaws of an alligator; 
it is used for making temporary electrical connections, 
generally at the end of a test lead on interconnection wire. 
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allocate — In a computer, to assign storage locations 
to main routines and subroutines, thus fixing the absolute 
values of symbolic addresses. 

allocated channel— A channel assigned to a spe- 
cific user. 

allocated frequency band—A segment of the 
radio-frequency spectrum established by a competent 
authority that designates the use that may be made of 
the frequencies contained therein. 

allocated-use circuit—1. A circuit in which one 
or more channels have been allocated for the exclusive 
use of one or more services by a proprietary service; 
may be a unilateral or joint circuit. 2. Communication link 
specifically assigned to user(s) warranting such facilities. 

allocation technique — The method of providing a 
process access to a shared resource. 

allochromatic — Exhibiting photoelectric effects due 
to the inclusion of microscopic impurities or as a result 
of exposure to various types of radiation. 

allophone — A variation in the pronunciation of a 
phoneme. An allophone can be regarded as the sound 
that results when a phoneme is placed in its environment. 

allotter —In a telephone system, a distributor, asso- 
ciated with the finder control group relay assembly, that 
allots an idle linefinder in preparation for an additional 
call. 

allotter relay — In a telephone system, a relay of the 
linefinder circuit, the functions of which are to preallot 
an idle linefinder to the next incoming call from the line 
and to guard relays. 

allowable deviation —The permissible difference 
between any range of conditions and a reference con- 
dition. 

alloy— 1. A composition of two or more elements, of 
which at least one is a metal. It may be a solid solution, 
a heterogeneous mixture, or a combination of both. 
2. Method of making pn junctions by melting a metallic 
dopant so that it dissolves some of the semiconductor 
material and then hardens to produce a doped alloy. 

alloy deposition—The process of depositing an 
alloy on a substrate during manufacturing. 

alloy-diffused transistor— A transistor in which 
the base is diffused and the emitter is alloyed. The 
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collector is the semiconductor substrate into which 
alloying and diffusion are effected. 

alloyed contact— An ohmic contact formed by an 
alloy process. 

alloy junction—Also called fused junction. A 
junction produced by alloying one or more impurity 
metals to a semiconductor. A small button of impurity 
metal is placed at each desired location on the 
semiconductor wafer, heated to its melting point, and 
cooled rapidly. The impurity metal alloys with the 
semiconductor material to form a p or n region, depending 
on the impurity used. 

alloy-junction photocell— A photodiode in which 
an alloy junction is produced by alloying (mixing) an 
indium disc with a thin wafer of n-type germanium. 

alloy-junction transistor— Also called fused- 
junction transistor. A semiconductor wafer of p- or n-type 
impurities fused, or alloyed, into opposite sides of the 
wafer to provide emitter and base junctions. The base 
region comprises the original semiconductor wafer. 

alloy process — A fabrication technique in which 
a small part of the semiconductor material is melted 
together with the desired metal and allowed to recrys- 
tallize. The alloy developed is usually intended to form a 
pn junction or an ohmic contact. 

alloy transistor— A transistor in which the emitter 
and collector junctions are both alloy junctions. 

all-pass filter — A network designed to produce a 
delay (phase shift) and an attenuation that is the same 
at all frequencies; a lumped-parameter delay line. Also 
called all-pass network. 

all-pass network—A network designed to intro- 
duce phase shift or delay but not appreciable attenuation 
at any frequency. 

all-relay central office— An automatic central- 
office dial switchboard in which relay circuits are used 
to make the line interconnections. 

all-wave antenna—A receiving antenna suitable 
for use over a wide range of frequencies. 

all-wave receiver—aA receiver capable of receiv- 
ing stations on all the commonly used wavelengths in 
shortwave bands as well as in the broadcast band. 

alnico — An alloy consisting mainly of aluminum, 
nickel, and cobalt plus iron. Various subscripts and 
combinations of letters are available. Material can be 
found both in cast and sintered form, including isotropic 
and anisotropic alloys. Capable of very high flux density 
and magnetic retentivity, the alloy is used in permanent 
magnets for speakers, magnetrons, etc. 

alpha — 1. Emitter-to-collector current gain of a tran- 
sistor connected as a common-base amplifier. For a junc- 
tion transistor, alpha is less than unity, or 1. Alpha is 
usually defined as the ratio of a small change in collec- 
tor current to the corresponding change in emitter cur- 
rent, when the collector-base voltage is kept constant. 
2. Brain wave signals whose frequency is approximately 8 
to 12 Hz. The associated mental state is relaxation, height- 
ened awareness, elation, and in some cases, dreamlike. 

alphabet— An ordered set of all the letters and 
associated marks used in a language, for example, the 
Morse code alphabet, the 128 characters of the U.S. ASCII 
alphabet. 

alphabetic coding — A system of abbreviation used 
in preparing information for input into a computer. 
Information may then be reported in the form of letters 
and words as well as in numbers. 

alphabetic-numeric — Having to do with the alpha- 
betic letters, numerical digits, and special characters used 
in electronic data processing work. 

alphabetic string—A character string containing 
only letters and special characters. 
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alpha cutoff frequency — The frequency at which 
the current gain of a common-base transistor stage has 
decreased to 0.707 of its low-frequency value. Gives a 
rough indication of the useful frequency range of the 
device. 

alphameric (alphanumeric)—Generic term for 
alphabetic letters, numerical digits, and special characters 
that are machine processable. 

alphameric characters—1.A character set that 
mixes alphabetic characters, numeric characters, and usu- 
ally punctuation characters. The alphabetic characters may 
be uppercase and/or lowercase or even in Japanese or 
Arabic script. 2. Consisting of letters and numbers. Also 
called alphameric or alphanumeric. 

alphanumeric—1.A generic term for alphabetic 
letters, numerical digits, and special ASCII characters 
that can be processed by a computer. A character set 
containing any combination of the above. 2. Consisting 
of letters and numbers. 3. All letters in the alphabet, the 
numbers O through 9, and special characters — such as -, 
/, *.$, O, +, and #— that are machine processable. 

alphanumeric code —In computer practice or in 
communications, a code in which the letters of the 
alphabet are represented by numbers. 

alphanumeric display —Device consisting of a 
typewriter-style keyboard and a display (CRT) screen on 
which text is viewed. 

alphanumeric keys — Keys on a data entry device 
that resemble those on a standard keyboard. Usually they 
are used to manually input or edit text for the display 
system, although they can also be used in a function key 
mode. 

alphanumeric reader — An instrument that reads 
alphabetic, numeric, and special characters by means of 
a photosensor that measures the varying intensity of the 
characters reflected from a light source. 

alphanumeric readout— A type of digital readout 
that displays both letters and numerals. 

alpha particle — A small, electrically charged parti- 
cle thrown off at very high velocity by many radioactive 
materials, including uranium and radium. Identical to the 
aucleus of a helium atom, it 1s made up of two neutrons 
and two protons. Its electrical charge is positive and is 
equal in magnitude to twice that of an electron. 

alpha ray— A stream of fast-moving alpha particles 
that produce intense ionization in gases through which 
they pass, are easily abscrbed by matter, and produce 
a glow on a fluorescent screen. The lowest-frequency 
radioactive emissions. 

aipha system— A signaling system in which the 
signaling code to be used is designated by alphabetic 
characters. 

alpha-wave detector—A device that detects and 
displays alpha-wave segments of brain wave output. Used 
in biofeedback. Also called alpha-wave meter or sensor. 

alpha-wave meter — See alpha-wave detector. 

ALS — Abbreviation for advanced low-power Schot- 
tky (Texas Instruments). A low-power, high-speed 
transistor-transistor logic (TTL) family. 

alterable memory — A storage medium that may be 
written into. 

alteration switch — A manual switch on a computer 
console or a program-simulated switch that can be set on 
or off to control coded machine instructions. 

alternate charinel— A channel located two chan- 
nels above or below the reference channel. 

alternate-channel interference — Interference 
caused in One communication channel by a transmitter 
operating in the channel after an adjacent channel. See 
also second-channel interference. 


alternate facility— A communications-electronics 
facility that is established for the purpose of replacing 
or supplementing another facility or facilities under real 
or simulated emergency conditions. 

alternate frequency — The frequency assigned for 
use at a Certain time, or for a certain purpose, to replace 
or supplement the frequency normally used. 

alternate mode—A means of displaying on an 
oscilloscope the output signals of two or more channels 
by switching the channels, in sequence, after each sweep. 

alternate route or routing—A secondary or 
backup communications path to be used if the normal 
(primary) routing is not possible. 

alternate voice/data operation — Modem opera- 
tions coordinated by voice over the same line that accom- 
modates transmission. The modem is patched out of the 
circuit to allow this. A special switch, called an exclusion 
key, converts the line from voice to data. 

alternating-charge characteristic — The func- 
tion relating, under steady-state conditions, the instanta- 
neous values of the alternating component of transferred 
charge to the corresponding instantaneous values of a 
specified periodic voltage applied to a nonlinear capacitor. 

alternating current— Abbreviated ac. 1. A flow 
of electricity that reaches maximum in one direction, 
decreases to zero, then reverses itself and reaches max- 
imum in the opposite direction. The cycle is repeated 
continuously. The number of such cycies per second is 
the frequency. The average value of voltage during any 
cycle is zero. 2. Any signal that varies with time. It usu- 
ally means that the current actually changes polarity with 
time. The plot of current versus time usually is a sine 
wave that comprises a succession of instantaneous val- 
ues, the greatest of which is the amplitude or peak value. 
The time taken by one complete cyclic repetition is the 
period, and the number of periods in one second is the 
frequency. 
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alternating current/direct current—-A term 
applied to electronic equipment indicating it is capable 
of operation from either an alternating-current or direct- 
current primary power source. 

alternating-current erasing head — An erasing 
head used in magnetic recording, in which alternating 
current produces the magnetic field necessary for erasing. 
Alternating-current erasing is achieved by subjecting the 
medium to a number of cycles of a magnetic field 
of a decreasing magnitude. The medium is, therefore, 
essentially magnetically neutralized. 

alternating-current generator — A rotary machine 
that generates alternating current when its rotor, which 
may be either the armature or the field, is rotated by an 
engine or a motor. Also called an alternator. 

alternating-current pulse — An alternating-current 
wave of brief duration. 

alternating-current transmission — In television, 
that form of transmission in which a fixed setting of the 
controls makes any instantaneous value of signal corre- 
spond to the same value of brightness only for a short 
time. 
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alternating flasher—-A control that provides volt- 
age first to one load and then to another load. This cycle 
repeats normally at a fixed rate per minute. 

alternating quantity — A periodic quantity that has 
alternately positive and negative values, the average value 
of which is zero over a complete cycle. 

alternating voltage — Also called ac voltage. Volt- 
age that is continually varying in value and reverses its 
direction at regular intervals, such as that generated by an 
alternator or developed across a resistance or impedance 
through which alternating current is flowing. 

alternation —-One-half of a cycle — either when an 
alternating current goes positive and returns to zero, 
or when it goes negative and returns to zero. Two 
alternations make one cycle. The complete rise and fall 
of a current traveling in one direction, or one-half of an 
alternating-current cycle. 

alternator—A device for converting mechanical 
energy into electrical energy in the form of an alternating 
current. 

alternator transmitter—A radio transmitter that 
generates power by means of a radio-frequency alternator. 

altimeter — An instrument that indicates the altitude 
of an aircraft above a specific reference level, usually sea 
level or the ground below the aircraft. It may be similar 
to an aneroid barometer, which utilizes the change of 
atmospheric pressure with altitude, or it may be electronic. 

altimeter station—An airborne transmitter, the 
emissions from which are used to determine the altitude 
of an aircraft above the surface of the earth. 

altitude delay—The synchronization delay intro- 
duced between the time of transmission of the radar pulse 
and the start of the trace on the indicator. This is done to 
eliminate the altitude circle on the plan-position-indicator 
display. 

ALU — Abbreviation for arithmetic and logic unit. 
1. A device that performs the basic mathematical oper- 
ations such as addition, subtraction, multiplication, and 
division of numbers (usually binary) presented to its 
inputs and provides an output that is an appropriate func- 
tion of the inputs, 2. The arithmetic and logic unit inter- 
nal to the microprocessor chip. This register handles all 
arithmetic and logical operations carried out as part of 
a microprocessor instruction. 3. The part of a CPU that 
executes adds, subtracts, shifts, AND logic operations, 
OR logic operations, etc. 4, A complex array of gates 
that can be used to perform binary arithmetic, logic oper- 
ations, shifts and rotates, and complementing. 5. One of 
the three essential components of a microprocessor, the 
other two being data registers and control. The ALU per- 
forms addition and subtraction, logic operations, masking, 
and shifting (multiplication and division). 

alumina — 1. A ceramic used for insulators in elec- 
tron tubes or substrates in thin-film circuits. It can with- 
stand continuously high temperatures and has a low 
dielectric loss over a wide frequency range. Aluminum 
oxide (AL,03). 2. The substrate material on which are 
deposited thin conductive and resistive layers for thin-film 
microwave integrated circuits. 

aluminized-screen picture tube — A cathode-ray 
picture tube that has a thin layer of aluminum deposited on 
the back of its fluorescent surface to improve the brilliance 
of the image and also prevent ion-spot formation. 

aluminizing —The process of applying a film of 
aluminum to a surface, usually by evaporation in a 
vacuum. 

aluminum-electrolytic capacitor —A capacitor 
with two aluminum electrodes (the anode has the oxide 
film) separated by layers of absorbent paper saturated 
with the operating electrolyte. The aluminum-oxide film 
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or dielectric is repairable in the presence of an operating 
electrolyte. 

aluminum-steel conductor — A composite con- 
ductor made up of a combination of aluminum and steel 
wires. In the usual construction, the aluminum wires sur- 
round the steel. 

alumoweld — A thin coating of aluminum fused to a 
steel core. Used in line wire and cable messengers. 

AM — See amplitude modulation. 

amateur — Also called a ham. |. A person licensed to 
operate radio transmitters as a hobby. Any amateur radio 
operator. 2. A nonprofessional, usually noncommercial, 
devotee of any technology (as a hobby). 

amateur band — Any one of several radio frequency 
bands assigned for noncommercial use by licensed radio 
amateurs. In the United States, there are twelve such 
bands between 1.80 MHz and 1.3 GHz. Assignments are 
made by the Federal Communications Commission. 

amateur call letters—Call letters and numbers 
assigned to amateur stations by the licensing authority. 
Call-letter combinations consist of a letter prefix denoting 
the country in which the station is situated, plus a number 
designating the location within the country, and two or 
more letters identifying the particular station. Example: 
K2ABC (K or W = United States, 2 = New York, and 
ABC = identification of individual licensee issued alpha- 
betically except for special circumstances). 

amateur extra license — A license issued by the 
FCC to amateur radio operators who are able to send 
and receive Morse code at the rate of 20 words per 
minute and who are familiar with general, intermediate, 
and advanced radio theory and practice. Its privileges 
include all authorized amateur rights and the exclusive 
rights to operate on certain frequencies. 

amateur radio — The practice of operating electronic 
communications equipment as a hobby in the amateur 
service. Also refers to the equipment used for this 
purpose. 

amateur radiocommunication — Noncommercial 
radiocommunication by or among radio stations solely 
with a personal aim and without pecuniary or business 
interest. 

amateur radio license — The instrument of autho- 
rization issued by the Federal Communications Commis- 
sion, comprised of a station license and, in the case of the 
primary station, incorporating an operator license. 

amateur radio operation — Radiocommunication 
conducted by an amateur radio operator from an amateur 
radio Station. 

amateur radio operator — 1. A person interested 
in radio technique solely with a personal aim and without 
pecuniary interest, and holding a valid Federal Commu- 
nications Commission license to operate amateur radio 
stations. 2. A private citizen who operates electronic com- 
munications equipment as a hobby. 

amateur radio service—. A radiocommunication 
service of self-training, intercommunication, and technical 
investigation carried on by amateur radio operators, 

amateur service— A radiocommunication service 
that licensed operators with no pecuniary interest use 
for self-training, communication, and technical investiga- 
tions. 

amateur station — A radio transmitting station oper- 
ated by one or more licensed amateur operators. 

amateur-station call letters —See amateur call 
letters. 

ambience — |. Reverberant or reflected sound that 
reaches a listener’s ear from all directions as sound 
waves “bounce” successively off the various surfaces of 
a listening area—the walls, ceiling, etc. The term is 
usually reserved for large areas such as auditoriums and 


21 


concert halis, though home listening-rooms have their 
own ambience effects. 2. The indirect sounds heard in 
a concert hall or other large listening area that contribute 
to the overall auditory effect obtained when listening to 
live performances. 

ambient — Surrounding. The surrounding environ- 
ment coming into contact with the system or component 
in question. See also ambient noise; ambient temperature. 

ambient level —The level of interference emanating 
from sources other than the test sample, such as inherent 
noise of the measuring device and extraneous radiated 
fields. 

ambient light — Normal room light. Light existing 
in a room or other location that is characteristic of the 
environment. 

ambient-light filter— A filter used in front of a 
television picture-tube screen to reduce the amount of 
ambient light reaching the screen and to minimize the 
reflections of light from the glass face of the tube. 

ambient lighting—Lighting designed to provide 
a substantially uniform level of illumination throughout 
an area, exclusive of any provision for special local 
requirements. 

ambient noise—1. Acoustic noise in a room 
or other location. Usually measured with a sound- 
level meter. The term room noise commonly designates 
ambient noise ai a telephone station. 2. Unwanted back- 
ground noise picked up by a microphone, that is, any 
extraneous clatter in a room. Also any acoustic coloration 
that influences sounds, brought about by the acoustic 
properties of a room in which a recording is being made 
or replayed. 3. Interference present (in a communication 
line) at all times. 4. Background electrical noise in elec- 
trical measurements and operation. 

ambient operating temperature — The temper- 
ature of the air surrounding an object, neglecting small 
localized variations. 

ambient pressure — The general surrounding atmo- 
spheric pressure. 

ambient temperature — 1. Temperature of air or 
liquid surrounding any electrical part or device. Usually 
refers to the effect of such temperature in aiding or 
retarding removal of heat by radiation and convection 
from the part or device in question. 2. The prevailing 
temperature in the immediate vicinity of an object; the 
temperature of its environment. 3. A temperature within 
a given volume, e.g., a room or building. 

ambient temperature range — The range of envi- 
ronmental temperatures in the vicinity of a component or 
device over which it may be operated safely and within 
specifications. For forced-air cooled operation, the ambi- 
ent temperature is measured at the air intake. 

ambiguity — 1. An undesirable tendency of a synchro 
or servo system to seek a false null position in addition to 
the proper null position. 2. Inherent error resulting from 
multiple-bit changes in a polystropic code. (Proper logic 
design prevents such errors.) 

ambiguous count— A count on an electronic scaler 
that is obviously impossible. 

ambisonic reproduction — The recreation of the 
ambience of an original recording situation with associ- 
ated directionality. Sound from every direction is picked 
up by a tetrahedral microphone array and is then encoded 
onto two channels, which, upon decoding, produce sound 
through several speakers in a continuous range of direc- 
tions around the listener, thus approximating the original. 
It can be subdivided into periphonic and pantophonic 
systems, the former concerning a complete sphere of 
information, the latter relating to a horizontal circle. Pan- 
tophonic reproduction does not distinguish vertical direc- 
tionality, but still achieves remarkable realism. 
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AM broadcast channel — Any of the 10-kHz wide 
bands of radio frequencies, which extend from 530 to 
1710 kHz and are used for standard amplitude-modulated 
radio broadcasts. 

American Institute of Electrical Engineers 
(AIEE) — Now merged with IRE to form the IEEE. 

American Morse code—A system of dot-and- 
dash signals originated by Samuel F. B. Morse and still 
used to a limited extent for wire telegraphy in North 
America. It differs from the international Morse code used 
in radiotelegraph transmission. 

American National Standards institute, inc. — 
Abbreviated ANSI. An independent, industry-wide asso- 
ciation that establishes standards for the purpose of pro- 
moting consistency and interchangeability among the 
products of different manufacturers. Formerly United 
States of America Standards Institute (USASI) and Amer- 
ican Standards Association (ASA). 

American Radio Relay League (ARRL)— An 
organization of amateur radio operators. 

American Standards Association — Abbreviated 
ASA. See American National Standards Institute, Inc. 

American wire gage (AWG) — The standard sys- 
tem used for designating wire diameter. Gage sizes range 
from No. 40, the smallest diameter wire, to No. 4/0, the 
largest. AWG sizes are used for specifying both solid and 
stranded wire. Gage numbers have an inverse relationship 
to size, 1.€., larger numbers have smaller diameter. 


American wire gage (AWG) 


Diameter diameter 
AWG (mm) AWG (mm) 


| 7.35 21 0.723 
2 6.54 22 0.644 
3 9.83 23 0.573 
4 5.19 24 0.511 
5 4.62 25 0.455 
6 412 26 0.405 
1 3.67 27 0.361 
8 3.26 28 0.321 
9 2.91 29 0.283 
10 2.09 30 0.255 
11 2.31 31 0.227 
12 2.05 32 0.202 
13 1.83 33 0.180 
14 1.63 34 0.160 
15 1.45 35 0.143 
16 1.29 36 0.127 
17 1.15 37 0.113 
18 1,02 38 0.101 


AM/FM receiver — A device capable of converting 
either amplitude- or frequency-modulated signals into 
audio frequencies. 

AM/FM tuner—A device capable of converting 
either amplitude- or frequency-modulated signals into 
low-level audio frequencies. 

AML — Abbreviation for automatic modulation limit- 
ing. A circuit that uses an agc (automatic gain control) 
effect to prevent overmodulation. As a stronger voice 
signal is applied, this stage reduces the gain of the 
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audio amplifier(s), keeping the modulation level below 
100 percent. 

ammeter — An instrument for measuring either direct 
or alternating electric current. Its scale is usually gradu- 
ated in amperes, milliamperes, microamperes, or kiloam- 
peres. 

ammeter shunt — A low-resistance conductor placed 
in parallel with the meter movement so that most of the 
current flows through this conductor and only a small 
part passes through the movement itself. This arrangement 
extends the usable range of the meter. 
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amorphous —A characteristic, particularly of a crys- 
tal, determining that it has no regular structure. 

amorphous silicon—.A noncrystalline form of 
silicon used to fabricate transistors on large-area flat 
displays. Although it is not as good a semiconductor as 
crystalline silicon, amorphous silicon is much easier to 
lay down. 

amorphous silicon cell — A photovoltaic cell made 
of silicon and hydrogen atoms deposited in an irregular 
atomic structure on substrate. 

amortisseur winding — See damper winding. 

amp — Abbreviation for ampere. 

ampacity — The maximum current an insulated wire 
or cable can safely carry without exceeding either the 
insulation or jacket material limitations. Expressed in 
amperes. See also current-carrying capacity. 

amperage — The number of amperes flowing in an 
electrical conductor or circuit. 

ampere — Letter symbol: A. 1. A unit of electrical 
current or rate of flow of electrons. One volt across 1 ohm 
of resistance causes a current flow of 1 ampere. A flow 
of | coulomb per second equals | ampere. An unvarying 
current is passed through a solution of silver nitrate of 
standard concentration at a fixed temperature. A current 
that deposits silver at the rate of 0.001118 gram per sec- 
ond is equal to 1 ampere, or 6.25 x 101 electrons per 
second passing a given point in a circuit. 2. The con- 
stant current which, if maintained in two straight parallel 
conductors of infinite length, of negligible circular sec- 
tions, and placed 1 meter apart in a vacuum will produce 
between these conductors a force equal to 2 x 1077 new- 
tons per meter of length. 

ampere-hour — A current of 1 ampere flowing for 
1 hour. Multiplying the current in amperes by the time 
of flow in hours gives the total number of ampere- 
hours. Used mostly to indicate the amount of energy a 
storage battery can deliver before it needs recharging, or 
the energy a primary battery can deliver before it needs 
replacing. One ampere-hour equals 3600 coulombs. 

ampere-hour capacity — The amount of current a 
battery can deliver in a specified length of time under 
specified conditions. For example, a 100-ampere-hour 
battery can supply 20 amperes for 5 hours. 

ampere-hour efficiency — The number of ampere- 
hours obtained from a storage battery divided by the 
number of ampere-hours required to recharge the storage 
battery to its original condition. 
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ampere-hour meter—An electrical meter that 
measures and registers the amount or the integral, with 
respect to time, of the current that passes through it and 
is consumed in the circuit. 

Ampére's rule-—Current in a certain direction is 
equivalent to the motion of positive charges in that 
direction. The magnetic flux generated by a current in 
a wire encircles the current in the counterclockwise 
direction when the current is approaching the observer. 

ampere-turn—A measure of magnetomotive force, 
especially as developed by an electric current, defined 
as the magnetomotive force developed by a coil of one 
turn through which a current of 1 ampere flows; that is, 
1.26 gilberts. 

amp-hr— Abbreviation for ampere-hour or ampere- 
hours. 

amplidyne — A special direct-current generator used 
extensively in servo systems as a power amplifier. The 
response of its output voltage to changes in field excitation 
is very rapid, and its amplification factor is high. 
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Amplidyne. 


amplification — 1. Increase in size of a medium in its 
transmission from one point to another. May be expressed 
as a ratio or, by extension of the term, in decibels. 2. An 
increase in the magnitude of a signal brought about by 
passing through an amplifier. 

amplification factor (1) — 1. In a vacuum tube, the 
ratio of a small change in plate voltage to a small change 
in grid voltage required to produce the same change in 
plate current (all other electrode voltages and currents 
being held constant). 2. In any device, the ratio of output 
magnitude to input magnitude. 

amplified AGG — An automatic gain-control (AGC) 
circuit in which the control voltage is amplified before 
being applied to the tube or transistor, the gain of which 
is to be controlled in accordance with the strength of the 
incoming signal. 

amplified back bias — Degenerative voltage devel- 
oped across a fast time-constant circuit within a stage of 
an amplifier and fed back into a preceding stage. 

amplifier—1.A device that draws power from a 
source other than the input signal and that produces 
as an output an enlarged reproduction of the essential 
features of its input. The amplifying element may be 
an electron tube, transistor, magnetic circuit, or any of 
various devices. 2. A device for increasing the magnitude 
of a signal by means of a varying control voltage, 
maintaining the signal’s characteristic form as closely 
as possible to the original. 3. An electronic device for 
magnifying (and usually controlling) electrical signals. 
High-fidelity amplifiers consist of a preamplifier equalizer 
section, plus a power or basic amplifier section. In an 
integrated amplifier, both sections are built on one chassis 
and made available as a single unit. Alternately, the two 
sections are available as separate units. 4. Device for 
increasing power associated with a signal (voltage or 


CHAPTER 5 = THE COZY CORNER LAB 


106 


Figure 5-1. A workstation that has been in continuous use for several years. Not much planning went into 
the original organization of this work area. Such a space can often accumulate flotsam and jetsam that 
might have at one time seemed appropriate, but now just competes for precious space. The effective work 
area is down to only a few dozen square inches! This limits the scope of projects that can be comfortably 
undertaken. It also causes unnecessary delays in rooting around for tools and parts. It's not pretty and it’s 
not safe. 


Where to begin? Like any other project, this big project is made up of many smaller projects, none of 
which are especially difficult, if approached in the right order and with the right attitude. 

If you’re starting from scratch with your electronics lab and don’t want to wade through this mess, 
jump on over to the “Adding a Power Source” section of this chapter. 


Science to the Rescue! 


Let's use the science of taxonomyto help break down this task into smaller, more manageable jobs. 
Taxonomy comes from the Greek words for “arrangement” (taxis) and “method” (nomia). That sound 
like exactly what is needed here! An “arrangement method” would assist in building up a plan for 
attacking this project. 


Tip Method plus rigor equals success! Have a plan, pursue it with determination, and you will succeed. 
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current). Basic types include dc, ac, audio, linear, radio, 
video, differential, pulse, logarithmic, 

amplifier noise — All spurious or unwanted signals, 
random or otherwise, that can be observed in a completely 
isolated amplifier in the absence of a genuine input signal. 

amplifier nonfinearity—1. The inability of an 
amplifier to produce an output at all times proportion- 
ate to its input. 2. Gain deviation from a straight line on 
a plot of amplifier output versus input (the transfer curve). 

amplify — To increase in magnitude or strength, usu- 
ally said of a current or voltage. 

amplifying delay line— A delay line used in 
pulse-compression systems to amplify delayed superhigh- 
frequency signals. 

amplistat — A self-saturating type of magnetic ampli- 
fier. 

Amplitron — (Raytheon) A broadband crossed-field 
amplifier with a reentrant electron stream. The electron 
stream interacts with the backward wave of a nonreentrant 
rf structure. 

amplitude — 1. The magnitude of variation in a 
changing quantity from its zero value. The word must 
be modifed with an adjective such as peak, rms, max- 
imum, etc., which designates the specific amplitude in 
question. 2. The level of an audio or other signal in volt- 
age or current terms. 3. The extent to which an alternating 
or pulsating current or voltage swings from zero or from 
a mean value. 

amplitude-controlled rectifier — A rectifier cir- 
cuit in which a thyratron is the rectifying element. 

amplitude density distribution — A function that 
gives the fraction of time that a voltage is within a narrow 
range. 

amplitude distortion — Distortion that is present 
in an amplifier when the amplitude of the output signal 
faiis to follow exactly any increase or decrease in the 
amplitude of the input signal. It results from nonlinearity 
of the transfer function and gives rise to harmonic and 
intermodulation distortion. No amplifier is completely free 
from the effect because its transfer function is slightly 
curved. The nature of the curyature determines the order 
of the distortion produced, but negative feedback and 
other circuit configurations help minimize the curvature 
within the dynamic range and hence keep the distortion 
at a very low level. 

amplitude distribution function — A function that 
gives the fraction of time that a time-varying voltage is 
below a given level. 

amplitude fading — Fading in which the amplitudes 
of all frequency components of a modulated carrier wave 
are uniformly attenuated. 

amplitude-frequency distortion — The distortion 
that occurs when the various frequency components 
of a complex wave are not amplified, attenuated, or 
transmitted equally well. 

amplitude-frequency response — The variation 
of gain, loss, amplification, or attenuation of a device or 
system as a function of frequency. Usually measured in 
the region where the transfer characteristic is essentially 
linear. 

amplitude gate — See slicer. 

amplitude-level selection — The choice of the 
voltage level at which an oscilloscope sweep is triggered. 

amplitude limiter — A circuit or stage that automat- 
ically reduces the amplification to prevent signal peaks 
from exceeding a predetermined level. 

amplitude-modulated transmitter — A transmit- 
ter in which the amplitude of its radio-frequency wave 
is varied at a low frequency rate —usually in the audio 
or video range. This low frequency is the intelligence 
(information) to be conveyed. 
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Amplitude-modulated transmitter. 


amplitude-modulated wave— A constant-freq- 
uency waveform in which the amplitude varies in step 
with the frequency of an impressed signal. 

amplitude modulation — Abbreviated AM. 1. Mo- 
dulation in which the amplitude of a wave is the charac- 
teristic subject to variation. Those systems of modulation 
in which each component frequency (f) of the transmit- 
ted intelligence produces a pair of sideband frequencies 
at carrier frequency plus f and carrier frequency minus 
f. In special cases, the carrier may be suppressed; either 
the lower or upper sets of sideband frequencies may be 
suppressed; the lower set of sideband frequencies may be 
produced by one or more channels of information. The 
carrier may be transmitted without intelligence-carrying 
sideband frequencies. The resulting emission bandwidth 
is proportional to the highest frequency component of 
the intelligence transmitted. 2. A process in which the 
program information is imposed on a carrier signal of con- 
stant frequency by varying its amplitude in proportion to 
program level. Used on the standard broadcast band (530 
to 1710 kHz) and on long-wave and shortwave bands. 
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amplitude-modulation noise level — Undesired 
amplitude variations of a constant radio-frequency signal, 
especially in the absence of any intended modulation. 

amplitude noise — The effect on radar accuracy of 
the fluctuations in amplitude of the signal returned by the 
target. These fluctuations are caused by any change in 
aspect 1f the target 1s not a point source. 

amplitude of noise — When impulse-type noise is 
of random occurrence and so closely spaced that the 
individual waveshapes are not separated by the receiv- 
ing equipment, then the noise has the waveshape and 
characteristics of random noise. Random-noise amplitude 
is proportional to the square root of the bandwidth. If 
the impulses are separated, the noise no longer has the 
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waveshape of random noise and its amplitude 1s directly 
proportional to the bandwidth of the transmission system. 

amplitude permeability — The relative permeabil- 
ity at a stated value of field strength and understated con- 
ditions, the field strength varying periodically with time 
and no direct magnetic-field component being present. 

amplitude range— The ratio, usually expressed 
in decibels, between the upper and lower limits of 
program amplitudes that contain all significant energy 
contributions. 

amplitude resonance — The condition that exists 
when any change in the period or frequency of the 
periodic agency (but not its amplitude) decreases the 
amplitude of the oscillation or vibration of the system. 

amplitude response — The maximum output ampli- 
tude that can be obtained at various points over the 
frequency range of an instrument operated under rated 
conditions. 

amplitude selection — The process of selecting that 
portion of a waveform which lies above or below a given 
valuc or between two given values. 

amplitude separator—aA television-receiver cir- 
cuit that separates the control impulses from the video 
signal. 

amplitude-shift keying — Abbreviated ask. The 
modulation of digital information on a carrier by changing 
the amplitude of the carrier. 

amplitude-suppression ratio — In frequency mod- 
ulation, the ratio of the magnitude of the undesired output 
to the magnitude of the desired output of an FM receiver 
when the applied signal is simultaneously amplitude and 
frequency modulated. Generally measured with an applied 
signal that is amplitude modulated 30 percent at a 400- 
hertz, rate and is frequency modulated 30 percent of the 
maximum system deviation at a 1000-hertz rate. 

amplitude versus frequency distortion — Distor- 
tion caused by the nonuniform attenuation or gain of the 
system, with respect to frequency under specified terminal 
conditions. 

AM rejection ratio—The ratio of the recovered 
audio output produced by a desired FM signal with 
specified modulation, amplitude, and frequency to that 
produced by an AM signal, on the same carrier, with 
specified modulation index. 

AM suppression —The ability of an FM tuner to 
reject AM signals. Expressed in decibels, it is the ratio 
between the tuner output with a 100-percent modulation 
FM signal to its outpul with a 30-percent modulated AM 
signal. 

AM tuner — A device capable of converting amplitude- 
modulated signals into low-level audio frequencies. 

amu — Abbreviation for atomic mass unit. 

analog — |. In electronic computers, a physical sys- 
tem in which the performance of measurements yields 
information concerning a class of mathematical problems. 
2. Of or pertaining to the general class of devices or cir- 
cuits in which the output varies as a continuous function 
of the input. 3. The representation of numerical quantities 
by means of physical variables, e.g., translation, rotation, 
voltage, resistance; contrasted with digital. 4. A continu- 
ous representation of phenomena in terms of points along 
a scale, each point merging imperceptibly into the next. 
An analog voltage, for example, may take any value. Real- 
world phenomena, such as heat and pressure, are analog 
(compare with digital). 

analog adder— An analog circuit or device that 
receives two or more inputs and delivers an output that is 
equal to their sum. 

analog amplifier—A device whose output is con- 
tinuously proportional to the input stimulus. 
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analog channel — A computer channel in which the 
transmitted information can have any value between the 
defined limits of the channel. 

analog circuit —A circuit in which the output varies 
as a continuous function of the input, as contrasted with 
digital circuits. 

analog communications —A system of telecom- 
munications employing a nominally continuous electrical 
signal that varies in frequency, amplitude, etc., in some 
direct correlation to nonelectrical information (sound, 
light, etc.) impressed on a transducer. 

analog computer — 1. A computer operating on the 
principle of creating a physical (often electrical) anal- 
ogy of the mathematical problem to be solved. Variables 
such as temperature, light, pressure, distance, angle, shaft 
speed, or flow are represented by the magnitude of a phys- 
ical phenomenon such as voltage or current. The computer 
manipulates these yariables in accordance with the mathe- 
matical formulas “analogued” on it. 2, A computer system 
in which both the input and output are continuously vary- 
ing signals. 3. A computing machine that works on the 
principle of measuring, as distinguished from counting. 
4. A computer that solves problems by setting up equiva- 
lent electric circuits and making measurements as the vari- 
ables are changed in accordance with the corresponding 
physical phenomena. An analog computer gives approx- 
imate solutions, whereas a digital computer gives exact 
solutions. 5. A nondigital computer that manipulates lin- 
ear (continuous) data to measure the effect of a change in 
one variable on all other variables in a particular problem. 
(Compare: digital computer.) 

analog computing — Computing system in which 
continuous signals represent mechanical (or other) param- 
eters. 

analog data— 1. A physical representation of infor- 
mation such that the representation bears an exact rela- 
tionship to the original information. The electrical signals 
on a telephone channel are an analog data representation 
of the original voice. 2. Data represented in a continu- 
ous form, as contrasted with digital data represented in a 
discrete (discontinuous) form. Analog data is usually rep- 
resented by physical variables, such as yoltage, resistance, 
rotation, etc. 

analog input module —An I/O rack module that 
converts an analog signal from a user device to a digital 
signal that may be processed by the processor. 

analog meter—An indicating instrument that 
employs a movable coil and pointer arrangement (or 
equivalent) to display values along a graduated scale. 

analog multiplexer—1. Circuit used for time- 
sharing of analog-to-digital converters between a number 
of different analog information channels. Consists of a 
group of analog switches arranged with inputs connected 
to the individual analog channels and outputs connected in 
common. 2. Two or more analog switches with separate 
inputs and a common output, with each gate separately 
controllable. Multiplexing is performed by sequentially 
turning on each switch one at a time, switching each indi- 
vidual input to a common output. 3. A device that selects 
one of several analog signals according to a digital code. 
Analog multiplexers (amux) are available in many forms; 
their chief application is as a front end in data-acquisition 
systems, enabling a single analog-to-digital converter to 
monitor more than one information channel. 

analog network — A circuit or circuits that represent 
physical variables in such a manner as to permit the 
expression and solution of mathematical relationships 
between the variables, or to permit the solution directly 
by electric or electronic means. 
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analog output— 1. A signal (voltage) whose ampli- 
tude is continuously proportionate to the stimulus, the pro- 
portionality being limited by the resolution of the device. 
2. An output quantity that varies smoothly over a contin- 
uous range of values rather than in discrete steps. 

analog panel meter— See APM. 

analog recording—A method of recording in 
which some characteristic of the record current, such as 
amplitude or frequency, is continuously varied in a man- 
ner analogous to the time variations of the original signal. 

analog representation— A representation that 
does not have discrete values, but is continuously vari- 
able. 

analog signal — |. An electrical signal that varies 
continuously in both time and amplitude, as obtained 
from temperature or pressure, or speed transducers, A 
voltage level that changes in proportion to the change in 
a physical variable. 2. A signal representing a variable 
that may be continuously observed and continuously 
represented. 

analog switch— 1. A device that either transmits 
an analog signal without distortion or completely blocks 
it. 2. Any solid-state device, with or without a driver, 
capable of bilaterally switching voltages or current. It has 
an input terminal, output terminal, and, ideally, no offset 
voltage, low on resistance, and extreme isolation between 
the signal being gated and control signals. 3. A means to 
interconnect two or more circuits whose information is 
represented in analog form using a network that may or 
may not be time divided and may or may not consist of 
linear elements. 

analog-to-digital conversion — 1. The process of 
converting a continuously variable (analog) signal to a 
digital signal (binary code) that is a close approximation 
of the original signal. 2. The process of quantizing a 
continuous function. 

analog-to-digital converter— Abbreviated a-d 
converter, adc, or ADC. 1. A circuit that changes a con- 
tinuously varying voltage or current (analog) into a digital 
output. The input may be ac or dc, and the output may 
be serial or parallel, binary or decimal. 2. Device that 
translates analog signals (voltages, pressures, etc.) from 
sensors into numerical digital form (binary, decimal, etc.). 
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Analog-to-digital converter. 


analog transmission — Transmission of a contin- 
uously variable signal as opposed to a discretely vari- 
able one. 

analog value — A continuously variable value, such 
as a current or voltage. 
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Analytical Engine — An early form of general- 
purpose digital computer invented in 1833 by Charles 
Babbage. 

analyzer— 1. An instrument or other device designed 
to examine the functions of components, circuits, or 
systems and their relations to each other, as contrasted 
with an instrument designed to measure some specific 
parameter of such a system or circuit. 2. Of computers, 
a routine the purpose of which is to analyze a program 
written for the same or a different computer. This analysis 
may consist of summarizing instruction references to 
storage and tracing sequences of jumps, 3. An instrument 
that evaluates and/or measures one or more specific 
parameters (e.g., voltage, current, frequency, logic level, 
bit time, distortion). 4. A test assembly that checks 
the performance of, or locates trouble in, electronic 
equipment. Also called test set and tester. 

anastigmat— A lens system designed so as to be 
free from the aberration called astigmatism. 

anchor — An object, such as a metal rod, set into the 
ground to hold the end of a guy wire. 

ancillary equipment— Equipment not directly 
employed in the operation of a system but necessary for 
logistic support, preparation for flight, or assessment of 
target damage; e.g., test equipment, vehicle transport. 

AND circuit — Synonym for AND gate. 

AND device —A device that has its output in the 
logic 1 state if and only if all the control signals are in 
the logic | state. 

Anderson bridge— A bridge normally used for 
the comparison of self-inductance with capacitance. It 
is a six-branch network in which an outer loop of four 
arms is formed by four nonreactive resistors and the 
unknown inductor, An inner loop of three arms is formed 
by a capacitor and a fifth resistor in series with each 
other and in parallel with the arm opposite the unknown 
inductor. The detector is connected between the junction 
of the capacitor and the fifth resistor and at that end of 
the unknown inductor separated from a terminal of the 
capacitor by only one resistor. The source is connected to 
the other end of the unknown inductor and to the junction 
of the capacitor with two resistors of the outer loop. The 
balance is independent of frequency. 
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AND gate—1. In an electronic computer, a gate 
circuit with more than one control (input) terminal. No 
output signal will be produced unless a pulse is applied 
to all inputs simultaneously. 2. A binary circuit, with two 
Or more inputs and a single output, in which the output is 
logic 1 only when all inputs are logic 1, and the output is 
logic O if any one of the inputs is logic 9. 

AND/NOR gate — A single logic element that per- 
forms the operation of two AND gates with outputs feed- 
ing a NOR gate. No access to the internal logic elements 
is provided (i.e., no connection ts available at the outputs 
of the AND gates). 
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AND gate with three inputs. 


AND/OR circuit—A gating circuit that produces 
a prescribed output condition when several possible 
combinations of input signals are applied. It exhibits the 
characteristics of the AND gate and the OR gate. 

android —1. A mobile mechanism possessing the 
ability to manipulate objects external to itself under the 
constant control of its own resident intelligence, operating 
within guidelines initially established and occasionally 
updated by a human being, a computer, or some other 
external intelligence. 2. Automaton of manlike form. 

anechoic— Nonreflective, producing no echoes. 

anechoic chamber— 1. A room or chamber spe- 
cially designed to absorb all sound within, thus prevent- 
ing sound reflections or reverberation. Such rooms are 
used for evaluation of microphones and speakers. 2. A 
room lined with material that traps sound waves so the 
sound is perfectly absorbed and the room is acoustically 
dead. Such a chamber is used for testing microphones and 
speakers. 3. A derived term for a room or enclosure that 
is designed to be echo free over a specified frequency 
range. Any sound reflections within this frequency range 
must be less than 10 percent of the source sound pres- 
sure. 

anechoic enclosure —A special echo-free enclo- 
sure used for testing audio transducers, in which all wall 
surfaces have been covered with acoustically absorbent 
materials so that reflections of the sound waves are elim- 
inated. Also known as a dead room or an anechoic room. 

anechoic room—A room whose walls have been 
treated so as to make them absorb a particular kind of 
radiation almost completely; used for testing components 
of sound systems, radar systems, etc., in an environment 
free of reflections. 

anelectronic — See anelectrotonus. 

anelectrotonus — The reduced sensitivity produced 
in a nerve or muscle in the region of contact with the 
anode when an electric current is passed through it. 

anemometer— An instrument used for measuring 
the force or speed of wind. 

angels — Short-duration radar reflections in the lower 
atmosphere. Most often caused by birds, insects, organic 
particles, tropospheric layers, or water vapor. 

angle— 1. A fundamental mathematical concept 
formed when two straight lines meet at a point. The lines 
are the sides of the angle, and the point of intersection 
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is the vertex. 2. A measure of the distance along a wave 
or part of a cycle, measured in degrees. 3. The distance 
through which a rotating vector has progressed. 

angle jamming — An electronic countermeasures 
technique in which azimuth and elevation information 
present in the modulation components of the returning 
echo pulse of a scanning fire-control radar is jammed by 
transmitting a pulse similar to the radar pulse but with 
angle information of erroneous phase. 

angle modulation — Modulation in which the angle 
of a sine-wave carrier is the characteristic varied from 
its normal value by modulation. Phase and frequency 
modulation are particular forms of angle modulation. 

angle noise — Tracking error introduced into radar 
by variations in the apparent angle of arrival of the echo 
from a target due to finite target size. (This effect is caused 
by variations in the phase front of the radiation from a 
multiple-point target as the target changes its aspect with 
respect to the observer.) 

angle of arrival — Angle made between the line of 
propagation of a radio wave and the earth's surface at the 
receiving antenna. 

angle of azimuth — The angle measured clockwise 
in a horizontal plane, usually from the north. The north 
used may be true north, Y-north, or magnetic north. 

angle of beam — The angle that encloses most of 
the transmitted energy from a directional-antenna system. 

angle of convergence — Angle formed by the lines 
of sight of both eyes when focusing on an object. 

angle of deflection — The angle formed between 
the new position of the electron beam in a cathode-ray 
tube and the normal position before deflection. 

angle of departure —The angle of the line of 
propagation of a radio wave with respect to a horizontal 
plane at the transmitting antenna. 

angle of divergence— In cathode-ray tubes, a 
measure of its spread as the electron beam travels from the 
cathode to the screen. The angle formed by an imaginary 
center line and the border line of the electron beam. In 
good tubes, this angle is less than 2°. 

angle of elevation— The angle between the hori- 
zontal plane and the line ascending to the object. 

angle of incidence — The angle between a wave or 
beam striking a surface and a line perpendicular to that 
surface. 
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angle of lag — The angular phase difference between 
one sinusoidal function and a second having the same 
frequency. Expressed in degrees, the amount the second 
function must be retarded to coincide with the first. 
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angle of lead — 1. The time or angle by which one 
alternating electrical quantity leads another of the same 
cyclic period. 2. The angle through which the commutator 
brushes of a generator or motor must be moved from the 
normal position to prevent sparking. 
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angle of radiation — The angle between the surface 
of the earth and the center of the beam of energy radiated 
upward into the sky from a transmitting antenna. 

angle of reflection — The angle between a wave or 
beam reflected from a surface and a line perpendicular to 
that surface. This angle lies in a common plane with the 
angle of incidence and is equal to it. 

angle of refraction— The angle between a waye 
or beam as it passes through a medium and a line 
perpendicular to the surface of that medium. This angle 
lies in a common plane with the angle of incidence. 

angle tracking noise — Any deviation of the track- 
ing axis from the center of reflectivity of a target. The 
resultant of servo noise, receiver noise, angle noise, and 
amplitude noise. 

angstrom unit—A unit of measurement of wave- 
length of light and other radiation. Equal to one ten-thous- 
andth (107%) of a micrometer or one hundred-millionth 
of a centimeter (107% cm). The visible spectrum extends 
from about 4000 to 8000 angstrom units. Blue light has 
a wavelength in the region of 4700 angstroms; yellow, 
5800; and red, 6500. A measure of wavelength equal to 
1071 meter, or 0.1 nanometer, the preferred term. 

angular acceleration — The rate at which angular 
velocity changes with respect to time, generally expressed 
in radians per second. 

angular accelerometer—-A device capable of 
measuring the magnitude of, and/or variations in, angular 
acceleration. 

angular aperture —The largest angular extent of 
wave surface that an objective can transmit. 

angular deviation loss — The ratio of the response 
of a microphone or speaker on its principal axis to the 
response at a specified angle from the principal axis 
(expressed in decibels). 

angular distance —The angle subtended by two 
bodies at the point of observation. It is equal to the 
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distance of wavelengths multiplied by 27 radians or 
by 360°. 

angular frequency — Frequency expressed in radi- 
ans per second. It is equal to the number of hertz (cycles 
per second) multiplied by 27. 

angular length—Length expressed in radians or 
equivalent angular measure equal to 27 radians, or 360°, 
multiplied by the length in wavelengths. 

angular momentum — The momentum that a body 
has by virtue of its rotational movement. 

angular phase _ difference—Phase difference 
between two sinusoidal functions expressed as an angle. 

angular rate — The rate of change of bearing. 

angular resolution—The ability of a radar to 
distinguish between two targets soleiy on the basis of 
angular separation. 

angular velocity—The rate at which an angle 
changes. Expressed in radians per second, the angular 
velocity of a periodic quantity is the frequency multiplied 
by 27. If the periodic quantity results from uniform 
rotation of a vector, the angular velocity is the number 
of radians per second passed over by the rotating vector. 
Generally designated by the Greek letter omega (tw). 

anharmonic oscillator— An oscillating system in 
which the restoring force is a nonlinear function of the 
displacement from equilibrium. 

anhysteresis —The process whereby a material is 
magnetized by applying a unidirectional field upon which 
is superimposed an alternating field of gradually decreas- 
ing amplitude. 

ANIK — The Canadian domestic satellite system used 
to transmit the network television feeds of the Canadian 
Broadcasting Corporation. All ANIK satellites are oper- 
ated by TeleSat Canada of Ottawa. ANIK satellites have 
both 4-GHz C-band and 12-GHz Ku-band transponders. 
ANIK means brother in Inuit (Eskimo). 

animation —A moving on-screen representation of 
the activities taking place in a simulation. 

anion— 1. A negatively charged ion which, during 
electrolysis, is attracted toward the anode. A correspond- 
ing positive ion is called a cation. 2. A negative ion that 
moves toward the anode in a discharge tube, electrolytic 
cell, or similar device. 

anisotropic — 1. Describing a substance that exhibits 
different magnetic, electrical, optical, and other physi- 
cal properties when measured along axes in different 
directions. 2. A material that has characteristics such 
as wave propagation constant, magnetic permeability, 
conductivity, etc., that vary with direction; that is, not 
isotropic, 

anisotropic body—A body in which the value 
of any given property depends on the direction of 
measurement, aS opposed to a body that is isotropic. 

anisotropic magnet—A magnetic material having 
a better magnetic characteristic along the preferred axts 
than along any other. 

anisotropic material— A material having preferred 
orientation so that the magnetic characteristics are supe- 
rior along a particular axis. This may be as a result of 
rolling, heat treatment in a magnetic field, or, in the 
case of some of the sintered magnets, the direction of 
press. 

anisotropy — Directional dependence of magnetic 
properties, leading to the existence of easy or preferred 
directions of magnetization. Anisotropy of a particle may 
be related to its shape, to its crystalline structure, or to 
the existence of strains within it. 

anneal — 1. To heat a metal to a predetermined tem- 
perature and then let it cool slowly. This process prevents 
brittleness and often stabilizes electrical characteristics. 
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2. To heat and then gradually cool in order to relieve 
mechanical stresses. Annealing copper makes it softer and 
less brittle. 

annealed laminations —Laminations that have 
been annealed for transformers or choke coils. 

annealed wire — Wire that has been softened by 
heating and gradual cooling to remove mechanical 
stresses. 

annotation— An added descriptive comment or 
explanatory note. 

annular — Ringed; ring-shaped. 

annular conductor — A conductor consisting of a 
number of wires stranded in three reversed concentric 
layers surrounding a saturated hemp core. The core is 
usually made wholly or mostly of nonconducting material. 
This construction has the advantage of lower total ac 
resistance for a given cross-sectional area of conducting 
material by eliminating the greater skin effect at the 
center. 

annular transistor — A mesa transistor in which the 
semiconductor regions are arranged in concentric circles 
about the emitter. 

annulling network — An arrangement of impedance 
elements connected in parallel with filters to annul or 
cancel capacitive or inductive impedance at the extremes 
of the passband of a filter. 

annunciation relay—-1. An electromagnetically 
operated signaling apparatus that indicates whether a 
current is flowing or has flowed in one or more circuits, 
2. A nonautomatic reset device that gives a number 
of separate visual indications upon the functioning of 
protective devices, and which may also be arranged to 
perform a lockout function. 

annunciator— 1. A visual device consisting of a 
number of pilot lights or drops. Each light or drop 
indicates the condition that exists or has existed in 
an associated circuit and is labeled accordingly. 2. A 
device for sounding an alarm or attracting attention. The 
indication is usually aural, but occasionally may be visual 
or both aural and visual. 3. An alarm-monitoring device 
that consists of a number of visible signals, such as flags 
or lamps indicating the status of the detectors in an alarm 
system or systems. Each circuit in the device is usually 
labeled to identify the location and condition being 
monitored. In addition to the visible signal, an audible 
signal is usually associated with the device. When an 
alarm condition is reported, a signal is indicated — visible, 
audible, or both. The visible signal is generally maintained 
until reset either manually or automatically. 

anode — 1. The positive electrode, such as the plate 
of a vacuum tube; the element to which the principal 
stream of electrons flows. 2. In a cathode-ray tube, the 
electrodes connected to a source of positive potential. 
These anodes are used to concentrate and accelerate the 
electron beam for focusing. 3. The less noble and/or 
higher-potential electrode of an electrolytic cell, at which 
corrosion occurs. This may be an area on the surface of a 
metal or alloy, the more active metal in a cell composed 
of two dissimilar metals, or the positive electrode of an 
impressed-current system. 


ANODE 


TRIODE DIODE 
Anode. 


28 


anode-balancing coil— A set of mutually coupled 
windings used to maintain approximately equal currents 
in anodes operating in parallel from the same transformer 
terminal. 

anode breakdown’  voltage—The potential 
required to cause conduction across the main gap of a 
gas tube when the starter gap is not conducting and all 
other tube elements are held at cathode potential. 

anode-bypass capacitor—Also called plate- 
bypass capacitor. A capacitor connected between the 
anode and ground in an electron-tube circuit. Its purpose 
is to bypass high-frequency currents and keep them out 
of the load. 

anode characteristic curve — A graph that shows 
how the anode current of an electron tube is affected by 
changes in the anode voltage. 

anode circuit breaker — A device used in the anode 
circuits of a power rectifier for the primary purpose of 
interrupting the rectifier circuit if an arcback should occur. 

anode current—The electron flow in the clement 
designated as the anode. Usually signifies plate current. 

anode dark space — In a gas tube, a narrow, dark 
zone next to the surface of the anode. 

anode dissipation — The power dissipated as heat 
in the anode of an electron tube because of the bombard- 
ment by electrons and ions. 

anode efficiency — See plate efficiency. 

anode-load impedance — See plate-load impe- 
dance. 

anode modulation — See plate modulation. 

anode neutralization — Also called plate neutral- 
ization. A method of neutralization in which a portion of 
the anode-cathode ac voltage is shifted 180° and applied to 
the grid-cathode circuit through a neutralizing capacitor. 

anode power input — See plate power input. 

anode power supply—The means for supplying 
power to the plate of an electron tube at a more positive 
voltage than that of the cathode. Also called plate power 
supply. 

anode pulse modulation — See plate pulse modu- 
lation. 

anode rays — Positive ions coming from the anode of 
an electron tube; these ions are generally duc to impurities 
in the metal of the anode. 

anode saturation — See plate saturation. 

anode sheath — A layer of electrons surrounding the 
anode in mercury-pool arc tubes. 

anode strap — A metallic connector between selected 
anode segments of a multicavity magnetron, used princi- 
pally for mode separation. 

anode supply — Also called plate supply. The dc 
voltage source used in an electron-tube circuit to place 
the anode at a high positive potential with respect to the 
cathode. 

anode terminal — 1. In a diode (semiconductor or 
tube), that terminal to which a positive dc voltage must be 
applied to forward-bias the diode. Compare with cathode 
terminal. 2. In a diode (semiconductor or tube), that 
terminal at which a negative dc voltage appears when the 
diode is employed as an ac rectifier (blocking). 3. That 
terminal which is internally connected to the anodic 
element of any device. 

anode voltage—The potential difference existing 
between the anode and cathode. 

anode voltage drop (of a glow-discharge, 
cold cathode tube) — Difference in potential between 
cathode and anode during conduction, caused by the 
electron flow through the tube resistance (ZR drop) 

anodic protection — Corrosion inhibition based on 
the electrolytic formation of a protective passive film on 
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metals by applying to them a positive (anodic) potential; 
e.g., aluminum is anodized (oxidized) by a positive charge 
in a sulfuric acid solution. 

anodic silver— A precious metal used in plating; 
fine silver in different configurations, such as shot, cones, 
bars, etc., is sacrificed during the silver-plating process. 

anodization — The formation of an insulating oxide 
over certain elements, usually metals, by electrolytic 
action. The most commonly anodized materials are tan- 
talum, aluminum, titanium, and niobium. Anodization is 
particularly useful where protection of a conductor is 
required. The base metal can form the conductor and the 
anodized surface layer can form the insulator. 

anodize — To deposit a protective coating of oxide 
on a metal by means of an electrolytic process in which 
it is used as the anode. 

anodizing — An electrochemical oxidation process 
used to improve the corrosion resistance or to enhance the 
appearance of a metal surface. Aluminum and magnesium 
parts are frequently anodized. 

anomalous displacement current — Also called 
dielectric absorption, The current in addition to the normal 
leakage current in a circuit containing a capacitor with 
an imperfect dielectric after the normal charging or 
discharging current has become negligibly small. 

anomalous photoconductivity — A spectral phe- 
nomenon in which the degree of the photoresponse of 
an illuminated semiconductor is determined by the wave- 
length composition of the incident light. 

anomalous propagation — 1. Propagation that is 
unusual or abnormal. 2. The conduction of UHF signals 
through atmospheric ducts or layers in a manner similar 
to that of a waveguide. These atmospheric ducts carry the 
signals with less than normal attenuation over distances 
far beyond the optical path taken by UHF signals. Also 
called superrefraction. 3. In sonar, pronounced and rapid 
variations in the strength of the echo due to large, rapid 
focal fluctuations in propagation conditions. 

anonymous FTP (File Transfer Protocol) — The 
procedure of connecting to a remote computer as an 
anonymous or guest user in order to transfer public files 
back to a local computer. See also FTP; protocol. 

A-N radio range — A navigational aid that provides 
four equisignal zones for aircraft guidance. Deviation 
from the assigned course is indicated aurally by the Morse 
code letters A (-—) or N (—-). On-course position is 
indicated by an audible merging of the A and N code 
signals into a continuous tone. 

ANSI— American National Standards Institute. The 
U.S. government organization with responsibility for the 
development and promulgation of (among others) data 
processing standards. 

A-N signal —A radio-range, quadrant-designation 
signal that indicates to the pilot whether he or she is on 
course or to the right or left. 

ANSI keyboard— Abbreviation for American 
National Standards Institute keyboard. A typewriter 
standard unit that offers a choice of uppercase characters 
only or uppercase and lowercase combined. 

ANSI standards—aA series of standards recom- 
mended by the American National Standards Institute. 

answerback— 1. The response of a terminal to 
remote-control signals. 2. A signal sent by a data receiver 
to a data transmitter indicating that it is ready to receive 
data or is acknowledging the receipt of data. See also 
handshaking. 3. A reply message from a terminal, man- 
ually or automatically initiated, to verify that the right 
terminal has been accessed and is in operation. 

answerback (W-R-U) system — A system capable 
of being remotely controlled by another station. When 
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tripped by a unique access code, a short predetermined 
message is broadcast. 

answerback unit— An electromechanical device 
used with a teletypewriter set to transmit a predetermined 
message of not more than 21 characters in response to a 
request signal. It can transmit either a five-level 7.42 unit 
code or an eight-level 11.0 unit code at speeds of up 10 
100 words per minute. 

answering cord—The cord nearest the face of 
a telephone switchboard. It is used for answering sub- 
scriber’s calls and calls on incoming trunks. 

answering service — A business that contracts with 
subscribers to answer incoming telephone cails after a 
specified delay or when scheduled to do so. It may also 
provide other services, such as relaying fire or intrusion 
alarm signals to proper authorities. 

answer lamp — In a telephone switchboard, a lamp 
that lights when an answer cord is plugged into a line jack; 
it extinguishes when the telephone answers and lights 
when the call is complete. 

answer tone — Tone signal, with a frequency between 
2025 and 2225 Hz and a duration of at least 1.5 s, used 
by an answering modem to indicate its ready condition to 
an originating modem. 

antenna — Also called aerial. 1. That portion, usually 
wires or rods, of a radio transmitter or receiver station 
used for radiating waves into or receiving them from 
space. It changes electrical currents into electromagnetic 
radio waves, and vice versa. 2. A section of wire or a 
metallic device designed to intercept radio waves in the 
air and convert them to an electrical signal for feeding to 
a receiver. Under relatively difficult reception conditions, 
such as created by location, terrain, obstructions, etc., 
an antenna becomes fairly critical and should be one 
especially designed for its intended purposes. 3. A device 
for transmitting and receiving radio waves. Depending 
on their use and operating frequency, antennas can take 
the form of a single piece of wire, a dipole, a grid 
such as a yagi array, a horn, a helix, a sophisticated 
parabolic-shaped dish, or a phase array of active electronic 
elements of virtually any flat or convoluted surface. 4. A 
device that collects and focuses electromagnetic energy, 
l.e., contributes an energy gain. Gain is proportional to 
surface area for a microwave dish. 

antenna array— 1. A combination of antennas 
assembled to obtain a desired pickup or rejection pattern. 
2. An arrangement of two or more directional antennas, 
spaced and connected so that they are in phase and their 
effects are electrically additive. 
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antenna bandwidth — 1. The range of frequencies 
over which the impedance characteristics of the antenna 
are sufficiently uniform that the quality of the radiated sig- 
hal is not significantly impaired. 2. The frequency range 
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over which a certain antenna characteristic falls within 
acceptable limits. For instance, an antenna may have a 
bandwidth of 1 MHz over which the standing-wave ratio 
is 2:1 or less. 3. The frequency range throughout which 
an antenna will operate at a specified efficiency without 
the need for alteration or adjustment. 

antenna beam width—The angle, in degrees, 
between two opposite half-power points of an antenna 
beam. 

antenna coil — In a radio receiver or transmitter, the 
inductance through which antenna current flows. 

antenna coincidence —That instance when two 
rotating, highly directional antennas are pointed toward 
each other. 

antenna-conducted interference — Any signal 
that is generated within a transmitter or receiver and 
appears as an undesired signal at the antenna terminals 
of the device, e.g., harmonics of a transmitter signal, or 
the local-oscillator signal of the receiver. 

antenna cores—Ferrite cores of various cross 
sections for use in radio antennas. 
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antenna coupler — 1. A radio-frequency transformer 
used to connect an antenna to a transmission line or to 
connect a transmission line to a radio receiver. 2. A radio- 
frequency transformer, link circuit, or tuned line used to 
transfer radio-frequency energy from the final plate-tank 
circuit of a transmitter to the transmission line feeding the 
antenna, 

antenna crosstalk — A measure of undesired power 
transfer through space from one antenna to another. 
Usually expressed in decibels, the ratio of power received 
by one antenna to the power transmitted by the other. 

antenna current — The radio-frequency current that 
flows in an antenna. 

antenna detector—A device consisting of an 
antenna and electronic equipment to warn aircraft crew 
members of their being observed by radar sets. The device 
is usually located in the nose or tail of the aircraft and 
illuminates a light on one or more panels when radar 
signals are detected. 

antenna diplexer — A coupling device that permits 
several transmitters to share one antenna without trouble- 
some interaction. 

antenna-directivity diagram — A curve represent- 
ing, in polar or Cartesian coordinates, a quantity propor- 
tional to the gain of an antenna in the various directions 
in a particular plane or cone. 

antenna disconnect switch—A safety switch 
or interlock plug used to remove driving power from 
the antenna to prevent rotation while work is being 
performed. 

antenna duplexer — A circuit or device that permits 
one antenna to be shared by two transmitters without 
undesirable interaction. 

antenna effect — 1. Cause of error in a loop antenna 
due to the capacitance to ground. 2. In a navigational 
system, any undesirable output signal that results when 
a directional antenna acts as a nondirectional antenna. 
3. The tendency of wires or metallic bodies to act as 
antennas, i.e., to radiate or pick up radio signals. 
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antenna effective area—JIn any specified direc- 
tion, the square of the wavelength multiplied by the power 
gain (or directional gain) in that direction, and divided by 
47. (When power gain is used, the effective area is that for 
power reception; when directive gain is used, the effective 
area is that for directivity.) 

antenna efficiency—The relative ability of an 
antenna to convert rf energy from a transmitter into 
electromagnetic waves. If the gain rating of a directional 
antenna is 10 dB, for example, it is often assumed that 
the effective radiated power will be 10 times greater than 
the rf power fed to it. However, if the antenna efficiency 
is, say, 50 percent, a loss of 3 dB, the true gain will be 
only 7 dB (10 — 3 = 7 dB). 

antenna elevation—The physical height of an 
antenna above the earth. 

antenna factor—The value of decibel that must 
be added to a two-terminal voltmeter reading to obtain 
the actual induced antenna open-circuit voltage or the 
electric-field strength. 

antenna farm—aA large plot of ground (5 to 
2000 acres) surrounding a radio transmitting or receiv- 
ing station that provides space and adequate clearance for 
the installation of several large antennas, such as rhombic 
antennas. 

antenna field — 1. The region defined by a group of 
antennas. 2. A group of antennas placed in a geometric 
configuration that is specific for a particular trajectory 
measuring system. 3. The effective free-space energy 
distribution produced by an antenna or group of antennas. 

antennafier — An integrated low-profile antenna and 
amplifier for use with compact, portable communications 
systems. 

antenna front-to-back ratio— The ratio of field 
strength in front of a directional antenna (i.e., directly 
forward in the line of maximum directivity) to the field 
strength in back of the antenna (¡.e., 180° from the front). 
Measured at a fixed distance from the radiator. 

antenna gain— 1. The effectiveness of a directional 
antenna in a particular direction, compared against a 
standard (usually an isotropic antenna). The ratio of 
standard antenna power to the directional antenna power 
that will produce the same field strength in the desired 
direction. 2. The increase in signal level at the antenna 
terminals with reference to the level at the terminals of 
a half-wave dipole antenna, expressed in decibels. 3. For 
a given antenna, the ratio of signal strength (received or 
transmitted) to that obtained with a simple dipole antenna. 

antenna ground system—That portion of an 
antenna closely associated with the earth and including 
an extensive conducting surface, which may be the earth 
itself. 

antenna height—The average height above the 
terrain from 2 to 10 miles (3.2 to 16 km) from the 
antenna. In general, the antenna height will be different 
in each direction from the antenna. The average of these 
various heights is considered the antenna height above 
average terrain. 

antenna height above average terrain— The 
height of the center of radiation of an antenna above an 
averaged value of the elevation above sea level for the 
surrounding terrain. 

antenna illumination — Describes how a feedhorn 
“sees” the surface of a dish as well as the surrounding 
terrain. 

antenna impedance — The impedance an antenna 
presents to a transmitter or receiver at the attachment point 
of the transmission line or feeder. It varies from about 50 
to 600 ohms, depending on antenna type and installation. 
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antenna induced microvolts — The voltage that 
exists across the open-circuited antenna terminals, as 
calculated from a measurement. 

antenna lens— An arrangement of metal vanes or 
dielectric material used to focus a microwave beam in a 
manner similar to an optical lens. 

antenna lobe — See Jobe. 

antenna matching — Selection of components to 
make the impedance of an antenna equal to the charac- 
teristic impedance of its transmission line. 

antennamitter — An integrated low-profile antenna 
and oscillator for use with compact, portable communi- 
cations systems. 

antenna pair — Two antennas located on a base line 
of accurately surveyed length. The signals received by 
these antennas are used to determine quantities related to 
a larget position. 

antenna pattern— Also called antenna polar dia- 
gram. A plot of angle versus free-space field intensity at 
a fixed distance in the horizontal plane passing through 
the center of the antenna. 
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Devices used to measure the relative field strength or 
intensity existing at any point or points in the space imme- 
diately surrounding an antenna. 

antenna pedestal—A structure that supports an 
antenna assembly (motors, gears, synchros, rotating joints, 
etc.). 

antenna polar diagram — See antenna pattern. 

antenna polarization — The position of an antenna, 
with respect to the surface of the earth, that determines the 
wave polarization for which the antenna is most efficient. 
A vertical antenna radiates and receives vertically polar- 
ized waves; a horizontal antenna radiates and receives 
horizontally polarized waves broadside to itself and ver- 
tically polarized waves at high angles off its ends. 

antenna power — The square of the antenna current 
of a transmitter, multiplied by the antenna resistance at 
the point where the current is measured. 

antenna power gain—The power gain of an 
antenna in a given direction is four times the ratio of 
the radiation intensity in that direction to the total power 
delivered to the antenna. (The term is also applied to 
receiving antennas.) 

antenna preamplifier— A low-noise rf amplifier, 
usually mast-mounted near the terminals of the receiving 
antennas, used to compensate for transmission-line loss 
and thereby improve the overall noise figure. 

antenna reflector — In a directional-antenna array. 
an element that modifies the field pattern in order to 
reduce the field intensity behind the array and increase 


it in front. In a receiving antenna, the reflector reduces 
interference from stations behind the antenna. 

antenna relay—A relay used in radio stations 
to automatically switch the antenna to the receiver or 
transmitter and thus protect the receiver circuits from the 
rf power of the transmitter. 

antenna resistance —The total resistance of a 
transmitting antenna system at the operating frequency. 
The power supplied to the entire antenna circuit, divided 
by the square of the effective antenna current referred to 
the feed point. Antenna resistance is made up of such 
components as radiation resistance, ground resistance, 
radio-frequency resistance of conductors in the antenna 
circuit, and equivalent resistance due to corona, eddy 
currents, insulator leakage, and dielectric power loss. 

antenna resonant frequency — The frequency (or 
frequencies) at which an antenna appears to be a pure 
resistance. 

antenna stabilization—A system for holding a 
radar beam steady despite the roll and pitch of a ship 
or airplane. 

antenna structure —A structure that includes the 
radiating system, its supporting structures, and appurte- 
nances mounted thereon. 

antenna switch— Switch used for connecting an 
antenna to or disconnecting it from a circuit. 

antenna system— An assembly consisting of the 
antenna and the necessary electrical and mechanical 
devices for insulating, supporting, and/or rotating it. 

antenna terminals —On an antenna, the points to 
which the lead-in {transmission line) is attached. 

antenna tilt error — The angular difference between 
the antenna tilt angle shown on the mechanical indicator 
and the electrical center of the radar beam. 

antennaverter— A receiving antenna and converter 
combined in a single unit that feeds directly into the 
receiver IF amplifier. 

antenna wire—A wire, usually of high tensile 
strength, such as copperweld, bronze, etc., with or without 
insulation, used as an antenna for radio and electronic 
equipment. 

antiaircraft missile — A guided missile launched 
from the surface against an airborne target. 

anti-aliasing — The smoothing or removal of diago- 
nal lines in digitized images at low resolutions that appear 
as stair-steps in order to recreate smoother diagonal lines. 

anti-aliasing filter—A filter (normally low pass) 
that band-limits the input signal before sampling to less 
than half the sampling rate to prevent aliasing noise. 

anticapacitance switch—A switch with widely 
separated legs, designed to keep capacitance at a mini- 
mum in the circuits being switched. 

anticathode — Also called target. The target of an 
X-ray tube on which the stream of electrons from the 
cathode is focused and from which the X-rays are 
radiated. 

anticlutter circuit — In a radar receiver, an auxiliary 
circuit that reduces undesired reflection in order to permit 
the detection of targets that otherwise would be obscured 
by such reflections. 

anticlutter gain control— A device that automati- 
cally and gradually increases the gain of a radar receiver 
from low to maximum within a specified period after each 
transmitter pulse. In this way, short-range echoes produc- 
ing clutter are amplified less than long-range echoes. 

anticoincidence — A nonsimultaneous occurrence 
of two or more events (usually, ionizing events). 

anticoincidence circuit— 1. A counter circuit that 
produces an output pulse when either of two input circuits 
receives a pulse, but not when the two inputs receive 
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pulses simultaneously. 2. A circuit that provides an output 
only when all inputs are absent; a NAND circuit. 

anticollision radar—A radar system used in an 
aircraft or ship to warn of possible collision. 

antiferroelectricity — The property of a class of 
crystals that also undergo phase transitions from a higher 
to a lower symmetry. They differ from the ferroelectrics 
in having no electric dipole moment. 

antiferroelectric materials — Those materials in 
which spontaneous electric polarization occurs in lines 
of ions; adjacent lines are polarized in an antiparallel 
arrangement. 

antiferromagnetic materials — Those materials 
in which spontaneous magnetic polarization occurs in 
equivalent sublattices, the polarization in one sublattice 
is aligned antiparallel to the other. 

antiferromagnetic resonance— The absorption 
of energy from an oscillating electromagnetic field by 
a system of processing spins located on two sublattices, 
with the spins on one sublattice going in one direction and 
the spins on the other sublattice in the opposite direction. 

antiferromagnetism—A phenomenon of mag- 
netism characterized by the elimination of magnetic 
moments and decrease in magnetic susceptibility with a 
decrease in temperature due to the equal power of atomic 
magnets. 

antihunt— A stabilizing signal or equalizing circuit 
used in a closed-loop feedback system of a servomech- 
anism to prevent the system from hunting, or oscillat- 
ing. Special types of antihunt circutts are the anticipator, 
derivative, velocity feedback, and damper. 

antihunt circuit— A circuit used to prevent exces- 
sive correction in a control system, 

antihunt device — A device used in positioning sys- 
tems to prevent hunting, or oscillation, of the load around 
an ordered position. The device may be mechanical or 
electrical. It usually involves some from of feedback. 

antijamming — 1. Minimizing the effect of enemy 
electronic countermeasures to permit echoes from tar- 
gets detected by radar to be visible on the indicator. 
2. Controls or circuit features incorporated to minimize 
jamming. 

antijamming radar data processing — Use of 
data from one or more radar sources to determine target 
range in the presence of jamming. 

antilogarithm—The number from which a given 
logarithm is derived. For example, the logarithm of 4261 
is 3.6295. Therefore the antilogarithm of 3.6295 is 4261. 

antimagnetic — Made of alloys that will not remain 
in a magnetized state. 

antimicrophonic — Specifically designed to prevent 
microphonics. Possessing the characteristic of not intro- 
ducing undesirable noise or howling into a system. 

antimissile missile— A missile that is launched to 
intercept and destroy another missile in flight. 

antinode — The point on a transmission line at which 
the current is maximum and the voltage is minimum. 

antinodes— Also called loops. The points of max- 
imum displacement in a series of standing waves. Two 
similar and equal wave trains traveling at the same veloc- 
ity in opposite directions along a straight line result in 
alternate antinodes and nodes along the line. Antinodes 
are separated from their adjacent nodes by half the wave- 
length of the wave motion. 

antinoise carrier-operated device — A device 
commonly used to mute the audio output of a receiver 
during standby or no-carrier periods. Usually the auto- 
matic volume control voltage is used to control a squelch 
tube which, in turn, controls the bias applied to the first 
audio tube so that it is permitted lo operate only when a 
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carrier is present at the receiver input. Thus, the receiver 
output is heard when a signal is received, and is muted 
when no signal is present. 

antinoise microphone—A microphone that dis- 
criminates against acoustic noise. A lip or throat micro- 
phone is an example. 

antiphase — Two identical signals disposed in 180° 
phase opposition. When superimposed, they tend to cancel 
each other because their waveform patterns are of equal 
magnitude but opposite polarity. 

antiproton — An elementary atomic particle that has 
the same mass as a proton but is negatively charged. 

antirad — A material that inhibits damage caused by 
radiation. 

antiresonance — A type of resonance in which a 
system offers maximum impedance at its resonant fre- 
quency. 

antiresonant circuit— A parallel resonant circuit 
offering maximum impedance to the series passage of the 
resonant frequency. 

antiresonant frequency—1.The frequency at 
which the impedance of a system is very high. 2, Of 
a crystal unit, the frequency for a particular mode of 
vibration at which, neglecting dissipation, the effective 
impedance of the crystal unit is infinite. 

antisidetone — 1. In a telephone circuit, special cir- 
cuits and equipment that are so arranged that only a 
negligible amount of the power generated in the trans- 
mitter reaches the associated receiver. 2. Pertaining to the 
reduction or elimination of interference in telephone cir- 
cuits between the microphone and earphone of the same 
telephone. 

antisidetone circuit—A telephone circuit that 
prevents sound, introduced in the local transmitter, 
from being reproduced in the local receiver. (Reduces 
sidetones.) 

antisidetone induction coil— An induction coil 
designed for use in an antisidetone telephone sct. 

antisidetone telephone set—A telephone set 
with an antisidetone circuit. 

antiskating bias — A bias force applied to a pivoted 
pickup arm to counteract the inward force (toward the 
center of the record) resulting from the drag of the stylus 
in the groove and the offset angle of the head, 

antiskating device — A mechanism found on mod- 
ern phonograph pickups that provides a small outward 
force on a pickup arm. This counteracts the arm’s ten- 
dency to move toward the tumtable center (inward) due 
to offset geometry, and reduces stylus/groove friction. 

antistatic agents — Methods employed to minimize 
static electricity in plastic materials. Such agents are of 
two basic types. Metallic devices that come into contact 
with the plastics and conduct the static to earth give 
complete neutralization initially, but because it is not 
modified, the surface of the material can become prone 
to further static accumulation during subsequent handling. 
Chemical additives, which are mixed with the compound 
during processing, give a reasonable degree of protection 
to the finished products. 

antistatic cleaner — Substance used on phonograph 
records that helps to prevent the buildup of a static charge 
that attracts dust. 

antistatic coating — 1. An electrically conductive 
layer for carrying off static charges that could accumulate 
on a surface. 2. A conductive coating applied to a TV 
or monitor screen (or on a glass panel immediately in 
front of the screen) that conducts away any static charge 
and prevents dust from adhering to the surface of the 
television. 

antistatic sprays— Chemical agents which, when 
applied to circuits and plastic surfaces, leave a conductive 


CHAPTER 5 = THE COZY CORNER LAB 


Let's break down the overall category of “big mess on table” into two major taxa (singular: taxon), or 
categories. Ideally, what we will find here are tools and components. There will be other bits and pieces 
that don’t easily fit into one category or the other (or will maybe fit into both), but it gives us a place to 
start. 


Organization 


Divide and conquer These are the two words that will help us through the ordeal of rehabilitating this 
workspace. We'll get to do a lot of dividing here, and end up as conquerors. The spoils will be a useful 
(and tidy!) work area that will encourage you to begin new electronic adventures, instead of scaring 
small children. 


The Great Divide 


It would be possible to reorganize this workspace in situ (i.e., in place), but it would require a great deal 
of inner peace and lots of patience. Lacking these, a complete reboot is in order. Let's clear off the entire 
table and start afresh. This will provide the excellent opportunity to arrange things in exactly the best 
possible order. 

First, get two big containers. These can be cardboard boxes or plastic storage bins—it really doesn't 
matter. We'll just be using them as temporary staging areas as we make like an embryo (and divide and 
divide again). See Figure 5-2. 


Figure 5-2. Two large cardboard boxes are enlisted to help with the initial organization of the contents of 
the tabletop. One will be for tools and the other one for components. Further subdivisions will be made 
later. 
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coating that acts to repel dust and dirt and changes 
surface characteristics. Good antistatic sprays will leave a 
resistivity reading of 20 to 100 megohms per square inch 
(3-15 MQ/cm?) on plastics and 100 megohms or more 
per square inch on glass surfaces. See static eliminators. 

antistickoff voltage—A small voltage, usually 
applied to the rotor winding of the coarse synchro con- 
trol transformer in a two-speed system. The antistickoff 
voltage acts to eliminate the possibility of ambiguous 
behavior in the system. 

antitransmit-receive box—A second transmit- 
receive switch used tn a radar antenna system to minimize 
absorption of the echo signal in the transmitter circuit 
during the interval between transmitted pulses. 

antitransmit-receive switch — Abbreviated atr 
switch. Án automatic device employed in a radar sys- 
tem to prevent received energy from being absorbed in 
the transmitter. 

antitransmit-receive tube — See atr tube. 

antivoice-operated transmission — A method of 
radiocommunication in which a voice-activated circuit 
prevents the operation of the transmitter during reception 
of messages on an associated receiver. 

aperiodic — 1. Having no fixed resonant frequency 
or repetitive characteristics or no tendency to vibrate. A 
circuit that will not resonate within its tuning range is 
often called aperiodic. 2. Not characterized by predictable 
periods or steps. 

aperiodic antenna — An antenna designed to have 
a constant impedance over a wide frequency range (for 
example, a terminated rhombic antenna) due to the 
suppression of reflections within the antenna system. 

aperiodic damping— Also called overdamping. 
The condition of a system when the amount of damping 
is so large that when the system is subjected to a single 
disturbance, either constant or instantaneous, the system 
comes to a position of rest without passing through that 
position. Although an aperiodically damped system is not 
strictly an oscillating system, it has such properties that it 
would become an oscillating system if the damping were 
sufficientiy reduced. 

aperiodic function —A function having no repeti- 
tive characteristics and not repeatable within a specified 
period. 

aperiodic waveform— A nonrepeating, random, 
one-shot waveform. 

aperture — 1. In a unidirectional antenna, that por- 
tion of the plane surface which is perpendicular to the 
direction of maximum radiation and through which the 
major part of the radiation passes. 2. In an opaque disc, 
the hole or window placed on either side of a lens to con- 
trol the amount of light passing through. 3. Also called 
aperture time. The amount of certainty about the exact 
time when the encoder input was at the value represented 
by a given output code. In general, the aperture is equal 
to the conversion time: it may be reduced by the use of 
sample-and-hoid circuits. 4. In an electron gun, the open- 
ing that determines the size of, and has an effect on, the 
shape of the electron beam. In television optics, it 1s the 
effective diameter of the lens that controls the amount 
of light reaching the photoconductive or photoemitting 
image picxup tube. 5. An opening that will pass light, 
electrons, or other forms of radiation. 

aperture antenna— A type of antenna whose beam 
width is determined by the dimensions of a horn, lens, or 
refiector. 

aperture compensation — Reduction of aperture 
distortion by boosting the high-frequency response of a 
television-camera video amplifier. 


antistickoff voltage — apogee 


aperture correction — Compensation for the loss in 
sharpness of detail because of the finite dimensions of a 
scanning beam in the horizontal dimension. 

aperture delay time — The time elapsed from the 
application of the hold (or encode) command until the 
sampling switch in a sample-and-hold circuit opens fully 
and the device actually takes the sample. Aperture delay 
time is a fixed delay time and is normaliy not an error 
source since the hold clock edge can be advanced to 
compensate for it. 

aperture distortion— In a television signal, the 
distortion due to the finite dimension of the camera-tube 
scanning beam. The beam covers several mosaic globules 
simultaneously, resulting in a loss of picture detail. 

aperture illumination —The field distribution in 
amplitude and phase through the aperture. 

aperture jitter—Also called aperture uncertainty 
time. 1. In a sample-and-hold circuit, the time variation 
or uncertainty with which the switch opens, or the time 
variation in aperture delay. 2. A source of error in a 
sampling system, which determines the maximum slew 
rate limitation of the sampled analog input signal for a 
given system resolution. 

aperture mask —- Also called shadow mask. A thin 
sheet of perforated material placed directly behind the 
viewing screen in a three-gun color picture tube to prevent 
the excitation of any one color phosphor by either of the 
two electron beams not associated with that color. 
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Aperture mask. 


aperture plate — A ferrite memory plate containing 
a large number of uniformly spaced holes arranged in 
parallel rows and interconnected by plated conductors to 
provide a magnetic memory plate. 

aperture time — 1. In a sample-and-hold circuit, the 
averaging time of a sample-hold during the sample-to- 
hold transition. 2. The time required by a sample-and-hold 
device to go from the sample mode into the hoid mode, 
once the hold command has been received. The aperture 
time is generally a few nanoseconds, measured from the 
50-percent point of the mode-control transition to the time 
when the output stops tracking the input. See aperture, 3. 

aperture-time uncertainty — The possible varia- 
tion in aperture time from one sample-to-hold transition 
to the next. 

APL — Abbreviation for average picture level. The 
average luminance level of the part of a television line 
between blanking pulses. 

APM — Abbreviation for analog panel meter. A scale- 
and-pointer meter capable of indicating a continuous, 
rather than incremental, range of values from zero to the 
rated full-scale value. 

apogee — The point in an elliptical satellite orbit that 
is farthest from the surface of the earth. Geosynchronous 
satellites that maintain circular orbits around the earth are 


A positive (A+ or A plus) — AQL 


first launched into highly elliptical orbits with apogees of 
22,237 miles. When the communication satellite reaches 
the appropriate apogee, a rocket motor is fired to place the 
satellite into its permanent circular orbit of 22,237 miles. 
Also see perigee. 

A positive (A+ or A plus)— 1. Positive terminal 
of a battery or positive polarity of any other sources of 
voltage. 2. The terminal to which the positive side of 
the filament-voltage source of a vacuum tube should be 
connected. 

A power supply — A power supply used as a source 
of heating current for the cathode or filament of a vacuum 
tube. 

apparatus — 1. Any complex device. 2. Equipment 
or instruments used for a specific purpose. 

apparatus wire and cable -—Insulated wire and 
cable used in connecting electrical apparatus to a power 
source, also including wire and cable used in the apparatus 
itself, 

apparent bearing — The direction from which the 
signal arrives with respect to some reference direction. 

apparent power — In an ac circuit, the power value 
obtained by simple multiplication of current by voltage 
with no consideration of the effect of phase angle. 
(Compare with true power.) 

apparent power loss—For voltage-measuring 
instruments, the product of nominal end-scale voltage 
and the resulting current. For current-measuring instru- 
ments, the product of the nominal end-scale current and 
the resulting voltage. For other types of instruments 
(for example, wattmeters), the apparent power loss is 
expressed for a stated value of current or voltage. Also 
called volt-ampere loss. 

apparent source — See effective acoustic center, 

Applegate diagram — A graphical representation of 
electron bunching in a velocity-modulated tube, showing 
their positions along the drift space. This bunching is 
plotted on the vertical coordinate, against time along the 
horizontal axis. 

applet— A small computer program that performs a 
simple task. 

AppleTalk— A networking protocol developed by 
Apple Computer for communication between Apple Com- 
puter products and other computers. This protocol is inde- 
pendent of what network it is layered on. 

Appleton layer— In the ionosphere, a region of 
highly ionized air capable of reflecting or refracting radio 
waves back to earth. It is made up of the F, and F; layers. 

apple tube — A color-television picture tube in which 
the three colors of phosphors are laid in fine vertical strips 
along the screen. The intensity of the electron beam is 
modulated as its sweeps over them so that each color is 
produced with appropriate brightness. 

appliance — Any electrical equipment used in the 
home and capable of being operated by a nontechnical 
person. Included are units that perform some task that 
could be accomplished by other, more difficult means, 
but usually not those used for entertainment (radios, TVs, 
hi-fi sets, etc.). 

appliance wire and cable—A classification of 
Underwriters’ Laboratories, Inc., covering insulated wire 
and cable intended for internal wiring of appliances and 
equipment. Each construction satisfies the requirements 
for use in particular applications. 

application — 1. The use of a computer for a specific 
purpose, e.g., designing a brochure or writing a letter. 
2. System or problem to which a computer is applied. 
An application may be of the computational type, in 
which arithmetic computations predominate, or of the 
data-processing type, in which data-handling operations 
predominate. See also application program. 
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application factor— A modifier of the failure rate. 
It is based on deviations from rated operating stress 
(usually temperature and one electrical parameter). 

application-oriented language — |. A program- 
ming language that is primarily useful in some special- 
ized area. 2. A problem-oriented programming language 
whose statements resemble or contain the terminology of 
the computer user. 

application program-— 1. A computer program 
intended to solve a problem or do a job, as distinct from 
systems programs, which control the operations of the 
computer system. 2. A computer program that performs a 
data-processing function rather than a control operation. 
3. A program used to perform some logical or compu- 
tational task that is important to the user rather than 
some internal computer function, 4. Software designed for 
a specific purpose, such as accounts payable, inventory, 
payroll, and word processing. 5. A computer program that 
accomplishes specific tasks, such as word processing. 

application schematic diagram — Pictorial rep- 
resentation using symbols and lines to illustrate the inter- 
relation of a number of circuits. 

application-specific integrated circuit — See 
ASIC. 

applications software — 1. A program that depends 
on the specific end application and is used to do the 
real work or apparent work that is visible to the user. 
Generally this is the software that is used for dedicated 
computer-based systems (systems designed to perform a 
single or specific set of functions). Typical applications 
include food and chemical processing, production con- 
trol, automotive electronics, computer-controlled sewing 
machines, photographic equipment (both for computer- 
controlled cameras and for darkroom computerized pro- 
cessing), energy distribution systems, word processing, 
mailing lists, payrolls, and inventory. 2. Computer pro- 
grams that perform specific tasks, such as word processing 
or database management. 

applicators (applicator electrodes)— |. In 
dielectric heating, the electrodes between which the 
dielectric item is placed and the electrostatic field 
developed. 2. Appropriately shaped conducting surfaces 
between which an alternating electric field is established 
for the purpose of producing dielectric heating. 3. In 
medical electronics, the electrodes applied to a patient 
undergoing diathermy or ultrasonic therapy. 

applied voltage — 1. The potential between a ter- 
minal and a reference point in any circuit or device. 
2. The voltage obtained when measuring between two 
given points in a circuit with voltage applied to the com- 
plete circuit. 3. The voltage presented to a circuit point 
or system input, as opposed to the voltage drop result- 
ing from current through an element that results from the 
applied voltage. 

applique circuit—A special circuit provided to 
modify existing equipment in order to allow for some 
special usage. 

approach-control radar — Any radar set or system 
used in a ground-controlled approach system, e.g., an 
airport-surveillance radar, precision approach radar, etc. 

approach path— In radio aircraft navigation, that 
portion of the flight path in the immediate vicinity of a 
landing area where such a flight path terminates at the 
touchdown point. 

approved circuit — See protected wireline distribu- 
tion system. 

APT — Abbreviation for automatically programmed 
tool. A high-level or simplified programming language. 

AQL— Abbreviation for acceptable quality level. A 
Statistically defined quality level, in terms of percent 
defective accepted on an average of 95 percent of the 
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time. In other words, a sampling plan with 1 percent AQL 
passes (accepts) lots 1 percent defective 93 percent of the 
time. 

aquadag layer — Trademark of Acheson Industries, 
Inc. A conductive graphite coating on the inner side walls 
of some cathode-ray tubes. It serves as an electrostatic 
shield or as a postdeflection and an accelerating anode. 
Also applied to outer walls and grounded; here it serves, 
with the inner coating, as a capacitor to filter the applied 
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arbiter — The section of a multiprocessor network’s 
operating system that resolves simultaneous system- 
resource requests. 

arbitrary function fitter—A circuit having an 
output voltage or current that is a presettable, adjustable, 
usually nonlinear function of the input voltage(s) or 
current(s) fed to it. 

arbitrary waveform generator— See waveform 
generator. 

arbor— See mandrel. 

arc-—1. A luminous discharge of electricity through 
a gas. Characterized by a change in space potential in 
the immediate vicinity of the cathode; this change is 
approximately equal to the ionization potential of the gas. 
2. A prolonged electrical discharge, or series of prolonged 
discharges, between two electrodes. (Both produce a 
bright-colored flame, as contrasted with a dim corona- 
glow discharge). 3. To form an arc. 4. The electric current 
in a flamelike stream of incandescent gas particles. 5. An 
electric current through air or across the surface of an 
insulator associated with high voltage; usually occurs 
when a contact is opened, or when deenergizing an 
inductive load. 

arcback — Also called backfire. Failure of the rectify- 
ing action in a tube, resulting from the flow of a principal 
electron stream in the reverse direction due to the forma- 
tion of a cathode spot on the anode. This action limits the 
neak inverse voltage that may be applied to a particular 
rectifier tube. 

arc converter—A form of oscillator utilizing an 
electric arc to generate an alternating or pulsating current. 

arc discharge — |. A discharge between electrodes 
in gas or vapor. Characterized by a relatively low voltage 
drop and a high current density. 2. The sustained, lumi- 
nous thermionic discharge between anode and cathode in 
a gas-filled tube. 

arc-discharge tube—A gas-filled or mercury- 
vapor tube that utilizes ionic phenomena for switching, 
voltage regulation, or rectification. 

arc drop — The voltage drop between the anode and 
cathode of a gas rectifier tube during conduction. 

arc-drop loss— In a gas tube, the product of the 
instantaneous values of arc-drop voltage and current 
averaged over a complete cycle of operation. 

arc-drop voltage — The voltage drop between the 
anode and cathode of a gas rectifier tube during conduc- 
fon. 
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arc failure — |. A flashover in the air near an insula- 
tion surface. 2. An electrical failure in the surface heated 
by a flashover arc. 3. An electrical failure in the surface 
damaged by the flashover arc. 

arc function — An inverse trigonometric function. 

arc furnace — An electric furnace heated by arcs 
between two or more clectrodes. 

architecture — 1. Organizational structure of a com- 
puting system, mainly referring to the CPU or micro- 
processor. 2. The manner in which the basic computer 
functions are organized and partitioned on the silicon 
chips. 3. The manner in which a system (such as a net- 
work or a compuier) or program is structured. 

archival — Pertaining to long-term storage of data. 

archival backup — Backing up only files that have 
been changed since the last backup. 

archive — 1. A procedure for transferring information 
from an online siorage diskette or memory area to an 
offline storage medium. 2. To copy computer programs 
and data onto an auxiliary storage medium, such as a 
disk or tape, for long-term retention. 

arcing — The production of an arc, e.g., at the brushes 
of a motor or at the contact of a switch. 

arcing contacts — Special contacts on which the arc 
is drawn after the main contacts of a switch or circuit 
breaker have opened, 

arcing time — 1. The interval between the parting, in 
a switch or circuit breaker, of the arcing contacts and the 
extension of the arc. 2. The time elapsing, in a fuse, from 
the severance of the fuse link to the final interruption of 
the circuit under the specified condition. 

arc lamp — Source of brilliant artificial light obtained 
by an electric arc passing between two carbon rods. The 
arc is struck by bringing the two rods together and then 
rapidly separating them. As the arc burns, the carbon rods 
are vaporized away. A mechanism is employed to keep 
the space between the two rods constant. This type of 
lamp is used extensively in motion picture projectors and 
spotlights. The illumination of the arc lamp is derived 
from the incandescence of the positive electrode and from 
the heated, luminous, ionized gases or vapor that surround 
the arc. 

arc oscillator — A negative-resistance oscillator com- 
prising a sustained de arc and a resonant circuit. 

arcover— The (usually abrupt) creation of an arc 
between electrodes, contacts, or plates of a capacitor. 

arcover resistance —The resistance of a material 
to the effects of a high-voltage, low-current arc (under 
prescribed conditions) passing across the surface of the 
material. The resistance is stated as a measure of total 
elapsec time required to form a conductive path on the 
surface (material carbonized by the arc). 

arcover voltage — Under specified conditions, the 
minimum voltage required to create an arc between 
electrodes separated by a gas or liquid insulation. 

arc percussive welding—aA type of welding in 
which the materials to be welded are separated by a gap, 
across which an arc is struck; the arc melts the suríaces 
of the materials, and the materials are simultaneously 
brought together. See also pulse arc welding. 

arc resistance — The length of time that a material 
can resist the formation of a conductive path by an 
arc adjacent to the surface of the material. Also called 
tracking resistance. 

arc suppressor— A device, or combination of 
devices, used for arc suppression. See spark suppressor. 

arc-through — In a gas tube, a loss of control with 
the result that a principal electron stream flows in the 
normal direction during what should be a nonconducting 
period. 
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area code —A three-digit number code identifying 
one of the geographic areas of the United States, Canada, 
and Mexico to permit direct distance dialing on the 
telephone system. The area code precedes the central 
office code in the complete 10-digit telephone number, 
and must be used when the called telephone is in a 
numbering plan area different from that of the calling 
telephone. The first digit of the area code is never a 1 or 
O, See also direct distance dialing. 

area protection — Protection of the inner space or 
volume of a secured area by means of a volumetric sensor. 

area redistribution —A method of measuring the 
duration of irregularly shaped pulses. A rectangle is drawn 
having the same peak amplitude and the same area as the 
original pulse under consideration. Because the same time 
units are used in measuring the original and the new pulse, 
the width of the rectangle is considered the duration of 
the pulse. 

area sensor— A sensor with a detection zone that 
approximates an area, such as a wall surface or the 
exterior of a safe. 

A register—The accumulator for all arithmetical 
operations in a computer. Also called A accumulator. 

argon—An inert gas used in discharge tubes and 
some electric lamps. It gives off a purple glow when 
ionized; its symbol is Ar. 

argon glow lamp — A glow lamp containing argon 
gas that produces a pale blue violet light. 

argument—1. A variable upon which the value 
of a function depends. The arguments of a function 
are listed in parentheses after the function name. The 
computations specified by the function definition are made 
with the variables specified as arguments. 2. The number 
that a function works on to produce its results. 3. The 
independent variable of a function. Arguments can be 
passed as part of a subroutine call where they would be 
used in that subroutine. 

arithmetic and logic unit — Computer element that 
can perform the basic data manipulations in the central 
processor. Usually it can add, subtract, complement, 
negate, rotate, AND, and OR. Abbreviated ALU. 

arithmetic capability — The ability to do addition, 
subtraction, and in some cases multiplication and division. 

arithmetic check — A check of a computation mak- 
ing use of the arithmetical properties of the computation. 

arithmetic element — Synonym for arithmetic unit. 

arithmetic mean — 1. Usually, the same as average. 
It is obtained by first adding quantities together and then 
dividing by the number of quantities involved. 2. A figure 
midway between two extremes and is found by adding the 
minimum and maximum together and dividing by two. 

arithmetic operation— 1. In an electronic com- 
puter, the operations in which numerical quantities form 
the elements of the calculation, including the fundamental 
operations of arithmetic (addition, subtraction, multipli- 
cation, comparison, and division). 2. Adding, subtracting, 
incrementing, or decrementing data in registers or mem- 
ory. 

arithmetic organ — See arithmetic unit. 

arithmetic shift— In a digital computer, the multi- 
plication or division of a quantity by a power of the base 
used in the notation. 

arithmetic statement— 1. An expression and a 
variable separated by an equals sign. The expression 
is evaluated and the resulting value is assigned to the 
variable. 2. Instruction specifying an arithmetic operation. 

arithmetic sum — The sum of two or more quantities 
regardless of their signs. Compare with algebraic sum. 

arithmetic symmetry — Filter response showing 
mirror-image symmetry about the center frequency when 
frequency is displayed on an arithmetic scale. Constant 
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envelope delay in bandpass filters usually is accompanied 
by arithmetic symmetry in the phase and amplitude 
responses and generally requires a computer design. See 
also geometric symmetry. 

arithmetic unit— Also called arithmetic element or 
arithmetic organ. In an automatic digital computer, that 
portion in which arithmetical and logical operations are 
performed on elements of information. 

armature —The moving element in an electrome- 
chanical device, such as the rotating part of a generator or 
motor, the movable part of a relay, or the spring-mounted, 
iron portion of a bell or buzzer. 

armature contacts — 1. Contacts mounted directly 
on the armature. 2. Sometimes used for movable contacts. 

armature control of speed—The varying of 
voltage applied to the armature of a shunt-wound motor 
to control the motor’s speed over the basic speed range. 

armature core — An assembly of laminations form- 
ing the magnetic circuit of an armature. 

armature gap — The space between the armature and 
pole face. 

armature hesitation—A delay or momentary 
reversal of the motion of the armature. 

armature-hesitation contact chatter — Chatter 
caused by delay or momentary reversal in direction of 
the armature motion of a relay during either the operate 
or the release stroke. 

armature-impact contact chatter — Chatter 
caused by impact of the armature of a relay on the pole 
piece in operation, or on the backstop in release. 

armature overtravel — That portion of the available 
stroke occurring after the contacts of a relay have touched. 

armature reaction— In an armature, the reaction 
of the magnetic field produced by the current on the 
magnetic lines of force produced by the field coil of an 
electric motor or generator. 

armature rebound—Return motion of a relay 
armature after striking the backstop. 

armature-rebound contact chatter— Chatter 
caused by the partial return of the armature of a relay 
to its operated position as a result of rebound from the 
backstop in release. 

armature relay—A relay operated by an electro- 
magnet that, when energized, causes an armature to be 
attracted to a fixed pole or poles. 

armature slot— In the core of an armature, a slot or 
groove into which the coils or windings are placed. 

armature stud—lIn a relay, an insulating member 
that transmits the motion of the armature to an adjacent 
contact member. 

armature travel —The distance traveled during 
operation by a specified point on the armature of a relay. 

armature voltage control— A means of control- 
ling the speed of a motor by changing the voltage applied 
to its armature windings. 

armature wire— ‘Stranded annealed copper wire, 
straight lay, soft loose white cotton braid. It is used 
for low-voltage, high-current rotor winding motors and 
generators. Straight lay permits forming in armature slots, 
and compressibility, 

armchair copy— Amateur term for clear, static-free 
signals. 

armed sweep — See single sweep. 

arming the oscilloscope sweep—Closing a 
switch that enables the oscilloscope to trigger on the next 
pulse. 

armor — A braid or wrapping of metal, usually steel, 
placed over the insulation of wire or cable to protect it 
from abrasion or crushing. 
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armor clamp— A fitting for gripping the armor of 
a cable at the point where the armor terminates or where 
the cable enters a junction box. 

armored cable—Two or more insulated wires 
collectively provided with a metallic covering, primarily 
to protect the insulated wires from damage. 

Armstrong frequency-modulation system — A 
phase-shift modulation system originally proposed by 
E. H. Armstrong. 

Armstrong oscillator—An inductive feedback 
oscillator that consists of a tuned gate circuit and an 
untuned tickler coil in the drain circuit. Feedback is con- 
trolled by varying the coupling between the tickler and 
the gate circuit. 
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arr —- See automatic repeat request. 

array — |. In an antenna, a group of elements arranged 
to provide the desired directional characteristics. These 
elements may be antennas, reflectors, directors, etc. 2. A 
series of items, not necessarily arranged in a meaning- 
ful pattem. 3. The group of patterns on a wafer or in the 
artwork or photomask for semiconductor processing. See 
random-access memory. 

array antenna — An antenna comprising a number of 
radiating elements, generally similar, arranged and excited 
to obtain directional effects. 

array device — A group of many similar, basic, com- 
plex, or integrated deyices without separate enclosures. 
Each has at least one of its electrodes connected to a 
common conductor, or all are connected in series. 

array noise — Unwanted disturbance in a memory 
integrated circuit generated by the normal movement of 
data within the array. 

array processor—1.A computer optimized in 
architecture and instruction set to handle programs involv- 
ing computations on large batches of data, such as fast 
Fourier transtorms and large matrix computations. An 
array processor takes blocks of data and instructions from 
a host mini or large computer and performs the computa- 
tions at speeds many times as high as those that are pos- 
sible through the host computer alone. The host may be 
considered the data-organizing front end; the array proces- 
sor is the processing unit. 2. A computer dedicated by its 
design to performing repetitive arithmetical calculations 
on large arrays of data with high precision, wide dynamic 
range, and high throughput. Usually most input/output 
operations and file management chores are left to the host 
computer in order to free the peripheral array processor to 
concentrate on its calculations. 3. A single computer that 
operates on one piece of data at a time. 4. A processor in 
a computer that performs matrix arithmetic much faster 
than is done in a standard computer. Capable of perform- 
ing operations on all the elements in large matrices at one 
time. Also called a vector processor. 
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arrester — Also called a lightning arrester. 1. A pro- 
tective device used to provide a bypass path directly to 
ground for lightning discharges that strike an antenna or 
other conductor. 2. A power-line device capable cf reduc- 
ing the voltage of a surge applied to its terminals, inter- 
rupting current, if present, and restoring itself to original 
operating conditions. 3. Device that diverts high voltages 
to ground and away from the equipment it protects. 

ARRL— Abbreviation for American Radio Relay 
League. 

arrowhead — A linearly polarized, frequency-inde- 
pendent, log-periodic antenna. 

ARSR — Abbreviation for air route surveillance radar. 

ARTCC — Abbreviation for air route traffic control 
center. A complex data-handling facility designed by 
Burroughs, IBM, and Raytheon to computerize as much 
in-route air traffic control as possible. 

articulation — Sometimes called intelligibility. 1. In 
a communications system, the percentage of speech 
units understood by a listener. The word articulation 
is customarily used when the contextual relationships 
among the units of speech material are thought to play 
an unimportant role; the word intelligibility is used when 
the context is thought to play an important role in 
determining the listener's perception. 2. A quantitative 
measurement of the intelligibility of human speech, where 
100 percent is completely understandable. For the typical 
sound reinforcement or other communications system, no 
more than a 1]5-percent articulation loss is acceptable. 
3. The ability of a mechanism to pivot, grasp, or extend. 

articulation equivalent—The articulation of 
speech reproduced over a complete telephone connection, 
expressed numerically in terms of the trunk loss of a 
working reference system that is adjusted to give equal 
articulation. 

artificial antenna— Also called dummy antenna. 
A device that simulates a real antenna in its essential 
impedance characteristics and has the necessary power- 
handling capabilities, but which does not radiate or 
receive radio waves. Used mainly for testing and adjusting 
transmitters. 

artificial ear— A microphone-equipped device for 
measuring the sound pressures developed by an earphone. 
To the earphone it presents an acoustic impedance equiv- 
alent to the impedance presented by the human ear. 

artificial echo — 1. Received reflections of a trans- 
mitted pulse from an artificial target, such as an echo 
box, corner reflector, or other metallic reflecting surface. 
2. A delayed signal from a pulsed radio-frequency signal 
generator. 

artificial horizon — A gyroscopically operated instru- 
ment that shows, within limited degrees, the pitching and 
banking of an aircraft with respect to the horizon. Lines 
or marks on the face of the instrument represent the air- 
craft and the horizon. The relative positions of the two 
are then easily discernible. 

artificial intelligence — Abbreviated Al 1. The 
design of computer and other data-processing machinery 
to perform increasingly higher-level cybernetic functions. 
2. The capability of a device to perform functions that 
are normally associated with human intelligence, such 
as reasoning, learning, and self-improvement. Related to 
machine learning. 3. The imitation by artificial systems 
of characteristics described as intelligent when observed 
in humans. Artificial intelligence embraces concepts and 
theories from many different disciplines, including math- 
ematics, cybernetics, computer science, psychology, biol- 
ogy, and others. 4. Overlapping subsets called expert 
systems, knowledge representations, inference schemes, 
program synthesis, scene analysis, and robotics. 5. The 
ability of a machine to perform certain complex functions 
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normally associated with human intelligence, such as 
judgment, pattern recognition, understanding, learning, 
planning, and problem solving. 6. Computer programs 
developed to mimic human intelligence, such as reason- 
ing, learning, problem solving, and making decisions. 
Artificial intelligence programs enable computers to per- 
form tasks such as playing chess, proving mathematical 
theorems, etc. 7. An area of computer science dedicated to 
the development of machines that can learn, understand, 
interpret, and arrive at conclusions in a manner that would 
be considered intelligent if a person were doing it. 

artificial ionization — Introduction of an artificial 
reflecting or scattering layer into the atmosphere to permit 
beyond-the-horizon communications. 

artificial language —In computer terminology, a 
language designed for ease of communication in a par- 
ticular area of activity, but one that is not yet natural to 
that area (as contrasted with a natural language evolved 
through long usage). 

artificial line — A lumped-constant network designed 
to simulate some or all the characteristics of a transmis- 
sion line over a desired frequency range. 

artificial line duct— A balancing network simulat- 
ing the impedance of the real line and distant terminal 
apparatus. It is employed in a duplex circuit to make the 
receiving device unresponsive to outgoing signal currents. 

artificial load— Also called dummy load. A dis- 
sipative but essentially nonradiating device having the 
impedance characteristics of an antenna, transmission 
line, or other practical utilization circuit. Energy is dissi- 
pated in the form of heat. Used to test radio transmitters, 
engine generators, etc. Permits testing under load con- 
ditions without the creation of any standing waves or 
radiating a signal. 

artificial radioactivity — Radioactivity induced in 
stable elements under controlled conditions by bombard- 
ing them with neutrons or high-energy, charged parti- 
cles. Artificially radioactive elements emit beta and/or 
gamma rays. 

artificial voice—A small speaker mounted in a 
specially shaped baffle that is proportioned to simulate 
the acoustical constants of the human head. It is used for 
calibrating and testing close-talking microphones. 

Artos stripper— A machine that, when properly 
adjusted, will automatically measure to a predetermined 
length, cut, strip, count, and tie wire in bundles. 

ARTS — Abbreviation for Automated Radar Terminal 
System. A multiprocessor computing system used at 
terminal radar approach controls (tracons) and airport 
towers, based on Sperry Univac 1140 computers. Various 
configurations, differing in size of memory and number of 
processors, exist at different facilities; the largest, ARTS 
IHE, is installed at the New York tracon. 

artwork — |. A topological pattern of an integrated 
circuit, made with accurate dimensions so that it can be 
used in mask making. Generally, it is a large multiple 
of the final mask size, and final reduction is accom- 
plished through the use of a step-and-repeat camera. 
2. Detailed, original drawing (often developed with the 
aid of a computer) showing layout of an integrated cir- 
cuit. 3. The images formed by drawing, scribing, or by 
cutting and stripping on a film or glass support, which 
are reduced, contact-printed, or stepped and repeated to 
make a photomask or intermediate. 4. Layouts and pho- 
tographic films created to produce thick-film screens and 
thin-film masks, 

ASA — Abbreviation for American Standards Associ- 
ation. See American National Standards Institute. 

ASA code -—A code that was recommended by the 
American Standards Association for industry-wide use in 
the transmission of information. Now ANSI code. 
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asbestos — A nonflammable material generally used 
for heat insulation, such as in a line-cord resistor. No 
longer used on new equipment. 

A-scan — Also called A-display. On a cathode-ray 
indicator, a presentation in which time (range or distance) 
is one coordinate (horizontal) and signals appear as 
perpendicular defiections to the time scale (vertical). 
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ASCII— Acronym for American Standard Code for 
Information Interchange (pronounced “ask-ee”). 1. A 
standard code used extensively in data transmission, in 
which 128 numerals, letters, symbols, and special control 
codes are each represented by a seven-bit binary num- 
ber 0000000 through 1111111. For example, numeral 5 
1s represented by 011 0101, letter K by 100 1011, percent 
symbol (%) by 010 0101, and start of text (STX) control 
code by 000 0010, 2, A standard code used by many com- 
puters, video-display terminals, teleprinters, and computer 
peripherals. A full eight-bit ASCII word may be trans- 
mitted in parallel or serial form, with the eighth bit often 
providing parity information. Keyboard encoders convert 
a single switch closure into an ASCII data word; char- 
acter generators convert stored ASCII data words (and 
some timing commands) into groups of dots suitable for 
raster-scan display. 

A-scope— An oscilloscope that uses an A-scan to 
present the range of a target as the distance along a 
horizontal line from the transmitted pulse pip to the target, 
or echo pip. Signals appear as vertical excursions of the 
horizontal line, or trace. 

ASDE — See airport surface detection equipment. 

as-fired — Values of thick-film resistors or smooth- 
ness of ceramic substrates as they come out of the firing 
furnace prior to trimming and polishing, respectively (if 
required). 

ASI— An abbreviation for standards published by the 
American Standards Institute. Now American National 
Standards Institute. 

ASIC — Abbreviation for application-specific integra- 
ted circuit. 1. Semiconductor circuits specifically designed 
to suit a customer’s particular requirement, as opposed to 
general-purpose parts that can be used in many different 
systems or applications. 2. An integrated circuit designed 
to fill the specific requirement of a unique application. 

ask — See amplitude-shift keying. 

aspect ratio—1. Ratio of frame width to frame 
height. 2. The ratio of an object’s height to its width. 
In graphics this ratio usually pertains to the face of a 
rectangular CRT or to the characters or symbols drawn by 
the character generator. 3. The ratio between the length 
of a film resistor and its width: equal to the number of 
squares of the resistor. 4. The ratio of the width of a 


39 


television picture tube to its height. In the United States, 
the television standard is 4: 3. 

asperities — Local microscopic points on an elec- 
trode surface at which there is considerable field enhance- 
ment. They lead to a dependence of electric strength on 
electrode area (area effect). 

aspheric — |. Not spherical; an optical element hav- 
ing one or more surfaces that are not spherical. 2. A 
mirror or lens surface that varies slightly from a true 
spherical surface. This is done to reduce lens aberrations. 

ASR — Abbreviation for automatic send and receive 
and airport surveillance radar. 1. A terminal equipped 
with recording devices, usually a paper-tape reader and 
punch, which is capable of answering a call, recording 
a message, or sending data loaded in its tape reader 
without the need for an operator in attendance at the 
time of the call. Also used to specify terminals that 
have paper-type equipment used by the operator. 2. A 
teletypewriter that contains a keyboard, page printer, 
paper-tape transmitter, and paper-tape punch. Paper tape 
can be prepared offline, which can take place while hard 
copy is being received from the line or while other paper 
tape is being transmitted. 

ASRA — Abbreviation for automatic stereophonic 
recording amplifier. An instrument developed by 
Columbia Broadcasting System for stereo recording. 
Compression of the vertical component of the stereo 
recording signal is automatically decreased or increased 
as required by the recording conditions. 

assembie — |. To collect, interpret, and coordinate 
the data required for a computer program, translate the 
data into computer language, and project it into the master 
routine for the computer to follow. 2. To translate from 
a symbolic program to a binary program by substituting 
binary operation codes for symbolic operation codes and 
replacing symbolic addresses with absolute or relocatable 
addresses. 

assembler—i.A program that prepares a pro- 
gram in machine language from a program in symbolic 
language by substituting absolute operation codes for 
symbolic operation codes and absolute or relocatable 
addresses for symbolic addresses. 2. A unit that converts 
the assembly language of a computer program into the 
machine language of the computer, accepting mnemonics 
and symbolic addresses instead of actual binary values 
for addresses, instructions, and data. 3. A program that 
accepts instructions, addresses, and data in symbolic form 
(character strings that represent machine instructions, 
addresses, data, among others), Then it automatically 
translates symbols into their corresponding numerical val- 
ues. It permits symbolic addressing by assigning values 
to labels used to indicate program-jump locations. 4. A 
simple programming language that allows the program- 
mer to define labels and fixed values and to then use 
these labels with a mnemonic instruction set to produce a 
machine code program. 5. Program that converts source- 
code (mnemonic) input into op-code (binary) machine 
language instructions. If such a program were not avail- 
able, the programmer would have to enter all instructions 
in Ones and zeros, a much more tedious and error-prone 
procedure. 6. A computer program that converts a higher- 
level (Englishlike) programming language into machine- 
readable instructions. 

assembler program — Software, usually supplied 
by the computer manufacturer, to convert an assembly 
language application program into machine language. 

assembly— 1. A complete operating unit, such as 
a radio receiver, made up of subassemblies, such as an 
amplifier and various components. 2. Process in which 
instructions written in symbolic form by the programmer 
are changed to machine language by the computer. 


asperities — astable 


assembly language — 1. A computer language that 
has one-to-one correspondence with an assembly pro- 
gram. The assembly program directs a computer to oper- 
ate on a program in symbolic language to produce 
a program in machine language. See also high-order 
language; machine language, 3; and source language. 
2. Grouped alphabet characters, called mnemonics, that 
replace the numeric instructions of machine language. 
These mnemonics are easier to remember than machine 
instructions and hence easier to develop into a working 
program. 3, A machine-oriented language based primarily 
on a one-to-one relationship between machine instruc- 
tions and user-supplied source code. 4. Microprocessor 
commands written in mnemonic form. Typically, three- 
letter abbreviations, called mnemonics, are used to rep- 
resent each instruction, and each mnemonic can usually 
be equated to one machine-code instruction. 5. A human- 
oriented symbolic-mnemonic source language that is used 
by the programmer to encode programs and associated 
databases. Assembly language programs are read by the 
assembler and converted to executable machine language 
programs during the assembly process. Assembly lan- 
guage is easier to remember and manipulate than machine 
language. 6. Human-oriented varieties of machine lan- 
guages. Precisely the same final program code can be 
produced from an assembler as by hand-coding machine 
language. However, assembly languages prove more con- 
venient for people than the numeric-only machine lan- 
guages. 

assembly-language programming— See sym- 
bolic-language programming. 

assembly-output language — An optional sym- 
bolic assembly language listing of the object-code output 
from a high-level language compiler. Can be quite helpful 
as a debugging tool because it shows exact machine code 
in a readable format. 

assembly program— A program that enables a 
computer to assemble mnemonic language into machine 
language; for example, a FORTRAN assembly program. 
Also called assembly routine. 

assembly robot— A computerized robot, probably 
a sensory model, designed specifically for assembly- 
line jobs. For light, batch-manufacturing applications, the 
arm's design may be fairly anthropomorphic. 

assembly routine — See assembly program. 

assertion checking— Evaluating a program by 
embedding statements that should always hold true. 

assignable cause—A definitely identified factor 
contributing to a quality variation. 

assigned frequency — The center of the frequency 
band assigned to a Station. 

assigned frequency band — The frequency band, 
the center of which coincides with the frequency assigned 
to the station, and the width of which equals the necessary 
bandwidth plus twice the absolute value of the frequency 
tolerance. 

associative memory—A computer memory in 
which the data are stored and indexed by content, as in a 
dictionary, in contrast with the storage of a random-access 
memory. 2. A memory in which the storage locations are 
identified by their contents rather than by their addresses. 
Enables faster interrogation to retrieve a particular data 
element. 

associative storage — Computer storage in which 
locations may be identified by specification of part or all 
of their contents. Also called parallel-search storage or 
content-addressed storage 

astable — 1. Pertaining to a device that has two 
temporary states: the device alternates between these 
states with a period and duty cycle determined by circuit 
time constants. See also bistable. 2. Refers to a device that 
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has two temporary states. The device oscillates between 
the two states with a period and duty cycle predetermined 
by time constants. 

astable circuit— A circuit that continuously alter- 
nates between its two unstable states at a frequency 
determined by the circuit constants. It can be readily syn- 
chronized by applying a repetitive input signal of slightly 
higher frequency. A blocking oscillator is an example of 
an astable circuit. 

astable multivibrator (free-running)—-A circuit 
having two momentarily stable states, between which it 
continuously alternates, remaining in each for a period 
controlled by the circuit parameters and switching rapidly 
from one to the other, 
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astatic — 1. Having no particular orientation or direc- 
tional characteristics; such as a vertical antenna. 2. Being 
in neutral equilibrium; having no tendency toward any 
change of position. 

astatic galvanometer— A sensitive galvanometer 
used for detecting small currents. Consists of two small 
magnetized needles of equal size and strength arranged 
in parallel and with their north and south poles adjacent, 
suspended inside the galvanometer coil. Since the resul- 
tant magnetic moment is zero, the earth’s magnetic field 
does not affect the system. 

A station — One of a pair of transmitting stations in a 
loran system. The A-station signal always occurs less than 
half a repetition period after the immediately preceding 
signal of the other station of the pair and more than half 
a repetition period before the next succeeding signal of 
the other station. 

astigmatism— A type of spherical aberration in 
which the rays from a single point of an object do not 
converge on the image, thereby causing a blurred image. 
Astigmatism in an electron-beam tube is a focus defect in 
which electrons in different axial planes come to focus at 
different points. 

astrionics — Electronics as involved with astro- 
nautics. 
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astrocompass— An instrument for determining 
direction relative to the stars. It is unaffected by the errors 
to which magnetic or gyrocompasses are subject. 

astrodome — A rigid hemispherical structure used to 
cover large tracking instruments to protect them from the 
elements. It is usually constructed so that the dome rotates 
with the instrument. 

astronautics—The science and art of operating 
space vehicles. 

astrotracker— A device for tracking stars. 

A-supply — The A battery, transformer filament wind- 
ing, or other voltage source that supplies power for heat- 
ing the filaments of vacuum tubes. 

asychronous motor— An ac motor whose speed is 
not proportional to the frequency of the supply voltage. 

asymmetrical cell —A cell, such as a photoelectric 
cell, in which the impedance to the flow of current is 
greater in one direction than in the other direction. 

asymmetrical distortion — Distortion affecting a 
two-condition or binary modulation or restitution, in 
which all the significant intervals corresponding to one 
of the two significant conditions have longer or shorter 
durations than the corresponding theoretical durations of 
the excitation. If this particular requirement is not met, 
distortion is present. 

asymmetrical SCR— A fast silicon-controlled rec- 
tifier (SCR) with low reverse blocking, which is voltage 
that causes conduction without an input trigger at the gate 
input of the SCR. 

asymmetric sideband transmission — See ves- 
tigial sideband transmission. 

asymmetry control—In pH meters, an adjustment 
sometimes provided to compensate for differences in the 
electrodes. 

asymptote — A line that comes nearer and nearer to 
a given curve but never touches it. 

asymptotic breakdown voltage — A voltage that 
will break down insulation if applied over a long period. 

asynchronous—1.A communication method in 
which data is sent when it is ready without being ref- 
erenced to a timing clock, rather than waiting until the 
receiver signals that it is ready to receive. 2. Transmission 
in which each data byte is preceded by a start bit and 
followed by one or more stop bits. Data transmission is 
intermittent, with an irregular time interval between data 
bytes. 3. Lacking a regular time relationship; not related 
through repeating time patterns. Hence, as applied to 
computer program execution, unexpected or unpredictable 
with respect to the instruction sequence. 4. Modems, ter- 
minals, and transmissions in which each character of 
information is individually framed (synchronized), usually 
by start and stop elements. The interval between char- 
acters is not fixed. 5. An extemal interface that can be 
started and stopped by a microprocessor or other equip- 
ment. The opposite is synchronous, which means that 
the data is randomly available. 6. Having no set pattern, 
cycle, or speed of transmission. 7. Not synchronized by 
a clocking signal; in code sets, character codes contain- 
ing start and stop bits. 8. A mode of data transmission in 
which time intervals between transmitted characters may 
be of unequal length. Transmission is independently con- 
trolled by start and stop elements at the beginning and end 
of each character. 9. Pertaining to a mode of data com- 
munications that provides a variable time interval between 
characters during transmission. 

asynchronous communication — 1. A method 
of transferring data in which the timing of character 
placement on connecting communication lines is not 
critical. Each transferred character is preceded by a start 
bit and followed by a stop bit, permitting the interval 
between characters to vary. 2. A relatively simple and 
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cheap system for moving data between machines at speeds 
up to 1200 or 2400 baud. 3. Data communication of 
the start/stop type. Each character is sent individually 
without regular or predictable time relationships with 
other characters. 4. Method of communications in which 
data is sent as soon as it is ready. 

asynchronous computer — 1. An automatic digi- 
tal computer in which an operation is started by a signal 
denoting that the previous operation has been completed. 
2. A computer in which each operation starts as a result 
of a signal generated by the completion of the previous 
operation or by the availability of the equipment required 
for the next operation. 

asynchronous device— A device in which the 
speed of operation is not related to any frequency in the 
system to which it is connected. 

asynchronous input/output — The ability to accept 
input data while simultaneously delivering output data. 

asynchronous inputs — The terminals that affect 
the output state of a flip-flop independently of the clock 
terminals. Called set, preset, reset, or clear; sometimes 
referred to as de inputs. 

asynchronous logic — Logic networks whose oper- 
ational speed depends only on the signal propagation 
through the network, rather than on clock pulses as in 
synchronous logic. 

asynchronous machine — 1. Any machine in which 
its speed of operation is not proportionate to the frequency 
of the system to which the machine is connected. 2. A 
multiprocessor system whose processes occur as needed 
by, and whose operations follow, input data instead of an 
autonomous clock. 

asynchronous operation — 1. Generally, an oper- 
ation that is started by a signal at the completion of a 
previous operation. It proceeds at the maximum speed 
of the circuits until it is finished and then generates its 
own completion signal. 2. A mode in which entry of data 
into a flip-flop does not require a gating or clock pulse. 
3. Operation of a switching network by a free-running sig- 
nal that triggers successive instructions. The completion 
of one instruction triggers the next. 4. A computer oper- 
ation that does not proceed in step with some external 
timing. 

asynchronous shift register — A shift register that 
does not require a clock. Register segments are loaded and 
shifted only at data entry. 

asynchronous transmission — Transmission in 
which each character of the information is synchronized 
individually (usually by the use of start and stop ele- 
ments). 

ATARS— Acronym for Automated Traffic Advi- 
sory and Resolution Service. A ground-based automatic 
collision-avoidance system being developed for use at air 
terminals. 

ATG — 1. Abbreviation for automatic temperature con- 
trol (General Motors). A means of automatically main- 
taining desired passenger compartment temperature in a 
vehicle. Temperature is sensed by a thermistor. Control 
valves are actuated by a vacuum motor to adjust the pro- 
portion of heated or cooled air. 2. Also abbreviation for 
automated technical control. A computer system used to 
maintain control of a data-communication network. 

AT-cut crystal —A quartz-crystal slab cut at a 35° 
angle with respect to the optical, or Z-axis, of the crystal. 
It has practically a zero temperature coefficient and is 
used at frequencies of about 0.8 to 250 MHz. 

ATE— Abbreviation for automatic test equipment. 

ATG — See automatic test generation. 

atmosphere — 1. The body of air surrounding the 
earth. 2. A unit of pressure defined as the pressure of 
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760 mm of mercury at 0°C. Approximately 14.7 pounds 
per square inch. 

atmospheric absorption — The energy lost in the 
transmission of radio waves due io dissipation in the 
atmosphere. 

atmospheric absorption noise—The dominant 
noise factor, at frequencies above 1000 MHz, caused by 
the absorption of energy from radio waves by oxygen and 
water vapor in the atmosphere. 

atmospheric duct — Within the troposphere, a con- 
dition in which the variation of refractive index is such 
that the propagation of an abnormally large proportion 
of any radiation of sufficiently high frequency is con- 
fined within the limits of a stratum. This effect is most 
noticeable above 3000 MHz. 

atmospheric electricity — Static electricity between 
clouds, or between clouds and the earth. 

atmospheric noise—Also called atmospherics. 
1. The noise heard during radio reception because of 
atmospheric interference. 2. A product of the discharging 
of lightning and other phenomena in the atmosphere. 

atmospheric pressure — 1. The barometric pres- 
sure of air at a particular location on the earth’s surface. 
The nominal, or standard, value of atmospheric pressure 
is 760 mm of mercury (14.7 pounds per square inch) at 
sea level. Atmospheric pressure decreases at higher alti- 
tudes. 2, Pressure exerted by the atmosphere on all things 
exposed to it. Although it varies constantly, it is consid- 
ered as a standard to be normal when it is 14.7 lb/in* 
(1.033 x 10* kg/m?) at sea level. 

atmospheric radio wave — A radio wave that is 
propagated by reflections in the atmosphere. May include 
the ionospheric wave, the tropospheric wave, or both. 

atmospheric radio window — That portion of the 
frequency spectrum that will allow radio-frequency waves 
to pass through the earth’s atmosphere (approximately 10 
to 10,000 MHz). 

atmospheric refraction — The bending of the path 
of electromagnetic radiation from a distant point as the 
radiation passes obliquely through varying air densities. 

atmospherics — Also referred to as static, atmo- 
spheric noise, and strays. In a radio tuner or receiver, 
noise due to natural weather phenomena and electrical 
charges existing in the atmosphere. 

atom— 1. The smallest portion of an element that 
exhibits all properties of the element. It 1s pictured as 
composed of a positively charged nucleus containing 
almost all the mass of the atom, surrounded by one 
or more electrons. In the neutral atom, the number of 
electrons is such that their total charge (negative) exactly 
equals the positive charge in the nucleus. 2. The basic unit 
of a chemical element, consisting of a positively charged 
nucleus surrounded by a number of electrons sufficient to 
counterbalance the charge of the nucleus. The identity of 
an element, in a chemical sense, depends on the number 
of positive charges in the nucleus of its atom. The nucleus 
also contains particles that contribute mass but no charge. 
The stability of a nucleus depends on its ratio of charge 
to mass. 
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atomic battery — See nuclear battery. 

atomic charge — The electronic charge of an ion, 
equal to the number of ionization multiplied by the charge 
on one electron. 

atomic fission — See fission. 

atomic frequency—The natural vibration fre- 
quency of an atom. 

atomic fuel—A fissionable material, i.e., one in 
which the atomic nucleus may be split to release energy. 

atomic mass unit (unified) —One-twelfth of the 
mass of an atom of the '*C nuclide. Use of the old 
atomic mass unit (amu), defined by reference oxygen, 1s 
deprecated. 

atomic migration — The progressive transfer of a 
valence electron from one atom to another within the same 
molecule. 

atomic number — The number of protons (positively 
charged particles) in the nucleus of an atom. All elements 
have different atomic numbers, which determine their 
positions in the periodic table. For example, the atomic 
number of hydrogen is 1, that of oxygen is 8, iron 26, 
lead 82, and uranium 92, 

atomic ratio — The ratio of quantities of different 
substances to the number of atoms of each. 

atomic theory — A generally accepted theory con- 
cemning the structure and composition of substances and 
compounds. It states that everything is composed of var- 
ious combinations of ultimate particles called atoms. 

atomic time— Time scales based on molecular or 
atomic resonance effects, which are apparently constant 
and equivalent (or nearly equivalent) to ephemeris time. 

atomic weight—The approximate weight of the 
number of protons and neutrons in the nucleus of an 
atom. The atomic weight of oxygen, for example, is 
approximately 16 (actually it is 16.0044) —it contains 8 
neutrons and 8 protons. Aluminum is 27 and contains 
14 neutrons and 13 protons. If expressed in grams, these 
weights are called gram atomic weights. 

atr switch — See antitransmit-receive switch. 

atr tube — Abbreviation for antitransmit-receive tube. 
A gas-filled, radio-frequency switching tube used to 
isolate the transmitter while a pulse is being received. 
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ATS — Abbreviation for automotive anti-theft system 
(General Motors). A security system that causes the horn 
to blow, headlights and parking lights to flash, and the 
dome light to turn on if the hood, trunk, or doors are 
opened without use of a key, 
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attached foreign material — In a semiconductor, a 
foreign substance that cannot be removed when subjected 
to a nominal gas flow. Lint, silicon dust, etc., are not 
considered attached since they can be removed after die 
mounts. 

attachment cap — See attachment plug. 

attachment cord — See patch cord. 

attachment plug— An assembly consisting of two 
or more blades projecting from a small insulating base, 
with provision for connecting the plug to a cord. Also 
called attachment cap. 

attack — 1. The length of time it takes for a tone in an 
organ to reach full intensity after a key is depressed. On 
most organs this effect is adjustable by either a switch 
or potentiometer. 2. The action of a control system in 
response to a sudden error condition. 3. The responsive- 
ness of an amplifier to signals with a fast rise-time, such 
as produced by percussive sounds of a transient nature. 
4. The beginning of a sound or the initial transient of a 
musical note. 

attack time—The interval required for an input 
signal, after suddenly increasing in amplitude, to altain a 
specified percentage (usually 63 percent) of the ultimate 
change in amplification or attenuation due to this increase. 

attendant's switchboard — A switchboard, of one 
of more positions, that permits an operator in the central 
office to receive, transmit, or cut in on a call to or from 
one of the lines serviced by the office. 

attended operation — Data-set applications in which 
individuals are required at both stations to establish the 
connection and transfer the data sets from talk (voice) 
mode to data mode. Compare with unattended operation. 

attention display— A computer-generated tabular 
or vector message placed on the display tubes of a control 
facility to draw attention to a particular situation. 

attenuate — To obtain a fractional part of or reduce 
in amplitude an action or signal. 

attenuating — Decreasing electrical current, voltage, 
Or power in a communicating channel. Refers to audio, 
radio, or carrier frequencies. 

attenuation — |. The decrease in amplitude of a sig- 
nal during its transmission from one point to another. 
It may be expressed as a ratio or, by extension of the 
term, in decibels. 2. See insertion loss. 3. The decrease 
in amplitude of a signal at a specified frequency due 
to its transmission through a filter. This is expressed as 
a function of the amplitude ratio V,/V,, which is the 
reciprocal of the magnitude of the transmission function. 
4. Optical power loss per unit length, usually expressed 
in decibels per kilometer. 5. Loss of electrical power in 
a length of cable. Amount of power leaving a length of 
cable as compared with the amount introduced. Attenu- 
ation is measured in decibels per 100 feet. 6. Applied to 
coaxial cables, the power drop or signal loss in a circuit, 
expressed in decibels. It is also the decrease in amplitude 
of a wave with distance in the direction of wave propa- 
gation when the amplitude at any given place is constant 
in time, or the decrease in amplitude with time at a given 
place. Attenuation is generally expressed in decibels per 
unit, usually 100 feet, and is indicative of the power loss. 

attenuation constant—1. The real component of 
the propagation constant. 2. For a traveling plane wave 
at a given frequency, the rate at which the amplitude of 
a field component (or the voltage or current) decreases 
exponentially in the direction of propagation, in nepers or 
decibels per unit length. 

attenuation distortion—1.In a circuit or sys- 
tem, its departure from uniform amplification or attenua- 
tion over the frequency range required for transmission. 
2. Distortion that causes a decrease in the amplitude of 
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Now, the first thing you will want to do is remove any items that really don't belong in the lab at all, 
such as coffee cups, personal effects, and any obvious trash. Everything that is about to go into one of 
the two boxes should eventually find its way back to the work area, so now is the time to omit the things 
just don't belong here. 

Is it a tool? Is it a component? How do we tell? Ask five people and you will get five different answers. 
For the purposes of this little endeavor, a componentis something that will become a part of a project, 
while a toolis something that is used to modify or manipulate a component. Another way of looking at it 
is that components get used up quickly, while tools get used up slowly. If you build enough projects, you 
will be lucky enough to see exceptions to these guidelines. 

Here are some examples. Wire is a component. Wire cutters are tools. That was easy. A flashlight is a 
“visual inspection aid,” so it goes under the category of tools. Batteries for the flashlight are consumable, 
so they are components. There's no real need to be ultra-precise at this point. Use your best judgment 
and make up policies that make sense to you. 

It might help, from a physical logistics standpoint, to use smaller subcontainers to hold the really 
small bits as you're lumping them into the two broad categories. Folding cardboard bin boxes are handy 
both on the tabletop as well as on shelves, if you have them. The cardboard bin boxes shown in Figure 
5-3 are from Uline (http: //uline.com), part numbers S-16268 (4" wide) and S-16269 (6" wide). 


Figure 5-3. Folding cardboard bin boxes help contain some of the smaller bits and pieces during the Big 
Sort. You can use whatever happens to be available. Some preliminary subsubdivision is going on here. 
For the most part, the tools are on the left and the components are on the right. 


43 


a field component (yoltage or current) in the direction of 
propagation. 

attenuation equalizer—A corrective network 
designed to make the absolute value of the transfer 
impedance of two chosen pairs of terminals substantially 
constant for all frequencies within a desired range. 

attenuation-frequency distortion— A form of 
wave distortion in which the relative magnitudes of the 
different frequency components of the wave are changed. 

attenuation network — 1. A network providing rel- 
atively slight phase shift and substantially constant atten- 
uation over a range of frequencies. 2. The arrangement 
of circuit elements, usually impedance elements, inserted 
in circuitry to introduce a known loss or to reduce the 
impedance level without reflections. 

attenuation ratio — The magnitude of the propaga- 
tion ratio, which indicates the relative decrease in energy. 

attenuator — 1. A resistive network that provides 
reduction of the amplitude of an electrical signal with- 
out introducing appreciable phase or frequency distortion. 
2. A distributed network that absorbs part of a signal and 
transmits the remainder with a minimum of distortion or 
delay. 3. Network for reducing signal level. Sometimes 
necessary in the input circuit of a tuner to avoid overload- 
ing by strong local signals. 4. An electronic transducer, 
either fixed or adjustable, that reduces the amplitude of a 
wave without causing significant distortion. 
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Attenuators, 1. 


attenuator tube—A gas-filled, radio-frequency 
switching tube in which a gas discharge, initiated and 
regulated independently from the radio-frequency power, 
is used to control this rf power by reflection or absorption. 

atto- — Prefix meaning 107!8, Letter symbol is a. 

attraction — The force that exists between two unlike 
magnetic poles (N and S), or between two unlike static 
charges (+ and —), or between two masses. 

attribute — The manner in which a variable is han- 
dled by a computer. 

audibility — 1. The ability to be heard, usually con- 
strued as being heard by the human ear. 2. The ratio of 
the strength of a specific sound to the strength of a sound 
that can barely be heard. Usually expressed in decibels. 

audibility threshold — The minimum sound inten- 
sity that the average human ear can hear, normally con- 
sidered to be O dB sound pressure level at 1000 Hz. 

audible — Capable of being heard; in most coutexts, 
by the average human ear. 

audible ringing tone — That tone received by the 
calling telephone, indicating that the called telephone is 
being rung. 

audible tones— Sounds composed of frequencies 
that the average human can detect. 

audio — Pertaining to frequencies corresponding to a 
normaliy audible sound wave. These frequencies range 
roughly from 15 to 20,000 hertz. 

audio amplifier — See audio-frequency amplifier. 

audio band — The range of audio frequencies passed 
by an amplifier, receiver, transmitter, etc. See also audio 
frequency. 

audio carrier—In the NTSC system, a carrier 
located 4.5 MHz above the video carrier; it extends to 
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within 0.25 MHz of the assigned channel frequency. For 
channel 2, its active frequency is 59.75 MHz. 

audio-channel wire—A_ small-diameter wire, 
shielded and jacketed, used primarily in radio and 
television for wiring consoles, panels, etc. 

audio component— That portion of any wave or 
signal which contains frequencies in the audible range 
(between 15 and 20,000 hertz). 

audio frequency — Abbreviated AF. Any frequency 
corresponding to a normally audible sound wave. Audio 
frequencies range roughly from 15 to 20,000 hertz. 

audio-frequency amplification — An increase in 
voltage, current, or power of a signal at an audio 
frequency. 

audio-frequency amplifier— Also called audio 
amplifier. A device that contains one or more elec- 
tron tubes or transistors (or both) and is designed to 
amplify signals within a frequency range of about 15 to 
20,000 hertz. 

audio-frequency choke — An inductance used to 
impede the flow of audio-frequency currents. 

audio-frequency noise —In the audio-frequency 
range, any electrical disturbance introduced from a source 
extraneous to the signal. 

audio-frequency oscillator — An oscillator circuit 
using an electron tube, transistor, or other nonrotating 
device capable of producing audio signals. 

audio-frequency peak limiter— A circuit gener- 
ally used in the audio system of a radio transmitter to 
prevent overmodulation. It keeps the signal amplitude 
from exceeding a predetermined value. 

audio-frequency shift keying — See AFSK. 

audio-frequency shift modulator— A system of 
facsimile transmission over radio, in which the frequency 
shift required is applied through an 800-hertz shift of 
an audio signal rather than by shifting the transmitter 
frequency. The radio signal is modulated by the shifting 
audio signal, usually at 1500 to 2300 hertz. 

audio-frequency spectrum — The full range of 
sounds we can hear. In a person with good hearing, the 
range of sounds in the audio spectrum is usually between 
15 and 20,000 Hz. In older people it is usually 50 to 
10,000 Hz. 

audio-frequency transformer — Also called audio 
transformer. An iron-core transformer for use with audio- 
frequency currents to transfer signals from one circuit to 
another. Used for impedance matching or to permit max- 
imum transfer of power. 

audiogram — Also called threshold audiogram. A 
graph showing hearing loss, percentage of hearing loss, 
or percentage of hearing as a function of frequency. 

audio-level meter — An instrument that measures 
audio-frequency power with reference to a predetermined 
level. Usually calibrated in decibels. 

audiometer — An electronic instrument for measur- 
ing hearing acuity. In simple units, the listener is provided 
(usually through earphones) with an audio signal (com- 
monly a pure tone) of known intensity and frequency. 
More complex instruments provide a variety of signals 
(pure tones, white noise, and speech) through a variety of 
output transducers (such as earphones, bone vibrators, or 
loudspeakers). 

audio mixer — An amplifier circuit used for blending 
two or more audio signals, such as those delivered by 
microphones and record players. 

audion— A three-clectrode vacuum tube introduced 
by Dr. Lee de Forest. 

audio oscillator — See audio-frequency oscillator. 

audio output— The output signal from any audio 
equipment. It is generally measured in volts or watts, rms. 
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audio patch bay— Specific patch panels provided 
for termination of all audio circuits and equipment used in 
the channel and technical-control facility. This equipment 
can also be found in transmitting and receiving stations. 

audio peak limiter—See audio-frequency peak 
limiter. 

audiophile — A person who is interested in good 
musical reproduction for his or her own personal listening 
and who uses the latest audio equipment and techniques. 

audio rectification — The phenomenon of rf sig- 
nals being picked up, rectified, and amplified by audio 
circuits — notably by high-gain preamplifiers. 

audio response — 1. A computer output technique 
that is formatted from stored words previously recorded in 
the computer. Programmed instructions often communi- 
cate with a student through this technique. 2. The fidelity 
with which audio-frequency equipment reproduces its 
input signal. 

audio signal— An electrical signal whose frequency 
is within the audio range. 

audio spectrum — |. The continuous range of audio 
frequencies, extending from the lowest to the highest 
(from about 15 to 20,000 hertz). 2. The range of frequen- 
cies that can be detected as sound by the human ear. 

audio subcarrier— Subcarriers of satellite video 
signals that are modulated by audio signals. The frequency 
range can be from 5 to 8 MHz but is usually 6.2 or 
6.8 MHz. 

audio taper — Semilogarithmic change of resistance. 
Used on tone controls in audio amplifiers to compensate 
for the lower sensitivity of the human ear when listening 
to low-volume sounds. 

audio transformer— See audio-frequency trans- 
former. 

audiovisual — Involving both sight and sound (e.g., 
audiovisual education uses films, slides, phonograph 
records, and the like to supplement instruction). 

audiovisual system — A system of communications 
that simultaneously transmits pictorial and audio signals. 

auditing —Examination of software for consistency 
and traceability. 

augend — In arithmetic addition, the number increased 
by having another number (called the addend) added to it. 

augmented operation code — In a computer, an 
operation code that is further defined by information 
contained in another portion of an instruction. 

aural — Pertaining to the ear or to the sense of hearing. 
This term is often used to distinguish between sound 
that is actually heard and sound represented by audio- 
frequency currents. See also audio. 

aural radio range —.A radio range whose courses 
are normally followed by interpretation of an aural signal. 

aural signal — The signal corresponding to the sound 
portion of a television program. In general, the audible 
component of a signal. 

aural transmitter — The equipment used to transmit 
the aural (sound) signals from a television broadcast 
station. 

aurora —Shects, streamers, or streaks of pale light 
often seen in the skies of the northern and southern 
hemispheres. The aurora borealis and aurora australis. 

auroral absorption — Absorption of radio waves 
due to auroral activity. See also aurora. 

auroral absorption index— A factor that relates 
the average auroral absorption with the geographic loca- 
tion of the points of reflection from the ionosphere. 

authentication — Security measure designed to pro- 
tect a communications system against fraudulent trans- 
missions and establish the authenticity of a message by an 
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authenticator within the transmission derived from certain 


predetermined elements of the message itself. 


authenticator— A group of letters or numerals, or 
both, inserted at a predetermined point in a transmission 
or message for the purpose of attesting to the authenticity 
of the message or transmission. 

authoring — The process of planning, designing, and 
producing multimedia applications. 

authorized access switch—A device used to 
make an alarm system or some portion or zone of a system 
inoperative in order to permit authorized access through 
a protected port. A shunt is an example of such a device. 

authorized carrier frequency — A specific carrier 
frequency authorized for use, from which the actual 
carrier frequency is permitted to deviate, solely because 
of frequency instability, by an amount not to exceed the 
frequency tolerance. 

autoalarm — Also called automatic alarm receiver. 
1. A device that is tuned to the international distress fre- 
quency of 500 kHz and that automatically actuates an 
alarm if any signal is received. 2. A circuit or device oper- 
ated from a radio receiver to alert a radio operator that an 
incoming message is addressed to him or her. 3. Complete 
receiving, selecting, and warning device capable of being 
actuated automatically by intercepted radio-frequency sig- 
nals forming the international automatic-alarm signal. 

auto balance—A system for detecting errors in 
color balance in the white and black areas of the picture 
and automatically adjusting the white and black levels of 
both the red and blue signals as needed for correction. 

auto call — An alerting device that sounds a preset 
code of signals in a building to page those persons whose 
code is being sounded. 

autocondensation — A method of introducing high- 
frequency alternating current into living tissue for thera- 
peutic purposes. The patient is connected as one plate of 
a capacitor to which the current is applied. 

autoconduction—A method of introducing high- 
frequency alternating currents into living tissues for 
therapeutic purposes. The patient is placed inside a coil 
and acts essentially as the secondary of a transformer. 

autocorrelation — |. The correlation of a waveform 
with itself. It gives the Fourier transform of the power 
spectrum of the waveform (the power-density spectrum in 
the case of random signals). 2. A mathematical technique 
to measure the degree of rhythmic activity in physical 
phenomena that vary in a complex manner as a function 
of time. 

autocorrelation function— A measure of the sim- 
ilarity between time-delayed and undelayed versions of 
the same signal, expressed as a function of delay. 

autocorrelator— A circuit that distinguishes coher- 
ent programs (music or speech) from random noise (hiss) 
and operates filters that attenuate noise without an audible 
loss of program frequencies. 

autodyne circuit—A vacuum-tube circuit that 
serves simultaneously as an oscillator and as a heterodyne 
detector, 

autodyne reception—A type of radio reception 
employed in regenerative receivers for the reception of 
cw code signals. In this system the incoming signal beats 
with the signal from an oscillating detector to produce an 
audible beat frequency. 

AUTOEXEC.BAT — Abbreviation for automatic exe- 
cute batch file. The main file that tells a computer what to 
do when it is turned on. It literally automatically cxecutes 
a batch of files. 

auto iris control— An accessory unit that measures 
the video level of a TV camera and opens and closes the 
iris of the lens to compensate for light changes. 
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auto light range — The range of light (e.g., sunlight 
to moonlight) over which a TV camera is capable of 
automatically operating at specified output. 

autoluminescence —The luminescence of a sub- 
stance that is produced by energy within it (e.g., radioac- 
tive material). 

auto-man—A_ locking switch that controls the 
method of operation (i.e., automatic or manual). 

automata — A plural form of automaton. 

automated communications — Combination of 
techniques and facilities by which intelligence is con- 
veyed from one point to another without human effort. 

automatic — |. Self-regulating or self-acting; capa- 
ble of producing a desired response to certain prede- 
termined conditions. 2. Self-acting and self-regulating; 
operating without human intervention; often implying the 
presence of a feedback control system. 3. Pertaining to a 
process or device that, under specific conditions, performs 
its functions without intervention by a human operator. 

automatic-alarm receiver—Complete receiving, 
selecting, and warning device capable of being actu- 
ated automatically by intercepted radio-frequency signals 
forming the international automatic-alarm signal. 

automatic-alarm-signal keying device—A 
device that automatically keys the radio-telegraph 
transmitter on board a vessel to transmit the international 
automatic-alarm signal. 

automatic answer—A feature by which a com- 
municating word processor, twx, etc., may receive text 
without an operator in attendance. 

automatic back bias — A radar-receiver technique 
that consists of one or more automatic gain-control loops 
to prevent large signals from overloading a receiver, 
whether by jamming or by actual echoes. 

automatic bass compensation — Abbreviated 
abc. 1. A circuit used in a receiver or audio amplifier 
to make the bass notes sound more natural at low-volume 
settings. The circuit, which usually consists of resistors 
and capacitors connected to taps on the volume control, 
automaticaily compensates for the poor response of the 
human ear to weak sounds. 2. A circuit used in some 
audio equipment to increase the amplitude of the bass 
notes to make them appear more natural at low volume 
settings. 

automatic bias — See self-bias. 

automatic brightness control— A circuit used in 
television receivers to keep the average brightness of the 
reproduced image essentially constant. Its action is similar 
to that of an automatic volume-control circuit. 

automatic call—A communications feature that 
allows a transmission control unit to automatically estab- 
lish a connection with one or more message recipients. 

automatic call distributor — See ACD. 

automatic calling unit— Abbreviated ACU. A 
dialing device, supplied by the communication common 
carrier, that permits a business machine to dial calls 
automatically over the communication networks. 

automatic carriage — A control mechanism for a 
typewriter or other listing device that can automatically 
control the feeding, spacing, skipping, and ejecting of 
paper or preprinted forms. 

automatic check— An operation performed by 
equipment built into an electronic computer to automati- 
caliy verify proper operation. 

automatic chrominance control—A color- 
television circuit that automatically controls the gain of 
the chrominance bandpass amplifier by varying the bias. 

automatic circuit breaker— A device that auto- 
matically opens a circuit, usually by electromagnetic 
means, when the current exceeds a safe value. Unlike 
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a fuse, which must be replaced once it blows, the circuit 
breaker can be reset manually when the current is again 
within safe limits. 

automatic coding — A technique by which a digital 
computer is programmed to perform a significant portion 
of the coding of a problem. 

automatic color purifier— See automatic deg- 
ausser. 

automatic computer—-A computer capable of 
processing a specified volume of work without a need 
for human intervention other than program changes. 

automatic connections — Connections between 
users made by electronic switching equipment without 
human intervention. 

automatic constant — In a calculator, a provision 
that allows the user to multiply or divide a series 
of numbers by the same divider or multiplier without 
reentering each time. 

automatic contrast control —A television cir- 
cuit that automatically changes the gain of the video 
intermediate-frequency and radio-frequency stages to 
maintain proper contrast in the television picture. 

automatic controller — A device or instrument for 
measuring and regulating that operates by receiving a 
signal from a sensing device, comparing this signal with 
a desired value, and issuing signals for corrective action. 

automatic crossover— |. A type of current-limiting 
circuit on a power supply provided with an adjustment 
for setting the short-circuit current to an adjustable max- 
imum value. 2. A term applied to bimodal power sup- 
plies (constant voltage/constant current) that describes the 
transferral from one operating mode to the other at a pre- 
determined value of load resistance. Usually the crossover 
point is preset by means of front panel controls. 

automatic current limiting — An overload-protec- 
tion mechanism designed to limit the maximum output 
current of a power supply to a preset value. Usually it 
automatically restores the output when the overload is 
removed. 

automatic cutout— A device, operated by electro- 
magnetism or centrifugal force, to automatically discon- 
nect some parts of an equipment after a predetermined 
operating limit has been reached. 

automatic data processing — Abbreviated ADP. 
The processing of digital information by automatic com- 
puters and otaer machines. Also called integrated data 
processing. 

automatic data-processing system—aA sys- 
tem that includes electronic data-processing equipment 
together with auxiliary and connecting communications 
equipment. 

automatic degausser— Also called automatic 
color purifier and degausser. An arrangement of degauss- 
ing coils mounted around a color-television picture tube. 
These coils are energized only for a short while after the 
set is turned on. They serve to demagnetize any parts of 
the picture tube that may have been affected by the earth’s 
magnetic field or the magnetic field of any nearby home 
appliance. 

automatic dial — A communications feature whereby 
a calling unit has the ability to autcmatically establish a 
connection with one or more message recipients. 

automatic dialer— 1. Device that will automatically 
dial any of a group of preselected telephone numbers. 
2. A device that automatically dials telephone numbers 
on a network. 

automatic dialing unit— Abbreviated ADU. A 
device capable of generating dialing digits automatically. 

automatic digital network — Automatic communi- 
cations network for end-to-end message-switched digital 
data communication. 
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automatic direction finder— Abbreviated ADF. 
Also called an automatic radio compass. An electronic 
device, usually for marine or aviation application, which 
provides a radio bearing to any transmitter whose fre- 
quency is known but whose direction and location are not. 

automatic electronic data-switching center — 
Communications center designed specifically for the 
automatic electronic transmission, reception, relay, and 
switching of digitalized data. 

automatic error correction— A technique, usu- 
ally requiring the use of special codes and/or automatic 
retransmission, that detects and corrects errors occurring 
in transmission. The degree of correction depends on cod- 
ing and equipment configuration. 

automatic exchange —A telephone exchange in 
which connections are made between subscribers by 
means of devices set in operation by the originating 
subscriber's instrument without the intervention of an 
Operator. 

automatic fine tuning—-A circuit in a receiver 
that automatically maintains the correct tuner oscillator 
frequency and compensates for drift and for moderate 
amounts of inaccurate tuning. Similar to automatic fre- 
quency control. 

automatic focusing — A method of electrostatically 
focusing a television picture tube; the focusing anode is 
internally connected through a resistor to the cathode and 
thus requires no external focusing voltage. 

automatic frequency control — Abbreviated AFC. 
l. A system that produces an error voltage in proportion 
to the amount by which an oscillator drifts away from 
its correct frequency, the error voltage acting to reverse 
the drift. 2. A control circuit in a receiver or tuner that 
compensates for small variations in the carrier signal fre- 
quency to provide a stable audio output. A circuit function 
in a tuner or receiver that keeps the unit accurately tuned 
to the desired station, eliminating any tendency to drift. 

automatic frequency correction — See automatic 
frequency control. 

automatic function key correction — When the 
wrong function key is depressed in a calculator, pressing 
the correct function key automatically replaces it. 

automatic gain control—1. A means of control- 
ling gain of a receiver through feedback to suit the 
strength of the incoming signal. Ideally, the output level 
at the speaker should remain constant over a wide range 
of input signals. For low-level inputs the feedback sig- 
nal is small and gain is high. For stronger signals the 
feedback loop cuts gain to prevent overload. 2. A self- 
acting compensation device that maintains the output of 
a transmission system constant within narrow limits in 
the face of wide variations in the attenuation of the sys- 
tem. 3. A radar circuit that prevents saturation of the radar 
receiver by long blocks of received signals or by a carrier 
modulated at low frequency. 4. A process by which gain 
is automatically adjusted as a function of input or other 
specified parameter. 

automatic gain stabilization — A circuit, used in 
certain identification friend-or-foe equipment and radar 
beacon systems, which serves to maintain optimum sen- 
sitivity in a superregenerative stage by keeping the noise- 
pulse load constant. The system prevents random noises 
from triggering the automatic transmitter associated with 
the receiver. 

automatic grid bias— Grid-bias voltage provided 
by the difference in potential across a resistance (or 
resistances) in the grid or cathode circuit due to grid or 
cathode current or both. 

automatic intercept — Automatic recording of mes- 
sages a caller may wish to leave when the called party is 
away from his telephone. 


automatic level compensation — A system that 
automatically compensates for variations in the circuit. 
See also automatic volume control. 

automatic level control— See ALC. 

automatic light control — The process by which 
the illumination incident on the face of a television pickup 
device is automatically adjusted as a function of scene 
brighiness. 

automatic message accounting — See automatic 
toll ticketing. 

automatic message-switching center — A cen- 
ter in which messages are routed automatically according 
to information they contain. 

automatic modulation control —A transmitter 
circuit that reduces the gain for excessively strong audio 
input signals without affecting the strength of normal sig- 
nals, thus permitting higher average modulation without 
overmodulation; this is equivalent to an increase in the 
carrier-frequency power output. 

automatic noise-limiter— A circuit that automati- 
cally clips off all noise peaks above the highest peak of the 
desired signal being received. This circuit prevents strong 
atmospheric or human-made interference from being trou- 
blesome. 

automatic numbering equipment— Equipment 
used in association with tape transmitters to transmit a 
channel number. 

automatic pedestal control—The process by 
which the pedestal height of a television signal is automat- 
ically adjusted as a function of the input or other specified 
parameter, 

automatic phase control — A circuit used in color 
television receivers to synchronize the burst signal with 
the 3.58-MHz color oscillator. 

automatic pilot— See autopilot. 

automatic programming — Any technique design- 
ed to simplify the writing and execution of programs 
in a computer. Examples are assembly programs that 
translate from the programmer’s symbolic language to the 
machine language, those which assign absolute addresses 
to instruction and data words, and those which integrate 
subroutines into the main routine. 

automatic quality control — A technique in which 
the quality of a product being processed 1s evaluated in 
terms of a predetermined standard, and proper corrective 
action is taken automatically if the quality falls below the 
standard. 

automatic radio compass—aA radio direction 
finder that automatically rotates the loop antenna to the 
correct position. A bearing can then be secured from 
the indicator dials without mechanical adjustment or 
calculation. See also automatic direction finder. 

automatic record changer— An electrically oper- 
ated mechanism that automatically feeds, plays, and 
rejects a number of records in a preset sequence. It con- 
sists of a motor, turntable, pickup arm, and changer. Some 
changers are designed to play automatically 1624-, 33 1f-, 
45-, and 78-rpm records. 

automatic regulation —-In a power supply, the 
automatic holding of the output voltage or current to a 
constant value in spite of variations in the input voltage 
of load resistance. 

automatic relay — A means of selective switching 
that causes automatic equipment to record and retransmit 
communications. 

automatic repeater station—A station that 
receives signals and simultaneously retransmits them, but 
usually on a different frequency. 

automatic repeat request— Abbreviated arr. A 
system of error checking in which an error-detecting code 
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is included with the transmitted data. When the receiver is 
unable to verify the message, it initiates a retransmission. 

automatic reset—The automatic reversion of a 
timer to its ready state after it has completed a timing 
cycle or after the input circuit has been interrupted. 

automatic reset relay— Also called automatic 
reset. 1. A stepping relay that returns to its home position 
either when it reaches a predetermined contact position 
or when a pulsing circuit fails to energize the driving 
coil within a given time, It may either pulse forward or 
be spring-reset to the home position. 2, An overload relay 
that restores the circuit as soon as an overcurrent situation 
is corrected. 

automatic retransmission — Retransmission of 
signals by a radio station whereby the retransmitting sta- 
tion is actuated solely by the presence of a received signal 
through electrical or electromechanical means, i.e., with- 
out any direct, positive action by the control operator. 

automatic reverse— Ability of some four-track 
stereo tape recorders to play the second pair of stereo 
tracks automatically, in the reverse direction, without need 
to interchange the empty and full reels after the first pair 
of stereo tracks has been played. 

automatic scanning — A variable-speed sweep of 
the entire frequency range of a radio-frequency interfer- 
ence meter. It may also include the scanning of a portion 
of this frequency range over a predetermined sector. 

automatic scanning receiver—A receiver that 
can aulomaticaily and continuously sweep across a prese- 
lected frequency, either to stop when a signal is found or 
to plot signal occupancy within the frequency spectrum 
being swept. 

automatic secure voice communications — A 
network that provides cryptographically secure voice 
communications through the use of a combination of 
wideband and narrow-band voice-digitizing techniques. 

automatic selective control (or transfer) 
relay —A device that operates to select automatically 
between certain sources or conditions in an equipment, or 
performs a transfer operation automatically. 

automatic send—A communications capability 
whereby a communicating system has the ability to auto- 
matically send out a message in an unattended mode. 

automatic send/receive — A teletype-writer unit 
that includes a keyboard, printer, paper tape, reader/trans- 
mitter, and paper-tape punch. This combination of 
facilities may be used online or offline, and, in some cases, 
online and offline simultaneously. 

automatic sensitivity control— |. A circuit used 
for automatically maintaining receiver sensitivity at a 
predetermined level. It is similar to an automatic gain 
control, but it affects the receiver constantly rather than 
during the brief interval selected by the range gate. 2. The 
self-acting mechanism that varies the system sensitivity as 
a function of the specified control parameters. This may 
include automatic target control, automatic light control, 
or any combination thereof. 

automatic sequencing —The ability of a com- 
puter to perform successive operations without additional 
instructions from a human being. 

automatic short-circuiter—A device used in 
some forms of single-phase commutator motors to short- 
circuit the commutator bars automatically. 

automatic short-circuit protection— An auto- 
matic current-limiting system that enables a power supply 
to continue operating at a limited current, and without 
damage, into any output overload, including a short cir- 
cuit. The output voltage is restored to normal when the 
overload is removed, as distinguished from a fuse or 
circuit-breaker system that opens with overload and must 
be replaced or reclosed manually to restore power, 
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automatic shutoff — In a tape recorder, a switching 
arrangement that automatically shuts the recorder off 
when the tape breaks or runs out. Also, a switching 
arrangement that stops a record changer after the last 
record. 

automatic starter — 1. A device which, after being 
given the initial impulse by means of a push button or 
similar device, starts a system or motor automatically 
in the proper sequence. 2. A self-acting starter that is 
completely controlled by master or pilot switches or some 
other sensing device. 

automatic switchboard — Telephone switchboard 
in which the connections are made by the operation of 
remotely controlled switches. 

automatic switch center—A switch center in 
which messages originating at any subscriber terminal 
are relayed automatically through one or more switching 
centers to their destinations. 

automatic target control — The self-acting mecha- 
nism that controls the vidicon target potential as a function 
of the scene brightness. 

automatic telegraph transmission —A form of 
telegraphy in which signals are transmitted mechanically 
from a perforated tape. 

automatic telegraphy —A form of telegraphy in 
which signals are transmitted and/or receivea automati- 
cally. 

automatic telephone dialer — A device that, when 
activated, automatically dials one or more preprogrammed 
telephone numbers (e.g., police, fire department) and 
relays a recorded voice or coded message giving the 
location and nature of the alarm; used with intrusion 
alarms and security systems. 

automatic test generation — Abbreviated ATG, 
Automatic test-pattern generation (ATPG). Calculation 
of a specific set of input test patterns with 2 computer 
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automatic threshold variation — A constant false- 
alarm rate scheme that is an open-loop type of automatic 
gain control in which the decision threshold is varied 
continuously in proportion to the incoming intermediate 
frequency and video noise level. 

automatic time switch—A combination of a 
switch with an electric or spring-wound clock arranged 
to turn an apparatus on and off at predetermined times. 

automatic toll ticketing — System whereby toll 
calls are automatically recorded, timed, and toll tickets 
printed, under control of the calling telephone’s dial 
pulses and without the intervention of an operator. Also 
called automatic message accounting. 

automatic tracking — In radar, the process whereby 
a mechanism, actuated by the echo, automatically keeps 
the radar beam locked on the target; may also determine 
the range simultaneously. 

automatic transfer equipment — Equipment that 
automatically transfers a load so that a source of power 
may be selected from one of several incoming lines. 

automatic tuning — An electrical, mechanical, or 
electrical/mechanical system that automatically tunes a 
circuit to a predetermined frequency when a button or 
other control is operated. 

automatic turntable — A record player whose tone 
arm is positioned for playing records when a control is 
operated, and which shuts off automatically at the end of 
play. See record changer. 

automatic video-noise leveling—-A constant 
false-alarm rate scheme in which the video-noise level 
at the output of the receiver is sampled at the end of 
each range sweep and the receiver gain is readjusted 
accordingly to maintain a constant video-noise level at 
the output. 
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automatic voltage regulator — A device or circuit 
that maintains a constant voltage, regardless of any 
variation in input voltage or load. 

automatic volume compression — See volume 
compression. 

automatic volume control — Abbreviated AVC. 
1. A self-acting compensation device that maintains the 
output of a transmission system constant within narrow 
limits in the face of wide variations in attenuation in 
that system. 2. A self-acting device that maintains the 
output of a radio receiver or amplifier substantially 
constant within relatively narrow limits while the input 
voltage varies over a wide range. 3. See automatic level 
compensation. 

automatic volume expansion — Also called vol- 
ume expansion. Án audio-frequency circuit that automati- 
cally increases the volume range by making loud portions 
louder and weak ones weaker. This is done to make radio 
reception sound more like the actual program, because the 
volume range of programs is generally compressed at the 
point of broadcast. 

automatic zero and full-scale calibration 
correction—A system of zero and sensitivity stabi- 
lization in which electronic servos are used that compare 
demodulated “zero” and “full-scale” signals with refer- 
ence voltages. 

automation— 1. The method or act of making a 
manufacturing or processing system partially or fully 
automatic. 2. The entire field of investigation, design, 
development, application, and methods of rendering or 
making processes or machines self-acting or self-moving; 
rendering automatic. 3. Automatically controlled opera- 
tion of an apparatus process or system by mechanical 
or electronic devices that take the place of observation, 
effort, and decision by a human operator. 

automaton— |. A device that automatically follows 
predetermined operations or responds to encoded instruc- 
tions. 2. Any communication-linked set of elements. 3. A 
machine that exhibits living properties. 4. A mechanism, 
fixed or mobile, possessing the ability to manipulate 
objects external to itself under the constant control of a 
programming routine previously supplied by an external 
intelligence. 5. A machine that is designed to simulate the 
operations of living things. 

automonitor— 1. To instruct an automatic digital 
computer to produce a record of its information-handling 
operations. 2, A program or routine for this purpose. 

automotive analyzer— An instrument containing 
numerous automotive test features combined into one 
portable unit. 

automotive electronics — The branch of engineer- 
ing science that deals with the generation, control, con- 
version, and application of electricity in self-propelled 
vehicles. 

automotive primary wire — Low-voltage single or 
multiconductor wire for automotive applications. Resis- 
tant to oil and weather. 

autopatch— 1. A repeater-to-telephone connection 
that makes it possible to place a telephone call from a 
mobile transmitter that has DTMF capability. An access 
code is frequently required to establish the connection 
to the phone linc. 2. A remotely controllable device 
frequently used at a repeater location that patches a 
radiocommunications system into a telephone land-line 
network. 3. A component that allows telephone calls to 
be placed through a repeater. 

autopilot — Also called automatic pilot, gyropilot, or 
robot pilot. A device containing amplifiers, gyroscopes, 
and servomotors that automatically control and guide the 
flight of an aircraft or guided missile. The autopilot detects 
any deviation from the planned flight and automatically 


applies the necessary corrections to keep the aircraft or 
missile on course. 

autopolarity —A feature of a digital voltmeter or 
digital multimeter wherein the correct polarity (either neg- 
ative or positive) for a measured quantity 1s automatically 
indicated on the display. 

auto radio — A radio receiver designed to be installed 
in an automobile and powered by the storage battery of 
the automobile. 

autoregulation induction heater — An induction 
heater in which a desired control is effected by the change 
in characteristics of a magnetic charge as it is heated at 
or near its Curie point. 

auto reverse (cassette deck)— Automatically 
reverses tape direction at the end of each side of an audio- 
cassette, for extended unattended listening. 

auto single play— A turntable in which records are 
played one at a time and the arm performs a playing cycle, 
lifting itself from the record at the end (and in some cases 
shutting off the motor). 

autostarter — See autotransformer starter. 

Autosyn—A trade name of the Bendix Corp. for 
a remote-indicating instrument or system based on the 
synchronous-motor principle, in which the angular posi- 
tion of the rotor of a motor at the measuring source is 
duplicated by the rotor of the indicator motor. 

auto tracking — Also called automatic tracking oper- 
ation. A master/slave connection of two or more power 
supplies, each of which has one of its output terminals 
in common with one of the output terminals of all of the 
other supplies, such connections being characterized by 
one-knob control and proportional output voltage from all 
supplies. Useful where simultaneous turn-up, turn-down, 
or proportional control of all power supplies in a system 
is required. 

autotransformer — 1. A transformer with a single 
winding (electrically) in which the whole winding acts 
as the primary winding, and only part of the winding 
acts as the secondary (step-down); or part of the winding 
acts as the primary, and the whole winding acts as the 
secondary (step-up). 2. A voltage, current, or impedance 
transforming device in which parts of one winding are 
common to both the primary and secondary circuits. 
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autotransformer starter — Also called a compen- 
sator or autostarter. A motor starter having an autotrans- 
former to furnish reduced voltage for starting. Includes 
the necessary switching mechanism. 

autozero -Displaying all zeros in a digital multi- 
meter or digital voltmeter when no measurement is being 
made. 

aux— Abbreviation for auxiliary. Often applied to 
amplifier inputs, where it refers to an extra input facility 
as distinct from “mic,” “tuner,” “pickup,” etc. 

auxiliary actuator—A mechanism that may be 
attached to a switch to modify its characteristics. 

auxiliary bass radiator — A parasitic (nonelectri- 
cally driven) unit resembling a bass speaker unit located 
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in a loudspeaker enclosure as if 1t were an ordinary unit, 
to increase the movement of air and hence enhance the 
bass performance at a given enclosure volume. 

auxiliary circuit— Any circuit other than the main 
circuit. 

auxiliary contacts—In a switching device, con- 
tacts, in addition to main circuit contacts, that function 
with the movement of the latter. 

auxiliary electrodes — Metallic electrodes pushed 
or driven into the earth to provide electrical contact for 
the purpose of performing measurements on grounding 
electrodes of grounded grid systems. 

auxiliary equipment — Equipment not directly con- 
trolled by the central processing unit of a computer. 

auxiliary function — In automatic control of machine 
tools, a machine function other than the control of the 
motion of a workpiece or cutter, e.g., control of machine 
lubrication and cooling. 

auxiliary-link station—A station, other than a 
repeater station, at a specific land location, licensed only 
for the purpose of automatically relaying radio signals 
from that location to another specific land location. 

auxiliary memory — See auxiliary storage. 

auxiliary operation— An operation performed by 
equipment not under continuous control of the computer 
central processing unit. 

auxiliary relay—i.A relay that responds to the 
opening or closing of its operating circuit to assist another 
relay or device in the performance of a function. 2. A 
relay actuated by another relay and used to control 
secondary circuit functions such as signals, lights, or other 
devices. Also called slave relay. 

auxiliary-station line filter — A line filter for use at 
repeater points to separate frequencies of different carrier 
systems using the same line pair. For example, such a 
filter might be used at a high-frequency carrier-system 
repeater to bypass the low-frequency carrier system and 
voice frequencies around the repeater. 

auxiliary storage— 1. In a computer, storage that 
supplements the main storage, such as hard disks, floppy 
disks, magnetic tapes, or optical discs. 2. Storage capac- 
ity, such as magnetic tape, disk, or drum, in addition to 
the main memory of a computer. Also called auxiliary 
memory. 

auxiliary switch— A switch actuated by some 
device such as a circuit breaker, for signaling, interlock- 
ing, or other purpose. 

auxiliary transmitter — A transmitter held in readi- 
ness in case the main transmitter of a broadcasting station 
fails. 

availability— 1. The ratio, expressed as a percent, 
of the time during a given period that an equipment is 
correctly operating to the total time in that period. Also 
called operating ratio. 2. The probability that a system is 
operating satisfactorily at any point in time when used 
under stated conditions, where the total time considered 
includes operating time, active repair ume, administrative 
time, and logistic time. 

available conversion gain—Ratio of available 
output-frequency power from the output terminals of a 
transducer to the available input-frequency power from 
the driving generator, with terminating conditions speci- 
fied for all frequencies that may affect the result. Applies 
to outputs of such magnitude that the conversion trans- 
ducer is operating in a substantially linear condition. 

available gain — The ratio of the available power at 
the output terminals of the network to the available power 
at the input terminals of the network. 

available line-—In a facsimile system, that portion 
of a scanning line that can be used for picture signals. 
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Expressed as a percentage of the length of the scan- 
ning line. 

available machine time — Time after the appli- 
cation of power during which a computer is operating 
correctly. 

available power — |. The mean square of the open- 
circuit terminal voltage of a linear source, divided by four 
times the resistive component of the source impedance. 
2. Of a network, the power that would be delivered to a 
conjugately matched load. It is the maximum power that 
a network can deliver. Available power, though defined 
in terms of an output load impedance, is independent of 
that impedance. 

available power gain—Sometime called com- 
pletely matched power gain. Ratio of the available power 
from the output terminals of a linear transducer, under 
specified input-termination conditions, to the available 
power from the driving generator. The available power 
gain of an electrical transducer is maximum when the 
input-termination admittance is the conjugate of the 
driving-point admittance at the input terminals of the 
transducer. 

available signal-to-noise ratio— Ratio of the 
available signal power at a point in a circuit to the 
available random-noise power. 

avalanche — |. Rapid generation of a current flow 
with reverse-bias conditions as electrons sweep across 
a semiconductor junction with enough energy to ionize 
other bonds and create electron-hole pairs, making the 
action regenerative. 2. One of the mechanisms responsi- 
ble for voltage breakdown of semiconductor junctions and 
devices. When avalanche occurs, carriers moving through 
the crystal lattice have achieved sufficient kinetic energy 
to knock further carriers from the lattice, producing a 
snowballing increase in current level. Provided the cur- 
rent increase is limited externally, avalancne breakdown 
causes no permanent damage to the device. 

avalanche breakdown—1. ln a semiconductor 
diode, a nondestructive breakdown caused by the cumu- 
lative multiplication of cariers through field-induced 
impact ionization. 2. In a reverse-biased semiconductor, 
the sudden, marked increase of reverse current at the bias 
voltage at which avalanche begins. The action resembles 
a breakdown but it is nondestructive when the current is 
limited by external means. 3. A breakdown that is caused 
by the action of a strong electric field which causes some 
free carriers to gain enough energy to liberate new hole- 
electron pairs by ionization. 

avalanche conduction—A form of conduction 
in a semiconductor in which charged-particle collisions 
create additional hole-electron pairs. 

avalanche current— The high current through a 
semiconductor junction in response to an avalanche 
voltage. 

avalanche diode — 1. Also called breakdown diode. 
A silicon diode that has a high ratio of reverse-to-forward 
resistance until avalanche breakdown occurs. After break- 
down the voltage drop across the diode is essentially con- 
stant and is independent of the current. Used for voltage 
regulating and voltage limiting. Originally called zener 
diode, before it was found that the zener effect had no 
significant role in the operation of diodes of this type. 
2. A silicon diode in which avalanche breakdown occurs 
across the diode’s pn junction. See IMPATT diode; TRA- 
PATT diode. 

avalanche 
dance. 

avalanche noise— 1. A phenomenon in a semi- 
conductor junction in which carriers in a high-voltage 
gradient develop sufficient energy to dislodge addi- 
tional carriers through physical impact. 2. Electrical noise 
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generated in a junction diode operated at the point at 
which avalanche just begins. 

avalanche photodiode— 1. A photodiode that 
takes advantage of the avalanche multiplication of pho- 
tocurrent. It is particularly suited to low-noise and/or high- 
speed applications. 2. A device that utilizes avalanche 
multiplication of photocurrent by means of hole electrons 
created by absorbed photons. When the device’s reverse- 
bias voltage nears breakdown level, the hole-electron pairs 
collide with substrate atoms to produce multiple hole- 
electron pairs. 

avalanche transistor—A transistor that, when 
operated at a high reverse-bias voltage, supplies a chain 
generation of electron-hole pairs. 

avalanche voltage — The applied voltage at which 
avalanche breakdown occurs. 

avalanching — A process resulting from high fields 
in a semiconductor device, in which an electron is 
accelerated by the field, hits an atom, and releases more 
electrons, which continue the sequence. 

AVC — See automatic volume control. 

average — See arithmetic mean. 

average absolute pulse amplitude — The aver- 
age of the absolute value of instantaneous amplitude taken 
over the pulse duration. Absolute value means the arith- 
metic value regardless of algebraic sign. 

average brightness — The average illumination in 
a television picture. 

average calculation operation —A typical com- 
puter calculating operation longer than an addition and 
shorter than a multiplication, often taken as the mean of 
nine additions and one multiplication. 

average current—The arithmetic mean of the 
instantaneous currents of a complex wave, averaged over 
one half cycle. 

average electrode current— The value obtained 
by integrating the instantaneous electrode current over an 
averaging time and dividing by the average time. 

average life — See mean life, 1. 

average noise factor— See average noise figure. 

average noise figure — Also called average noise 
factor. In a transducer, the ratio of total output noise 
power to the portion attributable to thermal noise in the 
input termination, with the total noise being summed 
over frequencies from zero to infinity and the noise 
temperature of the input termination being standard 
(290 K). 

average outgoing quality — The ultimate average 
quality of products shipped to the customer that results 
from composite sampling and screening techniques. 

average power output of an amplitude- 
modulated transmitter — The radio-frequency power 
delivered to the transmitter output terminals, averaged 
over a modulation cycle. 

average pulse amplitude—The average of the 
instantancous amplitudes taken over the pulse duration. 

average rate of transmission — Effective speed 
of transmission. 

average value — 1. The value obtained by dividing 
the sum of a number of quantities by the number of 
quantities. The average value of a sine wave is 0.637 times 
the peak value. 2. The dc voltage of current amplitude that 
will transfer the same electrical charge to a capacitor as 
the ac waveform during a half period. Mathematically, it 
is the average of the absolute valuc of all the instantaneous 
amplitudes. 

average voltage—The sum of the instantaneous 
voltages in a half-cycle waveshape, divided by the number 
of instantaneous voltages. In a sine wave, the average 
voltage is equal to 0.637 times the peak voltage. 
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aviation channels — A band of frequencies, below 
and above the standard broadcast band, assigned exclu- 
sively for aircraft and aviation applications. 

aviation services—The aeronautical mobile and 
radionavigational services. 

avionics — 1. An acronym designating the field of 
aviation electronics. 2. The branch of electronics that 
is concerned with aviation applications. 3. The design, 
production, and application of electronic devices and 
systems for use in aviation and astronautics. 

Avogadro’s number — The actual number of mole- 
cules in One gram-molecule, or of atoms in one gram- 
atom, of an element or any pure substance (6.023 x 
10% molecules/mole). 

AWG — |. American wire gage. A means of specify- 
ing wire diameter. The higher the number, the smaller 
the diameter. 2. A scale of gage sizes which, with the 
exception of the largest sizes, 4/0 through 1/0, increases 
with the descending values of wire diameter. For example, 
a 1 AWG wire has a diameter of 0.289 inch (7.34 mm) 
and a wire of 40 AWG has a diameter of 0.0031 inch 
(78.74 um). AWG is applied to stranded as well as solid 
conductors. 

axial leads — Leads coming out the ends and along 
the axes of a resistor, capacitor, or other axial part, rather 
than out the side. 


— 


Axial leads. 


axial ratio —Ratio of the major axis to the minor 
axis of the polarization ellipse of a waveguide. This 
term is preferred over ellipticity because, mathemati- 
cally, ellipticity is 1 minus the reciprocal of the axial 
ratio. 

axis— The straight line, either real or imaginary, 
passing through a body around which the body revolves 
or around which parts of a body are symmetrically 
arranged. 

Ayrton-Perry winding—1. Two conductors con- 
nected in parallel so that the current flows in opposite 
directions in cach conductor and thus neutralizes the 
inductance between the two. 2. A noninductive winding 
with two inductors that conduct current in opposite direc- 
tions, with the opposing currents canceling the magnetic 
field. 

Ayrton shunt— Also called universal shunt. A high- 
resistance parallel connection used to increase the range 
of a galvanometer without changing the damping. 

azel display—A modified type of plan-position 
indicator presentation showing two separate radar displays 
on one cathode-ray screen. One display presents bearing 
information, and the other shows elevation. 

az-el mount— An antenna mount that tracks satel- 
lites by moving in two directions: the azimuth in the 
horizontal plain, and elevation up from the horizon. 

azimuth — 1. The angular measurement in a hori- 
zontal plane and in a clockwise direction. 2. In a tape 
recorder, the angle that recording and playback head gaps 
make with the line along which the tape moves. The head 
is oriented until this angle is 90°. 3. The vertical setting 
(alignment) of the head in a tape recorder. 4. Compass 
direction from due north measured in degrees clockwise. 
(True north can be found by sighting the star Polaris at 
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night, or by applying a local correction for magnetic devi- 
ation to a compass reading.) 

azimuth alignment— Alignment of the recording 
and reproducing gaps so that their center lines lie parallel 
with one another. Misalignment of the gaps causes a loss 
in output at short wavelengths. See head alignment. 

azimuth blanking — Blanking of the CRT screen in 
a radar receiver as the antenna scans a selected azimuth 
region. 

azimuth-elevation mount—A movable dish- 
antenna mount and aiming system in which one pivot 
allows rotation in the horizontal plane about the azimuth 
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angle from due north. The other pivot is the elevation 
above the horizon. (This mount can be more difficult to 
aim than a polar mount.) 

azimuth gain reduction— A technique that allows 
control of the radar receiver system throughout any 
azimuth sectors. 

azimuth loss — High-frequency losses that are caused 
by recording head misalignment. 

azimuth rate —The rate of change of true bearing. 

azimuth resolution—The angle or distance by 
which two targets must be separated in azimuth to be 
distinguished by a radar set when the targets are at the 
same range. 

azimuth stabilization —The presentatior of indi- 
cations on a radar display so that north, or any specific 
reference line of direction, is always at the top of the 
screen. 

azimuth-stabilized plan-position indicator — A 
plan-position indictator scope on which the reference 
bearing (usually true or magnetic north) remains fixed 
with respect to the indicator, regardless of the vehicle 
orientation. 

azimuth versus amplitude — An electronic coun- 
ter-countermeasures receiver with plan-position indicator- 
type display attached to the main antenna, used to display 
strobes due to jamming aircraft. It is useful in making 
passive position fixes when two or more radar sites can 
operate together. 

azusa—A short base-line continuous-wave phase- 
comparison electronic tracking system operating on the 
C-band, in which a single station provides two direction 
cosines and slant range. 


B— 1. Symbol for the base of a transistor. 2. Symbol 
for magnetic flux. 3. Abbreviation for photometric bright- 
ness. 4. B or b. Abbreviation for susceptance. 

B— (B-minus or B-negative) — Negative terminal 
of a B battery or the negative polarity of other sources of 
anode voltage. Denotes the terminal to which the negative 
side of the anode-voltage source should be connected. 

B+ (B-plus or B-positive) — Positive terminal of 
a B battery or the positive polarity of other sources of 
anode voltage. The terminal to which the positive side of 
the anode voltage source should be connected, 

babble— 1. The aggregate crosstalk from a large 
number of disturbing channels. 2. In a carner or other 
multiple-channel system, the unwanted disturbing sounds 
that result from the aggregate crosstalk or mutual inter- 
ference from other channels. 3. Crosstalk from a large 
number of channels in a system. 

babble signal— A type of electronic deception 
signal used to confuse enemy receivers. Generally, it 
has characteristics of energy transmission signals. It can 
be composed by superimposing incoming signals on 
previously recorded intercepted signals; this composite 
signal can then be radiated as a jamming signal. 

BABS — Abbreviation for blind approach beacon sys- 
tem. A pulse-type ground-based navigation beacon used 
for runway approach. The BABS ground beacon is 
installed beyond the far end of the runway on the extended 
center line. When interrogated by an aircraft, it retransmits 
two diverging beams, one of short- and the other of long- 
duration pulses. The beams are transmitted alternately, but 
because of the first switching, the aircraft receives what 
appears to be a continuous transmission of both beams. 
The cathode-ray tube in the aircraft displays both long 
and short pulses superimposed on each other. When the 
aircraft is properly aligned with the runway, the pulses 
will be of equal amplitude. 

back bias — 1. A degenerative or regenerative volt- 
age that is fed back to circuits before its originating point. 
Usually applied to a control anode of a tube. 2. A voltage 
applied to a grid of a tube (or tubes) to restore a condition 
that has been upset by some external cause. 3. See also 
reverse bias. 

back bonding — Bonding active chips to a substrate 
using the back of the chip, leaving the face with its 
circuitry uppermost. The opposite of back bonding is face- 
down bonding. 

backbone — A high-voltage, high-capacity transmis- 
sion line or group of lines having a limited number of 
large-capacity connections between loads and points of 
generation. 

backbone network — 1. A network that links sev- 
eral smaller networks. 2. A transmission facility designed 
to interconnect low-speed distribution channels or clusters 
of dispersed user devices. 
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back contact— Relay, key, jack, or other contact 
designed to close a circuit and permit current to flow 
when, in the case of a relay, the armature has released 
or fallen back, or, in other cases, when the equipment is 
inoperative. 

back current—Also called reverse current. The 
current that flows when reverse bias is applied to a 
semiconductor junction. 

back diode — A tunnel diode that is usually chosen 
for its reverse-conduction characteristics. 


ANODE ANODE | 
oP | 7 
CATHDDE CATHODE 
Symbol. Junction. Characteristic. 
Back diode. 


back echo —An echo due to the back lobe of an 
antenna. 

back emission— Also called reverse emission. 
Emission from an electrode occurring only when the elec- 
trode has the opposite polarity from that required for 
normal conduction. A form of primary emission com- 
mon to rectifiers during the inverse portion of their 
cycles. 

back end-—In semiconductor manufacturing, the 
package assembly and test stages of production. Includes 
burn-in and environmental test functions. 

backfill — Filling an evacuated (hybrid) circuit pack- 
age with dry inert gas prior to hermetic sealing of the 
package. 

backfire — See arcback. 

back focal length — Distance from the center of a 
lens to its principal focus on the side of the lens away 
from the object. 
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CHAPTER 5 = THE COZY CORNER LAB 


After everything is removed from the table and the cardboard boxes are nearly full, the table itself 
should get a good washing. Behold the tabula rasa (blank slate) depicted in Figure 5-4. 


5a 


Figure 5-4. The tabletop has been cleared of tools, components, and various bits of debris. A good washing 
with soap and water completes the cleansing. A burned spot (the result of a poorly supervised thermal test) 
is covered with a small sticker (see inset). 
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back focus — The distance from the rear vertex of a 
lens to the focal plane, with the subject at infinite distance. 

background— |. The picture white of the copy 
being scanned when the picture is black and white only. 
Also undesired printing in the recorded copy of the picture 
being transmitted, resulting in shading of the background 
area. 2, Noise heard during a radio program; this noise 
is caused by atmospheric interference or operation of 
the receiver at such high gain that inherent tube and 
circuit noises become noticeable. 3. A low-priority job 
that a computer works on when it isn’t occupied by more 
pressing matters. 

background control — In color television, a poten- 
tiometer used as a means of controlling the de level of a 
color signal at one input of a tricolor picture tube. The 
setting of this control determines the average (or back- 
ground) illumination produced by the associated color 
phosphor. 

background count—Count caused by radiation 
from sources other than the one being measured. 

background noise—1. The total system noise 
independent of the presence or absence of a signal. The 
signal is not included as part of the noise, 2. In a receiver, 
the noise in the absence of signal modulation in the car- 
rier. 3, Any unwanted sound that intrudes upon program 
material, such as sounds produced as a result of surface 
imperfections of a disc record. 

background processing — The automatic execu- 
tion of lower-prionty programs in a computer when the 
system resources are not being used for higher-priority 
(foreground) programs. For example, background pro- 
gram processing is temporarily suspended to service inter- 
rupt requests from I/O devices that require foreground 
processing. 

background program — |. Low-priority program 
in a multiprogramming environment, which operates 
when the processor is not doing anything else. 2. That 
portion of the resident computer program that is run when 
no immediate pressing needs exist in the system. 

background radiation — Radiation due to the pre- 
sence of radioactive material in the vicinity of the 
measuring instrument. 

background response— In radiation detectors, 
response caused by ionizing radiation from sources other 
than that to be measured. 

backhaul— A terrestrial communications channel 
linking an earth station to a local switching network or 
population center. 

back-haul — Use of excess circuit mileage by routing 
through switching centers that are not in a direct facility 
path between an originating office and a terminating 
office. 

backing — Flexible material (usually cellulose acetate 
or polyester) on which is deposited the magnetic-oxide 
coat that “records” the signal on magnetic recording tape. 
Also known as base. 

backing up — Making copies of files to prevent loss 
of their contents if the originals are damaged. 

backlash —In a potentiometer, the maximum dif- 
ference that occurs in shaft position when the shaft is 
moved to the same actual output-ratio point from oppo- 
site directions. Resolution and contact-width effects must 
be excluded from this measure. 

backloaded horn—aA speaker enclosure arranged 
so the sound from the front of the cone feeds directly 
into the room, and the sound from the rear feeds into the 
room via a folded horn. 

back 'oading-—A form of horn loading particularly 
applicable to low-frequency speakers; the rear radiating 
surface of the speaker feeds the horn, and the front part 
of the speaker is directly exposed to the room. 
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back lobe — 1. In the radiation pattern of a direc- 
tional antenna, that part which extends backward from the 
main lobe. 2. The three-dimensional petal-shaped pattern 
representing antenna directional response that is pointing 
away from the intended direction. 

back metallization — Metal applied to the side of 
the transistor wafer opposite the active areas. Provides 
the collector contact in bipolar transistors and permits the 
transistor chips to be bonded to the package or thin-film 
circuit substrate. 

back pitch — The winding pitch of the back end of 
the armature, that 1s, the end opposite the commutator. 

backplane — |. Area of a computer or other equip- 
ment where various logic and control elements are inter- 
connected. Often takes the form of a rat’s nest of wires 
interconnecting printed-circuit cards in the back of com- 
puter racks or cabinets. 2, The physical area where printed 
circuit boards in a system plug in. Usually contains the 
buses of the system either in printed-circuit or wire-wrap 
form. Also called a motherboard. 3. A printed circuit card 
located in the back of a chassis. It has sockets into which 
specific modules fit for interconnection. 4. A printed cir- 
cuit motherboard with connectors placed at intervals to 
allow connection and communication between daughter- 
boards. 

backplate — In a camera tube, the electrode to which 
the stored-charge image is capacitively coupled. 

back porch — In a composite picture signal, that por- 
tion which lies between the trailing edge of a horizontal- 
sync pulse and the trailing edge of the corresponding 
blanking pulse. A color burst, if present, is not considered 
part of the back porch. 

back-porch effect —The continuation of collector 
current in a transistor for a short time after the input 
signal has dropped to zero. The effect is due to storage 
of minority carriers in the base region. It also occurs in 
junction diodes. 

back-porch tilt —The slope of the back porch from 
its normal horizontal position. Positive and negative refer, 
respectively, to upward and downward tilt to the right. 

backscattering — |. Radiation of unwanted energy 
to the rear of an antenna. 2. The reflected radiation of 
energy from a target toward the illuminating radar. 

back-shunt keying — A method of keying a trans- 
mitler, in which the radio-frequency energy is fed to the 
antenna when the telegraph key is closed and to an arti- 
ficial load when the key is open. 

backside illumination— A charge-coupled device 
fabrication technique employing thinned silicon, in which 
the image is impressed on the side opposite the MOS 
electrodes. 

backspace— In a computer, an operation whose 
function is to move backward in a sequential file one 
record at a time. 

backstop— That part of the reiay that limits the 
movement of the armature away from the pole face or 
core. In some relays, a normally closed contact may serve 
as a backstop. 

backswing — The amplitude of the first maximum 
excursion in the negative direction after the trailing edge 
of a pulse, expressed as a percentage of the 100-percent 
amplitude. 

backtalk — Transfer of information to the active 
computer from a standby computer. 

back-to-back circuit — Two tubes or semiconduc- 
tor devices connected in parallel but in opposite direc- 
tions so that they can be used to control current without 
introducing rectification. Also called inverse-parallel con- 
nection. 

backup — 1. A duplicate copy of a file or program. 
2. A system, device, file or facility that can be used as an 
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alternative in case of a malfunction or loss of data. 3. An 
item kept available to replace an item that fails to perform 
satisfactorily. 4. An item under development intended to 
perform the same general function performed by another 
item also under development. 5. The hardware and soft- 
ware resources available to recover after a degradation or 
failure of one or more system components. 6. A system 
or element, such as a circuit component, that is used to 
replace a similar system or component in case of failure 
of the latter. 

backup control — See redundancy. 

backup copy—aA copy of a file or data set to be 
kept for reference in case the original file or data set is 
destroyed or lost. 

backup facility —A communications-electronics 
facility that is established for the purpose of replacing 
or supplementing another facility or facilities under real 
or simulated emergency conditions. 

backup item— An additional item to perform the 
general functions of another item. It may be secondary 
to an identified primary item or a parallel development 
to improve the probability of success in performing the 
general function. 

backwall — The plate in a pot core that connects the 
center post to the sleeve, 

backwall photovoltaic cell —A cell in which light 
must pass through the front electrode and a semiconductor 
layer before reaching the barrier layer. 

backward-acting regulator—A transmission 
regulator in which the adjustment made by the regulator 
affects the quantity that caused the adjustment. 

backward diode — A highly doped, alloyed germa- 
nium junction that operates on the principle of quantum- 
mechanical tunneling. The diode is “backward” because 
its easy current direction is in the negative-voltage rather 
than the positive-voltage region of the 7/V curve. The 
backward diode has a negative-resistance region, but the 
resultant valley of its 7/V curve is much less pronounced 
than in tunnel diodes. 

backward wave — In a traveling-wave tube, a wave 
having a group velocity opposite the direction of electron- 
Stream motion. 

backward-wave oscillator — An oscillator emplo- 
ying a special vacuum tube in which oscillatory currents 
are produced by using an oscillatory electromagnetic field 
to bunch the electrons as they flow from cathode to anode. 

backward-wave tube — A traveling-wave tube in 
which the electrons travel in a direction opposite to that 
in which the wave is propagated. 

back wave — See spacing wave. 

baffle — 1. In acoustics, a shielding structure or par- 
tition used to increase the effective length of the external 
transmission path between two points (e.g., between the 
front and back of an electroacoustic transducer). A baffle 
is often used in a speaker to increase the acoustic loading 
of the diaphragm. (Although this term sometimes is used 
to designate the entire cabinet, or enclosure, that houses 
a loudspeaker, strictly speaking it refers to the panel on 
which the speaker is mounted, usually the front panel of 
such an enclosure. The term derives from its original use 
in preventing, or baffling, the speaker’s rear sound waves 
from interfering with its front waves.) 2. In a gas tube, 
an auxiliary member placed in the arc path and having no 
separate external connection. 3. A device for deflecting oil 
Or gas in a circuit breaker. 4. A single shielding device 
designed to reduce the effect of ambient light on the 
Operation of an optical transmission link. 5. An opaque 
shielding device designed to reduce the effect of stray 
light on an optical system. 
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baffle plate—A metal plate inserted into a wave- 
guide to reduce the cross-sectional area for wave-conver- 
sion purposes. 

bail—A loop of wire used to prevent permanent 
separation of two or more parts assembled together (e.g., 
the bail holding dust caps on round connectors). 

Bakelite —A trademark of the Bakelite Corp. for its 
line of plastic and resins. Formerly, the term applied only 
to its phenolic compound used as an insulating material 
in the construction of radio parts. 

bake-out— Subjecting an unsealed (hybrid) circuit 
package to an elevated temperature to bake out moisture 
and unwanted gases prior to final sealing. 

balance — 1. The effect of blending the volume of 
various sounds coming over different microphones in 
order to present them in correct proportion. 2. The main- 
tenance of equal average volume from both speaker 
systems of a stereo installation. 3. Relative volume, as 
between different voices or instruments, bass and treble, 
or left and right stereo channels. 4. Either a condition of 
symmetry in an electrical circuit, such as a Whcatstonc 
bridge, or the condition of zero output from a device when 
properly energized. In the latter sense, depending on the 
nature of the excitation, two general categories of balance 
may be encountered: for dc excitation, resistive balance; 
for ac excitation, resistive and/or reactive balance. 

balance control — 1. On a stereo amplifier, a differ- 
ential gain control used to vary the volume of one speaker 
system relative to the other without affecting the overall 
volume level. As the volume of one speaker increases and 
the other decreases, the sound appears to shift from left to 
center to right, or vice versa. 2. A variable resistor used 
to compensate for any slight loss of signal in the right 
or left channel of a stereo amplifier. To some extent, this 
control can compensate for unbalanced speakers and be 
used for adjustment when the listener is not in an equidis- 
tant position between the two loudspeakers. 3. A variable 
component, such as a potentiometer or variable capacitor, 
used to balance bridges, null circuits, or phase speakers. 

balanced — |. Electrically alike and symmetrical 
with respect to ground. 2. Arranged to provide balance 
between certain sets of terminals. 3. A type of line in 
which both wires are electrically equal. 

balanced amplifier — 1. An amplifier circuit with 
two identical signal branches connected to operate in 
phase opposition and with their input and output con- 
nections each balanced to ground; for example, a push- 
pull amplifier. 2. A transistor amplifier stage in which 
two identical transistors are used and the input signal 
and output power are equally divided between them. 


Balanced push-pull amplifier. 
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This technique produces approximately twice the output 
power of a single transistor stage, with generally improved 
dynamic range and reduced voltage standing-wave ratio. 

balanced armature — An armature that is approx- 
imately in equilibrium with respect to both static and 
dynamic forces. 

balanced-armature unit — The driving unit used in 
magnetic speakers, consisting of an iron armature pivo- 
ted between the poles of a permanent magnet and sur- 
rounded by coils carrying the audio-frequency current. 
Variations in the audio-frequency current cause corre- 
sponding changes in the armature magnetism and corre- 
sponding movements of the armature with respect to the 
poles of the permanent magnet. 

balanced bridge — A bridge circuit with its compo- 
nents adjusted so that it has an output voltage of zero. 

balanced circuit— 1. A circuit with two sides elec- 
trically alike and symmetrical to a common reference 
point, usually ground. 2. A circuit terminated by a net- 
work that has infinite impedance losses. 3. A circuit ter- 
minated by a network whose impedance balances that of 
the line, resulting in negligible retum losses. 4. A circuit 
whose electrical midpoint is grounded, as opposed to the 
single-ended circuit, which has one side grounded. 5. A 
nulled bridge circuit. 6. Telephone circuit in which the 
two conductors are electrically balanced to each other and 
to ground. 7. A circuit so arranged that the impressed volt- 
ages on each conductor of the pair are equal in magnitude 
but opposite in polarity with respect to ground. 

balanced converter — See balun. 

balanced currents— Also called push-pull cur- 
rents. In the two conductors of a balanced line, currents 
that are equal in yalue and opposite in direction at every 
point along the line. 

balanced detector— A demodulator for frequency- 
modulation systems. In one form, the output consists 
of the rectified difference of the two voltages produced 
across two resonant circuits, one circuit being tuned 
slightly above the carrier frequency and the other slightly 
below. 

balanced line—A line or circuit utilizing two 
identical conductors. Each conductor ts operated so that 
the voltages on them at any transverse plane are equal in 
magnitude and opposite in polarity with respect to ground. 
Thus, the currents on the line are equal in magnitude and 
opposite in direction. A balanced line is preferred where 
minimum noise and crosstalk are desired. 

balanced-line system— A system consisting of a 
generator, balanced line, and load adjusted so that the 
voltages of the two conductors at all transverse planes are 
equal in magnitude and opposite in polarity with respect 
to ground. 

balanced low-pass filter—A low-pass filter 
designed to be used with a balanced line. 

balanced magnetic switch—A magnetic switch 
that is operated by a balanced magnetic field in such a 
manner as to resist defeat with an external magnet. It 
signals an alarm when it detects either an increase or 
decrease in magnetic field strength. 

balanced method — A method of measurement in 
which the reading is taken at zero. It may be a visual or 
audible reading; in the latter case, the null is the no-sound 
setting. 

balanced modulator — An amplitude modulator in 
which the control grids of two tubes are connected for 
parallel operation, and the screen grids and plates for 
push-pull operation. After modulation, the output contains 
the two sidebands without the carrier. 

balanced network — 1. A hybrid network in which 
the impedances of the opposite branches are equal. 2. A 
network in which the corresponding series impedance 
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elements are identical and symmetrical with respect to 
ground. 

balanced oscillator— Any oscillator in which 
(a) the impedance centers of the tank circuits are at 
ground potential and (b) the voltages between either end 
and the centers are equal in magnitude and opposite in 
phase. 

balanced output—A three-conductor output (as 
from a microphone) in which the signal voltage alternates 
above and below a third neutral circuit. This symmetrical 
arrangement tends to cancel any hum picked up by long 
lengths of interconnecting cable. 

balanced output transformer —1. A push-pull 
output transformer with a center-tapped primary winding. 
2. An output transformer with a grounded center tap on 
its secondary winding. 

balanced probe — A probe, used with an electronic 
voltmeter or oscilloscope, that has a balanced input and 
(usually) a single-ended output. 

balanced telephone line — A telephone line that 
is floated with respect to ground so that the impedance 
measured from either side of the line to ground is equal 
to that of the other side to ground. 

balanced termination —For a system or network 
having two output terminals, a load presenting the same 
impedance to ground for each output terminal. 

balanced transmission line — A transmission line 
having equal conductor resistances per unit length and 
equal impedances from each conductor to earth and to 
other electrical circuits. 

balanced voltages-—Also called push-pull vol- 
tages. On the two conductors of a balanced line, voltages 
(relative to ground) that are equal in magnitude and 
opposite in polarity at every point along the line. 

balanced-wire circuit—A circuit with two sides 
electrically alike and symmetrical to ground and other 
conductors. Commonly refers to a circuit the two sides of 
which differ only by chance. 

balancer — In a direction finder, that portion used 
for improving the sharpness of the direction indication. 
It balances out the capacitance effect between the loop 
and ground. 

balance stripe — A magnetic sound stripe placed on 
the edge of a motion-picture film opposite the main stripe: 
it provides mechanical balance for the film. 

balance-to-unbalance transformer— A device 
for matching a pair of lines, balanced with respect to earth, 
to a pair of lines not balanced with respect to earth. See 
also balun. 

balancing network — 1. An electrical network de- 
signed for use in a circuit in such a way that two 
branches of the circuit are made substantially conjugate 
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(i.e., such that an electromotive force inserted into one 
branch produces no current in the other). 2. Electronic 
circuitry used to match two-wire to four-wire facilities, 
sometimes called a hybrid. Balancing is necessary to 
maximize power transfer and minimize echo. 3. Another 
name for a hybrid, a circuit that connects a two-wire line 
to a four-wire line and maximizes power transfer while 
minimizing echo. 

balancing unit— An antenna-matching device used 
to permit efficient coupling of a transmitter or receiver 
having an unbalanced output circuit to an antenna having 
a balanced transmission line. 2. A device for converting 
balanced to unbalanced transmission lines, and vice versa, 
by placing suitable discontinuities at the junction between 
the lines instead of using lumped components. 

ball —In face bonding, a method of providing chips 
with contact. 

ballast — A device used with an electronic-discharge 
lamp to obtain the necessary circuit conditions (voltage, 
current, and waveform) for starting and operating. 

ballasting — An integrated circuit design technique 
that prevents current hogging. 

ballast lamp—A lamp that maintains a nearly 
constant current by increasing its resistance as the current 
increases. 

ballast resistor — A special type of resistor used to 
compensate for fluctuations in alternating-current power- 
line voltage. It is usually connected in series with the 
power supply to a receiver or amplifier. The resistance of a 
ballast resistor increases rapidly with increases in current 
through it, thereby tending to maintain an essentially 
constant current despite variations in the line voltage. 

ballast tube — A current-controlling resistance device 
designed to maintain a substantially constant current over 
a specified range of variations in the applied voltage to a 
series circuit. 

ball bond— 1. A type of thermocompression bond 
in which a gold wire is flame-cut to produce a ball- 
shaped end that is then bonded to a metal pad by pressure 
and heat. 2. A bond formed when a ball-shaped end 
interconnecting wire is deformed by thermocompression 
against a metallized pad. The bond is also called a nail- 
head bond from the appearance of the flattened ball. 

ball bonding—A bonding technique that uses a 
capillary tube to feed the bonding wire. The end of the 
wire is heated and melts, thus forming a large ball. The 
capillary and ball are then positioned on the contact area 
and the capillary is lowered. This forms a large bond. The 
capillary is then removed and a flame is applied, severing 
the wire and forming a new ball. 
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ballistic galvanometer — An instrument that indi- 
cates the effect of a sudden rush of electrical energy, such 
as the discharge current of a capacitor. 

ballistic-missile early-warning system— An 
electronic system for providing detection and early warn- 
ing of attack by enemy intercontinental ballistic missiles. 
Abbreviated BMEWS. 

ballistics—A general term used to describe the 
dynamic characteristics of a meter movement — most 
notably, response time, damping, and overshoot. 

ballistic trajectory — In the trajectory of a missile, 
the curve traced after the propulsive force is cut off and 
the body of the missile is acted upon only by gravity, 
aerodynamic drag, and wind. 

balop— Contraction of balopticon, an apparatus for 
the projection of opaque images in conjuction with a 
television camera. 

balopticon — See balop. 

balun (balanced unbalanced)—1. Also called 
balanced converter or bazooka. An acronym from 
balanced to unbalanced. A device used for matching an 
unbalanced coaxial transmission line to a balanced two- 
wire system. 2. Usually, a transformer designed to accept 
75-ohm unbalanced input (coaxial cable) and deliver the 
signal at 300-ohm balanced (twin lead). Usable in the 
converse sense, and sometimes necessary for matching a 
tuner with 300-ohm balanced antenna terminals to a 75- 
ohm coaxial line. 3. An impedance-matching transformer 
device used to connect balanced twisted-pair cabling with 
unbalanced coaxial or other cabling systems. 

banana jack——A jack that accepts a banana plug. 
Generally designed for panel mounting. 

banana plug — A plug with a banana-shaped spring- 
metal tip and with elongated springs to provide a low- 
resistance compression fit. 

band—-1. Any range of frequencies lying between 
two defined limits that is used for a specified purpose. 
2. A group of radio channels assigned by the FCC to a 
particular type of radio service. 


very low freq. (VLF) 10-30 kHz 
low freq. (LF) 30-300 kHz 
medium freq. (MF) 300-3000 kHz 
high freq. (HF) 3-30 MHz 
very high freq. (VHF) 30—300 MHz 


300-3000 MHz 
3000-30,000 MHz 
30-300 GHz 


3. A group of tracks or channels on a magnetic drum in 
an electronic computer. See also track, 2. 4. In instru- 
mentation, a range of values that represents the scope of 
operation of an instrument. 

bandage — Rubber ribbon, about 4 inches wide, 
used as a temporary moisture protection for a splice in 
telephone or coaxial cable. 

band center— The geometric mean between the 
limits of a band of frequencies. 

band compression— Reduction of the frequency 
band needed to transmit a message while maintaining 
acceptable quality of the message. 

banded cable — Two or more cables banded together 
by stainless-steel strapping. 

band-elimination filter — 1. Also called band-stop 
filter. A wave filter with a single attenuation band, 
neither of the cutoff frequencies being zero or infinite. 
The filter passes frequencies on either side of this 
band. 2. A filter that attenuates frequencies within its 
rejection band, but passes frequencies above and below 
this band. 


ultrahigh freq. (UHF) 
superhigh freq. (SHF) 
extremely high freq. (EHF) 
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bandgap— 1. The energy difference between the 
conduction band and the valence band in a material. 
2. The difference in the energy of an electron in a stable 
state and an electron in an excited state after absorbing 
energy. 3. The minimum energy required for a valence 
electron in a semiconductor to make a transition into the 
conduction band where the electron can move more freely 
throughout the crystal. 

bandgap energy — The difference in energy between 
the conduction band and the valence band. 

band marking — A continuous circumferential band 
applied to a conductor at regular intervals for identifica- 
tion. 

band opening — A condition that results in greater- 
than-normal communication range on VHF and UHF 
amateur bands. 
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bandpass — |. A specific range of frequencies that 
will be passed through a device. 2. The number of hertz 
expressing the difference between the limiting frequencies 
at which the desired fraction (usually half-power) of the 
maximum output is obtained. 

bandpass amplifier — An amplifier that is tuned to 
pass only selected frequencies between preset limits. 

bandpass amplifier circuit—A stage designed 
to uniformly amplify signals of certain frequencies 
only. 

bandpass coupling—A coupling circuit with an 
essentially flat-topped frequency response so that a band 
of frequencies rather than a single frequency is coupled 
to a following circuit. 

bandpass filter— A wave filter with a single trans- 
mission band, neither of the cutoff frequencies being zero 
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or infinite. The filter attenuates frequencies on either side 
of this band. 

bandpass flatness —The variations in gain in the 
bandpass of a filter or tuned circuit. 

bandpass response — Also called flat-top response. 
The response characteristic in which a definite band of 
frequencies is transmitted uniformly. 

band plan— A voluntary system of frequency allo- 
cations for each amateur radio band. 

band-reject filter—aA filter that does not pass a 
band of frequencies but passes both higher and lower 
frequencies. Sometimes called a notch filter. 

band selector — Also called bandswitch. A switch 
used to select any one of the bands in which an elec- 
tronic apparatus such as a receiver, signal generator, or 
transmitter is designed to operate. 

B & S gage— Brown and Sharpe wire gage, in 
which the conductor sizes rise in geometrical progression. 
Adopted as the American wire gage (AWG) standard. 

bandsplitting — Also called split-streaming. A tech- 
nique for combining several data channels onto one trans- 
mission facility by interleaving the data on a bit-by-bit 
basis. See also multiplexing. 

bandspreading — |. The spreading of tuning indica- 
tions over a wider range to facilitate tuning in a crowded 
band of frequencies. 2. The method of double-sideband 
transmission in which the frequency band of the modulat- 
ing wave is shifted upward so that the sidebands produced 
by modulation are separated from the carrier by a fre- 
quency at least equal to the bandwidth of the original 
modulating wave. In this way, second-order distortion 
products may be filtered out of the demodulator output. 

bandspread tuning control—A separate tuning 
control provided on some shortwave receivers to spread 
the stations in a single band of frequencies over an entire 
tuning dial. 

band-stop filter — See band-elimination filter. 

bandswitch — See band selector. 

bandswitching — In a receiver, transmitter, or test 
instrument, the process of selecting one of two or more 
self-contained tuned circuits to change from one fre- 
quency spectrum to another within the frequency range 
of the device’s intended operation. 

bandwidth — 1. The range within the limits of a 
band. The width of a bandpass filter is generally taken as 
the limits between which its attenuation is not more than 
3.0 decibels greater than its average attenuation through- 
out its passband. Also used in connection with receiver 
selectivity, transmitted frequency spectrum occupancy, 
etc. 2. In a given facsimile system, the difference in hertz 
between the highest and lowest frequency components 
required for the adequate transmission of the facsimile 
signals. 3. The least frequency interval of a wave, outside 
of which the power spectrum of a time-varying quan- 
tity is everywhere less than some specified fraction of 
its value at a reference frequency. 4. The range of fre- 
quencies of a device, within which its performance, with 
respect to some characteristic, conforms to a specified 
standard. 5. The range of audio frequencies over which 
an amplifier or receiver will respond and provide a useful 
output. 6. The complete range of frequencies over which 
a particular information system can function. Because it 
varies with length in optical fibers, bandwidth is typically 
expressed as a frequency-distance (megahertz-kilometer) 
product. 7. A range of frequencies available for signaling. 
In data transmission, the greater the bandwidth, the greater 
the capacity to transmit data bits. See hertz. 8. The num- 
ber of hertz expressing the difference between the lower 
and upper limiting frequencies of a frequency band; also, 
the width of a band of frequencies. 9. The information- 
carrying capability of a communication line or channel. 
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10. In data communications, the difference between the 
highest and lowest frequencies of a band. A measure 
of the capacity of a communication channel, expressed 
in bits per second or bauds in digital communications 
channels, and in cycles per second or hertz in an ana- 
log system. 11. The difference between an analog signal’s 
lowest frequency component and its highest signal com- 
ponent as measured in hertz (Hz). 12. The speed of a 
digital communications circuit in bits per second. 

bandwidth limited gain control—A control 
that adjusts the gain of an amplifier while varying the 
bandwidth. An increase in gain reduces the bandwidth. 

bang-bang controller —A discontinuity-type non- 
linear system that contains time delay, dead space, and 
hysteresis. 

bank — An aggregation of similar devices (e.g., trans- 
formers, lamps) connected and used together. In automatic 
switching, a bank is an assemblage of fixed contacts over 
which one or more wipers or brushes move to establish 
electric connections. 

bank-and-wiper switch —A switch in which the 
electromagnetic ratchets or other mechanisms are used, 
first, to move the wipers to a desired group of terminals, 
and second, to move the wipers over the terminals of this 
group to the desired bank contacts. 

bank winding — Also called banked winding. A 
compact multilayer form of coil winding used for reduc- 
ing distributed capacitance. Single turns are wound suc- 
cessively in two or more layers, the entire winding 
proceeding from one end of the coil to the other without 
being returned. 

bantam tube—A compact tube having a standard 
octal base but a considerably smaller glass envelope than 
the standard glass octal tube has. 

bar— See microbar. 1. A subdivision of a crystal slab. 
2. A vertical or horizontal line on a television screen, 
used for testing. 3. A symbol, placed over a letter, used 
to indicate the inverse, or complement, of a function. For 
example, inversion of A is A, read “A bar” or “not A”. 

bar code —1. A self-contained message with infor- 
mation encoded in the physical widths of bars and spaces 
in a printed pattern. 2. Coding of consumer products 
that uses combinations of bars of varying thicknesses. 
Designed to be read by an optical wand or bar code reader. 
3. A printed bar-and-space representation of digital data 
configured to represent numeric or alphanumeric informa- 
tion. In a more restricted sense, a bar code is a sequence 
of binary ones and zeros that represents a character, or a 
set of sequences that represents a set of characters. The 
machine-readable pattern of bars and spaces is called the 
symbol. Therefore the term bar code, comprising the sym- 
bol and the code, represents messages with data encoded 
in the widths of printed bars and (in some cases) the 
spaces between the bars. 4. A code made up of a series 
of variable-width vertical lines that can be read by an 
optical bar reader. 
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bar code reader-——A photoelectric scanner that 
reads bar codes by means of reflected light. 
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bar code scanner— An optical scanning device 
designed to read information printed in the form of bars of 
different size by detection and processing of the varying 
reflectivity of light in the bar code. 

bare conductor — A conductor not covered with any 
insulating material. 

bar generator — <A generator of pulses or repeating 
waves that are equally separated in time. These pulses are 
synchronized by the synchronizing pulses of a television 
system so that they produce a stationary bar pattern on a 
television screen. 

bar-graph display — A display presenting an illu- 
minated line or bar whose length varies in proportion to 
some parameter being measured. 

bar-graph monitoring oscilloscope — An oscil- 
loscope for observation of commutated signals appearing 
as a series of bars with lengths proportional to channel 
modulation. The same oscilloscope is commonly used for 
setup and troubleshooting observations. 

barium — An element, the oxide of which is used in 
the cathode coating of vacuum tubes. 

barium titanate — A ceramic that has electric pro- 
perties and is capable of withstanding much higher 
temperatures than Rochelle salt crystals. Used in crystal 
pickups, sonar transducers, and capacitors. 

Barkhausen effect— A succession of abrupt chan- 
ges that occur when the magnetizing force acting on a 
piece of iron or other magnetic material is varied. 

Barkhausen interference — Interference caused 
by Barkhausen oscillations. 

Barkhausen-Kurz oscillator — Circuit for gener- 
ating ultrahigh frequencies. Its operation depends on the 
variation in the electrical field around the positive grid 
and less positive plate of a triode; the variation is caused 
by oscillatory electrons in the interelectrode spaces. 

Barkhausen oscillation—A form of parasitic 
oscillation in the horizontal-output tube of a television 
receiver; it results in one or more narrow, dark, ragged 
vertical lines near the left side of the picture or raster. 


Barkhausen  oscillator— See Barkhausen-Kurz 
oscillator. 

Barkhausen tube— See positive-grid oscillator 
tube. 


bar magnet— A bar of metal that has been so 
strongly magnetized that it holds its magnetism and 
thereby serves as a permanent magnet. 

barn— A unit of measure of nuclear cross sections. 
Equal to 107? square centimeter. 

Barnett effect— The magnetization resulting from 
the rotation of a magnetic specimen. The rotation of 
a ferromagnet produces the same effect as placing the 
ferromagnet in a magnetic field directed along the axis 
of rotation. On the macroscopic model, the domains of 
a ferromagnet can be considered a group of electron 
systems, each acting as an independent gyroscope or 
gyrostat. 

barometer— An instrument for measuring atmo- 
spheric pressure. There are two types of barometers com- 
monly used in meteorology: the mercury barometer and 
the aneroid barometer. 

barometric pressure— The weight of the atmo- 
sphere per unit of surface. The standard barometer reading 
at sea level and 59°F (15°C) is 29.92 inches (760 mm) of 
mercury absolute. 

bar pattern— A pattern of repeating lines or bars 
on a television screen. When such a pattern is produced 
by pulses that are equally separated in time, the spacing 
between the bars on the television screen can be used to 
measure the linearity of the horizontal or vertical scanning 
systems. 
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bar quad — See B-quad. 

barrage jamming— Simultaneous jamming of a 
number of adjacent channels or frequencies. 

barrel— 1. The cylindrical portion of a solderless 
terminal, splice, or contact, in which the conductor is 
accommodated. 2. The portionís) of a terminal or contact 
that is (are) crimped. When designed to receive the 
conductor, it is called the wire barrel. When designed 
to support or grip the insulation, it is called the insulation 
barrel. 

bar relay —A relay in which a bar actuates several 
contacts simultaneously. 

barrel distortion — 1. Negative distortion that causes 
a grid pattern to be imaged as barrel-shaped. 2. In tele- 
vision, distortion that makes the televised image appear 
to bulge outward on all sides like a barrel. 3. In camera 
or image tubes, the distortion that results in a monotonic 
decrease in radial magnification in the reproduced image 
away from the axis of symmetry of the electron optical 
system. 4. A distortion of a video image that results in the 
image resembling a barrel rather than a perfect rectangle. 
5. Image distortion in an optical or video system, charac- 
terized by bending of the edges of a displayed grid into a 
barrel shape with convex sides and compressed corners. 
Can be corrected by image processing techniques. 

barrel effect—The boomy or hollow voice quality 
obtained when the voice is transmitted from a reverberant 
environment; usually accompanied by a loss of intelligi- 
bility and a sense of loss of privacy for far-end users. 

barretter— 1. A voltage-regulator tube consisting of 
an iron-wire filament in a hydrogen-filled envelope. The 
filament is connected in a series with the circuit to be 
regulated and maintains a constant current over a given 
voltage variation. 2. A positive coefficient resistor whose 
resistance increases as temperature increases. 

barretter mount—A waveguide mount in which 
a barretter can be inserted to measure electromagnetic 
power. 

barricade shield—A type of movable shieid for 
protection from radiation. 

barrier — 1. A partition for the insulation or isolation 
of electric circuits or electric arcs. 2. In a semiconductor, 
the electric field between the acceptor ions and the donor 
ions at a junction. See depletion layer. 

barrier capacitance — See depletion-layez capaci- 
tance. 

barrier-film rectifier— A rectifier in which a film 
having unilateral (single-direction) conductivity is in 
contact with metal or other normally conducting plates. 

barrier grid—-A grid close to, or in contact with, 
a storage surface of a charge storage tube. This grid 
establishes an equilibrium voltage for secondary-emission 
charging, and it serves to minimize redistribution. 

barrier height—-In a semiconductor, the difference 
in potential from one side of a barrier to the other. 

barrier layer — See depletion layer. 

barrier-layer cell—A type of photovoltaic cell 
in which light acting on the surface of the contact 
between layers of copper and cuprous oxide causes an 
electromotive force to be produced. See photovoltaic cell. 

barrier-layer rectification — See depletion-layer 
rectification. 

barrier plate—A layer of slow-diffusing metal 
(usually palladium or nickel) placed between two fast- 
diffusing materials to slow or prevent their interdiffusion. 

barrier region — See depletion region. 

barrier shield— A wall or enclosure shielding the 
operator from an area where radioactive material is being 
used or processed by remote-control equipment. 
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barrier strip— 1. A terminal strip with protective 
barriers between adjacent terminals. 2. A continuous 
section of dielectric material that insulates electrical 
circuits from each other or from ground. 

barrier voltage—The voltage necessary to cause 
electrical conduction in a junction of two dissimilar 
materials, such as a pn junction diode. 

bar test pattern — Special test pattern for adjusting 
color TV receivers or color encoders. The upper portion 
consists of vertical bars of saturated colors and white. The 
lower horizontal bars have black-and-white areas and I 
and Q signals. 

base — 1. The region between the emitter and collec- 
tor of a transistor which receives minority carriers injected 
from the emitter. It is the element that corresponds to the 
control grid of an electron tube. 2. In a vacuum tube, 
the insulated portion through which the electrodes are 
connected to the pins. 3. On a printed circuit board, the 
portion that supports the printed pattern. 4. A thin, strong, 
and flexible material, usually a polyester or acetate film, 
on which is deposited a magnetic formulation to make 
recording tape. See also alkali; backing; positional nota- 
tion; radix. 5. One of the three regions that form a bipolar 
transistor. It physically separates the emitter and collector 
regions. Minority carriers are injected from the emitter 
into the base, where they subsequently either recombine 
or diffuse into the collector. 

base address—aA given address from which an 
absolute address is obtained by combination with a 
relative address. Also called address constant. 

baseband — 1. The frequency band occupied by the 
ageregate of the transmitted signals used to modulate 
a carrier, before they combine with a carrier in the 
modulation process. 2. In CD-4 records, the left- or 
right-channel’s band containing musical information for 
the front and back channels, recorded at listening fre- 
quencies in the standard sound spectrum (from 30 to 
15,000 hertz). 3. The output signal of a video camera, 
videotape recorder, or satellite TV receiver before remod- 
ulation so that it can be viewed on an ordinary TV set. A 
signal in a satellite TV receiver goes from 4 GHz through 
the down-converter to become intermediate frequency and 
then through an FM modulator to become baseband. The 
American NTSC TV bandwidth is 4.2 MHz at baseband. 
4. The basic direct output signal from a television camera, 
satellite television recciver, or videotape recorder. Base- 
band signals can be viewed only on monitors. To display 
the baseband signal on a conventional television set, a 
“modulator” is required to convert the baseband signal 
to one of the VHF or UHF television channels that the 
television set can be tuned to receive. 

baseband frequency response — Response char- 
acteristics over the frequency band occupied by all of the 
signals that modulate a transmitted carrier. 

baseband signal —A signal that is not modulated 
onto a carrier. 

baseband signaling — A form of transmission that 
uses discrete pulses, without modulation. Also called 
baseband transmission. 

baseband transmission — A method of using low- 
frequency transmission of signals across coaxial cables for 
short distances. See also baseband signaling. 

baseband video — Same as composite video (CVS 
or CVBS). A composite video signal contains video pic- 
ture information for color, brightness, and synchronization 
(horizontal and vertical). 

base-coupled logic— Abbreviated bcl. A circuit 
configuration designed for subnanosecond propagation 
delays and rise and fall times; it can be used for a bit rate 
of more than 1G bit/s. Base-coupled logic circuits consist 
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of a current-mode switch and emitter followers. Switching 
is done by means of a base-coupled current-mode switch. 

base electrode — An ohmic or majority-carrier con- 
tact to the base region of a transistor. 

base film—The plastic substrate that supports the 
coating of magnetic recording tape. The base film of most 
instrumentation and computer tapes is made of polyester. 
For less critical uses, cellulose acetate and polyvinyl 
chloride are employed. 

basegroup — 1. Designation for a number of carrier 
channels in a particular frequency range that forms a 
basic unit (channel bank) for further modulation to a 
final frequency band. 2. Twelve communication-set paths 
capable of carrying the human voice on a telephone 
set; a unit of a frequency-division-multiplexing system’s 
bandwidth allocation. 

base insulator — Heavy-duty insulator used to sup- 
port the weight of an antenna mast and to insulate the 
mast from the ground or some other surface. 

base line — 1. In radar displays, the visual line repre- 
senting the track of the radar scanning beam. 2. In graph- 
ical presentations, the horizontal scale, often representing 
time, bias, or some other variable. 

base-line break—Jn radar, a technique that uses 
the characteristic break in the base line on an A-scope 
display due to a pulse signal of significant strength in 
noise jamming. 

base load —In a dc converter, the current that must 
be taken from the base to maintain a saturated state. 

base-loaded antenna—A vertical antenna the 
electrical height of which is increased by adding induc- 
tance in series at the base. 

base material— 1. An insulating material (usually 
a copper-clad laminate) used to support a conductive 
pattern. 2. Rigid or flexible insulating substrate that 
supports conductive patterns or interconnections. See 
substrate. 

base metal— Metal from which connectors, con- 
tacts, or other metal accessories are made and on which 
one or more metals or coatings may be deposited. Some- 
times called basis metal. 

base number — The radix of a number system (10 
is the base number, or radix, for the decimal system; 2 
for the binary system). 

base-One peak voltage — The peak voltage mea- 
sured across a resistor in scries with base-One when a 
unijunction transistor is operated as a relaxation oscillator 
in a specified circuit. 

base pin— One of the metal prongs on the base of 
an electron tube, which makes contact with springs in a 
tube socket. 

base point — See radix point. 

base region—In a transistor, the interelectrode 
region, between the emitter and collector junctions, into 
which minority carriers are injected. 

base register—A high-speed computer storage 
location that contains the address of the first data word 
or instruction of a segment. All addresses within the 
segment are referenced to the start of the segment; during 
execution, the physical address of each memory reference 
is calculated by simply adding the contents of the base 
register to the relative addresses contained within the 
segment. Relocation is easily accomplished by simply 
moving a segment in memory and placing the new address 
in the base register. 

base resistance — Resistance in series with the base 
lead in the common-T equivalent circuit of a transistor. 

base resistor — The (external) resistor connected to 
the base of a bipolar transistor. In a common-emitter 
circuit, the base resistor is analogous to the grid resistor 
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of a vacuum-tube amplifier or the gate resistor of a field- 
effect transistor amplifier. 

base ring— Ohmic contact to the base region of 
power transistors; so called because it is ring-shaped. 

base spreading resistance — In a transistor, the 
resistance of the base region caused by the resistance of 
the bulk material of the base region. 

base station—-1. A fixed station used by a dis- 
patcher to communicate with mobile units. 2. The central 
transmitter in a communications system that acts as the 
cell hub for communicating with handsets and/or mobile 
units. 3. A land station, in the land mobile service, carry- 
ing on a service with land mobile stations. (A base station 
may secondarily communicate with other base stations 
incident to communications with land mobile stations.) 
Sometimes defined as a station in a land mobile system 
that remains in a fixed location and communicates with 
mobile stations. 

base-timing sequencing — Sharing of a transpon- 
der on a time basis between several ground transmitters 
through the use of coded timing signals. 

base voltage — The voltage between the base termi- 
nals of a transistor and the reference point. 

BASIC — |. A simplified computer language intended 
for use in engineering applications. 2. Acronym for begin- 
ners all-purpose symbolic introduction code. An inter- 
preter language that is one of the easier languages to learn 
and use. 3. An easy-to-learn and easy-to-use program- 
ming language developed at Dartmouth College. BASIC 
can be used to solve business problems as well as in 
scientific applications. 

basic access method — A method of computer 
access in which each input/output statement results in a 
corresponding machine input/output operation. 

basic frequency —In any wave, the frequency that 
is considered the most important. In a driven system, 
it would in general be the driving frequency, whereas 
in most periodic waves it would correspond to the 
fundamental frequency. 

basic linkage — In a computer, a linkage that is used 
repeatedly in one routine, program, or system and that 
follows the same set of rules each time it is used. 

basic processing unit— The principal section for 
control and data processing within a communications 
system. 

basic protection — Fundamental lightning protec- 
tion measures and/or devices, such as the use of gas tubes 
or carbon-block protectors, which are applied directly to 
transmission media at apparatus locations to provide ini- 
tial voltage limitation. 

basic Q— See nonloaded O. 

basic radio pager— A simple one-way communi- 
cation device that emits audio sounds when it detects 
the proper sequence of selective tone signals sent by a 
dispatcher. The recipient must then telephone the signal 
Originator to get a message. A radio pager 1s capable 
of receiving and decoding signals radiated from a call- 
service transmitter but has no transmitting facilities of its 
own. 

basic rectifier — A metallic rectifier in which each 
rectifying element consists of a single metallic rectifier 
cell. 

basic speed range—The range over which a 
motor and control are capable of delivering full load 
torque without overheating or clogging. It is obtained by 
armature voltage control. 

basic television service — In any of the television- 
delivery services besides broadcasting (which is free), 
the monthly fee to subscribe to the lowest tier or set of 
services and programs, as distinguished from the premium 
services. 
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basis metal — See base metal. 

basket winding — A coil winding in which adjacent 
turns are separated except at the points of crossing. 

bass — Sounds in the low audio-frequency range. On 
the standard piano keyboard, all notes below middie C 
(261.63 hertz). 

bass boost— A deliberate adjustment of the ampli- 
tude-frequency response of a system or component to 
accentuate the lower audio frequencies. 

bass-boosting circuit—A circuit that attenuates 
the higher audio frequencies in order that low or bass 
frequencies will be emphasized by comparison. 

bass compensation —Emphasizing the low-fre- 
quency response of an audio amplifier at low volume 
levels to compensate for the lowered sensitivity of the 
human ear to weak low frequencies. 

bass control—A manual tone control that has 
the effect of changing the level of bass frequencies 
reproduced by an audio amplifier. 

bass half-loudness points — The low frequency, 
in hertz, at which the sound power of a speaker rolls off 
to become half as loud as the rest of the tonal spectrum; 
a relative measure of a speaker’s ability to reproduce low 
bass sounds. 

bass reflex—A ported loudspeaker configuration 
using an acoustically tuned vent, through which low- 
frequency sound from inside the enclosure passes to 
strengthen and extend bass response. 

bass-reflex enclosure — A type of speaker enclo- 
sure in which the rear wave from the speaker emerges 
through an auxiliary opening or port of critical dimensions 
to reinforce the bass tones. See a/so vented baffie. 
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bass response — 1. The extent to which a speaker 
or audio-frequency amplifier handles low audio frequen- 
cies. 2. The ability of any device to pick up or reproduce 
low audio frequencies. 

bassy — Term applied to sound reproduction in which 
the low-frequency notes are overemphasized. 

BAT — Abbreviation for battery. 

batch—1. A group of documents to be processed; 
an arbitrary subdivision of a job by the supervisor into 
smaller, more manageable parts. A batch is the smallest 
group of such documents accessible by name (number) for 
data entry, data verify, peripheral device transfers, etc. 
2. A type of computer operating system in which jobs 
are processed one at a time and a job must complete 
its execution before the next is begun. 3. Computer 
processing mode in which a program is submitted and the 
result is delivered back. No interactive communication 
between program and user is possible. 4. The group of 
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programs considered as a single unit for processing on a 
computer. 

batch control sample —.A representative batch 
extracted either at random or at specific intervals from a 
process or product for quality-control purposes. Results of 
equivalent tests of the batches are averaged to interpolate 
the quality of the total process. 

batch environment— A situation in which a com- 
puter receives instructions and program(s) from a terminal 
or other peripheral device, then executes the requested 
operations at its own convenience. 

batch file —A text file that contains operating system 
and program commands, used for standard procedures 
performed repetitiously. 

batching — See batch processing. 

batch mode — Operational mode in a computer in 
which input to or output from a process is transmitted 
as a single set of successive messages. Contrast with 
interactive mode. 

batch process—A method of fabricating mono- 
lithic resistors, capacitors, and diodes with the same pro- 
cess at the same time. 

batch processing — 1. In a computer, a method of 
processing in which a number of similar input items 
are grouped for processing during the same machine 
run. 2. Pertaining to the technique of executing a set of 
computer programs such that each is completed before the 
next program of the set 1s started. Loosely, the execution 
of computer programs serially. 3. A technique by which 
items to be processed must be coded and collected into 
groups prior to processing. 4. A data-processing technique 
in which input data is accumulated offline and processed 
in batches. 

bat handle — Standard form of a toggle-switch lever, 
having a shape similar to that of a baseball bat. 

bathtub capacitor— A type of capacitor enclosed 
in a metal housing having broadly rounded corners like 
those on a bathtub. 

bathyconductorgraph—A device used from a 
moving ship to measure the electrical conductivity of 
seawater at various depths. 

bathythermograph— A device that automatically 
plots a graph showing temperature as a function of depth 
when lowered into the sea. 

Batten system—A method developed by W. E. 
Batten for coordinating single words in a computer 
to identify a document. Sometimes called peek-a-boo 
system. 

battery — Abbreviated BAT. 1. A de voltage source 
consisting of two or more cells that converts chemical, 
nuclear, solar, or thermal energy into electrical energy. 
2. In communications, a source (not necessarily a storage 
device) of direct current or the current itself. 3. Two 
or more cells coupled together in series or parallel. In 
the former configuration the arrangement gives a greater 
voltage (two cells give twice the voltage, three cells give 
three times the voltage, and n cells give n times the 
voltage); the latter arrangement gives the same voltage 
as the individual cell but a greater current. 

battery acid— A solution that serves as the elec- 
trolyte in a storage battery. In the common lead-acid 
storage battery, the electrolyte is diluted sulfuric acid. 

battery cable—A single conductor cable, either 
insulated or uninsulated, used for carrying current from 
batteries to the point where power is needed. May also be 
used for grounding. 

battery capacity — The amount of energy obtainable 
from a storage battery, usually expressed in ampere-hours. 

battery charger — Device used to convert alternat- 
ing current into a pulsating direct current that can be used 
for charging a storage battery. 
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battery clip— A metal clip with a terminal to which 
a connecting wire can be attached, and with spring jaws 
that can be quickly snapped onto a battery terminal or 
other point to which a temporary connection is desired. 

battery life — The number of times that a battery can 
be charged and discharged. One complete charge and one 
complete discharge is called a cycle. The number of com- 
plete cycles a battery will give depends on construction of 
the battery, charging procedure, maintenance, and opera- 
tion. 

battery post adapter— A device connected to a 
battery post and used for connecting ammeter leads and 
simulating a charged battery. 

battery pulses — Negative potential pulses from the 
central office battery that are applied to a telephone 
circuit. 

battery receiver — A radio receiver that obtains its 
operating power from one or more batteries. 

battery separator — An insulator that separates the 
positive and negative plates in a storage battery. 

battle short— A switch for short-circuiting safety 
interlocks and lighting a red warning light. 

bat wing — An element on an FM or TV transmitting 
or receiving antenna, so called because of its shape. 

baud—1. A unit of signaling speed derived from 
the duration of the shortest code element. 2. A unit of 
signaling speed equal to the number of discrete conditions 
or signal events per second. For example, in Morse code 
1 baud equals one-half dot cycle per second; in a train 
of binary signals, 1 baud is | bit per second; and in a 
train of signals, each of which can assume one of eight 
different states, 1 baud is one 3-bit value per second. 
3. A measurement of communication channel capacity 
as a function of time. For example, a 110-baud line is 
divided into 110 equal paris. Within each of these parts 
a certain amount of data can be placed, typically, one 
bit. This means that a speed of 110 baud is 110 bits 
per second. 4. The unit of modulation rate (or signaling 
speed). The reciprocal of the duration of the minimum 
signaling element (pulse width). 5. The number of times 
per second the line condition changes. If the line condition 
represents the presence or absence of a single bit (as in 
two-state signaling), then the signaling speed in bauds is 
the same as bits per second. However, if the signaling 
is not two-state, then bauds are not equal to bits per 
second. The latter condition exists, for instance, in “di- 
bit” or four-state signaling, in which the baud rate is 
equivalent to the number of bits per second times two. 
6. In an equal length code, 1 baud corresponds to a rate 
of one signal element per second. Thus, with a signal 
element duration of 20 ms, the modulation rate is 50 baud 
(per second). The term is both singular and plural. 7. A 
data-communication-rate unit used similarly to bits per 
second (bps) for low-speed data; the number of signal- 
level changes per second (regardless of the information 
the signals contain). 8. A measure of serial data flow 
between a computer and/or communication devices. One 
baud is equal to 1 bit per second (1 bps). 9. Unit of 
signaling speed. The speed in bauds is the number of 
line changes (in frequency, amplitude, etc.) or events per 
second. At low speeds, each event represents only one bit 
condition, and baud rate equals bps. As speed increases, 
each event represents more than one bit, and baud rate 
does not truly equal bps. But in common usage, baud rate 
and bps are often used interchangeably. 10. A variable 
unit of data transmission speed (as one bit per second). 
Often confused with bits per second (bps). 11. Signaling 
rate unit for analog communications. One baud is equal 
to one change of state per second. Where there are two 
possible states (e.g., two tone frequencies), 1 baud equals 
1 bps. Where there are 2" possible states (e.g., four 
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Adding a Power Source 


Here’s where a bit of planning will save you a lot of headaches in the future. What you never seem to 
have enough of in any laboratory, especially electronics labs, are lots of conveniently located power 
outlets. Let’s take care of that issue right away, before building anything else onto the tabletop. See 
Figure 5-5. 


Figure 5-5. A 12-outlet power strip is attached to the back edge of the tabletop. This will provide a safe and 
convenient source of power for all those gadgets you'll eventually want on your bench. Tools needed for the 
job include a drill motor to drill out some small pilot holes for the brackets, a small drill bit, and a felt- 
tipped marker. Before drilling the pilot holes, align the brackets where you want them to go and use the 
marker to put a dot where the pilot hole should be drilled. Make sure the power strip is not plugged in 
when you're drilling right next to it! 


Having lots of extra power outlets is a nice bonus, but is not absolutely required. What you want to 
avoid, however, is excessive daisy-chaining of power strips and extension cords. This is a fire hazard. 
Remember from Chapter 3 that every conductor has a certain amount of resistance. This resistance 
turns electricity into heat. Enough heat makes things catch on fire. 
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possible phase shifts in a sinusoidal wave), 1 baud equals 
n bps. In low-speed transmission, in which modems with 
frequency-shift keying are used, the terms baud and bps 
may be used interchangeably. Otherwise, the two terms 
are never interchangeable. 

Baudot code—1. A data-transmission code in 
which one character is represented by five equal-length 
bits. This code is used in most dc teletypewriter machines, 
in which one start element and 1.42 stop elements are 
added. 2. Five-level code (plus one start and one stop 
bit) used primarily by amateurs in rtty communication. 
Only code allowed by the FCC without special waiver. 
3. A code of 32 numbers used for alphabetic and sym- 
bolic communication. Invented in 1880 by the French- 
man J. M. E. Baudot, the code bears his name; the term 
baud is also derived from it. 4. Data-transmission code 
in which five bits represent one character. Use of shift 
letters/figures enables 64 alphanumeric characters to be 
represented. Baudot is used in many teleprinter systems 
with one start bit and 1.5 stop bits added. 

baud rate—1. The number of signal events per 
second occurring on a communications channel. Although 
not technically accurate, baud rate is commonly used 
to mean bit rate. See bps. 2. The speed at which data 
is transmitted, measured in symbols per second. This 
is not the same as bits per second, since each symbol 
can carry several bits of information. 3. The number of 
code elements transferred in one second based on the 
length of the shortest element. If each element consists 
of one bit, the baud rate would equal the number of bits 
per second. 4, Binary speed through a serial interface, 
traditionally defined as the number of signal elements 
per second. When each element is one bit, the baud rate 
equals the number of bits per second. 5. The number of 
bits transmitted per second in a serial data transmission 
system. The number of bits per second may also include 
control bits as well as data bits. 

baud-rate generator — Oscillator, usually adjusta- 
ble, that provides clock signals for connection of a 
peripheral. Typical rates are 110, 300, 9600 bauds and 
higher. 

bay— i. A portion of an antenna array. 2. A vertical 
compartment in which a radio transmitter or other equip- 
Inent is housed. 

bayonet base — A base having two projecting pins 
on opposite sides of a smooth cylindrical base; the pins 
engage corresponding slots in a bayonet socket and hold 
the base firmly in the socket. 

bayonet coupling—-1. A quick-coupling device. 
Connection is accomplished by rotating two parts under 
pressure. Pins on the side of the male connector engage 
slots on the side of the female connector. 2. A quick- 
coupling device for plug and receptacle connectors, 
accomplished by rotation of a cam operating device 
designed over a short cylindrical stud or studs to bring 
the connector halves together. 

bayonet socket— A socket for bayonet-base tubes 
or lamps; it has slots on opposite sides and one or more 
contact buttons at the bottom. 

bazooka — See balun. 

B battery — The battery that furnishes the required 
dc voltages to the plate and screen-grid electrodes of the 
vacuum tubes in a battery-operated circuit. 

BBS —- Abbreviation for bulletin board system. A sys- 
tem by which a group of users with common interests 
(such as a business, club, or professional society) can 
share information by posting it to an electronic bulletin 
board. Some subscriber-based BBSs offer limited Internet 
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services. The system allows people to carry on discus- 
sions, upload and download files, and make announce- 
ments without the people being connected to the computer 
at the same time. See also bulletin board. 

BC — Abbreviation for bare copper or bell cord. 

BCAS — Abbreviation for beacon collision avoidance 
system. An airborne automatic collision-avoidance sys- 
tem. 

BCD — Abbreviation for binary-coded decimal. 1. A 
system of representing numerical, alphabetic, and special 
characters in which individual decimal digits are repre- 
sented by some binary code. For example, in an 8-4-2-1 
BCD notation, 16 might be represented as 001 (for 1) 
and 0110 (for 6). In pure binary notation, 16 is 10000; 
the number 23 is represented by 0010 0011 in the BCD 
notation. 2. A code defined with 6 bits per character and 
capable, therefore, of representing up to 64 unique val- 
ues, each representing one of the 26 letters of the English 
alphabet (uppercase only), a digit (O to 9), or a special 
or punctuation character. BCD is no longer used. See 
EBCDIC. 

BCD code — An eight-bit code (of which one bit is 
used for odd parity check) used by IBM. It provides 88 
characters, plus 16 functions. 

BCD counter—A counter in which each section 
consists of four flip-flops or stages, each section of which 
counts to nine (binary 1001) and then resets to zero 
(binary 0000). The outputs are in BCD form. 

B channel — One of two stereo channels, usually the 
right, together with the microphone, speakers, or other 
equipment associated with this channel. 

bci— Abbreviation for broadcast interference, a term 
denoting interference by transmitters with reception of 
broadcast signals on standard broadcast receivers. 

B-display — On a radarscope, a type of presentation 
in which the target appears as a bright spot. Its bearing 
is indicated by the horizontal coordinate and its range by 
the vertical coordinate. 
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beacon — 1. A device that emits a signal for use as a 
guidance or waming aid. Radar beacons aid the radar set 
in locating and identifying special targets that may other- 
wise be difficult or impossible to sense. 2. Low-power 
carrier transmitted by a satellite that supplies the control- 
ling engineers on the ground with a means cf monitoring 
telemetry data, tracking the satellite, or conducting propa- 
gation experiments. This tracking beacon is usually a horn 
Or omni antenna. 

beacon delay — The amount of inherent delay within 
the beacon, i.c., the time between the arrival of a signal 
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and the response of the beacon. In a pulse beacon, delay 
ordinarily is measured between the leading 3-dB points 
of the triggering pulse and the reply pulse. 

beacon receiver— A radio receiver for converting 
into perceptible signals the waves emanating from a radio 
beacon. 

beacon skipping—A term used to describe a 
condition in which beacon return pulses are missing at 
the interrogating radar. Beacon skipping can be caused 
by interference, overinterrogation of the beacon, antenna 
nulls, or pattern minima. 

beacon station — 1. A station broadcasting beacon 
signals for direction finding or navigation. 2. A radar 
transmitting station. 

beacon stealing — The loss of beacon tracking by 
a (desired) radar due to (interfering) interrogation signals 
from another radar. 

beacon time-sharing — A technique by which two 
or more radars may interrogate and track a long-recovery 
type of beacon without exceeding the duty cycle of the 
beacon. This technique is accomplished by the proper 
sequencing of the various radar interrogations. It is 
necessary to ensure that the total of all interrogations does 
not exceed the beacon duty cycle and that enough time is 
allowed for the modulator section of the beacon to recover 
before it receives the next interrogation. 

beacon transmitter — A transmitter specially adap- 
ted for the transmission of beacon signals. 

beaded coax — A coaxial cable in which the dielec- 
tric consists of beads made of various insulating materials. 

beaded support — Ceramic and plastic beads used 
to support the inner conductor in coaxial transmission 
lines. 

beaded transmission line — A line using beads to 
support the inner conductor in coaxial transmission lines. 

bead thermistor—A thermistor consisting of a 
small bead of semiconducting material, such as germa- 
nium, placed between two wire leads. Used for microwave 
power measurement, temperature measurement, and as a 
protective device. The resistance decreases as the temper- 
ature increases. 

beam — 1. A flow of electromagnetic radiation con- 
centrated in a parallel, converging, or diverging pattern. 
2. The unidirectional or approximately unidirectional flow 
of radiated energy or particles. 3. A shaft or column of 
light, a bundle of rays that may or may not consist of 
parallel, converging, or diverging rays. 

beam-addressable technology — The applica- 
tions of reversible writing with a laser beam on particular 
storage materials. In one method, an amorphous film is 
heated and then crystallized for writing. Bubble writing 
involves the formation of bubbles on the film-glass inter- 
face of a glass substrate by the intense light beam. 

beam alignment— The adjustment of the electron 
beam in a camera tube (on tubes employing low-velocity 
scanning) to cause the beam to be perpendicular to the 
target surface. 

beam angle— The angle between the directions, on 
either side of the axis, at which the intensity of the radio- 
frequency field drops to onc-half the value it has on the 
axis. 

beam antenna — 1. An antenna that concentrates its 
radiation into a narrow beam in a definite direction. 2. A 
directional antenna that radiates or intercepts more energy 
in one direction than in others. 

beam bender — See ion trap. 

beam bending — Deflection of the scanning beam 
of a camera tube by the electrostatic field of the charges 
stored on the target. 
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beam blanking — Interruption of the electron beam 
in a cathode-ray tube by the application of a pulse to the 
control grid or cathode. 

beam breaker— A level-measuring device using a 
light or electrical beam or pneumatic jet between a source 
and a detector or reflector. 

beam candlepower— The candlepower of a bare 
source that, if located at the same distance as the beam, 
would produce the same illumination as the beam. 

beam convergence — The converging of the three 
electron beams of a three-gun color picture tube at a 
shadow-mask opening. 

beam-coupling coefficient—In a microwave 
tube, the ratio of the amplitude, expressed in volts, of 
the velocity modulation produced by a gap to the radio- 
frequency gap voltage. 

beam crossover— The point of overlap of a beam 
from an antenna that is nutated or rotated about the center 
line of the antenna radiation direction. The crossover 
point is normally at the half-power point. The received 
energy, when commutated into four quadrants, provides 
the necessary information for the servoamplifier error 
signal used to align the antenna to a target. 

beam current — The current carried by the electron 
stream that forms the beam in a cathode-ray tube. 

beam cutoff—In a television picture tube or 
cathode-ray tube, the condition in which the control-grid 
potential is so negative with respect to the cathode that 
electrons cannot flow and thereby form the beam. 

beam-deflection tube — An electron-beam tube in 
which current to an output electrode is controlled by the 
transverse movement of an electron beam. 

beam droop—A form of distortion of the normal 
rectilinear fan-shaped radiation pattern of a detection 
radar in which a portion of the fan is at a lower elevation 
than the rest of the fan. 

beam-forming electrode — Electron-beam focus- 
ing elements in power tetrodes and cathode-ray tubes. 

beam hole — An opening through a reactor shield 
and, generally, through the reactor reflector that permits 
a beam of radioactive particles or radiation to be used for 
experiments outside the reactor. 

beam-index color tube —A color picture tube in 
which the signal generated by an electron beam after 
deflection is fed back to a control device or element in 
such a way that an image in color is provided. 

beam lead—1.A metal beam deposited directly 
onto the surface of the die as part of the wafer process- 
ing cycle in the fabrication of an integrated circuit. Upon 
separation of the individual die (normally by chemical 
etching instead of the conventional scribe-and-break tech- 
nique), the cantilevered beam is left protruding from the 
edge of the chip and can be bonded directly to inter- 
connecting pads on the circuit substrate without the need 
for individual wire interconnections. 2. A long structural 
member not supported everywhere along its length and 
subject to the forces of flexure, one end of which is perma- 
nently attached to a chip device and the other end intended 
to be bonded to another material, providing an electrical 
interconnection or mechanical support or both. 

beam-lead bonding — 1. A free-bonding technique 
in which thick gold extensions of the thin-film terminals 
of semiconductor devices and circuits are electroformed 
so they extend beyond the edges of the chips. 2. A method 
of interconnecting ICs in a circuit by bonding beam leads 
located on the IC chip’s back surface to the circuit’s 
conducting paths. 3. A hybrid bonding technique that 
provides for multiple bonding simultaneously. 

beam-lead device — An active or passive chip com- 
ponent possessing beam leads as its primary interconnec- 
tion and means of mechanical attachment to a substrate. 
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beam-lead isolation — The method in which elec- 
trical isolation between IC elements is produced by 
interconnecting the elements with thick gold leads and 
selectively etching the silicon from between elements 
without affecting the gold leads. This process leaves the 
elements as separate units supported by the gold leads. 

beam leads—1. A generic term describing a sys- 
tem in which flat metallic leads extend from the edges of 
a chip component much as wooden beams extend from 
a roof overhang. These are then used to interconnect the 
component to film circuitry. 2. Techniques for attachment 
of lead frames to silicon chips, including vacuum and 
chemical deposition, diffusion thermal-compression tech- 
niques, welding, etc. 

beam-lobe switching— A method of determining 
the direction of a remote object by comparison of the 
signals corresponding to two or more successive beam 
angles at directions slightly different from that of the 
object. 

beam modulation — See z-axis modulation. 

beam optics — A discipline within the broad study of 
optics that is specifically oriented toward the investigation 
of waves with small angular divergence. 

beam parametric amplifier — A parametric ampli- 
fier in which a modulated electron beam provides a vari- 
able reactance. 

beam-positioning magnet— A magnet used with 
a tricolor picture tube to influence the direction of one of 
the electron beams so that it will have the proper spatial 
relationship with the other two beams. 

beam-power tube— An electron-beam tube in 
which directed electron beams are used to contribute sub- 
stantially to its power-handling capability, and in which 
the control and screen grids essentially are aligned. 
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Beam-power tube. 


beam relaxor—A type of sawtooth scanning- 
oscillator circuit that generates but does not amplify the 
current wave required for magnetic deflection in a single- 
beam-power pentode. 

beam-rider control system — A system whereby 
the control station sends a beam to the target, and the 
missile follows this beam until it collides with the target. 

beam-rider guidance — A form of missile guid- 
ance wherein a missile, through a self-contained mecha- 
nism, automatically guides itself along a beam transmitted 
by a radar. 

beams — CB radio term for any type of directional 
antenna. 

beam splitter — A device used for dividing a light 
beam (as by a transparent mirror) into two components, 
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one transmitted and the other reflected. 2. An optical 
device used to divide the beam of light into two beams. 
Either prisms or partial mirrors. 

beam splitting — A process for increasing the accu- 
racy of locating targets by radar. By noting the azimuths 
at which one radar scan first discloses a target and at 
which radar data from it ceases, beam splitting calculates 
the mean azimuth for the target, 

beam-splitting mirror — In an oscilloscope camera 
system, a tilted, transparent mirror that allows rays to pass 
horizontally from the oscilloscope screen to the camera 
and also to be reflected vertically to the viewer’s eye. 

beam spreader — An optical element the purpose 
of which is to impart a small angular divergence to a 
colliminated incident beam. 

beam switching — A method of obtaining the bear- 
ing and/or elevation of an object more accurately by 
comparing the signals received when the beam is in a 
direction differing slightly in bearing and/or elevation. 
When these signals are equal, the object lies midway 
between the beam axes. 

beam-switching tube—A multiposition, high- 
vacuum, constant-current distributor. The beam-switching 
tube consists of many identical arrays around a central 
cathode. Each array comprises a spade that automatically 
forms and locks the electron beam, a target-output elec- 
trode that gives the beam current its constant character- 
istics, and a high-impedance switching grid that switches 
the beam from target to target. A small cylindrical mag- 


net, permanently attached to the glass envelope, provides 


a magnetic field. This field, in conjunction with an applied 
electric ficld, comprises the crossed fields necessary for 
operation of this tube. It is used in electronic switching 
and in distributing, such as counting, timing, sampling, 
frequency dividing, coding, matrixing, telemetering, and 
controlling. 


AUTOMATIC BEAM FORMING 
AND LOCKING SPADE 


E 

iS YA 

= = 
A> 


bau ea tube. 


Pa CURRENT 
OUTPUT 


a IMPEDANCE 
E SWITCHING GRIO 


[xJ 
CATHODE <7 


beam width — benchmark 


beam width — 1. The angular width of a radio, radar, 
or other beam measured between two reference lines. 
2. The width of a radar beam measured between lines 
of half-power intensity. 3. Of a dish antenna, the angle 
of sky that can be illuminated (picked up or sent out) by 
the dish. Large dishes have narrow beam widths, which 
reduce noise from their sides. Small dishes have wider 
beam widths and are noisier but easier to aim. 

bearing — |. The horizontal direction of an object, or 
point, usually measured clockwise from a reference line 
or direction through 360°. 2. Support for a rotating shaft. 
3. The horizontal angle at a given point, measured from 
a specific reference datum, to a second point relative to 
another as measured from a specific reference datum. 

bearing cursor—A mechanical bearing line of a 
plan-position indicator type of display for reading the 
target bearing. 

bearing loss —The loss of power through friction in 
the bearings of an electric motor (brushes removed and 
no current in the windings). 

bearing resolution — The minimum angular separa- 
tion in a horizontal plane between two targets at the same 
range that will allow an operator to obtain data on either 
individual target. 

beat — Periodic variations that result from the super- 
imposition of waves having different frequencies. The 
term is applied both to the linear addition of two waves, 
resulting in a periodic variation of amplitude, and to the 
nonlinear addition of two waves, resulting in new frequen- 
cies, of which the most important usually are the sum and 
difference of the original frequencies. 

beat frequency— One of the two additional fre- 
quencies produced when two different frequencies are 
combined. One beat frequency is the sum of the two 
original frequencies; the other is the difference between 
them. 

beat-frequency oscillator— Abbreviated BFO. 
An oscillator that produces a signal which mixes with 
another signal to provide frequencies equal to the sum 
and difference of the combined frequencies. 

beating — The combining of two or more frequencies 
to produce sum and difference frequencies called beats. 

beating-in — Interconnecting two transmitter oscilla- 
tors and adjusting one until no beat frequency is heard in 
a connected receiver. The oscillators are then at the same 
frequency. 

beating oscillator — See local oscillator. 

beat marker — A marker pip resulting from the beat 
not between the sweep-generator signal and the signal 
from a marker oscillator; a marker is visible on an 
oscilloscope during visual alignment of a tuned circuit. 

beat note — The difference frequency produced when 
two sinusoidal waves of different frequencies are applied 
to a nonlinear device. 

beat reception — See heterodyne reception. 

beats— 1. Beat notes that are generally at a suffi- 
ciently low audio frequency that they can be heard or 
counted. 2. The signal formed when two signals of differ- 
ent frequencies are simultaneously present in a nonlinear 
device. The frequency of the beat is equal to the difference 
in frequency of the two primary signals. For example, 
beats are produced in superheterodyne receivers, where 
the beat is between the incoming signal and the local 
oscillator in the receiver. 3. Periodic variations of ampli- 
tude that result when two periodic waves having different 
frequencies are superimposed. 

beat tone — Musical tone due to beats, produced by 
the heterodyning of two high-frequency wave trains. 

beaver tail-— A fan-shaped radar beam, wide in the 
horizontal plane and narrow in the vertical plane. The 
beaver tail is swept up and down for height finding. 
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bed-of-nail tester — See in-circuit-tester. 

bedspring — A broadside antenna array with a flat 
reflector. 

before start — The interval before the starting circuit 
to a timer has been operated. The timer is fully reset and 
all contacts are in the precycle position. 

bel— The fundamental unit in a logarithmic scale for 
expressing the ratio of two amounts of power. The number 
of bels is equal to the log,) P:/P2, where P, is the power 
level being considered and P- is an arbitrary reference 
level. The decibel, equal to 1/10 bel, is a more commonly 
used unit. 

B eliminator—A power pack that changes the ac 
power-line voltage to the dc source required by the 
vacuum tubes. In this way, batteries can be eliminated. 

bell — 1. An electrical device consisting of a hammer 
vibrated by an electromagnet. The hammer strikes the 
sides of the bell and emits a ringing noise. The electro- 
magnet attracts an armature or piece of soft iron forming 
part of the hammer lever. A contact breaker then opens 
the circuit and cuts off the attraction. A spring draws the 
hammer back to its original position, closing the circuit 
and repeating the action. 2. An electromechanical device 
in which an electrically vibrated clapper repeatedly strikes 
one or two gongs, which give out a musical tone. 

Bellini- Tosi antenna — A direction-finding antenna 
comprising two vertical orthogonal triangular loops 
installed with their bases over ground and used with a 
goniometer. 

Bellini-Tosi direction finder— An early radio 
direction-finder system consisting of two loop antennas at 
right angles to each other and connected to a goniometer. 

bellows — |. A pressure-sensing element consisting 
of a ridged metal cylinder closed at one end. A pressure 
difference between its outside and inside will cause the 
cylinder to expand or contract along its axis. 2. A mechan- 
ical pressure-sensing element consisting of a metallic bel- 
lows with a plate on one end. Pressure applied to the 
open end causes the plate to move. The amount of the 
movement becomes a measure of the applied pressure. 

bellows contact—A contact in which a multileaf 
spring is folded. This type provides a more uniform spring 
rate over the full tolerance range of the mating unit. 

bell-shaped curve —A statistical curve (so called 
from its characteristic shape) that exhibits a normal 
distribution of data. The curve typically describes the 
distribution of errors of measurement around the real 
value. 

bell transformer—A small iron-core transformer; 
its primary coil is connected to an ac primary line, and 
its secondary coil delivers 10 to 20 volts for operation of 
a doorbell, buzzer, or chimes. 

bell wire—Cotton-covered copper wire, usually 
No. 18, used for doorbell and thermostat connections in 
homes and for similar low-voltage work. 

belt drive — A drive system used to rotate a turntable, 
in which the motor pulley drives the platter with a belt. 

benchmark — |. In connection with microproces- 
sors, a frequently used routine or program selected for the 
purpose of comparing different makes of microprocessors. 
A flowchart in assembly language is written out for each 
microprocessor, and the execution of the benchmark by 
each unit is evaluated on paper. (It is not necessary to use 
hardware to measure capability by benchmark.) 2. A point 
of reference from which measurements can be made. 3. A 
test standard for measuring product performance. 4. A test 
point for facilitating measurement of a product run on 
several computers for the purposes of comparing speed, 
throughput, and ease of conversion. 5. The act of deter- 
mining a benchmark. 6. Standard measure used to test 
performance. 
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benchmark problem—aA problem used in the 
evaiuation of the performance of computers relative to 
each other. 

benchmark program — 1. A sample program used 
to evaluate and compare computers. In general, two 
computers will not use the same number of instructions, 
memory words, or cycles to solve the same problems. 
2. A specific program written to measure the speed of 
a computer in a well-defined situation, such as serial 
transfer and 8-bit by 8-bit multiplication. 3. A set of 
standards used in testing a software or hardware product 
or system, from which a measurement can be made. 
Benchmarks are often run on a system to verify that it 
performs according to specifications. 

bench test—A test in which service conditions 
are approximated, but the equipment is conventional 
laboratory equipment and not necessarily identical with 
that in which the product will be employed in normal 
service. 

bend —A change in the direction of the longitudinal 
axis of a waveguide. 

bend loss — 1. A form of attenuation that is caused 
by bending an optical fiber at a restrictive radius. The 
term also applies to losses due to minute distortions 
in the fiber itself caused by bending it. 2. A form 
of increased attenuation caused by allowing high-order 
modes to radiate from the side of an optical fiber. The 
two common types of bend losses are (a) those occurring 
when the fiber is curved around a restrictive radius of 
curvature and (6) microbend caused by small distortions 
of the fiber imposed by externally induced perturbations, 
such as poor cabling techniques. 

bend radius — The minimum radius an optical fiber 
can bend before breaking. 

bend waveguide—A section of waveguide in 
which the direction of the longitudinal axis is changed. 

Benito — A cw navigational system in which the dis- 
tance to an aircraft 1s determined on the ground by mea- 
suring the phase difference of an audio signal transmitted 
from the ground and retransmitted by the aircraft. Bearing 
information is obtained by ground direction finding of the 
aircraft signals. 

bent gun — A TV picture-tube neck arrangement with 
an electron gun that is slanted to direct the undesired 
ion beam toward a positive electrode and still allow the 
electron beam to pass to the screen. 

beryilia— 1. Beryllium-oxide (BeO) ceramics that 
have high thermal conductivity characteristics. Used as 
substrates in hybrid circuit manufacturing and for thick- 
film substrates in high-power applications. 2. Beryllium 
oxide 1s used in various forms as an insulator and struc- 
tural element (as in resistor cores). 

beryllium — An elemental metal whose atomic num- 
ber is 4. Beryllium is present in various dielectrics and 
alloys used in electronics. 

beryllium oxide (BeO) — A ceramic material having 
very high heat conductivity, good thermal shock resis- 
tance, and high strength. Used in metal/ceramic packages 
for higher-power microwave transistors and as substrates 
in some MIC power amplifiers. 

Bessel function—A mathematical function used 
in the design of a filter for maximally constant time 
delay with littie consideration for amplitude response. 
This function is very close to a Gaussian function. 

best fit— An algorithm for computer memory allo- 
cation that searches the memory-free list for the unused 
memory block that is closest in size to that needed by the 
requesting task. 

beta — Symboliized by the Greek letter beta (8). Also 
called current-transfer ratio. 1. The current gain of a 
transistor connected as a grounded-emitter amplifier; it 
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is the ratio of a small change in collector current to the 
corresponding change in base current, with the collector 
voltage constant. 2. A parameter used to express the 
current gain of a bipolar transistor. There are many 
versions of beta, but all relate a change in collector current 
to the corresponding change in base current, with the 
collector-emitter voltage kept constant. 3. A symbol used 
to denote B quartz. 4. Brainwave signals whose frequency 
is approximately 13 to 28 Hz. The associated mental state 
is irritation, anger, jitteriness, frustration, worry, tension, 
etc. 5. A prerelease version of software, distributed to a 
selected group of users to test. By the end of a beta test, 
all major bugs should have been discovered and repeired. 

beta circuit — In a feedback amplifier, the circuit that 
transmits a portion of the amplifier output bacx to the 
input. 

beta cutoff frequency —The frequency at which 
the beta of a transistor is 3 decibels below the low- 
frequency value. 

beta particle — A small electrically charged particle 
thrown off by many radioactive materials. it is identical 
with the electron and possesses the smallest negative 
electrical charge found in nature. Beta particles emerge 
from radioactive material at high speeds, sometimes close 
to the speed of light. 

beta ray — 1. A stream of beta particles. 2. Electrons 
or positrons given off by a radioactive nucleus in the 
process of decay. 

beta test—Testing computer software before it is 
released commercially. 

betatron — A large doughnut-shaped accelerator that 
produces artificial beta radiation. Electrons (beta particles) 
are whirled through a changing magnetic field. They gain 
speed with each trip and emerge with high energies (on 
the order of 100 million electron volts in some instances). 

bev — A billion electron volts. An electron possessing 
this much energy travels at a speed close to that of 
light — 186,000 miles a second (3 x 10% m/s). 

bevatron — A very large circular accelerator in which 
protons are whirled between the poles of a huge magnet 
to produce energies in excess of one billion electron volts. 

Beverage antenna — See wave antenna. 

beyond-the-horizon propagation — See scatter 
propagation. 

bezel— 1. A holder designed to receive and position 
the edges of a lens, meter, window, or dial glass. 2. The 
flange or cover used for holding an external graticule or 
CRT cover in front of the CRT in an oscilloscope. May 
also be used for mounting a trace-recording camera or 
other accessory item. 

BFO— Abbreviation for beat-frequency oscillator. 

B-H curve —Curve plotted on a graph to show 
successive states during magnetization of a ferromagnetic 
material. A normal magnetization curve is a portion of 
a symmetrical hysteresis loop. A virgin magnetization 
curve shows what happens the first time the material is 
magnetized, 

B-H meter— A device for measuring the intrinsic 
hysteresis loop of a sample of magnetic material. 

biamplification— The technique of splitting the 
audio-frequency spectrum into two sections and using 
individual power amplifiers to drive a separate woofer 
and tweeter. Crossover frequencies for the amplifiers usu- 
ally vary between 500 and 1600 Hz. Biamplification has 
the advantages of allowing smaller-power amps to pro- 
duce a given sound pressure level and reducing distortion 
effects produced by overdrive in one part of the frequency 
spectrum affecting the other part. 

bias — 1. The electrical, mechanical, or magnetic 
force applied to a relay, semiconductor, vacuum tube, 
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or other device for the purpose of establishing an elec- 
trical or mechanical reference level for the operation of 
the device. 2. Direct-current potential applied to the con- 
trol grid of a vacuum tube. 3. Bias derived from a direct 
current, used on signaling or telegraph relays or electro- 
magnets to secure the desired time spacing of transitions 
from marking to spacing. 4. A method of restraining a 
relay armature, by means of spring tension, to secure 
a desired time spacing of transitions from marking to 
spacing. 5. The average direct-current voltage between 
the control grid and cathode of a vacuum tube. 6. The 
effect on teletypewriter signals produced by the electrical 
characteristics of the line and the equipment. 7. Energy 
applied to a relay to hold it in a given position. 8. A 
high-frequency signal applied to the audio signal at the 
tape recording head to minimize distortion and noise 
and increase frequency response and efficiency. Although 
sometimes de (fixed magnetic polarity) is used, the bias 
signal is usually above 40 kHz to avoid audible inter- 
modulation distortion. Every tape formulation has slightly 
different bias requirements. 9. The sideways thrust of a 
pickup arm. 10. Communication-signal distortion related 
to bit timing. 11. The departure from a reference value of 
the average of a set of values. 

bias cell —A dry cell used in the grid circuit of a 
vacuum type to provide the necessary C-bias voltage. 

bias compensator — A device that counteracts the 
inward bias of a pickup arm as it tracks the record. The 
compensator exerts an outward force on the arm and 
generally can be adjusted to have a definite relationship 
to the playing weight of the pickup. 

bias current— The current through the base-emitter 
junction of a transistor. It is adjusted to set the operating 
point of the transistor. 

bias distortion — 1. Distortion resulting from oper- 
ation on a nonlinear portion of the characteristic curve 
of a vacuum tube, semiconductor, or other device, due 
to improper biasing. 2. In teletype circuits, the uniform 
shifting of mark pulses from their proper position in rela- 
tionship to the start pulses. 

biased induction—Symbolized by B,. The biased 
induction at a point in a magnetic material that is sub- 
jected simultaneously to a periodically varying magnetiz- 
ing force and biasing magnetizing force is the algebraic 
mean of the maximum and minimum values of the mag- 
netic induction at the point. 

biased ringer—A polarized telephone bell whose 
armature is held at one end of its travel by a small 
biasing spring so it responds only to pulsating current 
of one polarity. Current pulses of the opposite polarity 
will merely attract the armature more strongly to the pole 
piece of the electromagnet but the bell will not ring. 

bias-induced noise — The difference between bulk- 
erased and zero-modulation noise. 

biasing magnetizing force — Symbolized by H,. 
A biasing magnetizing force at a point in a magnetic 
material that is subjected simultaneously to a periodically 
varying magnetizing force and a constant magnetizing 
force is the algebraic mean of the maximum and minimum 
values of the combined magnetizing forces. 

bias meter—A meter used in teletypewriter work 
for determining signal bias directly in percent. A positive 
reading indicates a marking signal bias; a negative reading 
indicates a spacing signal bias. 

bias oscillator— An oscillator used in magnetic 
recorders to generate an ac signal in the range of 40 to 
80 kHz for the purpose of magnetic biasing to obtain a 
linear recording characteristic. Usually the bias oscillator 
also serves as the erase oscillator. 

bias port—In a fluidic device, the port at which a 
biasing signal is applied. 
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bias resistor—aA resistance connected into a self- 
biasing vacuum-tube or semiconductor circuit to produce 
the voltage drop necessary to provide a desired biasing 
voltage. 

bias-set frequency — In direct magnetic tape recor- 
ding, a specified recording frequency employed during the 
adjustment of bias level for optimum record performance 
(not the frequency of the bias). 

bias telegraph distortion — Distortion in which all 
mark pulses are lengthened (positive bias) or shortened 
(negative bias). It can be measured with a steady stream 
of unbiased reversals (square waves having equal-length 
mark and space pulses). The average lengthening or 
shortening does not give true bias distortion unless other 
types of distortion are negligible. 

bias voltage— 1. A voltage, usually dc, used to set 
the operating point of a circuit above or below a reference 
voltage. 2. The base or grid voltage that establishes a 
semiconductor’s or vacuum tube’s desired dc operating 
voltage. 3. A steady voltage that presets the operating 
threshold or operating point of a circuit or device, such 
as a transistor or vacuum tube. 

bias windings —Control windings of a saturable 
reactor, by means of which the operating condition is 
translated by an arbitrary amount. 

biax — Two-hole, orthogonal, cubical ferrite computer 
memory elements. 

BiCMOS — Abbreviation for bipolar complementary 
metal oxide semiconductor. An IC technology combining 
the linearity and speed advantages of bipolar and the low- 
power advantages of CMOS on a single IC. BiCMOS 
can operate at either ECL (emitter-coupled-logic) or TTL 
(transistor-transistor-logic) levels and is ideal for mixed- 
signal devices. (BiCMOS may eclipse CMOS, just as 
CMOS edged out MOS and bipolar circuits.) 

biconical antenna — An antenna that is formed by 
two conical conductors, having a common axis and vertex, 
and excited at the vertex. When the vertex angle of one 
of the cones is 1807, the antenna is called a discone. 


Biconical 
antenna. 


bidirectional — 1. Responsive in opposite directions. 
An ordinary loop antenna is bidirectional because it has 
maximum response from the opposite directions in the 
plane of the loop. 2. Refers to a type of computer bus 
structure in which a single conductor is used to transmit 
data or signals in either direction between a peripheral 
device and a central processor or memory. 3. In open- 
reel or cassette recorders, the ability to play (and, in 
some cases, record) both stereo track pairs on a tape by 
reversing the tape’s direction of motion without removing 
and replacing the tape reels or cassette. 4. In microphones, 
a figure-8 pickup pattern. 

bidirectional antenna— An antenna having two 
directions of maximum response. 

bidirectional bus—1. In computers, a data path 
over which both input and output signals are routed. 2. In 
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a computer, a bus that carries signals in either direction. 
The bus also carries special signals that tell the devices 
connected to it which way data is passing. 3. A bus used 
by any individual device for two-way transmission of 
messages, that is, both input and output. 

bidirectional bus driver— A signal-driving device 
in a microcomputer that permits direct connection of a 
buffer-to-buffer arrangement on one end (the interface 
to YO memories, etc.) and data inputs and outputs on 
the other. This permits bidirectional signals to pass and 
provides drive capability in both directions. 

bidirectional current— A current that is both pos- 
itive and negative. 

bidirectional data bus—A data bus in which 
digital information can be transferred in either direction. 

bidirectional diode thyristor — A two-terminal 
thyristor having substantially the same switching behavior 
in the first and third quadrants of the principal voltage- 
current characteristic. 

bidirectional lines—Links between devices in a 
system that may carry information in either direction, but 
not both simuitaneously. 

bidirectional loudspeaker — A speaker that deliv- 
ers sound waves to the front and rear. 

bidirectional microphone — 1. A microphone in 
which the response predominates for sound incidences of 
O° and 180°. 2. A microphone that is equally sensitive to 
sounds arriving from in front or in back, but discriminates 
against sounds arriving from the sides. 

bidirectional printer— A printer that prints from 
left to right as well as from right to left, avoiding delays 
caused by carriage returns. 

bidirectional pulses — Pulses, some of which rise 
in one direction and the remainder in the other direction. 

bidirectional pulse train — A pulse train in which 
some pulses rise in one direction and the remainder in the 
other direction. 

bidirectional thyristor— A thyristor that can be 
made conductive at any instant when the voltage between 
the main terminals is either positive or negative. 

bidirectional transducer— See bilateral trans- 
ducer. 

bidirectional transistor — A transistor that is spec- 
ified with parameter limits in both the normal and inverted 
configuration and has substantially the same electrical 
characteristics when the terminals normally designed as 
emitter and collector are interchanged. (Bidirectional tran- 
sistors are sometimes called symmetrical transistors. The 
term, however, is deprecated because it might give the 
incorrect impression of an ideally symmetrical transistor.) 

bidirectional triode thyristor— A three-terminal 
thyristor having substantially the same switching behavior 
in the first and third quadrants of the principal voltage- 
current characteristic. 

bifet — Linear circuit that combines bipolar transistors 
with junction field-effect transistors on the same silicon 
chip and provides broader bandwidth, faster slewing, and 
higher impedance than standard bipolar devices when 
incorporated into monolithic operational amplifiers. 

bifilar— A winding made noninductive by winding 
two wires carrying current in opposite directions together, 
side by side, as one wire. 

bifilar resistor—A resistor wound with a wire 
doubled back on itself to reduce the inductance. 

bifilar suspension — A type of galvanometer move- 
ment that is highly resistant to overloads, in which a 
D’ Arsonval moving coil is supported at each end by two 
taut wires. The elmination of the pivot, with its attendant 
friction, results in superior sensitivity and precision. 

bifilar transformer — A transformer in which the 
tums of the primary and secondary windings are wound 
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together side by side and in the same direction. This type 
of winding results in near-unity coupling, so that there 
is a very efficient transfer of energy from primary to 
secondary. 

bifilar winding—1.A method of winding non- 
inductive resistors in which the wire is folded back on 
itself and then wound double, with the winding starting 
from the point at which the wire is folded. 2. A winding 
consisting of two insulated conductors side by side to 
produce (a) two balanced windings, (b) a resistor with 
minimum inductance, and (c) maximum coupling between 
two windings, 

bifurcate — Describes lengthwise slotting of a flat 
spring contact, as used in a printed-circuit connector, 
to provide additional independently operating points of 
contact. Example: bifurcated contact. 

bifurcated — Usually fork-shaped. Refers to physical 
construction of a contact whereby two mating portions 
make physical contact. Yet, if one tip section of the 
contact fails, the remaining section maintains the physical 
and electrical connection. 

bifurcated connector — A hermaphroditic counec- 
tor containing fork-shaped mating contacts. 

bifurcated contact— 1. A movable contact that is 
forked (divided) to provide two contact-mating surfaces in 
parallel for a more reliable contact. 2. A connector contact 
(usually a flat spring) that is slotted lengthwise to provide 
additional, independently operating points of contact. 

bilateral— Having a voltage-current characteristic 
curve that is symmetrical with respect to the origin, that 
is, being such that if a positive voltage produces a positive 
current magnitude, an equal negative voltage produces a 
negative current of the same magnitude. 

bilateral amplifier — An amplifier capable of receiv- 
ing as well as transmitting signals; it is used primarily in 
transceivers. 

bilateral antenna— An antenna, such as a loop, 
having maximum response in exactly opposite directions 
(180° apart). 

bilateral bearing—A bearing that indicates two 
possible directions of wave arrival. One of these is the 
true bearing, and the other is a bearing displaced 180° 
from the true bearing. 

bilateral circuit— A circuit wherein equipment at 
opposite ends is managed, operated, and maintained by 
different services. 

bilateral element— A _ two-terminal element, the 
voltage-current characteristic of which has odd symmetry 
around the origin. 

bilateral network — 1. A network in which a given 
current flow in either direction results in the same voltage 
drop. 2. A network that passes current and signals equally 
well in both directions. 

bilateral transducer — 1. Also called bidirectional 
transducer, A transducer capable of transmission simulta- 
neously in both directions between at least two termina- 
tions. 2. A device capable of measuring stimuli in both a 
positive and a negative direction from a reference zero or 
rest position. 

billboard antenna— An antenna array consisting 
of several bays of staked dipoles spaced 1/4 to 3/4 
wavelength apart, with a large reflector placed behind the 
entire assembly. The required spacing of the dipoles tends 
to make the array inconveniently large at frequencies 
below the VHF range. 

bimag — See tape-wound core. 

bimetal—A union of two dissimilar metals (espe- 
cially those having a different temperature coefficient of 
expansion), usualiy welded together over their entire sur- 
face. 
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bimetal cold-junction compensation — Automa- 
tic mechanical correction for ambient temperature change 
at the cold junction of a thermocouple, which would nor- 
mally cause erroneous readings. 

bimetallic strip —A strip formed of two dissimilar 
metals welded together. Because the metals have different 
temperature coefficients of expansion, the strip bends or 
curls when the temperature changes. 

bimetallic switch —- A temperature-sensitive switch 
that uses a bimetallic element. 

bimetallic thermometer— 1. A device containing 
a bimetallic strip that expands or contracts as the tem- 
perature changes. Á calibrated scale indicates the amount 
of change in temperature. 2. A strip of two metals hav- 
ing different coefficients of expansion bonded together 
in the form of a spiral or helix. Movement caused by a 
temperature change becomes a measure of temperature. 

bimetallic wire — Any wire formed of two different 
metals joined together (not alloyed). It can include wire 
with a steel core for high-strength clad wire, or plated or 
coated wire. 

bimetal mask—A mask formed by chemically 
etching openings in a metal film or plate where it is 
not protected by photoresist or other chemically resistant 
material. 

bimorph cell— Two crystal elements (usually Roc- 
helle salt) in rigid combination, arranged to act as 
a mechanical transforcer in headphones, microphones, 
pickups, and speakers. 

BiMOS — Abbreviation for bipolar metal oxide semi- 
conductor. A general term to refer to bipolar and metal 
oxide semiconductors on one chip. Sometimes used inter- 
changeably with BiCMOS. 

binary — 1. A numbering system using a base num- 
ber, or radix, of 2. There are two digits (1 and 0) 
in the binary system instead of 10 as in the decimal. 
2. Pertaining to a characteristic or property involving a 
selection, choice, or condition in which there are two 
possibilities or alternatives. 3. A bistable multivibrator. 
4. Two-valued logic using only the values true and false. 
Represented in a computer circuit by the presence of cur- 
rent (equivalent to 1) or its absence (equivalent to 0). 
All computer programs are executed in binary form. 5. A 
counting system in which the value of any digit can only 
be 1 or 0. As with the decimal system, the right-hand 
digit denotes the number of units of the next value, etc. 
In decimal the units can be 0 to 9; in binary, the units are 
O and 1. 

binary arithmetic — Mathematical operations per- 
formed with only the digits O and 1. 

binary card—aA card that contains data in column 
binary or row binary form. 

binary cell — In an electronic computer, an elemen- 
tary unit of storage that can be placed in either of two 
stable states. 

binary chain—A series of binary circuits, each of 
which can exist in either one of two states, arranged so 
each circuit can affect or modify the condition of the next 
circuit. 

binary channel — A transmission facility limited to 
the use of two symbols. 

binary code—A method of representing numbers 
in a scale of 2 (on or off, high level or low level, one or 
zero, presence or absence of a signal) rather than the more 
familiar scale of 10 used in normal arithmetic. Electronic 
circuits designed to work in two defined states are much 
simpler and more reliable than those working in ten such 
States. 

binary-coded— Expressed by a series of binary 
codes (Os and 1s). 


binary-coded character — A decimal digit, alpha- 
betic letter, punctuation mark, etc., represented by a fixed 
number of consecutive binary digits. 

binary-coded decimal— Abbreviated BCD. A 
coding system in which each decimal digit from 0 to 9 is 
represented by four binary digits: 


Decimal Digit Binary Code 
0 0000 
] 0001 
2 0010 
3 0011 
4 0100 
5 0101 
6 0110 
7 0111 
8 1000 
9 1001 


2. The representation of decimal numbers in binary form. 
It is useful in adc systems intended to drive decimal 
displays. Its advantage over decimal is that only four 
lines are needed to represent 10 digits. The disadvantage 
of coding digital-to-analog converters or analog-to-digital 
converters in BCD is that a full 4 bits could represent 
16 digits, whereas only 10 digits are represented in BCD. 
3. A numbering system used in many computers, in which 
the basic binary system is used to represent decimal 
numbers. 

binary-coded digit— One element of a notation 
system for representing a decimal digit by a fixed number 
of binary positions. 

binary-coded octal system — An octal numbering 
system in which each octal digit is represented by a three- 
place binary number. 

binary counter — See binary scaler. 

binary digit— 1. A character that represents one of 
the two digits in the number system that has a radix of 
2. Also called bit. 2. Either of the digits, O or 1, that may 
be used to represent the binary conditions on or off. 3. A 
whole number in the binary scale of notation; this digit 
may be only O (zero) or 1 (one). It may be equivalent to 
an on or off condition, yes or no, etc. 

binary file — A file stored in a binary format contain- 
ing data or program instructions in a computer-readable 
format. Special software is required to display such a file. 

binary incremental representation — Incremen- 
tal representation in which the value of an increment is 
rounded to plus or minus one quantum and is represented 
by one binary digit. 

binary magnetic core— A ring-shaped magnetic 
material that can be made to take either of two stable 
states of magnetic polarization. 

binary notation — See binary number system. 

binary number system — A number system emplo- 
yed in computers and digital systems, in which successive 
digits are coefficients of powers of the base 2, rather 
than the base 10. For example, the decimal number 13 
is represented by the binary number 1101(1 x 2+ 1 x 
2+0x2-+1 x 2). Since the only values in the binary 
system are 0 and 1, quantities, or bits (binary digits), are 
represented electronically with either of two conditions, 
typically a high voltage representing a | and a low voltage 
representing a 0. Also called binary notation. 

binary numeral — The binary representation of a 
number; for example, 101 is the binary numeral and V 
is the Roman numeral of the number of fingers on one 
hand. 
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binary phase-shift keying — Abbreviated BPSK. 
A modulation scheme that uses two phases to represent 
data; one phase represents a mark, and the other phase 
represents a space. 

binary point— 1l. The point that marks the place 
between integral powers of 2 and fractional powers of 2 
in a binary number. 2. The radix point in a mixed binary 
numeral, such as 110.011, separating the fractional part 
from the integer part. In the binary numeral 110.011, the 
binary point is between the two Os. 

binary pulse-code modulation—A form of 
pulse-code modulation in which the code for each ele- 
ment of information consists of one of two distinct kinds, 
e.g., pulses and spaces. 

binary raster data— Computer data in an on/off 
format (ones and zeros) that is formed into scan lines that 
can be used to control a light source, such as a laser, for 
exposure of light-sensitive material. 

binary scaler— Also called binary counter. 1. A 
counter that produces one output pulse for every two input 
pulses. 2. A counting circuit, each stage of which has two 
distinguishable states. 3. A flip-flop having a single input 
(called a T flip-flop). Each time a pulse appears at the 
input, the flip-flop changes state. 

binary search — Also called dichotomizing search. 
1.A search in which a set of items is divided into two 
parts; one part is rejected, and the process is repeated 
on the accepted part until those items with the desired 
property are found. 2. A search that starts in the middle of 
a database, first determining if the desired record is above 
or below the midpoint, then proceeding to the middle of 
the remaining records, and so on. 

binary signai—A voltage or current that carries 
information in the form of changes between two possible 
values. 

binary signaling—A communications mode in 
which information is passed by the presence and absence, 
or plus and minus variations, of one parameter of the 
signaling medium. 

binary system — A system of mathematical compu- 
tation based on powers of 2. 

binary-to-decimal conversion — The process of 
converting a number written in binary notation to the 
equivalent number written in the ordinary decimal nota- 
tion. 

binary-to-hexadecimal conversion — The pro- 
cess of converting a numeral written in base 2 to the 
equivalent numeral written in base 16. 

binary-to-octal conversion — The process of con- 
verting a numeral written in base 2 to the equivalent 
numeral written in base 8. 

binary word — A related grouping of ones and zeros 
that has a meaning assigned by definition, or that has a 
weighted numerical value in the natural binary number 
system. 

binaural — Two-channel sound in which each channel 
recorded is heard only through one ear. In recording, 
microphones are spaced to approximate the distance 
between a person’s own ears. To hear the recording 
binaurally, the listener must use headphones. Compare 
with stereo. 

binaural disc — A stereo record with two separate 
signals recorded in its grooves. Stereophonic sound is 
obtained by feeding each signal into its own speaker or 
headphone. 

binaural effect— The effect that makes it possible 
for a person to distinguish the difference in arrival time or 
intensity of sound at his or her ears and thereby determine 
the direction from which a sound Is arriving. 

binaural recorder— A tape recorder that employs 
two separate recording channels, or systems, each with 
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its own microphone, amplifier, recording and playback 
heads, and earphones. Recordings using both channels are 
made simultaneously on a single magnetic tape having 
two parallel tracks. During playback, the original sound 
is reproduced with depth and realism. For a true binaural 
effect, headphones are necessary. 

binaural sound — Sound recorded or transmitted by 
pairs of equipment so as to give the listener the effect of 
having heard the original sound. 
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binder— 1. A substance, such as cement, used to 
hold particles together and thus provide mechanical 
strength in, for example, carbon resistors and phonograph 
records. 2. Materials or substances added to thick-film 
compositions and unfired substrates to give sufficient 
strength for prefire handling. 

binding — The act of assigning absolute addresses to 
a program. 

binding energy — The minimum energy required to 
dissociate a nucleus into its component neutrons and 
protons. Neutron or proton binding energies are those 
energies required to remove a neutron or a proton, 
respectively, from a nucleus. Electron binding energy is 
that energy required to remove an electron from an atom 
or a molecule. 

binding post— 1. A bolt-and-nut terminal for mak- 
ing temporary electrical connections. 2. A device for 
clamping or holding electrical conductors in a rigid posi- 
lion. 


Binding post. 


binistor— A four-terminal controlled rectifier semi- 
conductor that provides bistable negative-resistance char- 
acteristics. 

binomial array— A directional-antenna array used 
for reducing minor lobes and providing maximum 
response in opposite directions. 

biochemical fuel cell — An electrochemical gener- 
ator of electrical power in which bi-organic matter is used 
as the fuel source. In the usual electrochemical reaction, 
air serves as the oxidant at the cathode and microorgan- 
isms are used to catalyze the oxidation of the bi-organic 
matter at the anode. 
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bioelectricity — Electric currents and potential dif- 
ferences that occur in living tissues. Muscle and nerve tis- 
sue, for example, are generators of bioelectricity, although 
the potential registered may be less than 1 millivolt in 
some Cases. 

bioelectric potential — See bioelectricity. 

bioelectrogenesis — The practical application of 
electricity drawn directly from the bodies of animals, 
including humans, to power electronic devices and appli- 
ances. 

bioelectronics — 1. The application of electronic 
theories and techniques to the problems of biology. 
2. The integrated, long-term electronic control of vari- 
ous impaired physiologic systems by means of small, 
low-power electrical and electromechanical devices. (The 
pacemaker is therefore a bioelectronic instrument.) 

bioengineering — See bionics. 

biogalvanic battery —A device that makes use of 
reactions between metals and the oxygen and fluids in the 
body to generate electricity. 

biologic energy — Energy that is produced by bodily 
processes and that can be used to supply electrical 
energy for implanted devices such as electronic cardiac 
pacemakers, bladder stimulators, etc. The biologic energy 
can result from muscle movement (such as that of the 
diaphragm), temperature differences, pressure differences, 
expansion of the aorta, oxidation of materials within the 
gastrointestinal tract, or other processes. 

biomedical oscilloscope — An oscilloscope desig- 
ned or modified to be used in medical applications. Such 
oscilloscopes have slow sweep rates and long-persistence 
screens because of the low frequencies of many biological 
signals. 

bionics — Also called bioengineering. 1. The study 
of living systems so that their characteristics and func- 
tions can be related to the development of mechanical 
and electronic hardware. 2. The reduction of various life 
processes to mathematical terms to make possible dupli- 
cation or simulation with systems hardware. 3. The art 
that treats electronic simulation of biological phenom- 
ena. 4. The emulation of biological components, “body 
parts,” with electromechanical ones. 5. The application 
of observed operational processes of sophisticated living 
organisms to mechanical and electrical systems in order 
to analogize capabilities or efficiency. 

BIOS — Abbreviation for basic input-output system. 
The software that translates operating system instructions 
into commands to and from the hardware components in 
a computer system. 

biotelemetry — The process of remote measurement 
or recording of such biological variables as pulse rate, 
temperature, etc. Typically, the information is transmitted 
between the patient and the receiving equipment by a 
radio link. 

biotelescanner——A device that can analyze and 
radio data on life forms during space exploration. 

biphase suppressed carrier—A digital radio 
modulation scheme that uses one phase of a carrier to 
signify a O and the opposite phase to denote a 1. If the 
two phases are less than 180° apart, some residual carrier 
will be transmitted. 

bipolar — 1. Having two poles. 2. Having to do with 
a device in which both majority and minority carriers 
are present. In connection with integrated circuits, the 
term describes a specific type of construction; bipolar 
and MOS are the two most common types of IC con- 
struction. 3. The semiconductor technology employing 
two-junction transistors. 4. A transistor structure whose 
electrical properties are determined within the silicon 
material. Memories using this technology are character- 
istically high-speed devices. 5. General name for npn 
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and pnp transistors, since working current passes through 
semiconductor material of both polarities (p and n). Cur- 
rent in the collector is controlled by a current between 
base and collector. Also applied to integrated circuits that 
use bipolar transistors. 6. In bipolar transistors, the work- 
ing current consists of both positive and negative electri- 
cal charges. The first transistor and the first ICs were bi- 
polar types. (Most present-day discrete transistors are also 
bipolar.) Bipolar IC transistors operate faster than unipolar 
(MOS) transistors and consume more power. They take up 
more space on a chip and cost more to manufacture. 7. In 
meters, the capability of measuring voltages or currents 
of either polarity — positive or negative — with respect to 
a reference point or ground. 8. One of several fundamen- 
tal processes for fabricating ICs. A bipolar IC is made 
up of layers of silicon with differing electrical character- 
istics. Current flows between the layers when a voltage 
is applied to the junction or boundary between the lay- 
ers. 9. A technology of IC fabrication that uses transistor 
switching elements based on majority carriers for switch- 
ing and amplification. 10. Technology using transistors 
with both negative and positive charge carriers allowing 
current flow in only one direction (unlike MOS circuits). 
Bipolar memory is characterized by very fast access times 
and very high power consumption. 

bipolar complementary metal oxide semicon- 
ductor — See BiCMOS. 

bipolar device— 1. A semiconductor device in 
which there are both majority and minority carriers. (This 
is the case in all npn and pnp transistors.) 2. A current- 
driven electronic device with two poles. Operation relies 
on the flow of both electrons and holes. 

bipolar electrode — An electrode without metallic 
connection with the current supply, one face of which acts 
as an anode surface and the opposite face as a cathode 
surface when an electric current is passed through a cell. 

bipolar electrolytic capacitors — An electrolytic 
capacitor designed to withstand an alternating voltage 
and/or a reversal of the applied direct voltage. Also called 
nonpolar capacitor. 

bipolar ferreed—A device comprising two sealed 
reed switches, a permanent magnet, and a winding with a 
semipermanent magnet. When the winding is pulsed with 
current in one direction, the reed contacts close; when 
the winding is pulsed in the opposite direction, the reed 
contacts open. 

bipolar magnetic driving unit— A headphone or 
speaker unit having two magnetic poles acting directly on 
a flexible iron diaphragm. 

bipolar memory cell —In a computer, a system 
comprising a storage latch, a pair of control gates, and an 
output gate. The control and output gates need not be part 
of the storage cell, but they usually are included because 
each latch requires both control and output gating. 

bipolar pulse—1. A pulse that has appreciable 
amplitude in both directions from the reference axis. 2. A 
current or voltage pulse that may be either positive or 
negative. 

bipolar transistor—-1. A transistor that uses both 
negative and positive charge carriers. 2. An active semi- 
conductor device formed by two pn junctions whose 
function is amplification of an electric current. Bipolar 
transistors are of two types: npn and pnp, depending on 
the manner in which the two pn junctions are combined. 
Bipolar transistors have three sections: emitter, base, and 
collector. Operation of a bipolar transistor depends on 
the migration of both electrons and holes, in contrast to 
field-effect transistors, in which only one polarity carrier 
predominates. 


CHAPTER 5 + THE COZY CORNER LAB 


If you do have the luxury of being able to mount a permanent power strip (which, technically, 
remains a temporary power tap as far as the manufacturer is concerned), then be sure to install it 
securely using the hardware provided. See Figure 5-6. 


Figure 5-6. The power strip is fastened securely to the table using the provided hardware. You do not want 
your power strip wiggling around, or worse yet, falling off the table, dragging all of your power tools with 
it! 


Tip Test every outlet of your power strip before permanently mounting it to your workbench. 


A Clean, Well-Lighted Space 


You can never have enough light, it seems. What passes for normal room illumination might be 
sufficient for such adventurous undertakings as finding your way to the door or looking for the remote 
control for the television. For anything more demanding, you're going to have to add some more 
lighting, and probably lots of it. 
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FUNCTIONAL DIAGRAM 


biquadratic filter — bisynchronous 


EMITTER , GD COLLECTOR 


SCHEMATIC DIAGRAM 


Bipolar (npn) transistor. 


biquadratic filter—A filter transfer function that 
contains complete quadratic equations in both the numer- 
ator and denominator and provides the basis for imple- 
menting high-pass, low-pass, and single-frequency notch 
characteristics as well as band-reject realizations. 

biquinary code — A mixed-radix notation in which 
each decimal digit to be represented 1s considered to be 
the sum of two digits, the first of which is 0 or 1 with 
significance 5 and the second of which is 0, 1, 2, 3, or 4 
with significance 1. 

biradial — Having an elliptical cross section. A term 
used with reference to phonograph styli. See elliptical 
stylus. 

biradial stylus— Also called elliptical stylus. A 
stylus tip that has a small radius where it touches 
the walls of the record grooves, as distinguished from 
a conventional stylus, which has a hemispherical top 
used with lightweight pickup arms to reduce tracking 
distortion. 

bird — Jargon or nickname for communication satel- 
lites. 

birdcage — A defect in stranded wire in which the 
strand in the stripped portion between the covering of an 
insulated wire and a soldered connection (or an end-time 
lead) has separated from the normal lay of the strands. 

bird-dogging — See hunting, 1. 

birdnesting — Clumping together of chaff dipoles 
after they have been dropped from an aircraft. 

Birmingham wire gage — Abbreviated BWG. The 
Birmingham wire gage was used extensively in Great 
Britain and the United States for many years, but is now 
obsolete. Its uses have persisted, however, for certain 
purposes, including galvanized steel wire for cable armor. 

biscuit — See preform. 

B-ISDN — Abbreviation for Broadband Integrated 
Services Digital Network. An ISDN service requiring 
a broadband channel operating at speeds greater than 
a single primary rate interface—34 to as much as 
6000 Mbps. 

bislope triggering — Allows positive- and negative- 
going signal polarities to initiate waveform storage in both 
analog and digital oscilloscopes. A triggering threshold 
or level control on the front panel determines the trigger 
characteristics. 

bistable — 1. A circuit element with two stable oper- 
ating states, e.g., a flip-flop in which one transistor is 
saturated while the other is turned off. It changes state 
for each input pulse or trigger. 2. A device capable of 
assuming either one of two stable states. 3. Of or pertain- 
ing to the general class of devices that operate in either 
of two possible states in the presence or absence of the 
setting input. 4. Element that has two output possibilities 
and that will hold a given condition until switched. 


bistable contacts—A contact combination in 
which the movable contact remains in its last operated 
position until the magnetic polarity of the coil is reversed. 

bistable device — |. Any device, such as a flip-flop, 
that has two stable states and may be readily switched 
from one state to the other. 2. A device with only two 
stable states, such as on and off, 

bistable display— A matrix-controlled display that 
has information storage at the display surface and that 
requires that an element be addressed only once to ensure 
that it is on or off. 

bistable latch — A rudimentary flip-flop that can be 
enabled to store a logical | or a logical 0. One bistable 
latch device is commonly used in memory and register 
circuits for the storage of each bit. 

bistable multivibrator (flip-flop)— A circuit hav- 
ing two stable states; it will stay in either one indefinitely 
until appropriately triggered, after which it immediately 
switches to the other state. 


OUTPUT OUTPUT 
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Bistable multivibrator. 


bistable relay — A relay that requires two pulses 
to complete one cycle composed of two conditions of 
operation. Also called locked, interlocked, and latching 
relay. 

bistatic radar — Radar system in which the receiver 
and transmitter have separate antennas and are some 
distance apart. 

biswitch —A two-terminal integrated device that 
basically performs the function of two pnpn switches 
interconnected so as to provide bilateral switching. 

bisynchronous — |. Data transmission in which syn- 
chronization of characters is controlled by timing signals 
generated at both the sending and receiving stations. 
2. Method of transmitting computerized data that allows 
for multiple error detection. 


bit — blackbody 


bit— Abbreviation for binary digit. 1. A unit of infor- 
mation equal to one binary decision, or the designation 
of one of two possible and equally like values or states 
(such as 1 or 0) of anything used to store or convey infor- 
mation. lt may also mean “yes” or “no.” 2. The smallest 
part of information in a binary notation system. A bit is 
either a one (1) or a zero (0). In a BCD system, four 
bits represent one decimal digit. 3. The smallest unit of 
information, representing either a mark or a space (1 or 
0). In data transmission, the common unit of speed is bits 
per second (bps). 4. In a computer, one bit is enough to 
tell the difference between yes or no, up or down, on or 
off, 1 or 0, in short, any two opposites. Computers repre- 
sent information in the form of bits because their circuits 
can have only two states: on or off. 5. The bit can take 
the form of a magnetized spot, an electronic impulse, a 
positively charged magnetic core, etc. A number of bits 
together are used to represent a character in a computer 
(byte, word). 

bit copier— A program that copies individual data 
bits on a disk without regard to their information content; 
it is not affected by improperly formatted data. 

bit density— The number of bits of information 
contained in a given area, such as the number of bits 
written along an inch of magnetic tape. 

bit diddling—A method of increasing storage effi- 
ciency by packing extra information into unused parts of 
a computer word. 

bit interleave — A technique in time-division multi- 
plexing in which bits of data are transmitted in one frame. 

bit map — 1. A graphics image consisting of rows and 
columns of dots. 2. A screen display in which each pixel 
location corresponds to a unique main memory location 
accessible by the CPU. Also refers to images intended for 
display on this type of digital system. 

bit-mapped display—A method of CRT display 
that uses a separate area of computer memory to specify 
the locations of individual pixels, resulting in high-quality 
images. 

bit-mapped font—A font with characters formed 
by a pattern of dots. 

bit parallel —1. A method of simultaneously moving 
or transferring all bits in a contiguous set of bits over 
separate wires, one wire for each bit in the set. 2. Refers 
to a set of concurrent data bits present on a like number 
of signal lines used to carry information. Bit-parallel data 
bits may be acted on concurrently as a group (byte) or 
independently as individual data bits. 

bit plane — The circuitry required to make a bit-map 
display, especially when combinable or stackable to allow 
more than one bit per pixel. Thus, two bit planes give 
each pixel four possible colors to select from; five planes 
yield 32. 

bit rate — 1. The number of binary bits transmitted 
per unit time; for example, a bit rate of 80 means that 
80 binary bits are transmitted per second. 2. The rate at 
which binary digits, or pulses representing them, pass 
a given point in a communication line. 3. The rate at 
which data bits (digital information) are transmitted over 
a communication path, normally expressed in bits per 
second (bps). Not to be confused with the data signaling 
rate (baud), which measures the rate of signal changes 
transmitted. 4. Informal term for data rate, when it is 
measured in bits per second. 5. The rate of transfer of 
information necessary to ensure acceptable reproduction 
of the information at the receiver. 

bit-rate generators—Devices that provide the 
reference frequencies required by serial interfaces (TTY, 
UART, cassette, modem) and also furnish adjustment-free 
crystal stability with easily changed, multiple frequencies. 
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bit-rate-length product— The product of the bit 
rate that a fiber or cable is able to handle and the length 
for tolerable dispersion at the bit rate, with the product 
usually stated in units of megabits per kilometer/second. 
Typical bit-rate-length products for graded index fibers 
with a numerical aperture of 0.2 is 1000 MB per km/s 
for research fibers and 200 MB per km/s for production 
fibers. The product is a good measure of fiber performance 
in terms of transmission capability. 

bit serial—A method of sequentially moving or 
transferring a contiguous set of bits one at a time over 
a single wire, according to a fixed sequence. 

bit slice — 1. As in a 4-bit slice and a 2-bit slice. 
A multichip microprocessor in which the control sec- 
tion is contained on one chip, and one or more identical 
arithmetic and logic unit (ALU) sections and register sec- 
tions are contained on separate chips called slices. For 
example, three 4-bit slices connected in parallel with the 
control section produce a 12-bit word microprocessor. 
2. An enhanced subsection of a microprocessor’s ALU, 
embodying an architecture that permits the cascading or 
stacking of devices to increase word bit size. (Support 
chips are required to construct a functional MPU.) 3. The 
arithmetic and logic unit (ALU) within the central pro- 
cessor unit (CPU) of a microcomputer. Circuits capable 
of handling a few bits—normally four but sometimes 
less — are stacked in parallel to provide an ALU and reg- 
isters capable of handling some specific word length. For 
example, to get the 16-bit word length normally used for 
numerical control, 4-bit slices can be combined, with each 
slice on a separate chip. The slice excludes the control 
section, which must be implemented by external devices. 
4. A microprocessor in which the CPU is partitioned into 
two or more silicon chips, each containing 2- or 4-bit 
register logic. 5. A microcomputcr chip that is a quarter 
or an eighth of an entire processor. When a CPU is too 
complex or would dissipate too much heat to be put on 
a single chip it is sliced into 2- or 4-bit chunks that are 
then wired together on circuit cards. 

bit-slice processor—A microprocessor whose 
word (or byte) capacity is achieved though the use of 
interrelated smaller-capacity processors, e.g., a 16-bit unit 
derived from eight 2-bit slices. 

bits per second — Abbreviated bps. 1. The unit of 
information rate. It expresses the number of binary digits 
passed though a channel per second. 2. The speed at 
which modems send and receive data. For example, a 14.4 
modem moves 14,400 bits per second; a 28.8 modem, also 
known as a V.34, 1s twice as fast. An earlier term, baud, 
is considered archaic. 

bit stream—1. A binary signal without regard to 
grouping according to character. 2. A continuous series 
of bits transmitted on a communications link. 

bit string — A string of binary digits in which each 
bit position is considered an independent unit. 

bit time — 1. In a serial binary computer, the time 
during which each bit appears. 2. The amount of time 
that one bit of information in a digital pattern remains in 
its | or O state. 

black — A signal produced at any point in a facsimile 
system by the scanning of a selected area of subject copy 
having maximum density. 

black and white — See monochrome. 

black-and-white transmission — See 
chrome transmission. 

black area— An area with only encrypted signal 
present. 

blackbody — 1. An idealized emitter for which total 
radiated energy and the spectral distribution of the energy 
are accurately known functions of temperature. 2. A solid 
that radiates or absorbs energy with no internal reflection 
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of the energy at any wavelength. Physically it may be 
a hollow sphere coated on the side with lampblack and 
with an opening through which energy may enter or 
leave. 3. An ideal body that absorbs all incident light 
and therefore appears perfectly black at all wavelengths. 
The radiation emitted from such a body when it is hot 
is called blackbody radiation. The spectral energy density 
of blackbody radiation is the theoretical maximum for 
a body in thermal equilibrium. 4. An ideal body that 
would absorb all radiation incident on it. When heated by 
external means, the spectral energy distribution of radiated 
energy would follow curves shown on optical spectrum 
charts. The ideal blackbody is a perfectly absorbing body. 
It reflects none of the energy that may be incident on it. 
It radiates (perfectly) at a rate expressed by the Stefan- 
Boltzmann law, and the spectral distribution of radiation is 
expressed by Planck’s radiation formula. When in thermal 
equilibrium, an ideal blackbody absorbs perfectly and 
radiates perfectly at the same rate. The radiation will be 
just equal to absorption 1: thermal equilibrium is to be 
maintained, 

blackbody luminous efficiency — The efficiency 
of an incandescent blackbody as a source of visible light. 
It is a function of temperature. 

blackbody radiation — See blackbody. 

black box—1.A term used loosely to refer to 
any subcomponent that is equipped with connects and 
disconnects so that it can be readily inserted into or 
removed from a specified place in a larger system (e.g., 
the complete missile or some major subdivision) without 
benefit of knowledge of its detailed internal structure. 2. A 
term pertaining to either the functional transformation that 
acts upon a specified input to give a particular output 
or to the apparatus for accomplishiug this transformation 
(without regard to the detailed circuitry used). 3. A 
useful mathematical approach to an electronic circuit 
which concerns itself only with the input and output and 
ignores the interior elements, discrete or integrated. 4. An 
equipment specified only in terms of its performance. 

black compression — Also called black saturation. 
The reduction in the gain of a television picture signal 
at those levels corresponding to dark areas in the picture 
with respect to the gain at that level corresponding to the 
midrange light value in the picture. The overall effect of 
black compression is to reduce contrast in the low lights 
of the picture. 

blacker-than-black — 1. The amplitude region of 
the composite video signal below the reference black 
level in the direction of the synchronizing pulses. 2. That 
portion of the standard television signal devoted to the 
synchronizing signal. 

blacker-than-black level— A voltage value used 
in an electronic television system for control impulses. It 
is greater than the value representing the black portions 
of the image. 

black ievei— That level of the picture signal corre- 
sponding to the maximum limit of black peaks. 

black light— 1. Invisible light radiation. May be 
either ultraviolet or infrared radiation, both of which are 
invisible. 2. A lamp that produces a principal portion of 
its radiation in the ultraviolet region. 

black-light emitter— A source of electromagnetic 
radiation in the ultraviolet or infrared region, just outside 
the visible spectrum. 

black matrix—Picture tube in which the color 
phosphors are surrounded by black for increased contrast. 

black negative —The television picture signal in 
which the polarity of the voltage corresponding to black 
is negative with respect to that which corresponds to the 
white area of the picture signal. 


blackbody luminous efficiency — blanking 


black noise—lIn a spectrum of electromagnetic 
wave frequencies, a frequency spectrum of predominantly 
zero power level at all frequencies except for a few 
narrow bands or spikes, such as might be obtained when 
scannning a black area in facsimile transmission systems 
on which there are a few white spots or speckles on the 
surface. 

blackout— 1. Interruption of radiocommunication 
due to excess absorption caused by solar flares. During 
severe blackouts, all frequencies above approximately 
1500 kHz are absorbed excessively in the daylight zone. 
2. Passive defense that consists of interrupting all forms of 
communication or identification. 3. A sudden, unexpected 
loss of all electrical power, typically lasting for many 
minutes or even hours. 

black peak —A peak excursion of the picture signal 
in the black direction. 

black-peak clipping — Limiting the amplitude of 
the picture signal to a preselected maximum black level, 
usually at blanking level. 

black reference — The blanking level of pulses in a 
TV signal beyond which the sync pulse is in the blacker- 
than-black region. 

black saturation — See black compression. 

black scope —Cathode-ray tube being operated at 
the threshold of luminescence with no video signals 
applied. 

black signal — Also called picture black. A signal 
produced at any point in a facsimile system by the 
scanning of a maximum density area of the subject copy. 

black transmission — !. In an amplitude-modula- 
tion facsimile system, a form of transmission in which the 
maximum transmitted power corresponds to the maximum 
density of the copy. 2. In a frequency-modulation system, 
a form of transmission in which the lowest transmitted 
frequency corresponds to the maximum density of the 
copy. 
blade contact—A flat male contact designed to 
mate with a tuning fork or a flat-formed female contact. 
It is used in muitiple-contact connectors. 

blank— I. The result of the final operation on a 
crystal. 2. Yo cut off the electron beam of a cathode-ray 
tube. 3. A code character to denote the presence of no 
information rather than the absence of information. In 
the Baudot code, it is composed of all spacing pulses. 
In paper tape, it 1s represented by a feed hole without 
intelligence holes. 4. A no-information condition in a 
data-recording medium or storage location. This vacancy 
can be represented by all spaces or all zeros, depending 
on the medium. 

blank coil — Tape for perforation in which only the 
feed holes have been punched. 

blank deleter— A device used to eliminate the 
receiving of blanks in perforated paper tape. 

blanked picture signal — The signal resulting from 
adding blanking to a picture signal. Adding the sync signal 
to the blanked picture signal forms the composite picture 
signal. 

blanketing — The overriding of a signal by a more 
powerful one or by interference, so that a receiver is 
unable to receive the desired signal. 

blank groove— See unmodulated groove. 

blanking — 1. The process of maxing a channel or 
device noneffective for the desired interval. In television, 
blanking is the substitution, during prescribed intervals, 
of the picture signal by a signal whose instantaneous 
amplitude is such as to make the return trace invisible. 
See also gating. 2. The process whereby the beam in an 
image pickup tube or CRT is cut off during the retrace 
period. 


blanking level — block 


blanking level — Also called pedestal level. 1. In 
a composite picture signal, the level that separates the 
range of the composite picture signal containing picture 
information from the range containing synchronizing 
information. 2. Usually referred to as the front porch or 
back porch. At O IRE units, it is the level that will shut off 
the picture tube, resulting in the blackest possible picture. 

blanking pulse — A square wave (positive or nega- 
tive) used to switch off electronically a part of a television 
or radar set for a predetermined length of time. 

blanking signal —.A wave made up of recurrent 
pulses related in time to the scanning process and used 
to effect blanking. In television, this signal is composed 
of pulses at line and field frequencies, which usually 
originate in a central sync generator and are combined 
with the picture signal at the pickup equipment in order 
to form the blanked picture signal. The addition of a sync 
signal completes the composite picture signal. 

blanking time—The length of time the electron 
beam of a cathode-ray tube is cut off. 

blanking zone — See blanking pulse. 

blank instruction — See no-operation instruction. 

blank record— A recording disk on which no 
material has been recorded. 

blank tape — Also called raw tape or virgin tape. 
i. Tape on which nothing has been recorded. 2. Magnetic 
tape that has never been subjected to the recording process 
and is therefore substantially free from noise. 

blast filter— Also called a pop filter. A dense 
mesh screen on a microphone, which minimizes overload 
caused by loud, close sounds. 

blasting — 1. Overloading of an amplifier or speaker, 
resulting in severe distortion of loud sounds. 2. Severe 
audible distortion due to overloading of sound-reproducing 
equipment. 

bleeder — A resistor connected across a power source 
to improve voltage regulation, provide a current path 
under no-load conditions, or dissipate stored energy on 
shut-off. 

bleeder current— The current drawn continuously 
from a power supply by a resistor. Used to improve the 
voltage regulation of the power supply. (A technology no 
longer in use.) 

bleeder resistor — 1. A resistor used to draw a fixed 
current, Also used, as a safety measure, to discharge 
a filter capacitor after the circuit is deenergized. 2. A 
resistor placed in the power supply of a radio receiver 
or other electronic device to stabilize the voltage supply. 

bleeding — 1. Migration of plasticizers, waxes, or 
similar materials to the surface to form a filin or bead. 
2. In photomasking, poor edge definition or acuity caused 
by spread of image onto adjacent areas. 3. A condition 
in which a plated hole discharges process material or 
solution from crevices or voids. 5. During hybrid circuit 
manufacturing, the lateral spreading or diffusion of a 
printed film into adjacent areas beyond the geometric 
dimensions of the printing screen. This may occur during 
drying or firing. 

bleeding whites—An overloading condition in 
which white areas in a television picture appear to flow 
into the black areas. 

bleedout— The tendency of absorbed electrolytes, 
impurities, base materials, and preplates to diffuse to the 
surface of gold plating. 

blemish — 1. On the storage surface of a charge- 
storage tube, an imperfection that produces a spurious 
output. 2. An area in a fiber or fiber bundle that has 
a reduced light transmission capability, i.e., increased 
attenuation, due to defective or broken fibers, foreign 
substances, or other spoilage. 
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blended data —Q-point that results from the com- 
bination of scanning data and tracking data to form a 
vector. 

blending —A means of obtaining intermediate vis- 
cosities from materials of the same type but different 
viscosities. This term is also applied to resistive inks that 
can be blended with each other to achieve intermediate 
resistivities. 

blind approach— An aircraft landing approach 
when visibility is poor, usually made with the aid of 
instruments and radiocommunication. 

blind approach beacon system— See BABS 

blind landing— Landing an aircraft entirely by 
means of instruments and electronic communications. 

blind zone — An area from which echoes cannot be 
received; generally, an area shielded from the transmitter 
by some natural obstruction and therefore from which 
there can be no return. 

blinking — 1. An ECM technique by which two air- 
craft separated a short distance and within the same 
azimuth resolution appear as one target to a tracking radar. 
The two aircraft alternately spot jam, causing the radar 
system to oscillate from one target to the other and mak- 
ing it impossible to obtain an accurate solution of the 
fire-control problem. 2. In pulse systems, a method of pro- 
viding information in which the signal is modified at its 
source so that the presentation on the display scope alter- 
nately appears and disappears. In loran, this indicates that 
a station is malfunctioning. 

blip — Sometimes referred to as pip. 1. On a cathode- 
ray display, a spot of light or a base-line irregularity 
representing the radar reflection from an object. 2. A 
discontinuity in the insulation of a wire. 

blip-frame ratio—The ratio of the number of 
computer frames during which radar data was obtained 
to the total number of computer frames. 

blip-scan ratio — The ratio between a single recog- 
nizable blip on a radarscope and the number of scans 
necessary to produce it. The blip-scan ratio of any given 
radar set varies with the range, antenna tilt, level of oper- 
ator and set performance, target aspect, wind, etc. 

blister — 1. The enclosure housing an airborne radar 
antenna. 2. A lump or raised section of a conductor or 
resistor caused by outgassing of the binder or vehicle 
during firing. 

blistering — The development, during firing, of 
enclosed or broken macroscopic vesicles or bubbles in 
a body or in a glaze or other coating. 

blivet — An excess of coating material, such as a lump 
around a dust particle on a wire or a surface. See also land, 


Bloch wall — The transition layer separating adjacent 
ferromagnetic domains. 

block — 1. A group of computer words considered as 
a unit because they are in successive storage locations. 
2. The set of locations or tape positions in which a block 
of words is stored. 3. A circuit assemblage that functions 
as a unit, such as a circuit building block of standard 
design or the logic block in a sequential circuit. 4. A 
set of contiguous bits and/or bytes that make up a defin- 
able quantity of information. 5. A section of information 
recorded on magnetic tape or disk. One block may con- 
sist of several records, that is, collections of information 
consisting of one or more related items; or a record may 
extend over several blocks, depending on the character- 
istics of the device and the needs of the programmer. 
6. A group of consecutive words, characters, or bits that 
is handled as a single unit, particularly with respect to 
input/output operations. 7. A group of characters that is 
written or read as a physical unit as distinct from a log- 
ical unit (see record). A block may contain one or more 
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complete records, or part of a record. 8. A string of data 
elements that is recorded or transmitted as a unit. 9. In 
word processing, a selected section of characters. In data 
management, a group of records. In communications, a 
fixed batch of data that is transferred together. 

block address — A method of identifying words 
through use of an address that specifies the format and 
meaning of the words in the block of information. 

block cancel character— A character used to 
signify that the preceding portion of the block is to be 
disregarded. Also called block ignore character. 

block code— A special code or character used to 
separate blocks of data. A block code is used typically 
on paper tape and generally occurs at both the beginning 
and end of a block. Thus, the information on a paper 
tape containing a number of blocks would be started by a 
block code, there would be a block code between adjacent 
blocks, and the data would be ended by a block code. 

block diagram — 1. A diagram in which the essen- 
tial systems units are drawn as blocks, and their relation- 
ship to each other is indicated by appropriately connected 
lines. The path of the signal or energy may be indicated by 
lines or arrows. 2. In computer programming, a graphical 
representation of the data-processing procedures within 
the system. It is used by programmers as an aid to pro- 
gram development. 3. A diagram in which a system or 
computer program is represented by annotated boxes and 
interconnecting lines. Synonym: flowchart. 4. A chart that 
graphically depicts the functional relationships of hard- 
ware making up a system. The block diagram serves to 
indicate the various data and control signal paths between 
functional units of the system hardware. 5. A drawing in 
which circuit functions are represented as blocks of vari- 
ous geometries. 

block downconversion — The process of lowering 
an entire band of frequencies in one step to some interme- 
diate range to be processed by a receiver. Multiple block 
downconversion receivers are capable of independently 
selecting channels because each can process the entire 
block of signals. 

block downconverter— 1. A device that converts 
an entire band (e.g., the 3.7—4.2 GHz C-band) down to 
a lower band of frequencies. 2. A type of downconverter 
that changes the microwave signal into an IF frequency 
that contains all the transponder frequencies (channels) of 
the satellite. The block downconverter allows inexpensive 
multiple receivers to tune all the channels simultaneously 
using one central downconverter— an advantage when 
using multiple receivers with a single antenna. 

blocked impedance — The input impedance of a 
transducer when its output is connected to a load of 
infinite impedance. 
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blocked resistance —Resistance of an audio- 
frequency transducer when its moving elements are 
restrained so they cannot move; it represents the resis- 
tance due only to electrical loss. 

blockette — In digital computer programming, a sub- 
group, or subdivision, of a group of consecutive machine 
words transferred as a unit. 

block gap — 1. An area used to indicate the end of 
a block or record on a data medium. 2. An absence of 
data along a specified length of magnetic tape between 
adjacent blocks of data. 

block-grid keying—A method of keying a 
continuous-wave transmitter by operating the amplifier 
stage as an electronic switch. During the spacing interval 
when the key is open, the bias on the control grid becomes 
highly negative and prevents the flow of plate current so 
that the tube has no output. During the marking interval 
when the key is closed, this bias is removed and full plate 
current flows. 

block ignore character — See block cancel char- 
acter. 

blocking — 1. Application of an extremely high-bias 
voltage to a transistor, vacuum tube, or metallic rectifier 
to prevent current from flowing in the forward direction. 
2. Combining two or more records into one block. 3. A 
condition in a switching system in which no paths or 
circuits are available to complete a call, resulting in a 
busy tone retumed to the calling party. A denial or busy 
condition. 

blocking capacitor — 1. A capacitor that introduces 
a comparatively high series impedance for limiting the 
flow of low-frequency alternating and direct current 
without materially affecting the flow of high-frequency 
alfernating current. 2. A capacitor used to block direct 
current while allowing an alternating current of certain 
frequencies to pass. 
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blocking layer — See depletion layer. 

blocking oscillator — Also called squegging oscil- 
lator. 1. An electron-tube oscillator that operates intermit- 
tently as its grid bias increases during oscillation to a point 
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at which the oscillations stop, and then decreases until 
oscillation resumes. 2. A relaxation oscillator consisting 
of an amplifier (usually a single stage) whose output is 
coupled back to the input by means that include capaci- 
tance, resistance, and mutual inductance. 3. A relaxation- 
type oscillator that conducts for a short period of time and 
is cut off for a relatively long period. 
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blocking-oscillator driver — A circuit that devel- 
ops a square pulse used to drive the modulator tubes, and 
which usually contains a line-controlled blocking oscilla- 
tor that shapes the pulse into the square wave. 

blocking relay — A device that initiates a pilot signal 
to block tripping on external faults in a transmission line 
or in other apparatus under predetermined conditions, or 
which cooperates with other devices to block tripping or 
to block reclosing on an out-of-step condition or on power 
swings. 

block length —In a computer, the total number of 
records, words, or characters contained in one block. 

block loading —In a computer, a form of fetch in 
which the control sections of a load module are brought 
into continuous positions of main storage. 

block mark — A method of indicating the end of one 
block of data and the start of another on tape or in data 
transmission. On magnetic tape, the block mark is a block 
gap; on paper tape it is a block code; in data transmission 
it is typically a pause or a code. 

block-multiplexer channel—A_ computer-peri- 
pheral multiplexer channel that interleaves blocks of data. 

block protector— A rectangular piece of carbon, 
Bakelite with a metal insert, or porcelain with a carbon 
insert that, in combination with each other, make one 
element of a protector. They form a gap that will break 
down and provide a path to ground for excessive voltages. 

block size — The number of data elements in a block. 

block sort-— A computer sorting technique in which 
the file is first divided according to the most significant 
character of the key, and the separate portions are then 
sorted one at a time. It is used particularly for large files. 

block transfer—-In a computer, the process of 
transmitting one or more blocks of data. 

blooming — 1. An increase in the size of the scanning 
spot on a cathode-ray tube, caused by defocusing when the 
brightness control is set too high. The result is expansion 
and consequent distortion of the image. May also be 
caused by insufficient high voltage. 2. The defocusing 
of regions of the picture where the brightness is at an 
excessive level, due to enlargement of spot size and 
halation of the fluorescent screen of the cathode-ray 
picture tube. 
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blooper—A radio receiver that is oscillating and 
radiating an undesired signal. 

blow — The opening of a circuit because of excessive 
current, particularly when the current is heavy and a 
melting or breakdown point is reached and a fuse blows. 

blower — 1. An electric fan used to supply moving air 
for cooling purposes. See fan. 2. A high-pressure device 
in which a rotating impcller moves an air mass in a spiral 
direction around the shaft. There are single-stage, dual- 
stage, and vacuum types. 

blown jacket — The common term given to an outer 
covering of insulation of a cable that was applied by the 
controlled inflation of the cured jacket tube and the pulling 
of the cable through it. 

blowout coil— An electromagnetic device used to 
establish a magnetic field in the space where an electrical 
circuit is broken and thus displace and extinguish the arc. 

blowout magnet— A strong permanent magnet or 
electromagnet used for reducing or deflecting the arc 
between electrodes or contacts. 

blue-beam magnet—A small permanent magnet 
used to adjust the static convergence of the electron beam 
for blue phosphor dots in a three-gun color picture tube. 

blue glow—The glow normally seen in vacuum 
tubes containing mercury vapor; it is due to ionization 
of the molecules of mercury vapor. 

blue gun—In a three-gun color picture tube, the 
electron gun whose beam strikes the phosphor dots 
emitting the blue primary color. 

blue noise — In a spectrum of electromagnetic wave 
frequencies, a region in which the spectral density is 
proportional to the frequency (sloped) rather than inde- 
pendent of frequency (flat), as in white noise that is more 
of a uniformly distributed constant-amplitude frequency 
spectrum. 

blue restorer — The dc restorer in the blue channel 
of a three-gun color-television picture-tube circuit. 

blue video voltage — The signal voltage that con- 
trols the grid of the blue gun in a three-gun picture tube. 
This signal is a reproduction of the blue output signal of 
the color-television camera. 

B-MAC —A method of transmitting and scrambling 
television signals. In such transmissions, MAC (multi- 
plexed analog component) signals are time-multiplexed 
with a digital burst containing digitized sound, video syn- 
chronizing, authorization, and information. 

BMEWS — See ballistic-missile early-warning sys- 
tem. 

BNC—A bayonet-locking connector for miniature 
coax; BNC is said to be short for bayonet-neil-connector. 
Contrast with TNC. 

BNC coax connector — A twist-lock connector for 
various types of RG-type coaxial cables. 
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board — 1. A telephone or audio mixer panel contain- 
ing patch jacks. 2. A circuit board. 

board computer — A computer in which all elec- 
tronic components are on a single circuit board. 

board-test simulation— A testing technique in 
which the circuit to be tested is modeled, component by 
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component and node by node, in the test system computer. 
From this model the system can calculate the correct 
response to any input pattern, plus predict failure modes 
and their responses. This allows only those patterns that 
identify faults to be used as the test pattern stimulus. 

boat — 1. A container for materials to be evaporated 
or fired. 2. A wafer holder used in a diffusion furnace. 

BOB — Abbreviation for break-out box. 

bobbin— |. A small insulated spool that serves as a 
support for a coil or wirewound resistor. 2. Spool used for 
taking up drawn wire and subsequently used for pay-out 
packages in cabling and stranding equipment. 

bobbin core — See tape-wound core. 

body capacitance — The capacitance to ground that 
is introduced into an electric circuit by the proximity of, 
or contact with, the human body. 

body effect — Characteristic shift in threshold volt- 
age resulting from bias applied to a semiconductor 
device’s substrate. 

body electrodes — Electrodes placed on or in the 
body to couple electrical impulses from the body to an 
external measuring or recording device. 

boffle—A speaker enclosure, developed by H. A. 
Hartley, containing a group of stretched, resilient and 
sound-absorbing screens. 

bogey — 1. The average, or published, value for a 
tube characteristic. A bogey tube would be one having all 
characteristics of a bogey valuc. 2. An average, published, 
or nominal value for some characteristic of a device. 

bogey electron device — An electron device whose 
characteristics have the published nominal values for 
the type. A bogey electronic device for any particular 
application can be obtained by considering only those 
characteristics that are directly related to the application. 

boilerpiate — 1. A full-size model that simulates the 
weight, size, and shape, but not all of the functional fea- 
tures, of the actual item. 2. That part of the specifications 
of a component, piece of equipment, system, or the like 
that defines and describes the set of conditions of the sale. 

boiling point—The temperature at which a liquid 
vaporizes when heated. The exact point depends on the 
absolute pressure at the liquid-vapor surface. 

bolometer— 1. A radiation detector that converts 
incident radiation into heat, which, in turn, causes a tem- 
perature change in the material used in the detector. 
This change is then measured to give an indication of 
the amount of incident radiant energy. 2. A very sensi- 
live thermometric instrument used for the detection and 
measurement of radiant energy. Its essential component 
is a short, narrow strip that is covered with a dead- 
black absorbing coating. It is mounted at the lower end 
of a long, cylindrical tube having a stop across it to 
exclude unwanted radiation. The electrical resistance of 
the strip changes with changes in temperature that arise 
from absorbing varying amounts of radiant energy. 

bolted fault level — See adjusted circuit. 

Boltzmann’s constant — 1.38 x 107)? J/K. Relates 
the average energy of a molecule to its absolute 
temperature. 

bomb — |. A computer program that fails spectacu- 
larly. 2. A programmer can bomb a computer system by 
deliberately writing a program that will disrupt the system. 
3. In a computer, to fail or to crash. 

bombardment—- 1. The directing of high-speed elec- 
trons at an electrode, causing secondary emission of elec- 
trons, fluorescence, disintegration, or the production of 
X-rays. 2. The process of directing high-speed particles at 
atoms to cause ionization or transmutation. 

bond — 1. Electrical interconnection made with a 
low-resistance material between a chassis, metal shield 
cans, or cable shielding braid, in order to eliminate 
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undesirable interaction and interference resulting from 
high-impedance paths between them. 2. To make an elec- 
trical bond, an interconnection that performs a permanent 
electrical and/or mechanical function. 3. A low-resistance 
electrical connection between two ground connections or 
between similar parts of two circuits. See valence bond. 

bondability — Those surface characteristics and con- 
ditions of cleanliness of a bonding area that must exist in 
order to provide a capability for successfully bonding an 
interconnection material by one of several methods, such 
as ultrasonic or thermocompression wire bonding. 

bondable wire — An insulated wire whose surface 
has been treated to facilitate adherence to other materials, 
such as potting compounds. The term also could be 
applied to magnetic wires used in making coils where 
bonding the turns together is desirable. 

bond deformation — The change in the form of the 
lead produced by the bonding tool, causing plastic flow, 
in making the bond. 

bonded assembly — An assembly whose support- 
ing frame and metallic noncircuit elements are connected 
so as to be electrically shorted together. 

bonded-barrier transistor — A transistor made by 
alloying the base with the alloying material on the end of 
a wire. 

bonded cables — Cables consisting of preinsulated 
conductors or multiconductor components that are laid in 
parallel and bonded into a flat cable. 

bonded nr diode — An n-junction semiconductor 
device in which the negative resistance arises from a 
combination of avalanche breakdown and conductivity 
modulation due to the current through the junction. 

bonded pickup — See bonded transducer. 

bonded strain gage — A pressure transducer that 
uses a pressure-sensing system consisting of Strain-gage 
elements firmly bonded to a pressure-responsive member. 
Thermal stability and insensitivity to shock and vibration 
are improved by means of this bonded construction. 

bonded transducer — Also called bonded pickup. 
A transducer that employs the bonded strain-gage princi- 
ple of transduction. 

bonding — i. Soldering or welding together vari- 
ous elements, shields, or housings of a deyice to pre- 
vent potential differences and possible interference. 2. A 
method used to produce good electrical contact between 
metallic parts of any device. Used extensively in automo- 
biles and aircraft to prevent static buildup. Also refers 
to the connectors and straps used to bond equipment. 
3. The means employed to obtain an electromagnetically 
homogenous mass having an equipotential surface, 4. The 
attachment of wire to a circuit. 5. The permanent join- 
ing of metallic parts to form an electrically ccnductive 
part. See ball bonding; die bonding; stitch bond; thermal 
compression bonding; wedge bonding; wire bond. wobble 
bond. 6. The process of connecting wires from the pack- 
age leads to the chip (or die) bonding pads. Part of the 
assembly process. Alternately, the process of securing a 
semiconductor die to a lead frame or package. 

bonding area— The area, defined by the extent of 
a metallization land or the top surface of the terminal, to 
which a lead is or is to be bonded. Also called bond site. 

bonding conductor — |. A conductor that serves to 
connect exposed metal surfaces together. 2. Device used 
to connect exposed metal to ground. lt normally carries 
no current but is used to eliminate shock or spark hazards 
and ensures the operation of circuit protective devices in 
cases of insulation breakdown. 

bonding island — See bonding pad. 

bonding pad— Also called bonding island. 1. A 
relatively large metallic area at the edge of an integrated 
circuit chip; this area is connected through a thin metallic 
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strip to some specific circuit point to which an external 
connection is to be made. 2. A metallized area at the end 
of a thin metallic strip to which a connection is to be 
made. See also beam lead. 

bonding wire — Fine gold or aluminum wire for 
making electrical connections to a semiconductor die or 
a hybrid circuit between various bonding pads on the 
semiconductor device substrate and device terminals or 
substrate lands. 

bond liftoff —The failure mode whereby the bonded 
lead separates from the surface to which it was bonded. 

bond schedule — The values of the bonding machine 
parameters used when adjusting for bonding. For exam- 
ple, in ultrasonic bonding, the values of the bonding force, 
time, and ultrasonic power. 

bond site — See bonding area. 

bond strength — A measure of the amount of stress 
required to separate a layer of material from the base to 
which it is bonded. Peel strength, measured in pounds 
per inch of width, is obtained by peeling the layer; pull 
strength, measured in pounds per square inch, is obtained 
by a perpendicular pull applied to a surface of the layer. 

bond-to-bond distance — The distance, measured 
from the bonding site on the die to the bond impression on 
the post, substrate land, or fingers, that must be bridged 
by a bonding wire or ribbon. 

bond-to-chip distance —In beam-lead bonding, 
the distance from the heel of the bond to the component. 

bone conduction — The process by which sound is 
conducted to the inner ear through the cranial bones. 

book capacitor—A two-plate trimmer capacitor 
that has its plates hinged together like the pages of a 
book. The capacitance is varied by changing the angle 
between the plates. 

Boolean algebra— 1. A system of mathematical 
logic dealing with classes, propositions, on-off circuit 
elements, etc., associated by operators such as AND, 
OR, NOT, EXCEPT, IF ... THEN, etc., thereby permit- 
ting computations and demonstration as in any math- 
ematical system. Named after George Boole, famous 
English mathematician and logician, who introduced it in 
1847, 2. Algebraic rules for manipulating logic equations. 
3. Shorthand notation for expressing logic functions. 

Boolean calculus— Boolean algebra modified to 
include time. 

Boolean equation — Expression of relations between 
logic functions. 

Boolean function—A mathematical function in 
Boolean algebra. 

Boolean operator— The symbol or word used to 
specify the inclusion or exclusion of criteria such as AND, 
OR, NOT, etc. Same as logical operator. 

boom — A mechanical support for a microphone, used 
in a television studio to suspend the microphone within 
range of the actors’ voices but out of camera range. 

boost capacitor— A capacitor used in the damper 
circuit of a television receiver to supply a boosted B 
voltage. 

boost charge—The partial charge of a storage 
battery, usually at a high current rate for a short period. 

boosted B voltage —In television receivers, the 
voltage resulting from the combination of the B-plus volt- 
age from the power supply and the average value 
of voltage pulses coming through the damper tube from 
the horizontal deflection-coil circuit. The pulses are par- 
tially or wholly smoothed by filtering. This boosted volt- 
age may be several hundred volts higher than the B-plus 
voltage. 

booster— 1. A carrier-frequency amplifier, usually 
a self-contained unit, connected between the antenna 
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or transmission line and a television or radio receiver. 
2. An intermediate radio or TV station that retransmits 
signals from one fixed station to another. 3. A small, 
self-contained transformer designed to be connected to 
a cathode-ray tube socket to increase the filament voltage 
and thereby extend the life of the tube. 4. A device 
inserted into a line (or cable) to increase the voltage. 
Boosting generators are also used to raise the level of 
a dc line. Transformers are usually employed to boost 
ac voltages. The term booster also is applied to antenna 
preamplifiers. 

booster amplifier— A circuit used to increase the 
output current of the voltage capabilities of an operational 
amplifier circuit without loss of accuracy (ideally) or 
inversion of polarity. Usually employed inside the loop 
for accuracy. 

booster voltage—The additional voltage sup- 
plied by the damper tube of a television receiver to 
the horizontal-output, horizontal-oscillator, and vertical- 
output tubes, resulting in a greater sawtooth sweep output. 

boot — 1. A form placed around the wire termination 
of a multiple-contact connector for the purpose of con- 
taining the liquid potting compound until it hardens. 2. A 
housing, usually made from a resilient material, used to 
protect connector or other terminals from moisture. 3. An 
accessory, usually of a flexible material, designed to be 
placed around the terminals of a component as a protec- 
tive housing. 4. To make a computer operate by loading 
in a program. 5. The initial starting-up of a PC. The oper- 
ating system is brought into main memory and takes over 
control. 6. The automatic routine that clears the memory, 
loads the operating system, and prepares a computer for 
use. A cold boot occurs when the power is first switched 
on. A warm boot refers to restarting a computer that is 
already turned on (clearing the memory and reloading 
the operating system) without first switching it off. Also 
called boot up. 

booting — Loading a computer's memory with the 
necessary information so it can function. A cold boot 
occurs when a computer’s power is turned on and there 
is nothing in memory. 

boot loader — Also called bootstrap. A program in a 
minicomputer that usually works on a simple data format 
called core image. The data format, in this context, is the 
organization of the data as it appears on the input device 
from which the program is being loaded. Core image 
data is binary, bit-for-bit identical to what will appear in 
memory after loadings. The boot leader is used to bring 
simple programs into memory and run them immediately. 

bootstrap— 1. A technique or device that brings 
itself into a desired state through its own action; for exam- 
ple, a routine whose first few instructions are sufficient to 
cause the rest of the routine to be brought into the com- 
puter from an input device. 2. A feedback technique that 
tends to improve linearity and input impedance of cir- 
cuits operating over a wide range of input signals. See 
boot loader. 

bootstrap circuit—A single-stage amplifier in 
which the output load is connected between the nega- 
tive end of the plate supply and the cathode, the signal 
voltage being applied between the grid and cathode. The 
name bootstrap arises from the fact that the change in 
grid voltage also changes the potential of the input source 
(with respect to ground) by an amount equal to the output 
signal. 

bootstrap driver—An electronic circuit used to 
generate a square pulse to drive a modulator tube. 

bootstrap loader — Device for loading first instruc- 
tions (usually only a few words) of a routine into memory, 
then using these instructions to bring in the rest of the 
routine. 
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bootstrapping — A feedback technique that tends to 
improve the linearity of circuits that operate over a wide 
input-signal range. 

boresight — The direction along the principle axis of 
either a transmitting or a receiving antenna. 

boresight error—The angular deviation of the 
electrical boresight of an antenna from its reference 
bcresight. 

boresighting — The initial alignment of a directional 
microwave or radar antenna system through use of an 
optical procedure or a fixed, known target. 

boresight point—The area of maximum signal 
strength of a down-link signal from a satellite. The center 
of the transponder footprint. 

BORSCHT — Abbreviation for Battery, Overvoltage, 
Ringing, Supervision, Coding, Hybrid, and Test. 1. An 
acronym for the function that must be performed in 
the central office of a telephone system when digital 
voice transmission occurs, 2. The seven functions (battery 
feed, overvoltage protection, ringing, supervision (or 
signaling), coding, hybrid, and testing) that are used in 
telecommunications and performed by a subscriber line 
interface circuit (SLIC). 

boss — See land, 2. 

BOT — Abbreviation for beginning of tape. See load 
point. 

BOT/EOT markers — The reflective markers on the 
back (nonoxide) side of a magnetic tape, used to locate 
the beginning of the data (BOT) and provide an early 
warning of the end of the tape (EOT). Tape-drive sensors 
optically detect these markers. 

bottom — To reach a point on an operating or char- 
acteristic curve at which a negative change in the inde- 
pendent variable, as, for example, in input, no longer 
produces a constant change in the dependent variable, as, 
for example, output. 

bottoming — 1. A condition in which a stylus reaches 
the bottom of a record groove because its tip radius is 
smaller than optimum for the groove. Also the opposite of 
the pinch effect. 2. Excessive movement of the diaphragm 
of a headphone or the cone of a speaker so that the magnet 
or supporting structure is struck by the moving coil-piston 
assembly. 

bottom metallization — The metallization that may 
be provided over the back portion of an uncased IC chip, 
facilitating its face-up attachment. 

bounce — 1. An unnatural, sudden variation in the 
brightness of a television picture. 2. Sudden variations 
in a video picture presentation (brightness, size, etc.) 
independent of scene illumination. 

bounce buffer— The electronic circuitry used to 
eliminate the effects of bounce of a mechanical switch. 

boundary — An interface between p and n material 
at which donor and acceptor concentrations are equal. 

boundary defect— In a crystal, the boundary area 
between two adjacent perfect crystal regions that are tilted 
slightly with respect to each other. 

boundary-element method—aA procedure for 
solving electromagnetic field problems by breaking the 
domains into smaller segments and by using integral 
equations in which the solution variables are confined 
within the boundaries. 

boundary-layer photocell — See photovoltaic cell. 

boundary marker — A transmitting device installed 
near the approach end of an airport runway and approxi- 
mately on the localizer course line. 

bound charge — On a conductor, the charge which, 
owing to the inductive action of a neighboring charge, 
will not escape to ground; residual charge. 
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bound circuit—A circuit designed to limit the 
excursion of a signal. The limit value it establishes may 
be nominal when used for protection, or highly precise 
when used operationally. 

bound electron — An electron bound to the nucleus 
of an atom by electrostatic attraction. 

bow-tie antenna — An antenna generally used for 
UHF reception. It consists of two triangles in the same 
plane, usually with a reflector behind them. The transmis- 
sion line is connected to the points, which form a gap. 
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boxcar—One of a series of pulses having long 
duration in comparison with the spaces between them. 

boxcar circuit— A circuit used in radar to sample 
voltage waveforms and store the latest value sampled. 

boxcar detector—A signal recovery instrument 
that is used either to retrieve the waveform of a repetitive 
signal from noise or to measure the amplitude of a 
repetitive pulse buried in noise. The detector has two 
modes of operation: scan and single-point. The former 
is used for waveform retrieval and the latter for pulse 
measurement. 

boxcar integrator — A signal processor that uses a 
narrow filter to reduce the noise with little or no effect 
on the signal bandwidth. A simple integrator consists of a 
gated switch and a low-pass filter. During the time when 
the gate is closed, the repetitive input signal is applied to 
the Jow-pass filter, which acts as an integrator. 

boxcar lengthener—A circuit that lengthens a 
serics of pulses without changing their heights. 

box pattern — A pin arrangement for plug-in pack- 
ages in which the pins form four rows in either a square 
or rectangle. 

bpi/cpi— Bytes per inch (bits per inch per track), the 
number of bytes per inch written on a magnetic tape, and 
cpi (characters per inch) are used interchangeably. 

B-plus— 1. Symbol. B+. The positive dc voltage 
required for certain electrodes of tubes, transistors, etc. 
2. The positive terminal of a B power supply. 

B-plus boost — The positive voltage that is added to 
the low dc B+ voltage in a TV receiver by the action of 
the damper tube. 

B power supply — A power supply that provides the 
plate and screen voltages applied to a vacuum tube. 

bps — Abbreviation for bits per second. 1. In serial 
data transmission, the instantaneous bit speed within one 
character as transmitted. 2. A measurement of the speed al 
which data is transmitted and received by a modem. The 
larger the number, the faster the data is sent and received. 
Typical rates are 2400, 14,400, 28.800, and 56,000 bps. 
Often confused with baud, although the terms are not 
interchangeable. 

BPSK — See binary phase-shift keying. 

B-quad —A quad arrangement similar to the S-quad 
except for a short between the junction of the two sets of 
series elements. Also called bridge quad or bar quad. 
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Bragg’s law — An expression of the conditions under 
which a system of parallel atomic layers in a crystal will 
reflect an X-ray beam with maximum intensity. 

braid— 1. A weave of organic or inorganic fiber used 
as a covering for a conductor or group of conductors. 2. A 
woven metal tube used as shielding around a conductor 
or group of conductors. When flattened, it is used as a 
grounding strap. 

braided wire — 1. A flexible wire made up of small 
strands woven together. 2. Woven bare or tinned copper 
wire used as shielding for wires and cables and as ground 
wire for batteries or heavy industrial equipment. There 
are many different types of construction. 

brain waves — The patterns of lines produced on the 
moving chart of an electroencephalograph as the result of 
electrical potentials produced by the brain, picked up by 
electrodes, and amplified in the machine. 

brake — An electromechanical friction device to stop 
and hold a load. 

brake wire— Wires used in automotive and truck 
trailers to supply current to the electrical braking system. 

braking magnet — See retarding magnet. 

branch—1.In an electronic network, a section 
between two adjacent branch points. 2. A portion of a 
network consisting of one or more two-terminal elements 
in series. 3. An instruction to a computer to follow one 
of several courses of action, depending on the nature of 
control events that occur later. 

branch circuit— 1. That portion of the wiring sys- 
tem between the final overcurrent device protecting the 
circuit and the outlet. 2. (As applied to appliances) A 
circuit designed for the sole purpose of supplying an 
appliance or appliances; nothing else can be connected to 
this circuit, including lighting. 3. (General purpose) A cir- 
cuit that supplies lighting and appliances. 4. (Individual) 
A circuit that supplies just one piece of equipment, such as 
a motor, an air conditioner, or a furnace. 5. (Multiwire) A 
circuit consisting of two or more underground conductors 
with a potential difference between them, and a grounded 
conductor with an equal potential between it and any one 
ungrounded conductor. (This may be a 120/240-volt three- 
wire circuit or a wye-connccted circuit with two or more 
phase wires and a neutral.) It is not a circuit using two or 
more wires, connected to the same phase, and the neutral. 

branch current— The current in the branch of a 
network, 

branch impedance— In a passive branch, the 
impedance obtained by assuming a driving force across 
and a corresponding response in the branch, no other 
branch being electrically connected to the one under 
consideration. 

branching — |. In a computer, a method of selecting, 
on the basis of the computer results, the next operation to 
execute while the program is in progress. 2. The function 
of a computer that alters the logic path depending on 
some detected condition or data status. For example, the 
program would branch to a recorder routine when the 
projected available balance goes negative. 

branching instructions —In a computer, condi- 
tional and unconditional jumping, calling subroutines, and 
return-looping operations. 

branch order— An instruction used to link sub- 
routines into the main program of a computer. 

branch point— |. In an electric network, the junc- 
tion of more than two conductors. See also node, 1. 2. In 
a computer, a point in the routine where one of two or 
more choices is selected under control of a routine. 

branch voltage — The voltage across a branch of a 
network. 

branch windings— Forked polyphase transformer 
windings. 
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brass pounder— Amateur term for a Morse code 
operator, especially one who spends long hours handling 
traffic. 

braze bonding — The joining of similar or dissimilar 
metals by introducing a braze filler metal at the joint and 
establishing a conventional brazed joint, and then diffus- 
ing the braze filler into the base metals by subsequent heat 
treating. Melting occurs in the braze filler independent of 
the base metals. Base-metal fusion is not required. 

brazing — 1. A group of welding processes in which 
the filler is a nonferrous metal or alloy with a melting 
point greater than 1000°F (537°C) but lower than that of 
the metals or alloy to be joined. Brazing is sometimes 
referred to as hard soldering. 2. Joining two metal parts 
(usually made of iron or steel) together with a suitable 
melted copper-alloy metal. 

breadboard — 1. Developmental or prototype ver- 
sion of a circuit. Solderless sockets and bus strips in 
modular form are often used to create expandable matrices 
for placement of ICs, capacitors, resistors, and so forth. 
2. Perforated substrates that facilitate trial positioning of 
circuit components and wiring arrangements leading to 
final circuit construction and packaging. They are used in 
design, construction, and assembly. 

breadboard circuit—A circuit simulation using 
discrete components or partially integrated components 
to prove the feasibility of a circuit. 

breadboard construction— An arrangement in 
which electronic components are fastened temporarily to 
a board for experimental work. 

breadboard model — 1. An assembly in rough form 
to prove the feasibility of a circuit, device, system, or 
principle. 2. An experimental model of a circuit in which 
the components are fastened temporarily to a chassis or 
board and electrically tested. 

break— 1. In a communication circuit, the taking 
control of the circuit by a receiving operator or listen- 
ing operator. The term is used in connection with half- 
duplex telegraph circuits and two-way telephone circuits 
equipped with voice-operated devices. 2. In a circuit- 
opening device, the minimum distance between the sta- 
tionary and movable contacts when these contacts are 
open. 3. Án open circuit or on-hook condition as deter- 
mined by the dial of a telephone set. 4. A signal sent over 
a backward (secondary) channel by a receiving start-stop 
terminal on a half-duplex circuit (or, in some cases, over 
the transmit channel on a full-duplex circuit), usually to 
indicate a requirement to transmit. 5. The word used to 
interrupt a conversation on a repeater to indicate there is 
an emergency. 

break alarm — |. An alarm condition signaled by the 
opening or breaking of an electrical circuit. 2. The signal 
produced by a break alarm condition (sometimes referred 
to as an open-circuit alarm or trouble signal), designed to 
indicate possible system failure. 

breakaway panels —Hardboards held together in 
a grouping by using breakaway tabs. Breakaway panels 
make handling easier for automatic insertion and wave 
soldering. When necessary, boards can be separated by 
snapping them apart much like a soda cracker. 

break-before-make — |. The action of opening a 
switching circuit before closing another associated circuit. 
2. Movable contact that breaks one circuit before making 
the next circuit. 

break-before-make contacts —Contacts that 
interrupt one circuit before establishing another. 

break contact— |. In a switching device, the con- 
tact that opens a circuit upon operation of the device 
(normally closed contact). 2. Contacts that open when a 
key or relay is operated. 


CHAPTER 5 = THE COZY CORNER LAB 


At a minimum, you are going to want some task lighting, which helps illuminate the immediate area 
of your focus. In this case, where a small table is being used as a workbench, an articulated fluorescent 
lamp with a built-in magnifier will do a great job, at least until more lighting can be strung up. See 
Figure 5-7. 


Figure 5-7. You will need some task lighting for your bench. This desk lamp also includes a handy 
magnifier for really close work. 


Tools 


Now we're ready to bring some of the tools back in to the lab. Here’s where you get to decide which tools 
get a permanenthome on the bench and which ones get put up and stored when not in use. 

The permanently deployed tools on your workbench should be the ones that you find that you are 
using the most. The ones that get put up after every use are the ones that either only get used 
infrequently or pose some sort of hazard, such as sharp edges or hot surfaces. Again, you get to decide. 
It’s your lab. 
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break distance — The effective open-gap distance 
between the stationary and movable contacts. 

breakdown— 1. An electric discharge through an 
insulator, insulation on wire, or other circuit separator, 
or between electrodes in a vacuum or gas-filled tube. 
2. Phenomenon occurring in a reverse-biased semicon- 
ductor diode, the initiation of which is observed as a 
transition from a region of high dynamic resistance to 
a region of substantially lower dynamic resistance for 
increasing magnitude of reverse voltage. Also collector- 
emitter breakdown, punch-through, secondary breakdown, 
etc. 3. Initiation of a spark discharge between two elec- 
trodes. 4. A disruptive current (discharge) through insu- 
lation. 5. Failure of insulation for any reason. 6, A State 
of a circuit device in which the electric field exceeds a 
maximum allowed value. A sharp current increase results, 
which may destroy the device. 

breakdown diode — See avalanche diode. 

breakdown impedance — Also called avalanche 
impedance. The small-signal impedance at a specified 
direct current in the breakdown region of a semiconductor 
diode. 

breakdown region — The entire region of the volt- 
ampere characteristic beyond the initiation of breakdown 
due to reverse current in a semiconductor-diode charac- 
teristic curve. 

breakdown strength — See dielectric strength. 

breakdown torque — The maximum torque a motor 
will develop, without an abrupt drop in speed, as the rated 
voltage is applied at the rated frequency. 

breakdown voltage — 1. That voltage at which an 
insulator or dielectric ruptures, or at which ionization and 
conduction take place in a gas or a vapor. 2. The voltage 
measured at a specified current in the breakdown region 
of a semiconductor diode at which there is a substantial 
change in characteristics from those at lower voltages. 
Also called zener voltage. 3. The voltage required to 
jump an air gap. 4. The reverse-bias voltage applied to 
a pn junction for which large currents are drawn for 
relatively small increases in voltage. 5. The voltage at 
which a disruptive discharge takes place, either through 
or over the surface of insulation. 6. The voltage at 
which the insulation between two conductors will break 
down. 

break elongation—The relative elongation of a 
specimen of recording tape or base film at the instant 
it breaks after having been stretched at a given rate. 

breakerless ignition — A semiconductor electronic 
ignition system that does not use mechanical breaker 
contacts for timing or triggering purposes, but retains the 
distributor mechanism for distribution of the secondary 
voltage. 

breaker points — 1. The low-voltage contacts that 
interrupt the current in the primary circuit of the ignition 
system of a gasoline engine. 2. A pair of movable points 
that are opened and closed to break and make the primary 
circuit. 
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Breaker points. 


break distance — B register 


break frequency — in a plot of log gain (attenua- 
tion) versus log frequency, the frequency at which the 
asymptotes of two adjacent linear slope segments meet. 

break-in keying — In the operation of a radiotele- 
graph communication system, a method by which the 
receiver is capable of receiving signals during transmis- 
sion spacing intervals. 

break-in operation — A method of radiocommuni- 
cation involving break-in keying that allows the receiving 
operator to interrupt the transmission. 

break-in relay — A relay used for break-in operation. 

break-make contact— Also called transfer con- 
tact. A contact form in which one contact opens its con- 
nection to another contact and then closes its connection 
to a third contact. 

breakout — The exit point of a conductor or number 
of conductors along various points of a main cable of 
which the conductors are a part. This point is usually har- 
nessed or sealed with some synthetic-rubber compound. 

breakout box— Abbreviated BOB. 1. A testing 
device that permits the user to monitor the status of 
the various signals between two communicating devices, 
and to cross and tie interface leads, using jumper wires. 
2. A device for monitoring and manipulating the interface 
signals between a DTE (data terminal equipment) and 
a DCE (data circuit-terminating equipment) or a pair of 
DTEs. 3. A device used to separately test each electrical 
line in a communications cable. 

breakover — In a silicon-controlled rectifier or related 
device, a transition into forward conduction caused by the 
application of an excessively high anode voltage. In some 
cases this is destructive to the device. 

breakover voltage —The value of positive anode 
voltage at which a silicon-controlled rectifier with the gate 
circuit open switches into the conductive state. 

break period — The time interval during which the 
circuit contacts of a telephone dial are open. 

breakpoint — 1. A place in a computer routine, spec- 
ified by an instruction, instruction digit, or other condition, 
where the routine may be interrupted by external interven- 
tion or by a monitor routine. 2. A special instruction that 
may be inserted in a program to break off the normal 
program control and return control to a debug-type pro- 
gram. When a breakpoint is executed, the debug program 
indicates what the computer was doing at that point. 3. A 
hardware or software condition (bit pattern) that stops 
program execution; e.g., specific addresses or control sig- 
nals. The user can then examine registers and memory 
locations, alter data generated by the program, and even 
request that execution resume from that point. 4. A point 
in a program where the program flow is interrupted for 
the purpose of testing the logic of the program up to 
that point. Usually a breakpoint will transfer control to a 
routine that will display test data. 

breakpoint instruction —In the programming of 
a digital computer, an instruction that, together with a 
manual control, causes the computer to stop. 

breakpoint switch—A manualiy operated switch 
that controls conditioned operation at breakpoints; it is 
used primarily in debugging. 

breakup — See color breakup. 

breathing — 1. Amplitude variations similar to 
bounce, but at a slow, regular rate. 2. Slow, rhythmic pul- 
sations of a quantity, such as current, voltage, brightness, 
beat note, etc., readily noticeable on a CRT display. 

breezeway — In the NTSC color system, that portion 
of the back porch between the trailing edge of the sync 
pulse and the start of the color burst. 

B register —A computer register that stores a word 
which will change an instruction before the computer 
carries out that instruction. 


bremsstrahlung — brightness scale 


bremsstrahlung — Electromagnetic radiation emit- 
ted by a fast-moving charged particle (usually an electron) 
when it is slowed down (or accelerated) and deflected by 
the electric field surrounding a positively charged atomic 
nucleus. X-rays produced in ordinary X-ray machines are 
bremsstrahlung. (In German, the term means braking radi- 
ation.) 

brevity code — A code that has as its sole purpose 
the shortening of messages rather than concealment of 
content. 

Brewster angle — The angle of incidence at which 
the reflection of parallel-polarized clectromagnetic radia- 
tion at the interface between two dielectric media equals 
zero. 

bridge — 1. In a measuring system, an instrument in 
which part or all of a bridge circuit is used to measure 
one or more electrical quantities. 2. In a fully electronic 
stringed instrument, the part that converts the mechanical 
vibrations produced by the strings into electrical signals. 
3. Equipment and techniques used to match circuits to 
each other, ensuring minimum transmission impairment. 
Bridging is normally required on multipoint data channels 
where several local loops or channels interconnect. 4. A 
device used singly, or with other like devices, to con- 
nect two or more similar local area networks (LANs) in 
order to allow workstations on one network to communi- 
cate with resources on the other network or networks as 
though they resided on the same network. 5. Equipment 
that connects two or more LANs that use the same proto- 
col, allowing communication between devices on separate 
LANs. 

bridge circuit—A network arranged so that, when 
an electromotive force is present in one branch, the 
response of a suitable detecting device in another branch 
may be zeroed by suitable adjustment of the electrical 
constants of still other branches. 

bridged connection—A connection of a circuit 
across, or in parallel with, another circuit, 

bridged T-network—A T-network in which the 
two Series impedances of the T are bridged by a fourth 
impedance. 


Bridged T-network. 


bridge duplex system—A duplex system based 
on the Wheatstone-bridge principle in which a substantial 
neutrality of the receiving apparatus to the transmitted 
currents is obtained by an impedance balance. Received 
currents pass through the receiving relay, which is bridged 
between the points that are equipotential for the transmit- 
ted currents. 

bridge hybrid — See hybrid junction, 2. 

bridge quad — See B-quad. 

bridge rectifier—A full-wave rectifier with four 
elements connected in the form of a bridge circuit so that 
dc voltage is obtained from one pair of opposite junctions 
when an alternating voltage is applied to the other pair of 
junctions. 

bridge tap — An unterminated length of line attached 
(bridged) at some point between the extremities of a 
communication line: bridge taps are undesirable. 
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Bridge rectifier. 


bridge transformer — See bridging transformer. 

bridging — |. The shunting of one electrical circuit 
by another. 2. Connecting two electrical circuits in paral- 
lel. Usually the input impedances are large enough so as 
not to affect the signal level. 

bridging amplifier— An amplifier with an input 
impedance sufficiently high (at least 10 times) that its 
input may be bridged across a circuit without substantially 
affecting the signal level of the circuit. 

bridging connection —A parallel connection by 
means of which some of the signal energy in a circuit 
may be withdrawn with imperceptible effect on the normal 
operation of the circuit. 

bridging contacts — 1. A set of contacts in which 
some of the signal energy in a circuit may be withdrawn 
with imperceptible effect on the normal operation of the 
circuit. 2. A set of contacts in which the moving contact 
touches two stationary contacts simultaneously during 
transfer. 

bridging gain— Ratio between the power a trans- 
ducer delivers to a specified load impedance under speci- 
fied operating conditions and the power dissipated in the 
reference impedance across which the transducer input is 
bridged. Usually expressed in decibels. 

bridging loss— |. Ratio between the power dissi- 
pated in the reference impedance across which the input of 
a transducer is bridged and the power the transducer deliv- 
ers to a specified load impedance under specified operat- 
ing conditions. Usually expressed in decibels. 2. The loss 
resulting from bridging an impedance across a transmis- 
sion circuit. Unless the impedance is a pure resistance, 
the loss will vary with frequency. 

bridging transformer— Also called bridge trans- 
former and hybrid coil. 1. A transformer designed to 
couple two circuits having at least nominal ohmic isola- 
tion and operating at different impedance levels, without 
introducing significant frequency or phase distortion or 
significant phase shift. 2. A transformer whose primary 
impedance 1s at least 10 times the source impedance of 
the device that feeds it. The secondary can be lower or 
higher than the primary impedance. 

brightness — |. The attribute of visual perception in 
accordance with which an area appears to emit more or 
less light. Used with cathode-ray tubes. (Luminance is 
the recommended name for the photometric quantity that 
has also been called brightness.) 2. See luminance. 3. A 
surface measurement of light intensity per unit projected 
area. Usually expressed in footlamberts. 

brightness control— 1. In a television receiver, the 
control that varies the average brightness of the repro- 
duced image. 2. The manual bias control of a cathode-ray 
tube that determines both the average brightness and the 
contrast of a picture. 

brightness of image — The apparent luminance of 
an image observed by the eye. 

brightness scale— A graduated range of stimuli 
perceived as having equivalent differences of brightness. 
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brightness signal — See luminance signal. 

brilllance — 1. The degree of brightness and clarity 
in a reproduced cathode-ray tube. 2. The degree to which 
the higher audio frequencies sound like the original when 
reproduced by a receiver or public-address amplifier, 

brilliance control — A potentiometer used in a three- 
way speaker system to adjust the output level of the 
tweeter for proper relative volume between the treble and 
the lower audio frequencies produced by the complete 
speaker system. 

British Standard Wire Gage — A modification of 
the Birmingham wire gage; the legal standard of Great 
Britain for all wires. It is variously known as Standard 
Wire Gage (SWG), New British Standard (NBS), English 
Legal Standard, and Imperial Wire Gage. 

British thermal unit— The energy required to raise 
the temperature of 1 pound of water 1 degree Fahrenheit. 

broadband — |. As applied to data transmission, the 
term denotes transmission facilities capable of handling 
frequencies greater than those required for high-grade 
voice communications (higher than 3 to 4 kilohertz). 
2. Having an essentially uniform response over a wide 
range of frequencies. To design or adjust (an amplifier) 
for bandwidth. 3. A communications channel in which 
bandwidth is greater than 64 kb/s and that can provide 
higher-speed data communications than a standard tele- 
phone circuit. Also called wideband. 

broadband amplifier— 1. An amplifier that has an 
essentially flat response over a wide frequency range. 
2. An amplifier capable of amplifying a wide band of 
frequencies with minimal distortion. 

broadband antenna— 1. An antenna that is capa- 
ble of receiving a wide range of frequencies. 2. An 
antenna that is not sharply resonant. It provides adequate 
gain across a relatively wide band of frequencies. Exam- 
ples: television receiving and log-periodic antennas. 

broadband electrical noise — Also called random 
noise. A signal that contains a wide range of frequencies 
and has a randomly varying instantaneous amplitude. 

broadband interference — Interference occupying 
a frequency range that is much greater than the bandwidth 
of the equipment being used to measure it. 

broadband klystron — A klystron in which three or 
more externally loaded, stagger-tuned resonant cavities 
are used to broaden the bandwidth. 

broadband random vibration— Single-frequency 
component vibrations that are random in both phase and 
amplitude at minute increments of frequency throughout 
a specified bandwidth. Typically it occurs when intense, 
high-power-level noise impinges on structures. 

broadband tube (tr and pre-tr tubes})— A gas- 
filled, fixed-tuned tube incorporating a bandpass filter 
suitable for radio-frequency switching. 

broadcast— 1. Radio or television transmission 
intended for public reception, for which receiving stations 
make no receipt. 2. To send messages or communicate 
simultaneously with many or all points in a circuit. 

broadcast band — Radio frequency range between 
530 and 1710 kHz in which ali commercial AM broad- 
casting stations are assigned. 

broadcasting — The transmitting of speech, music, 
or visual programs for commercial or public-service 
motives to a relatively large audience (as opposed to two- 
way radio, for example, which is utilitarian and is directed 
toward a limited audience). 

broadcasting-satellite | service — Abbreviated 
BSS. 1. International designation for direct-to-home satel- 
lite transmissions. In the Western Hemisphere, BSS oper- 
ates in the 12.2- to 12.7-GHz frequency band. 2. A radio- 
communication service in which signals transmitted or 
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retransmitted by satellites are used for direct reception by 
the general public. | 

broadcasting service — A radiocommunication ser- 
vice in which the transmissions are intended for direct 
reception by the general public. This service may include 
sound transmissions, television transmissions, or other 
types of transmissions. 

broadcasting station — A station in the broadcast- 
Ing service. 

broadcast receiver — A receiver intended primarily 
for picking up standard broadcast stations. 

broadcast teletext— A one-way system in which 
textual and graphic information in digital form is placed 
on unused portions of the television signal and retrieved 
by the user via a special terminal built into or attached 
to a TV set. The information is broadcast in a continuous 
cycle or loop and is retrieved by the user as it passes. 

broadside array — |. An antenna array whose direc- 
tion of maximum radiation is perpendicular to the line or 
plane of the array (depending on whether the elements 
lie on a line or a plane). Á uniform broadside array is 
a linear array whose elements contribute fields of equal 
amplitude and phase. 2. A unidirectional antenna array 
whose individual radiating elements are all in the same 
plane. 

broad tuning— A tuned circuit or circuits that 
respond to frequencies within one band or channel, as 
well as to a considerable range of frequencies on each 
side. 

Brownian motion noise — Also identified as ther- 
mal or Johnson noise. A random movement of micro- 
scopic particles, in organic or inorganic fluid suspension, 
caused by collision with surrounding molecules. 

brownout— 1. Refers to low line voltage, which can 
cause misoperation and possible damage of equipment. 
For example, a motor trying to start at low voltage 
can actually be in a lock-rotor condition and overheat. 
2. Deliberate lowering of the line voltage by a power 
company to reduce load demands. 3. A period of low- 
voltage electrical power due to unusually heavy power 
demands. Brownouts can cause computers to operate 
erratically or to crash. 4. A sudden, unexpected reduction 
in electrical power, usually lasting just a few seconds, but 
long enough to cause computer equipment to fail from 
insufficient power levels. 

browse — To view data. 

browser— 1. A software application that permits 
viewing and possibly searching of content in an informa- 
tion database, typically text, static images, or graphics, 
in a random or leisurely fashion at the user's discre- 
tion. 2. An application used to view information from 
the Internet. Browsers provide a user-friendly interface 
for navigating through and accessing the vast amount of 
information on the Internet. 

browsing — 1. Exploring an online area, usually on 
the World Wide Web. 2. To look at files or computer 
listings in search of something interesting. 

Bruce antenna-— Original name of the rhombic 
end-fire antenna, which consists of a diamond-shaped 
arrangement of four wires with the feed line at one end 
and a resistive termination at the opposite end of the 
longer diagonal. Bruce’s name also is given to a series-fed 
array of vertically polarized resonant rectangular loops (or 
half-loops over ground) with one-quarter-wave width and 
one-half-wave spacing. 

brush— 1. A piece of conductive material, usually 
carbon or graphite, that rides on the commutator of a 
motor and forms the electrical connection between it and 
the power source. 2, A carbon block or metal leaf spring 
used to make sliding contact with a rotating contact, such 
as the commutator of a generator. 
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brush discharge— An intermittent discharge of 
electricity that starts from a conductor when its potential 
exceeds a certain value but is too low for the formation of 
an actual spark. It is generally accompanied by a whistling 
or crackling noise. 

brush-discharge resistance — See corona resis- 
tance. 

brush fluxing— A specialized wave-solder tech- 
nique. A 360° bristled brush rotates in a foaming flux head 
to transfer the flux to the board. See also spray fluxing; 
wave fluxing; foam fluxing. 

brush rocker—A movable rocker, or yoke, on 
which the brush holders of a dynamo or motor are fixed 
so that the position of the brushes on the commutator can 
be adjusted. 

brush station — In a computer, a position where the 
holes of a punched card are sensed, particularly when this 
is done by a row of brushes sweeping electrical contacts. 

brute force — The use of seemingly inefficient design 
in order to achieve a desired result. Sometimes this 
is done in order to avoid involved design procedures, 
critical adjustments, or the like, but often it is the only 
possible approach. For example, the miniaturization of 
low-frequency speakers requires brute force in the form 
of greatly increased amplifier power. 

brute-force filter — A type of power-pack filter that 
depends on large values of capacitance and inductance to 
smooth out pulsations, rather than on the resonant effects 
of a tuned filter. 

brute supply—A power supply that is completely 
unregulated. It employs no circuitry to maintain the 
output voltage constant with a changing input line or 
load variations. The output voltage varies in the same 
percentage and in the same direction as the input line 
voltage. If the load current changes, the output voltage 
changes inversely — an increase in load current drops the 
output voltage. 

BSC — Abbreviation for binary synchronous commu- 
nications. A line-control procedure for communicating, 
expressed in eight-bit EBCDIC, seven-bit U.S. ASCII, or 
six-bit transcode. The data code selected must include the 
required line-control characters, used according to speci- 
fied rules. 

B-scope —A type of radarscope that presents the 
range of an object by a vertical deflection of the signal 
on the screen, and the bearing by a horizontal deflec- 
tion. 

“B” service— FAA service pertaining to transmis- 
sion and reception by teletype or radio of messages con- 
taining requests for and approval to conduct an aircraft 
flight, flight plans, in-flight progress reports, and aircraft 
arrival reports. 

B-spline — A mathematical representation of a smooth 
curve. 

B-spline surface — The mathematical description of 
a three-dimensional surface that passes through a set of 
B-splines. 

BSS — See broadcasting-satellite service. 

B supply — A source for supplying a positive voltage 
to the anodes and other positive electrodes of electron 
tubes. Sometimes called B+ supply. 

BT-cut crystal —A piezoelectric plate that is cut 
from a quartz crystal at an angle of rotation (about the 
x-axis) of —49°. At approximately 25°C it has a zero 
temperature coefficient of frequency. 

bubble — See dot, 2. 

bubble logic — An obsolete form of magnetic logic. 

bubble memory— 1. A bubble-memory chip sur- 
rounded by the two orthogonal coils, sandwiched between 
two permanent-bias magnets, which provide nonvolatility 
and stable domains. The coils create a rotating magnetic 


86 


field that moves bubbles or cylindrical magnetic domains 
through a film on the chip. Films may consist of magnetic 
metals or synthetic ferrite or garnet crystals. In addi- 
tion, control functions are located in aluminum-copper 
elements on the magnetic film. This entire grouping is 
then enclosed in a magnetic shield to prevent external 
magnetic fields (up to about 20 oersteds) from affecting 
the data. 2. A device that stores data as the absence or 
presence of tiny nght-cylindrical domains of magnetiza- 
tion in a magnetic medium. Bubble memories operate as 
shift registers with complex control signals for the var- 
ious magnetic fields required. 3. A nonvolatile storage 
technique that uses magnetic fields to create regions of 
magnetization. A pulsed field breaks the regions into iso- 
lated bubbles, free to move along the surface of the crystal 
sheet that contains the regions. The presence or absence 
of a bubble represents digital (bit, not bit) information. 
External electromagnetic fields manipulate the bubbles 
(information) past read/write locations within the mem- 
ory. 4. Serial-access nonvolatile memory storing data in 
magnetic domains (bubbles) of opposite polarity from the 
rest of the cell. It is characterized by very low access 
times and high cost, but is able to store data after power 
is removed. This nonvolatility makes it well suited for 
portable applications in which disk storage is impractical. 
(Note: Bubble memories are no longer used.) 

bubble sort—A sorting algorithm for putting the 
elements of a file in order. 

buck — To oppose, as one voltage bucking another, or 
the magnetic fields of two coils bucking each other. 

bucket— A general term for a specific reference in 
storage in a computer, such as a section of storage, the 
location of a word, a storage cell, etc. 

bucket brigade— 1. A shift register that transfers 
information from stage to stage in response to timing 
signals. 2. A technique of building a photosensing array 
using field-effect transistors (FETs). Two FET amplifiers 
are at each sensing area and are interconnected as an 
element of a shift register. The charges sensed by the FETs 
are successively clocked from element to element. The 
electrical charges representing bits of stored information 
are transferred from one element to the next by means 
of clock pulses that raise the level of each element in the 
correct sequence, in the same way as a firefighting brigade 
passes a bucket of water down the line. 

bucket curve—aA graphical presentation of noise 
within a microwave system, displayed in a form that per- 
mits separation and identification of the individual idle 
and intermodulation (IM or cross-modulation) impair- 
ments. 

bucking—Counteracting one quantity (such as a 
current or voltage) by opposing it with a like quantity 
of equal magnitude but opposite polarity. 

bucking coil—A coil connected and positioned in 
such a way that its magnetic field opposes the magnetic 
field of another coil. The hum-bucking coil of an electro- 
dynamic speaker is an example. 

bucking voltage—A voltage that is opposite in 
polarity to another voltage in the circuit and hence bucks, 
or opposes, the latter voltage. 

buckling — The warping of the plates of a battery due 
to an excessively high rate of charge or discharge. 

buffer—1. A circuit or component that isolates one 
electrical circuit from another. Usually refers to electron- 
tube amplifiers used for this purpose. 2. A vacuum- 
tube stage used chiefly to prevent undesirable interaction 
between two other stages. In a transmitter, it generally 
follows the master-oscillator stage. 3. An isolating circuit 
used in an electronic computer to avoid reaction of a 
driven circuit. 4. A storage device used to compensate for 
a difference in the rate of flow of information or the time 
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or occurrence of events when transmitting information 
from one device to another. 5. A computer circuit having 
an output and a multiplicity of inputs and designed so 
that the output is energized. Thus, a buffer performs 
the circuit function equivalent to the logical OR. 6. A 
noninverting digital circuit element that may be used 
to handle a large fanout or to invert input and output 
levels. Normally, a buffer is an emitter follower. 7. A 
storage device in which data is temporarily stored during 
data transfers between peripherals and computers. A 
means of temporarily storing data must be used when a 
peripheral device inputs data faster than the computer can 
process it, or when the computer sends data faster than 
a peripheral can receive it. 8. A soft fiber-optic material 
that mechanically isolates individual fibers in a fiber-optic 
cable or bundle from small geometrical irregularities, 
distortions, or roughness of adjacent surfaces. The buffer 
has no optical function. 9. A high-speed area of storage 
in a computer that is temporarily reserved for use in 
performing the input/output operation, into which data 
is read or from which data is written. 10. A storage 
area in a computer for data that is used to compensate 
for a speed difference when transferring data from one 
device to another. Usually refers to an area reserved for 
O operations, into which data is read, or from which 
deta is written. 11. A temporary-storage device used to 
compensate for a difference in data rate and data flow 
between two devices (typically a computer and a printer). 
See also spooler. 

buffer amplifier — 1. An amplifier designed to iso- 
late a preceding circuit from the effects of a following 
circuit. 2. An amplifier stage that is used to isolate a 
frequency-sensitive circuit from variations in the load pre- 
sented by following stages. 3. A unity gain amplifier used 
to isolate the loading effect of one circuit from another. 

buffer capacitor — A capacitor connected across the 
secondary of a vibrator transformer, or between the anode 
and cathode of a cold-cathode rectifier tube, to suppress 
voltage surges that might otherwise damage other parts in 
the circuit. 

buffer circuitry — Circuitry necessary to adapt sig- 
nals between two systems, e.g., between a test system and 
a board under test. 

buffer computer— A computing system provided 
with a storage device so that input and output data 
may be stored temporarily to match the slower speed 
of input/output devices with the higher speed of the 
computer. 

buffer/driver — A device used to increase the fanout 
or drive capability of a digital circuit. 

buffered terminal— A terminal that contains stor- 
age equipment so that the rate at which it sends or receives 
data over its line does not need to agree exactly with the 
rate at which the data is entered or printed. 

buffer element— A low-impedance inverting driver 
circuit. Because of its very low source impedance the 
element can supply substantially more output current than 
the basic circuit. As a consequence, the buffer element is 
valuable in driving heavily loaded circuits or minimizing 
rise-time deterioration due to capacitive loading. 

buffer gate — A logic gate with a high output-drive 
capability, or fanout; a buffer gate is used when it is 
necessary to drive a large number of gate inputs from 
one gate function. 

buffering — 1. Storing data between transfer opera- 
tions. Data read from a disk is buffered before transfer to 
a system memory, and data to be written is buffered after 
transfer from a system memory. 2. The process of tem- 
porarily storing data in a software program or in RAM to 
allow transmission devices to accommodate differences 
in data transmission rates. 
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buffer storage — 1. A synchronizing element used 
between two different forms of storage (usually internal 
and external). 2. An input device in which information 
from external or secondary storage is assembled and 
stored ready for transfer to internal storage. 3. An output 
device into which information from internal storage is 
copied and held for transfer to secondary or external 
storage. Computation continues during transfers from 
buffer storage to secondary or internal storage or vice 
versa. 4. A device for the purpose of storing information 
temporarily during data transfers. 5. See cache. 

buffer storage unit—A computer unit used for 
temporary storage of data before transmission to another 
destination. The unit often is able to accept and give back 
data at widely varying rates so that data transfer takes 
place efficiently for each device connected to it; that is, a 
high-speed device is not slowed by the presence of a slow- 
speed device in the same system unless the data transfer 
occurs directly between the two devices. 

buffer stripper— A device that removes flat cable 
insulation from conductors; a unit of motorized buffing 
wheels that scrapes the insulation and brushes it away. 
Also called an abrasion stripper. 

bug — 1. A semiautomatic telegraph sending key con- 
sisting of a lever that is moved to one side to produce a 
series of correctly spaced dots, and to the other side to 
produce a dash. 2. A circuit fault due to improper design 
or construction. 3. An electronic listening device, gener- 
ally small and concealed, used for commercial or military 
espionage. 4. To plant a microphone or other sound sensor 
or to tap a communication line for the purpose of surrep- 
titious listening or audio monitoring; loosely, to install 
a sensor in a specified location. 5. The microphone or 
other sensor used for the purpose of surreptitious listen- 
ing. 6. A device or system used for surreptitiously sensing 
and removing audio information from a target area. In the 
sense in which it is usually used, a bug transmits infor- 
mation from the target area to the listening post via radio; 
however, the information may be transmitted over ded- 
icated wire by varying dc, as in an ordinary telephone 
circuit, or over power wiring by carrier current, as in a 
wireless intercom. The sensor in this system (transducer 
that changes sound into electrical impulses) is normally a 
microphone, but might be something that has another pri- 
mary purpose, such as a telephone ringer. 7. A term used 
to denote a mistake in a computer program or a malfunc- 
tion in a computer hardware component. 8. A defect in 
hardware or software that causes a program to malfunc- 
tion. 

bugging height—The distance between the hybrid 
substrate and the lower surface of the beam-lead device 
that occurs because of deformation of beam leads during 
beam-lead bonding. 

build — The increase of diameter due to insulation. 

building-out — Addition to an electric structure of an 
element or elements electrically similar to an element or 
elements of the structure to bring a certain property or 
characteristic to a desired value. 

building-out circuit— A short section of transmis- 
sion line, or a network that is shunted across a transmis- 
sion line, for the purpose of impedance matching. 

building-out network — A network designed to be 
connected to a basic network so that the combination will 
simulate the sending-end impedance, neglecting dissipa- 
tion, of a line having a termination other than that for 
which the basic network was designed. 

building-out section — A short section of transmis- 
sion line, either open or short-circuited at the far end, 
shunted across another transmission line for use on an 
impedance-matching transformer. 
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building wire — Insulated wires used in buildings for 
light and power, 60 volts or less. Usually not exposed to 
outdoor environment. 

bulb — The glass envelope that encloses an incandes- 
cent lamp or an electronic tube. 

bulb-temperature pickup — A temperature trans- 
ducer in which the sensing element is enclosed in a metal 
tube or sheath to protect it against corrosive liquids or 
other contaminants. 

bulge — The difference between the actual charac- 
teristic and a linear characteristic of the attenuation- 
frequency characteristic of a transmission line. 

bulk degausser— See bulk eraser. 

bulk effect — An effect, such as current, resistance, 
or resistivity, observed in the overall body of a sample of 
material, as opposed to a region within the material or on 
its surface. 

bulk-erased noise — The noise arising when a bulk- 
erased tape is reproduced with the erase and record heads 
completely deenergized. Ideally, this noise is governed by 
the number of magnetic particles that pass by the head in 
unit time. 

bulk eraser—Also called bulk degausser or 
degausser. 1. Equipment for erasing a roll of tape. 
The roll is usually rotated while a 60-hertz ac erasing 
field is decreased, either by withdrawing the roll from 
an electromagnet or by reducing the ac supply to an 
electromagnet. 2. A device used to erase an entire tape 
at one time. Bulk erasers are usually more effective than 
a recorder’s erase heads, 

bulk noise — See excess noise. 

bulk resistance — The portion of the contact resis- 
tance that is due to the length, cross section, and material. 

bulk resistivity — Resistance measured between 
opposite faces of a cube of homogeneous material. 

bulk resistor— A resistor made by providing ohmic 
contacts between two points of a homogeneous, uniformly 
doped crystal of silicon material. 

bulk storage — An external device, such as a tape 
recorder, on which a computer’s contents can be recorded 
to be reloaded into the computer when needed. 

bulletin board—A computer system operated so 
that people can access it via telephone lines and leave 
messages for others to see. 

bump — A means of providing connections to termi- 
nal areas of a device. A small mound is formed on the 
device (or substrate) pads and is utilized as a contact for 
face-down bonding. 

bump chip—A chip that has on its termination 
pads a bump of solder or other bonding material that is 
used to bond the chip to external contacts. It allows for 
simultaneous bonding of all leads, rather than one at a 
time as in wire bonding. 

bump contacts — Small amounts of material formed 
on the chip substrate to register with terminal pads, as 
when the chip is employed in flip-chip circuits. 

bunched pair— A group of pairs tied together or 
otherwise associated for identification. 

buncher— 1. The input resonant cavity in a con- 
ventional klystron oscillator. 2. In a velocity-modulated 
tube, the electrode that concentrates the electrons in the 
constant-current electron beam into bunches. 

buncher gap — See input gap. 

buncher resonator — The input cavity resonator in 
a velocity-modulated tube. It serves to modify the velocity 
of the electrons in the beam. 

bunching — 1. Grouping pairs together for identifi- 
cation and testing. 2. In a velocity-modulated electron 
stream, the action that produces an alternating convection- 
current component as a direct result of the differences of 
electron transit time produced by the velocity modulation. 
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bunching parameter — One-half of the product of 
the bunching angle in the absence of velocity modulation 
and the depth of velocity modulation. 

bunching time —The time in the armature motion 
of a relay during which all three contacts of a bridging- 
contact combination are electrically connected. 

bunching voltage—The radio-frequency voltage 
between the grids of the buncher resonator in a velocity- 
modulated tube such as a klystron. Generally, the term 
implies the peak value of this oscillating voltage. 

bunch stranding — |. A method in which a number 
of wires are twisted together in a common direction and 
with a uniform pitch to form a finished, stranded wire. 
2. A group of wires of the same diameter twisted together 
without a predetermined pattern. 

bundie —1.A number of optical fibers grouped 
together, usually carrying a common signal. 2. A collec- 
tion of glass or plastic fibers that transmit data in the form 
of optical energy. 3. A group of optical fibers contained 
within a single jacket. 

bundle connector — Fiber-optic connector that joins 
fiber bundle to fiber bundle. It is used when fiber-optic 
cables penetrate bulkheads, when new cables are spliced 
into transmission networks, and for repair of breaks. See 
source connector; detector connector. 

bundled cable — Individual insulated wires laced 
together to form a bundle to facilitate handling. 

bundled software — Software that comes with a 
computer. 

bundling — See lacing and harnessing. 

buried cable — Also called direct burial cable. 1. A 
cable installed underground and not removable except by 
disturbing the soil. 2. A cable installed directly in the 
earth without use of underground conduit. 

buried channel —Because charge trapping can 
occur at the surface of the Si—SiO, interface, a thin 
doped layer can be introduced in the silicon just below the 
oxide (typically by ion implantation) to prevent trapping 
of charges. (MIS technology term.) 

buried layer — 1. A layer of very low resistivity, usu- 
ally of n+ material, between the high-resistivity n-type 
collector region and p-type substrate of an integrated- 
circuit transistor. The buried layer tends to reduce the 
series collector resistance of the transistor without hav- 
ing an adverse effect on the breakdown voltage. 2. An 
underlying layer of a silicon IC formed by introducing 
impurities into the silicon, then covering it with addition- 
ally grown silicon. 

buried resistors — Terminating film resistors 
deposited on inner layers of multilayer boards in order 
to reduce conductor lengths. 

burn — See burned-in image. 

burned-in image — Also called burn. An image that 
remains in a fixed position in the output signal of a camera 
tube after the camera has been turned to a different scene. 

burn-in — 1. Operation of a device to stabilize its fail- 
ure rate. 2. The operation of items prior to their ultimate 
application, intended to stabilize their characteristics and 
to identify early failures. 3. Phase of component testing 
in which infant mortality or early failures are screened 
out by running the circuit for a specified length of time 
(such as 168 hours). 4. Subjecting components to a high 
temperature, normally 125°C, for a specified period under 
an electrical power stress (normally 80 percent of rated 
power). The process is designed to accelerate the aging 
of a device beyond the infant mortality life stage. After 
an appropriate burn-in, the devices should have a very 
low failure rate, normally defined by military standards. 
5. Operation of a component, module, or system under 
some increased stress, typically elevated temperature, so 
as to cause failure at the vendor’s rather than at the user’s 
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plant. 6. A test of computer components that runs the 
system for a day or two to detect defective chips. 7. A 
test in which a product, such as a chip, is operated prior 
to its use to detect failures that would otherwise occur in 
about the first six months of the product's life. 

burning — Programming a read-only memory chip. 

burn-in period— The time during which compo- 
nents are operated at predetermined stress conditions prior 
to their installation in the user’s equipment. See early- 
failure period. 

burst— 1. A sudden increase in the strength of a 
signal. 2. The cosmic-ray effect on matter, causing a 
sudden intense ionization that gives rise to great numbers 
of ion pairs at once. 3. A group of events occurring 
together in time. 4. A number of events that occur within 
a short period of time. 5. One of a series of successions of 
bits, frames, or other elements of data, occurring at regular 
intervals. 6. A pulsed rf envelope, generally 2.3 ps (8 
cycles) in duration, that appears on the back porch of the 
horizontal synch pulse. This 3.579545-MHz frequency is 
used te synchronize the television receiver’s regenerated 
subcarrier color oscillator. 7. See color burst. 

burst error— A series of consecutive errors in data 
transmission, 

burst noise—An unwanted signal that is charac- 
terized by an excessively large interfering effect that is 
extended over a relatively short but finite time interval. 

burst pedestal— A rectangular pulselike television 
signal that may be part of the color burst. The amplitude of 
the color-burst pedestal is measured from the alternating- 
current axis of the sine-wave portion of the horizontal 
pedestal. 

burst pressure—The maximum pressure to which 
a device can be subjected without rupturing. 

burst rate — The bit rate during the time of transmis- 
sion from a terminal that transmits TDMA bursts. 

burst separator output— The amplitude of the 
chroma reference burst at the output of the gated burst 
amplifier. 

burst sequence — An arrangement of color-burst 
signais in which the polarity of the burst signal is the 
same at the start of each field so that the stability of color 
synchronization is improved. 

burst transmission — Radio transmission in which 
messages are stored and then released at 10 to 100 or 
more times the normal speed. The received signals are 
recorded and returned to the normal rate for the user. 

bus — 1. The term used to specify an uninsulated con- 
ductor (a bar or wire); may be solid, hollow, square, or 
round. 2. Sometimes used to specify a bus bar. 3. The 
communications path between two switching points. 
4, Wire used to connect two terminals inside an electrical 
unit. A common point for electrical circuits to return. Can 
be bare, tinned, or insulated. 5. A power line that provides 
power to a large number of circuits. In computing, a bus is 
a group of wires that conveys information to a large num- 
ber of devices. The information may be data, commands, 
or addresses, or all three in sequence. All the devices in 
the system are connected to the bus. Each device con- 
tinually listens for a command addressed te it. Only one 
device is allowed to transmit over the bus at once. Bus- 
oriented systems are flexible and easy to expand. 6. A cir- 
cuit over which data or power is transmitted or received. 
7. A power or signal line used in common by several parts 
of a computer. 8. A signal path to which a number of 
inputs may be connected for feed to one or more outputs. 
9. A group of conductors considered as a single entity that 
interconnects various parts of a system, e.g., data bus or 
address bus. 10. Usually a group of wires over which dig- 
ital information is transmitted from one of several sources 
to one of several destinations. Commonly found in digital 
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systems. 11. A group of wires that allows memory, CPU, 
and VO devices to exchange words. 12. A connective 
link between multiple processing sites (colocated only), 
where any of the processing sites can transmit to any 
other, but only one way at a time. 13. A mechanical. 
logical, and electrical interconnection scheme for mod- 
ular microcomputer circuit elements; provides a common 
path for data, address, and control information between 
those modular elements. 14. A group of conductors that 
provide time-shared communication paths for the trans- 
mission of information between equipment units. 15. A 
common pathway or channel between hardware devices. 
Can be serial (information travels one bit at a time) or 
parallel (information travels in groups of bits moving 
simultaneously along multiple parallel paths). 16. A data 
path shared by many devices (e.g., multipoint line) with 
one or more conductors for transmitting signals, data, or 
power. 17. The physical channel over which electric sig- 
nals are transferred between the components of a system. 
along with the protocol rules governing the transfer. 

bus analyzer—-1. A tool that captures the bus sig- 
nals at a given instant for later analysis. 2. An instrument 
that analyzes digital data on the bus lines of a micropro- 
cessor. 

bus architecture—A data-communications struc- 
ture that consists of a common connection among 2 num- 
ber of printer/plotter modules. 

busback — The connection, by a common carrier, of 
the output portion of a circuit back to the input portion 
of a circuit. See also loopback test. 

bus bar— 1. A heavy copper strap or bar used to 
carry high currents or to make a common connection 
between several circuits. 2. A heavy copper (or other 
metal such as aluminum) strip or bar used on switch- 
boards and in power plants to carry heavy currents. 
3. Interconnection device that distributes power from 
remote power supplies to cabinets or drawers, across 
connector backpanels, and on PC boards. These flat, rect- 
angular components frequently consist of two or more 
conductor layers electrically insulated from one another 
and from other components by thin dielectric iayers. Usu- 
ally, conductor layers are bonded or laminated together 
to provide a rigid, mechanically and electrically stable 
package that is mounted with screws, clamps, or foam 
adhesive. Bus bars mounted on PC boards are typically 
soldered in place along with other components that are to 
be mounted on the boards, 

bus driver— 1. An integrated circuit that is added 
to the data bus system in a computer to facilitate proper 
drive to the CPU when several memories are tied to the 
data bus line. Drivers are necessary because of capacitive 
loading, which slows down the data rate and prevents 
proper time sequencing of microprocessor operation. 2. A 
buffering device that increases the driving capability of a 
microprocessor that itself may be capable of driving no 
more than a single TTL load. 3. A circuit that amplifies 
a bus data or control signal sufficiently to ensure valid 
reception of that signal at the destination. 

bushing — A mechanical device used as a lining for 
an opening to prevent abrasion to wire and cabie. Also 
used as a low-cost method of insulating, anchoring, cush- 
ioning, and positioning. Usually a nonmetallic material is 
preferred, 

business data processing— 1. Automatic data 
processing used in accounting or management. 2. Data 
processing for business purposes, such as recording and 
summarizing the financial transactions of a business. 

business machine — Customer-provided equipment 
that is connected to the communications services of a 
common carrier for the purpose of data movement. 

busing — The joining of two cr more circuits together. 
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bus master —-Tn a bus structure, in which control of 
data transfers on the bus is shared between the central 
processor and associated peripheral devices, the term bus 
master refers to the device controlling the current bus 
transaction. 

bus organization — The manner in which many 
circuits are connected to common input and output lines 
(buses). 

bus reactor—.A current-limiting reactor connected 
between two different buses or two sections of the 
same bus for the purpose of limiting and localizing the 
disturbance due to a fault on either bus. 

bus slave — In a bus structure, in which control of 
data transfers on the bus is shared between the central 
processor and associated peripheral devices, the device 
currently receiving or transmitting data from or to the 
bus master is referred to as the bus slave. 

bus system — A network of paths inside a micropro- 
cessor that facilitates data flow, The important buses in 
a microprocessor are identified as data bus, address bus, 
and control bus. 

bust this —Phrase used instead of a normal message 
ending to indicate that the entire message, including 
heading, is to be disregarded. 

busy test— In telephony, a test to find out whether 
certain facilities that may be desired, such as a subscriber 
line or a trunk, are available for use. 

busy tone — Interrupted low tone returned to the 
calling party to indicate that the called line is busy. 

Butler antenna — An array antenna in which hybrid 
junctions are incorporated into the feed system to obtain 
a plurality of independent beams. 

Butler oscillator — A two-tube (or transistor) crystal- 
controlled oscillator in which the crystal forms the positive 
feedback path when excited in its series-resonant mode. 

butt connector — See butt contact, 

butt contact—A hemispherically shaped contact 
designed to mate end to end without overlap, with axes 
aligned, against a similarly shaped contact. When properly 
aligned, the two convex surfaces form a reasonably good 
surface-to-surface contact, usually under spring pressure, 
with the ends designed to provide optimum surface 
contact. 

butterfly capacitor — See butterfly resonator. 

butterfly circuit —Frequency-determining element 
having no sliding contacts and providing simultaneous 
change of both inductance and capacitance. It is used 
to replace conventional tuning capacitors and coils in 
ultrahigh-frequency oscillator circuits. The rotor of the 
device resembles the opened wings of a butterfly. 

butterfly resonator — Also called butterfly capaci- 
tor. A tuning device that combines both inductance and 
capacitance in such a manner that it exhibits resonant 
propertics at very high and ultrahigh frequencies (charac- 
terized by a high tuning ratio and Q). So called because 
the shape of the rotor resembles the opened wings of a 
butterfly. 

Butterworth filter— A filter network that exhibits 
the flattest possible response in the passband. The 
response is monotonic, rolling off smoothly into the stop- 
band, where it approaches a constant slope of 6 dB/octave. 

Butterworth function—A mathematical function 
used in designing a filter for maximally constant ampli- 
tude response with little consideration for time delay or 
phase response. 

butt joint — 1. A splice or other connection formed by 
placing the ends of two conductors together and joining 
them by welding, brazing, or soldering. 2. A connection 
between two waveguides that maintains electrical conti- 
nuity by providing physical contact between the ends. 
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button— 1. The metal container in which the carbon 
granules of a carbon microphone are held. 2. Also called 
dot. A piece of metal used for alloying onto the base wafer 
in making alloy transistors. 

button capacitor — A fixed button-shaped ceramic 
or silvered-mica capacitor that, because of its disk shape 
and mode of terrninal connection, offers very low internal 
inductance. 

button-hook contact— A contact with a curved, 
hooklike termination, often located at the rear of hermetic 
headers to facilitate soldering or desoldering of leads. 

buttonhook feed—A rod shaped like a question 
mark supporting the feedhorn and LNA. A buttonhook 
feed for use with commercial-grade antennas is often a 
hollow waveguide that directs signals from a feedhorn to 
an LNA behind the antenna. 

buttons — In a computer, objects that, when clicked 
once, cause something to happen. 

button silver-mica capacitor—A_ stack of 
silvered-mica sheets encased in a silver-plated brass 
housing. The high-potential terminal is connected through 
the center of the stack. The other capacitor terminal is 
formed by the metal shell, which connects at all points 
around the outer edge of the electrodes. This design 
permits the current to fan out in a 360* pattern from the 
center terminal, providing the shortest possible electrical 
path between the center terminal and chassis. The internal 
series inductance is thus kept small. 

button stem — See also pressed stem. In a vacuum 
tube, the glass base onto which the mount structure is 
assembled. The pins may be sealed into the glass; if so, 
no base is needed. In some large tubes, the stiff wires are 
passed directly into the base pins to give added strength. 

button up — To close or completely seal any operat- 
ing device. 

butt splice—A device for joining two conductors 
placed end to end with their axes in line (that is, 
conductors not overlapping). 

buzzer—-A signaling device in which an armature 
vibrates to produce a raucous, nonresonant sound. 

BVego—The reverse-breakdown voltage of the 
emitter-to-base junction of a transistor with the collector 
open-circuited. 

BWG — Abbreviation for Birmingham wire gage. 

BX cable — Insulated wires enclosed in flexible metal 
tubing or flexible spiral metal armor used in electrical 
wiring. 
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bypass — 1. A shunt (parallel) path around one or 
more elements of a circuit. 2. A secondary channel that 
permits routing of data in a computer sample around the 
data compressor, regardless of the value of the sample, at 
intervals determined by the operator. 

bypass capacitor — A capacitor used for providing 
a comparatively low-impedance ac path around a circuit 
element. 

bypass filter — A filter providing a low-attenuation 
path around some other circuit or equipment. 

bypassing — Reducing high-frequency current in a 
high-impedance path by shunting that path with a bypass 
element (usually a capacitor). 
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B-Y signal —One of the three color-difference sig- 
nals in color television. The B-Y signal forms a blue pri- 
mary signal for the picture tube when combined — either 
inside or outside the picture tube — with a luminance, or 
Y, signal. 

byte — 1. A single group of bits processed together (in 
parallel), usually 8 bits. 2. A sequence of adjacent binary 
digits, usually shorter than a word, operated on as a unit. 
3. The number of bits that a computer processes as a unit. 
This may be equal to or less than the number of bits in 
a word. For example, both an 8-bit and a 16-bit length 
computer may process data in 8-bit bytes. 4. The smallest 
addressable unit of main storage in a computer system. 
The byte consists of 8 data bits. 5. A byte is universally 
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used to represent a character. Microcomputer instructions 
require one, two, or three bytes. A word may be one 
byte long. One byte has two nibbles. Computers and 
microprocessors work with words of 4, 8, 12, 16, 24, or 
32 bits. 6. A set of bits that represents a single character. 
Usually there are 8 or 10 bits in a byte, depending on 
how the measurement is being made. 7. A unit of data 
equal to 8 bits, and hence capable of storing any one of 
2° — 256 distinct values. 

byte-multiplexer channel— A channel that inter- 
leaves bytes of data from different sources. Contrast with 
selector channel. 

byte-serial— A sequence of bit-paralle] data bytes 
used to carry information over a common bus. 


C— 1. Symbol for capacitor, capacitance, carbon, 
coulomb, centigrade or Celsius, transistor collector, and 
(when lowercase) velocity of light. 2. A general-purpose 
programming language developed in the 1970s by Dennis 
Ritchie of AT&T, Bell Labs. Its generality, machine inde- 
pendence, and efficiency have made C popular for many 
application areas. The UNIX operating system is written 
in C, and the close linking of UNIX and C has made C 
the de facto standard language in engineering software 
development. 

C— (C minus) —The negative terminal of a C 
battery, or the negative polarity of other sources of grid- 
bias voltage. Used to denote the terminal to which the 
negative side of a grid-bias voltage source should be 
connected. 

C+ (C plus) — Positive terminal of a C battery, or 
the positive polarity of other sources of grid-bias voltage. 
The terminal to which the positive side of the grid-bias 
voltage source should be connected. 

C? system — Abbreviation for command and control 
system. 

C? — Abbreviation for command, control, and commu- 
nications. 

CI— Abbreviation for command, control, communi- 
cations, and intelligence. Includes computers, displays, 
communications equipment, and other supporting devices 
that provide the means for communications as well as 
intelligence-gathering capability at all levels of military 
command. 

C°L— Abbreviation for complementary contact-cur- 
rent logic. 

C* — Abbreviation for command, control, communica- 
tions, and computer. 

cabinet— 1. A protective housing for electrical or 
electronic equipment. 2. An enclosure for mounting 
equipment. If fabricated of steel, the cabinet helps attenu- 
ate electrostatic and electromagnetic radiation noise inter- 
ference. 

cable —1. An assembly of one or more conductors, 
usually within a protective sheath, so arranged that the 
conductors can be used separately or in groups. 2. A 
stranded conductor (single-conductor cable) or a combina- 
tion of conductors insulated from one another (multiple- 
conductor cable). 3. Jacketed combination of fiber bun- 
dles with cladding and strength-reinforcing components. 
4. An assembly of insulated conductors into a compact 
form that is covered by a flexible, waterproof protective 
covering. 

cable armor— In cable construction, a layer of steel 
wire or tape, or other extra-strength material, used to 
reinforce the lead wall. 

cable assembly — A cable with plugs or connectors 
on each end for a specific purpose. It may be formed in 
various configurations. 
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cable attenuation — Reduction of signal intensity 
along a cable, usually expressed in decibels per foot, 
hundred feet, kilometer, mile, etc. 

cable clamp—-A device used to give mechanical 
support to the wire bundle or cable at the rear of a plug 
or receptacle. 

cable complement — A group of cable pairs that 
have some common distinguishing characteristic. 

cable core — That portion of an insulated cable lying 
under the protective covering or jacket. 

cable coupler— A device used to join lengths of 
similar or dissimilar cable having the same electrical 
characteristics. 

cable fill — The ratio of the number of pairs in use to 
the total number of pairs in a cable. 

cable filler— Material used in multiple-conductor 
cables to occupy the spaces between the insulated con- 
ductors. 

cable messenger — A stranded cable supported at 
intervals by poles or other structures and employed to 
furnish frequency points of support for conductors or 
cables. 

cable modem— aA device that enables a user to 
connect a computer to existing cable TV networks at 
Ethernet speeds and access Internet and/or online services. 
This device can be much faster than a telephone modem, 
operating at 14.4 kbs, 28.8 kbs, or higher. 

cable Morse code—A three-element code used 
mainly in submarine-cable telegraphy. Dots and dashes 
are represented by positive and negative current impulses 
of equal length, and a space by the absence of 
current. 

cable-ready television — A television receiver that 
can receive unscrambled cable television without the use 
of a converter. 

cable run— The path occupied by a cable on cable 
racks or other support from one termination to another. 

cable sheath—A protective covering of rubber, 
neoprene, resin, or lead over a wire or cable core. 

cable splice —A connection between two or more 
separate lengths of cable. The conductors in one length are 
individually connected to conductors in the other length, 
and the protecting sheaths are so connected that protection 
is extended over the joint. 

cable terminal— A means of electrically connecting 
a predetermined number of cable conductors in such a 
way that they can be individually selected and extended 
by conductors outside the cable. 

cable TV — 1. Television system in which programs 
are received by a local central antenna and distributed 
by cable to individual homes. The term does not 
apply to a system serving fewer than 50 subscribers or 
serving only subscribers in one or more multiple-unit 
buildings under common ownership, control, or man- 
agement. 2. Linking a TV set via cable to a system 
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Tools for Soldering 


An activity that is practiced frequently in many electronics labs is soldering. If you haven't learned how 
to solder yet, you are strongly encouraged to do so. Here's a handy setup for soldering, sitting in one 
corner of the newly refurbished workbench. See Figure 5-8. 
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Figure 5-8. A temperature-controlled soldering station with a stand for the soldering iron, a water bottle to 
wet the tip-wiping sponge, and some different kinds of solder. Some people prefer to have the soldering 
station nearer to the front edge of the table. Use whatever configuation makes the most sense in your lab. 


Caution Soldering irons are hot and can cause serious burns. Do not place a soldering iron where you might 
accidentally knock it off the work table or brush against it. 
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operator that, for a monthly fee, provides the viewer 
with typically 30 to 73 or more channels of program- 
ming. 3. A system for distributing television program- 
ming by a cable network rather than by electromagnetic 
radiation. 

cable vault—A vault in which the outside plant 
cables are spliced to the tipping cables. 

cabling — 1. The assembly of wire bundles extended 
from one physical structure to another to interconnect 
the circuits within structures. Cabling differs from wire 
jumpers in that it is understood to be external to the 
physica! structures and may include tubing sheaths, zipper 
tubing, or rubber jackets. 2. Twisting together two or more 
insulated conductors by machine to forma cable. This also 
is a term loosely applied to bundling wires together, such 
as in the forming of wire harnesses. 3, In fiber optics, a 
method by which a group of fibers or bundle of fibers is 
mechanically assembled. 

cache — 1. A small, fast memory built into a pro- 
cessor to give faster access to the data and instructions 
that a program uses repeatedly (also called cache mem- 
ory, buffer storage). 2. A small, fast storage area inter- 
posed between the main memory and CPU to improve 
memory-transfer rates and processor efficiency. The name 
is derived from the fact that the memory is hidden 
from or transparent to the programmer. 3. A storage 
area for frequently accessed information. Retrieval of the 
information is faster from the cache than the original 
source. There are many types of cache, including RAM 
cache, secondary cache, disk cache, and cache memory, 
to name a few. 4. In a computer system, a small but 
very high-speed memory buffer situated between the pro- 
cessor and main memory. It operates on the principle 
that certain memory locations tend to be accessed very 
often (normally for reads). Thus, when a main memory 
location is read, it is stored in the cache at the same 
time. 

cache memory—i.A high-speed, low-capacity 
computer memory similar to a scratch-pad memory except 
that it has a larger capacity. 2. The fastest portion of the 
overall memory, which stores only the data that the com- 
puter may need in the immediate future. 3. A high-speed 
buffer memory used between the central processor and 
main memory. The cache is filled at medium speed from 
the main memory. Instructions and programs can operate 
at higher speed if found in the cache. If not found, a new 
segment is loaded. The cache contains the instruction or 
sequence of instructions most likely to be executed next. 
4, A special, extra-fast part of RAM in which frequently 
accessed information is stored. Same as memory cache 
and RAM cache. 5. See cache. 6. A fast random-access 
memory system designed to store the most frequently 
accessed data in RAM. 

cactus needle — A phonograph needle made from 
the thorn of a cactus plant. 

CAD — Abbreviation for computer-aided design. 
1. Use of a computer to aid in the design of complex 
MSI or LSI circuit arrays. CAD is especially useful for 
custom IC fabrication. 2. Man/computer interactions for 
the design and testing of customer MSI/LSI arrays and 
other complex engineering designs in a reasonable time 
frame. 3. Any system or process using a computer to 
aid in the creation or modification of a design. 4, High- 
performance design workstations that enable designers 
to manipulate parts diagrams and simulate operations, 
among other things. Can be linked to computer-aided 
manufacturing systems. 

CADAM — Computer-augmented design and manu- 
facturing system for design and analysis functions, devel- 
oped by Lockheed for the aerospace industry and licensed 
by IBM. 
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CAD/CAM — Computer-aided design/computer-aided 
manufacturing. Two highly specialized technical applica- 
tions of a computer to improve the productivity of the 
engineer. 

cadmium — A metallic element widely used for plat- 
ing steel hardware or chassis to improve its appearance 
and solderability and to prevent corrosion. It is also used 
in the manufacture of photocells. 

cadmium cell—A standard cell used as a voltage 
reference; at 20°C its voltage is 1.0186 volts. 

cadmium selenide photoconductive cell —A 
photoconductive cell that uses cadmium selenide as the 
semiconductor material. It has a fast response time and 
high sensitivity to longer light wavelengths, such as those 
emitted by incandescent lamps and some infrared light 
sources. 

cadmium sulfide ceil— See cadmium sulfide pho- 
toconductive cell. 

cadmium sulfide photoconductive cell—A 
photoconductive cell in which a small wafer of cadmium 
sulfide is used to provide an extremely high dark-light 
resistance ratio. Some of the cells can be used directly 
as a light-controlled switch operated from the 120-volt ac 
power line. 

CAE — Abbreviation for computer-aided engineering. 
The use of general-purpose computers and special appli- 
cation software to automate routine, iterative hardware 
engineering tasks. 

cage—1.A completely shielded enclosure. 2. A 
screened room that is covered with a grounded fine-mesh 
conductive screen on all sides to allow measurements 
within the cage without any influence or interference from 
extraneous signals. 

cage antenna— An antenna comprising a number 
of wires connected in parallel and arranged in the form 
of a cage. This arrangement reduces the copper losses and 
increases the effective capacity. 


Cage antenna. 


calculating — Computing a result by multiplication, 
division, addition, or subtraction or by a combination of 
these operations. A data-processing function. 

calculating punch — A punchec-card machine that 
reads data from a group of cards and punches new data 
in the same or other cards. 

calculator — 1. A device capable of performing arith- 
metic. 2. A calculator as in definition 1 that requires fre- 
quent manual intervention. 3. Generally and historically, 
a device for carrying out logical and arithmetical digital 
operations of any kind. 

calculator mode — Also called fast answerback. An 
interactive computer system that has a mode which allows 
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the terminal to be used like a desk calculator. The user 
types an expression, and the computer evaluates it and 
returns the answer immediately. 

calendar age — Age of an item or object measured 
in terms of time elapsed since it was manufactured. 

calendar life — That period of time, expressed in 
days, months, or years, during which an item may remain 
installed and in operation, but at the end of which the item 
should be removed and returned for repair, overhaul, or 
other maintenance. 

calibrate — To ascertain, by measurement or by com- 
parison with a standard, any variations in the readings of 
another instrument, or to correct the readings. 

calibrated triggered sweep—-In a cathode-ray 
oscilloscope, a sweep that occurs only when initiated by 
a pulse and that moves horizontally at a known rate. 

calibration — 1. The process of comparing an instru- 
ment or device with a standard to determine its accuracy 
or to devise a corrected scale. 2. Taking measurements 
of various parts of electronic equipment to determine the 
performance level of the equipment and whether it con- 
forms to technical order specifications. 3. Comparison of 
the performance of an item of test and measuring equip- 
ment with a reference standard traceable to the National 
Bureau of Standards or some other authoritative source 
or specification. 4. A test during which known values of 
measure are applied to a transducer, and its corresponding 
output readings are recorded. 

calibration accuracy —Finite degree to which a 
device can be calibrated (influenced by sensitivity, res- 
olution, and reproducibility of the device itself and the 
calibrating equipment). Expressed as a percentage of full 
scale. 

calibration curve —A smooth curve connecting a 
series of calibration points. 

calibration marker—On the screen of a radar 
indicator, the markings that divide the range scale into 
accurate intervals for range determination or checking 
against mechanical indicating dials, scales, or counters. 

call —1. A transmission made for the purpose of 
identifying the transmitting station and the station for 
which the transmission is intended. 2. To transfer control 
to a specified closed subroutine. 3. In communication, the 
action performed by the calling party, or the operations 
necessary in making a call, or the effective use made of 
a connection between two stations. 

call accounting—Daily and monthly accounting 
reports for individual callers and for hierarchical group- 
ings of callers in a communication system. 

call announcer — Device for accepting pulses from 
an automatic telephone office and reproducing the corre- 
sponding number with speechlike sounds. 

callback device — A device on the receiving end of 
a communications network that assures the authenticity 
of the sender by calling the sender back. 

call circuit—A communication circuit between 
switching points used by traffic forces for transmitting 
switching instructions. 

call diverter — A device that intercepts a call directed 
to a telephone subscriber and diverts it to another number. 

caller ID—A telephone company service that pro- 
vides the name and number of the caller from the phone 
company’s information network. A caller ID device trans- 
lates that data into usable form by displaying it on a 
screen. If works on standard telephones only. 

call forwarding — A service available in some dial 
offices whereby a subscriber can have calls to his or 
her number forwarded to another phone by dialing the 
forwarding number to the equipment. All incoming calls 
are then forwarded automatically. The forwarding can 
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be discontinued at will, by command from the base 
telephone. 

calligraphic display— Also known as a vector 
stroke or vector refresh. A refresh graphic system that 
draws the picture on the screen vector by vector. The 
monitor is driven by X and Y signals that control the 
beam’s position for drawing. A vector list is continu- 
ally processed and converted to the analog X and Y 
signals. The rate at which the picture is refreshed need 
not be synchronized to the ac line. Calligraphic dis- 
plays draw smooth and very high-resolution lines. Since 
the display is refreshed from a vector list, any changes 
in this list immediately appear on the screen, creating 
dynamic displays. The main disadvantage is that increas- 
ingly complex pictures take longer to refresh, causing 
flicker. 

call in— To transfer control of a digital computer 
temporarily from a main routine to a subroutine, which is 
inserted in the sequence of calculating operations to fulfill 
a subsidiary purpose. 

call indicator— Device for accepting pulses from 
an automatic switching system and displaying the cor- 
responding called number before an operator. 

calling device — Apparatus that generates the pulses 
used to control the establishment of connections in an 
automatic telephone switching system. 

calling mode—The ability to originate and/or 
answer on the dial-up network. A central-site modem 
normally has auto-call capability, meaning it can automat- 
ically dial a specific number through an automatic calling 
unit. 

calling party control — See CPC. 

calling sequence —In a computer, a sequence of 
instructions required to enter a subroutine. It may contain 
information required by the subroutine. 

call letters—A series of government-assigned let- 
ters, or letters and numbers, that identify a transmitting 
station. 

call number — In computer operations, a set of char- 
acters that identifies a subroutine and contains information 
with respect to parameters to be inserted in the subroutine 
or information related to the operands. 

call-setup time — The overall length of time required 
to establish a switched call between pieces of data-terminal 
equipment. 

call sign—1. Any combination of characters or 
pronounceable words that identifies a communication 
facility, a command, an authority, an activity, or a 
unit; used primarily for establishing and maintaining 
communications, 2. The station identification assigned to 
a licensee by the FCC. 

call word — A call number that is exactly the size of 
one machine word. 

calomel electrode— An electrode consisting of 
mercury in contact with a solution of potassium chloride 
saturated with mercurous chloride (calomel). See also 
glass electrode. 

calorimeter — An apparatus for measuring quantities 
of heat. Used to measure microwave power in terms of 
heat generated. 

calorimeter system — A precision rf watt-meter as 
well as an efficient dummy load able to absorb energy 
at any frequency band. It can absorb and measure any 
level of microwave energy, and functions by circulating 
a known amount of liquid through a suitably designed 
low VSWR load. The load is located in a waveguide or 
coaxial section that mates to the terminal of the rf energy 
source being measured or absorbed. 

CAM — Abbreviation for content addressable mem- 
ory. 1. A computer memory in which information is 
retrieved by addressing the content (the data actually 
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stored in the memory) rather than by selecting a physical 
location. See also associative storage. 2. Abbreviation for 
computer-aided manufacturing. The use of computer tech- 
nology in manufacturing processes. lt includes numerical 
and programmable controls, factory information manage- 
ment, robot controls, materials handling, and storage-and- 
retrieval systems. 

cam actuator— An electromechanical device in 
which a switch is closed when the high spot of a rotating 
cam, or eccentric, is in a certain position. 

camera — See television camera. 

camera cable — A cable or group of wires that carry 
the picture signal from the television camera to the control 
room. 

camera chain—A television camera, associated 
contro] units, power supplies, monitor, and connecting 
cables necessary to deliver a picture for broadcasting. 

camera signal — The video-output signal of a tele- 
vision camera. 

camera tube — 1. An electron-beam tube in which 
an electron current or charge-density image is formed 
from an optical image and scanned in a predetermined 
sequence to provide an electric signal. 2. The electron- 
beam tube of a television camera that converts an optical 
image into a pattern of electrostatic charges and then scans 
the pattern to produce a corresponding electric signal for 
transmission. 

camera tube target—The storage surface of an 
electron-beam tube that is scanned by an electron beam 
to generate an output signal current corresponding to the 
charge-density pattern stored. 

camp-on— Also called clamp-on. A method of hold- 
ing a call for a line that is already in use and of signaling 
when the line becomes free. 

can—1.A metal shield placed around a tube, coil, 
or transformer to prevent electromagnetic or electrostatic 
interaction. 2. A metal package for enclosing a device, as 
opposed to a plastic or ceramic package. 

Canadian Standards Association — Abbreviated 
CSA. In Canada, a body that issues standards and 
specifications prepared by various voluntary committees 
of government and industry. 

canal ray— Also called positive ray. Streams of 
positive ions that flow from the anode to the cathode in 
an evacuated tube. 

candela — Abbreviated cd. 1. Formerly candle. The 
unit of luminous intensity. The luminous intensity of 
1/60th of 1 square centimeter of projected area of a black- 
body radiator operating at the temperature of solidification 
of platinum (2046 K). Values for standards having other 
spectral distributions are derived by the use of accepted 
spectral luminous efficiency data for photopic vision. 
2. International unit of luminous intensity, also called new 
candle. Prior to 1948, the standard was a specific type of 
candle and was termed candle, candle power, or interna- 
tional candle. 

candela/cm? — Luminance unit called a stilb. 

candle — The unit of luminous intensity. One candle 
is defined as the luminous intensity of 1/60th square 
centimeter of a blackbody radiator operating at the 
solidification temperature of platinum. 

candlepower— |. Luminous intensity expressed in 
terms of standard candles. 2. A measure of the intensity 
of light produced by a source. This standard of measure- 
ment is used in France, Britain, and the United States. 
One candlepower corresponds approximately to the light 
produced in the horizontal direction by an ordinary sperm 
candle weighing six to the pound and burning at the rate 
of 120 gr/br. 3. The luminous intensity of a source of light 
expressed in candelas. 
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candoluminescence— |. A phenomenon that pro- 
duces white light without need for very high temperatures. 
2. The luminescence of an incandescent material. 

canned cycle — The use of preparatory functions on 
a punched tape to initiate a complete machining sequence; 
the need for much repetitive information in the program 
is thereby eliminated. 

cannibalization—A method of maintenance or 
modification in which the required parts are removed from 
one system or assembly for installation on a similar sys- 
tem or assembly. 

cantilever — The rod, or tube, that supports the stylus 
of a phonograph cartridge at its free end, is pivoted at or 
near its other end, and that transfers the stylus motion to 
the generating elements of the cartridge. Usually made of 
aluminum, but beryllium is used in some recent cartridges. 
Also known as the shank. 

cantilevered contact— A spring contact in which 
the contact force is provided by one or more cantilevered 
springs. It permits more uniform contact pressure and is 
used almost exclusively in printed circuit board connec- 
tors. 

capacitance — Abbreviated C. 1. Also called capac- 
ity. In a capacitor or a system of conductors and 
dielectrics, that property which permits the storage of 
electrically separated charges when potential differences 
exist between the conductors. The capacitance of a capac- 
itor is defined as the ratio between the electric charge 
that has been transferred from one electrode to the other 
and the resultant difference in potential between the elec- 
trodes. The value of this ratio is dependent on the mag- 
nitude of the transferred charge. 2. Capacitance opposes 
any change in circuit voltage. A voltage change is delayed 
until the stored charges can be altered through current. 
The unit of capacitance is the farad. 3. The property of 
an electric system — comprised of conductors and asso- 
ciated dielectrics — that determines (a) the displacement 
currents in the system for a given rate of potential differ- 
ence change between the conductors and (+) how much 
electrical charge will be stored in the dielectric for a given 
potential difference between the conductors. 

capacitance alarm system — An alarm system in 
which a protected object is electrically connected as a 
capacitance sensor. The approach of an intruder causes 
sufficient change in capacitance to upset the balance of 
the system and initiate an alarm signal. Also called a 
proximity alarm system. 

capacitance between two conductors — The 
ratio between the charge transferred from one conductor 
to the other and the resultant difference in the potentials 
of the two conductors when insulated from each other and 
from all other conductors. 

capacitance bridge— A four-arm ac bridge for 
measuring capacitance by comparison against a standard 
capacitor. 

capacitance detector — See capacitance sensor. 

capacitance divider — A circuit made up of capac- 
itors and used for measuring the value of a high-voltage 
pulse by making available only a small, known fraction 
of the total pulse voltage for measurement. 


Capacitance divider. 
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capacitance level detector —A device with single 
or multiple probes that operates based on the fact that 
a change in capacitance level causes a change in probe 
capacitance. 

capacitance meter — An instrument for measuring 
capacitance. If the scale is graduated in microfarads, the 
instrument is usually designated a microfaradmeter. 

capacitance-operated intrusion detector — A 
boundary alarm system in which the approach of an 
intruder to an antenna wire encircling the protected area 
(a few feet above ground) changes the antenna-to-ground 
capacitance and thereby sets off the alarm. 

capacitance ratio —The ratio of maximum to 
minimum capacitance, as determined from a capacitance 
characteristic, oyer a specified voltage range. 

capacitance relay — An electronic circuit incorpo- 
rating a relay that responds to a small change in capaci- 
tance, such as that created by bringing the hand or body 
near a pickup wire or plate. 

capacitance sensor— A sensor that responds to a 
change in capacitance in a field containing a protected 
object or in a field within a protected area. Also called 
capacitance detector. 

capacitance switch — A keyboard switch in which 
two pads on the circuit board under each keyswitch 
serve as capacitor plates connected to the drive and sense 
circuits. Depression of the key causes an increase in the 
series capacitance, coupling the two elements and creating 
an analog signal in the sense circuit. 

capacitance tolerance — The maximum percent- 
age deviation from the specified nominal value (at stan- 
dard or stated environmental conditions) specified by the 
manufacturer. 

capacitive coupling — Also called electrostatic 
coupling. The association of two or more circuits with one 
another by means of mutual capacitance between them. 
For example, between stages of an amplifier, that type 
of interconnection that employs a capacitor in the circuit, 
between the plate of one tube and the grid of the follow- 
ing tube or the collector of one transistor and the base of 
the following transistor. 

capacitive diaphragm — A resonant window placed 
in a waveguide to provide the effect of capacitive reactance 
at the frequency being transmitted. 

capacitive-discharge ignition — Also called capa- 
citor-discharge ignition. An electronic ignition system 
used on internal combustion engines lo provide nearly 
constant high voltage regardless of engine speed. A dc- 
to-dc step-up converter charges a capacitor when the dis- 
tributor breaker points are closed; when they are open, 
the capacitor discharges through the ignition coil, thereby 
generating the ignition voltage 

capacitive divider— Two or more capacitors placed 
in series across a source, making available a portion of 
the source voltage across each capacitor. The voltage 
across each capacitor will be inversely proportional to 
its capacitance. 

capacitive feedback—The process of returning 
part of the energy in the plate or output circuit of a vacuum 
tube to the grid, or input, circuit by means of a capacitance 
common lo both circuits. 

capacitive load— A predominantly capacitive load, 
that is, one in which the current leads the voltage. 

capacitive post— A metal post or screw extending 
at right angles to the E field in a waveguide. It provides 
Capacitive susceptance in parallel with the waveguide for 
purposes of tuning or matching. 

capacitive reactance —Symbolized by Xç. The 
impedance a capacitor offers to ac or pulsating dc. 
Measured in ohms and equal to 1/27 fC, where f is in 
hertz and C is in farads. 


capacitive speaker — See electrostatic speaker. 

capacitive storage welding — A particular type 
of resistance welding whereby the energy is stored in 
banks of capacitors, which are then discharged through 
the primary of the welding transformer. The secondary 
current generates enough heat to produce the weld. 

capacitive transduction — Conversion of the mea- 
surand into a change in capacitance. 

capacitive tuning — Tuning by means of a variable 
Capacitor. 

capacitive voltage divider—A combination of 
capacitors connected in series to form a capacitive voltage 
dividing device for application with ac voltages. 

capacitive welding — An electronic welding system 
in which energy stored in a capacitor is discharged 
through the joint to be welded. The resulting current 
develops the heat necessary for the operation. 

capacitive window — A conductive diaphragm ex- 
tended into a waveguide from one or both sidewalls to 
introduce the effect of capacitive susceptance in parallel 
with the waveguide. 

capacitivity — See dielectric constant. 

capacitor — 1. A device consisting essentially of two 
conducting surfaces separated by an insulating material 
or dielectric such as air, paper, mica, glass, plastic 
film, or oil. A capacitor stores electrical energy, blocks 
the flow of direct current, and permits the flow of 
alternating current to a degree dependent essentially on 
the capacitance and the frequency. 2. An electrical energy 
storage device used in the electronics industry for varied 
applications, notably as elements of resonant circuits, 
in coupling and bypass application, blockage of dc 
current, as frequency determining and timing elements, as 
filters and delay-line components, and in voltage transient 
suppression. 
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capacitor antenna— Also called condenser an- 
tenna. Án antenna that consists of two conductors or 
systems of conductors and the essential characteristic of 
which is its capacitance. 

capacitor bank — A number of capacitors connected 
together in series, parallel, or in series-parallel. 

capacitor braking — A means of stopping an induc- 
tion motor. The capacitor or capacitors can be applied to 
the winding after shut-off. 

capacitor color code — Color dots or bands placed 
on capacitors to indicate one or more of the following: 
capacitance, capacitance tolerance, voltage rating, temper- 
ature coefficient, and the outside foil (on paper or film 
capacitors). 

capacitor-discharge ignition—See capacitive- 
discharge ignition. 
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capacitor discharge system — An ignition system 
that stores its primary energy in a capacitor. 

capacitor electrolyte — A current-conducting mate- 
rial (nonsojid or solid) serving as the cathode in an elec- 
trolytic capacitor. 

capacitor filtering— A method for improving the 
form factor of a direct current by means of a parallel 
capacitor. Also, a means for increasing the magnitude of 
a rectified voltage. 

capacitor-input filter—A power-supply filter in 
which a capacitor is connected directly across, or in 
parallel with, the rectifier output. 


Capacitor-input filter. 


capacitor losses — The active power dissipated by 
a capacitor. 

capacitor microphone — See electrostatic micro- 
phone. 

capacitor motor— A single-phase induction motor 
with the mean winding arranged for direct connection 
to the power source, together with an auxiliary winding 
connected in series with a capacitor. 

capacitor pickup—A phonograph pickup that 
depends for its operation on the variation of its electrical 
capacitance. 

capacitor-run motor—A single-phase induction 
motor using a capacitor in series with a second pri- 
mary winding displaced 90° from the first. This winding 
remains in the circuit full time, converting the machine 
to polyphase operation. 

capacitor series resistance—An equivalent 
resistance in series with a pure capacitance that gives the 
same resultant losses as the actual capacitor. The equiv- 
alent circuit does not represent the variation in capacitor 
losses with frequency. 

capacitor speaker — See electrostatic speaker. 

capacitor-start motor— 1. An ac split-phase in- 
duction motor in which a capacitor is connected in series 
with an auxiliary winding to provide a means of starting. 
The auxiliary circuit opens when the motor reaches a 
predetermined speed. 2. A type of motor that provides 
greater starting torque for a split-phase induction motor by 
connecting a capacitor in series with the auxiliary starting 
winding to provide a leading current vector of 90°, which 
momentarily converts the motor to a polyphase induction 
motor. 

capacitor voltage —The voltage across the termi- 
nals of a. 

capacity — 1. The current-output capability of a cell 
or battery a period of time. Usually expressed in ampere- 
hours (amp-hr). 2. Capacitance. 3. The limits, both upper 
and lower, of the items or numbers that may be processed 
in a computer register, in the accumulator. When quanti- 
ties exceed the capacity, a computer interrupt develops 
and requires special handling. 4. The total quantity of 
data that a part of a computer can hold or handle, usually 
expressed as words per unit of time. 5. The capability of a 
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specific system to store data, accept transactions, process 
data, and generate reports. 6. In a calculator, the maxi- 
mum number of digits that can be entered as one factor 
or obtained in a result. In most machines, the capacity 
is equivalent to the number of digits in the display. In 
a few machines, it is larger than the number of digits in 
the display and the flip-flop key is used to show the full 
result. 7. The maximum number of bits that a system can 
process, or transmit, per second; e.g., C = H/T, where T 
is time required for the processing or transmission and H 
is information content in bits. 

capillary tool—aA tool used in bonding; the wire 
is fed to the bonding surface of the tool through a bore 
located along the long axis of the tool. 

capstan — 1. The driven spindle or shaft in a tape 
recorder — sometimes the motor shaft itself — that rotates 
against the tape (which is backed up by a rubber pressure 
or pinch roller), pulling it through the machine at a 
constant speed during recording and playback modes 
of operation. The rotational speed and diameter of the 
capstan thus determine the tape speed. 2. A revolving 
shaft or flangeless pulley that drives the tape by squeezing 
it against a pinch roller, and that controis the rate at which 
tape passes over the heads of the tape recorder or deck. 
3. A rotating shaft that 1s connected to the motor in a tape 
recorder. It moves the tape at constant speed across the 
heads. The tape is pressed against the capstan by a pinch 
roller. 

capstan idler— See pressure roller. 

captive screw — Screw-type fastener that is retained 
when unscrewed and cannot easily be separated from the 
part it secured. 

capture area — The area of the antenna elements that 
intercept radio signals. 

capture bandwidth—The frequency range over 
which an unlocked, free-running oscillator can be brought 
into lock by either phase- or injection-locking techniques. 

capture effect — 1. The selection of the stronger of 
two frequency-modulated signals of the same frequency, 
with the complete rejection of the weaker signal. If both 
signals are of equal strength, both may be accepted and 
no intelligible signal will result. 2. An effect occurring 
in a transducer (usually a demodulator) whereby the 
input wave having the largest magnitude controls the 
output. 

capture range—The range of frequencies over 
which a phase-locked loop can detect a signal cn the input 
and respond to it. This is sometimes calied the lock-in 
range. See acquisition range. 

capture ratio—1. The ability of a tuner to reject 
unwanted FM stations and interference on the same 
frequency as a desired one, measured in dB. The lower 
the figure, the better the performance of the tuner. 2. The 
power ratio of two signals in the same channel required 
to keep the signal/interference ratio to a value of 30 dB 
referred to 100-percent modulation and 1-mY input signal 
level. The ratio of the powers of the two input signals 
is expressed in decibels; the smaller the dB number the 
better the capture ratio. Topflight tuners have a value 
as low as 1 dB, but 4.5 dB is usually sufficient. 3. A 
measure of an FM tuner’s ability to discriminate against 
weaker signals arriving on the same frequency as the 
desired one. 

carbon— One of the elements, consisting of a non- 
metallic conductive material occurring as graphite, lamp- 
black, diamond, etc. Its resistance is fifty to several hun- 
dred times that of copper and decreases as the temperature 
increases. 

carbon arc— An electric discharge between two 
carbon rods that are touched together to start the arc and 
then separated slightly. The light comes from the heated 
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carbon vapor. High-intensity arcs use cored carbons, the 
core being filled with the oxides of thorium and cerium, 
which radiate brightly when heated. 

carbon brush — A current-carrying brush made of 
carbon, carbon and graphite, or carbon and copper. 

carbon-composition resistor—Hot- or cold- 
molded fixed resistor made from mixtures of granulated 
carbon and ceramic binder. In some versions the compo- 
sition forms a monolithic structure; in others the compo- 
sition is thickly applied to a ceramic core. Hot-molded 
carbon-composition resistors are specified where low- 
cost, reliable resistors with tolerances of +5 and +10 
percent are acceptable. 


SOLID POWDERED CARBON 
RESISTANCE ELEMENT 


EMBEDDED 
LEAD 


P COLOR CODE FOR RESISTANCE 
AND TOLERANCE IDENTIFICATION 


MOLDED BODY 


Carbon-composition resistor. 


carbon-contact pickup—A phonograph pickup 
that depends for its operation on the variation in resistance 
of carbon contacts. 

carbon-film resistor— 1. A resistor formed by 
vacuum-depositing a thin carbon film on a ceramic 
form. 2. Carbon-film resistors are general-purpose, low- 
cost types with axial leads. Specification characteristics 
generally match those of carbon-composition resistors but 
at a lower cost. 

carbonize —To coat with carbon. 

carbonized filament— A thoriated-tungsten fila- 
ment treated with carbon. A layer of tungsten carbide 
formed on the surface slows down the evaporation of the 
active emitting thorium and thus permits higher operating 
temperatures and much greater electron emission. 

carbonized plate— An electron-tube anode that 
has been blackened with carbon to increase its heat 
dissipation. 

carbon microphone — A microphone that depends 
for its operation on the variation in resistance of carbon 
contacts. 

carbon-pile regulator— An arrangement of carbon 
discs whose series resistance decreases as more pressure 
or compression is applied. 

carbon resistor — Also called composition resistor. 
A resistor consisting of carbon particles that are mixed 
with a binder molded into a cylindrical shape, and then 
baked. Terminal leads are attached to opposite ends. 
The resistance of a carbon resistor decreases as the 
temperature increases. 

carbon transfer recording — A type of facsimile 
recording in which carbon particles are deposited on the 
record shect in response to the received signal. 

Carborundum— A compound of carbon and silicon 
used in crystals to rectify or detect radio waves. 

carcinotron—A  voltage-tuined, backward-wave 
oscillator tube used to generate frequencies ranging from 
UHF up to 100 GHz or more. 
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MOLDED PROTECTIVE 
INSULATION 
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CRIMPED TO ELEMENT 


CARBONIZED ROD 
AESISTOA ELEMENT 


Composition type. 


MOLDED PAOTECTIVE ELEMENT 
INSULATION LEAD JOINT 
LEAD 
CARBON FILM 


(ON OR INSIDE GLASS TUBE) 


Deposited-film type. 


Carbon resistor. 


card —Nonpreferred term for printed circuit board. 
See printed circuit board. 

card bed—A mechanical device for holding punch 
cards to be transported past the punching and reading 
stations. 

card code— An arbitrary code in which holes 
punched in a card are assigned numeric or alphabetic val- 
ues. 

card column — One of 20 to 90 single-digit columns 
in a tabulating card. When punched, a column contains 
only one digit, one letter, or one special code. 

card-edge connector—Also called edgeboard 
connector. A connector that mates with printed wiring 
leads running to the edge of a printed circuit board. 

Cardew voltmeter— The earliest type of hot-wire 
instrument. It consisted of a small-diameter platinum- 
silver wire sufficiently long to give a resistance high 
enough to be connected directly across the circuit being 
measured. The wire was looped over pulleys and it 
expanded as current flowed, causing the pointer to 
rotate. 


Cardew voltmeter. 
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card face — The printed side of a punched card if 
only one side is printed. 

card feed — A mechanism that moves punch cards, 
one at a time, into a machine. 

card field —On a punch card, the fixed columns in 
which the same type of information is routinely entered. 

card hopper—-See card stacker. 

cardiac monitor— An instrument that usually has 
an oscilloscope display of the heart wave, and combines 
the features of several cardiac instruments, such as an 
electrocardiograph, cardiotachometer, etc. May also allow 
upper and lower limits to be set and trigger audible and/or 
visual alarms when these limits are exceeded. 

cardiac pacemaker— 1. A device that controls 
the frequency of cardiac contractions. 2. A device that 
stimulates the heart and controls its rhythm by means of 
electrodes placed on the chest wall or implanted under 
the skin. 

cardiac stimulator — Also called a pacemaker. An 
electronic device (sometimes implanted in the patient) that 
supplies electric pulses to stimulate regular heart action. 

card image — |. A representation in storage of the 
holes punched in a card, in such a manner that the holes 
are represented by one binary digit and the unpunched 
spaces are represented by the other binary digit. 2. In 
machine language, a duplication of the data contained in 
a punch card. 

cardiograph — An instrument (or recording of instru- 
ments) for measuring the form or force of heart motion. 

cardioid — 1. A heart-shaped polar response pattern, 
with strong rejection to signals arriving from the rear. 
2. The quasi-heart-shaped sensitivity pattern of most uni- 
directional microphones. Hypercardioid and supercardioid 
microphones have basically similar patterns, but with 
longer, narrower areas of sensitivity at the front and 
slightly increased rear sensitivity. 3. A heart-shaped pat- 
tern that is typical of some directional antennas or micro- 
phones. 


Cardioid 
diagram. 


cardioid microphone — A microphone that has a 
heart-shaped response pattern that gives nearly uniform 
response for a range of about 180° in one direction and a 
minimum response in the opposite direction. 

cardiostimulator— A device used to stimulate the 
heart and/or regulate its beat. See also pacemaker; defib- 
rillator. 

cardiotachometer— A measuring instrument that 
provides a meter reading proportional to the rate at which 
the heart beats. 

card jam— A pile-up of cards in a machine. 

card machine —A machine used to transfer infor- 
mation from or to punched cards. 

card programmed — The capability of being pro- 
grammed by punched cards. 


card face — carrier chrominance signal 


card punch— |. A device to record information in 
cards by punching holes in the cards to represent letters, 
digits, and special characters. 2. Device used in data 
handling systems to enter data on cards according to a 
desired code. 

card reader— 1. A device designed to read infor- 
mation from punched cards and convert each hole into 
an electrical impulse for use in a computer system. 
2. Device used in data handling systems to sense data 
on punched cards via a mechanical or photoelectric tech- 
nique. 3. Equipment that takes a stack of punched cards 
and reads the information on them into the computer’s 
memory or onto magnetic tape or disk for future refer- 
ence. 4. A system that generally uses a photodetector to 
read punched cards for information by sensing the light 
transmitted through the punched holes. 

card row — On a punched card, one of the horizontal 
lines of punching positions. 

card sensing — The process of sensing or reading 
the information in punched cards and converting this 
information, usually into electrical pulses. 

card stacker— A mechanism that stacks cards in a 
pocket or bin after they have passed through a computer. 
Also called card hopper. 

card-to-tape — Having to do with equipment that 
transfers information directly from punched cards to 
punched tape or magnetic tape. 

carillon— A bell tower designed to play from a 
keyboard. In an organ, this may be achieved by tube 
synthesis of bell-like tones struck with felt hammers, or 
completely electronically. 

Carnot theorem — A thermodynamic principle that 
states that a cycle continuously operating between a low 
temperature and a high temperature can be no more 
efficient than a reversible cycle operating between the 
same temperatures. 

carriage tape — See control tape. 

carrier — 1. A wave of constant amplitude, frequency, 
and phase that can be modulated by changing amplitude, 
frequency, or pulse. 2. An entity capable of carrying an 
electric charge through a solid (e.g., holes and conduc- 
tion electrons in semiconductors). 3. A wave that has at 
least one characteristic that can be varied from a known 
reference valuc by a modulation process. 4. That part of 
the modulated wave that corresponds to the unmodulated 
wave in a specified way. 5. A frequency on which a sec- 
ond, information-carrying signal is impressed. 6. Holder 
for electronic parts and devices that facilitates handling 
during processing, production, imprinting, or testing oper- 
ations and protects such parts under transport. 7. An 
analog signal at a fixed amplitude and frequency that 
combines with an information-bearing signal in the mod- 
ulation process to produce an output signa! suitable for 
transmission. 8. A continuous signal modulated with a 
second, information-carrying signal. 

carrier-amplitude regulation —-The change in 
amplitude of the carrier wave in an amplitude-modulated 
transmitter when symmetrical modulation is applied. 

carrier band—In CD-4. discs, the left- or right- 
channel's band that contains musical information recorded 
at very high frequencies (in the 20-45 kilohertz range). 
In playback, the demodulator recovers those frequencies, 
which have been frequency modulated. 

carrier beat— [In facsimile transmission, an unde- 
sirable heterodyne of signals, each synchronous with a 
different stable oscillator, causing a pattern in received 
copy. When one or more of the oscillators 1s fork con- 
trolled, this is called fork beat. 

carrier chrominance signal — in color television, 
sidebands of a modulated chrominance subcarrier, plus 
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any unsuppressed subcarrier, added to the monochrome 
signal to convey color information. 

carrier color signal — In color television, sidebands 
of a modulated chrominance subcarrier, plus the chromi- 
nance subcarrier, if not suppressed, that are added to the 
monochrome signal to convey color information. 

carrier concentration — The number of carriers in 
a cubic centimeter of semiconductor material. 

carrier control—A control by the presence or 
absence of an rf carrier. 

carrier current— 1. The current associated with 
a carrier wave. 2, High-frequency alternating current 
superimposed on ordinary telephone, telegraph, or power- 
line frequencies. The carrier may be tone modulated to 
operate switching relays or transmit data. 

carrier-current communication — The superim- 
posing of a high-frequency alternating current on ordinary 
telephone, telegraph, and power-line frequencies for tele- 
phone communication and control. 

carrier-current control — Remote control in which 
the receiver and transmitter are coupled together through 
power lines. 

carrier-current transmitter — A device that trans- 
mits signals via the standard ac power lines. 

carrier frequency— 1. The frequency (hertz) of 
the wave modulated by the intelligence wave; usually a 
radio frequency (rf). 2. The reciprocal of the period of 
a periodic carrier. 3. The frequency of the unmodulated 
fundamental output from a radio transmitter. 

carrier-frequency interconnection — In the for- 
mation of carrier networks, the transfer of groups of chan- 
nels between terminals of wire-line cable or radio carrier 
systems at carrier frequencies, 

carrier-frequency peak-pulse power— The 
power averaged over that carrier-frequency cycle that 
occurs at the maximum pulse of power (usually half the 
maximum instantaneous power). 

carrier-frequency pulse — A carrier that is ampli- 
tude modulated by a pulse. The amplitude of the modu- 
lated carrier is zero before and after the pulse. 

carrier-frequency range — The continuous range 
of frequencies within which a transmitter may normally 
operate. A transmitter may have more than one carrier- 
frequency range. 

carrier-frequency stereo disc— A stereo disc 
with two laterally cut channels. One channel is cut in 
the usual manner. The second channel is employed to 
frequency modulate a supersonic carrier frequency. The 
playback cartridge delivers the signal for one channel 
plus the carrier frequency containing the other channel. 
The latter must then be demodulated to obtain the second 
channel. 

carrier injection —The process whereby light is 
emitted at the junction of n- and p-type semiconductors 
when an external electric source is applied to drive the 
electrons and the holes into the junction. 

carrier-isolating choke coil — An inductor inserted 
in series with a line on which carrier energy is applied to 
impede the flow of carrier energy beyond that point. 

carrier leak — The carrier-frequency signal remain- 
ing after suppression in a suppressed carrier system. 

carrier level — The strength, expressed in decibels, 
oí an unmodulated carrier signal at a particular point in a 
system. 

carrier lifetime—The time required for excess 
carriers doped into a semiconductor to recombine with 
other carriers of the opposite sign. 

carrier line — A transmission line used for multiple- 
channel carrier communications. 

carrier loading — The insertion of additional lump 
inductance in a cable section of a transmission line 
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utilized for carrier transmission up to about 35 kHz. 
Loading serves to minimize impedance mismatch between 
cable and open wire and to reduce the cable attenuation. 

carrier mobility —The average drift velocity of car- 
riers per unit electric field in a homogeneous semiconduc- 
tor. The mobility of electrons is usually different from that 
of holes. 

carrier noise —Undesired variation of a radio- 
frequency carrier signal in the absence of intended mod- 
ulation. Also called residual modulation. 

carrier noise level —Also called residual modula- 
tion. The noise level produced by undesired variations of 
a radio-frequency signal in the absence of any intended 
modulation. 

carrier on microwave —A means of transmitting 
many voice messages on one microwave radio channel. 
Transmission is point to point by microwave antennas 
mounted on towers or tall buildings. 

carrier on wire— A means widely used by the 
telephone companies to transmit many voice messages 
on a single pair of wires. Circuits involving one or more 
carrier links never evidence dc continuity. 

carrier-operated anti-noise device —-—A device 
whose purpose is to mute the audio output of a receiver 
during standby or intervals of no carrier. 

carrier power— The rf power output of an AM 
transmitter when not modulated. 

carrier power output rating — The power avail- 
able at the output terminals of a transmitter when the 
output terminals are connected to the normal load circuit 
or to a circuit equivalent thereto. 

carrier repeater — An assembly, including an ampli- 
fier (or amplifiers), filters, equalizers, level controls, etc., 
used to raise the carrier signal level to a value suitable for 
traversing a succeeding line section while maintaining an 
adequate signal-to-noise ratio. 

carriers — Entities that carry an electrical charge and 
are also able to move relatively freely through a crystal 
lattice. The two most commonly encountered carriers are 
conduction band electrons, which are negatively charged, 
and valence band holes, which are positively charged. 

carrier shift— 1. The transmission of radio teletype- 
writer messages by shifting the carrier frequency in one 
direction for a marking signal and in the opposite direc- 
tion for a spacing signal]. 2. The condition resulting from 
imperfect modulation, whereby the positive and negative 
excursion of the envelope pattern are unequal, thus effect- 
ing a change in the power associated with the carrier. 

carrier signaling—In a telephone system, the 
method by which ringing, busy signals, or dial-signaling 
relays are operated by the transmission of a carrier- 
frequency tone. 

carrier storage time (of a switching transis- 
tor) — The time interval between the beginning of the 
fall of the pulse applied to the input terminals and the 
beginning of the fall of the pulse generated by charge 
carriers at the output terminals. (The time is generally 
measured between the 90-percent values of the two pulse 
amplitudes.) 

carrier suppression — The method of operation in 
which the carrier wave is not transmitted. 

carrier swing — The total deviation of a frequency- 
or phase-modulated wave from the lowest to the highest 
instantaneous frequency. 

carrier system — A means of obtaining a number of 
channels over a single wideband communication path by 
modulating each channel on a different carrier frequency 
at the originating end and demodulating at the receiving 
point to restore the signals to their original form. 

carrier tap choke coii—aA carrier-isolating choke 
coil inserted in series with a line tap. 
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carrier tap transmission choke coil — An induc- 
tor inserted in series with a line tap to control the amount 
of carrier energy flowing into the tap. 

carrier telegraphy—The form of telegraphy in 
which the transmitted signal is formed by modulating 
the alternating current, under control of the transmitting 
apparatus, before supplying it to the line. 

carrier telephony — Ordinarily applied only to wire 
telephony. That form of telephony in which carrier 
transmission is used, the modulating wave being at an 
audio frequency. 

carrier terminal — Apparatus at one end of a carrier 
transmission system, whereby the processes of modula- 
tion, demodulation, filtering, amplification, and associated 
functions are effected. 

carrier-to-noise ratio (C/N)—1. Ratio of the 
magnitude of the carrier to the magnitude of the noise 
after selection and before any nonlinear process such as 
amplitude limiting and detection. This ratio is expressed 
in many different ways—for example, in terms of peak 
values in the case of impulse noise, and in terms of root- 
mean-square values in ihe case of random noise. 2. The 
ratio of the received carrier power to the noise power in a 
given bandwidth. The C/N is an indicator of how well an 
earth receiving station will perform in a particular location 
and is calculated from satellite power levels, antenna gain, 
and the combined antenna and LNA noise temperature. 

carrier-transfer filter — A group of filters arranged 
to form a carrier-frequency crossover or bridge between 
two transmission circuits. 

carrier transmission — 1. That form of electrical 
transmission in which a single-frequency wave is mod- 
ulated by another wave containing the information. 2. A 
system for transmitting many voice channels over a com- 
mon telephone circuit. 

carrier-type dc amplifier—An amplifier system 
that converts a de input to modulated ac, amplifies, and 
synchronously detects to provide amplifier de output. 

carrier wave — 1. The single-frequency transmitted 
wave that is modulated by another wave containing the 
information. 2. The basic frequency or pulse repetition 
rate of a signal, bearing no intrinsic intelligence until it is 
modulated by another signal that does bear intelligence. A 
carrier may be amplitude, phase, or frequency modulated. 

carry— 1. A signal or expression produced in an 
electronic computer by an arithmetic operation on a one- 
digit place of two or more numbers expressed in positional 
notation and transferred to the next higher place for 
processing there. 2. A signal or expression—as defined 
in (1)— that arises when the sum of two digits in the 
same digit place equals or exceeds the base of the number 
system in use. If a carry into a digit place will result in a 
carry out of the same digit place and the normal adding 
circuit is bypassed when this new carry is generated, the 
result is called a high-speed or stand-on-nines carry. If 
the normal adding circuit is used, the result is called a 
cascade carry. If a carry resulting from the addition of 
carries is not allowed to propagate, the process is called 
a partial carry; if it is allowed to propagate, it 1s called a 
complete carry. A carry generated in the most significant 
digit place and sent directly to the least significant place 
is called an end-around carry. 3. In direct subtraction, 
a signal or expression—as defined in (1)— that arises 
when the difference between the digits is less than zero. 
Such a carry is frequently called a borrow. 4. The action 
of forwarding a carry. 5. The command directing a carry 
to be forwarded. 

carry look-ahead—A circuit that predicts the 
final carry from propagate and generate signals sup- 
plied by partial adders. Used to speed up binary addition 


significantly by eliminating the carry propagation (or rip- 
ple) delay. 

carry time—The time required for a computer to 
transfer a carry digit to the next higher column and add 
it there. 

cartridge — 1. The electromechanical transducer of a 
phonograph pickup head that converts stylus vibrations 
to an electrical signal. It is generally detachable and 
fils into the head shell of a pickup. Most cartridges are 
either magnetic or piezoelectric types. 2. Generally, any 
enclosed package containing a length of magnetic tape 
and its basic winding receptacles, designed to eliminate 
the need for handling or threading the tape. Specifically, 
the word cartridge is used to describe that variety of 


package that contains a continuous (endless) loop of tape 


on a single reel. 3. A film or tape magazine containing 
only one spool. 4. A plastic container that hoids recording 
tape for easy loading into a matching recorder or player, 
especially the cight-track cartridge. 
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cartridge fuse — 1. A tubular fuse whose end caps 
are enclosed in a glass or composition insulating tube 
to confine the arc or vapor when the fuse blows. 2. A 
short tube of fiber containing a fusible link or wire that 
is connected to metallic ferrules at the ends of the tube. 
Serves to interrupt excessive currents by melting of the 
fusible link. 

cascadable counter— A logic counting block that 
has available the necessary connections to permit more 
than one counter to be operated in series, thus increasing 
the modulus of the counter subsystem. 

cascade — Also called tandem. An arrangement of 
two or more similar circuits or amplifying stages in which 
the output of one circuit provides the input of the next. 

cascade amplification — In a series of amplifiers, 
amplification by each of the preceding output. 

cascade amplifier— 1. A multiple-stage amplifier 
in which the output of each stage is connected to the 
input of the next stage. 2. A multistage amplifier whose 
stages are forward coupled in succession. 

cascade-amplifier klystron— A klystron that has 
three resonant cavities to provide increased power ampli- 
fication and output. The extra resonator 1s located between 
the input and output resonators and is excited by the 
bunched beam energizing from the first resonator gap, 
thereby producing further bunching of the beam. 

cascade connection — Two or more similar com- 
ponent devices arranged in tandem, with the output of one 
connected to the input of the next. 

cascade control— Also called piggyback control. 
An automatic control system in which the control units, 
linked in chain fashion, feed into one another in succes- 
sion. Each unit thus regulates the operation of the next 
in line. 

cascaded carry — In a computer a system of execut- 
ing the carry process in which carry information cannot 
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be passed on to place (N + 1) unless the Nth place has 
received carry information or produced a carry. 

cascaded feedback canceler — Also called velo- 
city-shaped canceler. A sophisticated moving-target indi- 
cator canceler that provides clutter and chaff rejection. 

cascaded systems — Multistorage operations; the 
input to each stage is the output of a preceding stage, 
thereby causing interdependence among the stages. 

cascaded thermoelectric device—A thermo- 
electric device having two or more stages that are 
arranged thermally in series. 

cascade image tube— An image tube that func- 
tions in low-light-level conditions by virtue of its series 
of stacked sections wherein the output of one section 
becomes the input for the next. 

cascading — The connecting of two or more circuits 
in series so that the output from one provides the input to 
the next. 

cascode amplifier— An amplifier using a neu- 
tralized grounded-cathode input stage followed by a 
grounded-grid output stage. The circuit has high gain, 
high input impedance, and low noise. 

CASE — Abbreviation for computer-aided software 
engineering. A working environment consisting of pro- 
grams and development tools that help automate the 
design and implementation of programs and procedures 
for business, engineering, and scientific computer sys- 
tems. 

case—JIn a computer, a set of data for use in a 
particular program. 

case pressure—The total differential pressure in 
the internal cavity of a transducer and the ambient 
pressure. The term is commonly used to summarize 
the limiting combined differential and/or line-pressure 
capabilities of differential transducers. 

case temperature — The temperature on the surface 
of the case at a designated point. 

Cassegrain antenna— 1. An antenna whose feed 
is positioned near the vertex of the reflector, with a 
small subreflector placed near the focal point. The feed 
illuminates the subreflector, and the subreflector redirects 
the waves toward the main reflector, which then forms the 
radiated beam (called the secondary beam or pattern). The 
shapes of the subreflector and main reflector are so chosen 
that the secondary rays will emerge parallel to the main- 
reflector axis. 2, An antenna that utilizes a subreflector 
at the focal point that reflects energy to or from a feed 
located at the apex (center) of the main reflector. 

Cassegrain feed — 1. A method of feeding a reflec- 
tor antenna in which a waveguide located in the center of 
the main reflector feeds energy to a small reflector, which 
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reflects it in turn to the main reflector. 2. An antenna 
feed design that includes a primary reflector, the dish, 
and a secondary reflector that redirects microwaves via a 
waveguide to a low-noise amplifier. 

cassette — 1. A thin, flat, rectangular enclosure that 
contains a length of narrow magnetic recording tape per- 
manently affixed to two flangeless floating reels that wind 
and unwind the tape while it passes an external record- 
ing and/or playback head. 2. A flat enclosure that contains 
two flangeless reels that link a narrow magnetic tape. 3. A 
sealed instant-load cartridge containing a length of tape 
and separate supply and takeup reels or hubs. Cassettes, 
unlike continuous-loop cartridges, can be rewound as well 
as fast-forwarded. 4. A film or tape magazine containing 
two spools. 5. Most commonly applied to the compact 
cassette developed by Philips, but also to a variety of 
micro and mini cassette systems that are not mutually 
compatible. 6. Recently applied to mass storage require- 
ments of microcomputers and minicomputers. A digital 
cassette is certified for digital recording, which differs 
from the audio recording requirements. 7. A miniature 
reel-to-reel tape system retaining the flexibility and free- 
dom of back-and-forth tape movement provided by a reel 
system; it eliminates the inconvenience of tape threading. 
8. An open metal or plastic carrier used on IC production 
lines for moving groups of wafers. 
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cassette recorder — A magnetic tape recording and 
playback device for entering or storing programs. 

casting-out-nines check—A partial verification 
of an arithmetical operation on two or more numbers. lt 
involves casting out nines from the number and from the 
results. 

CAT — Abbreviation for computer-aided tomography, 
computer-assisted tomography, and computerized axial 
tomography. Literally, section graphics—the graphic 
display of a cross section of a piece of material or of 
the human body, Unlike ordinary X-ray photographs, 
which are produced directly by X-ray radiation on a 
photosensitive film (resulting in shadows on the film) 
computer-aided tomography displays are created by a 
computer after it processes the sensed X-ray signals. The 
big advantage of CAT is that a given display is not 
influenced by material in front of or behind the plane of 
interest, as is the case with ordinary X-ray photos. In fact, 
a three-dimensional picture can be obtained from multiple 
CAT displays, each displaced a small, finite distance from 
the adjacent one. 
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Hand Tools and Some Test Equipment 


No matter what you work on at the bench, you will most likely discover the need for some common hand 
tools. When working with electronics, especially, you will often need wire cutters, wire strippers, and 
small pliers. These tools have been laid out conveniently (for a right-handed person) at the lower-right- 
hand side of the bench, while the less-often-used hand tools can reside in a box. 

A regulated, adjustable bench power supply is also very handy when working with electronics of all 
kinds. A good, reliable multimeter can also claim a permanent home on the bench, as these will get a lot 
of use. See Figure 5-9. 


Figure 5-9. A clean bench with just enough tools to have some fun. Extra soldering supplies, including 
more kinds of solder , extra soldering iron tips, soldering flux, and an emergency backup soldering iron, sit 
in a box adjacent to the soldering station. Hand tools and basic test-and-measurement equipment 
complete the set of “most-useful tools.” There's still room for a few more, when you need them. 
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catadioptric — Optical process using both reflection 
and refraction of light. 

catalog — An ordered compilation of descriptions of 
items, including sufficient information to afford access to 
the items. See also directory. 

catalog search—A computerized data retrieval 
technique involving the search of keywords stored as key 
nouns or characteristics of the product. A display shows 
all items from the database with the specified keywords. 

catalytic converter— A device that enhances cer- 
tain chemical reactions that help to reduce the levels of 
undesirable exhaust gases. 

cataphoresis — The rnigration toward the cathode of 
particles suspended in a liquid; movement of the particles 
is caused by the influence of an electrostatic field. 

catastrophic failure — 1. A sudden failure without 
warning. as opposed to degradation failure. 2. A failure 
the occurrence of which can prevent the satisfactory 
performance of an entire assembly or system. 

catcher— In a velocity-modulated vacuum tube, an 
electrode on which the spaced electron groups induce a 
signal. The output of the tube is taken from this element. 

catching diode — A diode connected to act as a short 
circuit when its anode becomes more positive than its 
cathode; the diode then tends to prevent the voltage of 
a circuit terminal from rising above the voltage at the 
cathode. 

categorization—The process by which multiple 
addressed messages are separated to form individual 
messages for single addresses. 

catena— A chain or connected series. 

catenate — See concatenate. 

cathamplifier— A push-pull vacuum-tube amplifier 
in which the push-pull transformer is in the cathode 
circuit. 

cathode—1|.In an electron tube, the electrode 
through which a primary source of electrons enters the 
interelectrode space. 2. General name for any negative 
electrode. 3. The lower-potential electrode of a corrosion 
cell, in which the action of the corrosion current may 
reduce or eliminate corrosion, or the negatively charged 
metallic parts of an impressed current system. 4. When 
a semiconductor diode is biased in the forward direction, 
that terminal of the diode that is negative with respect to 
the other terminal. 5. The negative electrode of a polar 
capacitor. 6. The negative pole of a plating apparatus at 
which positively charged ions leave the plating solution. 
A metal is deposited on the cathode. See anode. 7. In 
electrolytic plating, the workpiece being plated. 

cathode activity —Measure of the efficiency of 
an emitter. The mathematical relationship between two 
values of emission current measured under two conditions 
of cathode temperature. 

cathode bias—A method of biasing a vacuum 
tube by placing the biasing resistor in the common 
cathode-return circuit, thereby making the cathode more 
positive — rather than the grid more negative---with 
respect to ground. 

cathode-coupled amplifier — A cascade amplifier 
in which the coupling between two stages is accomplished 
by a common cathode resistor. 

cathode coupling — The use of an input or output 
element in the cathode circuit for coupling energy to 
another stage. 

cathode current — See electrode current. 

cathode-current density — The current per square 
centimeter of cathode area, expressed as amperes or 
milliamperes per centimeter squared. 

cathode dark space — Also called Crookes’ dark 
space. The relatively nonluminous region between the 
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cathode and negative glow in a glow-discharge cold- 
cathode tube. 

cathode emission — The process whereby electrons 
are emitted from the cathode structure. 

cathode follower— Also called grounded-plate 
amplifier. A vacuum-tube circuit in which the input signal 
is applied to the control grid, and the output is taken from 
the cathode. Electrically, such a circuit possesses a high 
input impedance and a low output impedance character- 
istic and a gain of less than unity. The equivalent circuit 
using a transistor is called an emitter follower. 
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cathode glow —The apparent luminosity or glow 
that immediately envelops the cathode in a gas-discharge 
tube when operating at low pressures. The glow increases 
as the pressure decreases. 

cathode guide — The element of a glow tube used 
in switching the neon glow from one indicated number to 
the next. 

cathode heating time — The time required for the 
cathode to attain a specified condition, for example, a 
specified value of emission or a specified rate of change 
in emission. 

cathode interface—A resistive and capacitive 
layer formed between the nickel sleeve and oxide coat- 
ing of an indirectly heated cathode. Raising the cathode 
temperature will largely nullify the layer. 

cathode keying — A method of keying a radiotele- 
graph transmitter by opening the plate return lead to the 
cathode or filament center tap. 

cathode luminous sensitivity (of a multiplier 
phototube)— The photocathode current divided by the 
incident luminous flux. 

cathode modulation — A form of amplitude mod- 
ulation in which the modulating voltage is applied to the 
cathode circuit. 

cathode pulse modulation — Modulation pro- 
duced in an amplifier or oscillator by applying externally 
generated pulses to the cathode circuit. 

cathode radiant sensitivity — The currert leaving 
the photocathode divided by the incident radiant power 
of a given wavelength. 

cathode ray — A stream of electrons emitted, under 
the influence of an electric field, from the cathode of an 
evacuated tube or from the ionized region nearby. 

cathode-ray charge storage tube—A charge 
storage tube in which the desired information is written 
by means of a cathode-ray beam. 

cathode-ray  instrument— See 
instrument. 
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cathode-ray oscillograph — An apparatus capable 
of producing, from a cathode-ray tube, a permanent record 
of the value of an electrical quantity as a function of time. 

cathode-ray oscilloscope — Abbreviated CRO. 
1. A test instrument that, when properly adjusted, makes 
possible the visual inspection of alternating-current sig- 
nals. It consists of an amplifier, time-base generating 
circuits, and a cathode-ray tube for transformation of elec- 
trical energy into light energy. 2. A system wherein a 
supplied signal causes deflection of a CRT electron beam, 
thus forming a visible trace on the phosphor CRT screen 
that allows examination of electrical quantities. 

cathode-ray output— A term used in data process- 
ing to describe a cathode-ray tube that displays graphic 
or character data. 

cathode-ray storage — An electrostatic data stor- 
age device in which a cathode-ray beam provides access 
to the data. 

cathode-ray tube— Abbreviated CRT. 1. A yac- 
uum tube in which its electron beam can be focused to a 
small cross section on a luminescent screen and can be 
varied in position and intensity to produce a visible pat- 
tern. 2. A vacuum tube with an electron gun at one end 
and a fluorescent screen at the other. Electrons emitted 
from a heated cathode are accelerated by a series of annu- 
lar anodes at progressively higher positive voltages. The 
electron beam is then deflected by two pairs of electro- 
statically charged plates between the gun and the screen. 
Electromagnets are often used in place of the deflector 
plates. 
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cathode-ray-tube display — Abbreviated CRT dis- 
play. 1. A device in which controlled electron beams are 
used to present data in visual form. 2. The data presenta- 
tion produced by such a device. 3. In a calculator, a type 
of display resembling a small television tube. Usually, two 
to four rows of digits can be displayed simultaneously. 
4. A high-speed device, similar to a television picture 
tube, that provides a visual nonpermanent display of sys- 
tem input/output data, such as instructions as they are 
being developed and data in storage. 5. A device, used to 
present data (alphanumeric, graphical, or a combination 
of the two), that incorporates a cathode-ray tube as the 
presenting element. 

cathode-ray tuning indicator — Commonly called 
magic eye. A small-diameter cathode-ray tube that visu- 
ally indicates whether an apparatus such as a radio 
receiver is tuned precisely to a station. 

cathode resistor— A resistance connected in the 
cathode circuit of a tube so that the voltage drop across 
it will supply the proper cathode-biasing voltage. 
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cathode spot— On the cathode of an arc, the area 
from which electrons are emitted at a current density of 
thousands of amperes per square centimeter and where 
the temperature of the electrode is too low to account for 
such currents by thermionic emission. 

cathode sputtering — The method of disintegrating 
the substance of the cathode by bombarding it with ions 
and then depositing it on another electrode or electron- 
tube envelope. See also sputtering, |. 

cathodic protection — Corrosion inhibition emplo- 
yed in protecting underground (or underwater) metal from 
electrochemical corrosion; it involves making the metal 
cathodic (negative) to a buried (or immersed) anode. 
Two methods are available for the required polarization: 
a de power supply applying a positive polarity to a 
stainless steel or platinum plated titanium anode, or a dc 
self-generating sacrificial anode of zinc, magnesium, or 
aluminum alloy. 

cathodofluorescence — Fluorescence that results 
from a material’s exposure to cathode rays. 

cathodoluminescence — Luminescence produced 
by the bombardment with high-energy electrons of a metal 
in a vacuum. Small amounts of the metal are vaporized in 
an excited state by the bombardment and emit radiation 
characteristic of the metal. 

cation—1.A positive ion that moves toward the 
cathode in a discharge tube, electrolytic cell, or similar 
equipment. The corresponding negative ion is called an 
anion. 2. An atom with a deficiency of electrons and 
therefore having a positive charge. 

CATV — Abbreviation for community antenna televi- 
sion or cable television. A system of distributing TV 
signals to homes by cable. 

catwhisker—A small, pointed wire used to make 
contact with a sensitive area on the surface of a crystal 
or semiconductor. 

Cauer-elliptic filter — Also known as an elliptic or 
elliptical filter. A transfer function having an extremely 
high rate of attenuation (a very fast rolloff) near the corner 
frequency. Exhibits passband ripple and a renewal of gain 
beyond the stopband. 

cavitation — The production of gas-filled cavities in a 
liquid when the pressure is reduced below a certain critical 
value with no change in the temperature. Ordinarily this is 
a destructive effect because the high pressures produced 
when these cavities collapse often damage mechanical 
components of hydraulic systems, but the effect is turned 
to advantage in ultrasonic cleaning. 

cavitation noise — The noise produced in a liquid 
by the collapse of the bubbles created by cavitation. 

cavity—A metallic enclosure that can be made to 
resonate at a desired microwave frequency. Primarily used 
to describe a cavity filter, which is a highly selective 
tuning element at microwave frequencies that may be used 
as the frequency-determining element of an oscillator or 
as a low-pass, bandpass, or highpass filter. Generally of 
fixed frequency, or may be mechanically tunable over a 
very limited frequency range. 

cavity filter— A selective tuned device having the 
proper coupling means for insertion into a transmission 
line to produce attenuation of unwanted off-frequency 
signals. 

cavity impedance — The impedance that appears 
across the gap of the cavity of a microwave tube. 

cavity magnetron—A magnetron having a num- 
ber of resonant cavities forming the anode; used as a 
microwave-transmitting oscillator. 

cavity oscillator— Abbreviated CO. An oscillator 
in which the primary frequency-determining clement is 
either a waveguide or coaxial cavity. Oscillator frequency 


105 


can be mechanically tuned and voltage tuned (via a tuning 
varactor) over a relatively narrow band. 

cavity radiation—The radiation (heat) emerging 
from a small hole leading to a constant-temperature 
enclosure. Such radiation is identical with blackbody 
radiation at the same temperature, no matter what the 
nature of the inner surface of the enclosure. 

cavity resonator—1.A space that is normally 
bounded by an electrically conducting surface and in 
which oscillating electromagnetic energy is stored; the 
resonant frequency is determined by the geometry of 
the enclosure. 2. A section of coaxial line or waveguide 
completely enclosed by conducting walls; it is often made 
variable for use as a wavemeter. 

cavity resonator frequency meter— A cavity 
resonator used for determining the frequency of an 
electromagnetic wave. 

cavity-tuned, absorption-type frequency 
meter—-A device used for measuring frequency. Its 
operation depends on the use of an enclosure with a con- 
ductive inner wall; the resonant frequency of the wall is 
determined by its internal dimensions. 

cavity-tuned, heterodyne-type frequency 
meter —- A device for measuring frequency. Its operation 
depends on the use of an enclosure, the resonant frequency 
of which is determined by its internal dimensions. 

cavity-tuned, transmission-type frequency 
meter—A device for measuring frequency. Its opera- 
tion depends on the use of an enclosure with a conductive 
inner wall; the resonant frequency of the wall is deter- 
mined by its internal dimensions. 

C-band — 1. Microwave band in which the wave- 
lengths are at or near 5.6 cm. It includes the top two 
sidebands of the S-hand and the bottom three sidebands 
of the X-band. 2. The band of frequencies between 4 
and 8 GHz, with the 6- and 4-GHz band being used for 
satellite communications. Specifically, the 3.7 to 4.2 GHz 
satellite communication band is used as the downlink fre- 
quencies in tandem with the 5.925 to 6.425 GHz band 
that serves as the uplink. 

CBASIC—A version of BASIC that runs on the 
CP/M operating system. It is a structured language often 
preferred by programmers working in BASIC. 

C battery— Also called grid battery. The energy 
source that supplies the voltage for biasing the grid of 
2 vacuum tube. 

CBC — Canadian Broadcasting Corporation. The gov- 
ernment radio and television organization of Canada. 

C-bias — See grid bias. 

CCD — Abbreviation for charged-coupled device. 1. A 
semiconductor storage device in which an electrical 
charge is moved across the surface of a semiconductor by 
electrical control signals. Zeros or ones are represented 
by the absence or presence of a charge. A charge transfer 
system in which charges created by either an input diode 
or by an impinging photon are contained in MOS (metal- 
oxide semiconductor) or MIS (metal-insulated semicon- 
ductor) capacitors fabricated on a single crystal wafer. 
By varying electrode voltages successively, charge pack- 
ets are moved from capacitor to capacitor to a single 
output amplifier. 2. Large buffer memory for minicom- 
puter systems, interfacing between the magnetic storage 
disks or tape drives and the RAM, or as plug-compatible 
disk replacements. 3. A shift register formed by a string 
of closely spaced MOS capacitors. A CCD can store 
and transfer analog-charge signals—either electrons or 
holes —that may be introduced electrically or optically. 
The storing and transferring of charge occurs between 
potential wells at or near a silicon-silicon dioxide inter- 
face. The MOS capacitors, pulsed by a multiphase clock 
voltage, form these wells. For a three-phase, n-channel 
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CCD, the charges transferred between potential wells 
are electrons. 4. Functionally, a shift-register memory for 
either analog or digital information in which the data 
is represented as stored charges. The charges in a CCD 
are stored in a linear array of potential wells, with the 
potential of each well controlled by a voltage applied to 
an isolated metal-oxide semiconductor (MOS) capacitor 
above the well. By applying a traveling voltage wave to 
this linear array of capacitors, any charges within the wells 
are pushed along from well to well. For a digital memory, 
the potential wells are either uncharged or fully charged 
to represent 0 and |. To implement an analog memory, 
the charge is varied linearly in proportion to the sam- 
pled input voltage. Thus, analog delay lines as well as 
digital memories are implementable with CCD technol- 
ogy. Also known as a bucket brigade device because of 
the way charge is transferred from one cell to another 
in a recirculating fashion. 5. For imaging devices, a self- 
scanning semiconductor array that utilizes MOS technol- 
ogy, surface storage, and information transfer by digital 
shift register techniques. 

CCIF — Abbreviation for International Telephone Con- 
sultative Committee. 

CCIR — Abbreviation for International Radio Consul- 
tative Committee. 

CCITT — 1. Abbreviation for Comité Consulatif Inter- 
national Télégraphique et Téléphohique. The original 
French name of the committee that published inter- 
national communications standards. Replaced by ITU. 
2. Abbreviation for Consultative Committee for Interna- 
tional Telephone and Telegraph. An international stan- 
dards group that is a part of the International Telecom- 
munications Union (ITU). 

CCS — Abbreviation for continuous commercial ser- 
vice. Refers to the power rating of transformers, tubes, 
resistors, etc. Used for rating components in broadcasting 
Stations and some industrial applications. 

CCTV — Abbreviation for closed-circuit television. 

CCTV camera— That part of a closed-circuit TV 
system that captures the picture and produces the video 
(picture) signal. 

CCTV monitor— That part of a closed-circuit TV 
system that receives the picture from the CCTV camera 
and displays it on the picture tube. 

ccw — Abbreviation for counterclockwise. 

CD — Abbreviation for compact disc. 

CD-4— 1. A record-playback system for discrete 
discs. Invented by the Victor Co. of Japan (JVC) and 
developed by JVC and RCA Records, the system needs 
a demodulator and special cartridge with a special sty- 
lus for discrete four-channel playback. The system is not 
compatible with matrix quad discs and is not used for FM 
broadcasting. Also called quadradisc. 2. A recording and 
playback system similar in some respect to FM multiplex 
stereo broadcast and reception. Each wall of the record 
groove carries a single channel of information — left front 
plus left rear on the inner wail and right front plus right 
rear on the outer wall of the groove. In addition, each 
groove wall carries a 30-kHz FM subcarrier that is mod- 
ulated by the front-minus-back difference signals that are 
needed to decode or demodulate the quadraphonic sig- 
nal into four discrete channels. 3. A discrete four-channel 
disc recording and playback system, using a frequency- 
modulated 30-kHz carrier to convey additional informa- 
tion that can be combined with the audio output of the 
cartridge to produce four essentially independent program 
channels. Requires a cartridge frequency response to at 
least 45 kHz and a special demodulator. 

CD-4 capability—The ability of a cartridge to 
reproduce the ultrasonic signals necessary for discrete 
four-channel disc reproduction using a CD-4 demodulator. 
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cdi— Abbreviation for collector-diffusion isolation. 

CD-I— Abbreviation for compact disc-interactive. A 
home entertainment system based on a player that con- 
nects to any TV and stereo system, with information 
stored digitally on compact disc. It was introduced by 
Philips Consumer Electronics in 1991. 

C-display — A type of radar display in which the sig- 
nal is a bright spot, with the bearing as the horizontal 
coordinate and the elevation angle as the vertical coordi- 
nate. 

CDMA — Abbreviation for code-division multiple 
access. Digital cellular system multiple-access standard 
that allows for higher capacity and greater security. Sta- 
tions use spread-spectrum modulations and orthogonal 
codes to avoid interfering with one another. See also code- 
division multiple access. 

CDPD — Abbreviation for Cellular Digital Packet 
Data. A standards-based technology for wireless commu- 
nication of data. 

CD-R— Abbreviation for compact disc-recordable 
(recordable CD). Same as CD-WO. CD format is compat- 
ible with CD-ROM and can be written to once and read 
many times. 

CD-ROM — Abbreviation for compact disc-read-only 
memory. 1. A compact disc with a format for storing dif- 
ferent types of information digitally, which can be played 
on a CD-ROM drive connected to a personal computer. 
2. A compact 5-!/,-inch optical disc, typically used to 
store text, images, audio, video, and programs that can run 
on suitably equipped computers. CD-ROM drives come 
in single, double, and quad speeds (150 kbs, 300 Kbs, and 
600 kbs, respectively). 3. A read-only optical disc capable 
of storing large amounts (up to 250,000 pages) of data. 

CD-ROM drive —A peripheral device attached to 
a computer that allows it to read/play a CD-ROM disc. 
All CD-ROM players can also play back audio CDs, but 
require external headphones or speakers to hear them. 

CD-WO — Compact disc-write once. Recordable com- 
pact disc. Same as CD-R. 

ceiling — The maximum voltage that may be attained 
by an exciter under specified conditions. 

celestial guidance—A system of guidance in 
which star sightings that are automatically taken during 
the flight of a missile provide position information used 
by the guidance equipment. 
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cell — 1. A single unit that produces a direct voltage 
by converting chemical energy into electrical energy. 2. A 
single unit that produces a direct voltage by converting 
radiant energy into electrical energy; for example, a solar 
or photovoltaic cell. 3. A single unit that produces a vary- 
ing voltage drop because its resistance varies with illu- 
mination. 4. Elementary unit of storage. 5. In corrosion 
processes, a source of electric potential that is respon- 
sible for corrosion. It consists of an anode and a cath- 
ode immersed in an electrolyte and electrically bonded 
together. The anode and cathode may be separate metals 
or dissimilar areas on the same metal. The different metals 
will develop a difference in potential that is accompanied 
by corrosion of the anode. When this cell involves an elec- 
trolyte, as it does in corrosion processes, it is referred to 
as an electrolytic cell. 6. The geographic area served by a 
single low-power transmitter/receiver. A cellular system’s 
service area is divided into multiple cells. 

cell counter—An electronic instrument used to 
count white or red blood cells or other very small 
particles. 

cell-type enclosure — A prefabricated basic shiel- 
ded enclosure of double-walled copper-mesh construction. 
The original screen-room design. 

cell-type tube (tr, atr, and pre-tr tubes)— A 
gas-filled radio-frequency switching tube that operates 
in an external resonant circuit. A tuning mechanism 
may be incorporated into the external resonant circuit or 
the tube. 

cellular — Type of mobile telephone service in which 
the geographic serving area is divided into subregions 
(cells), each with its own antenna and switching node. 

cellular radio—The terrestrial mobile telephone 
technology that increases the number of available chan- 
nels by dividing an area into cells; each cell may use the 
same frequencies as other cells, except that adjacent cells 
may not use the same frequencies. 

cellular system—1.A mobile telephone system 
that divides large service areas into small cells, each 
with its own low-power transmitter. A telephone call 
is switched by computers from one transmitter to the 
next without interrupting the signal as a vehicle moves 
from cell to cell. Calls can be divided and frequencies 
reused over shorter intervals. 2. Method of mobile tele- 
phone service that divides radio communication service 
areas into small cells, or districts. The cellular approach 
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utilizes low-power transmitters that allow uninterrupted 
communications through sophisticated switching equip- 
ment linking the cells. This system, by reusing frequencies 
and standardizing service and equipment, has substantially 
improved mobile telephone service. 

cellulose acetate—An inexpensive transparent 
plastic film used as the backing material for many record- 
Ing tapes. 

cellulose-nitrate disc — See lacquer disc. 

Celsius temperature scale — Also called centri- 
grade temperature scale. A temperature scale based on 
the freezing point of water defined as 0°C and the boiling 
point defined as 100°C, both under conditions of normal 
atmospheric pressure (760 mm of mercury). 

cent—-A measure of frequency, defined as equal to 
100th of a semitone. 

center-fed antenna— An antenna in which the 
feeder wires are connected to the center of the radiator. 

center feed — 1. Attaching feeder wires or a trans- 
mission line to the center of the radiator of an antenna. 
2. Connection of signal input terminals to the center of 
a coil. 

center frequency — Also called resting frequency. 
l. The average frequency of the emitted wave when 
modulated by a symmetrical signal. 2. The frequency at 
the center of a spectrum display (for linear frequency 
scanning). It is usually tunable. 3. Also called free- 
running frequency. The frequency at which a phase- 
locked ioop operates when not locked onto an incoming 
(input) signal. 

centering control — One of two controls used to 
shift ¿he position of the entire image on the screen of a 
cathode-ray tube. The horizontal-centering control moves 
ihe image to the right or left, and the vertical-centering 
control moves 1t up or down. See also framing control. 

centering diode — A clamping circuit used in some 
types of plan-position indicators. 

centering magnet—A magnet that centers the 
televised picture on the face of the tube. Also called 
framing magnet. 

center of gravity — A point inside or outside a body 
and around which all parts of the body balance each other. 

center of mass — On a line between two bodies, the 
point around which the two bodies would revolve freely 
as a system. 

center poise—Scale of viscosity for insulating 
varnishes. 

center ring—The part that supports the stator in 
an induction-motor housing. The motor end shields are 
attached to the ends of the center ring. 

center tap — A connection at the electrical center of 
a winding, or midway between the electrical ends of a 
resistor or other portion at a circuit. 
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center-tapped inductor — An inductor that has a 
tap at half the total inductance. 

center wire —.A fine loop of wire used in propor- 
tional counters as an anode. A high voltage is applied to 
it to set the conditions for radiation measurement. 

center-zero meter—A dc meter that has its zero 
point at the center of the scale, e.g., a dc galvanometer. 
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centi- — One hundredth (107%) of a specific quantity 
or dimension. 

centigrade temperature scale — The older name 
for a Celsius temperature scale in the English-speaking 
countries. Officially abandoned by international agree- 
ment in 1948, but sull in common usage. 

centimeter waves — Microwave frequencies bet- 
ween 3 and 30 GHz, corresponding to wavelengths of 
10 to | centimeters. 

central battery exchange — Manual telephone 
exchange in which a battery situated at the exchange is 
the source of current for operating supervisory signals, for 
subscribers’ calling signals, and for the current required 
to enable a subscriber to speak over his or her line. 

central office — The facility at which a communi- 
cations common carrier terminates customer lines and 
locates the equipment for interconnecting those lines. 

central-office equipment— Apparatus used in a 
telephone central office to furnish communication ser- 
vices. 

central-office line — See subscriber line. 

central processing unit— Also called central pro- 
cessor; abbreviated CPU. 1. The part of a computer sys- 
tem that contains the main storage, arithmetic unit, and 
special register groups. Performs arithmetic operations, 
controls instruction processing, and provides timing sig- 
nals and other housekeeping operations. 2. A group of 
registers and logic that form the arithmetic/logic unit plus 
another group of registers with associated decoding logic 
that form the control unit. Most MOS devices are single- 
chip CPUs, in that the registers hold as many bits as the 
word length of the unit. With bit-slice devices, however, 
central processing units of any bit width can be assembled 
essentially by connecting the bit-slice parts in parallel. 
Externally, a bit-slice device will appear to be a coherent 
single CPU capable of handling words of the desired bit 
length. 3. That part of a computer system that controls 
the interpretation and execution of instructions. In gen- 
eral, the CPU contains the following elements: arithmetic 
and logic unit (ALU), timing and control, accumulator, 
scratch-pad memory, program counter and address stack, 
instruction register, and I/O control logic. 4. That unit of a 
computing system that fetches, decodes, and executes pro- 
grammed instructions and maintains the status of results 
as the program is executed. 

central processor— See central processing unit; 
CPU. 

central station—- A control center to which alarm 
systems in a subscriber’s premises are connected, where 
circuits are supervised and where personnel are main- 
tained continuously to record and investigate alarm or 
trouble signals. Facilities are provided for the reporting of 
alarms to police and fire departments or to other outside 
agencies. 

central station alarm system — An alarm system, 
or group of systems, the activities of which are transmitted 
to, recorded in, maintained by, and supervised from 
a central station. This differs from proprietary alarm 
systems in that the central station is owned and operated 
independently of the subscriber. 

centrex— 1. A service offered by telephone com- 
panies. It uses central-office equipment to provide fea- 
tures comparable with those provided by a PBX. 2. An 
improved PBX system that also provides direct inward 
dialing (DID) and automatic number identification (ANI) 
of the calling PBX station. 

centrifugal force — The force that acts on a rotating 
body and that tends to throw the body farther from the 
axis of its rotation. 

centripetal force — The force that compels a rotat- 
ing body to move inward toward the center of rotation. 
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Ceracircuits— A trademark of the Sprague Electric 
Company for hybrid thick-thin film integrated circuits 
that consist of discrete passive and semiconductor active 
elements attached to precision resistor substrates to form 
functional electronic modules. 

ceramic — 1. A claylike material, consisting primar- 
ily of magnesium and aluminum oxides, that after molding 
and firing is used as an insulating material. It withstands 
high temperatures and is less fragile than glass. When 
glazed, it is called porcelain. 2. Pertaining to or made of 
clay or other silicates. 3. Piezoelectric part of a pickup, 
speaker, or microphone that acts as a transducer. It has 
characteristics that are similar to a crystal transducer, but 
it is more robust. 4. Nonmetallic and inorganic material, 
e.g., alumina, beryllia, or steatite, formed through heat 
processing, used in microelectronic substrates and com- 
ponent parts. 

ceramic amplifier — An amplifier that makes use of 
the piezoelectric properties of ceramics such as barium 
titanate and the piezoresistive properties of semiconduc- 
tors such as silicon. An ac signal applied through elec- 
trodes to a barium titanate bar produces deformation of the 
bar and the attached silicon strip, thereby producing a cor- 
responding variation in resistance. This resistance change 
causes the load current to vary. The device is essentially 
a current amplifier with extremely high input impedance 
and low output impedance. 

ceramic-based microcircuit — A microminiature 
circuit printed on a ceramic substrate. Usually consists 
of combinations of resistive, capacitive, or conductive 
elements fired on a waferlike piece of ceramic. 

ceramic capacitor— A capacitor whose dielectric 
is a ceramic material such as steatite or barium titanate, 
the composition of which can be varied to give a wide 
range of temperature coefficients. The electrodes are 
usually silver coatings, fired on opposite sides of the 
ceramic disc or slab, or fired on the inside and outside 
of a ceramic tube. After connecting leads are soldered 
to the electrodes, the unit is usually given a protective 
insulating coating. 

ceramic dielectric — 1. One of a great variety of 
ceramic materials used as a dielectric in capacitors: 
some typical materials are barium titanate, barium stron- 
tium titanate, and titanium dioxide. Different ceramic 
dielectrics provide the desired temperature coefficient 
of capacitance and medium-to-dielectric constants. 2. A 
ceramic such as isolantite, porcelain, or steatite, used as 
an insulator. 

ceramic filter— Electrically coupled, two-terminal 
piezoelectric ceramic resonators in ladder and lattice 
configurations. Monolithic filters with ceramic substrates 
are also called ceramic filters. 

ceramic microphone—1.A microphone with a 
ceramic cartridge. 2. A transducer that uses a piezoelectric 
ceramic pickup element (barium titanate) to convert sound 
to electrical energy. 

ceramic permanent magnet— A permanent, non- 
metallic magnet made from pressed and sintered mixtures 
of metallic-oxide powders, usually oxides of barium and 
iron. 

ceramic pickup — 1. A phonograph pickup with a 
ceramic cartridge. 2. A pickup whose generator system 
is based on piezoelectricity produced by the stressing of 
natural and man-polarized crystals. 

ceramic transducer — See piezoelectric transducer. 

CERDIP— 1. Abbreviation for ceramic dual-inline 
package. A package assembled with the leadframe sand- 
wiched between two ceramic layers and sealed by firing 
a glass frit. 2. A ceramic dual-inline package for ICs. 
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Cerenkov counter— An instrument that detects 
high-energy charged particles by an analysis of the 
Cerenkov radiation emitted. 

Cerenkov radiation — 1. Light emitted when char- 
ged particles pass through a transparent material at a 
velocity greater than that of light in that material. It 
can be seen, for example, as a blue glow in the water 
around the fuel elements of pool reactors. P. A. Cerenkov 
was the Russian scientist who first explained the origin 
of this light. 2. The radiation produced when a charged 
particle traverses a medium that has a refraction index 
considerably greater than unity. 

Cerenkov rebatron radiator — A device in which 
a tightly bunched velocity-modulated electron beam is 
passed through a hole in a dielectric. The reaction between 
the higher velocity of the electrons passing through the 
hole and the slower velocity of the electromagnetic energy 
passing through the dielectric results in radiation at some 
frequency higher than the frequency of modulation of the 
electron beam. 

cermet— 1. A metal-dielectric mixture used in mak- 
ing thick-film resistive elements. The first half of the term 
is derived from ceramic and the second half from metal. 
2. A solid homogeneous material usually consisting of 
a finely divided admixture of a metal and ceramic in 
intimate contact. Cermet thick films are normally com- 
binations of dielectric materials and metals. 

cermet potentiometer — A potentiometer in which 
the resistive element is made by combining very fine 
particles of ceramic or glass with precious metals. 

CERT — Abbreviation for character error-rate testing. 
Checking a data line with test characters. 

certification — Verification that specified testing has 
been performed, and required parameter values have been 
attained. 

certified magnetic tape — Magnetic tape that has 
been tested and is certified to be free from error over its 
entire recording surface. 

cesium—A chemical element having a low work 
function. Used as a getter in vacuum tubes and in cesium- 
oxygen-silver photocell cathodes. 

cesium-oxide cell —A photoemissive detector sen- 
sitive to wavelengths up to 1 micrometer. It has one sharp 
maximum of sensitivity at 350 nanometers and a broad 
maximum at 800 nanometers. 

cesium-vapor lamp— A low-voltage arc lamp for 
producing infrared radiation. 

cev— See corona extinction voltage. 

CGA— Abbreviation for color graphics adapter. A 
color graphics system for IBM PCs and compatibles. 
Provides less resolution than EGA or VGA monitors. 

Cak — Symbol for grid-cathode capacitance in a vac- 
uum tube. 

CGM — Abbreviation for computer graphics metafile. 
A standard file format that stores object-oriented graphics 
in device-independent form, enabling them to work in 
different systems and programs. 

Cop — Symbol for grid-plate capacitance in a vacuum 
tube. 

cgs—Abbreviation for  centimeter-gram-second. 
These quantities of space, mass, and time are the basis 
of absolute units. 

cgs electromagnetic system of units—A 
coherent system of units for expressing the magnitude 
of electrical and magnetic quantities. The most common 
fundamental units of these quantities are the centimeter, 
gram, and second. Their unit of current (abampere) is 
of such a magnitude that if maintained constant in two 
straight parallel conductors having an infinite length and 
negligible circular sections and placed 1 centimeter apart 
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in a vacuum, a force equal to 2 dynes per centimeter of 
length will be produced. 

cgs electrostatic system of units — A coherent 
system of units for expressing the magnitude of electrical 
and magnetic quantities. The most common fundamental 
units of these quantities are the centimeter, gram, and 
second. Their unit of electrical charge (stacoulomb) is 
of such a magnitude that two equal unit point charges 1 
centimeter apart in a vacuum will repel each other with a 
force of 1 dyne. 

chad —The piece of material removed when a hole 
or notch ts formed in a storage medium such as punched 
tape or punched cards. 

chadless — Pertaining to tape in which the data holes 
are deliberately not punched through and a flap of material 
remains attached to the tape. 

chadless tape —A type of punched paper tape in 
which each chad is left fastened by about a quarter of 
the circumference of the hole. Chadless punched paper 
tape must be sensed by mechanical fingers, because 
chad interferes with reliable electrical or photoelectrical 
reading. 

chad tape— Tape used in printing telegraph or 
teletypewriter operation, in which the perforations are 
severed from the tape to form holes that represent 
characters. Normally, the characters are not printed on 
chad tape. 

chaff—A general name applied to radar-confusion 
reflectors that consist of thin, narrow, metallic strips of 
various length and frequency responses used to reflect 
radar echoes. 

chain-—A series of processing locations through 
which information must pass on a store-and-forward basis 
to reach a subsequent location. 

chain calculations —In a calculator, series of con- 
tinued operations in a single mode. Example: 118 x 94 x 
116 x 395. 

chained list—A list in which the items may be 
dispersed but in which each item contains an identifier 
for locating the next item to be considered. 

chaining — 1. In a computer, a system of storing 
records such that each record belongs to a list or group of 
records and has a linking field for tracing the chain. 2. If 
a computer program is too big to fit into the memory, 
it can be wrilten in a series of segments. The computer 
works on one segment at a time and continues operating 
this way until the program is finished. 3. The ability of 
an execuling program to call another program that resides 
on a disk, 

chaining search—A search technique in which 
each item contains an identifier for locating the next item 
to be considered. 

chain printer — In a computer, a high-speed printer 
having type slugs carried on the links of a revolving chain. 

chain radar beacon — A radar beacon with a very 
fast recovery time, so that simultaneous interrogation and 
tracking of the beacon by a number of radars is possible. 

chain radar system— A radar system comprising 
a number of radars or radar Stations located at various 
sites along a missile flight path. These radar stations 
are linked together by data and communication lines 
for target acquisition, target positioning, and/or data- 
recording purposes. The target-acquisition link makes it 
possible for any radar to position any other radar on target. 

challenger — See interrogator. 

chance failure — See random failure. 

changer— A device that plays several phonograph 
records in sequence automatically. It consists of a 
turntable, an arm, and a record stacking and dropping 
mechanism. 
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channel — 1. A portion of the spectrum assigned for 
the operation of a specific carrier and the minimum 
number of sidebands necessary to convey intelligence. 
2. A single path for transmitting electric signals. (Note: 
The word path includes separation by frequency division 
or time division. Channel may signify either a one-way 
or two-way path, providing communicaiion in either one 
direction only or in two directions.) See also alternate 
channel. 3. In electronic computers, that portion of a 
storage medium which is accessible to a given reading 
station. 4. The path along which information, particularly 
a series of digits or characters, may flow. 5. In computer 
circulating storage, one recirculating path containing a 
fixed number of words stored serially by word. 6. An 
area, under the silicon dioxide of a planar surface, that 
has been changed from one type of conductivity to the 
opposite type. Á channel is the conductive path between 
the source and drain in an IGFET. Generally, channels 
are undesirable in other instances. Thick oxides or heavily 
doped regions called channel stoppers are used to prevent 
channels. 7. A complete sound path. A single-channel, 
or monophonic, system, has one channel. A stereophonic 
system has at least two full channels designated as left 
(A) and right (B). Monophonic material may be played 
through a stereo system; both channeis will carry the 
same signal. Stereo material, if played on a monophonic 
system, will mix and emerge as monophonic sound. 
8. The conducting charge layer between source and drain 
induced by the applied gate voltage. The charge layer 
is holes in a p-type device, and elecirons in n-types. 
9. An independent signal path. Stereo recorders have two 
such channels, quadraphonic ones have four, 10. A thin 
semiconductor layer between the source region and the 
drain region, whose conductance is controlled by the 
gate voltage. 11. The band of frequencies (including the 
assigned carrier frequency) within which a radio system 
must operate in order to prevent interference with stations 
on adjacent channels. 12. The part of a communications 
system that connects a message source to a message link; 
a path for electrical transmission between two or more 
points. 

channel balance — Equal response on both left and 
right channels. 

channel bank— 1. The part of a carrier multiplex 
terminal in which are performed the first step of modu- 
lation of the voice frequencies into a higher-frequency 
band and the final step in the demodulation of the 
received higher-frequency band into voice frequencies. 
2. Communication equipment that multiplexes, typically 
used for multiplexing voice-grade channels. 

channel capacity — 1. The maximum number of 
elementary digits that can be handled per unit time in 
a particular channel. 2. The maximum possible rate of 
information transmission through a channel at a specified 
error rate. It may be measured in bits per second or bauds. 
3. The total number of individual channels in a system. 

channel designator — A number assigned for ref- 
erence purposes to a channel, tributary, or trunk. Also 
called channel sequence number. 

channel diffusion stops — A narrow doped region 
beside each sensing channel in a CCD that prevenis excess 
charges generated within a particular light-sensing site 
from spreading sideways. 

channel effect— Current leakage over a surface 
path between the collector and emitter of some types of 
transistors. 

channel frequency — The band of frequencies that 
must be handled by a carrier system to transmit a specific 
quantity of information. 

channeling — The utilization of a modulation-fre- 
quency band for the simultaneous transmission frem two 
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or more communication channels in which the channel 
separation is accomplished by the use of carriers or 
subcarriers, each in a different discrete frequency band 
forming a subdivision of the main band. This term covers 
a special case of multiplex transmission. 

channel interval — The time allocated to a channel, 
including on and off time. 

channelization — The assignment of circuits to chan- 
nels, and the arrangement of those channels into separate 
groups and supergroups. 

channelizing — The process of subdividing wide- 
band transmission facilities for the purpose of putting 
many different circuits requiring comparatively narrow 
bandwidths on a single wideband facility. 

channel pulse —A telemetering pulse that, by its 
time or modulation characteristics, represents intelligence 
on a channel. 

channel pulse synchronization — Synchroni- 
zation of a local-channel rate oscillator by comparison and 
phase lock with separate channel-synchronizing pulses. 

channel reliability — The percentage of time that the 
channel meets the arbitrary standards established by the 
user. 

channel reversal — Shifting the outputs of a stereo 
system so the channel formerly heard from the left speaker 
now comes from the right and vice versa. 

channel-reversing switch — A switch that reverses 
the connections of two speakers in a stereo system with 
respect to the channels, so that the channel heard previ- 
ously from the right speaker is heard from the left and 
vice versa. 

channel sampling rate—The number of times 
per second that individual channels are sampled. This 
is different from comutation rate, since it is possible 
for more than one channel to be applied to a given 
commutator input (with subcommutation). 

channel selector — A switch or dial used for select- 
ing a desired channel. 

channel separation — 1. In stereo, the electrical or 
acoustical difference between the left and right channels. 
Inadequate separation can lessen the stereo effect, exces- 
sive separation can exaggerate it beyond natural propor- 
tions. 2. The degree to which the two signals in a stereo 
system are electrically isolated. Usually expressed as a 
ratio in decibels. 3. The amount of stereo program mate- 
rial from one channel appearing in the cartridge output 
for the other channel. Expressed in dccibels relative to 
the desired channel output, with values of 20 to 30 dB 
(the higher figure being preferable) through most of the 
audible frequency range being typical of good cartridges. 
4. The degree to which the signal in one amplifier is 
kept separate from an adjacent undriven amplifier. Chan- 
nel separation for FM stereo decoders is typically 40 dB, 
whereas phono cartridge channel separation is typically 
between 20 and 30 dB. 

channel sequence number — See channel desig- 
nator. 

channel shift — The interchange of communications 
channels; for example, the shift from a calling frequency 
to a working frequency. 

channel shifter — A radiotelephone carrier circuit by 
means of which one or two voice-frequency channels are 
shifted from normal channels to higher voice-frequency 
channels as a means of reducing crosstalk between 
channels. At the receiving end, the channels are shifted 
back by a similar circuit. 

channel stop—aA barrier put in place during the 
manufacture of a semiconductor to prevent small leakage 
paths going to the outside of the chip. 
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channel strip — An amplifier or other device having 
a sufficiently wide bandpass to amplify one television 
channel. 

channel subcarrier — The channel required to con- 
vey telemetric data involving a subcarrier band. 

channel synchronizing pulse separator—A 
device for separating channel synchronizing pulses from 
commutated signals. 

channel-to-channel connection — A device for 
rapid data transfer between two computers. A channel 
adapter is available that permits the connections between 
any two channels on any two systems. Data is transferred 
at the rate of the slower channel. 

channel-utilization index— In a computer, the 
ratio between the information rate (per second) through a 
channel and the channel capacity (per second). 

channel wave — Any elastic wave propagated in a 
sound channel because of a low-velocity layer in the solid 
earth, the sea, or the atmosphere. 

character — 1. In electronic computers, one of a set 
of elementary symbols that may be collectively arranged 
in order to express information. These symbols may 
include the decimal digits O through 9, the letters A 
through Z, punctuation and typewriter symbols, and any 
other single symbol that a computer may read, store, 
or write. 2. One of a set of symbols used to present 
information on a display tube. 3. Part of a computer 
word that has a meaning in itself. For example, six bits 
recorded across a magnetic tape make up a character 
and signify a number or letter symbol. 4. A combination 
of holes punched in a line. 5. A letter, digit, or other 
symbol that is used as part of the organization, control, or 
representation of data. A character is often in the form of a 
spatial arrangement of adjacent or connected strokes. 6. A 
symbol, mark, or event that a data-processing machine 
can read, write, or store. It is used to represent data to a 
machine. 7. An alphabetic, numeric, or special graphic 
symbol. Each character is represented in its set by a 
unique binary code. 8. A letter, number, or sign made 
up of a specific number of bits. Nonprinting characters 
may be used for control functions. 9. A language unit 
consisting of bits. 10. A letter, digit, or other symbol that 
is the representation of data. A connected sequence of 
characters is called a character string. 

character boundary — In character recognition, the 
largest rectangle having a side parallel to the document 
reference edge, each of the sides of which is tangent to a 
given character outline. 

character check — Verification of the observance of 
rules for character formation. 

character code — A special way of using a group of 
bits to represent a character. Different codes may be used 
in different equipment according to the internal design. 

character crowding — Also called packing. The 
effect of reducing the time interval between subsequent 
characters read from tape. It is caused by a combination of 
mechanical skew, gap scatter, jitter, amplitude variation, 
etc. 

character density— A measure of the number of 
recorded characters per unit of length or area. 

character display tube— A form of cathode-ray 
tube in which the cathode-ray beam can be shaped, 
either by electrostatic or electromagnetic deflection or by 
passing the beam through a mask, into symbols or letters. 

character emitter— In a computer, an electrome- 
chanical device that puts out coded pulses. 

character generator — 1. A unit that accepts input 
in the form of one of the alphanumeric codes and prepares 
the electrical signals necessary for its display in the proper 
position on a dot matrix, TV system, or CRT. 2. That 
part of the display controller that draws alphanumeric 
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characters and special symbols for the screen. A character 
is automatically drawn and spaced every time a character 
code is interpreted. 3. A hardware or software device that 
provides the means for formulating a character font and 
that also may provide some controlling function during 
printing. 4. A circuit that generates the letters or numbers 
on a display or printer. 5. A device that superimposes text 
over a video image, such as program credits at the end of 
a program. 

character-generator cathode-ray tube—A 
cathode-ray tube that generates symbols for use in other 
displays. Basically, the tube operates by scanning specific 
characters on the target and generating them as video sig- 
nals to other cathode-ray systems. 

character-graphics color system—aA system 
that can address color only to a block of pixels (character 
cell); all pixels within this block have the same color. 

character interleave — Also byte interleave. A 
technique in time-division multiplexing in which bytes 
of data are transmitted in one frame. 

characteristic — 1. An inherent and measurable pro- 
perty of a device. Such a property may be electri- 
cal, mechanical, thermal, hydraulic, electromagnetic, or 
nuclear; it can be expressed as a value for stated or rec- 
ognized conditions. A characteristic may also be a set of 
related values (usually in graphical form). 2. The integral 
part of a logarithm to the base 10; also, the power of 10 
by which the significant digits of a floating-point number 
are multipiied. 

characteristic curve — 1. A graph plotted to show 
the relationship between changing values. 2. A plot of 
how any value changes with respect to another in a 
component or circuit: for example, a plot of how current 
changes as voltage is changed on a component or circuit. 

characteristic distortion — 1. Displacement of sig- 
nal transitions due to the persistence of transients caused 
by preceding transitions. 2. Repetitive displacement or 
disruption peculiar to specific parts of a teletypewriter 
signal. The two types of characteristic distortion are line 
and equipment. 

characteristic frequency — The frequency that can 
be easily identified and measured in a given emission. 

characteristic impedance —Also called surge 
impedance. 1. The driving-point impedance of a line if 
it were of infinite length. 2. In a delay line, the value of 
terminating resistance that provides minimum reflection 
to the network input and output. 3. The ratio of voltage 
to current at every point along a transmission line on 
which there are no standing waves. 4. The square root 
of the product of the open-and short-circuit impedance 
of the line. 5. The ratio of the applied voltage to the 
steady-state current that flows when a transmission line 
is terminated in a pure resistance that is equal to the 
characteristic impedance value of the cable. 6. That value 
of pure resistance which, when connected to the output 
terminals of a transmission line, makes the cable appear 
infinitely long; i.e., no signal is reflected back up the cable 
toward the source. 7. The ratio of voltage to current in a 
propagating wave, i.e., the impedance that is offered to 
this wave at any point of the line. In printed wiring, its 
value depends on the width of the conductor, the distance 
from the conductor to the ground plane(s) and the dielec- 
tric constant of the media between them. 8. A property of 
antenna transmission lines that is determined primarily by 
the diameter of the conductors and the spacing between 
them. 

characteristic impedance of free space — The 
relationship between the electric and magnetic intensities 
of space due to the expansion of the impedance concept 
to electromagnetic fields. 


characteristic spread—- The range between the 
minimum and maximum values for a given characteristic 
that is considered normal in any large group of tubes or 
other devices. 

characteristic telegraph distortion — Distortion 
that does not affect all signal pulses alike. Rather, 
the effect on each transition depends on the signal 
previously sent, because remnants of previous transitions 
or transients persist for one or more pulse lengths. 

characteristic wave impedance — The ratio of 
the transverse electric vector to the transverse magnetic 
vector at the point it is crossed by an electromagnetic 
wave. 

character parity— Adding an overhead bit to a 
character code to provide error-checking capability. 

character reader—A computer input device that 
can directly recognize printed or written characters; they 
need not first be converted into punched holes in cards or 
paper or into polarized magnetic spots. 

character read-out systems — Photoelectrically 
controlled, alphanumeric reading devices that convert 
characters to audible or sorting signais that can be fed 
to a computer, electric typewriter, tape punch, or other 
machine. 

character recognition—The automatic identifi- 
cation of graphic, phonic, or other characters. See 
also magnetic-ink character recognition; optical character 
recognition. 

character sensing—To detect the presence of 
characters optically, magnetically, electrostatically, etc. 

character set— 1. An ordered group of unique 
representations called characters, such as the 26 letters of 
the English alphabet, 0 and 1 of the Boolean alphabet, the 
signals in the Morse code alphabet, the 128 characters of 
the U.S. ASCII alphabet, etc. 2. All the letters, numbers, 
and symbols used by a device or language. 

character string — Two or more alphanumeric char- 
acters or special symbols (math, Greek, etc.) aligned in a 
textual format on the screen. 

character subset — A selection from a character set 
of all characters having a specified common feature: for 
example, in the definition of a character set, the digits 0 
through 9 are a character subset. 

Charactron — Trade name of General Dynamics/ 
Electronics for 2 specially constructed cathode-ray tube 
used to display alphanumeric characters and other special 
symbols directly on its screen. 

charge — |. The electrical energy stored in a capaci- 
tor or battery or held in an insulated object. 2. The quan- 
tity of electrical energy in (1) above. 3. In electrostatics, 
the amount of electricity present on ary substance that 
has accumulated electric energy. 

charge amplifier — 1. An operational amplifier with 
capacitive feedback. The output voltage that results from 
a charge signal input is returned to the input circuit 
through the feedback capacitor in the direction necessary 
to maintain the input circuit voltage at or near zero. Thus, 
the net charge input is stored in the feedback capacitor, 
producing a potential difference across it equal to the 
value of charge divided by the value of capacitance. 
This potential difference determines the relationship of the 
output voltage signal magnitude to the input charge signal 
magnitude. The transfer characteristic of the amplifier 
depends on the value of the feedback capacitor. 2. An 
amplifier whose output voltage is proportional to the input 
charge from a piezoelectric transducer. 

charge carrier — A mobile hole er conduction elec- 
tron in a semiconductor. 

charge-coupled device — Abbreviated CCD. Semi- 
conductor device arrayed so that the electric charge at the 
output end produces a stimulus to the next device. 
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charge density —The charge per unit area on a 
surface, or charge per unit volume in space. 

charged particle —An ion, an elementary particle 
that carries a positive or negative electric charge. 

charge injection device — See CID. 

charge injection imaging device — See CID. 

charge offset — During the sample-to-hold transition 
of a sample/hold circuit, the charge transferred to the 
holding capacitor because of the switching process. It is 
usually expressed in millivolts. 

charger — A device used to convert alternating cur- 
rent into a pulsating direct current that can be used for 
charging a storage battery. 

charge retention — The ability of a battery to hold 
its energy once it has been charged. 

charge-storage tube — A storage tube that retains 
information on its surface in the form of electric charges. 

charge transfer — The process in which an ion takes 
an clectron from a neutral atom of the same type, with a 
resultant transfer of electronic charge. 

charging — 1. The process of converting electrical 
energy to stored chemical energy. 2. The process of 
storing electrical energy in a capacitor. 

charging current— The current produced when a 
dc voltage is first applied to a capacitor. This current 
decreases exponentially with time. 

charging rate — 1. The rate of current flow used in 
charging a batlery. 2. The rate at which charging current 
flows into a capacitor or capacitance-resistance circuit. 
Expressed in amperes, milliamperes, or microamperes. 

chart recorder—A data recorder that provides a 
record of the values of a physical parameter, in the 
form of a graph on a piece of chart paper, either with 
respect to time or to some other variable. The recording 
system consists of essentially three elements: a transducer 
to convert the variable to be measured (temperature, 
pressure, rpm, etc.) into an electrical signal, a signal 
conditioner to process the signal into a form such that 
it may be recorded, and the recording device. 

chaser— 1. An array of elements similar to a ring 
except that as each successive element is switched to the 
“on” condition, the others remain on as well; when all 
stages are on, the next pulse turns them all off and the 
process generally repeats. 2. A repeat-cycle flasher with 
three or more outputs each operating in sequence to the 
other. Normally used on signs or displays to create a 
moving effect. 

chassis —1. A sheet-metal box, frame, or simple 
plate on which electronic components and their associated 


circuitry can be mounted. 2. The entire equipment (less 
cabinet) when so assembled. See also printed circuit 
board. 

chassis ground — A connection to the metal struc- 
ture that supports the electrical components that make up 
the unit or system. 

chat rooms — Areas on an online service, BBS, or 
the Internet that allow real-time, typed-in communication 
with other people. 

chatter— 1. A sustained rapid opening and closing 
of contacts due to variations in the coil current. 2. The 
vibration of a cutting stylus in a direction other than the 
direction in which it is driven. 

chattering —Rapid audible cyclic action within an 
electromechanical device. 

chatter time—The interval of time from initial 
actuation of a contact to the end of chatter. 

cheater cord — An extension cord used to conduct 
power to a piece of equipment (especially a TV) by 
temporarily bypassing the safety interlock connector. 

check —The partial or complete verification of the 
correctness of equipment operations, the existence of 
certain prescribed conditions, and/or the correctness of 
results. 

check bit—1. A binary check digit. 2. The bit that 
is automatically added by the computer to an item of data 
whcn it is necessary to make it either even or odd parity. 
Synonym: parity bit. 

check character— A character used to perform a 
check. 

check digit—A digit added to each number in a 
coding system that allows for detection of errors in the 
recording of the code numbers. Through the use of the 
check digit and a predetermined mathematical formula, 
recording errors, such as digit reversal, can be noted. 

checkerboard — See worst-case noise pattern. 

checking code — Machine instructions that read part 
of a diskette to determine whether it has been copied. 

checkout— A series of operations and calibration 
tests used to determine the condition and status of a 
system or element of the system. 

checkpoint— 1. In a computer routine, a point at 
which it is possible to store sufficient information to 
permit restarting the computation from that point. 2. The 
status of a long-running program is often recorded at 
frequent intervals called checkpoints. If something goes 
wrong, the program can be restarted at its last checkpoint 
instead of from the beginning. 

checkpoint routine — A computer routine in which 
information for a checkpoint is stored. 


CHAPTER 5 + THE COZY CORNER LAB 


Under the Desk 


If your workbench has the luxury of drawers, by all means use them! Try to keep your under-desk 
environment as free of clutter as possible. It’s not really a very convenient place to store unused tools or 
components. You're going to drop the occasional item from time to time, so having to dig out a bunch of 
junk just to find it is just going to be more frustrating for you. Keep it clean! 

You should keep a medium-sized trash can under or near your work area, as you will inevitably 
generate some waste products in this hobby. By minimizing the amount of food-related garbage 
deposited in your laboratory trash receptacle, you can postpone the invasion of little critters looking for 
a free meal. Also, bits of wire and old components don’t tend to stink after a few days, but a half-eaten 
sandwich might. 


Tip Copper easily recycles at a premium price. Collect your copper wire snippings and cash them in someday. 


A nice addition to the under-the-table accessories you might consider is some low-wattage strip 
lighting. LEDs are especially good for this. You will appreciate this more once you conduct your first 
search-and-rescue mission for that teensy-tiny component that dropped off the edge of your table and 
into the carpet. 


Components 


Most of our tools are now ready to go. The most frequently used tools are permanently set up, ready for 
action. The less frequently used tools are carefully stored where we can get to them when we need them, 
but are not in the way the rest of the time. This is a big improvement over the situation you saw back in 
Figure 5-1. 

Now we need some components with which to work, using our scientifically arrayed tools. Have a 
look at Figure 5-10 to see one example of how to keep your parts organized yet within easy reach. 
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check problem — A problem that, when incorrectly 
solved, indicates an error in the programming or operation 
of a computer. 

check register—A special register provided in 
some computers to temporarily store transferred informa- 
tion for comparison with a second transfer of the same 
information in order to verify that the information trans- 
ferred each time agrees precisely. 

check routine — A program whose purpose is to 
determine whether a computer or a program is operating 
correctly. 

checksum — 1. In a computer, a summation of digits 
or bits summed according to an arbitrary set of rules and 
primarily used for checking purposes. 2. A value that 
is the arithmetic sum of all the bytes in a program or 
program segment. As the program 1s loaded, the loader 
computes the sum of all bytes and compares the result 
with the checksum. If the two values are equal, it is 
assumed that the program segment was loaded without 
error. 3. A character added after a block of n words that 
contains the truncated binary sum of preceding nibbles. 
Used to verify the integrity of data ina ROM or on a tape. 
4. Error detection data in a diskette sector based on the 
sum of all data bits in a block; if the sums as written and as 
calculated do not agree, an error is reported. 5. A simple 
error-checking technique used in data communications. 

cheese antenna—An antenna with a cylindrical 
parabolic reflector enclosed by two plates perpendicular 
to the cylinder and so spaced that more than one mode 
can be propagated in the desired direction of polarization. 
It is fed on the focal line. 

chelate —A molecule in which a central inorganic 
ion is covalently bonded to one or more organic 
molecules, with at least two bonds to each molecule; used 
as a laser dopant. 

chemical deposition — The process of depositing a 
substance on a surface by means of the chemical reduction 
of a solution. 

chemically deposited printed circuit — A printed 
circuit formed on a base by the reaction of chemicals 
alone. Dielectric, magnetic, and conductive circuits can 
be applied. 

chemically reduced printed circuit—1. A 
printed circuit formed by chemically reducing a metallic 
compound. 2. A printed circuit formed by the chemical 
erosion (etching) of portions of the metallic surface of a 
metal-clad insulative material. 

chemical vapor deposition — Abbreviated CYD. 
A gaseous process that deposits insulating films or metal 
onto a wafer at elevated temperature. Often, reduced 
pressure is used to promote the chemical reaction. 

chemisorption — See adsorption. 

CHIL-— Abbreviation for current-hogging injection 
logic. 

Child’s Jaw — Also known as the three-halves power 
equation. It states that the current in a thermionic diode 
varies directly with the three-halves power of the anode 
voltage and inversely with the square of the distance 
between electrodes. 

chip — i. The uncased and normally leadless form of 
an electronic component part, either passive or active, 
discrete or integrated. 2. A single substrate on which all 
the active and passive circuit elements have been fabri- 
cated using one or all of the semiconductor techniques of 
diffusion, passivation, masking, photoresist, and epitaxial 
growth. A chip is not ready for use until packaged 
and provided with external connectors. The term is also 
applied to discrete capacitors and resistors that are small 
enough to be bonded to substrates by hybrid techniques. 
3. A tiny piece of semiconductor material, scribed or 
etched from a semiconductor slice, on which one or more 
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electronic components are formed. The total number of 
usable chips obtained from a wafer is the yield. 4. An 
unpackaged semiconductor device; a die incorporating an 
integrated circuit cut from a silicon wafer. By extension, 
every LSI package is commonly called a chip. 5. An 
electronic circuit element prior to having terminal con- 
nections added and prior to being encased for physical 
protection. 6. A single piece of semiconductor material 
(silicon, sapphire, germanium, etc.) containing one or 
more circuits, usually packaged as a unit. 7. Also called 
thread. In mechanical recording, the material removed 
from the recording medium by the recording stylus as it 
cuts the groove. 8. In punched cards, a piece of cardboard 
removed in the punching process. 

chip and wire—A hybrid technology employing 
face-up bonded chip devices interconnected to the sub- 
strate conventionally, i.e., by flying wires. 

chip architecture — The design or structure of an 
IC chip, incorporating arithmetic and logic unit, registers, 
and control-bus pathway configuration. 

chip capacitor — 1. A capacitor of which the small 
dimensions or the nature and configuration of its termi- 
nations render it suitable for use mainly in hybrid cir- 
cuits. 2. Discrete device that introduces capacitance into 
an electronic circuit, made in tiny wedge or rectangular 
shapes to be soldered onto hybrid circuits. 3. A sub- 
miniature capacitor (usually ceramic or solid tantalum) 
in chip form. 


TEAMINATION 


ELECTRODE DIELECTRIC 


Chip ceramic (multilayer) 
capacitor. 


chip carrier— 1. A low-profile component package, 
usually square, whose active chip cavity or mounting area 
is a large fraction of the package size and whose external 
connections are usually on the four sides of the package. 
2. A physical package into which a die is mounted. 

chip component — An unpackaged circuit element 
(active or passive) for use in hybrid microelectronics. 
Besides ICs, the term includes diodes, transistors, resis- 
tors, inductors, and capacitors. 

chip-in-tape — An automated hybrid bonding tech- 
nique that provides multiple, simultaneous bonding of 
leads by means of thermal and mechanical energy trans- 
mission through a deformable prepunched tape. 

chip-level integration — The combination of two or 
more integrated-circuit functions and/or technologies on 
one IC to achieve miniaturization, reduce systems cost, 
and make new applications possible. Particularly impor- 
tant for signal processing and power control solutions. 

chip-outs — Semiconductor die defects where frag- 
ments of silicon on the face have been chipped off in 
processing, leaving an active junction exposed. 

chip resistor — A subminiature resistor formed on a 
small insulating substrate. 

chip set— A set of integrated circuits that supplies all 
or most of the circuitry needed to build a functional item 
of electronic equipment. Most modems and computers are 
built from chip sets. 

chip sets — The microprocessor chip in addition to 
RAMs, ROMs, and interface I/O devices. The chip sets 
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mounted on a board are also referred to as the CPU por- 
tion of the microcomputer. Also called microcontroller. 

Chireix antenna— Also called Chireix-Mesny an- 
tenna. Resonant series-fed array of square loops with half- 
wave sides. The loops feed each other in cascade, corner 
to corner, and the antenna resembles a double zigzag. 

chirp — 1. An all-encompassing term for the various 
techniques of pulse expansion and pulse compression 
applied to pulse radar. A technique to expand narrow 
pulses to wide pulses for transmission, and to compress 
wide received pulses to the original narrow pulse width 
and waveshape. This improves the signal-to-noise ratio 
without degradation to the range resolution and range 
discrimination, 2. A colloquial expression for a coded 
pulse. In coding the pulse, the carrier frequency is 
increased in a linear manner for the duration of the pulse, 
and when the pulse is translated to an audio frequency, 
it sounds like a chirp. 3. A change in the pitch of code 
signals, generally due to poor regulation of the transmitter 
power supply. 4. A pulsed frequency-modulation scheme 
in which a carrier is swept over a wide frequency band 
during a given pulse interval. 

chirp modulation —Swept-frequency modulation 
used in some radar and sonar equipment to increase the 
on-target energy and improve range resolution by making 
full use of the average power capability of the transmitter. 

chirp radar— Radar in which a swept-frequency 
signal is transmitted, received after being returned from 
a target, and compressed in time to give a final narrow 
pulse called the chirp signal. This type of radar has high 
immunity to jamming and provides inherent rejection of 
random noise signals. 

choke — |. An inductance used to impede the flow of 
pulsating direct current or alternating current by means 
of its self-inductance. 2. An inductance used in a circuit 
to present a high impedance to frequencies appreciably 
limiting the flow of direct current. Also called choke coil. 
3. A groove or other discontinuity in a waveguide surface 
so shaped and dimensioned as to impede the passage of 
guided waves within a limited frequency range. 


choke coil — Also called impedance coil. An induc- 
tor (reactor) used to limit or suppress the flow of alter- 
nating current without appreciable effect on the flow of 
direct current. 

choke flange — A waveguide flange with a grooved 
surface; the groove is so dimensioned that the flange 
forms part of a choke joint. 

choke-input filter — A power-supply filter in which 
a choke is the first element in series with the input current 
from the rectifier. 

choke joint— 1. A connector between two sections 
of transmission line in which the gap between sections 
to be connected is built out to form a series-branching 
transmission line carrying a standing wave, in which 
actual contact falls at or near a current minimum. 2. A 
joint for connecting two sections of waveguide together. 
Permits efficient energy transfer without the necessity of 
an electrical contact at the inside surface of the guide. 
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Choke-input filter. 


cholesteric phase — An arrangement of liquid crys- 
tal molecules that occurs only in optically active sub- 
stances and is considered to be a twisted nematic phase 
with a helical structure. It consists of layers resembling the 
smectic phase, but each layer has an order characteristic 
of a nematic phase. 

chopped mode—A time-sharing method of dis- 
playing with a single CRT gun the output signals of two 
or more channels in sequence at a rate not referenced to 
the sweep. 

chopper — 1. A device for interrupting a current or 
a light beam at regular intervals. Choppers are frequently 
used to facilitate amplification. 2. An electromechanical 
switch for the production of modified square waves. 
The waves are of the same frequency as a driving 
sine wave and bear a definite relationship to it. 3. An 
electromechanical or electronic device used to interrupt 
a dc or low-frequency ac signal at regular intervals to 
permit amplification of the signal by an ac amplifier. It 
may also be used as a demodulator to convert an ac signal 
to dc. 4. A rotating shutter for interrupting an otherwise 
continuous stream of particles. Choppers can release short 
bursts of neutrons with known energies. Used to measure 
nuclear cross sections. 

chopper amplifier — A circuit that amplifies a low- 
level signal after it has gone through a chopper. 

chopper stabilization — |. The addition of a chop- 
per amplifier to the regulator input circuitry of a regulated 
power supply in order to reduce output drift. 2. A method 
of improving the de drift of an amplifier by utilization of 
chopper circuits. 

chopper-stabilized amplifier— 1. An amplifier 
configuration utilizing a carrier-type dc amplifier to 
reduce the effect of input offset and drift of a direct- 
coupled amplifier. 2. An amplifier in which the dc input 
is chopped, simulating ac in order to overcome amplifier 
de drift. 

chopping — Removal by electronic means of one or 
both extremities of a wave at a predetermined level. 

chopping frequency — The frequency at which a 
chopper interrupts a signal. 

chord — A harmonious combination of tones sounded 
together through the use of one or more fingers on either 
or both hands. On chord organs, a full chord is selected 
by depressing a single chord button. 

chord organ — An organ with provision for playing 
a variety of chords, each produced by means of a single 
button or key. 

chorus — A natural electromagnetic phenomenon in 
the VLF range. Probably originates in the exosphere. Also 
called dawn chorus because it sounds like birds at dawn. 
It generally consists of a multitude of rising tones, each 
tone rising from 1—2 kHz to 3-4 kHz and usually lasting 
0.1 to 0.5 second. 
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Christiansen antenna—A radiotelescope com- 
posed of two interferometer arrays placed at right angles. 
It resembles a Mills cross antenna. 

Christmas-tree pattern —1. See optical pattern. 
2. A pattern resembling a Christmas tree, sometimes 
produced on the screen of a television receiver when the 
horizontal oscillator falls out of sync. 

chroma — 1. That quality which characterizes a color 
without reference to its brightness; that quality which 
embraces hue and saturation. White, black, and gray have 
10 chroma. 2. The quality of light perception that includes 
color and ils purity. The purity of a color varies inversely 
with the amount of noise, that is, white light, mixed with 
it. Thus pink, red, and deep-red describe chromas for the 
visible wavelength in the vicinity of 650 nm. In parlance 
more relevant to optics, chroma pertains to the response 
of the eye to the combined effects of hue and saturation. 

chroma-clear raster— Also called white raster. 
Looks like a clear raster, but cach of the three guns in 
the CRT is operating under the influence of a color level 
determined by a white video signal. In this case, all TV 
set chroma circuits are working as though the TV set 
were receiving a color transmission of a completely white 
scene. 

chroma control —A variable resistor that controls 
saturation by varying the level of chrominance signal fed 
to the demodulators of a color television receiver. 

chroma detector — A circuit that detects the absence 
of chrominance information in a color encoder input. The 
chroma detector automatically deletes the color burst from 
the color encoder output when the absence of chrominance 
1s detected. 

chromatic aberration— 1. An effect that causes 
refracted white light to produce an image with colored 
fringes due to the various colors being bent at different 
angles. 2. Án optical lens defect that causes light-color 
separation because the optical material focuses different 
light colors at different points. A lens without this defect 
is said to be achromatic. 

chromaticity — 1. The combination of the hue and 
saturation attributes of color. 2. A term quantitatively 
descriptive of a color, and dependent on both hue and 
saturation, but without reference to brilliance. 
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chromaticity coordinates — Proportions of stan- 
dard primaries (tristimulus values) required for a color 
match; ratios of each tristimulus value of a color to their 
sum. In the CIE calorimetric system, designated X, Y, 
and Z. 

chromaticity diagram — A plane diagram formed 
when any one of the three chromaticity coordinates is 
plotted against another. 

chromaticity flicker — The flicker that results from 
fluctuation of the chromaticity only. 

chromatron—A color kinescope that has a single 
electron gun and whose color phosphors are laid out in 
parallel lines on its screen. The electron beam is directed 
to the correct phosphor by a deflection grid or wire grill 
near the face of the tube. 

chrominance — 1. Calorimetric difference between 
any color and a reference color having a specified 
chromaticity. In standard color-television transmission, 
the specified chromaticity is that of the zero subcarrier. 
2. Pertaining to chroma, that is, to the mix of color 
and white light. Thus, pale pink may be either more or 
less bright than its pure constituent, red. An example 
of this is seen in a TV receiver, wherein the color 
signal is processed in the chrominance channel, but 
the brightness information is handled separately in the 
luminance channel. 3. A color term detining the hue and 
saturation of a color. Does not refer to brighiness. 4. The 
hue and saturation of a color. The chrominance signal is 
modulated onto a 4.43 MHz carrier in the PAL television 
system and a 3.58 MHz carrier in the NTSC television 
system. 

chrominance amplifier — The amplifier that sepa- 
rates the chrominance signal from the total video signal. 

chrominance cancellation — A cancellation of the 
brightness variations produced by the chrominance signal 
on the screen of a monochrome picture tube. 

chrominance-carrier reference —A continuous 
signal having the same frequency as the chrominance sub- 
carrier, and a fixed phase with the color burst. The phase 
reference of carrier chrominance signals for modulation 
or demodulation. 

chrominance channel — In color television, a com- 
bination of circuits designed to pass only those signals 
having to do with the reproduction of color. 

chrominance component — Either of the I and Q 
signals that add to produce the complete chrominance 
signal in NTSC systems. 

chrominance contrast—The color contrast bet- 
ween two adjacent surfaces of identical area, shape, tex- 
ture, and luminance. The human eye is more sensitive to 
differences in color than it is to differences in brightness. 

chrominance demodulator — A demodulator used 
in color-television reception for deriving video-frequency 
chrominance components from the chrominance signal 
and a sine wave of the chrominance subcarrier frequency. 

chrominance gain control — In red, green, and 
blue matrix channels, variable resistors that individually 
adjust the primary-signal levels. Used in color television. 

chrominance modulator— A modulator used in 
color-television transmission for generating the chromi- 
nance signal from the video-frequency chrominance com- 
ponents and the chrominance subcarrier. 

chrominance primary — One of two transmission 
primaries, the amounts of which determine the chromi- 
nance of a color. Chrominance primaries have zero lumi- 
nance and are not physical. 

chrominance signal—1. The chrominance-sub- 
carrier sidebands added to a monochrome television sig- 
nal to convey color information. The components of the 
chrominance signal represent hue and saturation but do 
not include luminance or brightness. 2. That portion of 
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the total video signal that contains the color information. 
Without the chrominance signals, the received TV picture 
would be in black and white. 

chrominance subcarrier — Also called color car- 
rier. An rf signal that has a specific frequency of 
3.579545 MHz and that is used as a carrier for the I and 
Q signals. 

chrominance-subcarrier oscillator — In a color 
TV receiver, a crystal-controlled oscillator that generates 
the subcarrier signal for use in the chrominance demodu- 
lators. 

chrominance video signals— Output voltages 
from the red, green, and blue sections of a color-television 
camera or recelver matrix. 

chromium dioxide — A type of recording-tape coat- 
ing that produces very good quality at low recording 
speeds. Because of its magnetic properties, it requires a 
higher value of bias current in the recorder. The high per- 
formance inherent in chromium dioxide tape can only be 
realized in a tape machine having provision for a CrO, 
bias setting. On a standard recorder, the chromium diox- 
ide tape will appear to have high-frequency emphasis and 
may likely be difficult to erase. Chromium dioxide has a 
good dynamic range and a low noise level. Used in the 
cassette format with a suitable machine equipped with the 
Dolby system, it can make recordings that meet the best 
high-fidelity standards. 

chronistor— A subminiature elapsed-time indicator 
that uses electroplating principles to totalize the operating 
time of equipment up to several thousand hours. 

chronograph — An instrument for producing a gra- 
phical record of time as shown by a clock or other device. 

chronoscope— An instrument for measuring very 
small intervals of time. 

CID — Abbreviation for charge injection device or 
charge injection imaging device. 1. A memory in which 
the charge is stored in an X-Y addressable array of 
potential cells. For image arrays, the charge for each 
of the cells is generated by an associated photodioide. 
2. A solid-state imaging device utilizing an image sensor 
composed of a two-dimensional array of coupled MOS 
charge-storage capacitors and designed to convert near 
infrared energy to electrical signals, providing broad gray 
shade or tonal rendition. The sensor collects minority 
carrier charge, generated by photon energy in the substrate 
near the charge-storage capacitors, and stores it in the 
surface inversion region. By injecting the stored charge 
into the substrate, and by monitoring the current, signal 
readout is achieved. 

CIE — Initials of the Commission Internationale de 
PÉclairage, or International Commission on Illumination. 

CIE source — Standard light source representative of 
the quality of specified natural or artificial illumination. 
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CIE standard chromaticity diagram_—-A chro- 
maticity diagram in which the X and Y chromaticity 
coordinates are plotted in rectangular coordinates. 

CIM — Abbreviation for computer-integrated manu- 
facturing. Applying information technology to produc- 
tion processes and organizational structure to streamline 
operations. Often focused on integrating systems and pro- 
cesses distributed across a company, such as order entry, 
scheduling, and production. 

cinching — Longitudinal slippage between the layers 
in a tape pack as a result of acceleration or deceleration 
of the roll. 

cipher— Cryptographic system in which arbitrary 
symbols or groups of symbols represent units of plain 
text of regular length, usually single letters, or in which 
units of plain text are rearranged, or both, according to 
certain predetermined rules. 

cipher machine — Mechanical and/or electrical appa- 
ratus for enciphering and deciphering. 

cipher telephony — A technique by which mechan- 
ical and/or electrical equipment is used for scrambling or 
unscrambling, or enciphering or decoding, radio or voice 
messages. 

ciphertext or cryptogram—aA secret form of a 
message. 

ciphony — See cipher telephony. 

circle cutter — A tool consisting of a center drill with 
an adjustable extension-arm cutter, used to cut holes in 
panels and chassis. 

circle-dot mode —A method of storage of binary 
digits in a cathode-ray tube in which one kind of digit is 
represented by a small circle on the screen, and the other 
kind is represented by a similar circle with a concentric 
dot. 

circle of confusion — The circular image of a point 
source due to the inherent aberrations in an optical system. 

circlotron amplifier — A one-port, nonlinear cross- 
field high-power microwave amplifier that uses a mag- 
netron as a negative-resistance element, much as a maser 
uses an active material. 

circuit—1. Path through which electrical signals 
flow. 2. An electronic path between two or more points 
capable of providing a number of channels. 3. A num- 
ber of conductors connected together for the purpose of 
carrying an electrical current. 4. The interconnection of a 
number of devices in one or more closed paths to per- 
form a desired electrical or electronic function. Examples 
of simple circuits are high- or low-pass filters, multivi- 
brators, oscillators, and amplifiers. 5. A complete path of 
electron flow from a negative terminal of voltage source 
through a conductor and back to the positive terminal. 
6. An electrical system using two or more wires in which 
the current flows from the source to one or more electrical 
devices and back again to the source of supply. 7. A com- 
plete, closed path. Confusion between circuit and network 
is common. Circuit refers to a closed path within a net- 
work. 8. An array of elements interconnected to perform 
functions beyond the range of single-element capability. 
See channel, 2. 

circuit analysis— Careful determination of the 
nature and behavior of a circuit and its various parts. The 
analysis may be theoretical, practical, or both. 

circuit analyzer — Also called multimeter. Several 
instruments or instrument circuits combined in a single 
enclosure and used in measuring two or more electrical 
quantities in a circuit. 

circuit bonding jumper — The connection between 
portions of a conductor in a circuit to maintain required 
ampacity of the circuit. 

circuit breaker — 1. An automatic device that, under 
abnormal conditions, will open a current-carrying circuit 
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without damaging itself (unlike a fuse, which must be 
replaced when it blows). 2. A device for interrupting a 
circuit under normal or abnormal conditions by means 
of separable contacts. 3. An electromagnetic device that 
opens a Circuit automatically when the current exceeds a 
predetermined value. It can be reset by operating a lever 
or by other means. 

circuit-breaker cascade system—A system 
wherein the protective devices are arranged in order 
of ratings such that those in series will coordinate and 
provide the required protection. 

circuit capacity—The number of communication 
channels that can be handled by a given circuit at the 
same time. 

circuit card—A printed circuit board containing 
electronic components. 

circuit commutated turn-off time— The time 
interval between the instant when the principal current has 
decreased to zero after external switching of the principal 
voltage circuit and the instant when a thyristor is capable 
of supporting a specified rate of rise of on-state voltage 
without tuming on. 

circuit component— An element of a circuit, such 
as a resistor, capacitor, diode, inductor transformer, inte- 
grated circuit, or transistor. 

circuit density — The number of equivalent transis- 
tors per unit area of a IC chip. 

circuit diagram — A drawing in which symbols and 
lines represent the components and wiring of an electronic 
circuit, Also called circuit schematic. See schematic 
diagram. 

circuit dropout—A momentary interruption of a 
transmission because of the complete failure of a circuit. 


circuit efficiency (of the output circuit of elec- 
tron tubes)— Ratio of the power, at the desired fre- 
quency, delivered to a load at the output-circuit terminals 
of an oscillator or amplifier to the power, at the desired 
frequency, delivered to the output circuit by the electron 
stream. 

circuit element—1. Any basic constituent of a 
circuit except the interconnections. 2. A discrete unit of 
resistance, inductance, or capacitance that, when two or 
more are interconnected, forms an electric circuit. 

circuit hole — On a printed circuit board, a hole that 
lies partially or completely within the conductive area. 

circuit noise— The noise brought to the receiver 
electrically from a telephone system, but not the noise 
picked up acoustically by the telephone transmitters. 

circuit noise level — At any point in a transmission 
system, the ratio of the circuit noise at that point to some 
arbitrary amount of circuit noise chosen as a reference. 
This ratio is usually expressed in decibels above reference 
noise, abbreviated dBrn, signifying the reading of a 
circuit-noise meter; or in adjusted decibels, abbreviated 
dBa, signifying the circuit-noise meter reading adjusted 
to represent interfering effect under specified conditions. 

circuit-noise meter — Also called noise-measuring 
set. An instrument for measuring the circuit noise level. 
Through the use of a suitable frequency-weighting net- 
work and other characteristics, the instrumert gives equal 
readings for noises of approximately equal interference. 
The readings are expressed in decibels above the reference 
noise. 

circuit parameters —The values of the physical 
quantities associated with circuit elements; for example, 
the resistance (parameter) of a resistor (element), or the 
inductance per unit length (parameter) of a transmission 
line (element). 

circuit protection — Automatic protection of a 
consequence-limiting nature used to minimize the dan- 
ger of fire or smoke, as well as the disturbance to the 
rest of the system, that may result from electrical faults 
or prolonged electrical overloads. 

circuit Q—The quality factor of a circuit, equal to 
the ratio of the circuit reactance to the circuit resistance. 
In a tuned resonant circuit, it determines the selectivity 
of the circuit; the higher the Q, the more selective the 
circutt. 

circuit reentrancy — See reentrancy, 1. 

circuit reliability —The percentage of time the 
circuit meets arbitrary standards set by the user. 

Circuitron—A combination of active and passive 
components mounted in a single tube-type envelope and 
functioning as one or more complete operating stages. 

circuit switching —-A communication method in 
which an electrical connection between calling and called 
stations is established on demand for exclusive circuit use 
until the connection is released. 

circuit synthesis — The development of a circuit 
by the use of theoretical or practical knowledge of 
basic electronics principles and component parameters. 
Compare circuit analysis. 

circular antenna — A horizontally polarized antenna 
derived essentially from a half-wave antenna but having 
its elements bent into a circle. 

circularly polarized loop vee— An airbome 
communications antenna that provides an omnidirectional 
radiation pattern for use in obtaining optimum near- 
horizon communications coyerage. 

circularly polarized wave— Applied usually to 
transverse waves. An electromagnetic wave for which the 
electric and/or magnetic field vector at a point describes 
a circle. 
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circular magnetic wave—A wave with circular 
magnetic lines of force. 

circular mil—A unit of area equal to the area of 
a circle whose diameter is 1 mil (0.001 in or 25.4 um); 
equal to square mil x 0.78540. Used chiefly in specifying 
cross-sectional areas of round conductors. 

circular mil area —The square of the diameter of a 
round conductor measured in thousandths of an inch. The 
circular mil area of a braid is the sum of the circular mil 
area of each of the wires that make up the braid. 

circular polarization — 1. Polarization such that the 
vector representing the wave has a constant magnitude 
and rotates continuously about a point. 2. Simultaneous 
transmission of vertically and horizontally polarized radio 
waves. 3. A method of transmitting signals in a rotat- 
ing corkscrew-like pattern. Both right-hand rotating and 
left-hand rotating signals can be transmitted simulta- 
neously on the same frequency, thereby doubling the 
capacity of a satellite to carry communications channels. 
4. Polarization of electromagnetic waves whose electric 
field rotates uniformly along the signal path. Broadcasts 
used by Intelsat and other international satellites use cir- 
cular polarization, not horizontally or vertically polarized 
waves as are common in North American and European 
transmissions. 

circular scanning — Scanning in which the direc- 
tion of maximum radiation generates a plane or a right 
circular cone with a vertex angle close to 180°. 

circular trace—A CRO time base produced by 
applying sine waves of the same frequency and amplitude, 
but 90° out of phase, to the horizontal- and vertical- 
deflection plates of a cathode-ray tube. This results in 
a circular trace, and signals then give inward or outward 
radial deflections from the circle. 

circular waveguide — A waveguide having a circu- 
lar cross-sectional area. 

circulating memory— |. See circulating register. 
2. A type of memory in which a data stream circulates in a 
loop. One example is a string of shift-register stages with 
the last output connected to the first input. At every clock 
pulse, a particular bit would be accessed as it passed a 
certain point in the circuit. Circulating memories also use 
other delay techniques, including electrical and acoustical 
delay lines. 

circulating register — Also called circulating mem- 
ory. A register (or memory) consisting of a means for 
delaying the information and a means for regenerating 
and reinserting it into the delaying means. This is accom- 
plished as the information moves around a loop and 
returns to its starting place after a fixed delay. 

circulating storage— A device using a delay line 
to store information in a train or pattern of pulses. The 
pulses at the output end are sensed, amplified, reshaped, 
and reinserted into the input end of the delay line. 

circulator — i. A microwave coupling device having 
a number of terminals so arranged that energy entering 
one terminal is transmitted to the next adjacent terminal 
in a particular direction. 2. An arrangement of phase 
shifters and waveguide or coax that distributes incoming 
signals among selected outputs. For example, a four-port 
circulator will transfer a signal entering from port 1 to 
port 2. In turn, a signal entering port 2 will leave only by 
port 3. A signal entering port 3 will leave by port 4, and 
a port-4 entering signal leaves by port 1. Can be used to 
isolate a transmitter and receiver when both are connected 
to the same antenna. 

circumferential crimp— The type of crimp in 
which symmetrical indentations are formed in a barrel 
by crimping dies that completely surround the barrel. 
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circumnaural— A headphone in which the earpiece 
completely surrounds the wearer’s ear and is sealed to the 
head to provide tight bass coupling. 
CISC — Abbreviation for complex instruction set 
computer. A type of computer architecture that has long/ 
complex instructions that are general purpose and 
powerful, but considered to be slower than RISC 
computers. Intel x 86 chips are CISC technology. 
Citizens band — Abbreviated CB. A band of radio 
frequencies allocated to the Citizens Radio Service. 
Citizens Radio Service — A radiocommunications 
service of fixed, land, and mobile stations intended for 
short-distance personal or business radiocommunications, 
radio signaling, and control of remote objects or devices 
by radio; all to the extent that these uses are not 
specifically prohibited by the FCC rules and regulations. 
cladding —1. A covering for the core of an optical 
fiber that provides optical insulation and protection. 
Generally fused to the fiber, it has a low index of 
refraction. 2. In fiber optics, a sheathing of a lower 
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Channel No, Frequency (MHz) 
1 26.965 
2 26.975 
3 26.985 
4 27.005 
5 27.015 
6 27,025 
7 27.035 
8 27,055 
9 27.065 

10 27.075 
11 27.085 
12 27.105 
13 27.115 
14 27.125 
15 27.135 
16 27.155 
17 27.165 
18 27,175 
19 27.185 
20 27.205 
21 27.215 
22 27.225 
23" 27.255 
24 27.235 
25 27,245 
26 27.265 
27 27.275 
28 27.285 
29 27.295 
30 27.305 
31 27.315 
32 27.325 
33 27.335 
34 27.345 
35 27.355 
36 27.365 
37 27.370 
38 27.385 
39 27.395 
40 27,405 
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refractive index material, intimately in contact with the 
core of a higher refractive index material, that serves to 
provide optical insulation and protection to the reflection 
interface. 3. A method of applying a layer of metal over 
another metal whereby the junction of the two metals is 
continuously welded. 4. A relatively thin layer or sheet of 
metal foil that is bonded to a laminate core to form the 
base material for printed circuits. 

clamp — See clamping circuit. 

clamper — See clamping circuit. 

clamping — The process that establishes a fixed level 
for the picture signal at the beginning of each scanning 
line. 

clamping circuit— A circuit that adds a fixed bias to 
a wave at each occurrence of some predetermined feature 
of the wave. This is done to hold the voltage or current 
of the feature at (clamp it to) a specified fixed or variable 
level. See also de restorer. 

clamping diode — A diode used to fix a voltage level 
at some point in a circuit. 

clamp-on — See camp-on. 

clamp-on ammeter — An ac ammeter with a built- 
in current transformer whose core can be clamped around 
the conductor in which current is to be measured. 

clapper— |. A hinged or pivoted armature. 2. In a 
bell, the ball or hammer that strikes the bell; in an electric 
bell, it is attached to the vibrating armature. 

Clapp oscillator — A Colpitts-type oscillator using 
2 series-resonant tank circuit for improved stability. 
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Clarifier— A control on an SSB transceiver that 
enables adjustment of frequency so that the frequencies of 
the recovered audio signal will be essentially the same as 
the frequencies of the modulating signal fed to a distant 
transmitter. It is carefully adjusted so the received signal 
sounds natural. Its effective range is usually +600 to 
+1500 Hz. 

Clark cell — An early standard cell that used an anode 
of mercury, a cathode of zinc amalgam, and an electrolyte 
containing zinc sulfate and mercurous sulfate. Its voltage 
is 1.433 at a temperature of 15°C. 

Clarke belt—The circular orbital belt at 22,238 
miles (35,863 kilometers) above the equator, named after 
the writer Arthur C. Clarke, in which satellites travel at 
the same speed as the earth's rotation. Also called the 
geosynchronous or geostationary orbit 

Clarke orbit— That circular orbit in space 22,238 
miles from the surface of the earth at which geosyn- 
chronous satellites are placed. This orbit was first pos- 
tulated by the science fiction writer Arthur C. Clarke in 
Wireless World magazine in 1945. Satellites placed in 
these orbits, although traveling around the earth at thou- 
sands of miles an hour, appear to be stationary when 
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viewed from a point on earth because the earth is rotating 
upon its axis at the same angular rate that the satellite is 
traveling around the earth. See also geostationary. 

class A amplifier — 1. A class of service of a power- 
amplifer stage in which both bias and drive signal (to be 
amplified) are adjusted to allow continuous output current 
at all times. Current through the load resistor generates the 
output voltage. Efficiency is low — theoretically reaching 
50 percent for a pure sine wave, but in practice generally 
hovering between 20 and 30 percent. This class of service 
is generally limited to selected audio applications, amateur 
single-sideband linear rf service, and some CB. 2. An 
amplifier in which the grid bias and alternating grid 
voltage are such that plate current flows at all times. To 
denote that no grid current flows during any part of the 
input cycle, the suffix “1” is sometimes added to the letter 
or letters of the class identification. The suffix “2” denotes 
that grid current flows during part of the input cycle. 
3. An amplifier in which the output transistors or tubes are 
Operating permanently on linear portions of their transfer 
characteristics. Efficiency is low, but a constant current is 
drawn from the power supply whatever the signal ievel. 
Usually recognized by the use of a single transistor or 
tube driving the loudspeaker. 4. Operation that implies 
biasing the tubes or transistors to the middle parts of their 
transfer characteristics so that the device is driven upward 
on one half-cycle and downward on the other half-cycle. 
In a push-pull power amplifier, one of the device pair is 
driven upward on negative half-cycles while its partner 
is driven downward, the mode reversing on the positive 
half-cycles. The stage thus draws a constant current at all 
drive levels within the dynamic range of the amplifier. A 
class A power amplifier has an efficiency of almost 50 
percent. 5. For a transistor amplifier, an amplifier with a 
single output device that has collector current for the full 
360° of the input cycle. 
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class AB amplifier— 1. An amplifier in which the 
grid bias and alternating grid voltage are such that plate 
current flows for more than half but less than the entire 
electrical cycle. To denote that no grid current fiows 
during any part of the input cycle, the suffix “1” is 
sometimes added to the letter or letters of the class 
indentification. The suffix “2” denotes that grid current 
flows during part of the cycle. 2. One type of power 
amplifier engineered so that at low drive level the stage 
operates at class A, while at increasing drive level the 
mode changes to class B. 

class A computing device — A computing device 
for use in a commercial, industrial, or business environ- 
ment, exclusive of any device marketed for use by the 
general public or intended to be used in the home. 

class AO emission — The incidental radiation of an 
unmodulated carrier wave from a station. 
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class A1 emission — A carrier wave (unmodulated 
by an audio frequency) keyed normally for telegraphy to 
transmit intelligence in the International Morse code at 
a speed not exceeding 40 words per minute (the average 
word 1s composed of five letters). 

class A2 emission — A carrier wave that is ampli- 
tude modulated at audio frequencies not exceeding 
1250 hertz. The modulated carrier wave is keyed normally 
for telegraphy to transmit intelligence in the International 
Morse code at a speed not exceeding 40 words per minute, 
the average word being composed of five letters. 

class A3 emission — A carrier wave that is ampli- 
tude modulated at audio frequencies corresponding to 
those necessary for intelligible speed transmitted at the 
speed of conversation. 

class A GFCI — A ground fault circuit interrupter that 
will trip when a fault current to ground is 5 milliamperes 
or more. 

class A insulating material—A material or 
combination of materials, such as cotton, silk, and paper, 
suitably impregnated, coated, or immersed in a dielectric 
liquid such as oil. Other materials or combinations of 
materials may be included if shown to be capable of 
satisfactory operation at 105°C. 

class A modulator — A class A amplifier used for 
supplying the signal power needed to modulate the carrier. 

class A operation — Operation of a vacuum tube 
with grid bias such that plate current flows throughout 
360° of the input cycle. 

Class A signal area—A strong TV signal arca, 
defined by the FCC as receiving a signal strength equal to 
or greater than approximately 2500 microvolts per meter 
for channels 2 through 6, 3500 microvolts per meter for 
channels 7 through 13, and 5000 microvolts per meter for 
channels 14 through 69. 

Class A station—A station in the Citizens Radio 
Service licensed to be operated on an assigned frequency 
in the 460- to 470-MHz band with input power of 60 
walts or less. 

class A transistor amplifier— 1. An amplifier in 
which the input electrode and alternating input signal are 
biased so that output current flows at all times. 2. An 
amplifier with a single output device that has collector 
current for the full 360° of the input cycle. 

class B amplifier—1. A power-amplifier stage 
that offers improved efficiency with linear performance. 
Class B most commonly is configured in the push- 
pull arrangement popular in both highly linear audio 
and rf amplifiers. Adjustments in bias and drive effect 
a 50-percent output-current duty cycle for each active 
element. When the collector, drain, or plate voltage is 
at its maximum value, the current is zero. The fact that 
only one active element is on at any time creates the 
equivalent of a continuous current source for the load. 
Output power is the same as for class A, but input power 
is proportional to average load current. Efficiency can 
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reach 78 percent, though usually limited to 50 or 60 
percent. Amplitude of the output is independent of the 
supply voltage (provided the amplifier is not saturated). 
2. An amplifier in which the grid bias is approximately 
equal to the cutoff value so that, when no exciting grid 
voltage is applied, the plate current will be approximately 
zero and will flow for approximately half of each cycle 
when an alternating grid voltage is applied. To denote 
that no grid current flows during any part of the input 
cycle, the suffix “1” is sometimes added to the letter or 
letters of the class identification. The suffix “2” denotes 
that grid current flows during part of the cycle. 3. An 
amplifier in which two transistors or tubes operate on 
positive and negative half-cycles of the signal waveform. 
Each operates from a low initial current, but this rises 
as the signal level increases. Usually recognized by the 
use of two transistors or tubes operating in antiphase 
to drive the loudspeaker. 4. Transistor or tube (power) 
amplifier whose biasing is adjusted such that the push- 
pull transistors (or tubes) operate at a low no-drive current 
(called quiescent current). When drive is applied, the 
current in one of the pair rises while the partner is pushed 
into cutoff on one half-cycle, the mode reversing on the 
other half-cycle. 

class B computing device — A computing device 
marketed for use in a residential environment, notwith- 
standing use to commercial, business, and industrial envi- 
ronment. Examples of such devices include electronic 
games, personal computers, calculators, and similar elec- 
tronic devices marketed for use by the general public. 

class B GFCI—A ground-fault circuit interrupter 
that will trip when a fault current to ground is 20 
milliamperes or more. 

class B insulating material— A material or com- 
bination of materials such as mica, glass fiber, asbestos, 
etc., suitably bonded. Other materials or combinations, 
not necessarily inorganic, may be included if shown to be 
capable of satisfactory operation at 130°C. 

class B modulator—A class B amplifier used 
specifically for supplying the signal power needed to 
modulate a carrier. 

class B operation— Operation of a vacuum tube 
with the triad bias set at or very near cutoff, so that plate 
current flows for approximately the positive half of each 
cycle of the input signal. 

Class B station—A station in the Citizens Radio 
Service licensed to be operated on an authorized fre- 
quency in the 460- to 470-MHz band with input power 
of 5 watts or less. 

class B transistor amplifier— 1. An amplifier 
in which the input electrode is biased so that when no 
alternating input signal is applied, the output current is 
approximately zero, and when an alternating input signal 
is applied, the output current flows for approximately half 
a cycle. 2. The most common type of audio amplifier, 
which basically consists of two output devices each of 
which conducts for 180* of the input cycle. 

class C amplifier— 1. A power-amplifier stage in 
which bias is adjusted so that drive-signal voltge produces 
output current for less than half of the total cycle. Class C 
amplifiers normally operate in a saturated condition and 
are insensitive lo drive variations. They can be modulated 
by variations of the power-supply voltage because in 
saturation they perform as voltage sources. Efficiency can 
theoretically approach 100 percent, but 60 to 80 percent 
is typical. Because this class is highly nonlinear, it is 
restricted to rf applications and enjoys wide popularity in 
broadcast amplifier applications. 2. An amplifier in which 
the grid bias is appreciably beyond the cutoff point, so 
that plate current is zero when no alternating grid voltage 
is applied, and plate current flows for appreciably less 
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than half of each cycle when an alternating grid voltage 
is applied. To denote that no grid current flows during 
any part of the input cycle, the suffix “1” is sometimes 
added to the letter or letters of the class identification. 
The suffix “2” denotes that grid current flows during part 
of the cycle. 
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class C insulating material — Insulation consisting 
entirely of mica, porcelain, glass, quartz, or similar 
inorganic materials. Other materials or combinations of 
materials may be included if shown to be capable of 
satisfactory operation at temperatures over 220°C. 

class C operation — Operation of a vacuum tube 
with grid bias considerably greater than cutoff. The plate 
current is zero with no input signal to the grid and flows 
for appreciably less than one-half of each cycle of the 
input signal. 

Class C station — A station in the Citizens Radio 
Service licensed to be operated on an authorized fre- 
quency in the 26.96- to 27.23-MHz band, or on the fre- 
quency 27.255 MHz, for the control of remote objects or 
devices by radio or for the remote actuation of devices 
that are used solely as a means of attracting attention, or 
on an authorized frequency in the 72- to 76-MHz band 
for the control of model aircraft only. 

class C transistor amplifier— An amplifier in 
which the collector current flows for less than 180° of 
each input cycle. Although highly efficient, high distortion 
results and the load is frequently tuned to minimize this 
distortion (primarily used in rf power amplifiers). 

class D amplifier— 1. A switching or sampling 
amplifier with extremely high efficiency (approaching 100 
percent). The output devices are used as switches, volt- 
age appearing across them only while they are off and 
current flowing only when they are saturated. 2. Also 
called pulse width modulator amplifier. In this amplifier 
a very high-frequency series of pulses are modulated in 
their width by the audio signal. The output stages need 
to conduct for a short interval only to amplify the tips 
of these pulses; when they do conduct, they are highly 
efficient — conducting as much as 90 to 95 percent. The 
high-frequency pulses associated with class D amplifiers 
(500 kHz or more) present special problems in the tran- 
sistor switching speed and suitable transistor availability. 
3. A power-amplifier stage in which push-pull configu- 
ration is driven as a two-position switch alternately con- 
necting the output between Vpp and ground. The class D 
power amplifier delivers a square wave to a tuned circuit 
that passes only the fundamental (switching) frequency 
to the load. Extreme linearity and very high efficiency 
(approaching 100 percent) are possible. Applications con- 
sist mainly of audio and low-frequency broadcast equip- 
ment. 
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class D auxiliary power — An uninterruptible (no- 
break) power unit that makes use of stored energy to 
provide continuous power within specified tolerances for 
voltage and frequency. 

Class D station— A station in the Citizens Radio 
Service licensed to be operated on an authorized fre- 
quency in the 26.965- to 27.405-MHz band, with input 
power of 5 watts or less, and to be used for radio tele- 
phony only. 

class D telephone — A telephone restricted to use 
in special classes of service, such as fire alarm, guard 
alarm, and watchman services. 

class E amplifier— Another switch-mode design 
amplifier (see class D amplifier) that uses only one active 
element. It combines the switching action of that element 
with the transient response of the tuned-ioad network to 
achieve efficiencies approaching 100 percent in practice. 
Use has been generally limited to medium-frequency rf 
designs. 

class F amplifier—A power-amplifier stage very 
similar to both class D and class E. Class F amplifiers 
differ in that the tuned output circuit introduces a third- 
harmonic component properly phased to improve output- 
power capability. This configuration achieves very high 
efficiencies, approaching 90 percent in rf applications. 

class F insulating material — A material or com- 
bination of materials such as mica, glass fiber, asbestos, 
etc., suitably bonded. Other materials or combinations of 
materials, not necessarily inorganic, may be included if 
shown to be capable of satisfactory operation at 155°C. 

class G amplifier—1. A power-amplifier stage in 
which two class B amplifiers with different supply volt- 
ages are combined. Small-amplitude signals are boosted 
by the one with the lower supply voltage, resulting in 
much higher average efficiency for speech and music. 
2. An amplifier that uses a minimum of two pairs of out- 
put transistors. One pair is powered by a lower voltage 
supply than the other. When signal levels are relatively 
low, only the low-powered pair of transistors does the 
amplifying. When signals exceed the low-voltage supply 
amplitude, the other transistor pair, which operates from 
the higher voltage supply, takes over, while the first pair 
is Simultaneously turned off. In this way each pair of tran- 
sistors 1s always operating over its most efficient range, 
and overall amplifier efficiency is greater than with a class 
B design. Thus, less massive heat sinks are needed for the 
output transistors, and the complete amplifier or receiver 
is lighter in weight. 

class H amplifier — 1. An amplifier somewhat sim- 
ilar to class G operation that uses only one set of out- 
put transistors, but these transistors are connected to two 
different power-supply voltages. The lower voltage pow- 
ers the output devices for low-level signals, while the 
higher voltage takes over when the input signal ampli- 
tudes exceed the limits of the low-voltage supply. As in 
class G, this approach results in a more efficient use of 
the output transistors, and the audio signals themselves 
do not have to be switched from one device to another 
during the process. 2. A power-amplifier stage in which 
the supply voltage of the class B amplifier is varied by 
an efficient class S amplifier so it remains just above the 
minimum value required to prevent saturation. This con- 
figuration also achieves much higher average efficiency 
for speech and music signals. 

class H insulating material— A material or 
combination of materials, such as silicone elastomer, 
mica, glass fiber, asbestos, etc., suitably bonded. Other 
materials or combinations of materials may be included 
if shown to be capable of satisfactory operation at i 80°C. 

class J oscilloscope — See J-scope. 
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class O insulating material — An unimpregnated 
material or combination of materials, such as cotton, silk, 
or paper. Other materials or combinations of materials 
may be included if shown to be capable of satisfactory 
operation at 90°C. 

class S amplifier — A pulse-width-modulated audio 
amplifier in which the active elements are switched 
by a control frequency several times higher than the 
signal frequency being amplified. Class S offers an ideal 
efficiency of 90 percent. 

clavier — Any keyboard, either hand or foot operated. 

clean room—-A confined area in which the humid- 
ity, temperature, and particulate matter are precisely con- 
trolled within specified units. The class designation of the 
clean room defines the maximum number of particles of 
0.3-micron size or larger that may exist in one cubic foot 
of space anywhere in the designated area. For example, in 
a Class 1 clean room, only one particle of any kind may 
exist in one cubic foot of space. Newer clean rooms are 
typically Class 1 to 10, and are needed for manufacturing 
ICs with feature size close to 1 micron. 

clear—1. Also called reset. To restore a storage or 
memory device to a prescribed or nonprogrammed state, 
usually to zero or off (empty). 2. Remove all components 
of a calculation in a calculator. 3. In a calculator, to erase 
the contents of a display, memory, or storage register. 
4. As used in security work, the term clear is synonymous 
with reset, meaning that a latched circuit is restored 
to normal state. 5. Signal to reset or set all signals to 
an initial known state (usually zero). 6. The process of 
setting the contents of a register, flag, or memory location 
to zero. 7. To erase the contents of a display or a memory 
or storage register. 

clearance —The shortest distance through space 
between two live parts, between live parts and supports 
or other objects, or between any live part and grounded 
part. 

clear channel —In the standard broadcast band, 
a Channel such that the station assigned to it is free 
of objectionable interference through all of its primary 
service area and most of its secondary service area. 

clear entry — Remove only the last number, not the 
entire calculation, in a calculator. 

clear entry/clear all —In a calculator, a key used 
to clear the last entry or to clear the machine completely. 

clearing — 1. Removal of a flaw or weak spot in 
the dielectric of a metallized capacitor by the electrical 
vaporization of the metallized electrode at the flaw. 2. The 
ability of a lightning protector to interrupt follow current 
before the operation of circuit fuses or breakers. In the 
case of a simple gap, clearing frequently requires some 
external assistance. 

clearing ends—The operation of removing the 
sheath from the end of a cable, climinating all moisture, 
and checking for crosses, shorts, and grounds in prepara- 
tion for testing. 

clearing-out drop — A drop signal associated with 
a cord or trunk circuit and operated by ringing current to 
attract the operator’s attention. 

clear input— An asynchronous input to a flip-flop 
used to set the Q output to logic zero. 

clear memory key— Removes what is stored in a 
memory register of a calculator. 

clear raster — A raster free of snow such as would 
be obtained in the absence of a video signal on either the 
cathodes or the grids of the three guns in the color CRT 
(mostly a function of bias conditions). 

clear terminal — See reset terminal. 

clear to send — See CTS. 

click — To point a mouse pointer at a word or icon 
on a monitor, press a mouse button, and then release it 
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quickly. Clicking is usually performed to select or deselect 
an item or to activate a program or a program feature. 

click and pop suppressor— An audio-signal- 
processing accessory. It removes or greatly reduces the 
audible transient sounds resulting from scratches and 
blemishes on the surface of a phonograph record. 

click filter—A capacitor and resistor connected 
across the contacts of a switch or relay to prevent a surge 
from being introduced into an adjacent circuit. See also 
key-click filter. 

click-noise modulation — A clipping action per- 
formed to increase the bandwidth of a jamming signal. 
Results in more energy in the sidebands, correspondingly 
less energy in the carrier, and an increase in the ratio of 
average power to peak power. 

client — A software program or computer that requests 
information from another computer. 

client-server network— A network that uses a 
central computer (server) to store data that is accessed 
from other computers on the network (clients). 

clipboard — A temporary storage place in a computer 
where text or graphics are stored. 

clipper — A device whose output is zero or a fixed 
value for instantaneous input amplitudes up to a certain 
value, but is a function of the input for amplitudes 
exceeding the critical value. 

clipper amplifier — An amplifier designed to limit 
the instantaneous value of its output to a predetermined 
maximum. 

clipper-limiter — Also called slicer. A device whose 
output is a function of the instantaneous input amplitude 
for a range of values lying between two predetermined 
limits, but is approximately constant at another level for 
input values above the range. 

clipping — 1. The loss of initial or final parts of words 
or syllables due to less than ideal operation of voice- 
operated devices. 2. Term used to express the clipping 
of the peaks of a waveform when an amplifier is driven 
beyond its power capacity. The flattening of the tips of 
the sine wave due to clipping. 3. Severe distortion caused 
by overloading the input of an amplifier. Á sine-wave 
signal waveform has a flat top and bottom at the peaks 
when clipping occurs. 4. The deforming and distortion of 
speech signals due to limiting the maximum amplitude of 
the signals. 5. The shearing off of the peaks of a signal. 
For a picture signal, this may affect either the positive 
(white) or negative (black) peaks. For a composite video 
signal, the sync signal may be affected. 6, Removing parts 
of display elements that lie outside defined bounds. Also 
called scissoring. 7. The loss of one or more bits at the 
beginning of a transmission, typically caused by a delay 
in line turnaround or echo suppression. (May also occur 
in voice communication, with the loss of the beginning 
of an initial syllable.) 


Clipping, 3. 


clipping level— The signal level at which clipping 
(distortion) just begins to occur. 

clock — 1. A pulse generator or signal waveform used 
to achieve synchronization of the timing of switching 
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Figure 5-10. Parts bins are used to organize components. This style of container is available in many sizes 
with different numbers and sizes of drawers. Even more parts are stored on a shelf behind the work area. 
The most commonly used hand tools are laid out on the right. The other hand tools are collected in a small 
toolbox on the left. 


Where to Go from Here 


This work space could be further augmented with shelving, both above the work surface and 
underneath. More lighting wouldn’t hurt, either. However, this is plenty to get started. Let’s build some 
electronics projects on this squeaky-clean table and see if we can dirty it up a bit. 


Projects 


Let’s look at a few smaller circuits you can easily build on your tidy, new work area using a solderless 
breadboard. Expanding on the LED-and-coin-cell experiments in Chapter 4, we'll add a few more 
components and hopefully start to see how they all interact. 
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circuits and the memory in a digital computer system. 
It determines the speed of the CPU. 2. A timing device 
in a system: usually it provides a continuous series 
of timing pulses. 3. An electronic circuit that generates 
timing pulses to synchronize the operation of a computer 
as well as keep time. 4. A strobe signal that activates a 
certain sequence of operations. 5. An electronic circuit or 
device for producing precisely timed, repetitive voltage 
pulses of fixed frequency and amplitude. 

clock cable—Cable of specific impedance and 
electrical characteristics used to distribute the clock 
(master) frequency where needed in digital computers. 

clocked — Pertaining to the type of operation in 
which gating is added to a basic flip-flop to permit the 
flip-flop to change state only when there is a change in 
the clocking input or an enabling level of the clocking 
input is present. 

clocked flip-flop—aA flip-flop circuit designed so 
that it is triggered only if trigger and clock pulses are 
present at the same time. 

clocked R-S flip-flop — A flip-flop in which two 
conditioning inputs control the state the flip-flop assumes 
upon arrival of the clock pulse. If the S (set) input is 
enabled, the flip-flop assumes the logic | condition when 
clocked; if the R (reset) input is enabled, the flip-flop 
assumes the logic 0 condition when clocked. A clock 
pulse must be applied to change the state of the flip- 
flop. 

clock frequency — In digital computers, the master 
frequency of periodic pulses that are used to schedule the 
operation of the computer. 

clock generator — A test-signal generator that sup- 
plies a chain of pulses identical with those supplied by 
the clock circuit of a digital computer. 

clocking — Time-synchronizing 
information. 

clock input — That flip-flop terminal whose condition 
or change of conditions controls the admission of data 
through the synchronous inputs and thereby controls the 
output state of the flip-flop. The clock signal permits data 
signals to enter the flip-flop and, after entry, directs the 
flip-flop to change state accordingly. 

clock pulse —1. The synchronization signal pro- 
Guced by a clock. 2. A pulse used to gate information 
into a flip-flop operated in the synchronous mode. (In 
JK flip-flops, the clock pulse causes counting if the data 
inputs are both held in logic 1.) 

clock rate— 1. The rate at which a word or char- 
acters of a word (bits) are transferred from one internal 
computer element to another. Clock rate is expressed in 
cycles (in a paraliel-operation machine, in words; in a 
serial-operation machine, in bits) per second. 2. The speed 
(frequency) at which a processor operates, as determined 
by the rate at which words or bits are transferred through 
internal logic sequences. 3. The minimum or maximum 
pulse rate at which adc counters may be driven. There is 
a fixed relationship between the minimum conversion rate 
and the clock rate, depending on the converter accuracy 
and type. All factors that affect conversion rate of an adc 
limit the clock rate. 4. The time rate at which pulses are 
emitted from a clock. 

clock skew — 1. Phase shift in a single clock distri- 
bution system in a digital circuit. It results from different 
delays in clock driving elements and/or different distribu- 
tion paths. 2. Unintentional time difference between clock 
edges; can exist between clock phases or between clock 
signals in different parts of a circuit. 

clock slips—The relative shift of a systein clock 
with respect to data in synchronous systems. Clock slips 
can cause modems 1o lose synchronization. 
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clock stagger — |. Time separation of clock pulses 
in a multiphase clock system. 2. Voltage separation 
between the clock thresholds in a flip-flop. 

clockwise-polarized wave—See right-handed 
polarized wave. 

clone—1. A PC designed to duplicate the behavior 
and performance of another personal computer, usually 
an IBM PC. 2. A copy that performs the same as the 
hardware, software, cellular phone, or computer on which 
it was based. 

close-captioned TV — A text service for the hard- 
of-hearing TV audience that decodes a text subcarrier 
and displays it at the bottom of the TV frame on the 
accompanying video picture. It does not interfere with 
the standard audio FM subcarrier. 

close coupling — |. Coupling between two circuits 
so that (a) most of the power flowing in one is transferred 
to the other and (b) impedance changes in one circuit 
greatly affect the other. 2. Also called tight coupling. Any 
degree of coupling greater than critical coupling. 

closed architecture — 1. A system whose charac- 
teristics are proprictary and therefore cannot be readily 
connected with other systems (compare with open archi- 
tecture). 2. Equipment designed to work only with periph- 
erals and accessories made by the same company. 

closed array — An array that cannot be extended at 
either end. 

closed circuit—1.A complete electric circuit 
through which current may flow when a voltage is applied. 
2. A program source, audio or video, that is not broadcast 
for general consumption, but is fed to remote monitored 
units by wire. 

closed-circuit communication systems — 
Certain communication systems that are entirely self- 
contained and do not exchange intelligence with other 
facilities and systems. 

closed-circuit jack— A jack that has its through 
circuits normally closed. Circuits are opened by inserting 
a mating plug. 

closed-circuit signaling — Signaling in which cur- 
rent flows in the idle conditions and a signal is initiated 
by increasing or decreasing the current. 

closed-circuit system— An intrusion alarm sys- 
tem in which the sensors of each zone are connected in 
series so that the same current exists in each sensor. When 
an activated sensor breaks the circuit or the connecting 
wire is cut, an alarm is transmitted for that zone. 

closed-circuit television — Abbreviated CCTV. 
1. A television system in which the television signals 
are not broadcast, but are transmitted over a closed 
circuit and received only by interconnected receivers. 
2. Transmission and reception of video signals via wire 
carriers. 

closed entry —A design that places a limit on the 
size of a malting part. 

closed-entry contact— A female contact designed 
to prevent the entry of a device that has a cross-sectional 
dimension greater than that of a mating pin. 

close-differential relay —A relay whose dropout 
value is specified close to its pickup value. 

closed loop — |. A circuit in which the output is con- 
tinuously fed back to the input for constant comparison. 
2. In a computer, a group of indefinitely repeated instruc- 
tions. 3. A system with feedback control in which the 
output is used to control the input. 4. An automatic ccntrol 
system in which feedback is used to link a controlled pro- 
cess back to the original command signal. The feedback 
mechanism compares the actual controlled value with the 
desired value; if there is any difference, an error signal is 
created that helps correct the variation. In automation, 
feedback closes the loop. 5. A control arrangement in 
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which data from the process or device being controlled is 
fed to the computer to affect the control operation, 1.e., 
the computer can perform all control functions without 
intervention of an operator. See also open loop. 

closed-loop bandwidth — The frequency at which 
the closed-loop gain drops 3 dB from its midband or de 
value. 

closed-loop drive — 1. A tape transport mechanism 
in which the tape’s speed and tension are controlled by 
contact with a capstan at each end of the head assembly. 
2. A tape transport system that drives both incoming and 
outgoing tape in order to control the portion of the tape 
contacting the heads and isolate it from the reels or 
cassette hubs. There are several closed-loop geometries 
regularly used with open-reel recorders, but dual-capstan 
drive is the most popular for both open-reel and cassette 
tapes. 

closed-loop feedback — An automatic means of 
sensing speed variations and correcting to maintain close 
speed regulation. 

closed-loop gain — 1. The response of a feedback 
circuit to a voltage inserted in series with the amplifier 
input. 2. The overall gain of an amplifier with an external 
negative-feedback loop. 

closed-loop input impedance — The impedance 
looking into the input port of an amplifier with feedback. 

closed-loop output impedance — The impedance 
looking into the output port of an amplifier with feedback. 

closed-loop system — Automatic control equip- 
ment in which the system output is fed back for com- 
parison with the input for the purpose of reducing any 
difference between input command and output response. 

closed-loop voltage gain — The voltage gain of an 
amplifier with feedback. 

closed magnetic circuit— A circuit in which the 
magnetic flux is conducted continually around a closed 
path through low-reluctance ferromagnetic materials, for 
example, a steel ring or a toroid core. 

closed repeater — A repeater whose access is lim- 
ited to a select group. 

closed routine —In a computer, a routine that is 
entered by basic linkage from the main routine other than 
being inserted as a block of instructions within a main 
routine. 

closed subroutine —In a computer, a subroutine 
not stored in the normal program sequence. Transfer 
is made from the program to the storage location of 
the subroutine, and then, following execution of the 
subroutine, control is returned to the main program. 

close memory—Part of a directly addressable 
computer memory that provides fast cycle time and is 
usually employed for frequently used accesses. 

close-talking microphone — Also called noise- 
canceling microphone. A microphone designed to be held 
close to the mouth of the speaker so that ambient noise 
will not degrade the speech. 

closing rating —In a relay, conditions under which 
the contact must close, with a prescribed duty cycle and 
contact life. 

cloud absorption — Absorption of electromagnetic 
radiation as a result of water drops and water vapor in a 
cloud. 

cloud attenuation — Reduction in microwave radia- 
tion intensity due largely to scattering, rather than absorp- 
tion, by clouds. 

cloverleaf antenna— A nondirectional VHF trans- 
milting antenna that consists of a number of horizon- 
tal four-element radiators arranged much like a four-leaf 
clover, stacked a half-wave apart vertically. These hori- 
zontal units are energized to give maximum radiation in 
the horizontal plane. 
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club station —A separate amateur radio station for 
use by the members of a bona fide amateur radio society 
and licensed to an amateur radio operator acting as the 
station trustee for the society. 

cluster— 1. A group of user terminals co-located and 
connected to one controller, through which each terminal 
accesses a communication line. 2. A unit of storage that 
includes one or more sectors of a floppy or hard disk. 

clustering —In a computer, the process of group- 
ing things with similar characteristics. A properly pro- 
grammed computer can take a list of items and group 
them into clusters. 

clutter — Confusing, unwanted echoes that interfere 
with the observation of desired signals on a radar display. 

clutter gating — The technique that provides switch- 
ing between moving-target indicators and normal video. 
This results in normal video being displayed in regions 
with no clutter, and moving-target indicator video being 
switched in only for the clutter areas. 

cm— 1. Abbreviation for circular mil. A system for 
specifying wire size by conductor area. Circular mils are 
obtained by multiplying the conductor diameter in inches 
by 1000 and squaring the result. 2. Letter symbol for 
centimeter. 

CML — Abbreviation for current mode logic. 

CMOS — See complementary metal-oxide semicon- 
ductor. 

CMR — Abbreviation for common-mode rejection. 

CMRR — Abbreviation for common-mode rejection 
ratio. 

CMV — See common-mode voltage. 

CNC — Abbreviation for computer numerical con- 
trol. A means of operating production machines (most 
commonly punch presses and machining equipment) by 
numerical control instructions generated by CAD/CAM 
or from a programmable logic controller (PLC). 

C network — A network composed of three impedance 
branches in series. The free ends are connected to one pair 
of terminals, and the junction points to another pair. 

CO— 1. Abbreviation for central office. The switching 
equipment that provides local-exchange telephone service 
for a given geographical area; designated by the first three 
digits of the telephone number. 2. See cavity oscillator. 

coarse-chrominance primary — Also called the 
Q signal. A zero-luminance transmission primary associ- 
ated with the minimum bandwidth of chrominance trans- 
mission and chosen for its relatively small importance 
in contributing to the subjective sharpness of the color 
picture. 

coast— On a radar, a memory feature that, when 
activated, causes the range and/or angle systems to 
continue to move in the same direction and at the same 
speed as an original target was moving. Used to prevent 
lock-up to a stronger target if approached by the target 
being tracked. 

coastal refraction — Bending of the path of a direct 
radio wave as it crosses the coast at or near the surface. 
It is caused by differences in electrostatic conditions 
between soil and water. 

coast station—A land-based radio station in the 
maritime mobile service. It carries on communication with 
shipboard stations. 

coated cathode — In a vacuum tube, a cathode that 
has been coated with compounds so as to increase its 
electron emission (e.g., an oxide-coated cathode). 

coated filament—A vacuum-tube filament that 
has been coated with metal oxides to increase electron 
emission. 

coated tape— See magnetic-powder-coated tape. 

coating — 1. The magnetic layer, consisting of oxide 
particles held in a binder, that is applied to the base 
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film used for magnetic recordings. 2. The magnetizable 
material on One surface of a recording tape that stores the 
(audio) signals when recording. 

coating thickness — The thickness of the magnetic 
coating applied to the base film. Modern tape coatings 
range in thickness from 170 to 650 uin (4.3-16.5 um), 
with a preponderance of coatings being approximately 
400 uin (10.1 um) thick. In general, thin coatings give 
good resolution, at the expense of reduced output at long 
wavelengths; thick coatings give a high output at long 
wavelengths, at the expense of degraded resolution. 

coax — Abbreviation for coaxial cable. 

coaxial — Having a common axis. 

coaxial antenna—-An antenna comprised of a 
quarter-wavelength extension to the inner conductor of a 
coaxial line, and a radiating sleeve that in effect is formed 
by folding back the outer conductor of the coaxial line for 
approximately one-quarter wavelength. 
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coaxial cable — Abbreviated coax. 1. A cylindrical 
transmission line made up of a central conductor (solid 
or stranded) inside a metallic tube or shield conductor 
separated by dielectric material in the form of spacers 
or a solid continuous extrusion. An insulating jacket is 
optional. 2. A cable consisting of two cylindrical con- 
ductors with a common axis. The two conductors are 
separated by a dielectric. The outer conductor, normally at 
ground potential, acts as a return path for current through 
the center conductor and prevents energy radiation from 
the cable. The outer conductor, or shield, is also com- 
monly used to prevent external radiation from affecting 
the current in the inner conductor. The outer shield or 
conductor consists of woven strands of wire or is a metal 
sheath. 3. Two-conductor wire whose longitudinal axes 
are coincident; cable with a noise shield around a signal- 
carrying conductor. See also coaxial line. 

coaxial cavity — A cylindrical resonating cavity that 
has a central conductor in contact with its movable pistons 
or other reflecting devices. The conductor serves to pick 
up a desired wave in the microwave region. 

coaxial conductor— An electric conductor com- 
prising outgoing and returning current paths with a com- 
mon axis, with one of the paths surrounding the other 
throughout its length. 
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Coaxial cable. 


coaxial diode — A diode that has the same outer 
diameter and terminations as a coaxial cable, into which 
the diode is designed to be inserted. 

coaxial-fed linear array— A beacon antenna hav- 
ing a uniform azimuth pattern. 

coaxial filter — A passive, linear, essertially nondis- 
sipative network that transmits certain frequencies and 
rejects others. 

coaxial line — Also called coaxial cable, coaxial 
transmission line, and concentric line. A transmission line 
in which one conductor completely surrounds the other, 
the two being coaxial and separated by a continuous solid 
dielectric or by dielectric spacers. Such a line has no 
external field and is not susceptible to external fields from 
other sources. 

coaxial-line connector — A device used to provide 
a connection between two coaxial lines or between a 
coaxial line and the equipment. 

coaxial-line frequency meter — A shorted section 
of coaxial line that acts as a resonant circuit and is 
calibrated in terms of frequency or wavelength. 

coaxial relay—A type of relay used for switching 
high-frequency circuits. 

coaxial speaker — 1. A single speaker comprising a 
high- and a low-frequency unit plus an electrical crossover 
network. 2. A tweeter mounted on the axis of and inside 
the cone of a woofer. 

coaxial stub — A short length of coaxial cabie joined 
as a branch to another coaxial cable. Frequently a coaxial 
stub is short-circuited at the outer end, and its length is 
so chosen that a high or low impedance is presented to 
the main coaxial cable at a certain frequency range. 

coaxial transistor— A diffused base-alloy emitter, 
epitaxial mesa germanium semiconductor device with a 
bandwidth product up to 3 gigahertz, capable of being 
operated at medium power. 

coaxial transmission line — See coaxial line. 

cobalt doped — Utilizing a combination of “stan- 
dard” gamma ferric oxide and cobalt as the magnetically 
active portion of the coating of a recording tape in order 
to improve maximum output level at low and high fre- 
quencies. 
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COBOL — Acronym for common business-oriented 
language. A higher-level computer language developed 
for programming business problems. Used to express 
problems of data manipulation and processing in English 
narrative form. 

co-channel interference — Interference between 
two signals of the same type from transmitters operating 
on the same channel. 

Cockcroft-Walton accelerator—A device for 
accelerating charged particles by the action of a high 
direct-current voltage on a stream of gas ions in a straight 
insulated tube. The voltage is generated by a voltage- 
multiplier system consisting essentially of a number 
of capacitor pairs connected through switching devices 
(vacuum tubes). The particles (which are nuclei of an 
ionized gas, such as protons from hydrogen) gain energies 
of up to several million electronvolts from the single 
acceleration so produced. Named for the British physicists 
J. D. Cockcroft and E. T. S. Walton, who developed this 
machine in the 1930s. 

codan— Acronym for carrier-operated device, anti- 
noise. An electronic circuit that keeps a receiver inactive 
except when a signal is received. 

codan lamp—A visual indication that a usable 
transmitted signal has been received by a particular radio 
receiver. 

code— 1. A communications system in which arbi- 
trary groups of symbols represent units of plain text of 
varying length. Codes may be used for brevity or secu- 
rity. 2. System of signaling by utilizing dot-dash-space, 
mark-space, or some other method in which each letter or 
figure is represented by prearranged combinations. 3. A 
system of characters and rules for representing informa- 
tion in a language capable of being understood and used 
by a computer. Code can be in the form of alphanumeric 
characters or binary data that can be executed directly by 
a computer. 4. The language that translates bits into char- 
acters in the word processor; it is basically the number of 
bits the code uses to make up a character and the pattern 
in which those bits are arranged. For example, ASCII, 
the industry standard for non-IBM machines, uses seven 
bits to make up a character, whereas EBCDIC, the IBM 
system, uses eight bits to make up a character. Systems 
with different codes will interpret each other’s commu- 
nications incorrectly. 5. A system of using symbols to 
represent other information. 6. A specific way of using 
symbols and rules to represent information. 

codec — Abbreviation for coder/decoder. 1. A combi- 
nation device for either digitally coding an analog signal 
(such as a voice signal) preliminary to transmission oper- 
ations or decoding a digital signal preparatory to analog 
processing. 2. A coding-decoding device that converts 
voice signals into digital bit streams and back again. 
3. A complex mixture of analog and digital functions, 
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including (as a minimum) a band-limiting filter, S/H cir- 
cuit, and nonlinear coder/decoder. 4. The related pair of 
digital coding and decoding functions in a pulse code 
modulation (PCM) telephone channel. Two codec pairs 
are required to complete a bidirectional channel. Each pair 
permits analog voice and tone signals to be multiplexed, 
switched, and transmitted in digitally encoded form. The 
subscriber loop is separated into individual transmit and 
receive paths by a two- to four-wire hybrid that is part of 
the subscriber loop interface circuit (SLIC). 5. A single 
integrated circuit that contains both an analog-to-digital 
converter (ADC) and a digital-to-analog converter (DAC). 
A codec performs both pulse code modulation and demod- 
ulation. 

code character— One of the elements that makes 
up a code and that represents a specified symbol or value 
to be encoded. For example, dot-dot-dot-dash is the Morse 
code character for the letter V. 

code conversion — The changing of the bit group- 
ing for a character in one code into the corresponding bit 
grouping in another code. 

code converter—1.A device for translating one 
code to another. Examples: ASCII to EBCDIC, Gray to 
BCD, Hollerith to EBCDIC, etc. 2. A decision-making 
type of digital building block that converts information 
received at its inputs to another digital code that is trans- 
mitted at its outputs. (Also called encoder or decoder.) 
3. A ROM or equivalent device that changes inputs into 
equivalent forms in a desired output format, such as 
ASCII, IBM Selectric, or Baudot. 

coded-alarm system — An alarm system in which 
the source of each signal is identifiable. This is usually 
accomplished by means of a series of current pulses that 
operate audible or visible annunciators or recorders or 
both to yield a recognizable signal. This technique is 
usually used to allow the transmission of multiple signals 
on a common circuit, 

coded decimal digit— A decimal digit expressed 
in terms of four or more ls and Os. 

code-division multiple access — Abbreviated 
CDMA. A spread-spectrum scheme, transmitting on a 
bandwidth much larger than needed but at a much lower 
level. PN (pseudorandom noise) code is used for retriev- 
ing the information. See also CDMA. 

coded passive reflector antenna— An object 
intended to reflect Hertzian waves and having variable 
reflecting properties according to a predetermined code 
for the purpose of producing an indication on a radar 
receiver. 

coded program — A description of a procedure for 
solving a problem with a digital computer. It may vary in 
detail from a mere outline of the procedure to an explicit 
list of instructions coded in the machine’s language. 
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code element— 1. One of the finite set of parts of 
which the characters in a code may be composed. 2. One 
of the discrete conditions or eyents in a code, such as the 
presence or the absence of a pulse. 

code holes— The holes in perforated tape that 
represent information, as opposed to the feed holes or 
other perforations. 

code-practice oscillator— An audio oscillator 
with a key and either headphones or a speaker, used to 
practice sending and receiving Morse code. 

coder— 1. A device that sets up a series of signals in 
code form. 2. A beacon circuit that forms the trigger-pulse 
output of a discriminator into a series of pulses and 
then feeds them to a modulator circuit. 3. A person who 
prepares instruction sequences from detailed flowcharts 
and other algorithmic procedures prepared by others, 
as contrasted with a programmer, who prepares the 
procedures and flowcharts. 

coder/decoder — See codec. 

code ringing — In a telephone system, a method of 
ringing in which the number and/or duration of rings 
indicate which station on a party line is being called. 

code set— 1, The entire set of unique codes that 
represent specific characters. Different code sets are 
employed in different equipment. 2. A specific set of 
symbols and rules used to represent information. 3. All 
possible yalues of a code. For an n-bit code, the code set 
consists of 2” values. For example, EBCDIC, which is an 
eight-bit code, has 256 (2°) possible values. The number 
of characters a code set can represent may exceed the total 
number of possible values. 

code _ translation—JIn telephone operation, the 
changing of a directory code or number into a prede- 
termined code that controls the selection of an outgoing 
trunk or line. 

coding — |. Converting program flowcharts into the 
language used by the computer. 2. The assignment of 
identification codes to transactions, such as a customer 
code number. 3. A method of representing characters 
within a computer. 4. Changing a communications signal 
into a form suitable for transmission or processing. 5. The 
preparation of a set of instructions or symbols that, 
when used by a programmable controller, have a special 
external meaning. 

coding delay — Arbitrary time delay between pulse 
signals sent by master and slave transmitters. 

coding disk—A disk with small projections that 
operate contacts to generate a predetermined code. 

coding form — A form on which the instructions for 
programming a computer are written. Also called a coding 
sheet. 

coding line — A single command or instruction that 
directs a computer to solve a problem, usually written on 
one Jine. 

codiphase radar—A radar system including a 
phased-array radar antenna and signal-processing and 
beam-forming techniques. 

codistor—A multijunction semiconductor device 
that provides noise-rejection and voltage-regulation func- 
tions. 

coefficient— 1. The ratio of change under specified 
conditions of temperature, length, volume, etc. 2. A 
number (often a constant) that expresses some property 
of a physical system in a quantitative way. 

coefficient of coupling — See coupling coefficient. 

coefficient of expansion — The fractional change 
in dimension of a material for a unit change in tempera- 
ture. 

coefficient of reflection — The square root of the 
ratio of the power reflected from a surface to the power 
incident cn the same surface. 
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coefficient of thermal expansion — The average 
expansion per degree over a specified temperature range, 
expressed as a fraction of the originai dimension. The 
coefficient may be linear or volumetric. 

coercive force — Symbolized by H. The magnetiz- 
ing force that must be applied to a magnetic material in a 
direction opposite the residual induction in order to reduce 
the induction to zero. 

coercivity — 1. The property of a magnetic material 
measured by the coercive force corresponding to the 
saturation induction for the material. 2. A measure of the 
amount of applied magnetic field (of opposite polarity) 
that is necessary to restore a magnetized tape to a state 
of zero magnetism. High-coercivity tapes exhibit less 
tendency toward self-erasure and thus have enhanced 
high-frequency response characteristics, but they require 
more current through the erase head for full erasure of a 
recorded signal. 

cofire — To place circuits onto an unfired ceramic and 
fire both circuits and ceramic simultaneously. 

cofired ceramic—A material used in making IC 
packages; its construction is of layers of alumina lami- 
nated and fired together to produce a high-strength mono- 
lithic structure. 

cofiring — Processing the thick-film conductors and 
resistors through the firing cycle at the same time. 

cogging— 1. Nonuniform angular velocity. The 
armature coil of a motor tends to speed up when it enters 
the magnetic field produced by the field coils, and to 
slow down when leaving it. This becomes apparent at 
low speeds; the fewer the coils, the more noticeable it 
is. 2. In a motor, the effect caused by improper ratio of 
stator to rotor slots for a particular speed. It is caused by 
a magnetic interaction between rotor and stator teeth. In 
dc motors it is caused by the rich ripple content of the 
power supply rectifier. The term cogging torque is usually 
applied to reluctance-type synchronous motors. This is 
the maximum torque of such a synchronous motor before 
starting to cog or slip, as if a gear were slipping one tooth 
at a time. 

coherence — 1. The property of a set of waves by 
which their phases are completely predictable along an 
arbitrarily specified surface in space; also, the relation 
between a set of sources by which the phases of their 
respective radiations are similarly predictable. 2. A term 
used to denote various forms of temporal or statistical 
phase correlations of electromagnetic fields at different 
spatial positions; the more extensive the correlations, the 
greater the coherence. See laser; maser. 3. The property 
of laser light in which the beam emitted is largely of one 
color or frequency. In the case of the helium-neon laser, 
this color is red, at 632.9 nm. 

coherent bundle— 1. A fiber-optics bundle in 
which each fiber maintains its relative location throughout 
the bundle. Thus, an image introduced at one end is trans- 
mitted to the other without being scrambled. 2. A bundle 
of optical fibers in which the spatial coordinates of each 
fiber are the same or bear the same spatial relationship 
to each other at the two ends of the bundle. Also called 
aligned bundle. 

coherent carrier—A carrier, derived from a cw 
signal, the frequency and phase of which have a fixed 
relationship to the frequency and phase of the reference 
signal. 

coherent carrier system_—-A transponder system 
in which the interrogating carrier is raised to a definite 
multiple frequency and retransmitted for comparison. 

coherent detection —A method of deriying addi- 
tional information from the phase of the carrier. 

coherent detector — A detector that gives an output 
signal amplitude dependent on the phase rather than the 
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strength of the echo signal. It is required for a radar 
display that shows only moving targets. 

coherent display— In random-sampling oscillo- 
scope technique, a plot of a group of samples in which 
the time sequence of signal events is maintained. 

coherent echo—A radar echo that has relatively 
constant phase and amplitude at a given range. 

coherent electroluminescence device — See 
diode laser. 

coherent emitter — A source of power that provides 
a high degree of spectral purity, near-perfect beam 
collimation, and enormous power densities. Lasers are 
coherent emitters. See incoherent emitter. 

coherent fiber bundle —A rigid or flexible fiber 
bundle that is capable of transmitting an image from one 
end of the bundle to the other. 

coherent interrupted waves — Interrupted contin- 
uous waves occurring in wave trains in which the phase of 
the waves is maintained through successive wave trains. 

coherent light—1.A single frequency of light. 
Light having characteristics similar to a radiated radio 
wave that has a single frequency. 2. Light of but a single 
frequency that travels in intense, nearly perfect, parallel 
rays without appreciable divergence. 3. Light that has the 
property that, at any point in time or space, particularly 
over an area in a plane perpendicular to the direction of 
propagation, or over time at a particular point in space, 
all the parameters of the wave are predictable and are 
correlated. 4. Light in which all waves are of exactly the 
same frequency and exactly in phase. It can therefore act 
as a carrier and can be modulated for the transmission 
of information. 5. Light in which the phase relationship 
between successive waves is such that the beam consists 
of parallel rays that provide a high concentration of 
energy. 

coherent light communications — Communica- 
tions using amplitude or pulse-frequency modulation of a 
laser beam. 

coherent light detection and ranging — See 
colidar. 

coherent light source—A light source that is 
capable of producing radiation with waves vibrating in 
phase. The laser is an example of a coherent light source. 

coherent oscillator— An oscillator within some 
radar sets that furnishes phase references for target returns 
during intervals between transmitter pulses and that has 
its output compared with the returns so that the echo 
becomes coherent video. Coherent video is applied to a 
cancellation circuit that eliminates nonmoving targets, and 
only moving targets are supplied to the indicator. 

coherent-pulse operation — The method of pulse 
operation in which a fixed phase relationship is main- 
tained from one pulse to the next. 

coherent radar — A type of radar containing circuits 
that make possible comparison of the phase of successive 
received target signals. 

coherent radiation—1.A form of radiation in 
which definite phase relationships exist between radiation 
at different positions in a cross section of the radiant 
beam. 2. Radiation in which the phase between any two 
points in the radiation field has a constant difference, 
or is exactly the same throughout the duration of the 
radiation. 3. Single-frequency energy such that there is 
reinforcement when portions of a signal coincide in phase 
and cancellation when they are in phase opposition. 

coherent reference — The reference signal, usually 
of stable frequency, to which other signals are phase- 
locked to establish coherency throughout a system. 

coherent reflector—Simple or complex surface 
(such as a comer reflector) from which reflected wave 
components are coherent with respect to each other and 
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thus combine to yield larger effective power than would 
be observed from a diffuse scattering surface of the same 
area. 

coherent source — A theoretically ideal light source 
(fiber optic) that emits a very narrow, unidirectional 
beam of light of one wavelength (monochromatic). All 
light emitted from a coherent source is in phase. A 
laser approximates a coherent source. Contrast incoherent 
source. 

coherent system of units — Also called absolute 
system of units. A system of units in which the magnitude 
and dimensions of each unit are related to those of the 
other units by definite simple relationships in which the 
proportionality factors are usually chosen to be unity. 

coherent transponder — A transponder, the output 
signal of which is coherent with the input signal. Fixed 
relations between frequency and phase of input and output 
signals are maintained. 

coherent video — A video signal resulting from the 
combination of a radar echo signal with the output of 
a continuous-wave oscillator. After delay, the signal so 
formed is detected, amplified, and subtracted from the 
next pulse train to give a signal that represents only 
moving targets. 

coherer — An early form of detector used in wireless 
telegraphy. 

coil — Also called inductance and inductor. 1. A num- 
ber of turns of wire wound around an iron core or onto 
a form made of insulating material, or one that is self- 
supporting. A coil offers considerable opposition to the 
passage of alternating current, but very little opposition 
to direct current. 2. A number of tums of wire used to 
introduce inductance into an electric circuit, to produce 
magnetic flux, or to react mechanically to a charging mag- 
netic flux. In high-frequency circuits, a coil may be only 
a fraction of a turn. The electrical size of a coil is called 
inductance and is expressed in henrys. The opposition that 
a cou offers to alternating current is called impedance and 
is expressed in ohms. The impedance of a coil increases 
with frequency. 

coil dissipation — The amount of electrical power 
consumed by a winding. For most practical purposes, this 
equals the /*R loss. 

coil effect— The inductive effect exhibited by a 
spiral-wrapped shield, especially above audio frequencies. 

coil form — An insulating support of ceramic, plastic, 
or cardboard onto which coils are wound. 

coil loading — As commonly understood, the inser- 
tion of coils into a line at uniformly spaced intervals. 
However, the coils are sometimes inserted in parallel. 

coil neutralization — See inductive neutralization. 

coil rating — See input-power rating. 

coil resistance—The total terminal-to-terminal 
resistance of a coil at a specified temperature. 

coil serving — A covering, such as thread or tape, 
that serves to protect a coil winding from mechanical 
damage. 

coil temperature rise — The increase in winding 
temperature above the ambient temperature when ener- 
gized under specified conditions for a given period of 
time, usually that required to reach a stable temperature. 

coil tube — A tubular coil form. See also spool. 

coincidence amplifier— An amplifier that pro- 
duces no output unless two input pulses are applied simul- 
taneously to the circuit. 

coincidence circuit— 1. A circuit that produces a 
specified output pulse when and only when a specified 
number (two or more) or combination of input terminals 
receives pulses within a specified time interval. 2. A 
circuit that has an output signal only when all input signals 
are present. 3. An AND circuit. 
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coincidence counting—The use of electronic 
devices to detect when two or more pulses from separate 
counters occur within a given time interval. This is done 
to determine whether the pulses were produced by the 
same particle, for example, in scintillation counting, or 
whether they correspond to the same event. Also called 
coincidence setting. 

coincidence gate—A circuit with the ability to 
produce an output that is dependent on a specified type 
or the coincident nature of the input. 

coincidence setting — The use of electronic devices 
to detect when two or more pulses occur within a given 
time interval. This is done to determine whether the pulses 
were produced by the same particle, for example, in scin- 
tillation counting, or whether they correspond to the same 
event. Also called coincidence counting. 

coincident-current selection — The selection of a 
magnetic core, for reading or writing, by the simultaneous 
application of two or more currents. 

coincident resonance — A condition in which two 
systems are joined together (or coupled) and both systems 
are vibrating near the resonant frequencies at the same 
time. It often happens that the amplified output from the 
first system turns out to be the input to the second system, 
which amplifies that input a second time. 

cold — Idiomatic term generally used to describe elec- 
trical circuits that are disconnected from voltage sources 
and are at ground potential. Opposite of the term hot. 

cold-blade stripper — Device for removing insula- 
tion utilizing a cold knife blade. 

cold boot— Starting a computer by turning on the 
power. 

cold cathode —.1. A cathode whose operation does 
not depend on the temperature being above the ambient 
temperature. 2. A cathode that emits electrons, not with 
the influence of heat radiation, but by means of high- 
voltage gradient at its surface. 

cold-cathode tubes — Tubes in which no external 
source is used for heating the cathode. These include tubes 
such as photoelectric cells, gas glow tubes, and mercury 
rectifiers. 

cold cleaning — An organic-solvent cleaning process 
in which liquid contact accomplishes the solution and 
removal of residues after soldering. 

coid emission — See field emission. 

cold light — Light that is produced without attendant 
heat, as from the ionization of a gas by high voltage (neon 
bulbs, fluorescent lamps), or by electroluminescence, 
bioluminescence, or cathodoluminescence. 

cold-pressure welding— A method of making an 
electrical connection in which the members to be joined 
are compressed to the plastic range of the metals. 

cold rolling — Rolling a magnetic core alloy into the 
form of a rod so that the metallic grains are oriented in 
che long direction of the rod. 

cold solder joint—A solder connection exhibiting 
poor wetting and a grayish, porous appearance due to 
insufficient heat, inadequate cleaning prior to soldering, 
or to excessive impurities in the solder solution. 
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cold weld—A joint between two metals (without 
an intermediate material) produced by the application of 
pressure only. 

colidar— Acronym for coherent light detection and 
ranging. An optical radar system that uses the direct 
output from a ruby laser source without further pulse 
modulation. 

collate —To combine two or more similarly ordered 
sets of items to produce another ordered set. Both the 
number and the size of the individual items may differ 
from those of the original] sets or their sums. 

collating sequence — |. In digital computers, the 
sequence in which the characters acceptable to a computer 
are ordered. The British term is marshalling sequence. 
2. An ordering assigned to a set of items such that any 
two sets in that assigned order can be collated. 

collator—1.A device to collate sets of punched 
cards or other documents into a sequence. 2. A device 
for determining and indicating the coincidence or nonco- 
incidence of two signals. 

collection — The mechanism whereby the high-poten- 
tial gradient and intense electric (drift) field present 
within the depletion layer of a reverse-biased pn junction 
can cause the depletion layer to collect any carriers of 
appropriate type that happen to diffuse it from the adjacent 
semiconductor regions. 

collector — |. In a transistor, the region into which 
majority carriers flow from the base under the influence of 
a reverse bias across the two regions. 2. The external ter- 
minal of a transistor that is connected to this region. 3. In 
certain electron tubes, an electrode to which electrons or 
ions flow after they have completed their function. 

collector capacitance — Depletion-layer capaci- 
tance associated with the collector junction of a transistor. 

collector-coupled logic— See current-sourcing 
logic. 

collector current — The direct current flowing in the 
collector of a transistor. 

collector cutoff—The operating condition of a 
transistor when the collector current is reduced to the 
leakage current of the collector-base junction. 

collector cutoff current — 1. The minimum current 
that will flow in the collector circuit of a transistor with 
zero current in the emitter circuit. 2. The reverse current 
of the base-collector junction when the emitter is open 
circuited, the reverse voltage being specified. 

collector-diffusion isolation — Abbreviated CDI. 
A technique for fabrication of bipolar ICs; the collector 
diffusion is used to isolate transistors on the same 
silicon chip electrically, thus reducing the number of 
photolithographic masking steps required. 

collector efficiency — The ratio, usually expressed 
in percentage, of useful power output to final-stage power- 
supply power input of a transistor. 

collector family — Set of transistor characteristic 
curves in which the collector current and voltage are 
variables. 

collector junction— The semiconductor junction 
between the base and collector regions of a transistor. In 
normal transistor operation, it is reverse biased to collect 
carriers injected by the emitter (base-to-emitter) junction. 
In general, the collector junction is designed for a high 
breakdown voltage, and the emitter junction is designed 
for a high emitting efficiency. 

collector resistance — Resistance in series with the 
collector lead in the common-T equivalent circuit of a 
transistor. 

collector ring — The collector electrode in an icono- 
scope. 

collector rings — Metal rings suitably mounted on 
an electric machine that serve, through stationary brushes 
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bearing thereon, to conduct current into or out of the 
rotating member. See also slip ring. 

collector transition capacitance — The capaci- 
tance across the collector-to-base transition region of a 
transistor. 

collector voltage — The dc collector supply voltage 
applied between the base and collector of a transistor. 

collimated light — 1. Parallel light rays, as opposed 
to converging or diverging rays. 2. A bundle of light rays 
in which the rays emanating from any single point in the 
object are parallel to one another, such as the light from 
an infinitely distant real source or apparent source, such 
as a collimator reticle. 

collimated transmittance — Transmittance of an 
optical waveguide, such as an optical fiber or integrated 
optical circuit, in which the light wave at the output has 
coherency related to the coherency at the input. 

collimation — 1. The process of adjusting an instru- 
ment so that its reference axis is aligned in a desired 
direction within a predetermined tolerance. 2. The pro- 
cess of making light rays parallel. 3. The property of laser 
light that keeps the beam from spreading out as it moves 
away from the laser. 

collimation equipment — Equipment designed spe- 
cifically for aligning optical equipment. 

collimation tower—A tower supporting a visual 
and a radio target used to check the electrical axis of 
an antenna. 

collimator— 1. An optical device that creates a beam 
made up of parallel rays of light, used in testing and 
adjusting certain optical instruments. It may be used 
to simulate a distant target, align the optical axes of 
instruments, or prepare rays for entry into the end of an 
optical fiber, fiber bundle, or optical thin film. 2. A lens 
or lens assembly that focuses light into a beam. 

collinear array— An antenna array in which half- 
wave elements are arranged end to end on the same 
vertical or horizontal line. 

collision — Overlapping transmissions when two or 
more nodes attempt to transmit messages simultaneously 
or almost simultaneously. 

collision-avoidance system — A group of sensors 
and related instruments placed on board an aircraft to help 
the pilot detect points of collision and take the appropriate 
maneuvers to avoid them. 

collision detection — The ability of a transmitting 
node to detect simultaneous transmission attempts on a 
shared medium. 

colocation —The placing of several satellites near 
each other in orbit. Colocation allows a single fixed 
receiving antenna to receive signals from all the satellites 
without moving from one satellite to another (tracking). 

color— 1. The everyday term for hue. One of the two 
constituents of the quality chroma (the other being white 
light). The mind-eye sensation produced by different 
wavelengths within the visible spectrum produces the 
colors, some of which are simply identifiable by such 
names as violet, blue, green, yellow, orange, and red. 
(Black, white, and gray are not properly described as 
colors.) 2. Embodies the characteristics of light, other than 
brightness or luminance, by which a human observer may 
distinguish between two structure-free patches of light of 
the same size and shape. 

color balance—The adjustment of electron-gun 
emissions to compensate for the difference in the light- 
emitting efficiencies of the three phosphors on the screen 
of the color picture tube. 

color bar-dot generator — An rf signal generator 
that develops a bar or dot pattern on the screen of a color 
TV picture tube used for test and alignment purposes. 
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color bars—A test pattern of specifically colored 
vertical bars used as a reference to test the performance 
of a color television and transmission paths. 

color-bar signal —A test signal used in checking 
chrominance functions of color TV systems. Typically, it 
contains bars of six colors, yellow, cyan, green, magenta, 
red, and blue. 

color breakup — Any fleeting or partial separation 
of a color picture into its display primary components 
because of a rapid change in the condition of viewing. For 
example, fast movement of the head, abrupt interruption 
of the line of sight, and blinking of the eyes are 
illustrations of rapid changes in the conditions of viewing. 

color burst— Also called reference burst. In NTSC 
color systems, normally refers to a burst of approximately 
9 Hz of the 3.579545-MHz unmodulated color subcarrier 
on the back porch (during the blanking pulse) of the com- 
posite video signal. This serves as a color synchronizing 
signal to establish a frequency and phase reference for the 
chrominance signal. 
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color carrier — See chrominance subcarrier. 

color-carrier reference —A continuous signal of 
the same frequency as the color subcarrier and having 
a fixed phase relationship to the color burst. It is used 
for modulation at the transmitter and demodulation at the 
receiver. 

colorcast— A color television broadcast. 

color code— 1. A system of colors for specifying 
the electrical value of a component part or for identify- 
ing terminals and leads. Also used to distinguish between 
cable conductors. 2. Á color system for component iden- 
tification by use of solid colors, tracers, braids, surface 
printing, etc. 

color coder — Also called color encoder. In a color 
TV transmitter, that circuit or section which combines the 
camera signals and the chrominance subcarrier to form the 
transmitted color picture signal. 

color coding—A system of identification of ter- 
minals and related devices through the use of colored 
markings. 

color contamination — An error in color rendition 
due to incomplete separation of the paths carrying dif- 
ferent color components of the picture. Such errors can 
arise in the optical, electronic, or mechanical portions of 
a color television system. 

color-coordinate transformation — Computation 
of the tristimulus values of colors in terms of one set of 
primaries from the tristimulus values of the same colors 
in another set of primaries. Such computation may be 
performed electrically in a color television system. 

color decoder—aA section or circuit of a color 
television receiver used for deriving the signals for the 
color display device from the color picture signal and the 
color burst. 
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color-difference signal —The signal produced 
when the amplitude of a color signal is reduced by an 
amount equal to the amplitude of the luminance signal. 
Color-difference signals are usually designated R-Y, B-Y, 
and G-Y. In a sense, I and Q signals are also color- 
difference signals because they are formed when specific 
proportions of R-Y and B-Y color-difference signals have 
been combined. 

color edging — 1. Spurious color at the boundaries 
of differently colored areas in a picture. 2. Extraneous 
colors that appear along the edges of video pictures but 
have no color relationship to those areas. 

color encoder— A device that produces an NTSC 
color signal from separate R, G, and B video inputs. See 
color coder. 

color facsimile transmission — The transmission 
of a facsimile of a color photograph by separating the 
colors into varying intensities of red, blue, and green 
and then sending separate transmissions of the three-color 
reading to a receiving station, which recombines the three 
signals into the original print. 

color fidelity — The degree to which a color televi- 
sion system is capable of faithfully reproducing the colors 
in an original scene. 

color flicker — The flicker that results from fluctua- 
tion of both the chromaticity and the luminance. 

color fringing — Spurious chromaticity at the bound- 
aries of objects in a color TV picture. It can be caused 
by the change in relative position of the televised object 
from field to field, or by misregistration. Color fringing 
may Cause small objects to appear separated into different 
colors. 

color generator — A special rf signal generator for 
adjusting or troubleshooting a color TV receiver. 

colorimeter— An optical instrument designed to 
compare the color of a sample with that of a standard 
sample or a synthesized stimulus. (In a three-color col- 
orimeter, the synthesized stimulus consists of three colors 
of contrast chromaticity but variable luminance.) 

colorimetric — Pertaining to the measurement of 
color characteristics, particularly wavelength and primary- 
color content. 

colorimetric photometer—A photometer that 
uses a set of color filters to measure the intensity of light 
in various regions of the spectrum. 

colorimetry — The technique of measuring color and 
interpreting the results. 

color killer— A stage designed to prevent signals in 
a color receiver from passing through the chrominance 
channel during monochrome telecasts. 

color match — The condition in which the two halves 
of a structureless photometric field look exactly the same. 

color media — Transparent colored materials that can 
be placed in iront of an instrument to color the emitted 
light. These materials are often referred to as gels (for 
gelatin), but glass or plastic also may be used. 

color mixture — Color produced by the combination 
of lights of different colors. The combination may be 
accomplished by successive presentation of the compo- 
nents, provided the rate of alternation is sufficiently high; 
or the combination may be accomplished by simultaneous 
presentation, either in the same or in adjacent areas, pro- 
vided the components are small enough and close enough 
together to eliminate pattern effects. 

color oscillator — In a color television receiver, the 
oscillator operating at the burst frequency of 3.579545 
MEZz. Its frequency and phase are synchronized by the 
master oscillator at the transmitter. 

color phase — |. The difference in phase between a 
chrominance primary signal (I or Q) and the chrominance 
carrier reference. 2. The proper timing relationship with 
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a color signal. Color is considered to be in phase when 
the hue is reproduced correctly on the screen. 

color-phase alternation — Periodic changing of 
the color phase of one or more components of the color 
television subcarrier between two sets of assigned values. 

color-phase diagram—A vector diagram that 
denotes the phase difference between the color-burst sig- 
nal and the chrominance signal for each of the three 
primary and complementary colors. This diagram also 
designates vectorially the peak amplitude of the chromi- 
nance signal for each of these colors, and the polarities 
and peak amplitudes of the in-phase and quadrature por- 
tions required to form these chrominance signals. 
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color picture signal— A signal that represents 
electrically the three color attributes (brightness, hue, and 
saturation) of a scene. 2. A combination of the luminance 
and chrominance signals, excluding all blanking and 
synchronizing signals. 

color picture tube — An electron tube that provides 
an image in color by scanning a raster and by varying the 


PHOSPHOR DOTS ON 
GLASS FACEPLATE 


METAL SHADOW MASK 


ELECTRON GUNS 


-æ 
. * 
7" 


RED 


DEFLECTION COIL 


PHOSPHOR DOTS 
(TRIADS) 


GREEN 


METAL SHADOW MASK 
ELECTRON BEAMS 


FACEPLATE 


Color picture tube. 


color primaries — column speaker 


intensity at which it excites the phosphors on the screen 
to produce light of the chosen primary colors. 

color primaries — In the color receiver, the saturated 
colors of definite hue and variable luminance produced by 
the receiver. These color primaries, when mixed in proper 
proportions, form other colors. 

color purity — Freedom of a color from white light 
or any colored light not used to produce the desired color. 
In reference to the operation of a tricolor picture tube, the 
term refers to the production of pure red, green, or blue 
illumination of the phosphor-dot faceplate. 

color-purity magnet — A magnet placed in the neck 
region of a color picture tube to alter the electron-beam 
path and thereby improve color purity. 

color registration — The accurate superimposing of 
the red, green, and blue images that are used to form a 
complete color picture in a color television receiver. 

color rendering index — Abbreviated CRI. A num- 
ber that approximately represents the effect of a light 
source on the appearance of colored surfaces. A measure 
of the degree to which the perceived colors of objects 
illuminated by the source conform to those of the same 
objects illuminated by a reference source for specified 
conditions. 

color sampling rate — In a color television system, 
the number of times per second that each primary color 
is sampled. 

color saturation — 1. The degree to which white 
light is absent in a particular color. A fully saturated color 
contains no white light. If 50 percent of the light intensity 
is duc to the presence of white light, the color is said 
to have a saturation of 50 percent. 2. A measure of the 
amount of white light in a hue. High saturation means 
that there is no white-light component and that the color 
is of good quality. 

color sensitivity — The spectral sensitivity of a light- 
sensitive device such as a phototube or camera tube. 

color signal— Any signal at any point in a color 
television system, used for wholly or partially control- 
ling the chromaticity values of a color teleyision picture, 
This is a general term encompassing many specific con- 
notations, such as are conveyed by the words “color pic- 
ture signal,” “chrominance signal,” “carrier color signal,” 
“monochrome signal” (in color television), ctc. 

color subcarrier—1. A subcarrier that is added to 
the main video signal to convey the color information. 
In NTSC systems, the color subcarrier is centered on a 
frequency of 3.579545 MHz, referenced to the main video 
carrier. 2. A monochrome signal to which modulation 
sidebands have been added to convey color information. 

color sync burst—A burst of 8 to 11 cycles in 
the 4.43361875 MHz (PAL) or 3.579545 MHz (NTSC) 
color subcarrier frequency. This waveform is located on 
the back porch of each horizontal blanking pulse during 
color transmissions. It serves to synchronize the color 
subcarrier’s oscillator with that of the transmitter in order 
to recreate the raw color signals. See also color burst. 

color sync signal—The series of color bursts 
(pulses of subcarrier reference signal) applied to the back 
porch of the horizontal-sync pedestal in the composite 
video signal. 

color television receiver— A standard mono- 
chrome receiver to which special circuits have been 
added. Phosphors capable of glowing in the three primary 
colors are used on the special screen. By using these pri- 
mary colors and mixing them to produce complementary 
colors, and by varying their intensity, it is possible to 
reproduce an image in somewhat the original colors. 

color television signal — The complete signal used 
to transmit a color picture. Included are horizontal-, 
vertical-, and color-sync components. 
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color temperature —1. A way of describing the 
color of a radiating source in terms of the tempera- 
ture (in degrees Kelvin) of a blackbody radiating with 
the same dominant frequency as the source. Certain 
high-end monitors offer the possibility of setting the color 
temperature to any desired value. By setting the color 
temperature, one can often achieve more realistic screen 
colors. 2. The temperature to which a perfectly black 
body must be heated to match the color of the source 
being measured. Color-temperature measurements begin 
at absolute zero and are expressed in kelvins. 

color temperature of a light source — The 
absolute temperature at which a blackbody radiator must 
be operated to have a chromaticity equal to that of the 
light source. 

color transmission — 1. The transmission of color- 
television signals that can be reproduced with different 
values of hue, saturation, and luminance. 2. The trans- 
mission of a signal that represents both the brightness 
values and the color values in a video picture. 

color triad — One cell of a three-color phosphor-dot 
screen of a phosphor-dot color picture tube. Each triad 
contains one dot of each of the three color-producing 
phosphors. 

color triangle — A triangle drawn on a chromaticity 
diagram to represent the entire range of chromaticities 
obtainable when the three prescribed primaries are added. 
These are represented by the corners of the triangle. 

color video — Usually, the technique of combining 
the three primary colors of red, green, and blue to produce 
color pictures within the usual spectrum 

Colpitts oscillator— A sinusoidal oscillator using a 
three-terminal active element, such as a tube, transistor, 
etc., and a feedback loop containing a parallel LC cir- 
cuit. The capacitance of the LC circuit consists of two 
Capacitors in series, forming a voltage divider that serves 
to match the input and output impedance of the active 
device. 
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Colpitts oscillator. 


column — Also called place. In positional notation, a 
position corresponding to a given power of the radix. A 
digit located in any particular column is a coefficient of 
a corresponding power of the radix. 

column binary code— A punched-card code in 
which successive bits are represented by the presence or 
absence of punches in adjacent positions in successive 
columns rather than successive rows. It is used with 36- 
bit-word computers, in which each group of three columns 
is used to represent a single word. 

column speaker — 1. A loudspeaker cabinet of long 
columnar shape. Usually the loudspeaker is at one end 
so that the rear of the drive unit is loaded by a column 
of air. Often columns are made from drain pipes. Also, 
the name given to a long speaker cabinet containing 
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There are any number of different types of solderless breadboards available today. A range of them 
is shown in Figure 5-11. 


Figure 5-11. Different sizes of solderless breadboards, all with the same lead pitch and internal 
connections. The small black unit in the center is perfect for little circuits with only a few small 
components. The white unit on the left has more tie points and offers power rails along each side. The 
deluxe, powered unit on the right adds even more space, as well as multiple regulated power supplies for 
all your tinkering requirements. 


Parallel and Series Circuits 


The circuits presented so far have all illustrated the “loop” characteristic of electrical circuits. Electricity 
generally flows in a circle. It’s possible to have more than one path through a circuit, however. What 
happens then? 

Like most good questions, the answer is, “It depends.” Let's hook up two LEDs at once and try to 
figure out exactly what's going on. Figure 5-12 shows how it's put together. See Figure 5-13 for the 
schematic diagram. 
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several loudspeakers for public address work. 2. An array 
of loudspeakers arranged in a vertical line, having the 
property of spreading its radiation through a wide angle 
in the horizontal plane while keeping it in a beam with 
respect to the vertical plane. 

COM — See computer-output microfilm printer. 

coma— 1. An aberration of spherical lenses, occur- 
ring in the case of oblique incidence, when the bundle of 
rays forming the image is unsymmetrical. The image of 
a point is comet shaped, hence the name. 2. A cathode- 
ray tube image defect that makes the spot on the screen 
appear comet shaped when away from the center of the 
screen. 

coma lobe — A side lobe that occurs in the radiation 
pattern of a microwave antenna when the reflector alone 
is moved to sweep the beam. The lobe appears because 
the feed is not always at the center of the reflector. This 
scanning method is used to eliminate the need for a rotary 
joint in the feed waveguide. 

comb amplifier— Several sharply tuned bandpass 
amplifiers whose inputs are connected in parallel and 
whose outputs are separate. The amplifiers separate vari- 
ous frequencies from a multifrequency input signal. The 
name is derived from the comblike appearance of the 
response pattern of various output peaks displayed along 
a frequency-Dase axis. 

comb filter — 1. A filter for high resolution and pic- 
ture sharpness that eliminates “dot crawl” and “hanging 
dots” caused by cross-color and cross-luminance distor- 
tion. Comb filters provide exceptional isolation of chromi- 
nance and luminance information and increased picture 
resolution for sharper, clearer, more detail-perfect color 
picture reproduction. Capable of delivering 700 lines 
of horizontal resolution, at the S-video input, it greatly 
exceeds the maximum clarity of the 330 lines of hor- 
izontal resolution delivered by broadcast television and 
easily supports the demands of videodisc, CD-I, and other 
advanced high-resolution video media. 2. A type of filter 
network that is, in effect, a multiple-bandpass design that 
passes only frequencies within a number of narrow bands, 
or provides outputs corresponding to each of its pass- 
bands. Comb filters are so named because their response 
characteristics have the appearance of a comb. 3. A fil- 
ter that has a series of very narrow, deep notches where 
signals are attenuated. 

comb generator— Usually a step-recovery diode 
circuit that converts a single frequency rf input into an 
rf output signal that contains a large number of spectral 
lines, each of which is harmonically related to the input 
frequency. 

combination cable — A cable in which the conduc- 
tors are grouped in combinations such as pairs and quads. 

combination microphone—A microphone con- 
sisting of two or more similar or dissimilar microphones 
combined into one. 

combination tones — Frequencies produced in a 
nonlinear device, such as in an audio amplifier, having 
appreciable harmonic distortion. 

combinatorial logic — Digital circuitry in which the 
states of the outputs from a device depend only on the 
states of the inputs. See also sequential logic. 

combined-gate IC—A single IC chip in which 
several gate circuits are interconnected to form a more 
complex circuit. 

combiner— A circuit for mixing video, trigger, and 
scan data from the synchronizer for the modulation of a 
link. 

combiner circuit—A circuit that combines the 
lurainance and chroma channels with the sync signals in 
color-television cameras. 

combustible — See flammable. 
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come-back—A point in the stopband of a filter 
where a spurious response occurs beyond points at which 
there is proper attenuation. Come-backs usually occur at 
frequencies much higher than the passband frequencies 
because of feed-through in parasitic elements. 

command — 1. In a computer, one or more sets of 
signals that occur as the result of an instruction. See also 
instruction, |. 2. An independent signal from which the 
dependent signals in a feedback control system are con- 
trolled according to the prescribed system relationships. 
3. A signal that initiates or triggers an action in the device 
that receives the signal. See operation code. 4. An issue 
to the PC to execute a function, such as print, file, erase, 
or send a document. 

commandable bug—A surreptitious listening 
device that can be turned on and off remotely. 

command code — See operation code. 

COMMAND.COM—-—A disk file that contains the 
command processor and must be present on the start-up 
disk for DOS to run. 

command control— A system whereby functions 
are performed as the result of a transmitted signal. 

command destruct signal —A radio signal for 
destroying a missile in flight. 

command file — A computer file that will execute a 
program when the filename is entered. 

command guidance system — A missile guidance 
system in which both the missile and the target are tracked 
by radar. The missile is guided by signals transmitted to 
it while it is in flight. See also command link. 

command language—A computer source lan- 
guage that consists primarily of procedural operators, each 
of which is capable of invoking a function to be executed. 

command link— The portion of a command guid- 
ance system used to transmit steering commands to the 
missile. See also command guidance system. 

command module — See module. 

command net—A communication network that 
connects an echelon of command with some or all of 
its subordinate echelons for the purpose of command and 
control. 

command pointer—A multiple-bit register that 
indicates the memory location being accessed in the 
control store. 

command reference —In a servo or control sys- 
tem, the voltage or current to which the feedback signal 
is compared. As an independent variable, the command 
reference exercises complete control over the system out- 
put. 

comment— An expression that explains or identifies 
a particular step in a routine but which has no effect on the 
operation of the computer in performing the instructions 
for the routine. 

comment field — In a computer, an area in a record 
assigned for entry of explanatory comments about a 
program. 

commercial test (measuring) equipment— 
Devices used as working instrumeuts selected from sup- 
pliers’ catalogs as suitable for the user’s measuring 
needs and procured as standard (off-the-shelf) items. This 
includes measuring devices that are installed, intact, and 
in consoles. Devices procured from suppliers but modi- 
fied by user-imposed specifications in such a manner as to 
affect console performance do not fall into this category. 

commercial time-sharing — A type of computer 
use with remote terminal, interactive, and time-sharing 
characteristics. The user of the machine pays an amount 
determined by the time used. 

committed power and ground — Patterns that 
have been permanently established to input/output con- 
nectors for power and ground plane busing. 
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common-— |. Shared by two or more circuits. Used 
to designate the terminal of a three-terminal device that is 
shared by the input and output circuits. (Thus, a transistor 
may be operated in a common-base configuration, a 
common-collector configuration, or a common-emitter 
configuration.) Vacuum tube connections may be char- 
acterized in a similar way, but grounded is normally used 
instead of common. 2. A point that acts as the reference 
potential for several circuits—a ground. 3. See tailor- 
made. 

common base—A circuit configuration in which 
the base terminal is common to the input circuit and to 
the output circuit and in which the input terminal is the 
emitter terminal and the output terminal is the collector 
terminal. 

common-base amplifier — Also called a grounded- 
base amplifier. A transistor amplifier in which the base 
element is common to both the input and the output circuit. 
It is comparable to the grounded-grid configuration of a 
triode electron-tube amplifier. 
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Common-base amplifier. 


common-base circuit— A transistor circuit in 
which the base electrode is common to both input and 
output circuits. 

common-base feedback — oscillator— A 
common-base bipolar transistor amplifier with a feedback 
network between the collector (output) and the emitter 
(input) to produce oscillations at a desired frequency. 

common-base transistor — Circuit configurations 
in which the base terminal is common to the input circuit 
and to the output circuit and in which the input terminal 
is the emitter terminal and the output terminal is the 
collector terminal. 

common battery —A system of current supply in 
which all direct-current energy for a unit of a telephone 
system is supplied by one source in a central office or 
exchange. 

common-battery office—A central office that 
supplies transmitter and signal current for its associaled 
stations, and for signaling by the central office equipment, 
from a power source located in the central office. 

common business-oriented language — Speci- 
fic language by which business data-processing proce- 
dures may be precisely described in a standard form. 
Intended not only as a means for directly presenting any 
business program to any suitable computer for which a 
compiler exists, but also as a means of communicating 
such procedures among individuals. Also called COBOL. 

common bus system—A set of standard data, 
address, and control lines available to all computer 
modules. The use of bus interface circuits makes it 
possible for a user to tie in and communicate with other 
users. 

common carrier— 1. A government-regulated (by 
the FCC) private company that furnishes the general 
public with telecommunications service facilities, for 
example, a telephone or telegraph company. Specialized 
common carriers offer private line services. 2. A commer- 
cial company that sells communications services to any 
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member of the public. A common carrier cannot provide 
programming for the channels itself. 

common-carrier fixed station—A fixed station 
that is open to public correspondence. 

common-channel interference — Radio interfer- 
ence resulting from two stations transmitting on the same 
channel. Characterized principally by beat-note genera- 
tion (heterodyne whistle) and the suppression or capture 
of the weaker signal by the stronger one. 

common-channel signaling —A method of using 
a single signaling channel to carry signaling information 
relating to a number of information channels. Common- 
channel signaling information is sent in packet form. 

common collector—A circuit configuration in 
which the collector terminal is common to the input circuit 
and to the output circuit and in which the input terminal 
is the base terminal and the output terminal is the emitter 
terminal. 

common-collector amplifier — Also known as an 
emitter-follower and a grounded-collector amplifier. A 
transistor amplifier in which the collector element is 
common to both the input and the output circuit. This 
configuration is comparable to an electron-tube cathode 
follower. 
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Common-collector amplifier. 


common-collector circuit—A bipolar transistor 
circuit in which the collector is the common (grounded) 
electrode. 

common-collector transistor— Circuit configu- 
ration in which the collector terminal is common to the 
input circuit and to the output circuit and in which the 
input terminal is the base terminal and the output terminal 
is the emitter terminal. 

common communications carrier— A company 
recognized by an appropriate regulatory agency as having 
a vested interest in furnishing communications services. 

common emitter — A circuit configuration in which 
the emitter terminal is common to the input circuit and 
to the output circuit and in which the input terminal is 
the base terminal and the output terminal is the collector 
terminal. 

common-emitter amplifier— Also called groun- 
ded-emitter amplifier. A transistor amplifier in which 
the emitter element is common to both the input and 
the output circuit. This configuration is comparable to a 
conventional electron-tube amplifier. 

common-emitter circuit — A bipolar transistor cir- 
cuit in which the emitter is the common (grounded) elec- 
trode. 

common-emitter transistor — Circuit configura- 
tion in which the emitter terminal is common to the input 
circuit and to the output circuit and in which the input 
terminal is the base terminal and the output terminal is 
the collector terminal. 

common language — A form representing informa- 
tion that a machine can read and that is common to a 
group of computers and data-processing machines. 
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Common-emitter amplifier. 


common mode — |. Signals that are identical with 
respect to both amplitude and time. Also used to identify 
the respective parts of two signals that are identical with 
respect to amplitude and time. 2. A high-speed-modem 
interface name. 

common-mode characteristics — The character- 
istics pertaining to performance of an operational ampli- 
fier in which the inverting and noninverting inputs have 
a common signal. 

common-mode coupling — Coupling that results 
in similar signals with respect to ground on different 
circuit leads. 

common-mode gain — The ratio of the output volt- 
age of a differential amplifier to the common-mode input 
voltage. The common-mode gain of an ideal differential 
amplifier is zero. Typical values in op amps are around 
—30 dB. 

common-mode impedance input — The internal 
impedance between either one of the input terminals of a 
differential operational amplifier and signal ground. 

common-mode input—That signal applied in 
phase (i.e., common mode) equally to both inputs of a 
differential amplifier. 

common-mode input capacitance — The equiv- 
alent capacitance of both inverting and noninverting 
inputs of an operational amplifier with respect to ground. 

common-mode input voltage—The maximum 
voltage that can be applied simultaneously between the 
two inputs of a differential amplifier and ground without 
causing damage. 

common-mode interference — Interference that 
appears between the terminals of the measuring circuit 
and ground. 

common-mode output voltage—The output 
voltage of an cperational amplifier resulting from the 
application of a specified voltage common to both inputs. 

common-mode range— Maximum voltage that 
can be applied to differential inputs with respect to 
ground. The maximum difference between inputs is the 
full-scale input range 

common-mode rejection — Abbreviated CMR. 
1. Also called in-phase rejection. A measure of how well 
a differential amplifier ignores a signal that appears simul- 
taneously and in phase at both input terminals (called a 
common-mode signal). Usually and preferably stated as a 
voltage ratio, but more often stated in the dB equivalent of 
said ratio at a specified frequency, e.g., “120 dB at 60 Hz 
with a source impedance of 1000 ohms.” 2. A measure of 
the ratio of differential-mode gain to the common-mode 
gain present in all practical amplifiers. When both inputs 
to the amplifier are raised by the same voltage, the output 
should, ideally, be unaffected. 

common-mode rejection in decibels — Twenty 
times the log of the common-mode rejection ratio. 
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common-mode rejection ratio — Abbreviated 
CMRR. 1. The ratio of the common-mode input voltage 
to the output voltage expressed in dB. The extent to which 
a differential amplifier does not provide an output voltage 
when the same signal is applied to both inputs. 2. The 
ratio of differential-mode gain to common-mode gain. 
3. The ratio of the change of input offset voltage of an 
operational] amplifier to the change in common-mode volt- 
age producing it. 

common-mode resistance — The resistance 
between the input- and output-signal lines and circuit 
ground. In an isolated amplifier, this is its insulation resis- 
tance. (Common-mode resistance has no connection with 
common-mode rejection.) 

common-mode signal — 1. The instantaneous alge- 
braic average of two signals applied to a balanced circuit 
(1.e., two ungrounded inputs of a balanced amplifier), with 
all signals referred to a common reference. 2. In an ampli- 
fier with a differential input, a signal (referred to ground) 
that appears at both inverting and noninverting inputs with 
the same phase, amplitude, and frequency. Power-line 
hum is the most frequently encountered common-mode 
signal. 

common-mode voltage — Abbreviated CMV. 
1. The amount of voltage common to both input lines 
of a balanced amplifier. Usually specified as the maxi- 
mum voltage that can be applied without breaking down 
the insulation between the input circuit aná ground. 
(Common-mode voltage has no connection with common- 
mode rejection.) 2. The voltage component of a two-wire 
input (control) signal that is common to both lines. The 
actual control signal is the difference between the two 
input voltages; for example, if the two input signals 
are (with respect to a common ground) 110 volts and 
100 volts, then the common-mode voltage is 100 volts, 
and the control voltage is 10 volts. 3, An undesirable sig- 
nal picked up in a transmission line by both wires making 
up the circuit, to an equal degree, with respect to an arbi- 
trary “ground.” 

common-mode voltage gain— The ratio of ac 
voltage with respect to ground at the output terminal 
of an amplifier (or between the output terminals of an 
amplifier with differential outputs) to the common-mode 
input voltage. 

common-mode voltage range— The range of 
voltage that may be applied to both inputs of an oper- 
ational amplifier without saturating the input stage. This 
may limit the output capabilities in the voltage-follower 
connection. 

common pool— A dedicated area of memory used 
as storage and shared by various processes. 

common-user channels — Communication chan- 
nels that are available to all authorized agencies for trans- 
mission of command, administrative, and logistic traffic. 

common-user circuit — A circuit shared by two or 
more services, either concurrently or on a time-sharing 
basis. It may be a unilateral, bilateral, or joint circuit, 

communal chained memory——A technique 
employed in dynamic storage allocation in a computer. 

communicating word processor— See elec- 
tronic mail. 

communication — 1. The transmission of informa- 
tion from one point, person, or equipment to another. 
2. The sensing of a measurement signal or phenomena for 
display, recording, amplification, transmission, comput- 
ing, or processing into useful information, 3. Transmission 
of intelligence between points of origin and reception 
without alteration of the sequence or structure of the infor- 
mation content. 
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communication band —-The band of frequencies 
due to the modulation (including keying) necessary for a 
given type of transmission. 

communication channel —Part of a radio or wire 
circuit, or a combination of wire and radio that connects 
two or more terminals. 

communication control character— A character 
whose purpose is to control or facilitate data transmission 
over communication networks. 

communication engineer — An electrical engineer 
who specializes in the design, construction, operation, 
or maintenance of communication circuits, equipment, or 
systems whether by wire or radio (wireless). 

communication facilities — Installations, equip- 
ment, and personnel used to provide telecommunication. 

communication-line controller — A hardware unit 
that performs line-control functions with a modem. 

communication link — The physical means of con- 
necting one location to another for the purpose of trans- 
mitting and receiving information. 

communications common carriers — Compa- 
nies that furnish communications services to the public, 
regulated by the FCC or appropriate state agencies. 

communications port— A connection on a termi- 
nal through which data is input and/or output. 

communications program — Software that gives a 
computer the ability to communicate with other computers 
over telephone lines. 

communications protocol —A set of rules that 
govern the communications between computers over 
telephone lines. Both computers must have the same 
settings and follow the same standards for communication 
to be successful. 

communications receiver— A receiver designed 
for reception of voice or code signals from stations 
operating in the communications service. 

communications satellite— An orbiting space 
vehicle that actively or passively relays signals between 
communications stations. 

communications security — The protection result- 
ing from all measures designed to deny unauthorized per- 
sons information of value that might be derived from the 
possession and study of telecommunications or to mislead 
unauthorized persons in their interpretations of the results 
of such possession and study. 

communication switch — A device used to execute 
repetitive sequential switching. 

communication zone indicator—A device that 
indicates whether or not long-distance high-frequency 
broadcasts are successfully reaching their destination. 

community antenna television— Abbreviated 
CATV. A television system that receives and retransmits 
television broadcasts. Microwave transmitters and coaxial 
cables are used to bring the television signals to sub- 
scribers in a community. 

community bulletin board— A dial-up computer 
used to exchange messages. 

community dial office—A small dial-telephone 
office that serves an exchange area and that operates with 
no employees located in the building. 

community television system — A receiving sys- 
tem by means of which television signals may be dis- 
tributed over coaxial cables to homes in an entire com- 
munity. 

community TV cable —Coaxial cables used to 
transmit television signals from a master antenna to a 
group of receivers in a community. 

commutating capacitor— Also called speedup 
capacitor. 1. In a flip-flop circuit, a capacitor connected 
in parallel with the cross-coupling resistor to accelerate 
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the transition from one stable state to another. 2. The 
capacitor connected in parallel between SCR stages to 
momentarily reverse the current through the SCR so as to 
cut 1t off (commutate). 

commutating filter— 1. A bandpass filter whose 
center frequency depends only on the frequency with 
which it is driven. 2. A clocked, switched-capacitance 
digital filter that uses periodic signal sampling techniques 
to synthesize discrete approximations of all the classic 
analog filters, 

commutation — |. A mechanical process of convert- 
ing the alternating current in the armature of direct- 
current generators into the direct-current generator output. 
2. Sampling of various quantities in a repetitive manner 
for transmission over a single channel. 3. The switch- 
ing of currents back and forth between various paths as 
required for operation of some system or device. In par- 
ticular, a switching of current to or from the appropriate 
armature coils of a motor or generator. The turning off 
of an active element at the correct time as in an inverter 
or power controller. 4. The transfer of load current from 
one thyristor to another; sometimes used as a means of 
turning off a thyristor by rapidly reducing its current to 
zero. 

commutation capacitors — 1. Cross-connected 
Capacitors in a thyratron inverter. They provide a path 
such that the start of conduction in one thyratron causes 
an extinguishing pulse to be applied to the alternate thyra- 
tron. Also used in inverter circuits employing semicon- 
ductor devices. 2. A specially designed capacitor used in 
the turn-off (commutation) circuit of an SCR, where it 
is subjected to exceedingly fast rise time pulses. Thus 
the capacitor must be capable of discharging large peak 
currents in very short periods of time. 


Commutation capacitor. 


commutation switch — A device used to carry out 
repetitive sequential switching. 

commutator — 1. The part of the armature to which 
the coils of a motor are connected. It consists of wedge- 
shaped copper segments arranged around a steel hub and 
insulated from it and from one another. The motor brushes 
ride on the outer edges of the commutator bars and 
thereby connect the armature coils to the power source. 
2. Device used in a direct-current generator to reverse 
the direction of an electric current and maintain a current 
flowing in one direction. 3. A switch or equivalent device 
that permits the reversal or exchange of external connec- 
tions of a transducer to provide a desired sequencing of 
signals, 

compact cassette — A small (4 x 21/ x 1% inch or 
10.2 x 6.3 x 1.3 cm) tape cartridge developed by Philips, 
containing tape about !/-inch (3.2 mm) wide, running 
at 17% ips (12.1 cm/s). Recordings are bidirectional, with 
both stereo tracks adjacent for compatibility with mono- 
phonic cassette recorders, whose heads scan both stereo 
tracks at once. 
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compact disc (CD) — 1. A read-only plastic disc 
that uses optical storage techniques to store large amounts 
of music (audio) or digitally encoded data. 2. A stereo 
digital audio system based upon a 12 cm single-sided 
polycarbonate disc with an internal reflective layer of 
aluminum or gold. Information is read by sensing the 
presence or absence of reflected light from a tightly 
focused laser beam pointing at the pits and bumps in the 
reflective surface within the disc. The digital audio signal 
is sampled to 16 bits per channel at a rate of 44.1 kHz. 
3. Small plastic disc on which digital information is 
recorded. The data thus recorded can be played back using 
a laser. The packing density on the disc is very high, 
enabling hundreds of megabytes of data to be stored. 

compactron — Án electron tube based on a building- 
biock concept that involyes the standardizing of basic 
tube sections, diodes, triodes, and pentodes; clipping 
them together as required; and sealing them in a single 
envelope. 

compander— |. A combination consisting of a com- 
pressor at one point in a communication path to reduce 
the volume range of signals, followed by an expander 
at another point to improve the ratio of the signal to 
the interference entering the path between the compres- 
sor and expander. 2. A device consisting of a compressor 
at the transmitting end and an expander at the receiv- 
ing end that operate as nonlinear amplifiers to obtain a 
more advantageous amplitude-quantizing relationship for 
the reduction of noise. The process of companding 1s par- 
ticularly important with audio signals. The principles have 
also been effectively used in the processing of picture 
information. 3. A complementary noise-reduction system 
in which both pre- and postprocessing are used to provide 
no alteration of signal while reducing noise. It improves 
the signal-to-noise ratio in systems in which an analog 
signal is passed through a noisy transmission medium. 
4. An electronic circuit that amplifies low-input signal 
amplitudes more than high amplitudes so that all sig- 
nal amplitudes are compressed into a narrow range. This 
compressed signal can be expanded back into the original 
signal by amplifying large amplitudes more than smaller 
amplitudes. 5. A device used on some telephone chan- 
nels to improve transmission performance. The equip- 
ment compresses the outgoing speech volume range and 
expands the incoming volume range on a long-distance 
telephone circuit. 

companding— A process in which compression is 
followed by expansion. Companding is often used for 
noise reduction, in which case the compression is applied 
at the transmitter before the noise exposure and the 
expansion at the receiver. 

compandor— 1. Abbreviation for compressor- 
expander. An audio-frequency circuit that reduces (com- 
presses) loud sounds and increases (expands) quiet sounds 
so that the output level stays almost constant. A com- 
pressor is used in the transmitter. In the receiver, an 
expander would follow the demodulator and precede the 
audio power amp. 2. See compander. 

companion keyboard —A remote keyboard con- 
nected by a multiwire cable to an ordinary keyboard and 
able to operate it. 

comparator — 1. A circuit that compares two signals 
and supplies an indication of agreement or disagreement. 
2. in a computer, a circuit that determines whether 
the absolute difference between a data sample and the 
previous sample passed is greater than or equal to a 
redundancy criterion (which may be a tolerance or a 
limit). 3. A device that compares two inputs for equality. 
One type compares voltages and gives one of two outputs: 
less than or greater than. Another type compares binary 
numbers and has three outputs: less than, equal to, or 


greater than. A third type compares phase or frequency 
and gives a variable voltage depending on the reiationship 
between the inputs. 4. A unit often found in audio 
showrooms, which, by switch selection, will connect up 
a combination of speakers, amplifier, tuner, pickup, tape 
player, etc., for comparing different types. 5. A circuit that 
compares two signals and provides a difference signal. 
6. An active device that provides a logical 0 when its input 
is below a preset reference value and a logical 1 when 
its input is above that value. 7. A device that compares 
two different signals and provides an output when they 
differ in frequency, phase, voltage, or power levei. 8. A 
circuit that evaluates an output parameter to determine if 
it falls within some predetermined limits. 9. A device for 
checking the accuracy of one set of data by comparing it 
with a second set of data and then noting any variation 
between the two. 

compare —1.A computer operation in which two 
quantities are matched for the purpose of discovering 
their relative magnitudes or algebraic values. 2. A com- 
puter instruction that effectively subtracts one word from 
another and indicates which of the two is larger. 

comparison — The examination of how two similar 
items of data are related. The comparison is usually 
followed by a decision. 

comparison bridge — A type of voltage-comparison 
circuit resembling a four-arm electrical bridge. The ele- 
ments are so arranged that if a balance exists in the circuit, 
a zero error signal is derived. 

comparison testing —Real-time comparison bet- 
ween the actual output responses of the device under test 
and those of a known good reference device when the 
same input stimulus patterns are applied to both devices 
in parallel. 

compatibility —1. That property of a color televi- 
sion system that permits unaltered monochrome receivers 
to receive substantially normal moncchrome from the 
transmitted signal. 2. The property that makes possible 
use of a stereo system with a monophonic program source, 
or reproduction of a stereo program monophonically on 
a monophonic system. 3. The ability of one unit to be 
used with another without detrimental effect on the sig- 
nal through mismatch. For example, a compatible pickup 
will play both mono and stereo records. 4. The ability to 
run the same software programs and connect the same 
peripherals and add-on equipment (e.g., boards, printers, 
modems) as another PC. When a machine is said to be 
compatible, it is more often than not compatible with the 
IBM PC. Compatible PCs are also referred to as clones. 

compatible — A term applied to a computer system 
that implies that it is capable of handling both data and 
programs devised for some other type of computer system. 

compatible color—A TV broadcast system that 
produces a color signal that can be received by either a 
black-and-white or a color set. The luminance values (the 
basis of black-and-white reception) and the chrominance 
values (the basis of color reception) are broadcast as 
different portions of the total signal so that the luminance 
values are not dependent on the chrominance values for 
reproduction. 

compatible integrated circutt— A hybrid IC in 
which the active circuit element is within the silicon 
planar integrated structure. A passive network, which may 
be separately optimized, is deposited onto its insulating 
surface to complete the IC device. 

compatible monolithic integrated circuit — A 
device in which passive components are deposited by 
thin-film techniques on top of a basic silicon-substrate 
circuit containing the active components and some passive 
parts. See also all-diffused monolithic integrated circuit. 
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compensated amplifier—1. A broadband ampli- 
fier whose frequency range is extended by the proper 
choice of circuit constants. 2, A wideband amplifier made 
so by the addition of low- and high-frequency compen- 
sation. 

compensated-impurity resistor—A diffused- 
layer resistor into which are introduced additional n- and 
p-type impurities. 

compensated-loop direction finder— A direc- 
tion finder employing a loop antenna and a second antenna 
system to compensate for polarization error, 

compensated semiconductor— A semiconduc- 
tor in which one type of impurity or imperfection (donor) 
partially cancels the electrical effects of the other (accep- 
tor). 

compensated volume control —See loudness 
control. 

compensating filter— A filter used to alter the 
spectral emission of an emulsion to a specified response 
to different wavelengths. 

compensation— 1. The controlling elements that 
compensate for, or offset, the undesirable characteristics 
of the process to be controlled in the system. 2. The 
shaping of an op-amp frequency response in order to 
achieve stable operation in a particular circuit. Some 
op amps are internally compensated, whereas others 
require some external compensation components in some 
circuits. 3. The phenomenon whereby extremely small 
quantities of donor and acceptor impurities present in 
a semiconductor crystal tend to cancel out each other, 
so that the material tends to behave according to the 
dominant impurity only. If both types of impurity are 
present to an equal extent, the material tends to behave 
as if it were an intrinsic material. 

compensation signal —A signal recorded on a 
tape, along with the computer data and on the same track 
as the data; this signal is used during the playback of data 
to electrically correct for the effects of tape-speed errors. 

compensation theorem — An impedance in a net- 
work may be replaced by a generator of zero internal 
impedance, the generated voltage of which at any instant 
is equal to the instantaneous potential difference produced 
across the replaced impedance by the current flowing 
through it. 

compensator— 1. In a direction finder, the portion 
that automatically applies to the direction indication all or 
part of the correction for the deviation. 2. An electronic 
circuit for altering the frequency response of an amplifier 
system to achieve a specified result. This refers to record 
equalization or loudness correction. 

compile — 1. To bring digital-computer programming 
subroutines together into a main routine or program. 
2. To produce a binary coded program in a computer 
from a program written in source (symbolic) language 
by selecting appropriate subroutines from a subroutine 
library as directed by the instructions or other symbols 
of the source program. The linkage is supplied for 
combining the subroutines into a workable program, and 
the subroutines and linkage are translated into binary 
code, 

compiler— 1. An automatic coding system in a com- 
puter that generates and assembles a program from 
instructions written by a programmer. 2,A unit that 
converts computer programs written in higher-level lan- 
guages, such as BASIC and C++, into the machine 
language (object code) of the computer. It is necessary 
to write an entire program into a compiler's memory 
before the compiler executes or performs a translation on 
it. 3. Computer routine that translates symbolic instruc- 
tions to machine instructions and replaces certain items 
of input with series of instructions, called subroutines. 


4. A high-level, Englishlike programming language that 
converts instructions into executable machine code. Two 
examples of such programming languages are COBOL 
and FORTRAN. 5. A high-level language processor that 
converts or translates a sequence of source language 
statements into a corresponding sequence of machine 
language instructions that may be later loaded into mem- 
ory and executed by the processor to perform the desired 
functions. No matter how many times a section of code 
is used in the assembled program, it will be translated 
only once and put in its proper place. 6. A program that 
converts a high-level language into machine language for 
a specific microprocessor/computer. 7. A program that 
translates high-level language programs into a series of 
machine-code instructions for a computer to execute; it 
may also check the programs’ semantic consistency. 

compiler language — A computer language system 
consisting of various subroutines that have been evaluated 
and compiled into one routine that can be handled by 
the computer. FORTRAN, COBOL, and ALGOL are 
compiler languages. Compiler language is the third level 
of computer language. See machine language, 3, for other 
levels. See also high-level language. 

compiler program — Software, usually supplied by 
the manufacturer, to convert an application program from 
compiler language to machine language. 

compiling routine —A routine by means of which 
a computer can itself construct the program used to solve 
a problem. 

complement — 1. In an electronic computer, a num- 
ber whose representation is derived from the finite posi- 
tional notation of another by one of the following rules. 


True complement: Subtract each digit from 1 less than 
the base, then add 1 to the least significant digit and 
execute all required carries. 

Base-minus-1s complement: Subtract each digit from | 
less than the base. (For example, 9s complement in 
base 10, 1s complement in base 2, etc.) 


2. To form the complement of a number. (In many 
machines, a negative number is represented as a comple- 
ment of the corresponding positive number.) The binary 
opposite of a variable or function. The complement of 1 
is 0 and the complement of 0 is 1; thus, for example, the 
complement of 011010 is 100101. 

complementary — 1. A term describing integrated 
circuits that employ components of both polarity types 
connected in such a way that operation of either is 
complemented. A complementary bipolar circuit would 
employ both npn and pnp transistors, and a comple- 
mentary MOS circuit (CMOS) would employ both n- 
channel and p-channel devices. In general, complemen- 
tary devices operate with opposite polarity voltages and 
currents, which is advantageous in many circuit appli- 
cations. 2. Two driving-point functions whose sum is a 
positive constant, 

complementary binary or inverted binary — The 
negative true binary system. It is similar to the binary code 
except that all binary bits are inverted. Thus, zero scale 
is all 1s while full scale is all Os. 

complementary circuit—A circuit that provides 
push-pull operation (sink and source capability) with a 
single input, 

complementary clocks — Two clock signals with 
opposite phase. 

complementary colors — Two colors are comple- 
mentary if, when added together in proper proportion such 
as by projection, they produce white light. 

complementary constant current logic (C°L) — 
A high-density approach to bipolar LSI that has switching 
speeds of 3 nanoseconds. 
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complementary metal-oxide semiconduc- 
tor— Device formed by the combination of a PMOS 
and an NMOS (p-type and n-type channel semiconduc- 
tors), exhibiting very low power consumption and high 
noise immunity. Strictly speaking, CMOS refers to an IC 
manufacturing technology; the term is almost always used 
to describe an IC logic family. The CMOS logic family 
is characterized by very low power dissipation, low cir- 
cuit density per chip, and moderate speed of operation 
when compared with other IC logic families. See also 
complementary MOS; ECL; I L; Schottky TTL; TTL. 
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complementary MOS— Abbreviated CMOS. 
l. Pertaining to n- and p-channel enhancement-mode 
devices fabricated compatibly on a silicon chip and 
connected into push-pull complementary digital circuits. 
These circuits offer low quiescent power dissipation and 
potentially high speeds, but they are more complex than 
circuits in which only one channel type (generally p- 
channel) is used. 2. A digital inverter consisting of a p- 
channel and an n-channel enhancement-mode field-effect 
transistor. The transistors are connected in series across 
the power supply with gates linked together as the input. 

complementary operator—The logic operator 
whose result is the NOT of a given logic operator. 

complementary push-pull— A power amplifier in 
which the output transistors are of complementary polari- 
ties (1.c., pnp and npn). In some amplifiers of this kind the 
driven transistors also constitute a complementary pair. 

complementary rectifier— Half-wave rectifying 
circuit elements that are not self-saturating rectifiers in 
the output of a magnetic amplifier. 

complementary silicon-controlled rectifier — A 
pnpn semiconductor device that is the polarity complement 
of the silicon-controlled rectifier. 

complementary-symmetry circuit — An arrange- 
ment of pnp and npn transistors that provides push-pull 
operation from one input signal. 
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complementary tracking — A system of intercon- 
nection of two or more devices in which one (the master) 
operates to control the others (the slaves). 

complementary transistor amplifier — An ampli- 
fier that utilizes the complementary symmetry cf npn and 
pnp transistors. 

complementary transistor logic — A digital logic 
circuit configuration making use of a complementary 
transistor emitter coupled AND-OR gate. Basically, a 
two-level diode gate using simultaneous npn and pnp 
action. 

complementary transistors — Two transistors that 
have opposite conductivity (pnp and npn) and usually 
have matching electrical characteristics; npn and pnp pairs 
with similar electrical characteristics. 

complementary unijunction transistor — Abb- 
reviated CUJT. 1. An integrated semiconductor structure 
with characteristics similar to those of a unijunction tran- 
sistor, but complementary to other unijunction transistors 
in the way that pnp transistors are complementary to npn 
transistors. 2, A silicon planar device similar to a uni- 
junction transistor except that the operating currents and 
voltages are of the opposite polarity. The electrical char- 
acteristics are stable, consistent, and predictable over a 
wide temperature range. The CUJT will operate from a 
5-volt supply and is therefore compatible with integrated 
circuits. Typically, the case is electrically connected to the 
substrate and must be isolated from the circuit. 

complementary wave — A wave brought into exis- 
tence at the ends of a coaxial cable or two-conductor 
transmission line, or any discontinuity along the line. 

complementary wavelength — The wavelength of 
light of a single frequency. When combined with a sample 
color in suitable proportions, the wavelength matches the 
reference-standard light. 

complementing — Changing each binary | into a 0 
and each 0 into a I. 

complement number—A number that, when 
added to another number, gives a sum equal to the base 
of the numbering system. For example, in the decimal 
system, the complement of 2 is 8. Complement numbers 
are used in some computer systems to facilitate arithmetic 
operations. 

complement number system—A system of 
number handling in which operations are performed on 
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the complement of the actual number. The system is used 
in some computers to facilitate arithmetic operations. 

complementor— A circuit or device that produces 
a Boolean complement. A NOT circuit. 

complete carry—A system of executing the carry 
process in a computer. All carries, and any other carries 
to which they give rise, are allowed to propagate to 
completion in this system. 

complex components— Indivisible and nonre- 
pairable components having more than one function. 

complex function — An integrated device in which 
three or more circuits are integral to a single silicon chip. 
In addition, the circuits are interconnected on the chip 
itself to form some electronic function at a higher level 
of organization than a single circuit. The interconnection 
pattern for the function is predetermined by the fixed 
mask; no wiring discretion is available for yield purposes. 
The input and outputs of all the circuits are not normally 
exposed to the package terminals. An example of a 
complex function would be a full adder or a multibit serial 
shift register. 

complex instruction set computer — See CISC. 

complex parallel permeability —The complex 
relative permeability measured under stated conditions on 
a core with the aid of a coil. The parameter characterizing 
the induction is the impedance of the coil when placed on 
the core, expressed as a parallel connection of reactance 
and resistance. The parameter characterizing the field 
strength is the reactance the coil would have if placed 
on a core of the same dimensions but with unity relative 
permeability, the distribution of the magnetic field being 
identical in both cases. The coil should have negligible 
copper losses. 

complex permeability — Under stated conditions, 
the complex quotient of the moduli of the parallel vectors 
representing induction and field strength in a material. 
One of the moduli varies sinusoidally with time, and 
the component chosen from the other modulus varies 
sinusoidally at the same frequency. 

complex series permeability — The complex rel- 
ative permeability measured under stated conditions on 
a core with the aid of a coil. The parameter characteriz- 
ing the induction in the core is the impedance of the coil 
when placed on the core, expressed as a series connection 
of reactance and resistance. The parameter characterizing 
the field strength is the reactance this coil would have if 
placed on a core of the same dimensions but with unity 
relative permeability. The coil should have negligible cop- 
per losses. 

complex steady-state vibration—A _ periodic 
vibration of more than one sinusoid. It includes repeat- 
ing square waves, sawtooth waves, etc., because these 
waveforms can be expressed in terms of a Fourier series 
of sinusoidal terms. — 

complex target—A radar target made up of a 
number of reflecting surfaces that, taken together, are 
smaller in all dimensions than the resolution capability 
of the radar. 

complex tone—A sound wave produced by the 
combination of simple sinusoidal components of different 
frequencies. A sound sensation characterized by more 
than one pitch. 

complex wave—A periodic wave made up of a 
combination of several frequencies or several sine waves 
superimposed on one another. 

complex-wave generator— A device that gener- 
ates a nonsinusoidal signal having a desired repetitive 
characteristic and waveform. 

compliance — 1. The reciprocal of stiffness; that is, 
the ability to yield or flex. 2. The ease with which a 
phonograph stylus can be deflected by the groove wall. 
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Expressed in microcentimeters per dyne (1078 m/dyne) as 
the distance through which the stylus will be deflected 
by a force of 1 dyne. Typical values are from 10 to 
50 microcentimeters per dyne. In general, the higher the 
compliance, the better the low-frequency tracking at a 
given tracking force. Compliance can be measured in 
several ways— static and dynamic. 3. The mechanical 
and acoustical equivalent of capacitance. 4. The flexibility 
of a speaker cone's suspension. High compliance is 
important in a woofer for accurate reproduction of low- 
frequency signals of large amplitude. 

compliance extension—A form of master/slave 
interconnection of two or more current-regulated supplies 
to increase their output voltage range through series 
connection. 

compliance range — The range of voltage needed 
to sustain a given constant current throughout a range of 
load resistances. 

compliance voltage — The output voltage of a dc 
power supply operating in constant-current mode. 

compliance voltage range — The output voltage 
range of a dc power supply operating in a constant-current 
mode. 

component— |. An essential functional part of a 
subsystem or equipment. It may be any self-contained 
element with a specific function, or it may consist 
of a combination of parts, assemblies, accessories, and 
attachments. 2. In vector analysis, one of the parts of 
a wave, voltage, or current considered separately. 3. A 
packaged functional unit consisting of one or more 
circuits made up of devices, which in turn may be part 
of an operating system or subsystem. A part of, or 
division of, the whole assembly or equipment. Normally 
interchangeable with unit, 4. In high fidelity, a specialized 
item of equipment designed to do a particular part of the 
work in a sound system. 5. Any of the basic parts used 
in building electronic equipment, such as a resistor or 
Capacitor. 

component density — The number of components 
contained in a given volume or within a given package 
or chip. The quantity of components on a printed board 
per unit area. 

component layout— The physical arrangement of 
the components in a chassis or printed circuit. 

component level bus — The set of input and output 
pins, with defined functions and timing, through which a 
microprocessor sends and receives signals. 

component operating hours—A unit of mea- 
surement for the period of successful operation of one or 
more components (of a specified type) that have endured 
a given set of environmental conditions. 

component part—A term sometimes used to 
denote a passive device. 

component placement equipment— Automatic 
systems for sorting and placing components onto hybrid 
circuit substrates or printed circuit boards, consisting of 
indexing conveyor, sorter, placement heads, missing com- 
ponent detector, programmable electropneumatic control, 
and options to handle special requirements. 

component population — The variety and number 
of components (transistors, resistors, transformers, ctc.) 
necessary to perform the desired electrical function. 

component side — That side of a printed board on 
which most of the components will be mounted. 

component stress — Those factors of usage or test, 
such as voltage, power, temperature, frequency, etc., that 
tend to affect the failure rate of component parts. 

composite cable — A cable in which conductors of 
different gages or types are combined under one sheath. 
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composite circuit—A circuit that can be used 
simultaneously for telephony and direct-current telegra- 
phy or signaling, the two being separated by frequency 
discrimination. 

composite color signal — The color picture signal 
plus all blanking and synchronizing signals. Includes 
luminance and chrominance signals, vertical- and horizon- 
tal-sync pulses, vertical- and horizontal-blanking pulses, 
and the color-burst signal, 

composite color sync — The signal comprising all 
the sync signals necessary for proper operation of a color 
receiver. Includes the deflection sync signals to which the 
color sync signal is added in the proper time relationship. 

composite conductor — Two or more strands of 
different metals, such as aluminum and steel or copper 
and steel, assembled and operated in parallel. 

composite controlling voltage — The voltage of 
the anode of an equivalent diode, combining the effects of 
all individual electrode voltages in establishing the space- 
charge limited current, 

composited circuit— A circuit that can be used 
simultaneously for telephony and for direct-current teleg- 
raphy or signaling, separation between the two being 
accomplished by frequency discrimination. 

composite dialing —In telephone operations, a 
method of dialing between distant offices over one leg 
of a composite set. 

composite filter —A filter with two or more sec- 
tions. 

composite guidance system— A guidance sys- 
tem using a combination of more than one individual 
guidance system. 

composite picture signal —The television signal 
produced by combining a blanked picture signal with the 
sync signal. 

composite signal— The stereo FM broadcast mod- 
ulation signal consisting of a 19-kHz pilot tone, L+R 
information and L — R information modulated on a sup- 
pressed 38-kHz carrier and (if any) a 67-kHz FM carrier 
with a -+6-kHz deviation SCA channel. 

composite sync signal —The position of the 
composite video signal that synchronizes the scanning 
process. 
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composite TV signal — A combination of video 
picture, color, audio, and synchronization information. 

composite video—aA standard type of video in 
which red, green, and blue signals are mixed together. 

composite video signal— 1. The complete video 
signal, containing both picture and sync information. 
For monochrome, it consists of the picture signal 
and the blanking and synchronizing signals. For color, 
color-synchronizing signals and color-picture information 
are added. 2. The combined signals in a television trans- 
mission, including the picture signal, vertical and horizon- 
tal blanking, and synchronizing signals. 3. The complete 
video signal, consisting of the chrominance and luminance 
information as well as all sync and blanking pulses. 

composite wave filter— A combination filter con- 
sisting of two or more low-pass, high-pass, bandpass, or 
band-elimination filters. 

composite wire clad—A wire having a core of 
one metal to which is fused an outer shell of one or more 
different metals. 

composition—The conversion of computer files 
containing text and typesetting commands into a format 
for input to an imaging system, such as a phototypesetter. 

composition resistor — See carbon resistor. 

compound-connected transistor — Two transis- 
tors that are combined to increase the current amplifica- 
tion factor at high emitter currents. This combination is 
generally employed in power-amplifier circuits. 

compound-filled transformer— A transformer 
that is contained within a case and in which the struc- 
tural insulating material is supplemented by submergence 
in a solid or semisolid insulating material introduced into 
the case in a fluid state. 

compound horn — An electromagnetic horn of rect- 
angular cross section. The four sides of the horn diverge 
in such a way that they coincide with or approach four 
planes, with the provision that the two opposite planes do 
not intersect the remaining planes. 

compounding — A form of noise reduction using 
compression at the transmitting end and expansion at 
the receiver. A compressor is an amplifier that increases 
its gain for lower-power signals. The effect is to boost 
these components into a form having a smaller dynamic 
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range. A compressed signal has a higher average level and 
therefore less apparent loudness than an uncompressed 
signal, eyen though the peaks are no higher in level. An 
expander reverses the effect of the compressor to restore 
the original signal. 

compound modulation — See multiple modula- 
tion. 

compound-wound motor— A dc motor having 
two separate field windings. One, usually the predominant 
field, is connected in parallel with the armature circuit, 
and the other is connected in series. 

compress — To reduce some parameter of a signal, 
such as bandwidth, amplitude variation, duration, etc., 
while preserving its information content. 

compressed-air loudspeaker—.A loudspeaker 
that has an electrically actuated valve to modulate a 
stream of compressed air. 

compressed file — A file whose contents have been 
compressed by a special utility program so that it occupies 
less space on a disk or other storage device than in its 
uncompressed (normal) state. 

compressed speech —A representation of speech 
in which some redundant features of the digitized speech 
have been removed. 

compression— |. A process in which the effective 
amplification of a signal is varied as a function of the 
signal magnitude, the effective gain being greater for 
small than for large signals. In television, the reduction in 
gain at one level of a picture signal with respect to the gain 
at another level of the same signal. 2. Electronic reduction 
of the dynamic range so that quiet sounds are raised and 
loud sounds lowered. The most common application is 
an “automatic” recording in which it is important that all 
sounds recorded are made intelligible when played back. 
Also used when necessary to avoid overrecording and 
distortion, or to lift the signal level clear of background 
noise or hum. 3. A technique used to increase the number 
of bits per second sent over a data link by replacing often- 
repeated characters, strings, and command sequences with 
electronic code. When this compressed data reaches the 
remote end of the transmission link, data decompression 
is used to restore the data to its normal form for display. 
4. The conversion of information to a format that requires 
fewer bits and can be reversed to its original state once 
transferred to a new location. 

compressional wave— In an elastic medium, a 
wave that causes a change in volume of an element of 
the medium without rotation of the element. 

compression driver unit— A speaker driver unit 
that does not radiate directly from the vibrating surface. 
Instead, it requires acoustic loading from a horn that 
connects through a small throat to an air space adjacent 
to the diaphragm. 

compression ratio — The ratio between the magni- 
tude of the gain (or amplification) at a reference signal 
level and its magnitude at a higher stated signal level. 

compression seal —A seal made between an elec- 
tronic package and its leads. The seal is formed as the 
heated metal, when cooled, shrinks around the glass insu- 
lator, thereby forming a tight joint. 

compressor—1.A device that performs analog 
compression. 2. A transducer that, for a given amplitude 
range of input voltages, produces a smaller range of out- 
put voltages. In one important type of compressor, the 
envelope of speech signals is used to reduce their volume 
range. 

compressor expander — See compander, 

compromise network—In a telephone system, 
a network used in conjunction with a hybrid coil to 
balance a subscriber’s loop. The network is adjusted for an 
average loop length, an average subscriber’s set, or both, 
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and gives compromise (not precision) isolation between 
the two directional paths of the hybrid coil. 

Compton diffusion — An elastic shock between a 
photon and an electron. The photon is diffused with a 
lesser energy and the electron acquires a kinetic energy 
equal to the energy decrease of the photons. 

Compton effect — The elastic scattering of photons 
by electrons. Because the total energy and momentum 
are conserved in the collisions, the wavelength of the 
scattered radiation undergoes a change that depends on 
the scattering angle. 

computational stability— The degree to which a 
computational process remams valid when subjected to 
such effects as errors or malfunctions. 

compute bound— A program that is speed-limited 
by the computations being performed. 

computer— 1. Any device capable of accepting 
information, applying prescribed processes to the infor- 
mation, and supplying the results of these processes; 
sometimes, more specifically, a device for performing 
seguences of arithmetic and logical operations; some- 
times, still more specifically, a stored-program digital 
computer capable of performing sequences of internally 
stored instructions, as opposed to calculators on which the 
sequence is impressed manually (desk calculator) or from 
tape or cards (card-programmed calculator). 2. A tool for 
managing data. It can work with numbers and alphanu- 
meric data such as names, words, addresses, and stock 
numbers. It can be programmed to repeat the same func- 
tion over and over. It can logically evaluate information 
given to it, and act on its own findings. It can store huge 
volumes of data for future use, reference, and updating, 
and even “converse” with its operator. 3. A machine in 
which stored instructions operate on other instructions to 
modify or alter them. Data words and instruction words of 
the same size, stored in the same medium, differ only in 
their function. The same word can be both a data word and 
an instruction word at different times during the execution 
of a program. 4. An electrical/electronic device that can 
accept information, process it mathematically (in accor- 
dance with previous instructions), and then provide the 
results of this processing. 5. An electronic device that uses 
programmed instructions to monitor and control various 
types of data in order to solve mathematical problems 
or control industrial applications. Its instructions are exe- 
cuted in various sequences, as required. 6. A calculating 
device that processes data represented by a combination 
of discrete data (in digital computers) or continuous data 
(in analog computers). 7. A device that manipulates data 
and makes comparisons according to a series of instruc- 
tions stored in its memory. By changing the instructions 
the computer can be made to do a completely different 
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CHAPTER 5 = THE COZY CORNER LAB 


Figure 5-12. Two LEDs are illuminated at the same time. This simple circuit demonstrates both parallel 
and series electrical circuits. A 3xAAA battery holder with an integrated power switch is used to provide 
power to the circuit. 


To build this circuit as shown, you will need the following components: 


A solderless breadboard with power rails 


A 3xAAA battery holder (which holds three AAA cells) and three fresh AAA cells— 
rechargeable cells are better 


Two LEDs (any visible color will do 
Two 1000 1/4W resistors 


Two short jumper wires 


Using the letters printed on the breadboard to find the columns across the top and the numbers to 
find the rows, we can describe each of the tie points using a single letter and a number, such as A-1 or 
B-2. The following exercise shows how to put it all together. 
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task. Instructions and data are stored in the same mem- 
ory and both can be manipulated by the computer with 
equal ease. 8. A device that is capable of solving problems 
or manipulating data by accepting data, performing pre- 
scribed operations (mathematical or logical) on the data, 
and then delivering or applying the results of these oper- 
ations. 

computer access device input—A device that 
automatically routes to the computer all teletypewriter 
observation reports that are received in a standard format. 

computer-aided design — See CAD. 

computer-aided engineering — Abbreviated 
CAE. An umbrella term that covers all uses of com- 
puters in engineering applications. Thus, computer-aided 
design and computer-aided manufacturing are branches 
of computer-aided engineering. The subject area is not 
usually considered to include software engineering. 

computer-aided manufacturing — Abbreviated 
CAM. The use of computer technology to manage, con- 
trol, and operate manufacturing either through direct or 
indirect computer interface with the physical and human 
resources of the company. 

computer-aided software engineering — See 
CASE. 

computer-aided tomography — See CAT. 

computer architecture — That set of a computer’s 
attributes (such as registers, addressing modes, and 
instruction set) that are visible to the programmer. 

computer assisted tomography — See CAT. 

computer code— Also called machine language. 
The code by which data is represented within a computer 
system. An example is binary-coded decimal. 

computer control — The parts of a digital computer 
that have to do with the carrying out of instructions in the 
proper sequence, the interpretation of each instruction, 
and the application of signals to the arithmetic unit and 
other parts in accordance with this interpretation. 

computer control counter—i.A counter that 
stores the next required address. 2. Any counter that 
provides information to the control unit. 

computer diagnosis — The use of data processing 
systems for evaluation of raw data. 

computer entry punch—A combination card 
reader and keypunch used to enter data directly onto the 
memory drum of a computer. 

computer-generated hologram—aA _ synthetic 
hologram produced using a computer plotter. The binary 
structure is formed on a large scale and is then photo- 
graphically reduced. The holograms are finally etched into 
a medium. 

computer graphics— 1. Computer output in the 
form of pictorial representation (graphs, charts, drawings, 
etc.) that is displayed visually, usually by a cathode-ray 
tube. 2. A person-oriented system that uses a computer to 
create, transform, and display pictorial and symbolic data. 

computer-integrated manufacturing — See 
CIM. 

computer interface — 1. Peripheral equipment for 
attaching a computer to scientific or medical instruments. 
2. A device designed for data communication between a 
central computer and another unit such as a PC processor. 

computer interfacing—The synchronization of 
digital data transmission between a computer and one or 
more external I/O devices. 

computerized axial tomograph — See CAT. 

computerized robot— A servo model run by a 
computer. The computer controller does not have to be 
taught by leading the arm-gripper through a routine: new 
instructions can be transmitted electronically. The pro- 
gramming for such “smart” robots may include the ability 
to optimize, or improve, its work-routine instructions. 
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computer language — 1. A system of commands 
used to develop software for computers (e.g., DOS). 
2. The method or technique used to instruct a computer 
to perform various operations, See high-level language; 
machine language. 

computer-limited — Having to do with the condi- 
tion in which the time required for computation is greater 
than the time required to read inputs and write outputs. 

computer literacy— 1. Computer and information 
system comprehension. 2. The ability to use computer 
technology in a particular discipline. 

computer network— Two or more connected com- 
puters that have the ability to exchange information. 

computer numerical control — Abbreviated CNC. 
The use of a dedicated computer within a numerical- 
control unit to perform some or all of the basic numerical- 
control functions. 

computer-output microfilm printer — Abbrevia- 
ted COM printer. A microfilm printer that will take output 
directly from the computer, thus substituting for line 
printer or tape output. 

computer polarization holography — A tech- 
nique used to store wavefront information on thin 
polarization information-recordable materials (i.e., pho- 
tochromic crystals) by controlling the polarization angle 
of a small illuminating spotlight in each sampling cell on 
a crystal. 

computer port — The physical location at which the 
communication line interfaces to the computer. 

computer program— A series of instructions or 
statements prepared in a form acceptable to the computer, 
the purpose of which is to achieve a certain result. See 
software. 

computer programmer— A person who designs, 
writes, debugs, and documents computer programs. 

computer programming language— A set of 
precisely defined structures and syntax (representation, 
conventions, and rules of use and interpretation) devised 
to simplify communication with a computer, such as 
BASIC, FORTRAN, C++, and Java. The greater the 
power of a higher-level language, the greater is the 
complexity of information that can be precisely conveyed 
in an efficient manner. 

computer science — |. The field of knowledge that 
involves the design and use of computer equipment, 
including software development. 2. The science of solv- 
ing problems with computers. 

computer system — The computer and its attached 
peripherals, such as disk drives, monitor, keyboard, and 
printer. 

computer tape—A high-quality magnetic digital 
recording tape that must be rated at 1600 fci (flux changes 
per inch) or 530 flux changes per centimeter, or greater. 

computer terminal —Peripheral computer equip- 
ment for entering and retrieving data. Sometimes incor- 
porates cathode-ray tube for display. 

computer user tape system — See CUTS. 

computer utility —A network of central computers 
linked through data communications facilities to remote 
terminal systems. 

computer word — A sequence of bits or characters 
that is treated as a unit and that can be stored in one 
computer location. Same as machine word. 

computing —Performing basic and more involved 
mathematical processes of comparing, adding, subtract- 
ing, multiplying, dividing, integrating, etc. 

computing device — Any electronic device or sys- 
tem that generates and uses timing signals or pulses of 
more than 10,000 pulses (cycles) per second and uses dig- 
ital techniques; inclusive of telephone equipment that uses 
digital techniques or any device or system that generates 
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and uses rf energy for data processing functions, such 
as electronic computations, operations, transformations, 
recording, filing, sorting, storage, retrieval, or transfer. 
(Radio transmitters and receivers; industrial, scientific, 
and medical equipment; and any other radio-frequency 
devices specifically subject to an examination requirement 
are excluded from this definition.) 

computing machine —An automatic device that 
carries out well-defined mathematical operations. 

COMSTAR 1, Il, and lll — Three American satellites 
that can carry video and are operated by AT & T. They 
are located at 128°, 95°, and 87” west longitude. 

concatenate —To unite in a series; to connect 
together; to chain. Used to describe the action of relating 
data used by a computer program in some organized 
manner. 

concave — Curved inward. 

concentrated-arc lamp —A type of low-voltage 
arc lamp having nonvaporizing electrodes sealed in an 
atmosphere of inert gas and producing a small, brilliant, 
incandescent cathode spot. 

concentration gradient— A difference in carrier 
concentration (holes or free electrons) from point to point 
in a semiconductor. 

concentrator— |. A device that feeds the signals 
from several data terminals into a single transmission line 
for input to a computer, or vice versa. 2. An analog or 
digital buffer switch used to reduce the required num- 
ber of trunks. 3. A device for combining many low-speed 
data lines into one high-speed data line. 4. A device that 
uses hardware and software to perform computer com- 
munication functions. (A term first applied to telephone- 
switching systems that permitted greater economy in use 
of facilities by combining many phone circuits into one.) 
5. An electronic device that interfaces in a store-and- 
forward mode with multiple low-speed communication 
lines at a message level and then retransmits those mes- 
sages to a processing site via one or more high-speed 
communication lines. 

concentric cable — See coaxial line. 

concentric groove — See locked groove. 

concentric-lay cable— 1. A concentric-lay con- 
ductor. 2. A multiple-conductor cable composed of a cen- 
tral core surrounded by one or more layers of helically laid 
insulated conductors. 

concentric-lay conductor—A conductor com- 
posed of a central core surrounded by one or more lay- 
ers Of helically laid wires. In the most common type of 
concentric-lay conductor, all wires are of the same size, 
and the central core is a signal wire. 

concentric line — See coaxial line. 

concentric strand—aA strand that consists of a 
central wire or core surrounded by one or more layers 
of spirally laid wires. Each layer after the first has six 
more strands than the preceding layer and is applicd in a 
direction opposite to that of the layer under it. 

concentric stranding—-A method of stranding 
wire in which the final wire is built up in layers such that 
the inner diameter of a succeeding layer always equals 
the outer diameter of the underlying layer. 

concentric-wound coil— A coil with two or more 
insulated windings that are wound one over the other. 

concurrent processing — The ability of a com- 
puter to work on more than one program at the same 
time. 

condensation soldering—The immersion of a 
part to be reflow soldered into a reservoir of hot saturated 
vapor. As the vapor condenses on the part, the latent heat 
of vaporizaton is released to heat the part. 

condensed mercury temperature — The temper- 
ature of a mercury-vapor tube, measured on the outside 
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of the tube envelope, in the region where the mercury is 
condensing in a glass tube or at a designated point on a 
metal tube. 

condenser — Obsolete term for capacitor in electron- 
ics. A device in an ignition circuit that is connected across 
the contact points to reduce arcing by providing a storage 
for electricity as points open. Note: The term condenser 
is still used in the automotive field. 

condenser antenna — See capacitor antenna. 

condenser microphone — See electrostatic micro- 
phone. 

condenser speaker — See electrostatic speaker. 

condenser tissue—Kraft paper of 0.002 inch 
(51 um) or less nominal thickness used in the manufacture 
of capacitors with paper or paper/film dielectrics. 

conditional — 1. In a computer, subject to the result 
of a comparison made during computation. 2. Subject to 
human intervention. 

conditional breakpoint instruction —.A condi- 
tional jump instruction that causes a computer to stop if a 
specified switch is set. The routine then may be allowed 
to proceed as coded, or a jump may be forced. 

conditional jump — Also called conditional transfer 
of control. 1. An instruction causing a program transfer 
to an instruction location other than the next sequential 
instruction only if a specific condition tested by the 
instruction is satisfied. If the condition is not satisfied, the 
next sequential instruction in the program line is executed. 
2, A computer program transfer that occurs only when the 
instruction that specifies it is executed and other specified 
conditions are satisfied. 

conditional statement— Also called TF statement. 
A statement that causes the computer to check something 
and use that as a basis for choosing among alternative 
courses of action. Same as a branch. 

conditional transfer— A program instruction that 
causes central control either to process the next instruction 
in sequence or to jump to some other indicated instruction, 
depending on the results of some previous operation. 

conditional transfer of control — See conditional 
jump. 
condition code — In a computer, a limited group 
of program conditions, such as carry, borrow, overflow, 
etc., that are pertinent to the execution of instructions, 
The codes are contained in a condition codes register. 

conditioned line—A telephone circuit that has 
had its frequency response and/or delay characteristics 
optimized. 

conditioning — 1. Equipment modifications or adjust- 
ments required to provide matching of transmission levels 
and impedances or to provide equalization between facili- 
ties. 2, The addition of equipment to a leased voice-grade 
channel to provide minimum line characteristics neces- 
sary for data transmission. 3. Time-limited exposure of 
a test specimen to a specified environment(s) prior to 
testing. 4. Applying electronic filtering elements to a com- 
munication line to improve its ability to support higher 
transmission data rates. See also equalization. 

condition queue— A queue, declared in the moni- 
tor, that lines up blocked processes. 

Condor— A cw navigational system, similar to Ben- 
ito, that automatically measures bearing and distance from 
a single ground station and displays them in a cathode-ray 
indicator. The distance is determined by phase compari- 
son, and the bearing by automatic direction finding. 

conductance —Symbolized by G or g. 1. In an 
element, device, branch, network, or system, the physical 
property that is the factor by which the square of an 
instantaneous voltage must be multiplied to give the 
corresponding energy lost by dissipation as heat or 
other permanent radiation, or by loss of electromagnetic 
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energy from the circuit. 2. The real part of admittance. 
3, Reciprocal of resistance; measured in siemens. It is 
the ratio of current through a material to the potential 
difference at its ends. 4. The component of sinusoidal 
current in phase with the terminal voltage of a circuit, 
divided by that voltage 

conducted heat— Thermal energy transferred by 
thermal conduction. 

conducted interference — Any unwanted electri- 
cal signal conducted on the power lines supplying the 
equipment under test, or on lines supplying other equip- 
ment to which the one under test is connected. 

conducted signals — Electromagnetic or acoustic 
signals propagated along wire lines or other conductors. 

conducted spurious transmitter output—A 
Spurious output of a radio transmitter that is conducted 
over a tangible transmission path such as a power line, 
control circuit, radio-frequency line, waveguide, etc. 

conductimeter — See conductivity meter. 

conduction — The transmission of heat or electricity 
through or by means of a conductor. 

conduction band — 1. A partially filled energy band 
in which electrons can move freely, allowing the material 
to carry an electric current (with electrons as the charge 
carriers). 2. The band of energy levels occupied by a 
valence electron when it is liberated from an atom. 
Electrical conduction in a semiconductor crystal takes 
place through the transport of electrons in the conduction 
band. 

conduction current— The power flow parallel to 
the direction of propagation, expressed in siemens per 
meter. 

conduction-current modulation —- 1. Periodic 
variations in the conduction current passing a point in a 
microwave tube. 2. The process of producing such varia- 
tions. 

conduction electrons — The electrons that are free 
to move under the influence of an electric field in the 
conduction band of a solid. 

conduction error— The error in a temperature 
transducer due to heat conduction between the sensing 
element and the mounting to the transducer. 

conduction field—Energy that surrounds a con- 
ductor when ar electric current is passed through the 
conductor, and that, because of the difference in phase 
between the electrical field and magnetic field set up in 
the conductor, cannot be detached from the conductor. 

conductive adhesive — An adhesive material that 
has metal powder added to increase electrical conductiv- 
ity. 

conductive epoxy-—An epoxy material (polymer 
resin) that has been made conductive by the addition of 
a metal powder, usually gold or silver. 

conductive gasket—A special highly resilient 
gasket used to reduce rf leakage in shielding that has one 
or more access openings. 

conductive level detector— A device with single 
or multiple probes. A change in level completes an 
electrical circuit between the container and/or probes. 

conductive material — A material in which a rel- 
atively large conduction current flows when a potential 
is applied between any two points on or in a body con- 
structed from the material. Metals and strong electrolytes 
are examples of conductors. 

conductive pattern — 1. The arrangement or design 
of the conductive lines on a printed circuit board. 2. The 
configuration or design of the conductive material on the 
base material. Includes conductors, lands, and through 
connections when these connections are an integral part 
of the manufacturing process. 
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conductive pattern-to-board cutline — The loca- 
tion of the printed pattern relative to the overall outline 
dimensions of the printed circuit board. 

conductive plastic potentiometer— A poten- 
tiometer in which the resistive element consists of a blend 
of resin (epoxy, polyester, etc.) and processed carbon 
powder applied to a plastic or ceramic substrate. 

conductivity — !. The conductance between oppo- 
site faces of a unit cube of material. The volume con- 
ductivity of a material is the reciprocal of the volume 
resistivity. 2. The ability of a material tc conduct elec- 
tric current. It is expressed in terms of the current per 
unit of applied voltage. It is the reciprocal of resistivity. 
3. The ability to conduct or transmit heat or electricity. 
4. The ability of a material to allow electrons to flow, 
measured by the current per unit of voltage applied. It is 
also the reciprocal of resistivity. 5. Synonym for conduc- 
tance. 6. The parameter of a material that indicates the 
extent to which it permits a net electrical current; nor- 
mally measured in terms of the conductance in reciprocal 
ohms (siemens) between opposite faces of a cube of the 
material measuring 1 centimeter on each side. The con- 
ductivity of a material is the reciprocal of its resistivity. 
6. Property of a material to allow electrical current to flow 
with very little loss. For natural surfaces, conductivity in 
general is increased with increased moisture content. 

conductivity meter— Also called conductimeter. 
An instrument that measures and/or records electrical 
conductivity. 

conductivity modulation — 1. The ckange in con- 
ductivity of a semiconductor as the charge-carrier density 
is varied. 2. The process whereby the effective electri- 
cal conductivity of a semiconductor region is modified 
by the injection of excess carriers. Thus, cxcess majority 
carriers injected into a lightly doped region can cause the 
effective conductivity to be increased simply by providing 
further carriers for current conduction. Conversely, excess 
minority carriers injected into a heavily doped region can 
cause the effective conductivity to be reduced by increas- 
ing the incidence of recombination and, hence, reducing 
the number of carriers available for conduction. 

conductivity-modulation transistor — A transis- 
tor in which the active properties are derived from 
minority-carrier modulation of the bulk of resistivity of 
the semiconductor. 

conductor — 1. A bare or insulated wire or combi- 
nation of wires not insulated from one another, suitable 
for carrying an electric current. 2. A body of conductive 
material so constructed that it will serve as a carrier of 
electric current. 3. A material (usually a metal) that con- 
ducts electricity through the transfer of orbital electrons. 
4. A material, such as copper or aluminum, that offers 
low resistance or opposition to the flow of electric cur- 
rent. 5. A medium for transmitting electrical current. A 
conductor usually consists of copper, aluminum, steel, sil- 
ver, or other material. 6. A solid, liquid, or gas that offers 
little opposition to the continuous flow of electric current. 
7. Any material whose valence energy band is only par- 
tially filled with electrons, so that empty levels are imme- 
diately available for a net electron movement. Such mate- 
rials conduct electricity readily, even at extremely low 
temperatures. 8. A substance or body that allows a cur- 
rent of electricity to pass continuously and easily through 
it. A member of a class of materials that conduct elec- 
tricity easily, i.e., have a low resistivity (107? ohm/cm). 
9. A single conductive path in a conductive pattern. 

conductor side — The side of a single-sided printed 
board containing the conductive pattern. 

conductor spacing — The distance between adja- 
cent edges (not centerline to centerline) of isolated con- 
ductive patterns in a conductor layer of a printed circuit. 
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conductor-to-hole spacing —The distance bet- 
ween a conductor edge and the edge of a component hole. 

conduit— 1. A tubular raceway designed for holding 
wires or cables designed and used expressly for this 
purpose. lt may be a solid or flexible tube in which 
insulated electrical wires are run. 2. Metal sleeve through 
which electrical wires pass. 

conduit wiring — Wiring carried in conduits and 
conduit fittings. 

cone —The diaphragm that sets the air in motion 
to create a sound wave in a direct-radiator loudspeaker. 
Usually it is conical in shape. 

cone breakup —The inability of a speaker cone to 
work as a piston at high frequencies, the effect being 
that the cone is not under the complete control of the 
voice coil, certain parts of it moving in opposition to 
other parts like a rippled rope. Responsible for uneven 
frequency response. 

cone of nulls — A conical surface formed by direc- 
tions of negligible radiation. 

cone of silence — An inverted cone-shaped space 
directly over the aerial towers of some radio beacons. 
Within the cone, signals cannot be heard or will be greatly 
reduced in volume. 

conference call —A telephone call that intercon- 
nects three or more telephones and permits all parties to 
converse at random. 

confetti —Flecks or streaks of color caused by tube 
noise in the chrominance amplifier. Because of its colors, 
confetti is much more noticeable than snow in a black- 
and-white picture. The chrominance amplifier is therefore 
cut off during a monochrome program. 

confidence — |. The likelihood, expressed as a per- 
centage, that a measurement or statement is true. 2. The 
degree of assurance that the stated failure rate has not 
been exceeded. 

confidence factor — The percentage figure express- 
ing confidence level. 

confidence interval—A range of values believed 
to include, with a preassigned degree of confidence, the 
true characteristic of the lot. 

confidence level — 1. The probability (expressed as 
a percentage) that a given assertion 1s true or that it lies 
within certain limits calculated from the data. 2. A degree 
of certainty. 

confidence limits — Extremes of a confidence inter- 
val within which there is a designated chance that the true 
value is included. 

configuration — 1. The relative arrangement of parts 
(or components) in a circuit. 2. A listing of the names 
and/or serial numbers of the assemblies that make up 
an equipment, 3, The hardware and/or software making 
up a system. 4. Combination of computer and peripheral 
devices at a single installation. 5. A general-purpose 
computer term that can refer to the way a computer is 
set up. It is also used to describe the total combination of 
hardware components that make up a computer system 
and the software settings that allow various hardware 
components of a computer system to communicate with 
one another. 

configuration file — A file that contains information 
on the way a system is set up. 

configure — The act of changing software or hard- 
ware actions by changing the settings in a computer. 

confocal resonator— A wavemeter for millimeter 
wavelengths. It consists of two spherical mirrors that face 
each other; a change in the spacing between the mirrors 
affects the propagation of electromagnetic energy between 
them, making possible direct measurement of free-space 
wavelengths. 
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conformal coating — 1. A thin nonconductive coat- 
ing, either plastic or inorganic, applied to a circuit for 
environmental and/or mechanical protection. 2. A protec- 
tive coating applied to completed printed circuit boards 
that conforms to the shape of the components and 
provides complete electrical as well as environmental 
insulation. 

conformance error — The deviation of a calibration 
curve from a specified curve line. 

confusion jamming— An electronic countermea- 
sure by means of which a radar may detect a target, but 
the radar operator is denied accurate data regarding range, 
azimuth, and velocity of the target. This result is accom- 
plished through amplification and retransmission of an 
incident radar signal with distortion to create a false echo. 
Also called deception jamming. 

confusion reflector—.A device that reflects elec- 
tromagnetic radiation to create echoes for purposes of 
causing confusion of radar, guided missiles, and proximity 
fuses. 

congestion—-A condition in which the number of 
calls arriving at the various inputs of a communications 
network are too many for the network 10 handle at once 
and are subject to delay or loss. (The concept applies in 
an analogous way to any system in which arriving traffic 
can exceed the number of servers.) 

conical horn—A hom whose cross-sectional area 
increases as the square of the axial length. 

conical scanning—-A form of scanning in which 
the beam of a radar unit describes a cone, the axis of 
which coincides with that of the reflector. 

conjugate — Either of a pair of complex numbers that 
are mutually related in that their real parts are identical 
and the imaginary part of one is the negative of the 
imaginary part of the other, that is, if a = x + iy, then 
a = x — Íy is its conjugate. 

conjugate branches— Any two branches of a 
network in which a driving force impressed on one branch 
does not produce a response in the other. 

conjugate bridge — A bridge in which the detector 
circuit and the supply circuits are interchanged, compared 
with a normal bridge. | 

conjugate impedance—An impedance whose 
value is the conjugate of a given impedance. For an 
impedance associated with an electric network, the conju- 
gate is an impedance with the same resistance component 
as the original and a negative reactive component. 

conjugate matching—A condition of source- 
and loading-impedance matching in which the source 
impedance and the load impedance have equal resistive 
parts and equal reactance values with opposite signs, This 
results in maximum power transfer, 

connected —A network is connected if, between 
every pair of nodes of the network, there exists at least 
one path composed of branches of the network, 

connecting block-—A cable-termination block in 
which access to circuit connections is available. 

connection— 1. The attachment of two or more 
component parts so that conduction can take place 
between them, 2. The point of such attachment. 

connection diagram — 1. A diagram showing the 
electrical connections between the parts that make up an 
apparatus. 2. A pattern illustrating the connections needed 
to place an electronic system in operation when such a 
system includes one or more assemblies, power supplies, 
and devices being controlled. 

connector— 1. A coupling device that provides an 
electrical and/or mechanical junction between two cables, 
or between a cable and a chassis or enclosure. 2. A 
device that provides rapid connection and disconnec- 
tion of electrical cable and wire terminations. 3. A 
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plug or receptacle that can be easily joined to or 
separated from its mate. Muitiple-contact connectors join 
two or more conductors with others in one mechani- 
cal assernbly. 4. A device consisting of a mating plug 
and receptacle. Various types of connectors include DIP, 
card-edge, two-piece, hermaphroditic, and wire-wrapping 
configurations. 5. Devices designed to provide separabie 
through connections in cable-to-cable, cable-to-chassis, or 
rack and panel applications. 6. A device that holds two 
parts of a circuit together so that they make electrical 
contact. 

connector assembly—The combination of a 
mated plug and receptacle. 

connector discontinuity— An ohmic change in 
contact resistance. 

connector flange — A projection that extends from 
or around the periphery of a connector and incorporates 
provisions for mounting the connector to a panel. 

connector receptacle — 1. An electrical fitting 
with contacts constructed to be electrically connected to 
a cable, coaxial line, cord, or wire to join with another 
electrical connector mounted on a bulkhead, wall, chassis, 
or panei. 

connect time— 1. The total time required for 
establishing a connection between two points. 2. In 
a computer-based data communications assembly, the 
switching time required to set up a connection between 
two terminal points. 

conoscope— An instrument for determining the 
optical axis of a quartz crystal. 

consequent poles— Additional magnetic poles 
present at other than the ends of a magnetic material. 

consol — See sonne. 

console—1. A cabinet for a radio or television 
receiver that stands on the floor rather than on a table. 
2. Main operating unit in which indicators and general 
controls of a radar or electronic group are installed. 3. A 
part of a computer that may be used for manual control 
of the machine. The computer operator’s control panel 
or terminal. 4. An array of controls and indicators for the 
monitoring and control of a particular sequence of actions, 
as in the checkout of a rocket, a countdown, or a launch. 

console operator— A person who monitors and 
controls an electronic computer by means of a central 
control unit or console. 

consonance — Electrical or acoustical resonance 
between bodies or circuits not connected directly together. 

constant— 1. An unvarying or fixed value or data 
item. 2. Any number not expected to change. 

constant-amplitude recording — In disc record- 
ing, a relationship between the modulations in the groove 
and the electrical signals making them so that the width 
of the groove (the excursions of the cutting stylus) is pro- 
portional to the amplitude, or power, of the signal. In 
playback, a similar relation between the record and the 
motion of the stylus so that the cartridge produces equal 
voltage regardless of frequency. Crystal and ceramic pick- 
ups have a constant amplitude characteristic on playback. 

constant current—1.A current that does not 
undergo a change greater than the required precision of 
the measurement when the impedance of the generator 
is halved. 2. Having to do with a type of power-supply 
operation in which the output current remains at a preset 
value (within specified limits) while the load resistance 
varies, resulting in an output-voltage variation within the 
voltage range of the power supply. 

constant-current characteristic — The relation- 
ship between the voltages of two electrodes, the current to 
one of them as well as all other voltages being maintained 
constant. 


constant-current/constant-voltage supply — 
A power supply that behaves as a constant-voltage source 
for relatively large values of load resistance and as a 
constant-current source for relatively small values of load 
resistance. The crossover point between these two modes 
of operation occurs when the value of the critical load 
resistance equals the value of the supply voltage setting 
divided by the supply current setting. 

constant-current modulation — Also called Heis- 
ing modulation. A system of amplitude modulation in 
which the output circuits of the signal amplifier and 
carrier-wave generator or amplifier are directly and con- 
ductively coupled by a common inductor. The inductor 
has an ideally infinite impedance to the signal frequencies 
and therefore maintains the common plate-supply current 
of the two devices constant. The signal-frequency voltage 
thus appearing across the common inductor aiso modu- 
lates the plate supply to the carrier generator or amplifier, 
with corresponding modulation of the carrier output. 
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constant-current power supply— A regulated 
power supply that acts to keep its output current constant 
in spite of changes in load, line, or temperature. Thus, for 
a change in load resistance, the output current remains 
constant to a first approximation, while the output voltage 
changes by whatever amount necessary to accomplish 
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constant-currenttransformer— 1. A transformer 
that automatically maintains a constant current in its sec- 
ondary circuit under varying conditions of load impedance 
when supplied from a constant-potentiai source. 2. A 
transformer that supplies a constant current to a vary- 
ing load. Regulation is accomplished by either varying 
the separation between primary and secondary windings 
or by the use of a resonant network. 

constant-delay discriminator — See pulse demo- 
der. 

constant K-filter — An image-parameter filter com- 
prising a tandem connection of a number of identical pro- 
totype L-section filters. Each adjacent pair of L-sections 
together forms either a T- or x-network. The product of 
the series and shunt impedances is a constant that is inde- 
pendent of frequency. 

constant K-network— A ladder network in which 
the product of its series and shunt impedances is indepen- 
dent of frequency within the range of interest. 

constant-luminance transmission— A type of 
transmission in which the transmission primaries are a 
luminance primary and two chrominance primaries. 
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constant-power-dissipation line — A line super- 
imposed on the output static characteristic curves and 
representing the points of collector voltage and current, 
the product of which represents the maximum collector 
power rating of a particular transistor. 

constant-ratio code — A code in which the combi- 
nations that represent all characters contain a fixed ratio 
of ones to zeros. 

constant-resistance network— A network that 
will reflect a constant resistance to the output circuit 
of the driving amplifier when terminated in a resistive 
load. Loudspeakers do not reflect a constant impedance; 
therefore, an amplifier does not see a constant resistance. 
This disadvantage may be somewhat compensated for by 
the use of negative feedback by the amplifier. 

constant-ringing drop— Abbreviated CRD. A 
relay that when activated even momentarily will remain 
in an alarm condition until reset. A key is often required 
to reset the relay and turn off the alarm. 

constant-velocity recording —In disc recording, 
a relationship between the wiggles in the groove and the 
electrical signals making them, whereby the frequency 
of the signal determines the degree of excursion of 
the cutter. In playback, a similar relation between the 
recorded wiggles and the motion of the stylus so that 
the cartridge produces voltages that vary in strength, or 
amplitude, as the frequency in the groove varies. Magnetic 
cartridges have a constant velocity characteristic and must 
be equalized by special networks during playback. 

constant voltage — 1. Voltage that does not undergo 
a change greater than the required precision of the mea- 
surement when the impedance of the generator is doubled. 
2. Having to do with a type of power-supply operation in 
which the output voltage remains at a preset value (within 
specified limits) while the output current is varied within 
the range of the power supply. 

constant-voltage charge — A charge method for a 
rechargeable battery (storage battery) in which voltage at 
the battery terminals is held at a constant value throughout 
the charge cycle. 

constant-voltage charger—A battery charger 
that maintains a constant output voltage so that the charg- 
ing current tapers off as the battery becomes charged. 
When fully charged, the battery and the charger supply 
only minor variations in the load current. 

constant-voltage/constant-current cross 
over— Behavior of a power supply in which there is 
automatic conversion from voltage stabilization to cur- 
rent stabilization (and vice versa) when the output current 
reaches a preset value. 

constant-voltage/constant-current (cv/cc) 
output characteristic—A regulated power supply 
that acts as a constant-voltage source for comparatively 
large load resistances and as a constant-current source for 
comparatively small load resistances. 

constant-voltage power supply — 1. A regulated 
power supply that acts to keep its output voltage constant 
in spite of changes in load, line, or temperature. Thus, for 
a change in load resistance, the output current changes 
by whatever amount necessary to accomplish this. 2. A 
power supply capable of maintaining a fixed voltage 
across a variable load resistance and over a defined input 
voltage and frequency change. The output is automatically 
controlled to maintain constant the product of output 
current times load resistance. 

constant-voltage transformer—A transformer 
delivering a fixed predetermined voltage over a limited 
range of input-voltage variations (e.g., 95-125 volts). 

constructive synthesis — Synthetic voice genera- 
tion system that builds words from a prescribed set of 
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linguistic or phonetic sound segments, such as phonemes. 
Each language has its own set of such sound segments. 
contact— 1. One of the current-carrying parts of a 
relay, switch, or connector that is engaged or disengaged 
to open or close the associated electrical circuits. 2. To 
join two conductors or conducting objects in order to 
provide a complete path for current flow. 3. The juncture 
point to provide the complete path. 4. The conducting 
part of a connector that acts with another such part to 
complete or break a circuit; contacts provide a separable 
through connection in a cable-to-cable, cable-to-box, or 
box-to-box situation. 5. The disc or bar of precious metal 
on a key, jack, or relay spring that touches another 
similar contact, thus making a temporary, low-resistance 
electrical connection through which current can flow. 
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contact-actuation time—The time required for 
any specified contact on a relay to function. When not 
otherwise specified, it is the initial actuation time. For 
some purposes, it is preferable to use either the final or 
effective actuation time. 

contact arc — The electrical (current) discharge that 
occurs between mating contacts when the circuit is being 
disestablished. 

contact area—The common area between two 
conductors or a conductor and a connector through which 
the flow of electricity takes place. 

contact arrangement—1. The combination of 
contact forms that make up the entire relay-switching 
structure. 2. The number, spacing, and positioning of con- 
tacts in a connector. 

contact bounce — 1. The uncontrolled making and 
breaking of contact when relay contacts are closed. 
2. Internally caused intermittent and undesired opening 
of closed contacts of a relay, caused by one or more 
of the following: (a) Impingement of mating contacts. 
(b) Impact of the armature against the coil core on 
pickup or against the backstop on dropout. (c) Momentary 
hesitation, or reversal, of the armature motion during the 
pickup or dropout stroke. 

contact bounce time—tThe time interval from 
initial actuation of a relay contact to the end of bounce 
brought about during pickup or dropout or from external 
causes. 

contact chatter—1. The undesired vibration of 
mating contacts during which there may or may not be 
actual physical contact opening. If there is no actual 
opening but only a change in resistance, it is referred 
to as dynamic resistance and appears as “grass” on the 
screen of an oscilloscope having adequate sensitivity and 
resolution. 2. A sustained rapid physical opening and 
closing of contact points caused by mechanical vibrations. 

contact combination — 1. The total assembly of 
contacts on a relay. 2. Sometimes used for contact form. 

contact current—The peak current through the 
contacts of a contact-triggered system at the instant the 
contacts open. 

contact device — A device that when actuated opens 
or closes a set of electrical contacts; a switch or relay. 

contact emf— A small voltage established whenever 
two conductors of different materials are brought into 
contact. 
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contact follow — The displacement of a stated point 
on the contact-actuating member following the initial 
closure of a contact. 

contact force — 1. The amount of force exerted by 
one of a pair of closed contacts on the other. 2. The force 
exerted by the moving mercury on a Stationary contact or 
electrode in a mercury switch. 

contact gap — Also called contact separation. The 
distance between a pair of mating relay contacts when 
they are open. 

contact length — The length of travel of one contact 
while touching another contact during the assembly or 
disassembly of a connector. 

contactless vibrating bell—A vibrating bell 
whose continuous operation depends on application of an 
alternating current without circuit-interrupting contacts, 
such as those used in vibrating bells operated by direct 
current. 

contact load — The electrical power demands en- 
countered by a contact set in any particular application. 

contact microphone —1. A microphone designed 
to pick up mechanical vibrations directly from the sound 
source and convert them into corresponding electrical 
currents or voltages, 2. A microphone designed for attach- 
ment directly to a surface of a protected area or object; 
usually used to detect surface vibrations. 

contact miss — Failure of a contact mating pair to 
establish the intended circuit electrically. This may be a 
contact resistance in excess of a specified maximum value. 

contact modulator— Also called electromechani- 
cai Chopper. A switch used to produce modified square 
waves having the same frequency as, and a definite phase 
relationship to, a driving sine wave. 

contact noise — The random fluctuation of voltage 
across a junction through which current is flowing from 
one solid to another. 

contactor — 1. A device for the purpose of repeat- 
edly establishing or interrupting an electric power circuit. 
2. A heavy-duty relay used to control electrical circuits. 

contactor alarm—aA signal calling attention to 
lowered pressure in a cable gas-pressure system. 

contact potential — Also called Volta effect. 1. The 
difference of potential that exists when two dissimilar, 
uncharged metals are placed in contact. One becomes 
positively charged and the other negatively charged, the 
amount of potential depending on the nature of the two 
metals. 2. The potential difference between the contacting 
surfaces of two metals that have different work functions. 

contact-potential difference— The difference 
between the work functions of two materials, divided by 
the electronic charge generated by them. 

contact pressure — The amount of pressure holding 
a set of contacts together. 

contact printing— A method of screen printing in 
which the screen is almost in contact with the substrate. 
Used for printing with metal mask. 

contact rating — The electrical power-handling capa- 
bility of relay or switch contacts under specified environ- 
mental conditions and for a prescribed number of opera- 
tions. 

contact rectifier—A rectifier consisting of two 
different solids in contact, Rectification is due to the 
greater conductivity across the contact in one direction 
than in the other, 

contact resistance — 1. Total electrical resistance 
of a contact system, such as the resistance of a relay or a 
switch measured at the terminals. Usually this resistance 
is only a fraction of an ohm. 2. The ohmic resistance 
between the contacts of a switch connector or relay. It may 
an be extremely small yalue — typically in the milliohm 
range. Contact resistance is normally measured from 
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terminal to terminal. 3. The resistance between the wiper 
terminal and the resistive element of a potentiometer. 
4. Electrical resistance of pin and socket contacts when 
assembled in a connector under typical service use. 
Electrical resistance of each pair of mated pin and socket 
contacts in the connector assembly is determined by 
measuring from the pin to the extreme terminal end of the 
socket (excluding both crimps) when carrying a specified 
test current. (Overall contact resistance includes wire- 
to-wire measurement.) 5. In electronic elements, such as 
capacitors or resistors, the apparent resistance between the 
terminating electrode and the body of the device. 

contact resistance variation — Abbreviated crv. 
The maximum instantaneous charge in contact resistance 
that results from moving the wiper of a potentiometer 
from one position to another. It is expressed as a 
percentage of the potentiometer’s total resistance. 

contact retainer— A device used to retain a contact 
in an inset or body; it may be either on the contact or in 
the insert. 

contact retention— The minimum axial load a 
contact in a connector can withstand in either direction 
while remaining firmly fixed in its normal position in the 
insert. 

contacts — In a relay, the current-carrying parts that 
engage or disengage to open or close electrical circuits. 

contact separation—The maximum distance 
between the stationary and movable contacts when the 
circuit is broken. 

contact spring—1.A current-carrying spring to 
which the contacts are fastened. 2. A non-current-carrying 
spring that positions and tensions a contact-carrying 
member. 

contact symbology diagram— Commonly refer- 
red to as a ladder diagram, it expresses the user- 
programmed logic of the controller in relay-equivalent 
symbology. 

contact wetting — The coating of a contact surface 
with an adherent film of mercury. 

contact wipe—The distance of travel (electrical 
engagement) of one contact during its engagement with 
or separation from another or during mating or unmating 
of the connector halves. 

contaminated — Made radioactive by addition of a 
radioactive material. 

content-addressable memory — Memory in 
which information is retrieved by specifying the data 
rather than the address at which the data is stored. 

content-addressed storage —-—See associative 
storage. 

content indicator — A display device that indicates 
the content in a computer, and the program or mode in 
use. 
contention —1. A condition that occurs on a mul- 
tidrop communication channel when two or more loca- 
tions attempt to transmit simultaneously. 2. Unregulated 
bidding for a line by multiple users. 3. Competition for 
use of the same communication facilities; a line-control 
method in which terminals request or bid to transmit. 

contents — The information stored in any part of the 
computer memory. 

contiguous allocation — An allocation method that 
assigns adjacent sectors to a file. 

Continental code — See International Morse code. 

continuity — 1. A continuous path for the flow of 
current in an electric circuit. 2. In radio broadcasting, 
the prepared copy from which the spoken material is 
presented. 

continuity check — A test performed on a length of 
finished wire or cable to determine if electrical current 
flows continuously throughout the length. Conductors 
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may also be checked against each other to ascertain that 
there are no shorts. 

continuity test— An electrical test for determining 
whether a connection is broken. 

continuity writer — In radio broadcasting, the person 
who writes the copy from which the spoken material is 
presented. 

continuous carrier— A carrier over which trans- 
mission of information is accomplished by means which 
do not interrupt the carrier. 

continuous commercial service — See CCS. 

continuous-current rating—The designated rms 
alternating or direct current that a device can carry 
continuously under specified conditions. 

continuous data— Any set of data whose informa- 
tion content can be ascertained continuously in time. 

continuous duty—The ability of a device or a 
control to operate continuously with no off or rest periods. 

continuous duty rating-—The rating applied to 
equipment if operated for an indefinite length of time. 

continuous load— A load in which the maximum 
current is expected to continue for three hours or more. 

continuously loaded cable — A submarine cable 
in which the conductors are continuously loaded. 

continuous output power— The maximum power 
(in watts) that an amplifier will deliver from each channel 
(with all channels operating) without exceeding its rated 
harmonic distortion. Measured with a 1-kHz signal. Power 
ratings should include harmonic distortion and the load 
impedance (4, 8, or 16 ohms). For example, continuous 
output power 40 W/40 W (at less than 1 percent harmonic 
distortion, into 8-ohm load). 

continuous power—The power an amplifier is 
capable of delivering for at least 30 seconds with a sine- 
wave signal, 

continuous power output—See rated power 
output. 

continuous rating — The rating that defines the load 
that can be carricd for an indefinite length of time. 

continuous recorder— A recorder that makes its 
record on a continuous sheet or web rather than on 
individual sheets. 

continuous scan thermograph — Equipment for 
presenting a continuous scan image of the thermal pattern 
(thermogram) of a patient or an object on a cathode-ray 
tube. 

continuous spectrum — The spectrum that exhibits 
no structure and appears to represent a continuous varia- 
tion of wavelength from one to the other. 

continuous variable — A variable that may assume 
any value within a defined range. 

continuous-wave radar-—A system in which a 
transmitter sends out a continuous flow of radio energy 
to the target, which reradiates (scatters) the energy inter- 
cepted and retums a small fraction to a receiving antenna. 

continuous waves — Abbreviated cw. Electromag- 
Netic sine waves generated as a continuous train of iden- 
tical oscillations. They can be interrupted according to a 
code, or modulated in amplitude, frequency, or phase in 
order to convey information. 

continuous-wave tracking system — A tracking 
system that operates by keeping a continuous radio beam 
on a target and determining its behavior from changes in 
the antenna necessary to keep the beam on the target. 

contour control system — In automatic control of 
machine tools, a system in which the cutting path of a 
tool is controlled along two or more axes. 

contourograph— A device in which a cathode-ray 
oscilloscope is used to produce images that have a three- 
dimensional appearance. 
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contrahelical—-In the wire and cable industry, the 
term is used to mean the direction of a layer with 
respect to the previous layer. Thus, it would mean a layer 
spiraling in an opposite direction from the preceding layer 
within a wire or cable. 

CONTRAN — A computer-programming language in 
which instructions are written at a compiler level, thereby 
eliminating the need for translation by a compiling 
routine. 

contrast— 1. The actual difference in density bet- 
ween the highlights and the shadows. Contrast is not 
concerned with the magnitude of density, but only with 
the difference in densities. 2. Amplitude ratio between 
picture white and picture black. 3. Ratio between the max- 
imum and minimum brightness values in a picture. 4. In 
optical character recognition, the differences between the 
color or shading of the printed material on a document 
and the background on which it is printed. 5. A notice- 
able difference in color, brightness, or other characteristics 
in a side-by-side comparison. 6. The difference in tone 
between the lightest and darkest areas of a photographic 
print or television image. 7. The ratio between the bright- 
est and darkest parts of a picture. 

contrast control—1.A method of adjusting the 
contrast in a television picture by changing the amplitude 
of the video signal. 2. With respect to television, a 
potentiometer that allows variation of the intensity of the 
different elements of an image and that can be used to 
accentuate the highlights and shadows in an image. In a 
color television system, saturation and hue may also be 
controlled. 

contrast range — The ratio between the whitest and 
blackest portions of a television image. 

contrast ratio — 1. Ratio of the maximum to the 
minimum luminance values in a television picture or a 
portion thereof. 2. The ratio of total display element of 
luminance to the background luminance. 

control — Also called a control circuit. 1. In a digi- 
tal computer, those parts that carry out the instructions 
in proper sequence, interpret each instruction, and apply 
the proper signals to the arithmetic unit and other parts in 
accordance with the interpretation. 2. Sometimes called a 
manual control. In any mechanism, one or more compo- 
nents responsible for interpreting and carrying out manu- 
ally initiated directions. 3. In some business applications, 
a mathematical check. 4. In electronics, a potentiometer or 
variable resistor. 5. In an alarm system, any mechanism 
that sequences the interrogation of protected site units, 
resets latched alarms, and performs similar functions. 

control ampere turns — The magnitude and polar- 
ity of the control magnetomotive force required for oper- 
ation of a magnetic amplifier at a specified output. 
control amplifier — See preamplifier. 

control block— A storage area through which infor- 
mation of a particular type required for control of the 
operating system is communicated among the parts of the 
system. 

control cable— A multiconductor cable made for 
Operation in control or signal circuits, usually flexible, 
relatively small in size, and with relatively small current 
ratings. 

control card — In computer programming, a card 
containing input data or parameters for a specific appli- 
cation of a general routine. 

contro! center — See preamplifier. 

control character— 1. A character whose occur- 
rence in a particular context initiates, modifies, or halts 
operation. 2. An element of a character set that may pro- 
duce some action in a device other than a printed or 
displayed character. A character may become a control 
character in some systems by being preceded by a special 
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character or set of characters. 3. Within a code set, a 
character intended to initiate, modify, or stop a control 
function. 

control characteristic—1.A piot of the load 
current of a magnetic amplifier as a function of the control 
ampere turns for various loads and at the rated supply 
voltage and frequency. 2. The relationship between the 
critical grid voltage and the anode voltage of a tube. 

control circuit — See control. 

contro! circuits — In a digital computer, the circuits 
that carry out the instruction in proper sequence, interpret 
each instruction, and apply the proper commands to the 
arithmetic element and other circuits in accordance with 
the interpretation. 

control-circuit transformer— A voltage trans- 
former utilized to supply a voltage suitable for the oper- 
ation of control devices. 

control-circuit voltage — The voltage provided for 
the operation of shunt-coil magnetic devices. 

control compartment— A space within the base, 
frame, or column of a machine used for mounting the 
control panel. 

control counter—In a computer, a device that 
records the storage location of the instruction word to 
be operated on following the instruction word in current 
use. 

control current — Current that occurs in the control 
circuit when control voltage is applied. 

control data — In a computer, one or more items 
of data used to control the identification, selection, 
execution, or modification of another routine, record file, 
operation, data value, etc. 

CONTROL DATA or Control Data — A trademark 
and service mark of Control Data Corporation in respect 
to data processing equipment and related services. 

control electrode — An electrode on which a volt- 
age is impressed to vary the current flowing between other 
electrodes. 

control field — In a sequence of similar items of 
computer information, a constant location where control 
information is placed. 

control-flow  machine—.A  parallel-processing 
architecture with a single central sequence of instruction, 
carried out by many processors. 

control grid — The electrode of a vacuum tube, other 
than a diode, upon which a signal voltage is impressed to 
regulate the plate current. 

control-grid bias — The average direct-current volt- 
age between the control grid and cathode of a vacuum 
tube. 

control-grid plate transconductance — The 
ratio of the amplification factor of a vacuum tube to its 
plate resistance, combining the effect of both into one 
term. 

controlled avalanche — A predictable, nondestruc- 
tive avalanche characteristic designed into a semiconduc- 
tor device as protection against reverse transients that 
exceed its ratings. 

controlled-avalanche device —A semiconductor 
device that has very specific maximum and minimum 
avalanche-voltage characteristics and is also able to 
operate and absorb momentary power surges in this 
avalanche region indefinitely without damage. 

controlled-avalanche silicon rectifier—aA sil- 
icon diode manufactured with characteristics such that, 
when operating, it is not damaged by transient voltage 
peaks. 

controlled-carrier modulation — Also called vari- 
able-carrier or floating-carrier modulation. A modulation 
system in which the carrier is amplitude modulated by 
the signal frequencies, and also in accordance with the 


contro! characteristic — control section 


envelope signal, so that the modulation factor remains 
constant regardless of the amplitude of the signal. 

controlled-impedance cable — Package of two or 
more insulated conductors in which impedance measure- 
ments between respective conductors are kept essentially 
constant throughout the entire length. 

controlled rectifier — 1. A rectifier employing grid- 
controlled devices such as thyratrons or ignitrons to regu- 
late its own output current. 2. Also called an SCR (silicon- 
controlled rectifier). A four-layer pnpn semiconductor that 
functions like a grid-controlled thyratron. 

controller — |. An instrument that holds a process or 
condition at a desired level or status as determined by 
comparison of the actual value with the desired value. 
2. A device or group of devices that serves to govern, in 
some predetermined manner, the electric power delivered 
to the apparatus to which it is connected. 3. A hardware 
interface that accepts instructions from a computer and 
reformats them to program an instrument or peripheral. 

controller function— Regulation, acceleration. 
deceleration, starting, stopping, reversing, or protection 
of devices connected to an electric controller. 

control-line timing—Clock signals between a 
modem and a communication-line controller unit. 

control link — Apparatus for effecting remote control 
between a control point and a remotely controlled station. 

control locus — A curve that shows the critical value 
of grid bias for a thyratron. 

control operator — An amateur radio operator des- 
ignated by the licensee of an amateur radio station to also 
be responsible for the emissions from that station. 

control panel — A panel having a systematic arrange- 
ment of terminals used with removable wires to direct the 
operation of a computer or punched-card equipment. 

control point— 1. A point that may serve as a 
reference for all incremental commands. 2. The operating 
position of an amateur radio station where the control 
operator’s function is performed. 

control-power disconnecting device —A dis- 
connective device, such as a knife switch, circuit breaker, 
or pullout fuse block, used for the purpose of connect- 
ing and disconnecting the source of control power to and 
from the control bus or equipment. 

control program — A computer program “hat places 
another program and its environment in core memory in 
proper sequence and retains them there until it has finished 
operating. 

control ratio — 1. The ratio of the change in anode 
voltage to the corresponding change in critical grid volt- 
age of a gas tube, with all other operating conditions main- 
tained constant. 2. Also called programming coefficient. 
The required range in control resistance of a regulated 
power supply to produce a 1-volt change in output volt- 
age. Expressed in ohms per volt. 

control read-only memory — Abbreviated CROM. 
A major component in the control block of some micro- 
processors. It is a ROM that has been microprogrammed 
to decode control logic. 

control rectifier— A silicon rectifier capable of 
switching or regulating the flow of a relatively large 
amount of power through the use of a very small 
electrical signal. These solid-state devices can take the 
place of mechanical and vacuum tube switches, relays, 
rheostats, variable transformers, and otber devices used 
for switching or regulating electric power. 

control register — Also called instruction register. 
In a digital computer, the register that stores the current 
instruction governing the operation of the computer for a 
cycle. 

control section — See control unit. 
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control sequence—In a computer, the normal 
order of execution of instructions. 

control station — Station licensed to conduct remote 
control of another amateur radio station. 

control store — A memory circuit designed to hold 
the sequence of commands that determines operation of 
the sequential-state machine. Sometimes referred to as the 
microprogram store. 

control tape — In a computer, a paper or plastic tape 
used to control the carriage operation of some printing 
output devices. Also called carriage tape. 

control unit — 1. That section of an automatic digital 
computer that directs the sequence of operations, inter- 
prets coded instructions, and sends the proper signals to 
the other computer circuits to carry out the instructions. 
Also called control section. 2. A preamplifier unit in an 
audio setup. Signals from audio sources, e.g., tuner or 
pickup microphone, are fed into it. Equalization (where 
necessary) is applied, then the signal is fed to the main 
amplifier. Volume and tone controls are usually incor- 
porated, together with any necessary program-selection 
switch. 

control variable — The plant inputs and outputs that 
a control system manipulates and measures to properly 
control them. 

control voltage — Voltage applied to control input 
terminals of a relay. 

control-voltage winding — The motor winding that 
is excited by a varying voltage at a time phase difference 
from the voltage applied to the fixed-voltage windings of 
a servomotor. 

control winding — In a saturable reactor, the wind- 
ing used for applying a controlling magnetomotive pre- 
magnetization force to the saturable-core material. 

control wire and cable— Any wire that carries 
current to control a tube, device, relay, or to cause any 
event without actually carrying the energy controlled in 
the event. 

convection — 1. The motion in a fluid as a result of 
differences in density and the action of gravity. 2. The 
transfer of heat from a high-temperature region in a gas 
or a liquid as a result of movement of masses of the fluid. 
3. A conveying, or transference, of heat or electricity by 
moving particles of matter. 

convection cooling—A method of heat transfer 
that depends on the natural upward movement of the 
air warmed by the heat dissipated from the device being 
cooled. 

convection current — The amount of time required 
for a charge in an electron stream to be transported 
through a given surface. 

convection-current modulation— 1. The time 
variation in the magnitude of the convection current 
passing through a surface. 2. The process of producing 
such a variation. 

convenience receptacle — An assembly consist- 
ing of two or more stationary contacts mounted in a small 
insulating enclosure that has slots to permit blades on 
attachment plugs to enter and make contact with the cir- 
cuit. 

convention — A definite formatting method used in 
electronic diagrams to present the clearest picture of 
the circuit function. Some common conventions are as 
follows: (a) circuit signal flow from left to right, with 
inputs on the left and outputs on the right; (b) locating 
various circuit functional stages in the same sequence as 
the signal flow; (c) placing the highest voltage sources at 
the top of the sheet and the lowest at the bottom; and 
(d) showing auxiliary circuits that are included but are 
not a main part of the signal flow, such as oscillators and 
power supplies, on the lower half of the drawing. 
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convergence— |. The condition in which the elec- 
tron beams of a multibeam cathode-ray tube intersect at a 
specified point. 2. Orientation of the three electron beams 
in a color TV picture tube so they pass through the same 
hole in a shadow mask at the same time. 3. In optics, the 
bending of light rays toward each other, as by a convex 
or positive lens. 

convergence coil — One of the two coils associated 
with an electromagnet, used to obtain dynamic beam 
convergence in a color television receíver. 

convergence control —A variable resistor in the 
high-voltage section of a color television receiver. It 
controls the voltage applied to the three-gun picture tube. 

convergence electrode— An electrode whose 
electric field causes two or more electron beams to con- 
verge. 

convergence magnet— A magnet assembly whose 
magnetic field causes two or more electron beams to 
converge. 

convergence phase control— A variable resistor 
or inductance for adjusting the phase of the dynamic 
convergence voltage in a color TV receiver employing 
a three-gun picture tube. 

convergence surface — The surface generated by 
the point at which two or more electron beams intersect 
during the scanning process in a multibeam cathode-ray 
tube. 

conversation — An interactive exchange of informa- 
tion between two systems or systems users. 

conversational mode — A mode of computer oper- 
ation in which a user is in direct contact with a computer, 
and interaction is possible between human and machine 
without the user being conscious of any language or com- 
munications barrier. 

conversational operation— A type of operation 
similar to the interactive mode, except that the computer 
user must wait until a question is posed by the computer 
before interacting. 

conversational system — See interactive system. 

conversion — |. The process of changing from one 
data-processing method or system to another. 2. The 
process of changing from one form of representation to 
another. 3. See encode, 2. 

conversion efficiency — 1. The ratio of ac output 
power to the dc input power to the electrodes of an 
electron tube. 2. The ratio of the output voltage of a 
converter at one frequency to the input voltage at some 
other frequency. 3. In a rectifier, the ratio of dc output 
power to ac input power. 4. The ratio of maximum 
available luminous or radiant flux output to total input 
power. 5. Of a solar cell, the ratio of the electrical power 
obtained from the cell to the radiant power falling on 
the cell. 

conversion gain — |. The ratio of the intermediate- 
frequency output voltage to the input-signal voltage of the 
first detector of a superheterodyne receiver. 2. The ratio 
of the available intermediate-frequency power output of a 
converter or mixer to the available radio-frequency power 
input. 

conversion loss—tThe ratio of available input 
power to available output power under specified test 
conditions. 

conversion rate— The speed at which an analog- 
to-digital converter or digital-to-analog converter can 
make repetitive data conversions, or the number of 
conversions performed per second. It is affected by 
propagation delay in counting circuits, ladder switches, 
and comparators; ladder RC and amplifier settling times; 
and amplifier and comparator slew rates and integrating 
time of dual-slope converters. Conversion rate is specified 
as a number of conversions per second, or conversion time 


CHAPTER 5 + THE COZY CORNER LAB 


ASSEMBLY INSTRUCTIONS 


1. Install the top LED with its anode (longer lead) in tie point F-11 and the cathode in 
tie point F-12. 


2. Insert one of the resistors from the red power rail on the right at row 11 across to 
tie point 1-11. 


3. Connect the right-hand blue power rail at row 12 to tie point J-12 using a short 
jumper wire. 


4. Install another LED just below the top LED, with its anode in tie point F-17 and the 
cathode in F-18. 


5. Install the other resistor from the right-hand power rail at row 17 across to tie 
point I-17. 


6. Use another short jumper wire to connect the blue power rail on the right at row 
18 to tie point J-18. 


7. Install three fresh AAA cells into the battery holder. 


8. Insert the red wire (positive) coming from the battery holder to the red power rail 
on the right at row 3 (the top). 


9. Insert the black wire (negative) from the battery holder to the blue power rail on 
the right at row 3. 


10. If your battery holder has a power switch, turn it on now. 


The circuit is now complete. Please verify that both LEDs are illuminated, as shown in Figure 5-12. 


Troubleshooting 
If both LEDs are not shining at this point, you’re going to have to do some troubleshooting. 


e The first thing to do is double-check your wiring. Does your breadboard look like 
the one in Figure 5-12? 


e Next, make sure you're using good batteries. If you have a voltmeter, you can test 
the batteries by measuring their voltage. New alkaline or carbon zinc cells should 
read 1.5V or more. Rechargeable nickel-cadmium (NiCd) or nickel-metal hydride 
(NiMH) batteries should read around 1.2V each when completely charged. 


e Are the cells properly installed in the holder? Are they in the proper orientation 
and firmly seated? 
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is specified as a number of microseconds to complete 
one conversion (including the effects of settling time). 
Sometimes conversion rate is specified for less than full 
resolution, thus showing a misleading (high) rate. 

conversion speed —The measure of how long it 
takes an analog-to-digital converter to arrive at the proper 
output cede. It is the time delay between the edge of the 
pulse that starts conversion and the edge of the signal that 
indicates completion of the conversion. 

conversion time— 1. The length of time required 
by a computer to read out all the digits in a given coded 
word. 2, The time required for a complete conversion 
or measurement by an analog-to-digital converter, start- 
ing from a reset condition. In successive-approximation 
converters, it ranges typically from 0.8 microsecond to 
400 microseconds. 3. Time required for an a/d converter 
to digitize an input signal. Throughput, the reciprocal of 
conversion time plus acquisition time, is expressed in 
channels per second. 

conversion transconductance — The magnitude 
of the desired output-frequency component of current 
divided by the magnitude of the input-frequency compo- 
nent of voltage when the impedance of the output external 
termination 1s negligible for all frequencies that may affect 
the result. 

conversion transducer—A transducer in which 
the signal undergoes frequency conversion. The gain or 
loss is specified in terms of the useful signal. 

conversion voltage gain (of a conversion 
transducer) — With the transducer inserted between the 
input-frequency generator and the output termination, the 
ratio of the magnitude of the output-frequency voltage 
across the output termination to the magnitude of the 
input-frequency voltage across the input termination of 
the transducer. 

convert— 1. To change information from one form 
to another without changing the meaning, e.g., from one 
number base to another, 2. In computer terminology, to 
translate data from one form of expression to a different 
form. 

converted data — The output from a unit that 
changes the language of information from one form to 
another so as to make it available or acceptable to another 
machine, e.g., a unit that takes information punched on 
cards to information recorded on magnetic tape, possibly 
including editing facilities, 

converter— 1. In a superheterodyne receiver, the 
section thet converts the desired incoming rf signal into 
a lower carrier frequency known as the intermediate fre- 
quency. 2. A rotating machine consisting of an electric 
motor driving an electric generator, used for changing 
alternating current to direct current. 3. A facsimile device 
that changes the type of modulation delivered by the 
scanner. 4. Generally called a remodulator. A facsim- 
ile device that changes amplitude modulation to audio- 
frequency-shift modulation. 5. Generally called a discrim- 
inator. A device that changes audio-frequency-shift mod- 
ulation to amplitude modulation. 6. A conversion trans- 
ducer in which the output frequency is the sum or differ- 
ence of the input frequency and an integral multiple of 
the local-oscillator frequency. 7. A device that accepts an 
input that is a function of maximum voltage and time and 
converts it to an output that is a function of maximum 
voitage only. 8. See shaft position encoder. 9. A device 
capable of converting impulses from one mode to another, 
such as analog to digital, or parallel to serial, or one code 
to another. 19. Device in a digital system that transforms 
information coded in one number system to its equivalent 
in another number system. Typically, conversion is either 
decimal-to-binary or binary-to-decimal. 
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converter tube — A multielement electron tube that 
combines the mixer and local-oscillator functions of a 
heterodyne conversion transducer. 

converter unit—The unit of a radar system in 
which the mixer of a superheterodyne receiver and usually 
two stages of intermediate-frequency amplification are 
located. Performs a preamplifying operation. 

converting — Changing data from one form to 
another to facilitate its transmission, storage, or the 
manipulation of information. 

convex -— Curved outward. 

Cook system — An early stereo-disc recording tech- 
nique in which the two channels were recorded simulta- 
neously with two cutters on different portions (bands) of 
a record as concentric spirals. The playback equipment 
consisted of two pickups mounted side by side so that 
each played at the correct spot on its own band. 

Coolidge tube— An X-ray tube in which the elec- 
trons are produced by a hot cathode. 

coordinate digitizer— A device that transcribes 
graphic information in terms of a cocrdinate system for 
subsequent processing. 

coordinated indexing — 1. In a computer, a system 
in which individual documents are indexed by descriptors 
of equal rank so that a library can be searched for a 
combination of one or more descriptors. 2. A computer 
indexing technique in which the coupling of individual 
words is used to show the interrelation of terms. 

coordinated transpositions — Transpositions that 
are installed in either electric supply or communication 
circuits, or in both, for the purpose of reducing induction 
coupling, and which are located effectively with respect 
to the discontinuities in both the electric supply and 
communication circuit. 

coordinate system—A way by which a pair of 
numbers is associated with each point in a plane (or a 
triplet of numbers is associated with each point in three- 
dimensional space) without ambiguity. 

coordination —A term describing the ability of the 
lower rating of two breakers in series to trip before the 
higher-rating one trips. 

coordinatograph — A precision drafting instrument 
used in the preparation of artwork for mask making. 

copperclad— A thin coating of copper fused to an 
aluminum core. Used in some building wires (No. 12 and 
larger), 

copper-covered steel wire—-A wire having a 
steel core to which is fused an outer shel: of copper. 

copper loss— See I'R loss. 

copper-oxide photocell— An early type of non- 
vacuum photovoltaic cell consisting of a layer of copper 
oxide on a metallic substrate, with a thin transparent layer 
of a conductor over the oxide. Light falling on the cell 
produces a small voltage between the substrate and the 
conducting layer. This type of cell is extensively used 
In exposure meters for cameras because it requires no 
external source of electric power. 

copper-oxide rectifier—A metallic rectifier in 
which the rectifying barrier is the junction between 
metallic copper and cuprous oxide. A disc of copper is 
coated with cuprous oxide on one side, and a soft lead 
washer is used to make contact with the oxide layer. 

copper-sulfide rectifier — A semiconductor recti- 
fier in which the rectifying barrier is a junction between 
magnesium and copper sulfide. 

copperweld — A thin coating of copper fused to a 
steel core. Used in line wire and cable messengers, and 
stranded with copper for strength or extending flex life. 

coprocessor— 1. A device that performs spe- 
cialized processing in conjunction with the main 
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microprocessor of a system. 2. In a computer, a device 
that performs specialized processing in conjunction with 
the main microprocessor. It works in tandem with another 
central processing unit to increase the computing power of 
a system. An extra microprocessor to handle certain tasks 
faster than the main processor. Same as math coprocessor, 
numeric coprocessor. 

copy — 1. To hear a transmission. See subject copy. 
2. To duplicate a file or program so that one can retain 
the original and work on the duplicate. Usually refers to 
duplicating one disk to another. See also backup. 

copyguard— Also called stop-copy. Trademarked 
names for processing applied to a prerecorded video 
tape to prevent unauthorized copying of the recording. 
Typically the 60-Hz vertical-sync pulses are weakened, 
with the expectation that when they are further weakened 
in copying the tape, the image will roll vertically in 
playback. 

copying telegraph — An absolute term for a facsim- 
ile system for the transmission of black-and-white copy 
only. 

copy the mail —CB radio term for just listening to 
the radio without talking much. 

Corbino effect—A special case of the Hall effect 
that occurs when a disc carrying a radial current is placed 
perpendicularly into a magnetic field. 

cord — 1. One or a group of flexible insulated conduc- 
tors covered by a flexible insulation and equipped with 
terminals. 2. A small, very flexible insulated cable con- 
structed to withstand mechanical abuse. Generally, a cord 
is considered to be a size No. 10 and smaller. 

cord circuit — A circuit, terminated in a plug at one 
or both ends, used at a telephone switchboard position in 
establishing connections. 

cordless phone-—A communication system that 
consists of two pieces: a transponder and a portable 
wireless handset. The transponder answers the telephone 
call, or processes an outgoing call, and is connected 
directly to the telephone line. Typically the transponder 
transmits to the handset on a frequency that is nominally 
1.6 MHz (the high end of the broadcast band) by feeding 
rf into the ac power line. The handset receives the 
signal through a ferrite bar or loop antenna built into the 
handset. The handset transmits to the transponder on the 
radio control band at 49 MHz. The modulation is NBFM 
(narrow-band FM), which proyides essentially noise-free 
reception both ways over an (approximately) 300-foot 
operating range. 

cordless switchboard— A telephone switchboard 
in which manually operated keys are used to make 
connections. 

cord sets — Portable cords fitted with any type of 
Wiring device at one or both ends. 

cordwood — 1. A sandwich-type construction where- 
in components lie in a vertical cordwood pattern between 
horizontal layers. 2. The technique of producing modules 
by bundling parts as closely as possible and intercon- 
necting them into circuits by welding or soldering leads 
together. 

cordwood module — 1. A high-density circuit mod- 
ule in which discrete components are mounted between 
and perpendicular to two small, parallel printed circuit 
boards to which their terminals are attached. 2. A mod- 
ule formed by bundling or stacking parts between a pair 
of end plates and interconnecting them into circuits by 
welding or soldering leads together. 

core — 1. A magnetic material placed within a coil to 
intensify the magnetic field. 2. Magnetic material inside 
a relay or coil winding. 3. In fiber optics, the light- 
conducting portion of the fiber, defined by the high 
refractive index region. The core is normally in the center 
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of the fiber, bounded by the cladding. 4. The central, 
light-transmitting portion of a fiber-optic cable, It must 
have a higher index of refraction than the cladding. 5. A 
small magnetic torus of ferrite used to store a bit of 
information. Core memories can be strung on wires so 
that organizations of 32K by 18 are possible in a size 
of '/ inch high by 6 by 6 inches (1.27 by 15.24 by 
15.24 cm). Advantages of core memory are that it is 
nonvolatile and the oldest main storage technology. (This 
technology is no longer used.) 

core instruction set—A complete set of the 
operators of the instructions of a computer and the types 
of meanings associated with their operands. 

coreless-type induction heater—A device in 
which an object is heated by induction without being 
linked by a magnetic core material. 

core loss — Also called iron loss. Loss of energy in 
a magnetic core as the result of eddy currents, which 
circulate through the core and dissipate energy in the form 
of heat. 

core memory—1.A magnetic type of memory 
made up of miniature ferrite toroids, each of which can 
be magnetized in one direction to represent a O and in the 
other direction to represent a 1. It is a permanent mem- 
ory, since if the power is removed the stored information 
remains. Core memory is characterized by low-cost stor- 
age and relatively slow memory operating speed. Core 
memories are nonvolatile, but have destructive readouts. 
2. An array of doughnut-shaped ferrite cores whose diam- 
eter ranges from 9 to 18 mils (thousandths of an inch) or 
37.5 to 75 um. Core memories are arranged in a stack 
configuration in which fine wires are strung through the 
center of the cores, usually by manual methods. The wires 
supply current, which causes data to be written into and 
read out from the core. The storage property is a mag- 
netic one in which the orientation of the core molecules 
is changed to read or write data. Core stacks can contain 
as few as 1024 bits or as many as 10° bits (one megabit). 
3. A memory that is characterized by low-cost storage and 
relatively slow memory operating speed. Core memories 
are nonvolatile, but have destructive readouts. See also 
internal storage, 1. (This technology is no longer used.) 

core plane — A horizontal network of magnetic cores 
that contains a core common to each storage position. 

core rope storage — Direct-access storage in which 
a large number of doughnut-shaped ferrite cores are 
arranged on a common axis, and sense, inhibit, and 
set wires are threaded through individual cores in a 
predetermined manner to provide fixed storage of digital 
data. Each core stores one or more complete words instead 
of a single bit. 

core storage — 1. In a computer, a form of high- 
speed storage that uses magnetic cores. 2. In a calculator, 
a storage register in which the contents will remain even 
after the machine has been switched off. 

core store—-A matrix of small magnetic rings 
or cores upon which electrical pulses may be stored. 
The presence of a pulse in a train is recorded by 
magnetizing a core, the absence of a pulse by leaving 
a core unmagnetized. 

core transformer—.A transformer in which the 
windings are placed on the outside of the core. 

core tuning — Adjusting the inductance and thereby 
the frequency of resonance of a coil by moving a 
powdered iron or ferrite core in or out of the coil. 

core-type induction heater— A device in which 
an object is heated by induction. Unlike the coreless type, 
a magnetic core links the induction winding to the object. 

core wrap — Insulation placed over a core before the 
addition of windings. 
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corner — 1. An abrupt change in direction of the axis 
of a waveguide. 2. A neighborhood or point at which a 
curve makes a sharp or discontinuous change of slope. 

corner cut—A comer removed, for orientation 
purposes, from a card to be used with a computer. 

corner effect— The rounding off of the attenuation 
versus frequency characteristic of a filter at the extremes 
(or comers) of the passband. 

corner frequency — 1. The frequency at which the 
open-loop gain-versus-frequency curve changes slope. For 
a servo motor, the product of the corner frequency in 
radians per second and the time constant of the motor 
is unity. 2. The frequency at which the two asymptotes 
of the gain-magnitude curves of an operational amplifier 
intersect. 3. The upper frequency at which 3-dB atten- 
uation occurs in a high-gain amplifier. A cornering cir- 
cuit usually is introduced to attenuate the high-frequency 
signals before the natural phase shift of the amplifier 
becomes greater than 90°. When properly designed, the 
comering circuit prevents high-frequency oscillations in 
feedback amplifiers. The corner frequency is sometimes 
erroneously referred to as the cutoff frequency. 

corner reflector — A reflecting object consisting of 
two (dihedral) or three (trihedral) mutually intersecting 
conducting surfaces. Trihedral reflectors are often used as 
radar targets. 

corner-reflector antenna— An antenna consisting 
of a primary radiating element and a dihedral corner 
refiector formed by the elements of the reflector. 


Corner-reflector 
antenna. 


corona— |. A luminous discharge of electricity, due 
to ionization of the air, appearing on the surface of a 
conductor when the potential gradient exceeds a certain 
value but is not sufficient to cause sparking. 2. Any elec- 
trically detectable, field-intensified ionization that occurs 
in an insulating system but does not result immediately in 
catastrophic breakdown. (Corona always precedes dielec- 
tric breakdown.) 3. The ionization of gases about a con- 
ductor that results in a bluish-purple glow due to the 
voltage differential between a high-voltage conductor and 
the surrounding atmosphere. 4. A device used in an elec- 
trostatic copier to impart an electrical charge (in the dark) 
to the photoconductive material (zinc-oxide-coated paper) 
to make it sensitive to the action of light. 5. The small, 
erratic current pulses resulting from discharges in voids 
in a dielectric during voltage stress. 

corona discharge—A phenomenon that occurs 
when an electric field is sufficiently strong to ionize the 
gas between electrodes and cause conduction. The effect 
is usually associated with a sharply curved surface, which 
concentrates the electric field at the emitter electrode. 
The process operates between an inception vollage and 
a spark breakdown voltage. These potentials and the 
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current-voltage characteristics within the operating range 
are affected by the polarity of the corona electrodes as 
well as the composition and density of the gas in which 
the discharge occurs. 

corona effect—The glow discharge that occurs 
in the neighborhood of electric conductors where the 
insulation is subject to high electric stress. With an 
alternating current, the effect produced when two wires, 
or other conductors having a great difference of voltage, 
are placed near cach other. 

corona endurance — Resistance to corona cutting. 

corona extinction voltage — Abbreviated cev. The 
voltage at which discharges preceded by corona cease as 
the voltage is reduced. The corona extinction voltage is 
always lower than the corona start voltage. 

corona failure — Failure due to corona degradation 
at areas of high voltage stress. 

corona loss — A loss or discharge that occurs when 
two electrodes having a great difference of pressure are 
placed near each other. The corona loss takes place at the 
critical voltage and increases very rapidly with increasing 
pressure. 

corona resistance — Also called ionization resis- 
tance, brush-discharge resistance, sloi-discharge resis- 
tance, or voltage endurance. 1. That length of time that 
an insulation material withstands the action of a specified 
level of field-intensified ionization that does not result 
in the immediate, complete breakdown of the insulation. 
2. The ability of a material to withstand sustained high 
applied voltage. 

corona shield—A shield placed around a high- 
potential point to redistribute electrostatic lines of force 
and prevent corona. 

corona start voltage — Abbreviated csv. The volt- 
age at which corona discharge begins in a giver. system. 

corona voltage level — The voltage at which corona 
discharge does not exceed a specified level following the 
application of a specified higher voltage. 

corona voltmeter— A voltmeter in which the peak 
voltage value is indicated by the beginning of corona at 
a known and calibrated electrode spacing. 

correction — An increment that, when added alge- 
braically to an indicated value of a measured quantity, 
results in a better approximation to the true value of the 
quantity. 

corrective equalization — See frequency-response 
equalization. 

corrective maintenance —The maintenance per- 
formed on a nonscheduled basis to restore equipment to 
satisfactory condition. 

corrective network — Also called shaping network. 
An electric network designed to be inserted into a circuit 
to improve its transmission or impedance properties, or 
both. 

correed — A glass-enclosed miniature reed switch. It 
is similar to the ferreed except that il is operated only 
when there is current through its surrounding winding, 
and releases when current stops. 

correed relay —A device consisting of a hermeti- 
cally sealed reed capsule surrounded by a coil. It is used 
as a switching device in telephone equipment. 

correlated characteristic — A characteristic known 
to be reciprocally related to some other characteristic. 

correlation— 1. The relationship, expressed as a 
number between —1 and 1, between two sets of data, 
etc. 2. A relationship between two variables; the strength 
of the linear relationship is indicated by the coefficient of 
correlation. 3. A measure of the similanty of two signals. 

correlation detection — A method of detection in 
which a signal is compared, point to point, with an 
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internally generated reference. The output of such a 
detector is a measure of the degree of similarity of 
the input and reference signal. The reference signal is 
constructed in such a way that it is at all times a 
prediction, or best guess, of what the input signal should 
be at that time. 

correlation direction finder—.A satellite station 
separated from radar to receive a jamming signal. By 
correlating the signals received from several such stations, 
the range and azimuth of many jammers may be obtained. 

correlation distance — A term used in tropospheric 
propagation. The minimum spatial separation between 
antennas that will give rise to independent fading of the 
received signals. 

correlation orientation tracking and range 
system— A system generally using a parabolic antenna 
for the analysis of a narrow band of radar energy for 
tracking and ranging purposes. 

correlation tracking and ranging— A nonam- 
biguous short-base-line, single-station, cw phase compar- 
ison system measuring two direction cosines and a slant 
range, from which space position can be computed. 

correlation tracking and triangulation — A 
trajectory-measuring system composed of several antenna 
base lines separated by large distances and used to mea- 
sure direction cosines to an object. From these measure- 
ments, the space position is computed by triangulation. 

correlation tracking system — A system utilizing 
correlation techniques in which signals derived from the 
same source are correlated to derive the phase difference 
between the signals. This phase difference contains the 
system data. 

corrosion — 1. A chemical action that causes grad- 
ual destruction of the surface of a metal by oxidation or 
chemical contamination. Also caused by reduction of the 
electrical efficiency between the metal and a contiguous 
substance or the disintegrating effect of strong electrical 
currents or ground-retum currents in electrical systems. 
The latter is known as electrolytic corrosion. 2. In semi- 
conductors, a defect in or on the aluminum metallization, 
usually a white crystalline growth. 3. A material’s chemi- 
cal alteration by electrochemical interaction with its envi- 
ronment. Corrosion reflects a metal’s proclivity to return 
to the more stable compound state from which it was 
refined. Corrosive reaction represents an essential division 
of chemical kinetics. 

corrosive fluxes— Also called acid fluxes. Fluxes 
consisting of inorganic acids and salts; they are generally 
required where the condition of the surface is well below 
the ideal for rapid wetting by molten solder. 

cosecant-squared antenna—An antenna that 
emits a cosecant-squared beam. In the shaped-beam 
antenna used, the radiation intensity over part of its 
pattern in some specified plane (usually the vertical) is 
proportionate to the square of the cosecant of the angle 
measured from a specified direction in that plane (usually 
the horizontal). 

cosecant-squared beam — A radar-beam pattern 
designed to give uniform signal intensity in echoes from 
distant and nearby objects. It is generated by a spun-barrel 
reflector. The beam intensity varies as the square of the 
cosecant of the elevation angle. 

cosine law — The law which states that the brightness 
in any direction from a perfectly diffusing surface varies 
in proportion to the cosine of the angle between that 
direction and the normal to the surface. 

cosmic noise — Radio static whose origin is due to 
sources outside the earth’s atmosphere. The source may 
be similar to sunspots, or spots on other stars. 

cosmic rays— Any rays of high penetrating power 
produced by transmutations of atoms in outer space. These 


particles continually enter the earth’s upper atmosphere 
from interstellar space. 

COS/MOS — See complementary metal-oxide semi- 
conductor. 

coulomb — |. The quantity of electricity that passes 
any point in an electric circuit in 1 second when the 
current is maintained constant at 1 ampere. The coulomb 
is the unit of electric charge in the mksa system. 2. The 
measure of electric charge, defined as a charge equivalent 
to that carried by 6.281 x 10'8 electrons. 

Coulomb’s law — Also called law of electric charges 
or law of electrostatic attraction. The force of attraction or 
repulsion between two charges of electricity concentrated 
at two points in an isotropic medium is proportionate 
to the product of their magnitudes and is inversely 
proportionate to the square of the distance between them. 
The force between unlike charges is an attraction, and the 
force between like charges is a repulsion. 

coulometer— An electrolytic cell that measures a 
quantity of electricity by the amount of chemical action 
produced. 

Coulter counter — An electronic cell-counting instru- 
ment operating on the ion-conductivity principle. Designed 
by J. R. Coulter. See also cell counter. 

count — In radiation counters, a single response of the 
counting system. 

countdown—A decreasing tally that indicates the 
number of operations remaining in a series. 

counter — 1. A circuit that counts input pulses. One 
specific type produces one output pulse each time it 
receives some predetermined number of input pulses. 
The same term may also be applied to several such cir- 
cuits connected in cascade to provide digital counting. 
Also called divider. 2. In mechanical analog computers, a 
means for measuring the angular displacement of a shaft. 
3. Sometimes called accumulator. A device capable of 
changing from one to the next of a sequence of distin- 
guishable states upon receipt of each discrete input signal. 
4. An arrangement of flip-flops producing a binary word 
that increases in value by 1 each time an input pulse is 
received. It may also be called a divider, since successive 
counter stages divide the input frequency by 2. A counter 
has a maximum count, depending on its size, called a 
modulus or mod. For example, a mod-8 counter can count 
up to 7, and on the eighth input it resets itself back to a 
count of 0. When it resets, it also provides an output pulse, 
which could be counted by another counter. 5. A device 
capable of changing stages in a specified sequence upon 
receiving appropriate input signals; a circuit that provides 
an output pulse or other indication after receiving a spec- 
ified number of input pulses. 6. A memory-type digital 
building block that counts pulses received at its input and 
transmits the cumulative total at its output. 7. In relay- 
panel hardware, an electromechanical device that can be 
wired and preset to control other devices according to the 
total cycles of one on and off function. 8. Án instrument 
that detects and records the occurrence of events either 
for as long as the counter remains energized or over some 
predetermined period. 

counterbalance — A weight, usually adjustable, fit- 
ted at the pivot end of a pickup arm. It counters the weight 
of the pickup head and cartridge unit and allows adjust- 
ment of the stylus pressure to the desired value. 

counter circuit—A circuit that receives uniform 
pulses representing units to be counted and produces a 
voltage in proportion to their frequency. 

counterclockwise polarized wave— See left- 
handed polarized wave. 

counter-countermeasures — Use of anti-jamming 
techniques and circuits designed to decrease the 
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effectiveness of electronic countermeasure activities on 
electronic equipment. 

counterelectromotive cell —A cell of practically 
no ampere-hour capacity used to oppose the line voltage. 

counterelectromotive force — Abbreviated coun- 
ter EMF. A voltage developed in an inductive circuit by 
an alternating or pulsating current. The polarity of this 
voltage is at every instant opposite that of the applied 
voltage. 

countermeasures — That part of military science 
dealing with the employment of deyices and/or techniques 
intended to impair the operational effectiveness of enemy 
activity. 

counterpoise — A system of wires or other conduc- 
tors, elevated above and insulated from ground, forming a 
lower system of conductors of an antenna. Used to capac- 
itively couple a radio transmitter to the ground when the 
ground resistance is high. 


Counterpotse. 


counters (Geiger and scintillation) — Instruments 
used to detect ionizing radiation having very short wave- 
iength (about one-thousandth the wavelength of visible 
light). Natural sources of this radiation are radium, ura- 
nium isotopes, cosmic rays, and ores in which these ele- 
ments are present; man-contrived sources are the atomic 
bomb, nuclear reactors used for generating electric power, 
high-voltage radar CRTs, and X-ray machines. 

counter tube — Also called radiation counter tube. 
An electron tube that converts an incident particle or burst 
of incident radiation into a discrete electric pulse. This is 
generally done by utilizing the current flow through a gas 
that is ionized by the radiation. 

counting efficiency — In a scintillation counter, the 
ratio, under specified conditions, of the average number 
of photons or particles of tonizing radiation that produce 
counts to the average number of photons or particles 
incident on the sensitive area. 

counting-rate meter — A device for indicating the 
time rate of occurrence of input pulses averaged over a 
time interval. 

counting-type frequency meter — An instrument 
for measuring frequency. Its operation depends on the 
use of pulse-counting techniques to indicate the number 
and/or rate of recurring electrical signals applied to its 
input circuits. 

counts — Clicking noises made by a radiation-detec- 
ting instrument in the presence of radiation. See scintilla- 
tion counter. 

counts per turn —The total number of code posi- 
tions per 360° of encoder shaft rotation. 

couple — Two or more dissimilar metals or alloys in 
electrical contact with each other that act as the electrodes 
of an electrolytic cell when they are immersed in an 
electrolyte. 

coupled circuit—Any network containing only 
resistors, inductors (self and mutual), and capacitors and 
having more than one independent mesh. 

coupled modes—In a waveguide, such as an 
optical fiber, coaxial cable, or metal pipe, coexisting 


propagation modes whose fields are interrelated and 
whose energies are mutually interchanged. 

coupler — 1. A passive device that divides an antenna 
signal to feed two or more receivers, or combines 
two or more antenna signals to feed a single down 
lead. A coupler provides some interset isolation and 
maintains an impedance match between the antenna and 
receiver. 2. A component that interconnects a number of 
optical waveguides (fibers) and provides an inherently 
bidirectional system by mixing and splitting all signals 
within the component. 

coupling — The association or mutual relationship of 
two or more circuits or systems in such a way that power 
may be transferred from one to another. 

coupling angle —In connection with synchronous 
motors, the mechanical-degree relationship between the 
rotor and the rotating field. 

coupling aperture — Also called coupling hole or 
coupling slot. An aperture, in the wall of a waveguide or 
cavity resonator, designed to transfer energy to or from 
an external circuit. 

coupling capacitor—1. Any capacitor used to 
couple two circuits together. Coupling is accomplished 
by means of the capacitive reactance common to both 
circuits. 2. A capacitor that allows alternating currents to 
pass but blocks direct currents. 3. A capacitor intended 
for the coupling of two or more ac circuits with different 
dc levels. 

coupling coefficient — Also calied coefficient of 
coupling. The degree of coupling that cxists between 
two circuits. It is equal to the ratio between the mutual 
impedance and the square root of the product of the total 
self-impedances of the coupled circuits, all impedances 
being of the same kind. 

coupling hole — See coupling aperture. 

coupling loop — A conducting loop projecting into 
a waveguide or cavity resonator and designed to transfer 
energy to or from an external circuit. 

coupling loss—1. See fiber optics. Those signal 
losses due to small differences in numerical aperture, core 
diameter, core concentricity, and tolerances in splicing 
connectors when two fibers are aligned. Also known as 
splicing loss and transfer loss. 2. The total optical power 
loss within a junction, expressed in decibels, attributed to 
the termination of the optical conductor. 3. Attenuation of 
the optical signal due to coupling inefficiencies between 
the flux source and the optical fiber, or between fibers, or 
between the fiber and the detector in a receiver. Expressed 
in decibeis. 

coupling probe — A probe projecting into a wave- 
guide or cavity resonator and designed to transfer energy 
to or from an external circuit. 

coupling slot — See coupling aperture. 

coupling transformer — A transformer that couples 
two circuits together by means of its mutual inductance. 

courtesy tone — An audible signal transmitted by a 
repeater that lets users know the repeater had reset at the 
end of one person’s transmission and is available for use 
by the next person. 

covalent bond—A type of linkage between atoms. 
Each atom contributes one electron to a shared pair that 
constitutes an ordinary chemical bond. 

coverage — A percentage of the completeness with 
which a oraid or shield covers the surface of an underlying 
insulated conductor or conductors. 

covered relay—aA relay contained in an unsealed 
housing. 

Covington and Broten antenna —A compound 
interferometer in which a long line source is adjacent to 
a two-element interferometer of comparable aperture, in 
the same straight line. 
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CPC — Abbreviation for calling party control. A tele- 
phone signaling system that notifies the terminating office 
and any line-connected auxiliary equipment when the call- 
ing party has disconnected. This system permits more 
efficient use of telephone trunk lines by removing the 
called party from the line as soon as the calling party 
disconnects. The CPC signal is a pulse to ground poten- 
tial, usually 100 ms long, equivalent to shorting the two 
wires of the phone line together. 

cpm — Abbreviation for cycles per minute. 

C power supply —A device connected in the circuit 
between the cathode and grid of a vacuum tube to apply 
grid bias. 

cps — l. Abbreviation for cycles per second, an obso- 
lete term. Replaced by the term hertz, abbreviated Hz. 
2. The number of times per second an electronic event is 
repeated. 3. Abbreviation for characters per second when 
speaking of data transmission. A data-rate unit, not to be 
confused with cycles per second. 

cps/bps— The number of characters or bytes per 
second (bits per track per second) written to or read from 
a magnetic tape. 

CPU — Abbreviation for central processing unit. A 
primary unit of the computer system that controls inter- 
pretation and execution of instructions. 

CPU portion — See chip sets. 

crash — 1. A computer condition that causes it to stop 
working for some reason and need to be restarted by the 
operator, 2, Abrupt computer failure. 

crash-locator beacon — Airborne equipment con- 
sisting of various transmitters, collapsible antennas, etc., 
designed to be ejected from a downed aircraft and to trans- 
mit beacon signals to help searching forces to locate the 
crashed aircraft. 

crater lamp — 1. A glow-discharge type of vacuum 
tube whose brightness is proportional to the current 
passing through the tube. The glow discharge takes place 
in a cup or crater rather than on a plate as in a neon lamp. 
2. A gaseous lamp usually containing neon. Provides a 
point source of light that can be modulated with a signal. 

crazing — Checking of an insulation material when it 
is stressed and in contact with certain solvents or their 
vapors. 

CRC — Abbreviation for cyclic redundancy check. 
l. A method of error detection consisting of a character 
generated at the transmitting terminal that is matched with 
a character at the receiving terminal. Matched characters 
signify correct character reception; unmatched characters 
indicate an error. 2. An error-checking contro] technique 
utilizing a binary prime divisor that produces a unique 
remainder. 

credence — A measure of confidence in a radar target 
detection; generally it is proportional to the target-return 
amplitude. 

credit balance indicator — In a calculator, warning 
light to indicate a negative answer. 

creepage — The conduction of electricity across the 
surface of a dielectric. 

creepage distance —-The shortest distance between 
conductors of opposite polarities, or between a live part 
and ground, measured over the surface of the supporting 
material. 

creepage path—The path across the surface of 
a dielectric between two conductors. Lengthening the 
creepage path reduces the possibility of arc damage or 
tracking. 

creepage surface — An insulating surface that pro- 
vides physical separation between two electrical conduc- 
tors of different potential. 

creep-controlled bonding-—A method of diffu- 
sion bonding in which enough pressure is exerted to cause 
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significant creep deformation at the joint interfaces. The 
method is characterized by use of intermediate and low 
unit loads for a period of hours. 

creep distance —The shortest distance on the sur- 
face of an insulator between two electrically conductive 
surfaces separated by the insulator. 

creep recovery —The change in no-load output 
occurring with time after removal of a load that had been 
applied for a specific period of time. 

crest factor— 1. The ratio of the peak voltage to 
the rms voltage of a waveform (with the de component 
removed). 2. An instrument's dynamic range and ability 
to respond faithfully to waveform peaks as the rms value 
approaches full scale. Can also refer to the quality of 
rms-conversion techniques in general. 

crest value — Also called peak value. The maximum 
absolute value of a function. 

crest voltmeter — A peak-reading voltmeter. 

crest working off-stage voltage —The highest 
instantaneous value of the off-state voltage that occurs 
across a thyristor, excluding all repetitive and nonrepeti- 
tive transient voltages. 

crest working reverse voltage —The highest 
instantaneous value of the reverse voltage that occurs 
across a semiconductor diode or reverse-blocking thyris- 
tor, excluding all repetitive and nonrepetitive transient 
voltages. 

CRi— See color rendering index. 

crimp — 1. To compress or deform a connector barrel 
around a cable so as to make an electrical connection. 
2. Final configuration of a terminal barrel formed by the 
compression of terminal barrel and wire. 

crimp contact— A contact whose back portion is 
a hollow cylinder to allow it to accept a wire. After a 
bared wire is inserted, a swedging tool is applied to crimp 
the contact metal firmly against the wire. An excellent 
mechanical and electrical contact results. A crimp contact 
often is referred to as a solderless contact. 

crimping — A method of attaching a terminal, splice, 
or contact to a conductor through the application of 
pressure. 

crimping tool— A device used to apply solderless 
teminals to a conductor. 

crimp terminal — A point at which the bared portion 
of the hookup wire is crimped to either the contact or a 
tab or pin that mates with the contact terminal. 

crimp termination — Connection in which a metal 
sleeve is secured to a conductor by mechanically crimping 
the sleeve with pliers, presses, or automated crimping 
machines. Splices, terminals, and multicontact connectors 
are typical terminating devices attached by crimping. 
Suitable for all wire types. 

crimp-type termination — Open-barre! or closed- 
barrel termination in which a stripped wire is inserted 
into or through a tube that is crimped to the wire with an 
appropriate tool. 

crippled leapfrog test — In a computer, a variation 
of the leapfrog test in which the test is repeated from a 
single set of storage locations rather than from a changing 
set of storage locations. See also leapfrog test. 

critical area—— See picture element, 2. 

critical angle — 1. The maximum angle at which a 
radio waye may be emitted from an antenna and will 
be returned to the earth by refraction in the ionosphere. 
2. The maximum angle of incidence for which light 
will be transmitted from one medium to another. Light 
approaching the interface at angles greater than the critical 
angle will be reflected back into the first medium. 3. The 
maximum angle at which light can be propagated within 
a fiber. The sine of the critical angle equals the ratio of 
the numerical aperture to the index of refraction of the 
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fiber core. 4. Basically, the least angle of incidence at 
which total reflection takes place. The angle of incidence 
in a denser medium, at an interface between the denser 
and less dense medium, at which the light is refracted 
along the interface. When the critical angle is exceeded, 
the light is totally reflected back into the denser medium. 
The critical angle varies with the indexes of refraction of 
the two media with the relationship 


sini. =n'/n 


where 

lo is the critical angle, 

n' is the refractive index of the less dense medium, and 
n is the refractive index of the denser medium. 


critical characteristic — A characteristic not hav- 
ing the normal tolerance to variables. 

critical coupling — Also called optimum coupling. 
Between two circuits independently resonant to the same 
frequency, the degree of coupling that transfers the 
maximum amount of energy at the resonant frequency. 
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critical current — That current, at a specified tem- 
perature and in the absence of external magnetic fields, 
above which a material is normal and below which it is 
superconducting. 

critical damping — The value of damping that pro- 
vides the most rapid transient response without overshoot. 
Operation between underdamping and overdamping. 

critical dimension — The dimension of a waveguide 
cross section that determines the cutoff frequency. 

critical failure— A failure that causes a system to 
operate outside designated limits. 

critical field— Also called cutoff field. Of a mag- 
netron, the smallest theoretical value of a steady magnetic- 
flux density, at a steady anode voltage, that would prevent 
an electron emitted from the cathode at zero velocity from 
reaching the anode. 

critical flicker frequency—The frequency at 
which a flickering light source is perceived as changing 
from pulsating to continuous. 

critical frequency— Also called penetrating fre- 
quency. The limiting frequency below which a magneto- 
ionic wave component is reflected by an ionospheric layer 
and above which the component penetrates the layer at 
vertical incidence. See also waveguide cutoff frequency. 

critical grid current— The instantaneous value of 
grid current in a gas tube when the anode current starts 
to flow. 
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critical grid voltage — The instantaneous value of 
grid voltage at which the anode current starts to flow in 
a gas tube. 

critical high-power level —The radio-frequency 
power level at which ionization is produced in the absence 
of a control-electrode discharge. 

critical inductance —In an inductor input power 
supply filter, the minimum value of the input inductor 
needed to ensure that the current drawn through the 
rectifier never goes to zero. 

critical item — See critical part. 

critical loads — Those loads that will not tolerate 
a loss of power without incurring major losses in the 
form of product or equipment damage, or without creation 
of safety hazards. Critical loads can be subclassified as 
those that are uninterruptible or those that are short-term 
interruptible for the time it takes transfer switches to 
operate. 

critical magnetic field — That field intensity below 
which, at a specified temperature and in the absence of 
current, a material is superconducting and above which it 
is normal. 

critical part — A part whose failure to meet specified 
requirements results in the failure of the product to serve 
its intended purpose. Also called critical item. 

critical path — The path that determines a circuit’s 
overall clock rate, typically the longest path in the circuit. 

critical potential — See ionization potential. 

critical race — See race 

critical rate of rise of off-state voltage — The 
minimum value of the rate of rise of principal voltage 
that will cause a semiconductor switching device to 
switch from the off state to the on state under specified 
conditions. 

critical rate of rise of on-state current — The 
maximum value of the rate of rise of on-state current that 
a thyristor can withstand without deleterious effect. 

critical resistance value —For a given voltage 
rating and a given power rating, the one value of 
resistance that will dissipate full rated power at rated 
voltage. For values of resistance below the critical value, 
the maximum (element) voltage is never reached; for 
values of resistance above the critical value, the power 
dissipated becomes lower than rated. 

critical temperature —That temperature below 
which, in the absence of current and external magnetic 
fields, a material is superconducting and above which it 
is normal. 

critical voltage — Also called cutoff voltage. In a 
magnetron, the highest theoretical value of steady anode 
voltage, at a given steady magnetic-flux density, at which 
electrons emitted from the cathode at zerc velocity will 
fail to reach the anode. 

critical wavelength —The free-space wavelength 
corresponding to the critical frequency. 

CRO — Abbreviation for cathode-ray oscilloscope. 

CROM — Abbreviation for control read-oniy memory. 

Crookes’ dark space — See cathode dark space. 

Crosby system — A compatible multiplex FM stereo 
broadcast technique in which the right and left signals are 
combined in phase (sum signal) and transmitted on the 
main carrier, and also combined out-of-phase (difference 
signal) and transmitted on the subcarrier. The two signals 
are combined (matrixed) in the receiving apparatus to 
restore the right and left channels. 

cross alarm—1. An alarm condition signaled by 
crossing or shorting an electrical circuit. 2. The signal 
produced due to a cross alarm condition. 

cross assembler — 1. A symbolic language transla- 
tor that runs on one type of computer to produce machine 
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code for another type of computer, 2. A type of assembler 
program that generates binary code of a program for a 
computer other than the model with which it is being 
used; e.g., an 8080 cross assembler might operate on 
a PDP-8 minicomputer. 3. Frequently used in conjunc- 
tion with a down-line load capability for remote control 
of an unattended microprocessor. See assembler; resident 
assembler. 

crossbanding — The use of combinations of inter- 
rogation and reply frequencies such that either one inter- 
rogation frequency is used with several reply frequencies 
or one reply frequency is used with several interrogation 
frequencies. 

crossbar — A type of telephone control switching 
system using a crossbar or coordinate switch. Crossbar 
switching systems suit data switching because they have 
low noise characteristics and can handle Touch Tone® 
dialing. 

crossbar switch — 1. A switch having a number of 
vertical paths, a number of horizontal paths, and an elec- 
tromagnetically operated mechanism for interconnecting 
any one vertical path with any one horizontal path. An 
automatic telephone switching system that uses a cross- 
bar switch. 2, A switch with a plurality of vertical paths 
and electromechanically operated mechanical means for 
interconnecting any one of the vertical paths with any of 
the horizontal paths. 

crossbar switching system—A method of 
switching that, when directed by a common control unit, 
will select and close a path through a matrix arrangement 
of switches. 

crossbar system — An automatic telephone switch- 
ing system in which, generally, the selecting devices are 
crossbar switches. Common circuits select and test the 
switching paths and control the selecting mechanisms. 
The method of operation is one in which the switching 
information is received and stored by controlling mecha- 
nisms that determine the operation necessary to establish 
a connection. 

cross beat— A spurious frequency that arises as a 
result of cross modulation. 

crosscheck— To check a computation by two dif- 
ferent methods. 

cross color — The interference in a color-television 
receiver chrominance channel caused by crosstalk from 
monochrome signals. 

cross-compiler— A compiler that runs on one com- 
puter system but generates machine code for another com- 
puter system. Typically it runs on a large computer and 
generates code for a microcomputer, speeding up software 
development. 

cross-correlation function—A measure of the 
similarity between two signals when one is delayed with 
respect to the other. 

cross coupling — Unwanted coupling between two 
different communication channels or their components. 

cross-current conduction— Transistor turn-off 
delay that stems mainly from storage in a converter’s 
switching transistors. The phenomenon appears as a 
stretching out of the saturated conduction period after base 
drive is removed. 

crossed-pointer indicator — A two-pointer indi- 
cator used with instrument landing systems to indicate 
the position of an aircraft with respect to the glide path. 

cross-field device — An electronic device in which 
electrons from the cathode are influenced by a magnetic 
field that acts at right angles to the applied electric 
field. When electrons leave the cathode in a direction 
perpendicular to the magnetic field, this field causes a 
force to act at right angles to the electron motion. The 
electrons then spiral into orbit around the cathode instead 
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of moving colinearly with the electric field. Most of the 
electrons gradually move toward the anode, giving up 
potential energy to the rf field as they interact with the 
anode slow-wave structure. The tube structure may be 
either cylindrical or linear. 

crossfield recording — A system in which the bias 
is not applied to the tape by a recording head but by a 
separate head on the tape’s backing side, so that the bias 
signal will not partially erase high frequencies as they are 
being recorded. 

crossfire — Interfering current in one telegraph or 
signaling channel resulting from telegraph or signaling 
currents in another channel. 

crossfoot—-1.In a computer, to add or subtract 
numbers in different fields of the same punch card and 
punch the result into another field of the same card. 2. To 
compare totals of the same numbers obtained by different 
methods. 

cross hairs—On a cursor, a horizontal line inter- 
sected by a vertical line to indicate a point on the display 
whose coordinates are desired. 

crosshatching — 1. In a printed circuit board, the 
breaking up of large conductive areas where shielding is 
required. 2. Process of filling in an outline with a series 
of symbols to highlight part of a design. 

cross magnetostriction — Under specified condi- 
tions, the relative change of dimension in a specified 
direction perpendicular to the magnetization of a body 
of ferromagnetic material when the magnetization of the 
body is increascd from zero to a specified value (usually 
saturation). 

cross modulation — |. A spurious response or form 
of interference that occurs when the carrier of a desired 
signal intermodulates with the carrier of an undesired 
signal. This often happens in early stages of radio 
receivers, particularly when strong signals from local 
stations drive these stages into nonlinear operation, 2. A 
form of interference caused by the modulation of one 
carrier affecting that of another signal. It can be caused by 
overloading an amplifier as well as by signal imbalances 
at the headend. 

cross modulation distortion—The amount of 
modulation impressed on an unmodulated carrier when a 
signal is simultaneously applied to the rf port of a mixer 
under specified operating conditions. The tendency of a 
mixer to produce cross modulation is decreased with an 
increase in Conversion compression point and intercept 
point. 

cross neutralization — A method of neutralization 
used in push-pull amplifiers. A portion of the platc-to- 
cathode ac voltage of each tube is applied to the grid-to- 
cathode circuit of the other tube through a neutralizing 
Capacitor. 

cross office switching time — The time required 
for connection of any input through the switching center 
to any selected output. 

crossover — 1. The point where two conductors that 
are insulated from each other cross. 2. A connection 
formed between two elements of a circuit by depositing 
conductive material across the insulated upper surface 
of another interconnection or element. 3. A point in an 
integrated or MOS circuit at which an interconnect pattern 
passes over another conductive part of a circuit but is 
insulated from it by a thin dielectric layer. See also 
underpass. 

crossover distortion — 1. Distortion that occurs in 
a push-pull amplifier at the points of operation where the 
input signals cross over (go through) the zero reference 
points. 2. The type of distortion resulting from class 
B push-pull power amplifiers owing to the lack of 
coincidence of the two transfer characteristics at the 
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crossover point. The effect is reduced by applying a 
critical value of biasing to optimize the quiescent current 
and hence “linearize” the middle portion of the transfer 
characteristic. The situation is further improved by heavy 
negative feedback and by circuit design, such that the 
crossover distortion from hi-fi amplifiers is very small. 

crossover frequency — 1. As applied to electrical 
dividing networks, the frequency at which equal power 
is delivered to each of the adjacent frequency channels 
when all channels are terminated in the specified load. See 
also transition frequency. 2. A frequency at which other 
frequencies above and below it are separated. In a two- 
way speaker system, for instance, the crossover frequency 
is the point at which woofer and tweeter response is 
divided. 

crossover network—1. An electrical filter that 
separates the output signal from an amplifier into two or 
more separate frequency bands for a multispeaker system. 
2. A circuit (usually employing capacitors and coils) that 
feeds low notes to a low-frequency speaker (woofer) and 
high notes to a high-frequency speaker (tweeter). The 
crossover frequency is that at which frequency bands 
divide. Sometimes the audio spectrum is divided into 
more than two bands to drive more than two speakers. In a 
three-way system, midrange frequencies go to a midrange 
driver. Frequencies outside the range of each driver are 
altenuated at a rate determined by the network design. 
3. A frequency at which each of two drivers is receiving 
half the amplifier’s power; below or above that point, one 
speaker will receive more power than the other. 

crossover spiral— See lead-over groove. 

crosspoint— The operated contacts on a crossbar 
switch. 

cross polarization — 1. The component electric 
field vector normal to the desired polarization compo- 
nent. 2. Describes signals of opposite polarization being 
transmitted and received. Cross-polarization discrimina- 
tion refers to the ability of a feed to detect one polarity 
and reject the opposite-polarity signals. 

cross-reference generator — A device that per- 
mits symbols (labels, variables, constants) to be correlated 
with their storage locations in a computer. 

cross-sectional area of a conductor— The 
summation of all cross-sectional areas of the individual 
strands in the conductor, expressed in square inches or, 
more commonly, in circular mils. 

cross software —Programs that permit a target 
system to be developed on a host computer with different 
CPU architecture. 

crosstalk — |. Interference caused by stray electro- 
magnetic or electrostatic coupling of energy from one 
circuit to another. 2. Undesired signals from another cir- 
cuit in the same system. 3. Breakthrough of the signal 
from one channel to another by conduction or radia- 
tion. 4. Transient noise induced on a switching signal 
by interaction with other switching transitions. 5. Audio 
interference from one track of a stereo tape to another. 
Poor head alignment often causes this. 6. Leakage of 
recorded signal from one channel of a stereo device into 
the adjacent channel or channels, Crosstalk between stereo 
channels impairs stereo separation; crosstalk between 
reverse-direction track signals can be heard, backward, 
during quieter parts of the desired program. 7. A mea- 
sure of the amount of signal input to an off channel that 
appears at the output of a multiplexer, superimposed on 
the signal passed through the on channel. This is a direct 
function of the frequency of the signals, since semicon- 
ductor switches are capacitively coupled within the IC 
chip. The higher the frequency, the greater the crosstalk. 
This phenomenon is similar to the feedthrough problem 
of signal-handling devices. 8. In a transmission line, the 
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noise generated in a passive signal line due to information 
traveling down an active line in the cable. 9. Measurable 
leakage of optical energy from one optical conductor to 
another. 10. Optical coupling between a pair of optical 
fibers caused by light leakage. 

crosstalk coupling — Also called crosstalk loss. 
Cross coupling between speech communication channels 
or their component parts. Note: Crosstalk coupling is 
measured between specified points of the disturbing and 
disturbed circuit and is preferably expressed in decibels. 

crosstalk level — 1. The yolume of crosstalk energy, 
measured in decibels, referred to a base. 2. The effective 
power of crosstalk, expressed in decibels below 1 mW. 

crosstalk loss — See crosstalk coupling. 

crossunder— 1. A connection of two elements of a 
circuit by a conductive path deposited or diffused into a 
substrate. 2. A point in an integrated or MOS circuit at 
which there is a crossing of two conductive paths, one of 
which is built into the active substrate for interconnection. 

crowbar— |. A term describing the action that effec- 
tively creates a high overload on the actuating member of 
the protective device. This crowbar action may be trig- 
gered by a slight increase in current or voltage. 2. A 
circuit that shorts the output terminals of a power supply 
if the output of the power supply rises above a certain 
preset limit. The crowbar thus brings the output voltage 
to zero. 3. To place a low-resistance short across the input 
to a circuit. 4. A protective circuit in a power distribution 
circuit that shorts the power supply output to ground when 
an overvoltage condition occurs. 

crowbar circuit — |. An electronic switching system 
used to protect high-voltage circuits from damage caused 
by arc currents. The system places a momentary short 
across the circuit to be protected. 2. A circuit that protects 
a circuit or system from dangerously high voltage surges 
by shutting down the power source. 
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Crowbar overvoltage circuit 
(SCR). 


crowbar protection circuit — A protection circuit 
that by rapidly placing a low resistance across the output 
terminals of a power supply initiates action that reduces 
the output voltage to a low value. 

crowbar voltage protector—A separate circuit 
that monitors the output of a power supply and instan- 
taneously throws a short circuit (or crowbar) across the 
output terminals of the power supply whenever a preset 
voltage limit is exceeded. An SCR is usually used as the 
crowbar device. 

CRT — Abbreviation for cathode-ray tube. 

CRT display — See cathode-ray-tube display. 

CRT terminal —A visual-display terminal with an 
electrostatic deflection-type display. The term sometimes 
refers to all video “glass” terminals. These terminals’ 
displays use either screen storage or memory-refreshed, 
raster-scanning techniques to generate visuals. 
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cryoelectrics — Technology having to do with the 
characteristics of electronic components at cryogenic tem- 
peratures. The branch of electronics that is concerned with 
applications of cryogenics. A contraction of cryogenic 
electronics 

cryogenic — Of or having to do with temperatures 
approaching absolute zero. 

cryogenic device — A device inteneded to function 
best at temperatures near absolute zero. 

cryogenic motor—A motor that operates at a 
temperature below —129°C and that uses a cryogenic fluid 
or gas to cool its windings and bearings. 

cryogenics — |. The subject of physical phenomena 
at temperatures below about —50°C. More generally, the 
term is used to refer to methods for producing very 
low temperatures. Also called cryogeny. 2. The study of 
the behavior of matter at supercold temperatures. 3. The 
science and technology applied to the creation of low 
temperatures (1.e., approaching absolute zero). 

cryogenic temperature — A temperature close to 
absolute zero. 

cryogeny — See cryogenics. 

cryosar — A semiconductor device primarily intended 
for high-speed computer switching and memory appli- 
cations. This device operates by the low-temperature 
avalanche breakdown produced by impact ionization of 
impurities. 

cryosistor— A cryogenic semiconductor device in 
which the ionization between two ohmic contacts is 
controlled by means of a reverse-biased pn junction. After 
ionization, the device can act as a three-terminal switch, 
a pulse amplifier, an oscillator, or a unipolar transistor. 

cryostat — A refrigerating unit such as that for pro- 
ducing or utilizing liquid helium in establishing extremely 
low temperatures (approaching absolute zero). 

cryotron — 1. A superconductive four-terminal device 
in which a magnetic field, produced by passing a current 
through two input terminals, controls the superconducting- 
to-normal transition — and thus the resistance — between 
the two output terminals. 2. An electrical switching and 
binary storage instrument that depends on the oscillating 
of a superconducting component between low and high 
resistance levels due to alternation in the magnetic field. 

cryotronics — A contraction of cryogenic electronics. 

cryptanalyst— A person who solves cryptograms, 
that is, one who converts secret messages into their 
original plain-language form without having authorized 
knowledge of the cryptographic system. 

crypto-— 1. A prefix used to form words that pertain 
to the transformation of data to conceal its actual meaning, 
usually by conversion to a secret code. 2. The science of 
encrypting data so that only the intended recipient can 
read it. 

cryptochannel — Complete system of cryptocom- 
munications between two or more holders. 

cryptogram — See ciphertext. 

cryptographic system — An algorithm for convert- 
ing a message in ordinary language into a secret form. 

cryptologic — Pertaining to communication intelli- 
gence and communication security. 

cryptosecurity —Component of communication 
security that results from the provision of technically 
sound cryptosystems and their proper use. 

crystal — 1. A solid in which the constituent atoms 
are arranged with some degree of geometric regular- 
ity. In communication practice, a piezoelectric crys- 
tal, piezoelectric crystal plate, or crystal rectifier. 2. A 
thin slab or plate of quartz ground to a thickness that 
causes it to vibrate at a specific frequency when energy 
is supplied. It is used as a frequency-control element 
in radio-frequency oscillators. 3. Quartz crystal whose 
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piezoelectric vibrational modes provide a highly accurate 
frequency for clock timing. 4. Solid material in which 
the atoms or molecules are arranged in a regular three- 
dimensional lattice array. 

crystal anisotropy — A force that directs the mag- 
netization of a single-domain particle along a direction 
of easy magnetization. To rotate the magnetization of the 
particle, an applied magnetic field must provide enough 
energy to rotate the magnetization through a difficult crys- 
tal direction. 

crystal audio receiver — Similar to a crystal video 
receiver except for the path direction bandwidth, which is 
audio rather than video. See crystal video receiver. 

crystal calibrator— A crystal-controlled oscillator 
used as a reference to check and set the frequency tuning 
of a receiver or transmitter. 

crystal-can relay — A relay mounted in a can of a 
specific size and shape; called a crystal can because of its 
common usage as a mounting for quartz crystals used in 
frequency-control circuits. 

crystal control —Control of the frequency of an 
oscillator by means of a specially designed and cut crystal. 

crystal-controlled oscillator — See crystal oscil- 
lator. 

crystal-controlled transmitter — A transmitter in 
which the carrier frequency is controlled directly by a 
crystal oscillator. 

crystal counter — An instrument that is used to 
detect high-energy particles by the pulse of the current 
formed when a particle passes through a normally insu- 
lating crystal to which a potential difference is applied. 

crystal cutter — A disc cutter in which the mechani- 
cal displacements of the recording stylus are derived from 
the deformities of a crystal having piezoelectric proper- 
ties. 

crystal detector— A mineral or crystalline material 
that allows electrical current to flow more easily in one 
direction than in the other. In this way, an alternating 
current can be converted to a pulsating current. 

crystal diode— 1. A two-electrode semiconductor 
device that makes use of the rectifying properties of a pn 
junction (junction diode) or a sharp metallic point in con- 
tact with a semiconductor material (point-contact diode). 
Also called crystal rectifier, diode, and semiconductor 
diode. 2. A diode rectifier using a point contact on a sili- 
con or germanium crystal. Because of its low capacitance, 
it will rectify at ultrahigh and superhigh frequencies. 
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crystal field —The electrostatic field acting locally 
within a crystal as a result of the microscopic arrangement 
of atoms and ions in the lattice. 

crystal filter—1.A highly selective circuit capa- 
ble of discriminating against all signals except those at 
the center frequency of a crystal, which serves as the 
selective element. Resonant mechanical section consists 
of ceramic discs that vibrate at the band of frequen- 
cies to be removed. 2. Electrically coupled, two-terminal 
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e Is the power switch (if available) not in the On position? This happens more 
frequently than anyone would like to admit. Wiggle the switch back and forth and 
see if it’s only making intermittent connection. 


e Check the orientation of the LEDs. They will only work if installed in the correct 
orientation. It only takes a second to unplug them, swap them around, and try 
them the other way. At these low voltages, it won’t hurt them to be installed 
backward. 


e Are your resistors the right value? The 1000 value is not critical. Anything from 
100Q to 1KQ will do nicely. Don’t use smaller values, as this will allow too much 
current to flow through the circuit, perhaps damaging the LEDs. How much 
current? We'll figure that out in just a bit. Larger-value resistors will decrease the 
amount of light emitted by the LEDs, down to the point where you can’t see them 
anymore. 


e Are you sure your LEDs emit visible light? Millions of infrared LEDs are 
manufactured every month for use in remote controls and night-vision gear. This 
light is not visible with the human eye, although some digital cameras can see it. 
Just because it looks like an LED doesn’t mean it is an LED. 


A Different View of the Same Thing 


Your version of the circuit in Figure 5-12 might look a little different, and that’s just fine. The important 
point is that both LEDs are lit up at the same time when you apply power. 

Let’s look at the traditional schematic for this circuit to get an idea of what’s going on here. See 
Figure 5-13. 
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Figure 5-13. The traditional schematic diagram of the two-LED circuit. This diagram should convey the 
very basic information needed to build the circuit, as well as understand the important aspects of how the 
circuit is supposed to work, without going into much detail at all about the actual implementation or 
assembly of the components. 


By now you should be able to look at the schematic and see the loop formed by the circuit. The only 
new twist is that there are two paths along which the electricity can flow, either through R1 and D1 (the 
top LED on the breadboard) or through R2 and D2 (the bottom LED, or the initials of a certain adorable 
robot from the movies). 
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electroacoustic resonators (crystals) in ladder and lat- 
tice configurations. Monolithic filters with quartz sub- 
strates are also called crystal filters. 3. A bandpass filter 
with piezoelectric crystal components for the passage or 
impedance of electrical signals of various frequencies. 

crystal headphones — Headphones using Rochelle- 
salt or other crystal elements to convert audio-frequency 
signals into sound waves. 

crystal holder —A case of insulating material for 
mounting a crystal. External prongs allow the crystal to 
be plugged into a suitable socket. 

crystal imperfection — Any deviation in lattice 
structure from that of a perfect single crystal. 

crystal lattice— A periodic geometric arrangement 
of points that correspond to the locations of the atoms in 
a perfect crystal. 

crystal loudspeaker— A loudspeaker in which 
piezoelectric action is used to produce mechanical dis- 
placements. Also called piezoelectric loudspeaker. 

crystal microphone — Also called piezoelectric 
microphone. 1. A microphone that depends for its opera- 
tion on the generation of an electric charge by the defor- 
mation of a body (usually crystalline) having piezoelectric 
properties. 2. A microphone whose generating element is 
a crystal or ceramic element, which generates a voltage 
when bent or stressed. 

crystal mixer— 1. A mixer circuit with the fre- 
guency of the local oscillator being controlled by a crystal. 
Normally used in superheterodyne radio receivers. 2. A 
mixer that utilizes the nonlinear characteristic of a crystal 
diode to mix two frequencies. Frequently used in radar 
receivers to convert the received radar signal to a lower 
intermediate-frequency signal by mixing it with a local- 
oscillator signal. 

crystal operation — Operation using crystal-control- 
led oscillators. 

crystal orientation — For MOS devices, the terms 
(100) and (111) are commonly used. This refers to 
the angle with respect to crystal facets at which the 
silicon crystal is sliced. Each has a direct effect on MOS 
transistor characteristics. 

crystal oscillator— Also called crystal-controlled 
oscillator. Án oscillator in which the frequency of oscil- 
lation is controlled by a piezoelectric crystal. 


Crystal oscillator. 


crystal oven— 1. A container, maintained at a con- 
stant temperature, in which a crystal and its holder are 
enclosed in order to keep their temperature constant 
and thereby reduce frequency drift. 2. A temperature- 
controlled container used to stabilize the temperature 
and resonant frequency of a crystal found in a crystal- 
controlled oscillator. 

crystal pickup — Also called piezoelectric pickup. 
A phonograph pickup that depends for its operation on 
the generation of an electric charge by the deformation 
of a body (usually crystalline) having piezoelectric pro- 
perties. 
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crystal pulling—1.A method of growing crys- 
tals in which the developing crystal is gradually with- 
drawn from a melt. 2. A technique (first developed by 
J. C. Czochralski) in which a monocrystalline seed is 
introduced into the top of a body of molten material 
and then withdrawn slowly to grow, or pull, a large sin- 
gle monocrystal. This technique is used in semiconductor 
manufacture to produce the uniformly doped monocrystal 
boules from which most devices are fabricated. 

crystal rectifier —1. An electrically conductive or 
semiconductive substance, natural or synthetic, that has 
the property of rectifying small radio-frequency voltages. 
See crystal diode. 

crystal set— A simple type of radio receiver having 
no amplifier stages, and only a crystal-detector stage for 
demodulation of the received signal. 

crystal shutter — A mechanical switch for shorting a 
waveguide or coaxial cable so that undesired rf energy is 
prevented from reaching and damaging a crystal detector. 

crystal slab — A relatively thick piece of crystal from 
which crystal blanks are then cut. 

crystal speaker — Also called piezoelectric speaker. 
A speaker in which the mechanical displacements are 
produced by piezoelectric action. 

crystal-stabilized oscillator — Abbreviated CSO. 
A microwave rf source that uses a crystal oscillator 
operating at some low frequency (usually below 150 
MHz) to drive a multiplier to obtain a microwave output 
frequency. A crystal oscillator can also be used for 
injection-locked stabilization of a free-running microwave 
oscillator. 

crystal-stabilized transmitter— A transmitter 
employing automatic frequency control, in which the ref- 
erence frequency is the same as the crystal-oscillator fre- 
quency. 

crystal transducer — See piezoclectric transducer. 

crystal video receiver-— A radar receiver consist- 
ing only of a crystal detector and video amplifier. 

CSA— Abbreviation for Canadian Standards Associ- 
ation, a testing and approval agency for products sold in 
Canada. This is the Canadian equivalent of Underwriters 
Laboratories in the United States. 

C-scope—A rectangular radar display in which 
targets appear as bright spots with azimuth indicated 
by the horizontal coordinate and elevation angle by the 
vertical coordinate. 

CSMA— Abbreviation for carrier sense multiple 
access. A contention scheme in which Stations listen for 
the presence of a carrier on the channel before sending a 
packet. 

csv — Abbreviation for corona start voltage. 

CTCSS — Abbreviation for Continuous Tone-Coded 
Squelch System. Also called subaudible tones or PL tones 
(trademarked name by Motorola). This is a tone that 
is transmitted in addilion to a voice signal. When it is 
equipped with a CTCSS decoder, a repeater will not 
function unless it receives both the CTCSS tone and the 
carner signal. 

CT-cut crystal—A natural quartz crystal cut to 
vibrate below 500 kHz. 

CTL— Abbreviation for complementary transistor 
logic. 

CTS — Abbreviation for clear to send. A control signal 
between a modem and a controller used to initiate data 
transmission over a communication line. 

cubical antenna— An antenna array whose ele- 
ments are positioned to form a cube. 

cue — See address. 

cue bus— In a mixing console, the bus or channel 
that is used to feed a program to a performer’s head- 
phones. Also called foldback. 
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cue circuit—A one-way communication circuit for 
conveying program control information. 

cue control —A switch that temporarily disables a 
recorder’s tape lifters during fast-forward and rewind, so 
the operator can judge what portion of the recording is 
passing the heads. 

cuff electrode — An electrode in the shape of the 
letter “C” designed for application of potentials to small 
circular bodies, such as peripheral nerves. 

cuing —1. Locating a particular spot on a recorded 
tape, preparatory to playing through from that spot. 2. The 
marking or other identification of particular points or 
sections of tape to aid in the location of specific, desired 
selections or portions of the recording. This may be done 
with grease pencil or other markings directly on the tape, 
or by making use of a digital index counter, if one exists 
on the recorder. 

cuing device —A lever or control that raises and 
lowers the tonearm without direct handling by the oper- 
ator. Usually viscous damped for uniform rise and fall 
times, no matter how rapidly the control is moved. 

CUJT — Abbreviation for complementary unijunction 
transistor, 

cup— A single mechanical section of a potentiometer 
that may contain one or more electrical resistance ele- 
ments. 

cup core—A core that forms a magnetic shield 
around an inductor. Usually a cylinder with one end 
closed. A center core inside the inductor is normally used 
and may or may not be part of the cup core. 

cupping — Curvature of a recording tape in a direc- 
tion perpendicular to the length of the tape. 

cup washer — A washer formed with a recess in one 
side to retain compression springs or, on binding-post 
terminals, to prevent escape of connecting wire strands. 

curie—A unit of radioactivity; 1 curie (Ci) equals 
3.7 x 10'° nuclear transformations per second. 

Curie point— In ferroelectric dielectrics, the tem- 
perature or temperatures at which peak values of the 
dielectric constant occur. Also called Curie temperature. 
The (critical) temperature at which piezoelectric materials 
lose their polarization and therefore also their piezoelec- 
tric properties. 

Curie temperature — Temperature in degrees Cel- 
sius at which a magnetized sample is completely demag- 
netized due to thermal agitation. See Curie point. 

curl —The degree to which a wire tends to form a 
circle after removal from a spool. An indication of the 
ability of the wire to be wrapped around posts in long 
runs. 

curls — Extruded material coming out from the edge 
of a bond. 

Curpistor— A subminiature constant-current tube 
containing two electrodes and filled with radioactive nitro- 
gen. 
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current— 1. The movement of electrons through a 
conductor. Current is measured in amperes, milliamperes, 
microamperes, nanoamperes, or picoamperes, 2. A move- 
ment of electrons, positive ions, negative ions, or holes. 
3. The rate of transfer of electricity from one point to 
another. 

current amplification — 1. The ratio of the current 
produced in the output circuit of an amplifier to the current 
supplied to the input circuit. 2. In photomultipliers, the 
ratio of the signal output current to the photoelectric signal 
current from the photocathode. 

current amplifier — 1. A device designed to deliver 
a greater output current than its input current. 2. An 
amplifier that has a low output impedance and is capable 
of delivering a heavy current. 

current antinode— Also called current loop. The 
point at which current is a maximum along a transmission 
line, antenna, or other circuit element having standing 
waves. 

current attenuation — The ratio of the magnitude 
of the current in the input circuit of a transducer to the 
magnitude of the current in a specified load impedance 
connected to the transducer. 

current-balance relay —A relay in which opera- 
tion occurs when the magnitude of one current exceeds 
the magnitude of another current by a predetermined ratio. 

current-carrying capacity — 1. The maximum cur- 
rent a conductor (or braid) can carry without heating 
beyond a safe limit. 2. The maximum current that can be 
continuously carried without causing permanent change 
in the electrical or mechanical properties of a device or 
conductor. (As applied to phone jacks, it refers to carrying 
current without interrupting the circuit.) 3. The maximum 
current an insulated conductor can safely carry without 
exceeding its insulation and jacket temperature limitations. 
4. The maximum current that can be carried continuously 
without damage to a device, conductor, or machine. It is 
mainly determined by the temperature which the insulation 
can withstand and by the ambient temperature. 

current-carrying rating—The current that can 
be carried continuously or for stated periodic intervals 
without impairment of the contact structure or interrupting 
capability. 

current-controlled oscillator — Abbreviated CCO. 
A circuit that creates an ac output signal whose frequency 
is a function of the dc input current. 

current density — 1. The amount of electric current 
passing through a given cross-sectional area of a conduc- 
tor in amperes per square inch; i.e., the ratio of the current 
in amperes to the cross-sectional area of the conductor. 
2. The ratio of current to surface area. 

current echo—The signal that on a transmission 
line is reflected as the result of some discontinuity. 

current feed— The excitation or feeding of an 
antenna by connecting the feeder at a point of maximum 
current, as at the center of a dipole or half-wave antenna. 

current flicker— Current surges resulting from 
momentary shorts that can occur within a solid electrolyte 
capacitor. Under certain conditions, current flicker can 
avalanche to cause a short, which under low-impedance 
circuit conditions results in catastrophic destruction of the 
capacitor. 

current foldback—-In a dc power supply, a self- 
resetting protective method that reduces the output current 
to less than full-rated output under overload or short- 
circuit conditions. 

current generator— A two-terminal circuit ele- 
ment with a terminal current independent of the voltage 
between its terminals, 

current hogging — 1. A condition in which one of 
several parallel logic circuits takes the largest share of 
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the available current because it has a lower resistance 
than the other circuits. 2. A condition that exists when 
several base-emitter junctions are driven from the same 
output and the input with the lowest base-emitter junction 
forward potential severely limits the drive current to the 
other transistor bases, 

current-hogging injection logic — Abbreviated 
CHIL. A logic form that combines the input flexibility of 
current-hogging logic with the performance and packing 
density of injection logic. 

current limiter — A device that detects current leak- 
age and prevents potential shock hazard by minimizing 
or interrupting current flow. 

current-limiter relay — A relay that opens its con- 
tacts when the current in a circuit exceeds a certain preset 
value. 

current limiting (automatic)— 1. An overload- 
protection mechanism that limits the maximum output 
current of a power supply to a preset value and automat- 
ically restores the output when the overload is removed. 
2. In a de power supply, a self-resetting safeguard that 
protects the power supply against short-circuit and over- 
load conditions by limiting output current to a predeter- 
mined maximum value, See also short-circuit protection. 

current-limiting fuse—A protective device that 
anticipates a dangerous short-circuit current and cpens the 
circuit, precluding the development of the peak available 
current. 

current-limiting reactor — A form of reactor inten- 
ded for limiting the current that can flow in a circuit under 
short-circuit conditions. 

current-limiting resistor — A resistor inserted into 
an electric circuit to limit the flow of current to some 
predetermined value. Usually inserted in series with a fuse 
or circuit breaker to limit the current flow during a short 
circuit or other fault, to prevent excessive current from 
damaging other parts of the circuit. 

current-limit sense voltage — The voltage across 
the current-limit terminals required to cause a regulator to 
current limit with a short-circuited output. This voltage is 
used to determine the value of the external current-limit 
resistor when external booster transistors are used. 

current loop — 1. Means of communicating data via 
the presence or absence of current in a two-wire cable. 
2. A two-wire transmit/receive interface in which the 
presence of a 20-mA current level indicates data (a 
binary 1 or mark) and its absence indicates no data (a 
O or space). Normally used with teletypes, and the only 
communication method that uses a current signal. See 
current antinode. 

current margin — The difference between the steady- 
state currents flowing through a telegraph receiving 
instrument that correspond to the two positions of the 
telegraph transmitter. 

current mirror — A circuit that relies on the collector 
current matching of two transistors (one strapped as a 
diode) when connected together base to base and emitter 
to emitter. 

current-mode logic — Abbreviated CML. A non- 
saturating logic circuit that employs the characteristics of 
a differential amplifier circuit in ils design. Because it is 
nonsaturating, it is a very fast switching logic design with 
low logic swings. The gate input element is the base of a 
transistor, with a separate transistor for each input. 

current node—A point at which current is zero 
along a transmission line, antenna, or any other circuit 
element that has standing waves. 

current noise — Also called excess noise. A low- 
frequency noise caused by current flowing in a resistor, 
particularly in fitm and carbon resistors. The amount of 
energy varies widely with the type and construction of the 
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resistor. This low-frequency noise is generally measurable 
only in the region below 100 kHz; the noise power varies 
inversely with frequency and is a function of both the 
current in the resistor and the value of the resistor. 

current penetration — The depth a current of a 
given frequency will penetrate into the surface of a 
conductor carrying the current. 

current probe—A type of transformer, usually 
having a snap-around configuration, used for measuring 
the current in a conductor. 

current pump— aA circuit that drives, through an 
external load circuit, an adjustable, variable, or constant 
value of current regardless of the reaction of that load to 
the current, within rated limits of current, voltage, and 
load impedance. 

current rating — 1. The maximum continuous cur- 
rent that can be carried by a conductor without degra- 
dation of the conductor or its insulation properties. 
2. Maximum current that a device is designed to conduct 
for a specified time at a specified operating temperature. 
3. The maximum continuous electrical current recom- 
mended for a given wire in a given situation. Expressed 
in amperes. 

current regulator—1.A device that functions to 
maintain the output current of a generator or other 
voltage source at a predetermined value, or varies the 
voltage according to a predetermined plan. 2. A regulating 
device that limits generator output and prevents excessive 
generator output by repeatedly inserting a resistance into 
the generator field circuit. 

current relay —A relay that operates at a predeter- 
mined value of current. It can be an overcurrent relay, an 
undercurrent relay, or a combination of both. 

current saturation— The condition in which the 
plate current of a vacuum tube cannot be further increased 
by increasing the plate voltage. 

current-sensing resistor — A resistor of low value 
placed in series with a load to develop a voltage propor- 
tional to the output current. A regulated dc power supply 
regulates the current in the load by regulating the voltage 
across this sensing resistor. 

current-sensitivity — The current required to give 
standard deflection on a galvanometer. 

current sink — 1. A point toward which conventional 
current flows (electrons flow away from it). 2. An output 
type of sensor or analog device in which current flows 
from the load and into the output of the device at a low 
voltage when it is turned on. 

current-sinking logic — Also called input-coupled 
logic. A logic form that requires that current flow out 
of the input of a circuit and back into the output of the 
preceding stage, which serves as a current sink instead of 
a source. 

current source—!. A point from which conven- 
tional current flows (electrons flow toward it). 2. An out- 
put type of switch or analog device in which current flows 
from it into the load at a high voltage when it is turned on. 

current-sourcing logic— Also called collector- 
coupled logic. A logic form in which current flows from 
the output of a circuit and is forced into the input of a 
similar circuit to activate the circuit that drives. 

current-stability factor — [In a transistor, the ratio 
of a change in emitter current to a change in reverse-bias 
current between the collector and base. 

current-transfer ratio —The ratio of an optocou- 
pler’s output current to input current at a specified bias. 
See beta. 

current transformer— A transformer, intended for 
measuring or control purposes, designed to have its 
primary winding connected in series with a circuit 
carrying the current to be measured or controlled. 
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current-type telemeter —A telemeter in which the 
magnitude of a single current is the translating means. 

cursor—1.A mechanically or electronically gener- 
ated line that moves back and forth over another surface 
to delineate accurate readings. 2. A mechanical bearing 
line on a plan position indicator-type display for read- 
ing target bearing. 3. A visual movable pointer on a CRT 
used by the PC programmer to indicate where an instruc- 
tion is to be added to the PC program. The cursor is also 
used during editing functions. 4. A small lighted line or 
square that appears on a video display screen at the point 
where the next character will appear. 5. A manually mov- 
able illuminated or flashing marker on a computer screen 
used to indicate the location of the next point at which 
an action will take place. 6. A means for indicating on a 
CRT screen the point at which data entry or editing will 
occur. The intensified element may be at constant high 
intensity or flashing (alternate high intensity and normal 
intensity). If flashing, additional data may be necessary to 
complete the instruction. 7. An indicator that marks the 
current working position on a display. 8. A blinking char- 
acter that indicates where the next keyboard stroke will 
appear. 9. A position marker on a video display. 

cursor and update — Circuitry that allows a user 
to add new material into a video terminal's memory 
and display. The cursor, which locates the current entry 
location, is generally a blinking underline, although some 
are overlines or boxes, 

curve tracer— An instrument capable of producing 
a display of one current or voltage as a function of a 
second voltage or current, with a third voltage or current 
as a parameter. 

customer set — See subscriber set. 

cut and paste — To move graphics and/or text from 
one location to another. 

Cutler antenna—A rear feed for a paraboloidal 
antenna reflector. It consists of a support waveguide with 
a terminating cavity containing two resonant slots, one 
on either side of the support waveguide, that face the 
reflector. Each slot is parallel to the broad faces of the 
feed waveguide. 

Cutler feed—A resonant cavity, at the end of 
a waveguide, that feeds radio-frequency energy to the 
reflector of the antenna assembly of some airborne 
antennas. 

cutoff—1. Minimum value of bias that cuts off, 
or stops, the flow of plate current in a tube. 2. The 
frequency above or below which a selective circuit fails 
to respond. 3, The frequency of transmission at which the 
loss exceeds by 10 decibels that observed at 1000 hertz. 
4. The condition when the emitter-base junction of a 
transistor has zero bias or is reverse biased and there 
is no collector current. 4. The frequency at which the 


modulus of measured parameter has decreased to 1/42 
of its low-frequency value. (For a transistor, the cutoff 
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frequency usually applies to the short-circuit small-signal 
forward current transfer ratio for either the common-base 
or common-emitter configuration.) 

cutoff attenuator— A variable length of waveguide 
used below the cutoff frequency of the waveguide to 
introduce variable nondissipative attenuation. 

cutoff current — Transistor collector current with no 
emitter current and normal collector-to-base bias. 

cutoff field — See critical field. 

cutoff frequency — 1. The frequency at which the 
gain of an amplifier falls below 0.707 times the maxi- 
mum gain. 2. The frequency that marks the edge of the 
passband of a filter and the beginning of the transition to 
the stopband. 3. With respect to a line, the upper fre- 
quency limit, usually of a loaded transmission circuit, 
beyond which the attenuation rises very rapidly. 4. That 
frequency beyond which no appreciable energy is trans- 
mitted. It may refer to either an upper or lower limit of a 
frequency band. 

cutoff limiting —Keeping the output of a vacuum 
tube below a certain point by driving the control grid 
beyond cutoff. 

cutoff voltage—1. The electrode voltage that 
reduces the dependent variable of an electron-tube char- 
acteristic to a specified value. See also critical voltage. 
2. The yoltage at which the discharge is considered com- 
plete. This need not be a very low voltage. 

cutoff wavelength —The ratio of the velocity of 
electromagnetic waves in free space to the cutoff fre- 
quency of a waveguide. 

cutout— 1. An electrical device that interrupts the 
flow of current through any particular apparatus or 
instrument, either automatically or manually. 2. Pairs 
brought out of a cable and terminated at some place other 
than at the end of the cable. 

cutout relay— A device in the circuit between a 
generator and battery that closes to allow the generator 
to charge the battery and opens when the generator stops. 

cut over — To transfer from one system to another. 

CUTS — Abbreviation for computer user tape system. 
A standard method of recording data in serial form on an 
audiocassette recorder. Data is recorded at 300 baud by 
recording 8 pulses at 2400 Hz for a mark, or 4 pulses of 
1200 Hz for a space. 

cut-signal branch operation— In systems in 
which radio reception continues without cutting off the 
carrier, the cut-signal branch operation technique disables 
a signal branch in one direction when it is enabled in the 
other to preclude unwanted signal reflections. 

cutter — Also called mechanical recording head. An 
electromechanical transducer that transforms an electrical 
input into a mechanical output (for example, the mechan- 
ical motion that a cutting stylus inscribes into a recording 
medium). 

cut-through — The resistance of a solid material to 
penetration by an object under conditions of pressure, 
temperature, etc. 

cut-through flow test— A test to measure the 
resistance to deformation of insulation subjected to heat 
and pressure. 

cutting rate — The number of lines per inch the lead 
screw moves the cutting-head carriage across the face of 
a recording blank. Standard rates are 96, 104, 112, 128, 
136, and greater, in multiples of 8 lines per inch. For 
microgroove recordings, 200 to 300 lines per inch are 
used. 

cutting stylus — A special stylus used for cutting of 
phonograph records in the disc mastering process; it often 
nas a built-in heater element and has special geometry. 

CVD — Abbreviation for chemical vapor deposition. 
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CVD fiber—A process by which a heated gas 
produces an oxide deposit to fabricate a glass fiber 
preform. The deposited glass becomes the core. 

cw—1 Abbreviation for continuous wave. 2. Abb- 
reviation for clockwise. 

cw jamming — Transmission of a constant-amplitude, 
constant-frequency, unmodulated signal for the purpose of 
jamming a radar receiver by changing its gain character- 
istics. 

cwp — Abbreviation for communication word proces- 
sor. A word processor that can communicate, over special 
lines or regular telephone lines, with another cwp and 
with mainframe computers, Telexes and TWXs, photo- 
composers, optical character reading devices, intelligent 
copiers, and other terminals. The chief limitation is that 
the communicating systems must be compatible, meaning 
they must speak the same electronic language in order to 
understand each other. 

cw reference signal —In color television, a sinu- 
soidal signal used to control the conduction time of a 
synchronous demodulator. 

cxr— Abbreviation for carrier. A communication sig- 
nal used to indicate the intention to transmit data on a 
line. 

cybernetics — 1. The study of systems of control 
and communications in humans and animals, and in elec- 
trically operated devices such as calculating machines. 
2. The comparative study of the control and intracommu- 
nication of information-handling machines and nervous 
systems of animals and man in order to understand and 
improve communication. 3. The science that is concerned 
with the principles of communication and control, particu- 
larly as applied to the operation of machines and the func- 
tioning of organisms. 4. Study of multiple feedback loop, 
self-governing systems, usually of great complexity, as 
are found in living organisms and advanced human-made 
control systems. 5. A comparative study of the similarities 
as well as the differences between humans and machines, 
with respect to their ability to communicate and control. 

cyberspace — 1. A general term referring to the vir- 
tual places that exist only on the Internet. 2. Á term coined 
by William Gibson in his 1984 novel Neuromancer to 
describe a shared virtual environment whose inhabitants, 
objects, and spaces comprise data that is visualized, heard, 
and touched. The word cyberspace is currently used to 
describe the whole range of information resources avail- 
able through computer networks and is often used as a 
synonym for the Internet. 3. The metaphoric space in 
which electronic communication takes place. Everything 
in cyberspace is virtual, that is, not physically real, but a 
shared experience nonetheless. 4. The “place” one goes to 
use a computer and modem to communicate with others. 
Being online puts one in cyberspace. 

cyborg — Abbreviation for cybernetic organism. 1. An 
android capable of heuristic (learning by experience) 
updating of its own resident intelligence. 2. An organism 
superior in strength and/or perception to ordinary human 
beings. 3. A human altered or enhanced by mechanical 
means — somewhere between a man and a robot. The Borg 
in Star Trek are the best-known example. 

cycle — 1. The change of an alternating wave from 
zero to a negative peak to zero to a positive peak 
and back to zero. The number of cycles per second 
(hertz) is called the frequency. See also alternation. 
2. An off-on application of power. 3. A set of operations 
carried out in a predetermined manner. 4. In computer 
terminology, a regularly repeated sequence of operations, 
or the time required for one such sequence. 5. The 
complete sequence, including reversal, of an alternating 
electric current. 6. An interval of time in which an 
operation or set of events is completed. 
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Cycle, 1. 


cycle counter— A mechanism or device used to 
record the number of times a specified cycle is repeated. 

cycle criterion — In computer terminology, the num- 
ber of times a cycle is to be repeated. 

cycle index —1. In digital computer programming, 
the number of times a cycle has been executed. 2. The 
difference between the number of times a cycle has been 
executed and the number of times it is desired that the 
cycle be repeated. 

cycle life — For rechargeable cells, the total number 
of discharge/charge cycles before the cell becomes inop- 
erative. 

cycle redundance check— Abbreviated CRC. 
1. An error detection scheme, usually hardware imple- 
mented, in which a check character is generated by taking 
the remainder after dividing all the serialized bits in a 
block of data by a predetermined binary number. This 
remainder is then appended to the transmitted data and 
recalculated and compared at the receiving point to ver- 
ify data accuracy. 2. Comparison of the checksum derived 
from data as it was originally written into storage with the 
checksum derived from the same data as it is being read 
out of storage. The first checksum is appended to the data 
as it enters storage. After reading this data, the controller 
computes a new checksum from it and compares the two. 
If the checksums match, the data is correct. A checksum 
error may indicate a damaged area on the memory, data 
that has changed since written, or erroneous reading of 
correct data for which a retry may work. 

cycle reset— To return a cycle index to its initial 
value. 

cycle shift — In a computer, the removal of the digits 
of a number of characters from a word from one end of the 
number or word and their insertion, in the same sequence, 
at the other end. 

cycle stealing — 1. A memory cycle stolen from the 
normal CPU operation for a direct memory access (DMA) 
operation. 2. A computer memory access technique in 
which an VO processor is synchronized to the general 
processor's memory cycles in such a way that it steals 
memory cycles between those of the general processor. 
This is possible on systems in which the memory cycle 
time is significantly shorter than the processor execution 
cycle. 3. A characteristic of DMA channels. An YO 
device can delay CPU use of the I/O bus for one or more 
bus cycles while it accesses system memory. 

cycle time— 1. The interval of time between the 
occurrence of corresponding parts of successive cycles. 
2. The length of time required to obtain information 
from a memory and then write information back into 
the memory. Also called read-write cycle time, since it 
is normally equal to the sum of the write time and the 
read time. If system memory is core, the read cycle time 
includes a write-after-read (restore) subcycle. Cycle time 
is often used as a measure of computer performance, 
since this is a measure of the time required to fetch 
an instruction. 3. Time interval during which any set of 
operations is repeated regularly in the same sequence. 
4. The time needed for a CPU to go through a complete 
operation cycle. 5. The total time required by a device 


(usually a memory) to complete its cycle and become 
available again. Typically, the access time will be shorter 
than the cycle time, though they may sometimes be 
equal. 

cycle timer — A controlling mechanism that opens or 
closes contacts according to a preset cycle. 

cyclically magnetized condition — The condition 
of a magnetic material after being under the influence of 
a magnetizing force varying between two specific limits 
until, for each increasing (or decreasing) value of the 
magnetizing force, the magnetic-flux density has the same 
value in successive cycles. 

cyclic code— Positional notation, not necessarily 
binary, in which quantities differing by one unit are 
represented by expressions that are identical except for 
one place or column, and the digits in that place or column 
differ by only one unit. Cyclic codes are often used in 
mechanical devices because no ambiguity exists at the 
changeover point between adjacent quantities. 

cyclic decimal code—A four-bit binary code 
word only one digit of which changes state between one 
sequential code word and the next, and which translates 
to decimal numbers. It is categorized as one of a group 
of unit-distance codes. 

cyclic memory—A memory that continuously 
stores information but provides access to any piece of 
stored information only at multiples of a fixed time called 
the cycle time. 

cyclic shift — A shift in which the data moved out of 
one end of the storing register is reentered into the other 
end, as in a Closed loop. 

cycling — 1. A rhythmic variation, near the desired 
value, of the factor under control. 2. A periodic change 
from one value to another of the controlled variable in 
an automatic control system. 3. A periodic oscillation in 
an automatically controlled system between the high limit 
and the low limit over which the controls operate. 

cycling vibration — Sinusoidal vibration applied to 
an instrument and varied in such a way that the instrument 
is subjected to a specified range of vibrational frequencies. 

cycloconverter— A step-down static frequency con- 
verter that produces a constant or a precisely controllable 
output frequency from a variable-frequency ac power 
input. In general, the frequency ratio chosen is 3 to 1 
or greater. 

cyclogram— An oscilloscope display obtained by 
monitoring two voltages having a direct cyclic relation- 
ship to each other. 

cyclograph — A device in which an electron beam 
moves in two directions, at right angles. 

cyclometer register — A set of four or five wheels 
numbered from O to 9 inclusive on their edges, and 
enclosed and connected by gearing so that the register 
reading appears as a series of adjacent digits. 

cyclotron — 1. A device consisting of an evacuated 
tank in which positively charged particles (for example, 
protons, deuterons) are guided in spiral paths by a static 
magnetic field while being highly accelerated by a fixed- 
frequency electric field. 2. Type of accelerator of nuclear 
particles (protons or deuterons) that uses an oscillating 
electric field and a fixed magnetic field to accelerate the 
particles. See accelerator. 

cyclotron frequency — The frequency at which an 
electron traverses an orbit in a Steady, uniform magnetic 
field and zero electric field. Given by the product of the 
electronic charge and the magnetic flux density, divided 
by 27 times the electron mass. 

cyclotron-frequency magnetron oscilla- 
tions — Those oscillations having substantially the same 
frequency as that of the cyclotron. 
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cyclotron radiation— The electromagnetic radia- 
tion emitted by charged particles orbiting in a magnetic 
field at speeds relatively slow compared with the speed 
of light. It arises from the centripetal acceleration of the 
particle moving in a circular orbit, as in a cyclotron. 

cyclotron resonance — The effect characterized by 
the tendency of charged carriers to spiral around an axis 
in the same direction as an applied magnetic field, with an 
angular frequency determined by the value of the applied 
field and the ratio of the charge to the effective mass of 
the charge carrier. 

cylindrical (or circular) connectors — Separable 
plugs and receptacles, both housed in cylindrically shaped 
metal or plastic shells. Shells may stand alone or may be 
mounted on panels, bulkheads, or walis. When mated, the 
shells are joined by a coupling ring of threaded, bayonet, 
or push-pull design. The receptacle (female) contacts are 
imbedded in an insert of plastic or vitreous insulating 
material (usually for hermetically sealed connectors) in 
the shell. The plug (male) contacts are cantilevered cylin- 
drical pins, also partly imbedded in an insert of insulating 
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material. Contact terminations are either soldered or crimp 
connected to lead-in wires. 

cylindrical-film storage—A computer storage 
device, each storage element of which is a short length 
of glass tubing with a thin film of nickel-iron alloy on its 
outer surface. Wires running through the tubing act as bit 
and sense lines, and conducting straps at right angles to 
the tubing function as word lines. 

cylindrical reflector — A reflector that is part of a 
cylinder, usually parabolic. 

cylindrical wave—A wave whose equiphase sur- 
faces form a family of coaxial cylinders. 

Czochralski crystal —A crystal grown by slowly 
withdrawing a seed crystal from a melt while the melt 
is held slightly above the melting point of the material. 
High-quality, low-dislocation-density crystals of germa- 
nium and silicon are grown in this manner. 

Czochralski technique—A method of growing 
large, single crystals by pulling them from a molten state. 
Usually used for growing single crystals of germanium 
and silicon. 


D —Symbol for electrostatic flux density, deuterium, 
dissipation factor, or drain electrode. 

DAA — Abbreviation for data access arrangement. 
1. A direct interface attachment that connects a data 
communications device to a telephone line. It protects 
the public telephone network from a sudden surge of 
power or interference from the device that is coupled 
to the line. 2. A telephone-switching-system protective 
device used to attach uncertified non-telephone-company- 
manufactured equipment to the carrier network. 

DABS — Abbreviation for discrete address beacon 
system. A sophisticated ground surveillance equipment 
and complementary airborne transponder. DABS includes 
a two-way automatic ground-to-air data link. 

DAC — Abbreviation for digital-to-analog converter. 
Also abbreviated dac or d/a converter. 

d/a converter — See digital-to-analog converter. 

d/a decoder — A device that changes a digital word 
to an equivalent analog value. 

Dag — Trademark of Acheson Industries, Inc. Abbre- 
viation for Aquadag. 

daisy chain— 1. In a computer, a bus line that is 
interconnected with units in such a way that the signal 
passes from one unit to the next in serial fashion. 2. A 
method for prioritizing interrupts. Each unit capable of 
requesting an interrupt can either pass on the processor 
acknowledge or block it. In this way the unit that is 
electrically closest to the processor has highest priority. 
3. A method of propagating signals along a bus, often 
used in applications in which devices not requesting a 
daisy-chained signal respond by passing the signal on. 
The first device requesting the signal responds to it by 
performing an action and breaks the daisy-chained signal 
continuity. This scheme permits assignment of device 
priorities based on the electrical position of the device 
along the bus. 

daisy wheel—1. A letter-quality, impact-printing 
mechanism whose printing element consists of a flat, 
rimless, metal or plastic wheel with letters molded at 
the ends of the spokes. The wheel rotates until the 
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required character is in position, and a hammer flies out 
and hits it, impacting the character onto paper. 2. The 
print element for a daisy-wheel printer. Print wheels 
are interchangeable, allowing the operator to select an 
appropriate font. 

daisy-wheel printer— 1. An impact printer that 
prints fully formed characters one at a time by rotating a 
circular print element composed of a series of individual 
spokes, each containing two characters. 2. A printer that 
produces letter-quality type when characters, mounted in 
a circle, strike an inked ribbon. It is rarely used anymore. 
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Damon effect— The change in susceptibility of a 
ferrite caused by a high rf power input. 
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damped natura! frequency — 1. The frequency at 
which a system with a single degree of freedom will 
oscillate, in the presence of damping, after momentary 
displacement from the rest position by a transient force. 
2. The rate of free oscillation of a sensing element in the 
presence of damping. 

damped oscillation—- The oscillation that occurs 
when the amplitude of the oscillating quantity decreases 
with time. If the rate of decrease can be expressed 
mathematically, the name of the function describes the 
damping. Thus, if the rate of decrease is expressed as 
a negative exponential, the system is said to be an 
exponentially damped system. 

damped waves — Waves in which successive cycles 
at the source progressively diminish in amplitude. 

dampen — 1. To diminish progressively in amplitude; 
usually said of waves or oscillations. 2. To deaden vibra- 
tIOBS. 

damper diode — See freewheeling diode. 

damper tube—The tube that conducts in the 
horizontal-output circuit of a television receiver when the 
current in the horizontal-deflecting yoke reaches its neg- 
ative peak. This causes the sawtooth deflection current to 
decrease smoothly to zero instead of continuing to oscil- 
lator. 

damper winding— Also called amortisseur wind- 
ing. 1. In electric motors, a permanently short-circuited 
winding, usually uninsulated, arranged so that it opposes 
rotation or pulsation of the magnetic field with respect 
to the pole shoes. 2. A winding of copper bars or rods 
(squirrel cage) embedded in the pole face of synchronous 
motors and generators. Used as a starting winding on syn- 
chronous motors; acts as the squirrel cage of an induction 
motor. After the synchronous motor is up to speed, tends 
to prevent oscillations and hunting —a damping effect 
that gives it its name. 

damping — 1. The reduction of energy in a mechani- 
cal or electrical oscillating system by absorption, conver- 
sion into heat, or by radiation. 2. Act of reducing the 
amplitude of the oscillations of an oscillatory system, 
hindering or preventing oscillation or vibration, or dimin- 
ishing the sharpness of resonance of the natural frequency 
of a system. 3. The dissipation of kinetic energy in a sys- 
tem by a controiled energy-absorbing medium. A system 
can be described as being either critically damped, over- 
damped, or underdamped. 4. The manner in which the 
pointer settles to its steady indication after a change in 
the value of the measured quantity. Two general classes 
of damped motion are (a) periodic, in which the pointer 
oscillates about the final position before coming to rest; 
and (b) aperiodic, in which the pointer comes to rest with- 
out overshooting the rest position. Sometimes referred to 
as overdamping. 5. The energy-dissipating characteristic 
that, together with natural frequency, determines the upper 
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limit of frequency response and the response time charac- 
teristics of a transducer. 6. The application of a mechan- 
ical resistance, such as a rubber or silicone material, to 
the cantilever pivot of a pickup to reduce the amplitude 
of the resonance between the tip mass and the compli- 
ance of the vinyl record material (which usually occurs 
between 15 and 30 kHz). 7. The suppression of oscilla- 
tions, or ringing, in the rotary of a stepping motor caused 
by sudden changes in velocity. Damping can be accom- 
plished by adding mechanical or viscous fluid dampers or 
by electronically shaping and controlling the energizing 
field power. 

damping coefficient — The ratio of actual damping 
to critical damping. 

damping constant— The Napierian logarithm of 
the ratio of the first to the second of two values of an 
exponentially decreasing quantity separated by a unit of 
time. 

damping diode—A vacuum tube that damps the 
positive or negative half-cycle of an ac voltage. 

damping factor — |. For any underdamped motion 
during any complete oscillation, the quotient obtained by 
dividing the logarithmic decrement by the time required 
by the oscillation. 2. Numerical quantity indicating ability 
of an amplifier to operate a speaker properly. Values over 
4 are usually considered satisfactory. 3. The ratio of rated 
load impedance to the internal impedance of an amplifier. 
4, The ratio (larger to smaller) of the angular deviations 
of the pointer of an electrical indicating instrument on two 
consecutive swings from the equilibrium position. 5. See 
decrement, 1. 6. The ratio of load or speaker impedance 
to the amplifier’s output impedance. Thus, the smaller 
the output impedance the greater the damping factor. The 
damping factor increases with increase cf voltage negative 
feedback; with the large amounts of feedback applied to 
transistor hi-fi amplifiers, the source or output impedance 
can be as low as 0.1 ohm, giving a damping factor of 80, 
referred to as an 8-ohm load. 7. The standard damping 
constant of a second-order feedback system. In a phase- 
locked loop, it refers to the ability of the loop to respond 
quickly to an input signal frequency without excessive 
overshooting. 

damping magnet—A permanent magnet and a 
movable conductor, such as a sector or disc, arranged 
in such a way that a torque (or force) is produced that 
tends to oppose any relative motion. 

damping ratio—1. The ratio of the degree of 
actual damping to the degree of damping required for 
critical damping. May be affected by changes in ambient 
temperature. 2. Of a galvanometer, the ratio, expressed 
as a positive number, of a given deflection to the next 
deflection in the opposite direction. The greater this ratio, 
the greater the degree of damping. The natural logarithm 
of this ratio is called the logarithmic decrement. 
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dancer arm — A device that senses tape tension and 
signals the reel motor to take up or to supply tape. 

Danieli cell —A cell having a copper electrode 
in a copper-sulfate solution and a zinc electrode in a 
diluted sulfuric acid or zinc-sulfate solution, with the two 
solutions separated by a porous partition. Generates an 
essentially constant electromotive force of about 1.1 volts. 

daraf — The unit of elastance. It equals the reciprocal 
of capacitance and is actually farad spelled backward. 

dark conduction — Residual electrical conduction 
in a photosensitive substance in total darkness. 

dark current — See electrode dark current. 

dark discharge — In a gas, an electric discharge that 
has no luminosity. 

dark-field disc—A disc used in the optical elec- 
tronic type of cell counter that controls light transmission. 

dark noise —The current or pulses produced when 
the photocathode is shielded from all external optical 
radiation. 

dark resistance — The resistance of a photoelectric 
device in total darkness. 

dark satellite—A satellite that does not give 
information to friendly ground stations, either because it 
is controlled or because it carnes inoperative radiating 
equipment. 

dark space— A nonluminous region of a glow- 
discharge tube. 

dark spot — A phenomenon sometimes observed in a 
reproduced television image. It is caused by the formation 
of electron clouds in front of the mosaic screen in the 
transmitter camera tube. 

dark-spot signal —The signal existing in a televi- 
sion system while the television camera is scanning a dark 
spot. 

dark-trace tube — A cathode-ray tube with a screen 
coated with a halide of sodium or potassium. The screen 
normally is nearly white, and whenever the electron beam 
strikes, it turns a magenta color that is of long persistence. 
The screen can be illuminated by a strong light source so 
that the reflected image may be made intense enough to 
be projected. 

Darlington amplifier — Also called Darlington pair, 
double-emitter follower, or $ multiplier. 1. A transistor 
circuit that, in its original form, consists of two transistors 
in which the collectors are tied together and the emitter 
of the first transistor is directly coupled to the base of the 
second transistor. Therefore, the emitter current of the first 
transistor equals the base current of the second transistor. 
This connection of two transistors can be regarded as 
a compound transistor with three terminals. 2. A two- 
transistor amplifier connected so that the amplification 
of the amplifier equals the product of the individual 
transistors’ amplification. 3. A composite configuration 
of transistors that provides a high input impedance and 
a high degree of amplification. 


OUTPUT 


INPUT 


Darlington amplifier. 
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Darlington-connected phototransistor — A 
phototransistor whose collector and emitter are connected 
to the collector and base, respectively, of a second transis- 
tor. The emitter current of the input transistor is amplified 
by the second transistor, and the device has a very high 
sensitivity to light. 

Darlington connection—A form of compound 
connection in which the collectors of two or more 
transistors are connected together and the emitter of one 
is connected to the base of the next. Two transistors 
connected in this way constitute a Darlington pair. 

Darlington pair — See Darlington amplifier. 

Darlington transistor —A three terminal device 
that consists of two transistors connected so that the 
emitter of the first transistor is connected to the base of 
the second transistor. Such a direct coupled configuration 
has much higher current gain than can be achieved by a 
single transistor. 


Darlington transistor., 


D'Arsonval current—A high-frequency, low- 
voltage current of comparatively high amperage. 

D'Arsonval galvanometer— A dc galvanometer 
consisting of a narrow rectangular coil suspended between 
the poles of a permanent magnet. 

D’Arsonval instrument — See permanent-magnet 
moving-coil instrument, 

D’Arsonval movement — A meter movement con- 
sisting essentially of a small, lightweight coil of wire 
supported on jeweled bearings between the poles of a 
permanent magnet. When the direct current to be mea- 
sured is sent through the coil, its magnetic field interacts 
with that of the permanent magnet and causes the coil and 
attached pointer to rotate. 
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D’Arsonval movement. 


CHAPTER 5 + THE COZY CORNER LAB 


The three AAA cells in the battery holder are shown as B1 in the diagram. The power switch, labeled 
SW1, is shown as a separate component to remind us that the circuit can easily be broken, halting the 
flow of electricity, which is something we want to happen from time to time. The connections between 
the two resistors and the two LEDs should be somewhat obvious. I'll discuss the details for the parallel 
and series connections momentarily. 

Remember that an electronic schematic diagram is an abstract representation, boiled down to only 
the essential items involved and the relationships among them. As such, it doesn’t need to resemble the 
final product, but it could. See Figure 5-14. 


+ AMA 


Bey AAA === 


Figure 5-14. Another schematic diagram of the two-LED circuit, showing the approximate physical layout 
of the components on the solderless breadboard. This style of schematic is often used when describing how 
to actually build a circuit, showing the constraints of the actual, physical components and the connections 
between them. It conveys more specific information than the previous example in Figure 5-13. 
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DASD — Abbreviation for direct-access storage device. 
Any storage device utilizing addressing to let users 
enter or retrieve data without reference to their physical 
location. For example, a RAM. 

dash — Term used in radiotelegraphy. It consists of 
three units of a sustained transmitted signal followed by 
one unit during which no signal is transmitted. 

dashpot— 1. A device using a gas or liquid to absorb 
energy from or retard the movement of the moving parts 
of a circuit breaker or other electrical or mechanical 
device. 2. A cylinder and piston device using gas or a 
liquid to retard the movement of a relay or circuit breaker. 

DAT — See digital audio tape. 

data—1. A general term used to denote any or all 
numbers, letters, symbols, or facts that refer to or describe 
an object, idea, condition, situation, or other factors. 
It connotes basic elements of information that can be 
processed or produced by a computer. Sometimes data is 
considered to be expressible only in numerical form, but 
information is not so limited. 2. A general term for any 
type of information. 3. Inputs in the form of a character 
string that may have significance beyond their numerical 
meaning. 4. Any representations, such as characters or 
analog quantities, to which meaning might be assigned. 

data access arrangement — A protective connect- 
ing arrangement that serves as an interface between a 
customer-provided modem and the switched network. See 
DAA. 

data acquisition — 1. The process by which events 
in the real world are translated to machine-readable 
signals. The term usually refers to automated systems 
in which sensors of one type or another are attached to 
machinery. 2. The simultaneous collection of data from 
external sensors, usually in analog form. 3. The function 
of obtaining data from sources external to a computer 
system, converting it to binary form, and processing it. 

data acquisition and control systems — Assem- 
blies of electronic and mechanical components used to 
monitor and control complex processes. These systems 
include the following: 


» Process sensors that measure such parameters as 
temperature, pressure, voltage, and current 

« Transmitters that convert measurement data to elec- 
trical or pneumatic signals and controls 

e Digital computers that test set points, program 
sequential events, and perform calculations 

a Software that provides the computer with instructions 
and routines 

a Process actuators, such as solenoids, relays, valves, 
and motors, that modify the process in response to 
computer-generated commands 

a Process interface devices, such as analog-to-digital 
converters, that link transmitters and actuators with 
digital computers 

e Human interface devices, such as printers, key- 
boards, CRT terminals, switches, alphanumeric dis- 
piays, chart recorders, and alarms, that facilitate 
human intervention 


data acquisition and conversion system—A 
method of processing analog signals and converting them 
into digital form for subsequent processing or analysis by 
computer or for data transmission. 

data acquisition system — 1. A system in which a 
computer at a central computing facility gathers data from 
multiple remote locations. 2. System for recording data, 
usually in digital form, from several sources; can include 
computing functions. 

data bank — A comprehensive collection of libraries 
of data. For example, one line of an invoice may form an 
item, a complete invoice may form a record, a complete 
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set of such records may form a file, the collection of 
inventory control files may form a library, and the libraries 
used by an organization are known as its data bank. 
Synonymous with database. 

database — Also data base. 1. The entire body of 
data that has to do with one or more related subjects. 
Typically, it consists of a collection of data files (such 
as a company’s complete personnel records concerning 
payroll, job history, accrued vacation time, etc.) stored in 
a computer system so that they are readily available. 2. A 
block of computer memory containing information about 
one given thing. 3. The collection of current variable 
data elements defined and maintained by the user. 4. A 
collection of data, consisting of at least one file, that 
is sufficient for a given purpose or for a given data- 
processing system. 5. A large and complete collection of 
information that covers a variety of subject areas. For 
instance, a medical diagnostic database might contain 
symptoms for all common diseases or injuries. 6. A 
collection of data fundamental to a system or to an 
enterprise. Made up of comprehensive files of information 
having predetermined structure and organization and able 
to be communicated, interpreted, or processed by humans 
or by automatic means. 7. A collection of related data that 
can be retrieved from memory at will, such as a mailing 
list or a list of accounts. 

database management— 1. A systematic app- 
roach to the storage, updating, and retrieval of information 
stored as data items, usually in the form of records in a 
file, where many users, or even many remote installations, 
will use common data banks. 2. A program that enables a 
computer to store large amounts of information and then 
sort it in almost any manner. For example, a company’s 
database could give a list of customers by ZIP code, 
by credit line. alphabetically by name, or by telephone 
number. The program takes care of managing the storage 
and retrieval of the data. 

database management system — Abbreviated 
DBMS. A group of programs that allow users to store, 
alter, and retreive information from a database. 

database relations —Linkages within a database 
that logically bind two or more elements in the database. 
For example, a nodal line (interconnect) is related to its 
terminal connection nodes (pins) because they all belong 
to the same electrical net. 

data block — Typically, all the data for one item that 
is entered into a computer for processing, or the computer 
output that results from processing. An example of an 
input data block is an individual shipping list; an example 
of an output data block is a check to be sent. 

data break—A facility that permits input/output 
transfers to take place on a cycle-stealing basis without 
disturbing execution of the program by a computer. 

data bus — |. A wire or group of wires used to carry 
data to or from a number of different locations. 2. The 
output pins of the MPU chip and associated circuitry 
used for the transmission of data from one point in the 
system to another. 3. In fiber optics, an optical waveguide 
used as a common trunk line to which a number of 
terminals can be interconnected through optical couplers. 
4. A system incorporated into fiber-optic communications 
characterized by several spatially distributed terminals 
that are served with the same multiplexed signal. 

data catalog — A software tool used to list all of the 
data elements in a database. 

data channel (or communication) equipment — 
Abbreviated DCE. Equipment that interfaces a transmis- 
sion facility to a transmitting/receiving device. A modem 
is a DCE. 

data code —A structured set of characters used to 
stand for the data items of a data element, for example, 
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the numerals 1, 2, ... 7 used to represent the data items 
Sunday, Monday, ... Saturday. 

data collection — Also called data gathering. In a 
computer, the transferring of data from one or more points 
to a central point. 

data communication equipment— See DCE. 

data communications — 1. The technology cover- 
ing the transfer of data over relatively long distances. 
2. Transmission of data in both directions between a cen- 
tral location (host computer) and remote locations (ter- 
minals) through communication lines. To facilitate this, 
interfaces such as modems, multiplexers, concentrators, 
etc., are required at each end of the lines. 3. The move- 
ment of encoded information by means of electrical trans- 
mission systems. 

data communications processor—A small 
computer used to control the flow of data between 
machines and terminals over communications channels. It 
may perform the functions of a concentrator, handshaking, 
and formatting, but does not include long-term memory 
or arithmetic functions. 

data compression — 1. The process of reducing the 
number of recorded or transmitted digital data samples 
through the exclusion of redundant samples or the use of 
variable-length characters. 2. A technique that provides 
for the transmission of fewer data bits than originally 
required without information loss. The receiving location 
expands the received data bits into the original bit 
sequence. 3. A method of reducing the number of bits that 
are needed to represent information. Data compression 
allows higher communications speeds and also allows 
more information to be stored on a disk. 

data control block — A control block through which 
the information required by access routines for storage 
and retrieval of data is communicated to them. 

data conversion— 1. The changing of data from 
one form of representation to another. 2. Changing 
numerical information from one format to another via an 
IC processing chip or other means. 

data display — Visual presentation of processed data 
by means of special electronic or electromechanical 
devices connected (either online or offline) with digital 
computers or component equipment. Although line print- 
ers and punch cards may display data, they usually are 
categorized as output equipment rather that an displays. 

data distributor— An array of simple gates that can 
accept one or more input lines of data and route the data 
to specific outputs as determined by the levels of control 
inputs to the array. 

data element — An element that converts data func- 
tions into a usable signal. See also element, 2. 

data element dictionary — A software tool used to 
describe each data element, i.e., to tell what it is. 

Data Encryption Standard — See DES. 

data entry —-1. Data entered by an operator from 
a single data device, such as a card or badge reader, 
numeric keyboard, or rotary switch. 2. Converting data 
into a form suitable for entry into a computer system, 
such as by keying from a terminal onto magnetic disk or 
tape. 3. Entering data directly into a computer system. 

data entry device — An electromechanical device to 
allow manual input of data to a display system. Examples 
of data entry devices are alphanumeric keys, data tablet, 
function keys, joystick, mouse, and trackball. 

data file — A collection of related data records orga- 
nized in a specific manner, such as a payroll or inventory 
file. 

data-flow analysis — Graphical analysis of sequen- 
tial data patterns, e.g., by tools that identify undefined 
variables. 
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data flowchart—A flowchart that represents the 
path of data used in a problem and that defines the major 
phase of the processing as well as the various data media 
used. 

data-flow diagram — An illustration having a con- 
figuration such that it suggests a certain amount of circuit 
operation. 

data-flow machine — A parallel-processing archi- 
tecture in which each processor acts on instructions when 
the data needed become available. 

data format — The structure and significance of data 
areas on a storage medium, without reference necessarily 
to the value of the data contained. Initial values, or limit 
values, are considered part of a data format definition. The 
data format itself may have been specified by parameter 
values at system generation time. 

data gathering — See data collection. 

data generators — Specialized word generators in 
which the programming is designed to test a particular 
class of device, in which the pulse parameters and timing 
are adjustable, and in which selected words may be 
repeated, reinserted later in the sequence, omitted, etc. 

data-handling capacity—The number of bits of 
information that may be stored in a computer system at 
one time. The rate at which these bits may be fed to the 
input either by hand or with automatic equipment. 

data-handling system — Semiautomatic or auto- 
matic equipment used in the collection, transmission, 
reception, and storage of numerical data. 

data hierarchy — A data structure, made up of sets 
and subsets, in which every subset of a set is of lower 
rank than the data of the set. 

data highway— A single-cable data link that pro- 
vides communication among multiple stations that are 
separate program counters, computers, and data terminals. 
It eliminates the need for separate, independently wired 
data links. Whether communicating or not, all stations 
may function independently. 

data identifier—The means of establishing the 
identity of data by a classification method so that data 
with close resemblance can be related on a one-to-one or a 
category basis. Typical identifiers are names, titles, limits 
or boundaries, classes, and types. Identifiers may also 
classify the manner of data generation, its completeness, 
or state of maturity. 

data item— The simplest type of information dealt 
with by a computer system (e.g., a name or employee 
number). A collection of data items constitutes a record 
(e.g., payroll information on one employee), and a number 
of related records constitutes a file (e.g., payroll informa- 
tion on all employces of a company). 

data link— 1. Electronic equipment that per- 
mits automatic transmission of information in digi- 
tal form. 2. Equipment, especially transmission cables 
and interface modules, that permits the transmission of 
information. 3. A circuit designed to carry digital infor- 
mation, usually by time-division multiplex techniques. 
Often used to transfer information from one register to 
another. 4. Any information channel used for connecting 
data-processing equipment to any input, output, display 
device, or other data-processing equipment, usually at a 
remote location. 

data logger— A system to measure a number of 
variables and make a written tabulation and/or record in 
a form suitable for computer input. 

data management— Those control-program func- 
tions that provide access to data sets, enforcement of 
data-storage conventions, and regulation of the use of 
input/output devices. 
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data organization — Any of the data-management 
conventions for determining the arrangement of a data 
sel. 

dataphone — |. A trademark of American Telephone 
and Telegraph Co. to identify the data sets made and 
supplied for use in the transmission of data over the 
regular telephone network. 2. A telephone equipped with 
a modem and appropriate switching for both voice and 
data transmission. 

dataphone digital service — Abbreviated DDS. 
An all-digital transmission service offered by Bell Tele- 
phone that eliminates the need for special digital-to- 
analog modems. 

data pointer—A register holding the memory 
address of the data (operand) to be used by an instruc- 
tion. Thus, the register points to the memory location of 
the data. 

data processing — |. The handling of information 
in a sequence of reasonable operations. 2. The execution 
of a programmed sequence of operations upon data. 
A generic term for computing in business and other 
applications. 3. A term used in reference to operations 
performed by data-processing equipment. 

data-processing center — An installation of com- 
puter equipment that provides computing services for 
users. 

data-processing machine — A general name for 
a machine that can store and process numerical and 
alpuabetical information. 

data-processing system— A network of machine 
components that can accept information, process it in 
accordance with a plan, and produce the desired results. 

data processor— 1. An electronic or mechanical 
machine for handling information in a sequence of rea- 
sonable operations. 2. Any device capable of performing 
operations on data; e.g., a desk calculator, a tape recorder, 
an analog computer, or a digital computer. 

data rate — 1. The speed at which data is sent to 
a receiving computer or device, measured in bits per 
second. 2. The speed at which digital information is 
transmitted, expressed in hertz per second or bits per 
second. 

data reduction— l. The process of converting a 
large quantity of information into a more manageable 
form, usually including a reduction in volume and a 
simplification of format. 2. The conversion of raw data 
into a more useful form, such as graphic representations. 
3. The process of transforming masses of raw test or 
experiment data, usually gathered by instrumentation, into 
a useful, ordered, or simplified form. 

data-reduction system— Automatic equipment 
employed to simplify the use and interpretation of a large 
amount of data gathered by instrumentation. 

data selector—A decision-making type of digital 
building block that routes data from any one of several 
inputs to its output. 

data service unit— Abbreviated DSU. A device 
used on transmission facilities specifically designed to 
transmit digital data. It is equipped with local and remote 
testing capabilities (normally provided by a modem on 
an analog or voice transmission facility) and all other 
signals that are needed to provide a standard interface to 
terminals. 

dataset—1.A circuit-terminating device used to 
provide an interface between a circuit and terminal 
input/output equipment. 2. A modem. A device that 
converts the signal of a business machine to signals 
that are suitable for transmission over communications 
lines and vice versa. It may also perform other related 
functions. 3. The complete interface unit supplied by the 
carrier, including a network control and signaling unit, a 
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modem, and devices to protect the network from signals 
that might interfere with other users. 4. A device used to 
encode digital data onto voice phone lines. 

data sheet — Also called spec sheet. A compilation 
of terminal information on a specific device defining the 
electrical and mechanical characteristics of that device. 

data signaling rate — The data-transmission capac- 
ity, expressed in bits per second, of a set of parallel 
communication channels. 

data sink—-1. A communications device that can 
accept data signals from a transmission device. Also, it 
may check the received signals and originate signals for 
error control. 2. A memory or recording device that can 
store information for future use. See also data source. 

data source—A communications device that can 
originate data signals for a transmission device and may 
accept error control signals. See also data sink. 

data stabilization — Stabilization of a radar display 
with respect to a selected reference, regardless of changes 
in the attitude of the vehicle that carries the radar, as in 
azimuth-stabilized PPI. 

data stream — Data that is flowing from one point 
to another in a network. A data stream usually consists of 
a succession of messages (or data blocks). 

data stream protocol — The part of a data stream 
that facilitates the time-critical delivery and synchroniza- 
tion of time-based media. 

data switcher — A system used to connect network 
lines to a specific data-processing computer port. 

data synchronizer—A device that controls and 
synchronizes the transmission of data between an 
input/output (I/O) device and the computer system. 

data tablet— A data entry device consisting of a 
stylus and a graphic recorder with a coordinate grid 
similar to the number space of the screen. By pressing 
the stylus on the tablet, an interrupt is generated and the 
coordinates of the stylus are stored in special X — Y input 
registers. The registers are then read by the host computer. 
The tablet generally replaces the light pen for cursor and 
tracking symbol movements, and is used extensively in 
storage-tube display systems, in which light-pen tracking 
and identification are impossible. 

data terminal — 1. A common point at which data 
from various sources is collected and transferred; it may 
include or connect with several types of data-processing 
equipment. 2, Equipment at the end of a transmission 
system for the transmission or reception of data. 3. A class 
of devices characterized by keyboards and CRT displays. 

data termination equipment— Abbreviated DTE. 
1. Any device that generates information to be transmit- 
ted over a transmission facility. A terminal is a DTE. 
2. Equipment that constitutes the data source and/or data 
sink and provides the communication control function 
protocol; it includes any piece of equipment at which a 
communication path begins or ends. 

data tracks — Positions of information storage on 
drum storage devices. Information storage on the drum 
surface is in the form of magnetized and nonmagnetized 
areas. 

data transfer — Moving data from one (or more) reg- 
isters (or memory locations) to another, or interchanging 
data between registers (memory locations) in many dif- 
ferent ways. 

data transmission — The sending of information 
from one place to another or from one part of a system 
to another. 

data-transmission equipment— The communi- 
cations equipment used in direct support of data- 
processing equipment. 
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data transmission system — Means for transmit- 
ting data; for example, dataphone, radio, etc. See also 
telemetry. 

data transmission utilization measure — In a 
data-transmission system, the ratio of the useful data 
output to the total data input. 

data value—The information contained in data 
formats. Normally prepared for the generation of specific 
packages from generic packages. 

data word—A computer word that contains or 
represents the data to be manipulated. 

datum reference —A defined point, line, or plane 
used to locate the pattern or layer for manufacturing, 
inspection, or for both purposes. 

daughterboard — 1. A board that mounts on, and 
connects to, the motherboard, in a computer. Sometimes 
used for memory upgrades. 2. A small circuit board that 
is mounted on and adds capability to another circuit board 
called a motherboard. 

daughter card—Card or board interfaced with a 
motherboard or backplane. 

dB— Abbreviation for decibel. Unit of measurement 
for power and voltage level. 

dBa— Abbreviation for decibels adjusted. Used in 
conjunction with noise measurements. The reference 
level is —90 dBm, and the adjustment depends on the 
frequency-band weighting characteristics of the measur- 
ing device. 

dBase — A database management program for PCs. 

dBi — Decibels of gain relative to an isotropic antenna, 
or one that radiates equal power in all directions; used to 
measure antenna gain. 

dBj— A unit used to express relative rf signal levels. 
The reference level is 0 dBj = 1000 microvolts. (Origi- 
nated by Jerrold Electronics.) 

dBk— Decibels referred to | kilowatt. 

dBm— 1. Abbreviation for decibels above (or below) 
1 milliwatt. A quantity of power expressed in terms of 
its ratio to 1 milliwatt. Power-level measurement unit in 
the telephone industry based on 600-ohm impedance and 
1004-Hz frequency; 0 dBm is 1 mW at 1004 Hz, termi- 
nated by a 600-ohm impedance. 2. Decibels referenced to 
1 milliwatt; used in communication work as a measure of 
absolute power values. Zero dBm equals 1 milliwatt. 

dB meter — A meter having a scale calibrated to read 
directly in decibel values at a specified reference level 
(usually, 1 milliwatt equals O dB). 

DBMS — See Database management system. 

dBm0— The power in dBm measured at, or referred 
to, a point of zero relative transmission level. 

dBr — Decibels relative level. Used to define transmis- 
sion levels at a point in a circuit, with respect to the level 
at the zero transmission level reference point. 

dBRAP — Decibels above reference acoustical power, 
which is defined as 107!* watt. 

dBRN — Decibels above reference noise. This is a 
unit used to show the relationship between the interfering 
effect of a noise frequency, or band of noise frequencies, 
and a fixed amount of noise power commonly called 
reference noise. A tone of 1000 hertz having a power 
level of —90 dBm was selected as the reference noise 
power because it appeared to have negligible interfering 
effect and would permit the measurement of interfering 
effect in positive numbers. 

DBS — Abbreviation for direct broadcast satellite. 

dBV — The increase or decrease in voltage indepen- 
dent of impedance levels. A unit of electrical pressure. 
Decibels referred to a standard of | volt. 

dBW — Decibels referenced to 1 watt. 
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dBx— Decibels above the reference coupling. Refer- 
ence coupling is defined as the coupling between two cir- 
cuits that would be required to give a reading of 0 dBa on 
a two-type noise-measuring set connected to the disturbed 
circuit when a test tone of 90 dBa (using the same weight- 
ing as that used on the disturbed circuit) is impressed on 
the disturbing circuit. 

dc — Abbreviation for direct current. 

D cable — Two-conductor cable, each conductor hav- 
ing the shape of the capital letter D, with insulation 
between the conductors and between the conductors and 
the sheath. 

dc amplifier — See direct-current amplifier. 

dc balance — An adjustment of circuitry to avoid a 
change in dc level when the gain is changed. 

dc beta — The dc current gain of a transistor; the ratio 
of the collector current to the base current that caused it, 
measured at constant collector-to-emitter voltage. 

dc block—1. A (coaxial) component employed to 
prevent the flow of dc or video along a transmission line 
while allowing the uninterrupted flow of rf. The structure 
is a Short section of coaxial line having a capacitance in 
series with the center and/or outer conductor. The rf flows 
with negligible reflection or attenuation, while the video 
frequencies or de are blocked. 2. A device that stops the 
flow of dc power but permits passage of higher-frequency 
signals. 

dc breakdown — Voltage at which ionization occurs 
at a slowly rising de voltage. 

dec — Abbreviation for double cotton-covered. 

dc capacitance —The capacitance of a capacitor 
calculated from the ratio of the capacitor charge and the 
direct voltage measured between the terminations. 

dc capacitor — A capacitor designed essentially for 
application with a direct voltage. 

dc circuit breaker—-A device used to close and 
interrupt a de power circuit under normal conditions or to 
interrupt this circuit under fault or emergency conditions. 

dc component— The average value of a signal. 
In television it represents the average luminance of the 
picture being transmitted, and in radar it is the level from 
which the transmitted and the received pulses rise. 

dc continuity — A circuit in which an impressed de 
current —a reading on a conventional ohmmeter applied 
across the terminals of a circuit with de continuity — will 
result in a deflection of the meter. 

dc coupled — The connection by a device that passes 
the steady-state characteristics of a signal and that largely 
eliminates the transient or oscillating characteristics of the 
signal. 

dc dump — The withdrawal of direct-current power 
from a computer. This may result in loss of the stored 
information. 

DCE — Abbreviation for data communication equip- 
ment or data channel equipment. Equipment (such as a 
modem) installed at a user’s premises that provides all the 
functions required to establish, maintain, and terminate 
a connection and provide signal conversion and coding 
between the data-terminal equipment and the common 
carrier’s line. 

dc generator — A rotating electric device for con- 
verting mechanical power into de power. 

dc inserter stage — A television transmitter stage 
that adds a dc component known as the pedestal level to 
the video signal. 

dcl — Abbreviation for direct current leakage. 

dc leakage current— Abbreviated dcl. 1. The 
relatively small direct current through a capacitor when dc 
voltage is impressed across it. 2. That direct current which 
passes through the capacitor dielectric when a capacitor 
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is subjected to a polarized voltage potential across its 
terminals and has reached a state of charge equilibrium. 
Usually expressed in microamperes and associated mostly 
with electrolytic capacitors. 

denm — Abbreviation for de noise margin. 

dc noise —The noise arising when reproducing a 
magnetic tape that has been nonuniformly magnetized by 
energizing the record head with direct current, either in the 
presence or absence of bias. This noise has pronounced 
long-wavelengih components that can be as much as 
20 dB higher than those obtained from a bulk-erased tape. 

dc noise margin — Abbreviated dcnm. Noise margin 
is also called noise immunity. 1. The difference between 
the normal applied logic levels and the threshold voltage 
of a digital integrated circuit. 2. The difference between 
the output voltage level of a driving gate and the input 
threshold voltage of a driven gale for both the 1 and the 
O states. 

de operating point— The dc values of collector 
voltage and current of a transistor with no signal applied. 

de overcurrent relay—A device that functions 
when the current in a de circuit exceeds a given value. 

dc patch bay— Specific patch panels provided for 
termination of all direct-current circuits and equipment 
used in an installation. 

dc picture transmission — Transmission of the dc 
component of the television picture signal. This compo- 
nent represents the background or average illumination of 
the overall scene and varies only with the overall illumi- 
nation. 

dc plate resistance —The value or characteristic 
used in vacuum-lube computations. It is equal to the 
direct-cwrrent plate voltage divided by the direct-current 
plate current and is given the symbol R,. 

dc reclosing relay—A device that controls the 
automatic closing and reclosing of a dc circuit interrupter, 
generally in response to load circuit conditions. 

dc resistivity —The resistance of a body of ferro- 
magnetic material having a constant cross-sectional area, 
measured under stated conditions by means of direct volt- 
age, multiplied by the cross-sectional area, and divided by 
the length of the body. 

dc restoration — The reestablishment by a sampling 
process of the dc and the low-frequency components of a 
video signal that have been suppressed by ac transmission. 

dc restorer— Also called clamper or restorer. A 
clamping circuit that holds either amplitude extreme of 
a signal waveform to a given reference level of potential. 

de shift— An error in transient response, with a time 
constant approaching several seconds. 

dc short— A coaxial component that provides a dc 
circuit between the center and outer conductors, while 
allowing the rf signal to flow uninterrupted. The unit has 
a high-impedance line shunted across the main coax line. 
This consequently makes the device frequency dependent. 

de signaling — A transmission method that utilizes 
direct current. 

dc test— A general term for those tests that measure 
a static parameter such as leakage current. 

DCTL— Abbreviation for direct-coupled transistor 
logic. 

dc transducer—A transducer capable of proper 
operation when excited with direct current. Its output is 
given in terms of direct current unless otherwise modified 
by the function of the stimulus. 

dc transmission — Transmission of a television 
signal in such a way that the dc component of the picture 
signal is still present. This is done to maintain the true 
level of background illumination. 
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dewy — Abbreviation for direct-current working volts. 
The maximum continuous voltage that can be applied to 
a capacitor. 

DDD — Abbreviation for direct distance dialing. 

DDP — Abbreviation for distributed data processing. 

DDS — See dataphone digital service. 

deac — See deaccentuator. 

deaccentuator — Abbreviated deac. A network or 
circuit employed in frequency-modulated receivers to 
deemphasize the higher frequencies in the received sig- 
nal to restore their proper relative amplitude. See also 
deemphasis. 

deactuate pressure — The pressure at which an 
electrical contact opens or closes as the pressure 
approaches the actuation level from the opposite direction. 

dead — 1. Free from any electric connection to a 
source of potential difference and from electric charge; 
having the same potential as that of the earth. The term 
refers only to current-carrying parts that are sometimes 
alive, or charged. 2. See room acoustics. 

dead band— Also called dead space, dead zone, 
or switching blank. 1. In a control system, the range 
of values through which the measurand can be varied 
without initiating an effective response. 2. A specified 
range of values in which the incoming signal can be 
altered without also changing the outgoing response. 
3. The angle within which the rotor of a stepper motor 
can stop — the error band, or band of position uncertainty 
caused by bearing and load friction, and rotor and load 
inertia. 

deadbeat— Coming to rest without vibration or 
oscillation; i.e., the pointer that a highly damped meter 
or galvanometer moves to a new position without over- 
shooting and vibrating about its final position. 

deadbeat instrument—A voltmeter, meter, or 
similar device in which the movement is highly damped 
to bring it to rest quickly. 

deadbeat response — The response of a critically 
damped stepper motor that provides rotation from one 
step to another without overshoot or ringing. 

dead break— An unreliable contact made near the 
trip point of a relay or switch at low contact pressure. 
As a result, the switch does not actuate, even though the 
circuit is interrupted. 

dead-center position — The place on the commu- 
tator of a dc motor or generator at which a brush would 
be placed if the field flux were not distorted by armature 
reaction. 

dead end—1. In a sound studio, the end with the 
greater sound-absorbing characteristic. 2. In a tapped coil, 
the portion through which no current is flowing at a 
particular bandswitch position. 

dead-end tower— An antenna or transmission-line 
tower designed to withstand unbalanced mechanical pull 
from all the conductors in one direction, together with the 
Wind strain and vertical loads. 

deadlock — 1. A situation that occurs when ail tasks 
within a computer system are suspended, waiting for 
resources that have already been assigned to other tasks 
that are also waiting for additional resources. Thus, the 
system can perform no useful work unless tasks are 
destroyed and their resources reclaimed. 2. A condition 
in which two processes wait indefinitely for cach other. 
The solution is to allocate resources on a priority basis or 
to have tie-breaking circuitry. 

deadly embrace — A situation in which two pro- 
cesses each unknowingly wait for resources held by the 
other. See also deadlock. 

dead range — See dead band. 

dead room— 1. A room for testing the acoustic 
efficiency or range of electroacoustic devices such as 
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speakers and microphones. The room is designed with 
an absolute minimum of sound reflection, and no two 
dimensions of the room are the same. Á ratio of 3 to 4 
to 5 is usually employed (e.g., 15 ft x 20 ft x 25 ft). The 
walls, floor, and ceiling are lined with a sound-absorbing 
material. 2. See anechoic. 

dead short— A short circuit having minimum resis- 
tance. 

dead space — 1. An area or zone, within the normal 
range of a radio transmitter, in which no signal is received. 
2. See dead band, 2. 

dead spot—1. A geographic location in which 
signals from one or more radio stations are received 
poorly or not at all. 2, That portion of the tuning range 
of a receiver in which stations are heard poorly or not at 
all because of poor sensitivity. 

dead time — 1. The minimum interval, following a 
pulse, during which a transponder or component circuit 
is incapable of repeating a specified performance. 2. Any 
definite delay intentionally placed between two related 
actions to avoid overlap that could result in confusion or 
permit another particular event, such as a control decision 
or switching event, to occur. 3. Time interval in which no 
clock phase is active. 

dead volume — The total volume of the pressure port 
cavity of a pressure transducer at the rest position (i.e., 
with no stimulus applied). 

dead zone — See dead band, 2. 

debicon — A high-efficiency microwave generator in 
which use is made of crossed-field effects. 

debouncing — The elimination of accidental bounce 
signals characteristic of mechanical switches that bounce 
repeatedly until the contact is finally closed or opened. 
Debouncing may be performed by hardware (latch) or 
software (delay). 

de Broglie wavelength — The wavelength of radi- 
ation that corresponds to a photon whose energy is 
1 electron volt: 1.24 micrometer. 

debug — 1. To examine or test a procedure, routine, 
or equipment for the purpose of detecting and correcting 
errors. 2. To detect, locate, and remove mistakes from 
a program. Debugging programs are available that test 
for and isolate errors in another program. 3. A method 
of fault finding in programs, usually using data dumps 
and breakpoints. This would be handled in software by 
a debug routine. 4. Checking the logic of a software 
program to isolate and remove any mistakes. 5. To detect, 
locate, and remove all mistakes in a computcr program 
and any malfunctions in the computing system itself. 

debugger— 1. An essential program designed to 
facilitate software debugging. At a minimum, it provides 
breakpoints, dump facilities, and register and memory 
examine/modify. 2. Program that facilitates the testing of 
the object program on a microcomputer and its input- 
output devices. Debuggers usually accept commands from 
the user to perform such functions as (a) displaying or 
printing out the contents of the microcomputer memories, 
or the contents of the registers of the central processing 
unit, (b) modifying the RAM, (c) starting execution of the 
object program from a specific memory location, and (d) 
setting a breakpoint or stopping execution of the program 
when the instruction at a specific memory location is 
reached in the program or when a given condition is 
met. 3. A program that allows the user to observe the 
program flow and results of the program’s operation in 
a step-by-step mode. It may be used to change data 
or instructions, alter registers, etc. 4. Program that helps 
track down and eliminate errors that occur in the normal 
course of program development. 

debugging — 1. Isolating and removing all malfunc- 
tions (bugs) from a computer or other device to restore its 
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operation. 2. A process of shakedown operation of each 
finished material that is performed prior to its being placed 
in use in order to exclude the early failure period. Dur- 
ing debugging, weak elements are expected to fail and 
be replaced by elements of normal quality that are not 
subject to early failure. 3. Process of detecting, locating, 
and correcting mistakes in hardware (system wiring) or 
software (program). 

debugging period — See early-failure period. 

debugging routines—Programs that aid in the 
isolation and correction of malfunctions and/or errors in 
a unit of equipment or another program. 

debug monitor — An interactive program that allows 
the design engineer to intercommunicate in a “friendly” 
manner (through a terminal device) with the microcom- 
puter system under development and to control closely 
the execution of an untested microcomputer program in 
order to check its correct operation. 

debug program— A special program used to find 
errors in a program that is being run on a computer. A 
debug program allows a programmer to correct program- 
ming errors in the program being run. 

debunching —Space-charge effect that tends to 
destroy the electron bunching in a velocity-modulation 
vacuum tube by spreading the beam due to mutual 
repulsion of the electrons. 

Debye effect — The selective absorption of electro- 
magnetic waves by a liquid made up of molecules with 
permanent dipole moments. 

Debye length— Also called Debye shielding dis- 
tance or plasma length. A theoretical length that describes 
the maximum separation at which a given electron is influ- 
enced by the electric field of a given positive ion. 

Debye shielding distance — See Debye length. 

decade — 1. The interval between any two quantities 
having a ratio of 10:1. 2. A group or assembly of 10 
units (e.g., a counter that counts to 10 in one column, or 
a resistor box that inserts resistance quantities in multiples 
of powers of 10). 3. Ten times a given quantity or range. 

decade band—A band having frequency limits 
related by the equation fs — fa = 10. 

decade box — A special assembly of precision resis- 
tors, coils, or capacitors. It contains two or more sections, 
each having 10 times the value of the preceding section. 
Each section is divided into 10 equal parts. By means of 
a 10-position selector switch or equivalent arrangement, 
the box can be set to any desired value in its range. 

decade counter— A logic device that has 10 stable 
states and may be cycled through these states by the 
application of 10 clock or pulse inputs. A decade counter 
usually counts in a binary sequence from state O through 
state 9 and then cycles back to 0. Sometimes referred to 
as a divide-by-10 counter. 

decade resistance box—A resistance box con- 
taining two or more sets of 10 precision resistors. 

decade scaler—A decade counter, or scale-of-10 
counter. A scaler with a factor of 10. It produces one 
output pulse for every 10 input pulses. 

decametric waves— High-frequency band; 3 to 
10 MHz. 

decay — 1. Gradual reduction of a quantity. 2. Expo- 
nential reduction in amplitude. To be reduced in an 
exponential manner, as the current in a circuit decays 
when the source of potential is removed. 3. The decrease 
in the radiation intensity of any radioactive material 
with respect to time. 4. In a storage tube, a change in 
magnitude or configuration of stored information by any 
cause other then erasing or writing. 

decay characteristic — See persistence character- 
istic (of a luminescent screen). 
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decay distance —The distance between an area of 
wave generation and a point of passage of the resulting 
waves outside the area. 

Decca— A British long-range hyperbolic naviga- 
tional system that operates in the 70- to 130-kilohertz 
frequency band. It is a continuous-wave system in which 
the receiver measures and integrates the relative phase 
difference between the signal received from two or 
more synchronized ground stations. One master sta- 
tion and three slave stations are usually arranged in 
star formation. Operational range is about 250 miles 
(402 km). 

decelerated electrons — Electrons that, after trav- 
eling at a great rate of speed, strike a target, become 
quickly decelerated, and cause the target to emit X-rays. 

decelerating electrode—JIn an electron-beam 
tube, an electrode to which a potential is applied to slow 
down the electrons in the beam. 

deceleration — The act or process of moving, or of 
causing to move, with decreasing speed; the state of so 
moving. 

deceleration time— 1. In a computer, the time 
interval between the completion of the reading or writing 
of a record ou a magnetic tape and the time when 
the tape stops moving. 2. The time required to stop 
a motor, whether free running or with some braking 
means. 

deception — Deliberate production of false or mis- 
leading echoes on enemy radar by the radiation of spuri- 
ous signals synchronized to the radar or by the reradiation 
of the radar pulses from extraneous reflectors. 

deception device — A device that works to make 
unfriendly signals either unusable or misleading. 

deception jamming — See confusion jamming. 

deci- — Prefix meaning one-tenth (107?), 

decibel —1. Abbreviated dB. The standard unit for 
expressing transmission gain or loss and relative power 
levels. One decibel is one-tenth of a bel. The term dBm 
is used when a power of 1 milliwatt is the reference level. 
Decibels indicate the ratio of power output (P,) to power 
input (Pin): 

dB = 10 log ,(P./Pin) 


2. A unit of change in sound intensity. One decibel 
is approximately the smallest change that the ear can 
perceive. Larger decibel increments reflect the fact that 
sound intensity must be squared in order for the ear 
to perceive a doubling of intensity. An increase in 
intensity is expressed as a positive number of dBs, a 
decrease as a negative value. No change in intensity is 
0 dB, and O is also used to indicate a starting point 
from which changes are measured. 3. A unit used to 
measure and compare signal levels on a logarithmic scale. 
4. A measure of the ratio between two power levels. 
Doubling or halving the power corresponds to a 3-dB 
change, and 10 dB corresponds roughly to the audible 
effect of doubling or halving the loudness of a signal 
(although it represents a power ratio of 10:1). Decibels 
are frequently used to specify variation in signal level 
throughout a range of frequencies (1.e., 20-20,000 Hz 
+1 dB) and to specify such other ranges as signal-to- 
noise ratio. 5. A relative measure of signal or sound 
intensity or volume. It expresses the ratio of one intensity 
to another. Can also express voltage and power ratios 
logarithmically. 

decibel meter — Also called dB meter. 1. An instru- 
ment for measuring the electric power level, in decibels, 
above or below an arbitrary reference level. 2. Sound- 
level indicator, 

decibels above or below 1 milliwatt — The unit 
used to describe the ratio of the power at any point in 
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a transmission system to a reference level of 1 milliwatt. 
The ratio expresses decibels above or below this reference 
level of 1 milliwatt. 

decibels above or below 1 watt—A measure 
of power expressed in decibels to a reference level of 
] watt. 

decibels above reference noise — An expression 
used to describe the ratio of the circuit noise level in 
a transmission system, at any point, to some arbitrarily 
chosen reference noise. The expression signifies the 
reading of a noise meter. Where the circuit-noise meter 
has been adjusted to represent effect under specified 
conditions, the expression is in adjusted decibels. 

decilog — A division of the logarithmic scale used 
for measuring the logarithm of the ratio of two values 
of any quantity. The number of decilogs is equal to 10 
times the logarithm to the base 10 of the ratio. One 
decilog therefore corresponds to a ratio of 10°! (ie., 
1.25892+). 

decimal — |. Pertaining to a characteristic or property 
involving a sclection, choice, or condition in which 
there are 10 possibilities. 2. Pertaining to the number 
representation system with a radix of 10. 3. Pertaining 
to a system of numerical representation in which there 
are ten symbols, 0, 1, 2,3,...9. 

decimal attenuator—A system of attenuators 
arranged so that a voltage or current can be reduced 
decimally. 

decimal-binary switch—A switch by means of 
which a single input lead is connected to appropriate 
combinations of four output leads (representing 1, 2, 4, 
and 8) for each of the decimal-numbered settings of the 
associated control knob. For example, with the knob in 
position 7, the input lead would be connected to output 
leads 1, 2, and 4. 

decimal code ——A code in which each allowable 
position has one of 10 possible states. The conventional 
number system with the base 10 is a decimal code. 

decimal-coded digit—One of ten arbitrarily 
selected patterns of 1s and Os that are used to represent 
decimal digits. 

decimal digit — One of the numbers 0 through 9 used 
in the number system with the base 10. 

decimal encoder — An encoder in which there are 
10 output lines, one for each digit from 0 to 9, for each 
decade of decimal numbers. 

decimal notation — The writing of quantities in the 
decimal numbering system. 

decimal numbering system — The popular num- 
bering system using the Arabic numerals O through 9 and 
thus having a base, or radix, of 10. For example, the 
decimal number 2345 can be derived in this way: 


2000 + 300 + 40 + 5 = 2345 


or 
2(10% + 3(10*) + 4(10!) + 5(10°) = 2345 


In the decimal system, all numbers are obtained by raising 
the radix (total number of marks, or 10 in this system) to 
various powers. 

decimal point— In a decimal number, the point that 
marks the place between integral and fractional powers 
of 10. 

decimal-to-binary conversion — The mathemat- 
ical process of converting a number written in the 
scale of 10 into the same number written in the scale 
of 2. 


decimetric waves — decryption 


Decimal Binary Decimal Binary 
0 0 10 101 
1 l 11 1011 
2 10 12 1100 
3 11 13 1101 
4 100 14 1110 
5 101 15 1111 
6 110 16 10000 
7 111 32 100000 
8 1000 64 1000000 
9 1001 128 10000000 


decimetric waves — 1. Electromagnetic waves hav- 
ing wavelengths between 0.1 and 1 meter. 2. Ultrahigh 
frequency band; 300 MHz to 3 GHz. 

decineper — One-tenth of a neper. 

decinormal calomel electrode — A calomel elec- 
trode containing a decinormal potassium chloride solu- 
tion. 

decision — In a computer, the process of determining 
further action on the basis of the relationship of two 
similar items of data. 

decision box — On a flowchart, a rectangle or other 
symbol used to mark a choice or branching m the 
sequence of programming of a digital computer. 

decision element— In computers or data-handling 
systems, a circuit that performs a logical operation, such 
as AND, OR, NOT, or EXCEPT, on one or more binary 
digits in input information that represent “yes” or “no” 
and that expresses the result in its output. See also gate. 

decision table —A table of all contingencies that 
are to be considered in the description of a problem, 
together with the actions to be taken. Decision tables 
are sometimes used in place of flowcharts for problem 
description and documentation. 

deck — 1. In computer usage, a collection of cards, 
usually a complete set of cards punched for a definite 
purpose, 2. A term usually applied to a tape machine 
having no built-in power amplifiers or loudspeakers of its 
own, but intended rather for feeding a separate amplifier 
and speaker system, as in a component installation. 

declination — The offset angle of an antenna from 
the axis of its polar mount as measured in the meridian 
plane between the equatorial plane and the antenna main 
beam. 

declination offset angle — The adjustment angle 
of a polar mount between the polar axis and the plane of 
a Satellite antenna used to aim at the geosynchronous arc. 

decode — |. In a computer, to obtain a specific output 
when specific character-coded input lines are activated. 
2. To use a code to reverse a previous encoding. 3. To 
determine the meaning of characters or character groups 
in a message. 4. To determine the meaning of a set of 
pulses that describes an instruction, a command, or an 
Operation to be carried out. 

decoder — 1. A device for translating a combination 
of signals into one signal that represents the combination. 
It is often used to extract information from a complex 
signal. 2. In automatic telephone switching, a relay-type 
translator that determines from the office code of each call 
the information required for properly recording the call 
through the switching train. Each decoder has means, such 
as a cross-connecting field, for establishing the controls 
desired and readily changing them. 3. Sometimes called 
matrix. In an electronic computer, a network or system 
in which a combination of inputs is excited at one time 
to produce a single output. 4. A device that converts 
coded information into a more usable form, for example, a 
binary-to-decimal decoder. 5. A circuit that accepts coded 
input data and activates a specific output(s) in accordance 
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with the code present at the input. 6. A circuit built into an 
FM tuner to enable it to translate stereo signal information 
into two matched audio outputs. 7. A means to extract 
and process recorded quadraphonic sound information 
from a complex signal into four matched outputs. 8. A 
device consisting of gates that is usually connected to 
the output of a counter. It provides an output when the 
counter is at a specific count or range of counts. 9. A 
logic device that breaks the code of an incoming binary 
signal; i.e., converts the coded information into a more 
usable form. 10. A logic device that converts data from 
one number system to another (e.g., an octal-to-decimal 
decoder). Decoders are also used to recognize unique 
addresses, such as a device address, and bit patterns. 
See code converter. 11, A circuit that restores a signal 
to its original form after it has been scrambled. 12. A 
device that reconstructs an encrypted signal so that it can 
be clearly received. 13. A television set-top device that 
enables the home subscriber to convert an electronically 
scrambled television picture into a viewable signal. (This 
should not be confused with a digital coder/decoder, 
known as a codec, which is used in conjunction with 
digital transmissions.) 

decoding — 1. The process of obtaining intelligence 
from a code signal. 2. In multiples, a process of separating 
the subcarrier from the main carrier. 

decoding matrix—A device for decoding many 
input lines into a single output line. 

decoding network — A circuit made so that, when 
a particular combination of inputs is on, an output appears 
on one of a number of output lines. 

decollimated light — In fiber optics, light rays made 
nonparallel by striae and boundary defects. 

decommutation — The process of recovering a sig- 
nal from the composite signal previously created by a 
commutation process. 

decommutator — Equipment for separating, demod- 
ulating, or demultiplexing commutated signals. 

decomposition — Breaking down a software speci- 
fication, in depth and breadth, to determine all required 
functions and their relationships. 

decoupler-—A circuit for eliminating the effect of 
coupling in a common impedance. 

decoupling— 1. The reduction of coupling. 2. To 
isolate two circuits on a common line. A decoupling 
network is a low-pass filter (RC or RLC) that does not 
isolate equally in both directions. 

decoupling circuit—A circuit used to prevent 
interaction of one circuit with another. 

decoupling network — A network of capacitors and 
chokes or resistors placed into leads that are common 
to two or more circuits, to prevent unwanted, harmful 
interstage coupling. 

decoy —A reflecting object having reflective charac- 
teristics of a target, used in radar deception. 

decrement — 1. Progressive diminution in the value 
of a variable quantity; also the amount by which a variable 
decreases. When applied to damped oscillations, it is 
usually called damping factor. 2. A specific part of an 
instruction word in some binary computers; thus, a set of 
digits. 3. To reduce the numerical contents of a counter. 
A decrement of one is usually assumed unless specified 
otherwise. 4. In an oscillating system with damping (each 
oscillation has less amplitude than the one preceding it), 
the ratio of the peak values (voltage, distance, etc.) of 
two successive half-cycles. It is expressed as a decimal 
fraction less than 1. 

decremeter — An instrument for measurement of the 
logarithmic decrement (damping) of a wave train. 

decryption—The process of “unscrambling” an 
encrypted or coded message. 
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dedicated — 1. To set apart for some special use. For 
example, a dedicated microprocessor is one that has been 
specifically programmed for a single application, such as 
welght measurement by scale, traffic light control, etc. 
(ROMs by their very nature [read-only] are dedicated 
memories.) 2. A piece of equipment that is assigned 
to one particular use only. Minicomputers are often 
dedicated. Microprocessors are intended to be dedicated. 

dedicated computer— A computer whose use is 
reserved for a particular task. 

dedicated Jine—1. A communication line that 
isn’t dialed, also called a leased or private line. 2. A 
communication line for voice and/or data rented from a 
communication carrier. 3. Full-term line allocated to one 
subscriber at a specific degree of conditioning. 4. Leased 
line, wired directly between communicating systems. It 
has faster transmission than regular telephone lines and 
does not require acoustic couplers (types of modems). 
5. A permanent circuit for private use. The leased line 
physically connected between locations, or through a 
central office, without using the switching equipment. 
6. A very common type of transmission facility for data 
communications. Each line is separate from the dial-up 
network (DDD) and its associated equipment and has a 
discrete, permanent path to its destination. Users pay a 
flat monthly fee for this service. 7. A telephone line that 
has a continuous connection, maintained by the telephone 
company. 

dedicated machine—A PC or other microcom- 
puter designed to handle a special, usually single, task. 
A dedicated server PC could only be used to service user 
requests, not as both server and workstation. 

dedicated register— A register in a computer 
exclusively used to contain a specific item. 

dee — A hollow, D-shaped accelerating electrode in a 
cyclotron. 

dee line—A structural member that supports the 
dee of a cyclotron and together with the dee forms the 
resonant circuit. 

deemphasis — Also called postemphasis or poste- 
qualization. 1. Introduction of a frequency-response 
characteristic that is complementary to that introduced 
in preemphasis. 2. Reduction of the level of the higher 
audio frequencies during FM reception or tape replay so 
that they compensate for the preemphasis applied to the 
transmission. This restores an overall uniform response. 
3. A forin of equalization used in FM tuners, complemen- 
tary to a preemphasis used in transmission, The purpose 
is to improve the overall signal-to-noise ratio while main- 
taining a uniform frequency response. It is expressed in 
the form of a time constant or product of a resistance and 
capacitance. Standard FM broadcasts use a 75-u time con- 
stant in the United States, and 50 us in Europe, whereas 
Dolby B transmissions use a 25-us time constant. 

deemphasis network — A network inserted into a 
system to restore the preemphasized frequency spectrum 
to its original form. 

deenergize — 1. To disconnect a device from its 
power source. 2. To stop the current in a circuit or to 
remove electrical potential from a circuit, as by opening 
a switch, 

deep discharge — The withdrawal of all available 
electrical energy before recharging a cell or battery. 

deep space net—A combination of radar and 
communications stations in the United States, Australia, 
and South Africa so located as to keep a spacecraft in 
deep space under observation at all times. 

default — The value(s) or option(s) that are assumed 
during operation when not specified. 

default value — The value that a database element 
assumes if the user does not specify another value. 
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defeat — The frustration, counteraction, or thwarting 
of an alarm device so that it fails to signal an alarm 
when a protected area is entered. Defeat includes both 
circumvention and spoofing. 

defect— 1. A condition considered potentially haz- 
ardous or operationally unsatisfactory and therefore 
requiring attention. 2. Any nonconformance with the nor- 
mally accepted characteristics for a unit. See also major 
defect; minor defect. 

defect analysis— The process of examining tech- 
nical or management (nontechnical) data, manufacturing 
techniques, or material to determine the cause of varia- 
tions of electrical, mechanical, or physical characteristics 
outside the limitations established ai any manufacturing 
checkpoint. 

defect condition — Hole conduction in the valence 
band in a semiconductor. 

Defense Electronic Supply Center — See DESC. 

deferred addressing—An indirect addressing 
mode in which the directly addressed location contains 
the address of the operand, rather than the operand itself. 

deferred entry —-In a computer, an entry into a 
subroutine as a result of a deferred exit from the program 
that passes control to the subroutine. 

deferred exit — In a computer, the transfer of control 
to a subroutine at a time controlled by the occurrence of 
an asynchronous event rather than at a predictable time 

defibrillator— An electronic device that applies a 
brief high-voltage potential to the heart by means of 
electrodes placed on the chest wall. The defibrillator is 
used to restore regular rhythm to a heart in ventricular 
fibrillation. 

definite-purpose relay— A relay with some elec- 
trical or mechanical feature that distinguishes it from a 
general-purpose relay. 

definition — 1. The fidelity with which the detail of 
an image is reproduced. When the image is sharp (1.e., has 
definite lines and boundaries), the definition is said to be 
good, 2. The degree with which a communication system 
reproduces sound images or messages. 3. The fidelity with 
which the pattern edges in a printed circuit (conductors, 
inductors, etc.) are reproduced relative to the original 
master pattern. 4. The sharpness of a picture subjectively 
evaluated in terms of its resolution. 5. The sharpness of a 
screen-printed pattern; the exactness with which a pattern 
is printed. 

deflecting coil—-An inductor used to produce a 
magnetic field that will bend the electron beam a desired 
amount in the cathode-ray tube of an oscilloscope, tele- 
vision receiver, or television camera. 

deflecting electrode — An electrode to which a 
potential is applied in order to deflect an electron beam. 

deflecting torque — See torque of an instrument. 

deflection — Movement of the electron beam in a 
cathode-ray tube as electromagnetic or electrostatic fields 
are varied to cause the light spot to traverse the face of 
the tube in a predetermined pattern. 

deflection circuit—The circuit that regulates an 
electron beam’s deflection in a CRT. 

deflection coil— One of the coils in the deflection 
yoke. 

deflection factor— See deflection sensitivity. 

deflection focusing — The progressive defocusing 
of a cathode-ray-tube display image that occurs when the 
deflected electron beam impinges on the CRT screen at a 
slant. 

deflection plane—A plane perpendicular to the 
cathode-ray-tube axis and containing the deflection center. 

deflection plates — Two pairs of parallel electrodes, 
the pairs set one forward of the other and at right angles 
to each other, parallel to the axis of the electron stream 
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within an electrostatic cathode-ray tube. An applied 
potential produces an electric field between each pair. By 
varying the applied potential, this field may be varied 
to cause a desired angular displacement of the electron 
stream. 

deflection polarity — The relationship between the 
direction of displacement of an oscilloscope trace and the 
polarity of the applied signal wave. 

deflection sensitivity — Also called deflection fac- 
tor. The displacement of the electron beam at the target 
or screen of a cathode-ray tube divided by the change 
in magnitude of the deflection field. Deflection sensitivity 
is usually expressed in millimeters (or inches) per volt 
applied between the deflecting electrodes, or in millime- 
ters (or inches) per ampere in the deflection coil. 

deflection voltage —The voltage applied to the 
electrostatic plates of a cathode-ray tube to control the 
movement of the electron beam. 

deflection yoke — An assembly of one or more 
electromagnets for deflecting one or more electron beams. 

defocus-dash mode—A method of storage of 
binary digits in a cathode-ray tube. Initially, the writing 
beam is defocused to excite a small circular area on the 
screen. For one kind of binary digit the beam remains 
defocused, and for the other kind of binary digit it is 
suddenly focused into a concentric dot, which traces out 
a dash on the screen during the interval of time before 
the beam is cut off and moved to the next position. 

defocus-focus mode — A variation of the defocus- 
dash mode in which the focused dot is not caused to trace 
a dash. 

defragmentation — A process in which all the files 
on a hard disk are rewritten so that all the parts of each 
file are written to contiguous sectors. 

defruiting — Method of eliminating asynchronous 
returns in radar beacon systems. 

degassing — The process of driving out and exhaust- 
ing the gases of an electron tube occluded in its internal 
parts. 

degauss — To neutralize the existing magnetic field. 
The term was coined during World War II to describe the 
neutralizing of a ship’s magnetic field by a grid of cables 
generating an equal but opposite magnetic field. 

degausser— Also called automatic degausser and 
bulk eraser. 1. A device to clarify the color picture by 
means of coils within the set. The coils deactivate the 
magnetization that builds up around a color TV set when 
it is moved around or when other electrical devices are 
brought too close to the receiver. 2. Any device for 
neutralizing magnetism, as in a recorder head or in a 
separate unit. Also called a tape eraser, for use with a 
complete tape recording on its reel. 3. Demagnetizer. See 
bulk eraser; head demagnetizer. 

degaussing — Girdling a ship’s hull with a web of 
current-carrying cable that sets up a magnetic field equal 
in value and opposite in polarity to that induced by the 
earth’s magnetic field, thus rendering the ship incapable 
of actuating the detonator of a magnetic mine. 
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degeneracy — The condition in which two or more 
modes have the same resonant frequency in a resonant 
device. 

degenerate modes— A set of modes having the 
same resonance frequency (or propagation constant). The 
members of a set of degenerate modes are not unique. 

degenerate parametric amplifier — An inverting 
parametric device for which the two signal frequencies 
are identical and equal ta one-half the frequency of the 
pump. (This exact but restrictive definition is often relaxed 
to include cases in which the signals occupy frequency 
bands that overlap.) 

degeneration — See negative feedback. 

degradation— 1. A gradual decline of quality or 
loss of ability to perform within required limits. The 
synonym drift is often used for electronic devices. 2. A 
condition in which the system continues to operate but 
at a reduced level of service. Unavailability of major 
equipment subsystems or components is the usual cause. 
3. A gradual deterioration in performance as a function 
of time. 

degradation failure —Failure of a device because 
a parameter or characteristic changes beyond some previ- 
ously specified limit. 

degree day— The measure of the deviation of the 
mean daily temperature from a given standard, with each 
variance from the standard during a single day recorded 
as One degree day. 

degree of current rectification—- The ratio 
between the average unidirectional current output and the 
root-mean-square value of the alternating-current input 
from which it was derived. 

degree of membership — The confidence or cer- 
tainty, expressed as a number from 0 to 1, that a particular 
value belongs in a fuzzy set. 

degree of voltage rectification— The ratio 
between the average unidirectional voltage and the root- 
mean-square value of the alternating voltage from which 
it was derived. 

degree rise — The amount of increase in temperature 
caused by the introduction of electricity into a unit. 

degrees of freedom—lIn a vibrating system, 
the coordinates necessary to locate the position of the 
vibrating element at any time. For example, a single- 
degree-of-freedom system can move along only one axis, 
in both directions. A two-degrees-of-freedom system will 
require two coordinates to describe the position of the 
elements. A multiple-degree-of-freedom system generally 
has many elements that can move along many axes. 

deinstall — To remove a program or hardware device 
from active service. 

deion circuit breaker— A circuit breaker built so 
that the arc that forms when the circuit is broken is 
magnetically blown into a stack of insulated copper plates, 
giving the effect of a large number of short arcs in series. 
Each arc becomes almost instantly deionized when the 
current drops to zero in the alternating-current cycle, and 
the arc cannot reform. 

deionization — The process by which an ionized gas 
returns to its neutral state after all sources of ionization 
have been removed. 

deionization potential —The potential at which 
ionization of the gas within a gas-filled tube ceases and 
conduction stops. 

deionization time — The time required for the grid 
of a gas tube to regain control after the anode current has 
been interrupted. 

deionized water — Water that has been treated to 
remove ions. Deionized water is required in certain elec- 
tronic applications to prevent contamination of parts com- 
ing in contact with the water. See demineralized water. 
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Batteries in Series and Parallel 


Let’s look at the batteries first. Technically, as mentioned in Chapter 1, there is one battery in this circuit, 
and it happens to be composed of three cells. The term battery is very often used interchangeably with 
cells, and the distinction is minor. It’s better to avoid confusion than it is to be exactly, precisely correct— 
usually. 

We see three cells sitting side by side in both the schematic in Figure 5-14 and the actual battery 
holder shown in Figure 5-12. The cells are connected in series, meaning that one connects to another 
that connects to another, and so forth. They are like beads on a single wire. You should be able to trace 
the wiring (the solid lines) that connects the individual cells in the schematic. 

Note the polarity of each of the cells within the battery. The positive terminal of the bottom-most 
cell is wired to the negative terminal of the center cell. The positive terminal of the center cell is 
connected to the negative terminal of the topmost cell. 

The negative terminal of the bottom-most cell is connected to one side of an SPST (single-pole, 
single-throw) switch. The other side of the switch emerges from the battery holder’s body as the black, or 
negative, lead from the battery pack. The positive terminal of the topmost cell connects directly to the 
red, or positive, lead coming out of the battery pack. 

The switch could have just as easily been installed in the positive lead, and it would have worked 
exactly the same. The battery holder used in the photograph happens to switch the negative lead, as was 
revealed by examining the internal wiring using a multimeter as a continuity tester. 

When the switch is open (i.e., in the Off position), the circle is broken and no electricity is going to 
flow. When the switch is closed, the circuit is complete and power is made available to the remainder of 
the LED circuit, assuming that it is wired up correctly. 

The amount of voltage being supplied by the battery holder depends on the electrical characteristics 
of the individual cells. If alkaline batteries are used, each cell will provide 1.5V, assuming that the cells 
are relatively fresh. Rechargeable NiCd or NiMH cells will provide around 1.2V when fully charged. 

When batteries like these are connected in series, the total voltage available is the sum of each of the 
cells. Just add all the voltages together. For example, using fresh alkaline batteries, the total voltage 
would be 3 x 1.5V = 4.5V. Rechargeable cells would provide 3 x 1.2V = 3.6V when fully charged. 

If the cells were wired in parallel, with all of the positive terminals being connected together and all 
of the negative terminals wired together, the total output voltage would only be 1.5V for alkaline cells. 
The total output current, however, would be triple the capacity of each individual cell. See Figure 5-15 
for a comparison of series, parallel, and combination circuits using batteries. 
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dekahexadecimal — See sexadecimal notation. 

Dekatron— A cold-cathode counting tube. 

delamination — 1. Separation of conductive patterns 
from the substrate, or separation of layers of the base 
material. 2. A separation between any of the layers of a 
base material or between the laminate and the conductive 
foil, or both. 

delay—1. The time required for a signal to pass 
through a device or conductor. 2. The time interval 
between the instants at which any designated point in a 
wave passes any two designated points of a transmission 
circuit. 

delay circuit— 1. A circuit that delays the passage 
of a pulse or signal from one part of a circuit to another. 
2. An electronic time-delay device that can introduce time 
delays from a few milliseconds to about 100 milliseconds 
without significantly degrading signal quality. Can be 
used to restore acoustics of a large auditorium to recorded 
programs heard in a normal-sized room. 

delay coincidence circuit — A coincidence circuit 
actuated by two pulses, one of which is delayed a specific 
amount with respect to the other. 

delay counter— In a computer, a device that can 
temporarily delay a program a sufficient length of time 
for the completion of an operation. 

delay distortion—Also called envelope-delay 
distortion, phase-delay distortion, or phase distortion. 
1. Phase-delay distortion; i.e., departure from flatness 
in the phase delay of a circuit or system over the 
frequency range required for transmission, or the effect 
of such departure on a transmitted signal. 2, Envelope 
distortion; i.e., departure from flatness in the envelope 
delay of a circuit or system over the frequency range 
required for transmission, or the effect of such departure 
on a transmitted signal. 3. The amount of variation in 
delay for various frequency components of the facsimile 
signal, usually expressed in microseconds from an average 
delay time. 4. The difference between the maximum 
and minimum phase delay within a specified band of 
frequencies. 5. Distortion caused by the fact that the 
higher-frequency components of a signal travel slower 
over a transmission facility than the lower-frequency 
components and therefore arrive later and out of phase. 
Numerically, it is the maximum difference in transmission 
time between any two frequencies in a specified 
frequency band, expressed in microseconds. Measured in 
microseconds of delay relative to the delay at 1700 Hz. 
Delay distortion doesn’t affect voice communication but 
can seriously impair data transmissions. 

delayed automatic volume control — Abbre- 
viated delayed AVC. An automatic volume-control circuit 
that acts only on signals above a certain strength. It 
thus permits reception of weak signals even though they 
may be fading, whereas normal automatic volume control 
would make the weak signals even weaker. 

delayed AVC — See delayed automatic volume con- 
trol. 

delayed contacts— Contacts that are actuated a 
predetermined time after the start of a (timing) cycle. 

delayed PPI—A PPI (plan-position indicator) in 
which the initiation of the time base is delayed. 

delayed repeater satellite — A satellite that stores 
information obtained from a ground terminal at one 
location and, upon interrogation by a terminal at a 
different location, transmits the stored message. 

delayed sweep — 1. In a cathode-ray tube, a type of 
sweep that is not allowed to begin for a while after being 
triggered by the initiating pulse. 2. A sweep that has been 
delayed either by a predetermined period or by a period 
determined by an additional independent variable. 


dekahexadecimal — delay line 


delay equalizer— 1. A device that adds delay at 
certain frequencies to a circuit in a way to reduce the 
delay distortion. 2. A corrective network that is designed 
to make the phase delay or envelope delay of a circuit 
or system substantially constant over a desired frequency 
range. 3. A network that introduces an amount of phase 
shift complementary to the phase shift in the circuit at all 
frequencies within the desired band. 4. Selective delaying 
of various frequency components of the received signal 
to match the delay of other frequency components caused 
by envelope delay distortion. 

delay/frequency distortion — That form of distor- 
tion which occurs when the envelope delay of a circuit or 
system is not constant over the frequency range required 
for transmissions. 

delay line — 1. A real or artificial transmission line or 
equivalent component that is used to delay a signal, either 
linear or digital, for a predetermined length of time. The 
delay time is defined as the duration of time between the 
leading edge of the input pulse and the 50-percent point 
on the leading edge of the output pulse. 2. A specially 
constructed cable used in the luminance channel of a color 
receiver to delay the luminance signal. 3. A sequential 
logic element that has one input channel and in which the 
state of an output channel at any instant is the same as the 
state of the input channel at the instant  — n, where 7 is a 
constant time interval for a given output channel (the input 
sequence undergoes a delay of n time units). 4. A device 
that can cause the transmission of one unit of information 
to be retarded until another unit can synchronize with 
it. 5. A device capable of causing an energy impulse to 
be retarded in time from point to point, thus providing a 
means of storage by circulating intelligence-bearing pulse 
configurations and patterns. Examples of delay lines are 
material media such as mercury, in which sonic patterns 
may be propagated in time; lumped constant electrical 
lines; coaxial cables; transmission lines; and recirculating 
magnetic drum loops. 6. A cable made to provide a very 
low velocity of propagation with long electrical delay for 
transmitted signals. 
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delay-line memory — See delay-line storage. 

delay-line register — An acoustic or electric delay 
line in an electronic computer, usually one or an integral 
number of words in length, together with input, output, 
and circulation circuits. 

delay-line storage — Also called delay-line mem- 
ory. In an electronic computer, a storage or memory 
device consisting of a delay line and a means for regen- 
erating and reinserting information info it. 

delay multivibrator—A monostable multivibrator 
that produces an output pulse a predetermined time after 
it is triggered by an input pulse. 

delay on break— A term used to describe a mode 
of operation relative to timing devices. The delay begins 
when the initiate switch is opened (delay on break of 
initiate switch). 

delay on energization — Also known as delay on 
make. A term used to describe a mode of operation 
relative to timing devices. The delay begins when the 
Initiate switch is closed, or on application of power to the 
input. 

delay on make — Same as delay on energization. 

delay PP] — A radar indicator in which the start of the 
display sweep is delayed after the trigger so that distant 
targets are displayed on a short-range scale that gives an 
expanded presentation. 

delay relay — Also called time-delay relay. A relay 
in which there is a delay between the time it is energized 
or deenergized and the time the contacts open or close. 

delay time—1. The amount of time one signal is 
behind (lags) another. 2. Of a switching transistor, the 
time interval between the application at the input termi- 
nals of a pulse that is switching the transistor from a 
nonconducting to a conducting state and the appearance 
at the output terminals of the pulse induced by the charge 
carriers. The time is usually measured between points cor- 
responding to 10 percent of the amplitude of the applied 
pulse and of the output pulse. 3. Measurement of the inter- 
val between direction of signal to an LED and attainment 
of 10-percent output current in the photodetector. 

delay timer — A term sometimes used to designate a 
timer that is primarily used for energizing (or deenergiz- 
ing) a load at the end of a timed period. See time-delay 
relay. 

delay unit—The unit of a radar system in which 
pulses may be delayed a controllable amount. 

deleting — Removing something from a computer. It 
could be text from a word processing window, or a file 
from a hard disk drive. 

deletion record —In a computer, a new record to 
replace or remove an existing record in a master file. 

delimiter — Also called separator. 1. In a computer, 
a character that limits a string of characters and therefore 
cannot be a member of the string. 2. A flag that separates 
and organizes items of data. 3. Any means used to 
separate data items at input. Most frequently used are 
spaces or commas. The delimiter for the two integers 
123 567 is the space between them. 4. A character that 
separates and organizes elements of a program in a 
computer. 5. A punctuation character, such as blackslash 
or comma, that separates one section of a computer 
command from another. 6. A text character that marks 
the beginning and/or end of a unit of data or separates 
different data components. For example, periods are used 
as delimiters in domain names, hyphens and parentheses 
are used in phone numbers and social security numbers, 
and blank spaces and commas are used in written text. 

Dellinger effect — See radio fadeout. 

delta— 1. The Greek letter delta (A) represents any 
quantity that is much smaller than any other quantity of 
the same units appearing in the same problem. 2. In a 
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magnetic cell, the difference between the partial-select 
outputs of the same cell in a | state and in a O state. 
3. Brainwave signals whose frequency is approximately 
0.2 to 3.5 Hz. The associated mental state is usually a 
deep sleep or a trancelike state. 

delta circuit—A three-phase circuit in which the 
windings of the system are connected in the form of a 
closed ring, and the instantaneous voltages around the ring 
equal zero. There is no common or neutral wire, so the 
system is used only for three-wire systems or generators. 

delta connection — In a three-phase system, the ter- 
minal connections. So called because they are triangular, 
like the Greek letter delta. 

delta-delta monitor— A monitor in which the red, 
green, and blue color guns are arranged in a triangle, and 
a shadow mask with round holes aligns each gun to the 
proper phosphor dots. 

delta match— See Y match. 

delta matched antenna— Also called Y antenna. 
A single-wire antenna (usually one half-wavelength long) 
to which the leads of an open-wire transmission line are 
connected in the shape of a Y. The flared part of the Y 
matches the transmission line to the antenna. The top of 
the Y is not cut, giving the matching section its triangular 
shape of the Greek letter delta, hence the name. 

delta matching transformer— An impedance 
device used to match the impedance of an open-wire 
transmission line to an antenna. The two ends of the 
transmission line are fanned out so that the impedance of 
the line gradually increases. The ends of the transmission 
line are attached to the antenna at points of equal 
impedance, symmetrically located with respect to the 
center of the antenna. 

delta modulation—-1. A means of encoding analog 
signals in control and communication systems. The output 
of the delta encoder is a single weighted digital pulse train 
that may be decoded at the receiving end to reconstruct an 
original analog signal. 2. A type of waveform encoding in 
which the differences between individual digitized speech 
samples are encoded. Data point values are determined by 
changes from preceding data point amplitudes. 

delta modulator — A closed-loop sampled data con- 
trol system that transmits binary output pulses whose 
polarity depends on the difference between the input sig- 
nal being sampled and a quantized approximation of the 
preceding input signal. Delta modulation affords a sim- 
ple, efficient method of digitizing voice for secure, reliable 
communications and for voice I/O in data processing. 

delta network — A set of three branches connected 
in series to form a mesh. 

delta pulse code modulation — A modulation sys- 
tem that converts audio signals into corresponding trains 
of digital pulses to provide greater freedom from interfer- 
ence during transmission over wire or radio channels. 

delta tune — A control or switch similar in function 
to a clarifier, found on many AM transceivers. It compen- 
sates for signals off the center frequency of a CB channel. 
Although its effective range is about the same as that of 
a clarifier, adjustment is not as critical. 

delta wave—A brain wave whose frequency is 
below 4 hertz. 

dem — Abbreviation for demodulator. 

demagnetization — Partial or complete reduction of 
residual magnetism. 

demagnetization coefficient—See permeance 
coefficient. 

demagnetization curve—In the second quadrant 
of a hysteresis loop, the portion that lies between the 
residual induction point, B,, and the coercive force 
point, H.. 
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demagnetization effect— 1. A decrease in internal 
magnetic field caused by uncompensated magnetic poles 
at the surface of a sample. 2. The portion of the normal 
nysteresis loop in the second quadrant showing the 
induction, B (gauss), in a magnetic material as related to 
the demagnetizing field, H (oersted). Points on this curve 
are usually designated by the coordinates B; and H4. This 
curve describes the characteristics of a permanent magnet 
(as contrasted with an electromagnet). 

demagnetizer—A device that removes residual 
magnetism from recording or playback tape heads. This 
magnetism, if not removed, can introduce noise on record- 
ings and cause high-frequency loss. 

demagnetizing coefficient — See permeance coef- 
ficient. 

demagnetizing field — A magnetizing force applied 
in such a direction as to reduce the remanent induction in 
a magnetized body. 

demagnetizing force--A magnetizing force 
applied in such a direction that it reduces the residual 
induction in a magnetized body. 

demand-driven machine —A parallel-processing 
architecture in which processors carry out instructions 
when the results of a processing step are demanded, 

demand factor — The ratio of the maximum demand 
of an electrical system, or part of a system, to the total 
connected load of a system or that part of a system under 
consideration. 

demand load—The load that is drawn from the 
source of supply at the receiving terminals, averaged over 
a suitable and specified interval of time, expressed in 
kilowatts, amperes, etc. 

demarcation strip—A physical interface, usually 
a terminal board, between a business machine and a 
common carrier. See also interface, 1. 

Dember effect — Also known as the photodiffusion 
effect. The production of a potential difference between 
two regions of a semiconductor specimen when one is 
illuminated. This phenomenon is related to the photo- 
electromagnetic effect, except there is no magnetic field. 
H. Dember discovered that when an illuminated metal 
plate producing electrons is bombarded by other elec- 
trons from an outside source, the photoelectric emission 
increases because, in addition to photoelectrons, sec- 
ondary electrons are also xnocked out by bombardment. 

demineralized water — Water that has been treated 
to remove the minerals that are normally present in hard 
water. Demineralized water is required in some electronic 
applications in which extreme precautions must be taken 
to prevent contamination. See deionized water. 

demodulation — Also called detection. 1. Operation 
on a previously modulated wave in such a way that it will 
have substantially the same characteristics as the original 
modulating wave. 2. The process by which a wave 
corresponding to the modulating wave is obtained from 
a modulated wave. 3. The process of retrieving digital 
(computer) data from a modulated analog (telephone) 
signal. 

demodulator — Abbreviated dem. 1. A device that 
operates on a carrier wave to recover the wave with 
which the carrier was originally modulated. 2. A facsimile 
device that detects an amplitude-modulated signal and 
produces the modulating frequency as a direct current of 
varying amplitude. This type of unit is used to provide 
a keying signal for a frequency-shift exciter unit for 
radio facsimile transmission. 3. A device that receives 
tones from a transmission circuit and converts them to 
electrical pulses, or bits, that may be accepted by a 
business machine. 4. Circuitry that plays back a CD-4 
disc’s four signals after reprocessing the base and carrier 
bands inscribed in each side of the record groove. 5. A 
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functional section of a modem that converts received 
analog line signals to digital form. 6. A device that 
separates information from the carrier. 

demodulator probe—A probe designed for use 
with an oscilloscope, for displaying modulated high- 
frequency signals. 
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demon—A computer program that waits until an 
event occurs before running; widely used to circumvent 
copy-protection procedures. 

de Morgan’s theorem — A theorem that states that 
the inversion of a series of AND implications is equal 
to the same series of inverted OR implications, or the 
inversion of a series of OR implications is equal to the 
same series of inverted AND implications. In symbols, 
A-B-C=A+B+C,0rA+B+C=A:-B-C. 

demountable tube—A high-power electron tube 
having a metal envelope with porcelain insulation. Can be 
taken apart for inspection and for renewal of electrodes. 

demultiplexer— 1. A device used to separate two 
or more signals that were previously combined by a 
compatible multiplexer and transmitted over a single 
channel. 2. A circuit that directs information from a 
single input to one of several outputs at a time in a 
sequence that depends on the information applied to the 
control inputs. 3. A device that reverses the action of a 
multiplexer, deriving a group of separate channels from 
the complex multiplex signal. 4. A logic circuit that can 
route a single line of digital information to other !ines. The 
demultiplexer acts to switch information to many different 
points. 5. A circuit that applies the logic state of a single 
input to one of several outputs. 

demultiplexing — Abbreviated demux. The process 
of separating a multiplexed signal into its separate intel- 
ligence signals. 

demultiplexing circuit— A circuit that is used 
to separate the signals that have been combined for 
transmission by multiplex. 

demux — See demultiplexing. 

denary band — A band having frequency limits with 
the ratio of f,/f, = 10. 

dendrite —A semiconductor crystal with a heavily 
branched, treelike structure that grows from the nucleus 
as the metal becomes solidified. 

dendritic growth— 1. A technique of producing 
semiconductor crystals in long, uniform ribbons with 
optically flat surfaces. 2. The electrolytic transfer of metal 
from one conductor to another, similar to electroplating 
except that the dendritic growth usually, though not 
always, forms from cathode to anode. The dendrite 
resembles a tree in appearance, and when it touches the 
opposite conductor, there is an abrupt rise in current. 

dense binary code —A binary code in which all 
the possible states of the pattern are used. 

densitometer— An instrument for measuring the 
optical density (photographic transmission, photographic 
reflection, visual transmission, and so forth) of a material. 
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density — 1. A measure of the light-transmitting or 
reflecting properties of an area expressed by the common 
logarithm of the ratio of incident to transmitted or 
reflected light flux. 2. The mass per unit volume. The 
specific gravity of a body is the ratio of a density to 
the density of a standard substance. Water and air are 
commonly used as the standard substances. 3. Amount 
per unit cross-sectional area (e.g., current, magnetic flux, 
or electrons in a beam). 4. The logarithm of the ratio of 
incident to transmitted light. See opacity. 

density modulation — Modulation of an electron 
beam by varying the density of the electrons in the beam 
with time. 

density packing — The number of magnetic pulses 
(representing binary digits) stored on tape or drum per 
linear inch on a single head. 

density step tablet — A facsimile test chart consist- 
ing of a series of areas that increase in steps from a low 
value of density to a maximum value of density. 

dentonphonics —The technique of using electron- 
ics in broadcasting speech from the mouth. The principle 
is the same as that of a throat microphone, in which a 
transducer responds to sound energy transmitted through 
the tissues as a person Speaks. 

dependent linearity — Nonlinearity errors expressed 
as a deviation from a desired straight line of fixed slope 
and/or position. 

dependent mode— In network analysis, a node 
having one or more incoming branches. 

deperming — Another name for demagnetization. 

depletion field-effect transistor—An active 
semiconductor device in which the main current is con- 
trolled by the depletion width of a pn junction. 

depletion layer — Also called barrier layer. 1. In a 
semiconductor, the region in which the mobile-carrier 
charge density is insufficient to neutralize the net fixed 
charge density of donors and acceptors. 2. That region 
in the immediate vicinity of a semiconductor pn junction 
that becomes exhausted or depleted of current carriers 
in order to set up the internal potential barrier involved 
in either the balance between diffusion and drift currents 
present in the equilibrium case, or the imbalance between 
these currents present in a nonequilibrium situation. Being 
depleted of carriers, the depletion-layer region is virtually 
composed of “intrinsic” material, irrespective of the 
doping levels of the p-type and n-type materials from 
which it is formed. 3. A zone, several atoms thick, at the 
junction of n-type and p-type semiconductor materials, in 
which there are no current carriers, either free electrons 
or holes, unless biased by a direct voltage. Free electrons 
in the n-type material are repelled by negative charges in 
the p-type material, and the holes in the p-type material 
are repelled by the positive nucleus of atoms in the n-type 
material. 

depletion-layer capacitance — Also called barrier 
capacitance. Capacitance of the depletion layer of a 
semiconductor. It is a function of the reverse voltage. 

depletion-layer rectification — Also called barrier- 
layer rectification. The rectification that appears at the 
contact between dissimilar materials, such as a metal-to- 
semiconductor contact or a pn junction, as the energy 
levels on each side of the discontinuity are readjusted. 

depletion-layer transistor — Any of several types 
of transistors that rely directly for their operation on the 
motion of carriers through depletion layers (for example, 
a spacistor). 

depletion-mode device —A field-effect transistor 
or IC that passes maximum current at zero gate potential, 
and a decreasing current with applied gate potential. 
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depletion-mode field-effect transistor—1. A 
field-effect transistor that exhibits substantial device cur- 
rent (pss) with zero gate-to-source bias (Vgs = 0 V). 
2. An MOS transistor normally on with zero gate voltage 
applied (channel formed during processing). A voltage of 
the correct polarity applied to the gate will force majority 
carriers from the channel, thus depleting it and turning 
the transistor off. 

depletion-mode operation —The operation of a 
field-effect transistor such that changing the gate-to- 
source voltage from zero to a finite value decreases the 
magnitude of the drain current. 

depletion region — Also referred to as space-charge, 
barrier, or intrinsic region. The region, extending on both 
sides of a reverse-biased semiconductor junction, in which 
all carriers are swept from the vicinity of the junction; that 
is, the region is depleted of carriers. This region takes 
on insulating characteristics and is capable of isolating 
semiconductor regions from each other. Depletion regions 
make planar bipolar integrated circuits possible. 

depletion-type field-effect transistor — A field- 
effect transistor having appreciable channel conductivity 
for zero gate-source voltage; the channel conductivity 
may be increased or decreased according to the polarity 
of the applied gate-source voltage. 

depolarization— The process of preserving the 
activity of a primary cell by the addition of a substance to 
the electrolyte. This substance combines chemically with 
the hydrogen gas as it forms, thus preventing excessive 
buildup of hydrogen bubbles. 

depolarize — To make partially or completely unpo- 
larized. 

depolarizer— A chemical substance, usually man- 
ganese dioxide, added to a dry or primary cell to remove 
the polarizing chemical products resulting from discharge, 
and thus to keep the discharge rate constant; to prevent 
formation of hydrogen bubbles at the positive electrode. 

deposited carbon— Resistive clement made of a 
thin film of crystalline carbon or a carbon alloy sputtered 
onto a ceramic rod. 

deposition—The application of a material to a 
substrate through the use of chemical, vapor, electrical, 
vacuum, or other processes. 

depth of cut—The depth to which the recording 
stylus penetrates the lacquer of a recording disc. 

depth of field — 1. The in-focus range of a lens or 
optical system. It is measured from the distance behind 
an object to the distance in front of the object when the 
viewing lens shows the object to be in focus. 2. The 
distance between the first object in focus and the last 
object in focus within a scene as viewed by a particular 
lens; it can vary with the quality and focal length of the 
lens or with its f-stop setting. 

depth of heating——The depth at which effective 
dielectric heating can be confined below the surface 
of a material when the applicator electrodes are placed 
adjacent to only one surface. 

depth of modulation — In a radio-guidance system 
obtaining directive information from the two spaced lobes 
of a directional antenna, the ratio of the difference in total 
field strength of the two lobes to the field strength of the 
greater lobe at a given point in space. 

depth of penetration — The thickness of a layer 
extending inward from the surface of a conductor and 
having the same resistance to direct current as the whole 
conductor has to alternating current of a given frequency. 
See also skin depth. 

de-Q — To reduce the Q of a tuned circuit, as gener- 
ally applied to carrier-current transmission systems. 

derate —1. To use a device at a lower current or 
voltage than it is capable of handling in order to reduce the 
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probability of failure or to permit its use under a condition 
of high ambient temperature. 2. To change the rating or 
value to a lower rating in consideration of other affecting 
factors. 

derating — 1. The reduction in rating of a device or 
component, especially the maximum power-dissipation 
rating at higher temperatures. 2. Deliberately understress- 
ing components so as to provide increased reliability. 
(This requires the selection of components of higher stress 
than is required for normal operation.) For example, using 
a 1/-watt resistor in circuit conditions demanding a !/4- 
watt dissipation. This process is recognized as an effective 
and well-established method of achieving reliable designs. 
The ratio of applied stress to rated stress 1s the stress ratio; 
thus, in the example above this would be 0.25/0,5, or 
50 percent derated in terms of power. 3. The intentional 
reduction of stress-to-strength ratio in the application of 
an item, usually for the purpose of reducing the occur- 
rence of stress-related failures. 
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derating factor — The factor by which the ratings of 
component parts are reduced to provide additional safety 
margins in critical applications or when the parts are 
subjected to extreme environmental conditions for which 
their normal ratings do not apply. 

derivative action — See rate action. 

derivative control — Automatic control in which the 
rate of correction is determined by the rate at which the 
error producing it changes. 

derived center channel — A monophonic compos- 
ite signal derived from the sum or difference of the left 
and right stereo channels, often fed to an extra speaker to 
fill in an aural hole between the left and right speakers. 
The signal from a voltage-derived center-channel output 
must be fed to an external power amplifier before it can 
drive a speaker. A power-derived center channel can drive 
a speaker directly. 

DES — Abbreviation for Data Encryption Standard. A 
scheme approved by the National Bureau of Standards 
that encrypts data for security purposes. For use within 
the United State by the NSA (National Security Agency); 
DES is the data-communications encryption standard 
specified by Federal Information Processing Systems 
(FIPS) Publication 46. 

DESC — Abbreviation for Defense Electronic Supply 
Center. 1. The agency that sets military specifications 
for all electronic components and verifies performance 
tc these requirements. 2. Goverment agency that controls 
procurement policies and monitors quality for military 
electronics contracts. 

desensitization — 1. The saturation of one compo- 
nent (an amplifier, for instance) by another so that the 
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first cannot perform its proper function. 2. The effect on 
a receiver section tuned to one channel that is caused by 
a strong signal on another channel. It is an AGC-type 
effect whereby the desired signal’s strength appears to 
be decreased by the presence of a nearby signal. This 
effect influences a receiver’s overall selectivity. 3. The 
tendency of a receiver to fail to recognize valid DTMF 
signals in the presence of such factors as dial tone, pilot 
signals, or data signals. 4. The reduction in sensitivity of 
a receiver caused by either noise or rf overload from a 
nearby transmitter. 

desiccant— A substance used as a drying agent 
because of its affinity for water. 

design-center rating — Limiting values of oper- 
ating and environmental conditions that should not be 
exceeded under normal conditions in a bogey electronic 
device of a specified type as defined by its published data. 
These values are chosen by the device manufacturer to 
provide acceptable serviceability of the device in aver- 
age applications, taking responsibility for normal changes 
in Operating conditions due to rated supply-voltage varl- 
ation, equipment component variation, equipment control 
adjustment, load variation, signal variation, environmen- 
tal conditions, and variations in the characteristics of all 
electronic devices. 

design compatibility — Electromagnetic compati- 
bility achieved by incorporating in all electromagnetic 
radiating and receiving apparatus (including antennas) 
characteristics or features for elimination or rejection of 
undesired self-generated or external signals in order to 
enhance operating capabilities in the presence of natural 
or human-made electromagnetic noise. 

design engineer— An engineer who has been 
assigned to design a specific product for a specific 
application. 

design for maintainability —Those features and 
characteristics of design of an item that reduce require- 
ments for tools, test equipment, facilities, spares, highly 
skilled personnel, etc., and improve the capability of the 
item to accept maintenance actions. 

design-maximum ratings —Limiting values of 
operating and environmental conditions applicable to a 
bogey electronic device of a specified type as defined by 
its published data; they should not be exceeded under the 
worst probable conditions. 

design-maximum rating system— See design- 
center rating. These values are chosen by the device 
manufacturer to provide acceptable serviceability of the 
device, taking responsibility for the effects of changes in 
Operating conditions due to variations in the characteris- 
tics of the electronic device under consideration. 

Desk-Fax — Trade name of Western Union Telegraph 
Co. for a smail facsimile transceiver employed principally 
in short-line telegraph service. 

desktop computer— 1. A self contained, totally 
integrated system that comes complete with central pro- 
cessor, read/write memory, external mass storage in the 
form of a cassette tape or diskette system, keyboard, com- 
puter language and operating system in firmware (usually 
in the form of read-only memory), connectors for external 
devices, and an output display such as a CRT, LED read- 
out, or printer. When the computer is turned on, it is ready 
to solve problems. The operating system and language 
do not have to be loaded. Compiling is done automati- 
cally. Because of this integrated structure, a user can edit 
and execute complex commands by way of short, simple 
instructions. The internal operating system will recognize 
typing or syntax errors and give an easy-to-understand 
explanation on the display or printout. Also, the com- 
puter can prompt the user to supply subsequent inputs so 
that steps are not missed or implemented out of sequence. 
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Especially significant in design applications is the unit’s 
ability to accept changes in problem parameters while a 
program is running. 2. A complete microprocessor-based 
system that is fairly easy to use by noncomputer experts. 
3. A computer designed for scientific/engineering prob- 
lems that are too complex for personal calculators or 
that require peripherals or interfacing capabilities for data 
acquisition or instrumentation control. Desktop comput- 
ers have full, high-level programming languages, much 
larger memories than personal calculators, built-in mass 
storage devices, and I/O ports for interfacing to peripher- 
als or other instruments. Some have impressive graphics 
capabilities for plotting, drawing, graphing, and lettering. 
4. A complete, highly integrated system ready to use as 
it comes out of the box. It has an input device (a key- 
board), a display device (a cathode-ray tube or single-line 
display), mass storage (magnetic cards, cassettes, floppy 
discs, CD-ROMs, etc.), a processor, memory, connectors 
for external VO (input/output) devices, a power supply, 
and a language that resides in ROM (read-only memory) 
all housed in a single package that literally sits on a desk. 
Of course, the desktop computer may also have special 
peripherals, such as plotters, digitizers, and other instru- 
ments. One can simply connect the external YO devices 
and peripherals, if any, turn the power on, and use the 
machine. 

desktop publishing — Abbreviated DTP. The cre- 
ation on personal computers of publication-quality printed 
documents that combine text and graphics. 

desoldering — Process of disassembling soldered 
parts in order to repair, replace, inspect, or salvage them. 
Typical desoldering methods are wicking, pulse vacuum 
(solder sucker), heat and pull, and solder extraction. 

destaticization — Treatment of a material to mini- 
mize the accumulation of static electricity and, as a result, 
the amount of dust that adheres to the material because 
of such static charges. 

destination address — In computer systems having 
a source-destination architecture, the destination address 
is the address of the device register or memory location 
to which data is being transferred. 

destination register — In a computer, a register into 
which data is being placed. 

Destriau effect— Sustained emission of light by 
suitable phosphor powders embedded in an insulator and 
subjected only to the action of an alternating electric field. 

destructive readout—1. The destruction of data 
in a Storage device by the act of reading the data. 
For example, reading data from a core memory clears 
the addressed location. When destructive readouts are 
used, data (modified or unmodified) is written back 
into the same location, 2. A characteristic of a memory. 
The memory is said to have a destructive readout if 
information retrieved from memory must be written back 
in immediately after it is used or else it is lost. A 
core memory has destructive readout. Computers with 
destructive readouts contain special circuits to write 
information back into memory after readout. 

destructive-readout memory — See DRO mem- 
ory. 
destructive test— Any test resulting in the destruc- 
tion or drastic deterioration of the test specimen. 

detail—A measure of the sharpness of a recorded 
facsimile copy or reproduced image. Generally related 
to the number of lines scanned per inch. Defined as the 
Square root of the ratio between the number of scanning 
lines per unit length and the definition in the direction of 
the scanning line. 

detail contrast—The ratio of the amplitude of 
the high-frequency components of a video signal to the 
amplitude of the reference low-frequency component. 
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detail enhancement— Also called image enhance- 
ment. A system in which each element of a video picture 
is analyzed in relation to adjacent horizontal and vertical 
elements. When differences are detected, a detail signal is 
generated and added to the luminance signal to enhance it. 

detection — See demodulation. 

detection range — The greatest distace at which a 
sensor will consistently detect an intruder under a standard 
set of conditions. 

detectophone — An instrument for secretly listening 
in on a conversation. A high-sensitivity, nondirectional 
microphone is concealed in the room and connected 
to an amplifier and headphones or recorder remotely 
located. Sometimes the microphone feeds into a wireless 
transmitter that broadcasts over power lines, to permit the 
listener to be farther away. 

detector—1.A device for effecting the process of 
detection or demodulation. 2. A mixer or converter in 
a superheterodyne receiver; often referred to as a first 
detector. 3. A device that produces an electrical output 
that is a measure of the radiation incident on the device. 
4. A rectifier tube, crystal, or dry disc by which a 
modulation envelope on a carrier or the simple on-off 
state of a carrier may be made to drive a lower-frequency 
device. 5. A device that converts light signals from optical 
fibers to electrical signals that can be further amplified to 
allow reproduction of the original signal. 6. A device that 
converts optical power to other forms. See photodetector. 

detector balance bias — A controlling circuit used 
in radar systems for anticlutter purposes. 

detector circuit — That portion of a receiver which 
recovers the modulation signal from the rf carrier wave. 

detector diode—A diode, often associated with 
microwave circuits, that converts rf energy into dc or 
video output. 

detector power efficiency —The ratio of the 
change in de power in the load resistance produced by the 
ac signal to the available power from a sinusoidal voltage 
generator when the diode is operated under specified 
conditions. 

detector probe—A probe containing a high- 
frequency rectifying element such as a crystal diode or a 
tube. Used with an oscilloscope, vacuum-tube voltmeter, 
or signal tracer for recovering the modulation from a 
carrier. 

detector quantum efficiency —The ratio of the 
number of carriers generated to the number of photons 
absorbed. 

detector voltage efficiency — The ratio of the de 
load voltage to the peak sinusoidal input voltage under 
specified circuit conditions. 

detent— 1. A stop or other holding device, such as 
a pin, lever, etc., on a ratchet wheel. 2. Switch action 
typified by a gradual increase in force to a position at 
which there is an immediate and marked reduction in 
force. 3. A bump or raised section projecting from the 
surface of a spring or other part. 4. A device that holds 
a part, control, or assembly in a given position. For 
example, some connectors use locking detents on the plug 
half and indents on the cap half to hold the halves together 
in proper mated position. 

detent torque — A measure of the maximum torque 
that can be applied to the shaft of a deenergized stepper 
motor before it begins to rotate. 

deterministic signal —A signal whose future 
behavior can be predicted precisely. 

detritus —Loose material dislodged during resistor 
trimming but remaining in the trimmed area. 

detune— 1. To change the inductance and/or capaci- 
tance of a tuned circuit and thereby cause it to be resonant 
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at other than the desired frequency. 2. To adjust a cir- 
cuit so that it does not respond to (is not resonant at) a 
particular frequency, 

detuning stub — A quarter-wave stub for matching 
a coaxial line to a sleeve-stub antenna, The stub tunes the 
antenna itself and detunes the outside of the coaxial feed 
line. 

Deutsches Institut für Normung — See DIN. 

deviation — 1. The difference between the actual and 
specified values of a quantity. 2. The difference, usually 
the absolute difference, between a number and the mean 
of a set of numbers, or between a forecast value and 
the actual datum. 3. In FM transmissions and reception, 
the increase or decrease of signal carrier frequency from 
the nominal; also applied to drifting. Standard maximum 
deviation rating is +75 kHz for FM radio, 4. A departure 
from specification requirements for which approval is 
obtained from the consumer prior to occurrence of the 
departure. 

deviation absorption — Absorption that occurs at 
frequencies near the critical frequency. Occurs in conjunc- 
tion with the slowing up of radio waves near the critical 
frequency, upon reflection from the ionosphere, 

deviation distortion — Distortion caused by inade- 
quate bandwidth, amplitude-modulation rejection, or dis- 
criminator linearity in an FM receiver. 

deviation ratio — In frequency modulation, the ratio 
of the maximum change in carrier frequency to the highest 
modulating frequency. 

deviation sensitivity —The smallest frequency 
deviation that produces a specified output power in FM 
receivers. 

device — Also called item. 1. A single discrete con- 
ventiona! electronic part such as a resistor or transistor, or 
a microelectronic circuit. 2. Any subdivision of a system. 
3. A mechanical, electrical, and/or electronic contrivance 
intended to serve a specific purpose. 4. The physical real- 
ization of an individual electrical element in a physically 
independent body, which cannot be further reduced or 
divided without destroying its stated function. This term is 
commonly applied to active devices. Examples are transis- 
tors, pnpn structures, tunnel diodes, and magnetic cores, 
as well as resistors, capacitors, and inductors. It is not, for 
example, an amplifier, a logic gate, or a notch filter. 5. An 
electronic part consisting of one or more discrete active 
or passive elements. 6. A unit of processing equipment 
in a computer system external to the CPU; synonymous 
with the term peripheral. 

device adaptor — See interface adaptor. 

device channel—aA dedicated channel associated 
with a device; connects a file variable to that device. 

device complexity— The number of circuit ele- 
ments within an integrated circuit. 

device cutoff—The condition of an electronic 
device in which its conduction is either zero or rela- 
tively insignificant. With semiconductor devices such as 
FETs, bipolar transistors, and thyristors, cutoff is normally 
that condition in which the device passes only leakage 
currents. 

device independence — In a computer, the ability 
to request input/output operations without regard to the 
nature of the input/output devices. 

device register-—An addressable register used to 
store status and control information or data for transfer 
into or out of a device. 

device under test— Abbreviated DUT. A finished 
assembled device, or an untested die on a wafer. 

Dewar flask— A container with double walls. The 
space between the walls is evacuated, and the surfaces 
bounding this space are silvered. 
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dewetted surface — |. A surface that was initially 
wetted, i.e., a surface on which the solder flowed uni- 
formly. 2. A condition that results when molten solder 
has coated a surface and then receded, leaving irregularly 
shaped mounds of solder separated by areas covered with 
a thin solder film; base metal is not exposed. 

dew point— 1. The temperature at which condensa- 
tion first occurs when a vapor is cooled. 2. The tempera- 
ture at which moisture begins to condense out of a vapor. 
The relative humidity is then 100 percent. 

df— Abbreviation for direction finder or dissipation 
factor. 

df antenna — Any antenna combination included in a 
direction finder for obtaining the phase or amplitude ref- 
erence of the received signal. May be a single or orthog- 
onal loop, an adcock, or spaced differentially connected 
dipoles. 

df antenna system — One or more df antennas and 
their combining circuits and feed systems, together with 
the shielding and all electrical and mechanical items up 
to the receiver input terminals. 

D flip-flop — A flip-flop whose output is determined 
by the input that appeared one pulse earlier; for example, 
if a l appeared at the input, the output after the next clock 
pulse would be 1. 

DHG — Abbreviation for digital harmonic generation. 

DI— Abbreviation for dielectric isolation. A fabrica- 
tion technique by which components in an integrated 
circuit are electrically isolated from each other by an 
insulator (dielectric material), DI surrounds the sides and 
bottom of each transistor with a layer of silicon dioxide 
(glass). DI has proven particularly advantageous for fabn- 
cating high-performance analog ICs. The conventional DI 
fabrication process for bipolar ICs begins with a wafer of 
n-type silicon. The side of the wafer that will eventually 
be the bottom is deeply etched (in V-shaped grooves) to 
form the sidewall pattern, then silicon dioxide and poly- 
crystalline silicon are grown to fill the etched moats and 
to thicken the eventual DI substrate. The opposite side of 
the wafer is polished until the insulating sidewalls appear 
at the wafer surface. Conventional diffusion and metal- 
lization processes follow to complete the IC. 

diac — 1. Two-lead alternating-current switching semi- 
conductor. 2. See three-layer diode. 3. A bidirectional 
breakdown diode that conducts only when a specified 
breakdown voltage is exceeded. 

diagnostic — 1. Having to do with the detection and 
isolation of a malfunction or error in a computer. 2. A 
message output by a compiler or assembler indicating 
that a computer program contains a mistake. 3. Software 
designed to locate either a fault in the equipment or an 
error in programming. 

diagnostic code— An alphanumeric or word dis- 
play that indicates a system condition such as a malfunc- 
tion. The code is either self-explanatory or used to refer 
to further instructions that are explained in an operator 
guide. 

diagnostic function test— A program for testing 
overall system reliability. 

diagnostic program-—- 1. Special program for 
checking computer’s hardware for proper operation. For 
example, there are CPU diagnostic checks, memory diag- 
nostic checks, and so on. 2. A test program to help isolate 
hardware malfunctions in the programmable controller 
and application equipment. 3. A troubleshooting aid for 
locating hardware malfunctions in a system, or a pro- 
gram to aid in locating coding errors in newly developed 
programs. 

diagnostic routine — 1. An electronic-computer rou- 
tine designed to locate a malfunction in the computer, a 
mistake in coding, or both, 2. See debug. 
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diagnostics — 1. Information on what tests a device 
failed and how they were failed, used to aid in trou- 
bleshooting. 2. An output from a tool, indicating soft- 
ware discrepancies and other attributes. 3. Methods used 
for detecting and isolating faults in a unit under test. 
4, Computer system support tasks (usually supplied with 
an operating system) that test memory, interrupts, timers, 
and peripheral devices. 5. Programs or procedures used 
to test a piece of equipment, a communications link or 
network, or any similar system. 

diagnostic test— A test performed for the purpose 
of isolating a malfunction in the unit under test. 

diagnostic testing—Testing designed to locate 
and identify errors in a computer routine, hardware 
component, or communication network. 

diagonal horn antenna— A horn antenna whose 
cross sections are all square and in which the electric 
vector is parallel to a diagonal. The radiation pattern in 
the far field has almost perfect circular symmetry. 

diagonal pliers — Pliers with cutting jaws at an angle 
to the handles to permit cutting off wires close to terminals 
or printed circuit boards. 

diagram — 1. Schematics, prints, charts, or any other 
graphical representation, the purpose of which is to 
explain rather than to represent. 2. A schematic repre- 
sentation of a scquence of subroutines designed to solve 
a problem. 3. A coarser and less symbolic representa- 
tion than a flowchart, frequently including descriptions 
in English words. 4. A schematic drawing showing an 
electrical circuit, or a logical drawing showing logical 
arrangements within a circuit. 

dial— 1. A means for indicating the value to which 
a control knob has been set. 2. A calling device that 
gencrates the required number of pulses in a telephone 
set and thereby establishes contact with the party being 
called. 

dial cable — See dial cord. 
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dial central office— aA telephone or teletypewriter 
office at which is located the automatic equipment neces- 
sary for connecting two or more user stations together by 
wires for Communication purposes. 

dial cord— Also called dial cable. A braided cord 
or flexible wire cable connected to a tuning knob so 
that tuming the knob will move the pointer or dial that 
indicates the frequency to which an analog radio receiver 
is tuned. Also used for coupling two shafts together 
mechanically. 

dialer— 1. A device that detects and reports emergen- 
cies by automatic dialing of telephone numbers. When an 
emergency is detected, the dialer usually begins playing 
a prerecorded tape containing the telephone number or 
numbers to be called (in the form of a series of pulses) 
and the emergency message. When the number has been 
dialed, the tape continues to play the prerecorded mes- 
sage. 2. See automatic dialer. 

dialing area— The area within which a telephone 
company customer may make calls by dialing without 
using area codes. 

dialing key—aA dialing method in which a set of 
numerical keys instead of a dial is used to originate dial 
pulses. Generally, it is used in connection with voice- 
frequency dialing. 

dial jacks—Strips of jacks associated with and 
bridged to a regular outgoing trunk jack circuit so that 
connections between the dial cords and the outgoing 
trunks can be made. 

dial key—The key unit of the subscriber's cord 
circuit that is used to connect the dial to the line. 

dial leg—The circuit conductor brought out for 
direct-current dial signaling. 

dial light— A small pilot lamp that illuminates the 
tuning dial of a radio receiver. 

diallyl phthalate —A thermosetting resin that has 
excellent electrical insulation properties. 

dial office —Telephone central office operating on 
dial signals. 

dialog — Interchange of information between program 
and user. The program gives prompts or messages, and 
the user responds by entering appropriate data. 

dialog box— 1. An on-screen message box in a 
graphical user interface that allows users to input more 
specific information than standard commands. 2. An on- 
screen box that conveys or requests information from the 
user. 

dial pulse —A momentary interruption in the direct 
current in the loop of a calling telephone, produced by the 
opening and closing of the dial pulse springs of a calling 
telephone in response to the dialing of a digit. The current 
in the calling-line loop is interrupted as many times as 
there are units in the digit dialed; i.e., dialing the digit 
7 generates seven dial pulses (interruptions) in current 
flowing through the loop of the calling telephone. 

dial pulsing — The transmission of telephone address 
information by the momentary opening and closing of a de 
circuit a specified number of times, corresponding to the 
decimal digit that is dialed. This is usually accomplished, 
as with an ordinary telephone dial, by manual operation 
of a finger wheel. 

dial register— See standard register of a motor 
meter. 

dial telephone system-— Telephone system in 
which telephone connections between customers are ordi- 
narily established by electronic and mechanical apparatus 
controlled by manipulations of dials operated by the call- 
ing parties. 

dial tone — 1. A hum or other tone employed in a 
dial telephone system to indicate that the line is not busy 
and that the equipment is ready for dialing. 2. A tone 
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indicating that automatic telephone switching equipment 
is ready to receive dial signals, tones, or pulses. 

dial-up — 1. The use of a dial or push-button 
telephone for initiating a station-to-station call. 2. Two 
simplex transmission paths between central offices and 
a full-duplex path in each subscriber loop. 3. Use of a 
phone to initiate a call. 

dial-up connection—A connection from a com- 
puter using a modem to a host computer over standard 
telephone lines. 

dial-up line — Also called switched line. A commu- 
nication line accessible via dial-up facilities, typically the 
public telephone network. 

diamagnetic — 1. Term applied to a substance with 
a negative magnetic susceptibility. 2. Bars of certain 
elements, such as zinc, copper, lead, and tin, when freely 
suspended in a magnetic field arrange themselves at 
right angles to the lines of force of the magnetic field, 
i.e. they are magnetized in the opposite direction to 
the magnetizing field. These elements are said to be 
diamagnetic. 

diamagnetic material-——1. A material that is less 
magnetic than air, or in which the intensity of magneti- 
zation is negative. There is no known material in which 
this effect has more than a very feeble intensity. Bismuth 
is the leading example of materials of this class, 2. A 
material having a permeability less than that of vacuum: 
u < 1 gauss/oersted. For practical evaluation, a nonmag- 
netic material. 

diamagnetism—1.A phenomenon whereby the 
magnetization induced in certain substances opposes 
the magnetizing force. 2. The negative susceptibility 
exhibited by certain substances. The permeability of such 
substances is fess than unity. 

diamond antenna — Also called a rhombic antenna. 
A horizontal antenna having four conductors that form a 
diamond, or rhombus. 

diamond lattice — The crystal structure of germa- 
nium and silicon (as well as a diamond). 

diamond stylus—A phonograph pickup with a 
ground diamond as its point. 

diapason — The unique fundamental tone color of 
organ music. 

diaphragm— 1. A flexible membrane used in var- 
ious electroacoustic transducers for producing audio- 
frequency vibrations when actuated by electric impulses, 
or electric impulses when actuated by audio-frequency 
vibrations. 2. In electrolytic cells, a porous or perme- 
able membrane, usually flexible, separating the anode 
and cathode compartments. 3. In waveguide technique, a 
thin plate, or plates, placed transversely across the wave- 
guide, not completely closing it, and usually introducing a 
reactance component. See also iris. 4. A sensing element 
consisting of a membrane placed between two volumes. 
The membrane is deformed by the pressure differential 
applied across it. 

diathermal apparatus — Apparatus for generating 
heat in body tissue by high-frequency electromagnetic 
radiation. 

diathermy — 1. The therapeutic use of an oscillating 
electric current of high frequency to produce localized 
heat in body tissues. 2. The use of radio-frequency fields 
to produce deep heating in body tissues. The output of a 
powerful rf oscillator is applied to a pair of electrodes, 
known as pads, between which the portion of the body 
to be treated is placed. The body tissues thus become 
the dielectric of a capacitor, and dielectric losses cause 
heating of the tissues. 

diathermy interference —A form of television 
interference caused by diathermy equipment, resulting in 
a horizontal herringbone pattern across the picture. 
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diathermy machine — A medical apparatus consist- 
ing of an rf oscillator frequently followed by rf amplifier 
stages, used to generate high-frequency currents that pro- 
duce heat within some predetermined part of the body for 
therapeutic purposes. 

dibit — A group of two bits. In four-phase modulation, 
each possible dibit is encoded in the form of one of four 
unique phase shifts of the carrier. The four possible states 
for a dibit are 00, 01, 10, and 11. 

DIC — Dielectrically isolated integrated circuit. Also 
abbreviated DIIC. 

dice — The plural of die. 

dichroic — Pertaining to the quality of dichroism. 

dichroic filter— 1. An optical filter capable of trans- 
mitting all frequencies above a certain cutoff frequency 
and reflecting all lower frequencies, thus being either a 
high-pass or a low-pass filter. 2. A filter used to selec- 
tively transmit light according to its wavelength and not 
its plane of vibration. 

dichroic mirror — 1. A special mirror through which 
all light frequencies pass execpt those for the color that the 
mirror 1s designed to reflect. 2. A semitransparent mirror 
used to selectively reflect light according to its wavelength 
and not its plane of vibration. 

dichroism — Also called dichromatism or polychro- 
matism. 1. A property of an optical material that causes 
light of some wavelengths to be absorbed when the inci- 
dent light has its electric-field vector in a particular ori- 
entation and not absorbed when the electric-field vector 
has other orientations. 2. In anisotropic materials, such as 
some crystals, the selective absorption of light rays vibrat- 
ing in one particular plane relative to the crystalline axes, 
but not those vibrating in a plane at right angles thereto. 
As applied to isotropic materials, this term refers to the 
selective reflection and transmission of light as a func- 
tion of wavelength regardless of its plane of vibration. 
The color of such materials, as seen by transmitted light, 
varies with the thickness of material examined. 

dichromatism — See dichroism. 

dicing — The process of sawing a crystal wafer into 
blanks. 

dictionary — In digital computer operations, a list of 
mnemonic code names together with the addresses and/or 
data to which they refer. 

diddle — Automatic transmission of letter or figure 
characters by a terminal unit if no characters are ready 
for transmission (most often used with a FIFO memory). 

die — 1. Sometimes called chip. A tiny piece of semi- 
conductor material, broken from a semiconductor slice, 
on which one or more active electronic components are 
formed. (Plural: dice.) 2. A portion of a wafer bearing 
an individual circuit, or device cut or broken from a 
wafer containing an array of such circuits or devices. 
3. An uncased discrete or integrated device obtained from 
a semiconductor wafer. See chip. 4. A single miniature 
active Or passive component. So named because the cir- 
cuits are batch fabricated by diffusion processes on a 
silicon wafer, which is then cut into individual compo- 
nents. Examples: transistors, diodes, integrated circuits, 
diffused resistors. 

die attach — The operation of mounting chips to a 
substrate. Methods include gold-silicon eutectic bonding, 
various solders, and conductive (and nonconductive) 
epoxies. 

die bond—1. Attachment of a die or chip to the 
hybrid substrate. 2. A process in which chips are attached 
to a substrate (gold, epoxy, wax, etc.). The joint between 
a die and the substrate. 

die bonding — 1. The method by which a semicon- 
ductor die, or chip, is attached to a mechanical support. 
2. Attaching a semiconductor chip to the substrate with 


dielectric — dielectric lens 


an epoxy, eutectic, or solder alloy. 3. The attachment of 
a die to a gold base, such as a substrate pad, or to a 
header. Heat, pressure, and a mechanical scrubbing action 
are used to create a gold-silicon eutectic bond between the 
die and base. 

dielectric—-1. The insulating (nonconducting) 
medium between the two plates of a capacitor. Typical 
dielectrics are air, wax-impregnated paper, plastic, mica, 
and ceramic. A vacuum is the only perfect dielectric. 
2. A medium capable of recovering, as electrical energy, 
all or part of the energy required to establish an elec- 
tric field (voltage stress). The field, or voltage stress, is 
accompanied by displacement or charging currents. 3. The 
insulating material between the metallic elements of an 
electromechanical component or any of a wide range of 
thermoplastics or thermosetting plastics. 4. Any insulat- 
ing medium that intervenes between two conductors and 
permits electrostatic attraction and repulsion to take place 
across it. 5. A material having the property that energy 
required to establish an electric field is recoverable, in 
whole or in part, as electric energy. 6. A material medium 
in which an electric field can exist in the stationary state. 
7. Characteristic of materials that are electrical insula- 
tors or in which an electric field can be sustained with 
a minimum dispersion of power. Such materials exhibit 
nonlinear properties, such as anisotropy of conductivity 
or polarization, or saturation phenomena. 8. An insula- 
tor. Localized regions of dielectric materials are used in 
semiconductor devices, for example, to provide electrical 
isolation between dice, between metal interconnect layers, 
and between the gate electrode and the channel. 

dieletric absorption — Also called dielectric hys- 
teresis (short-term effect), or dielectric soak (long-term 
effect). 1. A characteristic of dielectrics that determines 
the length of time a capacitor takes to deliver the total 
amount of its stored energy. It manifests itself as the reap- 
pearance of potential on the electrodes after the capacitor 
has been discharged. Its magnitude depends on the charge 
and discharge time of the capacitor. 2. That property of 
an imperfect dielectric as a result of which all electric 
charges within the body of the material caused by the 
application of an electric field are not returned to the 
field. 3. Reluctance of a capacitor to give up all the elec- 
trons stored when the capacitor is discharged. Primarily 
caused by a polarization effect of dielectric dipoles and 
to a lesser extent by free electrons in the dielectric requir- 
ing a finite time to move to the electrode. The recovery 
voltage appearing after discharge divided by the charging 
voltage and expressed as a percentage is called the percent 
dielectric absorption. 4. The property of a capacitor with 
slow polarization of its dielectric that results in voltage 
appearance on the capacitor electrodes after its short-term 
discharge through a low resistance. 

dielectric amplifier—An amplifier employing a 
device similar to an ordinary capacitor, but with a 
polycrystalline dielectric that exhibits a ferromagnetic 
effect. 

dielectric analysis — Method of directly monitoring 
resin cooking, resin staging, and resin curing. Such 
analysis eliminates many of the variables influencing 
the selection of a given set of fabrication conditions. 
Dielectric analyzers consist of a press with heated platens, 
a clamshell autoclave, and a DTA/dielectric cell. 

dielectric anisotropy — The difference between the 
dielectric along the director and the dielectric perpendic- 
ular to the director of a liquid crystal system. 

dielectric antenna — An antenna in which a dielec- 
tric is the major component producing the required radi- 
ation pattern. 

dielectric breakdown — 1. An abrupt increase in 
the flow of electric current through a dielectric material as 


192 


the applied electric field strength exceeds a critical value. 
2. A complete failure of a dielectric material characterized 
by a disruptive electrical discharge through the material 
due to a sudden and large increase in voltage. 

dielectric breakdown voltage — Also called elec- 
tric breakdown voltage, breakdown voltage, or hi-pot. 
1. The voltage between two electrodes at which electric 
breakdown of the specimen occurs under prescribed test 
conditions. 2. The voltage at which a dielectric material 
punctures. 3. The voltage required to cause electrical fail- 
ure or breakthrough of insulation. Usually expressed as a 
voltage gradient (volts per mil). 

dielectric capacity —The inductivity or specific 
inductive capacity of a substance, being its ability to 
convey the influence of an electrified body. 

dielectric constant — Also called permittivity, spe- 
cific inductive capacity, or capacitivity. 1. The ratio of 
the capacitance of a capacitor with the given dielectric to 
the capacitance of a capacitor having air for its dielec- 
tric but otherwise identical. Symbol: K. 2. That property 
of a dielectric that determines the electrostatic energy 
stored per unit volume for a unit potential gradient. 3. The 
property of a material that determines the amount of elec- 
trostatic energy that can be stored when a given voltage 
is applied. 

dielectric crystal —A crystal that is characterized 
by its relatively poor electrical conductance. 

dielectric current—The current flowing at any 
instant through the surface of an isotropic dielectric that 
is in a changing electric field. 

dielectric dissipation — See loss tangent. 

dielectric dissipation factor— The cotangent of 
the dielectric phase angle of a material. 

dielectric fatigue — The property of some dielectrics 
in which the insulating quality decreases after a voltage 
has been applied for a considerable length of time. 

dielectric guide—A waveguide made of a solid 
dielectric material through which the waves travel. 

dielectric heating—A method of raising the tem- 
perature of a nominally insulating material by sandwich- 
ing it between two plates to which an rf voltage is applied. 
The material acts as a dielectric, and its internal losses 
cause it to heat up. 
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dielectric hysteresis—1. Short-term effect of 
dielectric absorption. 2. A lagging of an electric field in 
a dielectric behind the alternating voltage that produces 
it. It causes a loss similar to that of magnetic hysteresis. 
3. See also dielectric absorption. 

dielectric isolation — 1. The electrical isolation of 
monolithic integrated circuit elements from each other 
by dielectric material rather than by reverse-biased pn 
junctions. 2. The use of silicon dioxide barriers created 
during silicon IC processing to provide isolation between 
components on a chip. 

dielectric lens — A lens used with microwave anten- 
nas; it is made of dielectric material so that it refracts 
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Figure 5-15. Different arrangements of the wiring of the batteries produce different results. The top two 


cells are arranged in series. Their respective voltages are added together. The center circuit consists of two 
cells arranged in parallel. This configuration doubles the current that can be delivered. The bottom 
drawing shows a combination of both series and parallel circuits, doubling both the voltage and the 
current. 


When connected in series, the total current output is the same as the current capacity of each 
individual cell. 

In summary, if you need more voltage, stack the cells end to end. If you need more current, stack 
them side by side. Even more complex arrangements are possible, using both parallel and series circuits 
to achieve the desired power output characteristics. This practice is very common in hobby model 
aircraft and battery-powered vehicles. A designation such as 3S2P means that there are two parallel 
circuits (2P) of three cells in series (3S). 

Looking back at the circuit in Figures 5-13 and 5-14, we see that the “battery” used in this circuit 
consists of three cells in series. This means that if alkaline batteries of 1.5V each are used, the total 
voltage available to the circuit is 4.5V. If typical rechargeable cells (NiCd or NiMH) are used, we can 
expect 3.6V to flow through the circuit. 


Switches in Series 


The power switch, labeled SW1 in the schematic, is in series with the rest of the circuit. As mentioned in 
the previous section, when this switch is open, no current flows through the circuit at all. The switch is 
intentionally placed at this location in this circuit to act as a bottleneck. When the power switch is 
turned off, no power flows through the circuit. That seems like a good idea, considering the desired 
operational goal. 


123 


193 


radio waves similar to the way an optical lens refracts 
light waves. 

dielectric loss— 1. The power dissipated by a 
dielectric as the friction of its molecules opposes the 
molecular motion produced by an alternating electric field. 
2. The time rate at which electric energy is transformed 
iuto heat in a dielectric when it is subjected to a changing 
electric field. 

dielectric loss angle — Also called dielectric phase 
difference. The complement of the dielectric phase angle 
(i.e., the dielectric phase angle minus 90”). 

dielectric loss factor — Also called dielectric loss 
index. The product of the dielectric constant of a material 
times the tangent of the dielectric loss angle. 

dielectric loss index — The product of a medium’s 
relative permittivity and the tangent of its dielectric loss 
angle. See dielectric loss factor. 

dielectric matching plate -—In waveguide tech- 
nique, a dielectric plate used as an impedance transformer 
for matching purposes. 

dielectric mirror-—A highly frequency-selective, 
multilayer dielectric reflector acting by partial reflection 
of light at the interface between materials of unequal 
refractive indices. 

dielectric phase angle —The angular difference in 
phase between the sinusoidal alternating voltage applied 
to a dielectric and the component of the resultant alter- 
nating current having the same period. 

dielectric phase difference — See dielectric loss 
angle. 

dielectric polarization — See polarization, 3. 

dielectric power factor — The cosine of the dielec- 
tric phase angle, or sine of the dielectric loss angle. 

dielectric process— Also called electrographic 
process. A nonimpact printing technique in which spe- 
cially treated paper consisting of a conductive base layer 
coated with a nonconductive thermoplastic material is 
used to hold an electric charge applied directly by a 
set of electrode styli. The electric charge corresponds 
to the latent image of the original. After charging, the 
image is produced by a toner system similar to that used 
in electrostatic copying devices. The dielectric process 
employed on general-purchase nonimpact printers, fac- 
simile devices, and some photocopiers. 

dielectric rating — Standard test voltages and fre- 
quencies above which failure occurs between specified 
points in a relay structure. 

dielectric resonator—A _ high-Q, temperature- 
stable ceramic microwave resonator that is used in 
microwave oscillator circuits. Ít can exist in any regular 
geometrical form and resonates in various modes at 
frequencies determined by its dimensions and shielding 
conditions. 

dielectric-rod antenna— An antenna in which 
propagation of a surface wave on a tapered dielectric rod 
produces an endfire radiation pattern. 

dielectric soak-—Long-term effect of dielectric 
absorption. See dielectric absorption. 

dielectric strength — Also called electric strength, 
breakdown strength, electric field strength, and insulat- 
ing strength. 1. The maximum voltage a dielectric can 
withstand without rupturing. 2. Maximum potential gra- 
dient that a dielectric can withstand before it ruptures or a 
conducting path forms through it. Normally expressed as 
the ratio of breakdown voltage to the dielectric thickness 
(volts per mil). 3. The property of a dielectric to withstand 
an electrical stress. 4. The ratio of dielectric breakdown to 
the thickness of the insulating materials. 5. The ultimate 
breakdown voltage of the dielectric or insulation of the 
resistor when the voltage is applied between the case and 
all terminals that are tied together. Dielectric strength is 
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usually specified at sea level and simulated high-altitude 
air pressures. 

dielectric susceptibility— The ratio of the polar- 
ization in a dielectric to the electric intensity responsible 
for it. 

dielectric tests — 1. Tests that consist of the appli- 
cation of a voltage higher than the rated voltage for a 
specified time for the purpose of determining the ade- 
quacy against breakdown of insulating materials and spac- 
ings under normal conditions. 2. The testing of insulating 
materials by the application of a constantly increasing 
voltage until failure occurs. 

dielectric waveguide —A waveguide constructed 
from a dielectric (nonconductive) substance. 

dielectric wedge—-A wedge-shaped piece of 
diclectric material used in one waveguide to match its 
impedance to that of another waveguide. 

dielectric wire—A dielectric waveguide used for 
short-distance transmission of UHF radio waves between 
parts of a circuit. 

dielectric withstanding voltage — Maximum 
potential gradient that a dielectric material can withstand 
without failure. 

difference —The signal energy representing the dif- 
ferences in information between the signals in two or 
more stereo channels. A difference signal is produced 
when stereo signals differing in electrical polarity or in 
intensity are mixed together in opposing polarity. 

difference amplifier— The basic input stage of 
most operational amplifiers. An amplifier with an invert- 
ing and a noninverting input. The output voltage is a 
function of the voltage difference between the two inputs. 
See differential amplifier. 

difference channel— In a stereophonic sound sys- 
tem, an audio channel that handles the difference between 
the signals in the left and right channels. 

difference detector——A detector circuit in which 
the output is a function of the difference between the 
peak or rms amplitudes of the input waveforms. 

difference frequency — 1. A signal representing, in 
essence, the difference between the left and right sound 
channels of a stereophonic sound system. 2. Cne of the 
output frequencies of a converter. It is the difference 
between the two input frequencies. 

difference in depth modulation — In directive 
systems employing overlapping lobes with modulated sig- 
nals, a ratio obtained by subtracting from the percentage 
of modulation of the larger signal the percentage of mod- 
ulation of the smaller signal and dividing by 100. 

difference of potential— The voltage or electrical 
pressure existing between two points. It will result in 
a flow of electrons whenever a circuit is established 
between the two points. 

difference signal —In a quadraphonic sound sys- 
tem, a signal arrived at by subtracting left or right back- 
channel signal from its respective front-channel signal. 
Left front and left back signals, if added to left front minus 
left back signals, yield a left front channel; if subtracted, 
they yield a left back channel. 

differential — 1. A planetary gear system that adds or 
subtracts angular movements transmitted to two compo- 
nents and delivers the answer to a third. Widely used for 
adding and subtracting shaft movements in servo systems 
and for addition and subtraction in computing machines. 
2. In electronics, the difference between two levels. 3. A 
method of signal transmission through two wires that 
always have opposite states. The signal data is the polar- 
ity difference between the wires; whenever either is high, 
the other is low. Neither wire is grounded. 4. Describing 
any device whose operation is dependent on the difference 
between two quantities. 
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differential amplifier— 1. An amplifier with two 
similar input circuits so connected as to respond to 
the difference between two voltages (or currents) and 
effectively suppress voltages or currents that are alike 
in the two input circuits, 2. A circuit that amplifies the 
difference between two input signals. 
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differential analyzer——A mechanical or electrical 
device primarily designed and used to solve differential 
equations. 

differential angle — The total angle from the opera- 
tion to the releasing position in a mercury switch. 

differential capacitance —The derivative with 
respect to voltage of a capacitor charge characteristic at a 
given point on the curve. 

differential capacitance characteristic ——The 
function that relates differential capacitance to voltage. 

differential capacitor— A variable capacitor hav- 
ing two similar sets of stator plates and one set of rotor 
plates. When the rotor is turned, the capacitance of one 
section is increased and the capacitance of the other sec- 
tion is decreased. The sum of the two capacitance values 
remains substantially constant at all settings, however. 

differential comparator— 1. A circuit in which 
differential-amplifier design techniques are applied to the 
comparison of an input voltage with a reference voltage. 
When the input voltage is lower than the reference 
voltage, the circuit output is in one state; when the input 
voltage is higher than the reference voltage, the output is 
in the opposite state. Commonly used for pulse-amplitude 
detector circuits, a-d conversion, and differential receivers 
for data transmission in noisy environments over a 
twisted-pair line. 2. A differential circuit for indicating 
when two input signals are essentially equal, as in a 
differential pair. 

differential cooling — A lowering of temperature 
that takes place at a different rate at various points on 
an object or surface. 

differential delay—-The difference between the 
maximum and minimum frequency delays occurring 
across a band. 

differential discriminator— A discriminator that 
passes only pulses having amplitudes between two pre- 
determined values, neither of which is zero. 

differential duplex system—-A duplex system 
in which the sent currents divide through two mutually 
inductive sections of the receiving apparatus. These 
Sections are connected to the line and to a balancing 
artificial line in opposite directions. Hence, there is 
substantially no net effect on the receiving apparatus. 
The received currents pass mainly through one section, 
or through the two sections, in the same direction and 
operate the apparatus. 
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differential equation—A generalization of the 
algebraic equation in which the unknowns are not simply 
numbers, but functions of one or more independent 
variables. Not only the unknown function or functions 
appear explicitly in the differential equation, but also the 
first- and possibly higher-order derivatives with respect to 
the independent variable or variables. 

differential flutter — Speed-change errors that occur 
at different magnitudes, frequencies, or phases across the 
width of a magnetic tape. 

differential gain— 1. The ratio of the differential 
output signal of a differential amplifier divided by the 
differential input signal causing that output. 2. Variation 
in the gain of a transmission system with changing 
modulation. 

differential gain control — Also called gain sensi- 
tivity control. A device for altering the gain of a radio 
receiver in accordance with an expected change of signal 
level in order to reduce the amplitude differential between 
the signals at the receiver output. 

differential galvanometer — A galvanometer hav- 
ing two similar but opposed coils, so that their currents 
tend to neutralize each other. A zero reading is obtained 
when the currents are equal. 

differential gap— 1. The difference between two 
target values, one of which applies to an upswing of 
conditions and the other to a downswing. 2. The span 
between on and off switching points. For example, a room 
thermostat set for 70° might switch the furnace on at 68° 
and off at 72°, resulting in a 4° differential. See also dead 
band. 

differential gear —In an analog computer, a mech- 
anism that relates the angles of rotation of three shafts. 
Usually it is designed so that the algebraic sum of the rota- 
tions of two shafts is equal to twice the rotation of the 
third. The device can be used for addition or subtraction. 

differential generator—-A synchro differential 
generator driven by a servo system. 

differential GPS—A technique using the global 
positioning satellite (GPS) network, in which a fixed 
ground GPS receiver (for precisely known three- 
dimensional coordinates locally) determines corrections to 
be applied to local aircraft (or other mobile units) using 
satellite guidance. 
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differential impedance — The internal impedance 
observed between the input terminals of an operational 
amplifier. 
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differential input—1. An input circuit that rejects 
voltages that are the same at both input terminals and 
amplifies the voltage difference between the two input 
terminals. May be either balanced or floating and may also 
be guarded. 2. An input applied between two terminals 
of an operational amplifier, neither of which is at ground 
(earth) potential. 

differential-input amplifier— An amplifier in 
which the output is ideally a function only of the 
difference between the signals applied to its two inputs, 
both signals being measured with respect to a common 
low or ground reference point. 

differential-input capacitance — The capacitance 
between the inverting and noninverting input terminals. 

differential-input impedance — 1. The impedance 
between the inverting and noninverting input terminals 
of a differential amplifier. 2. The impedance measured 
between the positive and the negative input terminals of 
an operational amplifier. 

differential-input measurement— Also called 
floating :nput. A measurement in which the two inputs 
to a differential amplifier are connected to two points in a 
circuit under test and the amplifier displays the difference 
voltage between the points. In this type of measurement, 
cach input of the amplifier acts as a reference for the 
other, and ground connections are used only for safety 
reasons. 

differential-input rating — The maximum differen- 
tial input that may be applied between the two terminals 
of an operational amplifier. 

differential-input resistance — The resistance 
between the inverting and noninverting input terminals 
of a differential amplifier. See input resistance. 

differential-input voltage — The maximum voltage 
that can be applied across the input terminals of a 
differential amplifier without damaging the amplifier. 

differential-input voltage range —The range of 
voltages that may be applied between input terminals 
without forcing the circuit to operate outside its speci- 
fications. 

differential-input voltage rating — The maximum 
allowable signal that may be applied between the invert- 
ing and noninverting inputs of a differential amplifier 
without damaging the amplifier. 

differential instrument— A galvanometer or other 
measuring instrument having two circuits or coils, usu- 
ally identical, through which currents flow in opposite 
directions. The difference, or differential effect, of these 
currents actuates the indicating pointer. 

differential keying— A method of obtaining chirp- 
free break-in keying of a cw transmitter by turning the 
oscillator on quickly before the keyed amplifier stage can 
pass any signal, and turning it off quickly after the keyed 
amplifier stage has cut off. 

differential linearity —The measure of linearity 
among digital states in a/d and d/a converters. If the 
differential linearity is specified as +!/ lsb, the step size 
from one state to the next may range from !/ to 3/ of an 
ideal 1-Isb step. 

differential microphone — See double-button car- 
bon microphone. 

differential-mode  gain—- Abbreviated DMG. 
l. The ratio of the output voltage of a differential ampli- 
fier to the differential-mode input voltage. 2. The voltage 
gain exhibited by an operational amplifier in response to 
differential-mode signals. 

differential-mode input—The voltage difference 
between the two inputs of a differential amplifier. 

differential-mode signal —1. A signal that is 
applied between the two ungrounded terminals of a bal- 
anced three-terminal system. 2. In an amplifier with a 
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differential input, a signal that appears at inverting and 
noninverting inputs with opposite phase but identical fre- 
quency and amplitude. It is not necessarily referred to 
ground. 

differential modulation — A type of modulation in 
which the choice of the significant condition for any signal 
element is dependent on the choice for the previous signal 
element. 

differential nonlinearity — The difference between 
actual analog voltage change and the ideal (1 1sb) 
voltage change at any code change of a digital-to-analog 
converter. 

differential output voltage—The difference 
between the values of the two ac voltages that are 
present in phase opposition at the output terminals of an 
amplifier when a differential voltage is applied to the input 
terminals of the amplifier. 

differential pair—A pair of transistors sharing a 
common emitter circuit but with two independent base 
inputs, 

differential permeability — 1. The ratio of the pos- 
itive increase of normal induction to the positive increase 
of magnetizing force when these increases are minute. 
2. The slope of the normal induction curve. 

differential phase — 1. The difference in phase shift 
through a television system for a small, high-frequency 
sine-wave signal at two stated levels of a low-frequency 
signal on which the first signal is superimposed. 2. In a 
color TV signal, the phase change of the color subcarrier 
introduced by the overall circuit, measured in degrees as 
the picture signal on which it rides is varied from blanking 
to white level. 

differential phase-shift keying— Abbreviated 
DPSK. A modulation scheme in which the information is 
conveyed by changes in carrier phase during one interval 
relative to the preceding interval. 

differential pressure transducer— A pressure 
transducer that accepts simultaneously two independent 
pressure sources, and the output of which is proportional 
to the pressure difference between the sources. 

differential protective relay — A protective device 
that functions on a percentage of phase angle or other 
quantitative difference of two currents or of some other 
electrical quantities, 

differential relay— A relay with multiple windings 
that functions when the voltage, current, or power dif- 
ference between the windings reaches a predetermined 
value. The power difference may result from the algebraic 
addition of the multiple inputs. 

differential resistance — The resistance measured 
between the terminals of a diode under small-signal and 
specified bias conditions. 

differential resolver—A servo unit with a two- 
phase stator and a three-phase rotor that is used as a 
transolver, with the advantage that when connected as 
a control transformer, the signal does not travel through 
slip rings. 

differential selsyn— A selsyn in which both the 
rotor and the stator have similar windings that are spread 
120° apart. The position of the rotor corresponds to the 
algebraic sum of the fields produced by the stator and 
rotor. 

differential stage — A symmetrical amplifier stage 
in which two inputs are balanced against each other so that 
when there is no input signal, or equal input signals, there 
is no output signal. An input-signal unbalance, including 
a signal to only one input, produces an output signal 
proportional to the difference between the input signals. 

differential synchro — See synchro differential gen- 
erator; synchro differential motor. 


differential transducer — diffused device 


differential transducer—A device capable of 
simultaneously measuring two separate stimuli and pro- 
viding an output proportionate to the difference between 
them. 

differential transformer— Also called linear 
variable-differential transformer. 1. A transformer used 
to join two or more sources of signals to a common 
transmission line. 2. An electromechanical device that 
continuously translates displacement of position change 
into a linear ac voltage. 
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differential voltage — For a glow lamp, the differ- 
ence between the breakdown and maintaining voltage. 

differential voltage gain—1. The ratio of the 
change in output-signal voltage at either terminal of a 
differential device to the change in signal voltage applied 
to either input terminal, all voltages measured to ground. 
2. The ratio of the differential output voltage of an 
amplifier to the differential input voltage of the amplifier. 
If the amplifier has one output terminal, the differential 
voltage gain is the ratio of the ac output voltage (with 
respect to ground) to the differential input voltage. 

differential winding— A coil winding so arranged 
that its magnetic field opposes that of a nearby coil. 
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differential-wound field — A type of motor or gen- 
erator field having both series and shunt coils connected 
so they oppose each other. 

differentiate — 1. To distinguish. 2. To find the 
derivative of a function. 3. To deliver an output that is 
the derivative with respect to time of the input. 

differentiating circuit — Also called differentiating 
network and differentiator. A circuit whose output voltage 
is proportional to the rate of change of the input voltage. 
The output waveform is then the time derivative of the 
input waveform, and the phase of the output waveform 
leads that of the input by 90°. An RC circuit gives this 
differentiating action. 

differentiating network —See differentiating cir- 
cuit. 

differentiator — See differentiating circuit. 


Egur = T(JE |, dt) 
T= RC 


Formula. 
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diffracted wave — A radio, sound, or light wave that 
has struck an object and been bent or deflected other than 
by reflection or refraction. 

diffraction — 1. The bending of radio, sound, or light 
waves as they pass through an object or barrier, thereby 
producing a diffracted wave. 2. The phenomenon whereby 
waves traveling in straight paths bend around an obstacle. 
See X-ray crystallography. 

diffuse — 1. To undergo or cause to undergo diffu- 
sion, 2. Light that has been either inadvertently or pur- 
posely scattered. Such diffused light propagates in many 
directions and is not intensely polarized when it illumi- 
nates surfaces. With diffused light, a high brightness level 
may be achieved with minimal glare. 

diffused-alloy transistor — Also called drift tran- 
sistor. A transistor in which the semiconductor wafer is 
subjected to gaseous diffusion to produce a nonuniform 
base region, after which alloy junctions are formed in the 
same manner as for an alloy-junction transistor. It may 
also have an intrinsic region to give a pnip unit. 

diffused-base transistor— Also called graded- 
base transistor. A type of transistor made by combining 
diffusion and alloy techniques. A nonuniform base region 
and the collector-to-base junction are formed by gaseous 
dissemination into a semiconductor water that constitutes 
the collector region. Then the emitter-to-base junction is 
formed by a conventional alloy process on the base side 
of the diffused wafer. 

diffused device — A semiconductor device in which 
a base, usually of silicon, has successive layers of p 
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and n characteristics diffused upon and into the base by 
means of a series of masks and around which p and n 
materials, usually phosphorous and boron, adhere to the 
base by gaseous diffusion in a high-temperature furnace. 
It is possible to build areas of resistance, capacitance, 
and active diodes and transistors into the base, creating 
an entire circuit. Performance is poor in the presence of 
radiation. 

diffused-emitter-and-base transistor — Also 
called double-diffused transistor. A semiconductor wafer 
that has been subjected to gaseous dissemination of both 
n- and p-type impurities to form two pn junctions in the 
original semiconductor material. 

diffused-emitter-collector transistor— A tran- 
sistor whose emitter and collector are both produced by 
diffusion. 

diffused junction ——1. Type of pn junction, made 
by using masks to control the diffusion of impurities 
into monocrystalline semiconductor material. 2. A junc- 
tion formed by the diffusion of an impurity within a 
semiconductor crystal. 

diffused-junction rectifier—A semiconductor 
diode in which the pn junction is produced by diffusion. 
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diffused-junction transistor—A transistor in 
which the emitter and collector electrodes have been 
formed by diffusion of an impurity into the semiconductor 
wafer without heating. 

diffused-layer resistor—A resistor formed by 
including an appropriate pattern in the photomask to 
define diffusion areas. 

diffused mesa transistor — A transistor in which 
the collector-base junction is formed by gaseous diffu- 
sion, and the emitter-base junction is formed either by 
gaseous diffusion or by an evaporated metal strip. The 
coliector-base junction is then defined by etching away 
the undesired parts of the emitter and base regions, thus 
producing a mesa. 

diffused metal-oxide semiconductor — See 
DMOS. 

diffused planar transistor— A transistor made 
by two gaseous diffusions, but in which the collector- 
base junction is defined by oxide masking. Junctions are 
formed beneath this protective oxide layer, with the result 
that the device has lower reverse currents and good de 
gain at low currents. 

diffused sound— Sound that has uniform energy 
density, meaning that the energy flux is equal in all parts 
of a given region, 

diffused transistor— A transistor in which the 
emitter and collector junctions are both formed by dif- 
fusion. 

diffused transmission— The total net transmis- 
sion, by a medium or device, of light that is neither 
perfectly Lambertian nor parallel. Often used interchange- 
ably with the term gross transmission. 


diffuser— A device used to scatter or disperse light 
emitted from a source, usually by the process of diffuse 
transmission. 

diffuse scan — A reflective scan technique in which 
reflection from a nearby nonshiny surface illuminates a 
photosensor. 

diffuse transmission — Transmission accompanied 
by diffusion or scatter to the extent that there is no regular 
or direct transmission. 

diffusion—1.The movement of carriers from a 
region of high concentration to regions of lower con- 
centration. 2. The tendency of entities such as current 
carriers to diffuse themselves, or move in directions that 
increase the uniformity with which their number occupy 
the available space. Hence, carrier diffusion is a mech- 
anism whereby carriers tend to move downhill along 
concentration gradients, away from regions of high con- 
centration and toward regions of low concentration. 3. A 
thermally induced process in which one material per- 
meates another. In silicon processing, doping impurities 
diffuse into the silicon at elevated temperatures to form 
the desired junctions. The same impurities penetrate sil- 
icon dioxide much more slowly, and therefore silicon 
dioxide on the surface of the silicon acts as a mask to 
determine the areas into which diffusion occurs. 4. A 
high-temperature process involving the movement of con- 
trolled densities of n-type or p-type impurity atoms into 
the solid silicon slice in order to change its electrical 
properties. 5. The process of adding impurities to a semi- 
conductor material in order to affect :ts characteristics. 
6. One method of modifying the impurity doping of a 
semiconductor crystal, which makes use of the fact that 
excited dopant atoms, like carriers, have a tendency to dif- 
fuse away from regions of high concentration and toward 
regions of low concentration. The technique involves pro- 
longed exposure of the semiconductor crystal to a con- 
centrated vapor of the dopant at elevated temperatures, 
whereupon dopant atoms diffuse into the crystal structure. 
The resulting doping gradient is roughly exponential, with 
highest density at the surface. | 

diffusion and oxidation systerns — Equipment in 
which nonconductive materials are made semiconductive 
by diffusing controlled amounts of selected impurities into 
the surface and oxidizing the surface of silicon selectively 
to provide a protective or insulative layer. Diffusion and 
oxidation are accomplished by exposing the silicon wafer 
to specific atmospheres in a high temperature furnace. 

diffusion bonding — Formation of a metallurgical 
joint between similar or dissimilar metals by the process 
of interdiffusion of atoms across the joint interface in 
either the solid or liquid state. The term generally is 
applied to, but is not limited to, solid-state diffusion. The 
joining surfaces must be brought within atomic distances 
through the application of pressure. 

diffusion capacitance— The capacitance of a 
forward-biased pn junction. 

diffusion constant—The quotient of diffusion- 
current density in a homogeneous semiconductor, divided 
by the charge-carrier concentration gradient. It is equal to 
the drift mobility times the average thermal energy per 
unit charge of carriers. 

diffusion current— 1. The current produced when 
charges move by diffusion. 2. The flow of a particular 
type of carrier in a semiconductor due to a corcentration 
difference in that type of carrier. Carriers will flow 
from an area of high concentration to an area of low 
concentration. 

diffusion furnace — System designed for enclosed 
elevated temperature processing of solid-state devices and 
systems in gaseous atmospheres. Diffusion furnaces are 
operated at temperatures from 1000 to 1300°C to achieve 
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doping of semiconductor substrates by one of a number 
of processes. Oxidation is a process that puts a protective 
layer of silicon oxide on the wafer that is used either as 
an insulator or to mask out certain areas when doping. 
Deposition systems, of which there are three (liquid, 
gaseous, solid), are used to deposit impurities on the 
silicon wafer. Other systems include a drive-in system, 
used to diffuse impurities into the wafer to a specified 
level, and an alloy system that is used in a final step of 
the metallization process. 

diffusion length— In a homogeneous semiconduc- 
tor, the average distance the minority carriers move 
between generation and recombination. 

diffusion process— Doping of a semiconductor 
material by injection of an impurity into the crystal lattice 
at an elevated temperature. Usually, the semiconductor 
crystal is exposed to a controlled surface concentration of 
dopants. 

diffusion transistor — A transistor in which current 
depends on the diffusion of carriers, donors, or acceptors, 
as in a junction transistor. 

diffusion under the epitaxial film — See DUF. 

diffusion window —In a semiconductor, the open- 
ing etched through the oxide to permit the diffusion of 
the emitter and base. 

digiralt — A system of high-resolution radar altimetry 
in which pulse-modulated radar and high-performance 
time-to-digital conversion techniques are combined. 

digit— 1. One of the symbols, 0, 1, 2, 3, 4, 5, 6, 7, 
8, and 9, used in numbering in the scale of 10. One of 
these symbols, when used in a scale of numbering to the 
base n, expresses integral values ranging from 0 to n — | 
inclusive. 2. A character used to represent a nonnegative 
integer smaller than the radix, e.g., either O or 1 in binary 
notation or 0 to F in hexadecimal. 3. In a dial telephone 
system, one of the successive series of pulses incoming 
from a dial for operation of a switching train. 

digital — 1. Using numbers expressed in digits and in 
a certain scale of notation to represent all the variables 
that occur in a problem or calculation. 2. Of or pertain- 
ing to the class of devices or circuits in which the output 
varies in discrete steps (1.e., pulses or on/off operation). 
3, Of or pertaining to an element or circuit whose out- 
put is utilized as a discontinuous function of its input. 
4, Circuitry in which data-carrying signals are restricted 
to either of two voltage levels, corresponding to logic 1 or 
0.5. The representation of numerical quantities by means 
of discrete numbers. It is possible to express in binary dig- 
ital form all information stored, transferred, or processed 
by dual-state conditions; e.g., on/off, open/closed, octal, 
and BCD values. 5. Referring to communications proce- 
dures, techniques, and equipment by which information is 
encoded as either a binary 1 or a binary 0; the representa- 
tion of information in discrete binary form, discontinuous 
in time. 

digital absorbing selector — A dial switch that 
sets up and then falls back on the first of two digits dialed; 
it then operates on the next digit dialed. 

digital audio tape — Abbreviated DAT. 1. A digital 
recording audio format that combines the 16-bit audio 
quality of compact discs with the recording capability 
of analog cassettes. 2. A stereo tape format that records 
sound in digital code and is smaller in size than an audio 
cassette. A 4-mm DAT drive holds over | gigabyte of 
data and is used as a high-capacity backup medium for 
computers and as a master source medium for sending 
data to a CD manufacturer. 

digital broadband technology — The technology 
used in the transmission of digital signals through fiber- 
optic cables. 
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digital circuit— 1. A circuit that operates like a 
switch (it is either on or off) and can make logical 
decisions. It is used in computers or similar decision- 
making equipment. The more common families of digital 
integrated circuits (called logic forms) are RTL, DTL, 
HTL, ECL, and TTL. 2. A circuit that has only two stable 
states, operating in the manner of a switch, that is, it is 
either on or off, or high or low (i.e., high voltage or low 
voltage). 

digital clock — A series of synchronized pulses that 
determine the bit times (data rate) of a digital pattern. 

digital communication — 1. The transmission of 
intelligence by the use of encoded numbers — usually 
uses the binary rather than decimal number system. 2. A 
system of telecommunications employing a nominally 
discontinuous signal that changes in frequency, amplitude, 
or polarity. 

digital communications interface equip- 
ment — Line interface equipment, including modems. 

digital computer — 1. An electronic calculator that 
operates with numbers expressed directly as digits, as 
opposed to the directly measurable quantities (voltage, 
resistance, etc.) in an analog computer. In other words, 
the digital computer counts (as does an adding machine); 
the analog computer measures a quantity (as does a 
voltmeter). 2, A computer that processes information in 
numerical form. Electronic digital computers generally 
use binary or decimal notation and solve problems by 
repeated high-speed use of the fundamental arithmetic 
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processes of addition, subtraction, multiplication, and 
division. 3. A computer system in which circuit operation 
is based on specific signal levels. In a binary digital 
computer, there are two such signal levels, one at or 
near zero and the other at a defined voltage. 4. A 
device that performs sequences of arithmetic and logic 
operations on discrete data. 5. A type of data-processing 
equipment that counts, utilizing numbers to express the 
values and quantities. General-purpose digital computers 
include central storage units and peripheral control units 
and are designed to solve a wide class of problems. 
A common feature of general-purpose equipment is the 
ability to externally modify the program of instructions. 
Special-purpose digital computers are not intended for 
a typical commercial physical environment and include 
rugged computers for military and space applications. 
An analog computer measures cost or conditions. Hybrid 
computers utilize both modes. 6. A computer that solves 
problems by operating on discrete representing variables 
by performing arithmetic and logic processes on this data. 

digital data — |. Data represented in discrete, discon- 
tinuous form, as contrasted with analog data represented 
in continuous form. Digital data is usually represented 
by means of coded characters (e.g., numbers, signs, sym- 
bols, etc.). 2. Any data that is expressed in digits. The 
term usually implies the use of binary digits. 

digital data-handling system — The electronic 
equipment that receives digital data, operates on it in 
a suitable manner, records it in a suitable manner on a 
suitable medium, and presents it directly to a computer or 
a display. 

digital delay line — See active delay line. 

digital delay module — See active delay line. 

digital delay unit— See active delay line. 

digital device — 1. Typically, an IC that switches 
between two exclusive states or levels, usually represented 
by logicai 1 or 0. 2. An electronic device that processes 
electrical signals that have only two states, such as on or 
off, high or low voltages, or positive or negative voltages. 
In electronics, digital normally means binary or two-state. 

digital differential analyzer— A special-purpose 
digital computer that performs integration and that can be 
programmed for the solution of differential equations in 
a manner similar to that of an analog computer. 

digital disc recording — An analog disc recording 
that has been made from a master tape recording that was 
digitally recorded. 

digital filter— |. A linear computation or algorithm 
performed on a selected series in the form of an input 
signal that produces a new series as output. The compu- 
tational device may be a specifically designed electronic 
system or a conventional computer. 2. Network that oper- 
ates on discrete samples of a signal to achieve a desired 
transfer-function operation on that signal. Digital filters 
divide into two classes: nonrecursive filters produce an 
output that is a function of only the previous and present 
inputs; recursive filters produce an output that is a func- 
tion of both the past and present inputs and outputs. 

digital filtering— 1. A computational process or 
algorithm by which a sampled signal or sequence of 
numbers, acting as input, is transformed into a second 
sequence of numbers called the output. The computational 
process may correspond to high-pass, low-pass, bandpass, 
or bandstop filtering, integration, differentiation, or some- 
thing else. The second sequence can be used for further 
processing, as in a fast-Fourier-transform analyzer, or it 
can be converted to an analog signal, producing a filtered 
version of tne original analog signal. 2. The process of 
smoothing, spectrally shaping, or removing noise from a 
signal. Digital filters are basically mathematical functions 
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that are performed on the digital data stream; their char- 
acteristics can be altered under software control, which 
adds to their overall flexibility. Finite impulse response 
(FIR) and infinite impulse response (IIR) are examples of 
digital filter functions. 

digital frequency monitor—A special-purpose 
digital counter that permits a train of pulses to pass 
through a gate for a predetermined time interval, counts 
them, and indicates the number counted. 

digital harmonic generation — Abbreviated DHG. 
The use of circuit elements whose outputs are discontin- 
uous functions of their inputs to produce signals that are 
an integral multiple of the (fundamental) input signal. 

digital image analysis —Technology to measure 
and standardize the output of a computer-interfaced 
vidicon system. 

digital imaging — The process by which an image 
that is in electronic form (e.g., a bit-mapped graphic) is 
altered. 

digital information display — The presentation of 
digital information in tabular form on the face of a digital 
information display tube. 

digital integrated circuit—1. A switching-type 
integrated circuit. 2. An integrated circuit that processes 
electrical signals that have only two states, such as on or 
off, high or low voltages, or positive or negative voltages. 
In electronics, digital normally means binary or two- 
state. 3. A monolithic group of logic elements. May be 
small-scale integration (e.g., SSI gates, fiip-flops, latches), 
medium-scale integration (e.g., MSI decoders, adders, 
counters), or large-scale integration (e.g., LSI memories, 
microprocessors). 4. A class of integrated circuits that 
processes digital information (expressed in binary num- 
bers). The processing operations are arithmetic (such as 
addition, subtraction, multiplication, and division) or log- 
ical (in which the circuit senses certain patterns of input 
binary information and indicates the presence or absence 
of those patterns by appropriate output binary signals). 

digital integrator— Device for summing or totaliz- 
ing areas under curves that gives numerical readout. See 
also integrator. 

digital logic modules — Circuits that perform basic 
logic decisions (AND, OR, NOT); used widely for arith- 
metic and computing functions, flip-flops, half-adders, 
multivibrators, etc. See also logic system. 

digitally programmable oscillator— A voltage- 
controlled oscillator designed to accept a digital tuning 
word instead of the usual analog signal. Internal digital-to- 
analog (d/a) converter circuits transform the digital input 
to an analog voltage. Tuning-curve linearization is usually 
accomplished through a digital memory. The frequency 
speed is primarily limited by the d/a circuits. 

digital modulation—A method of transmitting 
human voice or other analog signals using a binary code 
(Os and 1s). Digital transmission offers a cleaner signal 
than analog technology. 

digital multimeter — Abbreviated DMM. A test 
instrument used to measure vollage, current, and resis- 
tance. The readout of measured values ts shown on a 
digital display which is typically a liquid crystal display 
(LCD). 

digital optical processing——The scanning of 
photographs or transparencies of images, either by a 
vidicon camera or flying-spot scanner, for the conversion 
of the images to digital form for storage on magnetic tape. 

digital output — An output signal that represents the 
size of a stimulus or input signal in the form of a series of 
discrete quantitics that are coded to represent digits in a 
system of numerical notation. This type of output is to be 
distinguished from one that provides a continuous output 
signal. 
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digital panel meter — Abbreviated DPM. 1. A com- 
pact electronic measuring system capable of converting an 
electrical variable into an unambiguous, accurate numer- 
ical reading. Consists of a solid-state analog-to-digital 
converter and a logic-driven numerical display that can 
provide readings with accuracies of 0.1 to 0.005 percent 
of full scale, without the need for eye-straining interpola- 
tion. 2. A meter with digital-numerical readout, capable of 
indicating a range of values from zero to rated maximum, 
in increments of one least-significant digit. 

digital phase shifter— A device that provides a 
signal phase shift by the application of a control pulse. A 
reversal of phase shift requires a control pulse of opposite 
polarity. 

digital plotter -— An output unit that graphs data via 
an automatically controlled pen. Data is normally plotted 
as a series of incremental steps. 

digital position transducer — A device that con- 
verts motion or position into digital information. 

digital programmable delay line— See active 
delay line. 

digital radio—1. Microwave radio in which one 
or more properties (amplitude, frequency, and phase) of 
the rf carrier are quantized by the modulating signal. 
2. Radio whose instantaneous rf carrier can assume one 
of a discrete set of amplitude levels, frequency shifts, 
or phase shifts as a result of the modulating signal. 
3. Radio in which the rf carrier, or even the baseband 
signal, is quantized by means of a modem. In such a 
radio the rf carrier is still quantized, but baseband or 
intermediate-frequency filtering can be used to provide 
some bandwidth control and thereby reduce rf filtering 
requirements. 4. Any radio that transmits a signal whose 
informational content is, in whole or in part, digital in 
format. 

digital readout indicator — An indicator that reads 
directly in numerical form, as opposed to an analog 
indicator needle and scale. 

digital recording — A technique for recording infor- 
mation as discrete points onto magnetic recording media. 

digital rotary transducer—A rotating device 
utilizing an optical sensor that produces a serial binary 
output as a result of shaft rotation. 

digital set top — Also referred to generically as a set- 
top unit (STU). Television set-top units that accept digital 
video as well as analog (traditional) video. Some digital 
set-top units enable interactivity and therefore support 
shopping, banking, games, etc. 

digital signal — 1. An electrical signal with two 
states — on or off, high or low, positive or negative — such 
as could be obtained from a telegraph key or two-position 
toggle switch. Digital normally means binary or two-state. 
2. Representation of information by a set of discrete values 
in accordance with a prescribed law. These values are 
represented by numbers. 

digital signals— 1. Discrete or discontinuous sig- 
nals whose various states are discrete intervals apart. 
2. Signals made up of discontinuous pulses whose infor- 
mation is contained in their durations, periods, and/or 
amplitudes. 

digital signature — 1. A numerical representation of 
a set of logic states, typically used to describe the logic- 
state history at one device under test output pin during 
the complete test program. 2. A personal authentication 
method based on encryption and secret authorization 
codes used for “signing” electronic documents. 

digital simulation — See simulation. 

digital speech communications — Transmission 
of voice signals in digitized or binary form. 
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digital status contact—-A logical (on/off) input 
used mainly to sense the status of remote equipment in 
process control systems. 

digital storage oscilloscope —A special oscillo- 
scope that adapts analog monitoring and recording sys- 
tems to the capture and analysis of all types of one-shot 
physical phenomena. 

digital switch—1.A means to interconnect two 
or more circuits whose information is represented in 
digital form, using a time-divided network consisting 
of nonlinear elements. 2. An automatic switching center 
capable of switching digital signals. It may be a circuit 
switch or a message switch. 

digital switching — Switching of messages digitally 
by use of integrated electronic circuits for logic and 
memory, rather than by electromechanical switches. 

digital synthesizer — A means of generating several 
different frequencies without using separate oscillators 
governed by crystals specially ground for each frequency. 
A digital synthesizer uses only one reference crystal, a 
phase-locked loop, and a digital counter to generate a 
large number of stable frequencies. These circuits are used 
to reduce dependence on individual crystals, which are 
relatively expensive. 

digital telephone dialer — An automatic telephone 
dialer that uses a digital code. 

digital television — Abbreviated DTV. 1. A televi- 
sion system in which reduction or elimination of picture 
redundancy is obtained by transmitting only the informa- 
tion needed to define motion in the picture, as represented 
by changes in areas of continuous white or black. 2. An 
umbrella term used to describe the digital television sys- 
tem adopted by the FCC in December 1996. 

digital thermometer— Electronic temperature- 
measuring device that reads and/or prints out numerically. 

digital-to-analog conversion — The generation of 
analog (usually variable-voltage) signals in response to a 
digital code. 

digital-to-analog converter — Abbreviated DAC, 
dac, or d/a converter. 1. A computing device that changes 
digital quantities into physical motion or into a voltage 
(i.e., a number output into turns of a potentiometer). 2. A 
unit or device that converts a digital signal into a voltage 
or current whose magnitude is proportional to the numeric 
value of the digital signal. For example: 


Digital Input Analog Output 
00101 (binary 5) 2 volts 
01010 (binary 10) 4 volts 
10100 (binary 20) 8 volts 


3. A circuit that accepts the discrete, binary outputs of 
computers and changes them into continuous analog quan- 
tities. In general, DACs convert mathematical results into 
usable electrical quantities. Digital-to-analog converters 
are used to generate and modulate waveforms, stimu- 
late devices under test, drive motors, or display infor- 
mation. They have applications in process and industrial 
control systems, cathode-ray-tube displays, and digitally 
programmed power supplies. Most DACs consist of three 
major blocks: a precision reference, a set of resistors 
forming a ladder network, and switches that connect or 
disconnect the resistor ladder and the reference. Some 
DACs also include an output amplifier that buffers the 
current from the ladder and interfaces it to the circuits at 
the DAC’s output. 4. An interface that converts data in a 
digital form to data in analog form. Used to permit analog 
output from a digital computer. 
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Digital-to-analog converter. 


digital-to-disc recording — A recording technique 
in which a digital master tape is transferred to a con- 
ventional master lacquer disc for the manufacturing of 
ohonograph records. 

digital transmission — 1. A mode of transmission 
in which all information to be transmitted over the facility 
1$ first converted into digital form and then sent down 
the line as a stream of pulses. (Such transmission may 
:mply a serial bit stream, but parallel forms are also 
possible.) When noise and distortion threaten to destroy 
the integrity of the pulse stream, the pulses are detected 
and regenerated. 2. The transmission of a signal in which 
information is represented by a code of discrete elements. 
Compare with analog transmission. 

digital versatile disc — See DVD. 

digital video disc — See DVD. 

digital voltmeter— 1. An indicator that provides a 
digital readout of measured voltage rather than a pointer 
indication. 2. An electronic instrument that converts an 
analog voltage of unknown magnitude into a digital 
display of known value. 

digit compression — In a computer, any of several 
techniques used to pack digits. 

digitization — 1. The conversion of black-and-white 
artwork and continuous-tone photographs to a series of 
binary numbers that can be stored and processed in a 
computer system. 2. The process of converting analog 
yideo, images, or audio into digital format (i.e., Is 
and Qs). 

digitize — 1. To transform information from the ana- 
log (continuous wave-like signal) into a digital format, 
1.e., into a series of ls and Os. 2. To convert an image or 
signal into digital code for input into a computer; to scan 
an image, trace a picture on a graphics tablet, or convert 
camera images. 3. To convert an analog measurement of 
a physical variable into a number expressed in digits in a 
scale or notation. 4. To translate a quantitative measure- 
ment into a coded numerical equivalent. 5. To convert 
drawing or picture information into digital form. 

digitized image — An image that has been converted 
into a series of discrete units that are represented in a 
computer by the binary digits | and 0; such an image can 
then be manipulated for various purposes. 

digitized speech—A numerical representation of 
speech in which the amplitude of the speech waveform 
has been recorded at regular intervals. Speech is typically 
sampled from 8000 to 12,500 times per second. 

digitizer — 1. A device that converts analog data into 
numbers expressed in digits in a system of notation. 
2. A device that transforms graphical data into planar 
coordinate information that can be read and understood 
by a computer. These coordinates are usually presented 
as x and y coordinates based on the position of a 
cursor on the surface, or platen, of the digitizer. The 
cursor has a viewing area with a crosshair for alignment 
with the point of interest on the document, and is 
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coupled either mechanically or electrically to a position- 
sensing device that provides the positional information 
to the computer. 3. A device that converts coordinate 
information into numeric form readable by 2 digital 
computer. 4. A computer peripheral device that converts 
an analog electrical signal into numeric form readabie by 
a digital computer. 5. A device that translates input into 
digital form, to make it possible, for example, to enter 
sketches into a computer. 

digitizing — |. The process of converting an analog 
signal to a digital signal. 2. Any method of reducing 
feature locations on a flat plane to digital representation of 
x and y coordinates. 3. The process of converting graphic 
representations, such as pictures and drawings, into digital 
data that can be processed by a computer system. 

digitron display — In a calculator, a type of display 
in which all digits appear in the same plane. Similar to 
mosaic lamp display. 

digit selector — In a computer, a device for separat- 
ing a card column into individual pulses that correspond 
to punched row positions. 

digit-transfer bus — The main wire or wires used to 
transfer information (but not control signals) among the 
various registers in a digital computer. 

diheptal base— Also called diheptal socket. A 
vacuum-tube base having 14 pins (such as the base of 
a cathode-ray tube). 

diheptal socket— See diheptal base. 

DIIC — Dielectrically isolated integrated circuits. 
Devices isolated from each other by a layer of dielectric 
insulation, usually glass, rather than by the more 
conventional reverse-biased pn junction. This “insulated 
substrate” structure is far more radiation resistant than 
junction-isolated units, making DIICs valuable in military 
and aerospace applications. 

dimensional stability — 1. The ability of a body 
to maintain precise shape and size. 2. A measure of 
dimensional change caused by such factors as tempera- 
ture, humidity, chemical treatment, age, or stress, usually 
expressed as units per unit. 

dimension ratio (L/D) —The ratio of the length of 
a magnet in the direction of magnetization to its diameter. 
Or, the ratio of the length of the magnet to the diameter 
of a circle having an area equal to the cross-sectional area 
of the magnet. Used as figure of merit to find a magnet's 
composite permeance coefficient. 

diminished-radix  complement-— See 
minus-one complement. 

dimmer— 1. A device for controlling the amount of 
light emitted by a luminaire. Common types employ 
resistance, autotransformer, magnetic amplifier, silicon- 
controlled rectifier or semiconductor, thyratron, or iris 
control elements. 2. An electric or electronic device that 
regulates the voltage going to a light source as a means 
of varying the intensity of the light emitted by the source. 

dimmer curve — The performance characteristic of a 
light dimmer expressed as a graph of the light output of a 
dimmer-controlled lamp versus the setting of the control 
in terms of an arbitrary linear scale of 0 to 10. 

DIN — 1. The abbreviation for the association in West 
Germany that determines the standards for electrical 
and other equipment in thal country, Deutsches Institut 
fiir Normung (German Institute for Standards). Similar 
to the American National Standards Institute. 2. A 
set of standards and specifications promulgated by 
German manufacturers and covering such audio-related 
matters as connectors, frequency weighting, measurement 
techniques, and specifications. 

D-indicator — A radar indicator that combines types 
B and C indicators. The signal appears as a bright spot, 
with azimuth angle as the horizontal coordinate and 
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elevation angle as the vertical coordinate. Each horizontal 
trace is expanded vertically by a compressed time sweep 
to facilitate separation of the signal from noise and to give 
a rough range indication. 

DIN jack—A system of multipin jacks and plugs 
allowing several connections to be made at once. Named 
after the German Institute for Standards (DIN). 

diode — 1. An electron tube having two electrodes: 
a cathode and an anode. 2. See crystal diode. 3. A 
two-element electron tube or solid-state device. Solid- 
state diodes are usually made of either germanium or 
silicon and are primarily used for switching purposes, 
although they can also be used for rectification. Diodes 
are usually rated at less than one-half ampere. 4. A two- 
terminal electronic device that will conduct electricity 
much more easily in one direction than in the other. 
5. A semiconductor device with two terminals and a 
single junction, exhibiting varying conduction properties 
depending on the polarity of the applied voltage. 6. A 
two-terminal semiconductor device exhibiting a nonlinear 
voltage-current characteristic; it has the asymmetrical 
voltage-current characteristic exemplified by a single pn 
junction. 
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diode amplifier — A parametric amplifier that uses 
a special diode in a cavity. Used to amplify signals at 
frequencies as high as 6000 MHz. 

diode assembly — A single structure of more than 
one diode. 

diode characteristic— The composite electrode 
characteristic of a multielectrode tube, taken with all 
electrodes except the cathode connected together. 

diode demodulator — Also called diode detector. 
A demodulator in which one or more semiconductor or 
electron-tube diodes are used to provide a rectified output 
that has an average value proportional to the original 
modulation. 

diode detector — See diode demodulator. 

diode gate— An AND gate that uses diodes as 
switching elements. 

diode isolation — A method in which a high electri- 
cal resistance between an IC element and the substrate is 
obtained by surrounding the element with a reverse-biased 
pn junction. 

diode laser— Also called laser diode, injected 
laser, coherent electroluminescence device, semiconduc- 
tor laser. A pn junction semiconductor electron device that 
converts direct forward-bias electrical input (pump power) 
directly into coherent optical output power via a process 
of stimulated emission in the region near the junction. 
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diode limiter— A circuit employing a diode and used 
to prevent signal peaks from exceeding a predetermined 
value. 

diode logic— An electronic circuit using current- 
steering diodes in an arrangement such that the input 
and output voltages have relationships that correspond to 
AND or OR logic functions. 

diode matrix— 1. A two-dimensional array of diodes 
used for a variety of purposes, such as decoding and read- 
only memory. 2. A hardware pattern in which diode leads 
may be inserted to change solid-state control logic. 

diode mixer— A diode that mixes incoming radio- 
frequency and local-oscillator signals to produce an 
intermediate frequency. 

diode modulator— A modulator in which one or 
more diodes are employed to combine a modulating 
signal with a carrier signal. It is used chiefly in low-level 
signaling because it has inherently poor efficiency. 

diode pack — A combination of two or more diodes 
integrated into a solid block. 

diode peak detector — A diode used in a circuit to 
indicate when audio peaks exceed a predetermined value. 

diode-pentode— A vacuum tube having a diode 
and a pentode combined in the same envelope. 

diode rectification— The conversion of an alter- 
nating current into a unidirectional current by means of a 
two-element device such as a crystal, vacuum tube, etc. 

diode switch—A diode in which positive and 
negative biasing voltages (with respect to the cathode) 
are applied in sucession to the anode in order to pass 
and block, respectively, other applied waveforms within 
certain voltage limits. In this way, the diode acts as a 
switch. 

diode-transistor logic— Abbreviated DTL. 1. A 
logic circuit that uses diodes at the input to perform 
the electronic logic function that activates the circuit 
transistor output. In monolithic circuits, the DTL diodes 
are a positive-level logical AND function or a negative- 
level OR function. The output transistor acts as an inverter 
to result in the circuit becoming a positive NAND or 
a negative NOR function. 2. Any logic gate circuit that 
uses several diodes to perform the AND or OR function, 
followed by one or more transistors to add power to 
(and possibly invert) the output. Formerly very popular 
in digital systems, but now largely superseded by TTL 
circuits. 3. Logic employing diodes at the input with 
transistors used as amplifiers and resistor pull-up on the 
output. 

diode-triode— A vacuum tube having a diode and 
triode combined in the same envelope. 

diopter— 1. The unit of optical measurement that 
expresses the refractive power of a lens or prism. 2. A 
measure of lens power equal to the reciprocal of the lens 
focal length in meters. 

dip— 1. A drop in the plate current of a class C 
amplifier as its tuned circuits are being adjusted to 
resonance. 2. The angle between the direction of the 
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The schematic symbol for SW1 shows a pretty good likeness to the internal wiring of any simple 
SPST switch. There are two terminals, and a conductor that can be moved to either electrically connect 
them or electrically isolate them. As drawn, the switch is in the open position. 

If we added another identical switch in series with the existing switch, what would happen? Take a 
look at Figure 5-16. 


A B 
00—00 
SW1 SW2 


Figure 5-16. Two switches in series. Both switches must be closed for electricity to flow through this part of 
the circuit. If either switch is open, the circuit is broken and no current will flow. 


Both switch A (SW1) and switch B (SW2) must be moved to the closed position for any electricity to 
flow through the circuit. If either switch is opened, then no current will flow. This is sometimes referred 
to as an AND circuit. Both A and B must be on for the circuit to operate. 

A circuit just like this is often used in security systems. Switches are attached to doors and windows. 
All of the switches are wired in series, forming a large loop. The switches are all configured to be closed 
when the doors and windows are closed, and to open when doors or windows are opened. 

If all the doors and windows are closed, then the loop of switches will allow the flow of electricity. 
Although it sounds exactly backward, when electricity is flowing in the circuit, this keeps the security 
alarm turned off. When any one of the switches is opened, the circuit is broken. The alarm then sounds. 

Most real security systems are more complex than this, of course. The main advantage of this 
particular configuration is that it is easy to install and requires the least amount of wiring. The chief 
disadvantage is that when the alarm is triggered, you have no idea exactly which switch caused it. 


Switches in Parallel 


Just like with batteries, switches behave differently when configured in a different manner. Let's connect 
two switches in parallel this time and see what happens. See Figure 5-17. 


sW2 


Figure 5-17. Two SPST switches in parallel. If either one of the switches is closed, then power can flow 
through this part of the circuit. Both switches must be opened to stop the flow of current. 


The circuit in Figure 5-17 will conduct electricity if switch A (SW1) or switch B (SW2) are closed. To 
stop the flow of current, you have to open both switches. This can be used as a simple OR circuit. If 
switch A or switch B is closed, then power can flow through the circuit. 

Looking back at the schematics in Figures 5-13 and 5-14, we see that SW1 is in series with the rest of 
the circuit. This makes it a very effective way to turn power on and off from a single location. Handy! 
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earth’s magnetic field and the horizontal as measured in 
a vertical plane. 

DIP — Abbreviation for dual in-line package. 

dip coating — 1. A method of applying an insulating 
coating to a conductor by passing it through an applicator 
containing the insulating medium in liquid form. The 
insulation is then sized and passed through ovens to 
solidify. This medium can be used for magnet wire. 
2. A process of applying a relatively thin (less than 50 
mils) conformal coating to a part or assembly. The final 
coating thickness is determined by the viscosity of the 
coating material, rate of withdrawal, temperature, and the 
number of coats. 3. Method in which an object is coated 
by dipping into a plastisol or organosol. 

dip encapsulation— A type of conformal coating. 
An embedding process in which the insulating material 
i$ applied by immersion and without the use of an 
outer container. The coating conforms generally with the 
contour of the embedding part or assembly. 

diplexer— 1. A coupling unit that allows more than 
one transmitter to operate together on the same antenna. 
2. A device that enables two (radio) transmitters operating 
at different frequencies to use the same antenna simulta- 
neously. 
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diplex operation— 1. The simultaneous transmis- 
sion or reception of two messages from a single antenna 
or on a single carrier. 2. The operation of two radio trans- 
mitters on different frequencies into the same antenna 
simultaneously. 

diplex radio transmission — Simultaneous trans- 
mission of two signals by using a common carrier wave. 

diplex reception — The simultaneous reception of 
two signals having some feature in common, for example, 
a single receiving antenna or a single carrier frequency. 

dipole — 1. A molecule that has an electric moment. 
For a molecule to be a dipole, the effective center of 
the positive charges must be at a different point than the 
center of the negative charges. 2. A form of speaker that 
radiates in approximately equal amounts to the rear and 
the front. 3. See dipole antenna. 

dipole antenna— Also called dipole. A straight 
radiator usually fed in the center. Maximum radiation 
is produced in the plane normal to its axis. The length 
specified is the overall length. 
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dipole disc feed— An antenna, consisting of a 
dipole near a disc, used to reflect energy to the disc. 

dipping— The process of impregnating or coating 
insulating materials or windings by the simple method 
of immersion in the liquid insulating material. A step in 
the process of treating insulating materials or electrical 
components by immersion in a liquid insulation, followed 
by draining and curing to provide increased clectrical and 
mechanical protection. 

dip soldering — 1. The process of soldering com- 
ponent leads, terminals, and hardware to the conductive 
pattern on the bottom of a printed circuit board by dipping 
that side into molten solder or floating it on the surface. 
2. A process of joining metals, previously cleaned and 
fluxed, by immersing them wholly or partially into molten 
solder. The filling of the joint is by capillary attraction. 
3. A process whereby items to be soldered are brought in 
contact with the surface of a static pool of molten solder 
for the purpose of soldering the entire exposed conductive 
pattern in one operation. 4. Soldering by dipping fluxed 
and fixtured parts in a solder pot. 5. The simplest form 
of mass soldering. It involves the lowering of a prefluxed 
assembly onto a solder bath surface. The assembly ts then 
submerged sufficiently for the solder to spread and form 
the required joints but not flow over the top surface of a 
printed wiring board. 

dip solder terminal — The terminais on a connector 
that are inserted into holes in the printed circuit board and 
then soldered in place. 

direct— A method of expressing an absolute address 
in an MPU instruction where the actual address would be 
specified in hexadecimal in the instruction. 

direct access — The process of storing data in, or 
getting data from, a storage device in such a manner 
that surrounding data need not be scanned to locate the 
desired data. The time required to get desired data from 
the storage device is independent of the location of the 
data. 

direct-access device — See random-access device. 

direct-access file—A file in which each record 
may be accessed directly, regardless of its relative position 
in the file. 

direct-access storage— Also called random- 
access storage. Pertaining to the process of obtaining 
data from or placing data into storage in which the time 
required for such access is independent of the location of 
the data most recently obtained or placed in storage. 

direct-acting recording instrument — An instru- 
ment in which the marking device is mechanically con- 
nected to or directly operated by the primary detector. 

direct address — An address that specifies the loca- 
tion in a computer of an instruction operand. 

direct addressing — The standard addressing mode 
in a computer. It is characterized by an ability to reach 
any point in main storage directly. Direct addressing is 
sometimes restricted to the first 256 bits in main storage. 

direct broadcast satellite — Abbreviated DBS. 
1. A satellite that allows the use of inexpensive home 
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reception dishes to receive its high-power signals, includ- 
ing software and data. 2. A term commonly used to 
describe Ku-band broadcasts via satellite directly to indi- 
vidual end users. The DBS band ranges from 11.7 to 
12.75 GHz. 

direct capacitance — |. The capacitance between 
two conductors, excluding stray capacitance that may 
exist between the two conductors and other conducting 
elements. 2. The capacitance measured directly from 
conductor to conductor through a single insulating layer. 

direct-connect modem — A modem that connects 
directly to a phone line via modular connectors, rather 
than going through a telephone headset and an acoustic 
coupler. 

direct-coupled  amplifier— 1. A direct-current 
amplifier in which the plate of one stage is coupled to 
the grid of the next stage by a direct connection or a low- 
value resistor. 2. An amplifier in which the output of one 
stage is connected to the input of the next stage without 
the use of intervening coupling components. 
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direct-coupled transistor fogic— Abbreviated 
DCTL. A NOR-gate type of bipolar logic in which the 
output of one gate is coupled directly to the input of the 
succeeding gate. This form of logic evolved into resistor- 
transistor logic because of the difficulty in mass producing 
transistors within the close tolerances necessary for direct 
coupling. 

direct coupling — 1. The association of two or more 
circuits by means of an inductance, a resistance, a wire, or 
a combination of these so that both direct and alternating 
currents can be coupled. 2. Interstage coupling or speaker 
coupling with no intervening transformer or capacitor. To 
the speaker it ensures that the damping factor remains 
high at low frequencies (but increasing power supply 
impedance at low frequencies can influence this), while 
direct coupling generally minimizes low-frequency phase 
shift and encourages enhanced bass performance. 3. The 
connection of two circuits in such a way that both ac and 
de currents can flow. Neither a transformer nor a capacitor 
can be used in series with the signal-carrying wires since 
these components do not pass dc. 

direct current— Abbreviated dc. 1. An essentially 
constant-value current that flows in only one direction. 
2. A flow of continuous electric current in one direction 
as long as the circuit is closed (as opposed to alternating 
current). 3. A current that flows in only one direction in 
an electric circuit. It may be continuous or discontinuous, 
and may be constant or varying. 

direct-current amplifier— Also called dc ampli- 
fier. An amplifier capable of boosting dc voltages. Resis- 
tive coupling only is generally employed between stages, 
but sometimes will be combined with other forms. 
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direct-current erasing head—A head that uses 
direct current in magnetic recording to produce the 
magnetic field required for erasure. Direct-current erasing 
is achieved by subjecting the medium to a unidirectional 
field. Such a medium is therefore in a different magnetic 
state from one erased by alternating current. 

direct-current generator — |. A rotating machine 
that changes mechanical into electrical energy in the form 
of direct current. This is accomplished by commutating 
bars on the armature. The bars make contact with sta- 
tionary brushes, from which the direct current is taken. 
2. A rotary machine having a commutator that generates 
direct current when its armature is rotated in a magnetic 
field by an engine or motor. The commutator reverses the 
alternating current generated in the armature winding to 
produce direct current at the machine’s output terminals. 

direct-current resistance — Abbreviated DCR. 
The resistance offered by any circuit to direct current. 

direct-current restorer— The means by which a 
direct-current or low-frequency component is reinserted 
after transmission. Used in a circuit incapable of trans- 
mitting slow variations, but capable of transmitting com- 
ponents of higher frequency. 

direct-current transmission — Of television, that 
form of transmission in which a fixed sctting of the con- 
trols makes any instantaneous value of signal correspond 
to the same value of brightness at all times. 

direct data entry — The entry of data directly into a 
computer through machine-readable source documents or 
through the use of online terminals. 

direct digital control — Time-sharing, or multiplex- 
ing, of a computer among many controlled loops. 

direct distance dialing — Abbreviated DDD. 1. A 
telephone exchange service that enables the telephone 
user to call other subscribers outside his or her local 
area without operator assistance. 2. Direct distance dialing 
by subscribers over the nationwide intertoll telephone 
network. See also area code. 

direct drive—A drive system used to rotate a 
turntable, in which the platter is driven directly by the 
motor shaft at the exact speed required. These designs 
usually include electronic motor control. 

direct-drive torque motor— A servoactuator that 
can be directly attached to the load it is to drive. It 
converts electrical signals directly into sufficient torque 
to maintain the desired accuracy in a positioning or speed 
control system. 

direct electromotive force— A unidirectional 
electromotive force in which the changes in values are 
either zero or so small that they may be neglected. 

direct grid bias — The dc component of grid voltage; 
commonly called grid bias. 

direct-insert subroutine — See open subroutine. 

direct inward dialing — A service allowing outside 
parties to call directly to extensions on the customer’s 
premises. 

direction —The position of one point in space with 
respect to another. 

directional — Having radiative characteristics that 
vary with direction. 

directional antenna— An antenna that radiates 
radio waves more effectively in some directions than in 
others. (The term is usually applied to an antenna whose 
directivity is larger than that of a half-wave dipole.) 

directional beam — An electromagnetic wave that 
is concentrated in a given direction. 

directional coupler—1. A junction consisting of 
two waveguides coupled together in such a manner that a 
traveling wave in either guide will induce a traveling wave 
in the same direction in the other guide. 2. A bilateral 
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electrical network that may be used as a hybrid power 
splitter, power adder, or mixer. 

directional filter—- Also called directional separa- 
tion filter. A filter used to separate the two frequency 
ranges in a carrier system in which one range of fre- 
quencies is used for transmission in one direction and 
another range of frequencies for transmission in the oppo- 
site direction. 

directional gain — See directivity index. 

directional homing —The procedure of following 
a path in such a way that the target is maintained at a 
constant relative bearing. 

directional hydrophone — A hydrophone having a 
response that varies significantly with the direction of 
incidence of sound. 

directional lobe — See lobe. 

directional microphone — 1. A microphone whose 
response varies significantly with the direction of sound. 
See also bidirectional microphone; semidirectional micro- 
phone; unidirectional microphone. 2. A microphone that 
is more sensitive to sounds coming from certain direc- 
tions thai to sounds coming from other directions. Such 
microphones can be aimed so their most sensitive sides 
face the sound source, while their least sensitive sides face 
sources of noise or other undesired sound. See cardioid 
microphone; figure-8 microphone. 

directional pattern — Also called radiation pattern. 
A graphical representation of the radiation or reception 
of an antenna as a function of direction. Cross sections 
are frequently given as vertical and horizontal planes, and 
principal electric and magnetic polarization planes. 

directional phase shifter— A passive phase- 
shifting device in which the phase change for transmission 
in one direction is different from the phase change for 
transmission in the opposite direction. 

directional power relay —A device that functions 
on a desired value of power flow in a given direction, or 
upon reverse power resulting from arcback in the anode 
or cathode circuits of a power rectifier. 

directional relay — A relay that functions in confor- 
mance with the direction of power, voltage, current, pulse 
rotation, etc. See also polarized relay. 

directional separation filter — See directional 
filter. 

direction angle —The angle between the antenna 
base line and a line connecting the center of the base line 
with the target. 

direction cosine — The cosine of the angle between 
the base line and the line from the center of the base line 
to the target. 

direction finder — Abbreviated df. Also called radio 
compass. Apparatus for receiving radio signals and taking 
their bearings in order to determine their points of origin. 

direction finding — The principle and practice of 
determining a bearing by radio means, using a discrim- 
inating antenna system and a radio receiver so that the 
direction oÍ an arriving wave, and ostensibly the direction 
or bearing of a distant transmitter, can be determined. 

direction of lay — 1. The lateral direction in which 
the strands of a conductor run over the top of the cable 
conductor as they recede from an observer looking along 
the axis of the conductor or cable. Also applies to twisted 
cable. 2. The direction, either right-hand (clockwise) or 
left-hand (counterclockwise), in which a conductor or 
group of conductors spiral around a cable core as they 
travel away from the observer. 

direction of polarization — For a linearly polarized 
wave, the direction of the electrostatic field, 

direction of propagation— At any point in a 
homogeneous, isotropic medium, the direction of the 
lime-average energy flow. In a uniform waveguide, the 


directional filter — directivity index 


Direction finder. 


direction of propagation is often taken along the axis. In 
a uniform lossless waveguide, the direction of propagation 
at every point is parallel to the axis and in the direction 
of time-average energy flow. 

direction rectifier—A rectifier that supplies a 
direct-current voltage, the magnitude and poiarity of 
which are determined by the magnitude and relative polar- 
ity of an alternating-current selsyn error voltage. 

directive gain— In a given direction, 47 times the 
ratio of the radiation intensity to the total power radiated 
by the antenna. 

directivity — 1. The property that causes an antenna 
to radiate or receive more energy in some directions 
than in others. 2. The value of the directive gain of an 
antenna in the maximum-gain direction. 3. The ability of 
an antenna to pick up signals from one general direction 
(usually from the front) and effectively reject those from 
other directions (usually from the back and sides). The 
front-to-back ratio is one measure of an antenna’s direc- 
tivity. 4. A tendency for some microphones to respond 
less strongly to sounds arriving from the sides and/or 
rear. Directional microphones are useful in discriminating 
on the basis of direction between wanted sounds (musi- 
cal instruments) and unwanted sounds (audience noises). 
Directivity is typically graphed on a polar pattern, and 
is thus classed as nondirectional (omnidirectional), bidi- 
rectional (figure-8), or unidirectional (cardioid), supercar- 
dioid, or hyperdirectional. 

directivity diagram of an antenna — The graphi- 
cal representation of the gain of an antenna in the different 
directions of space. 

directivity factor— 1. In acoustics, the directivity 
factor is equivalent to directivity, as applied to an antenna. 
2. Of a transducer used for sound emission, the ratio of the 
intensity of the radiated sound at a remote point in a free 
field on the principal axis to the average intensity of the 
sound transmitted through a sphere passing through the 
remote point and concentric with the transducer. 3. Of a 
transducer used for sound reception, the ratio of the square 
of the electromotive force produced in response to sound 
waves arriving in a direction parallel to the principal axis 
of the transducer to the mean square of the electromotive 
force that would be produced if sound waves having the 
same frequency and mean square pressure were arriving 
at the transducer simultaneously from all directions with 
random phase. The frequency should be specified in both 
cases. 

directivity index — Also called directional gain. A 
measure of the directional propertics of a transducer. 
It is the ratio, in decibels, of the average intensity or 
response over the whole sphere surrounding the projector 
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or hydrophone to the intensity or response on the acoustic 
axis. 

directivity of a directional coupler — Ratio of the 
power measured at the forward-wave sampling terminals 
with only a forward wave present in the transmission line 
to the power measured at the same terminals when the 
forward wave reverses direction. This ratio is usually 
expressed in dB and would be infinite for a perfect 
coupler, 

directivity of an antenna—The ratio of the 
maximum field intensity to the average field intensity at 
a given distance, implying a maximum value. 

directivity pattern-——A plot of the response of an 
electroacoustic transducer as a function of direction. 

directivity signal — A spurious signal present in the 
output of any coupler because its directivity is not infinite. 

direct light — Light from a luminous object such as 
the sun or an incandescent lamp, as opposed to reflected 
light. 

direct lighting —A system of lighting that delivers 
a majority of light in useful directions without being 
deflected from the ceiling or walls. Any lamp equipped 
with a glass or metal reflector arranged to reflect the light 
toward the object to be illuminated is classified as direct 
lighting. 

directly grounded — See solidly grounded. 

directly heated cathode—A wire, or filament, 
designed to emit the electrons that flow from cathode 
to plate. This is done by passing a current through 
the filament; the current heats the filament to the point 
at which electrons are emitted. In an indirectly heated 
cathode, the hot filament raises the temperature of a sleeve 
around the filament; the sleeve then becomes the electron 
emitter. 

direct material—A semiconductor material in 
which electrons move directly from the conduction band 
to the valence band to recombine with holes. The process 
of recombination conserves energy and momentum. 

direct memory access — Abbreviated DMA. 1. A 
technique that permits a peripheral device to enter or 
extract blocks of data from a microcomputer memory 
without involving the central processing unit. In some 
cases, a CPU can perform other functions while the 
transfer occurs. 2. A method of I/O data transfer that 
does not alter minicomputer instruction-execution flow. 
The peripheral “steals” memory or CPU cycles to transfer 
data. 3. A mechanism that allows an input/output device 
to take control of the CPU for one or more memory cycles 
in order to write into memory or read from memory. 
The order of executing the program steps (instructions) 
remains unchanged. 4. Direct access to a block of memory 
by more than one system. 5. The technique generally 
used to transfer blocks of data between a peripheral 
and random-access memory. It is called direct because 
the host does not handle the data during the transfer 
operation. 6. A method of transferring blocks of data 
directly between an external device and system memory 
without the need for CPU intervention. This method 
significantly increases the data transfer rate and hence 
system efficiency. See also cycle stealing. 

direct metal mask — A metal mask made by etching 
a pattern into a sheet of metal. 

direct numerical control—A system connecting 
a set of numerically controlled machines to a common 
memory for part program or machine program storage 
with provision for on-demand distribution of data to 
the machines. Direct numerical control systems have 
additional provisions for collection, display, or editing of 
part programs, operator instructions, or data related to the 
numerical control process. 


director— |. A parasitic antenna element located in 
the general direction of the major lobe of radiation for 
the purpose of increasing the radiation in that direc- 
tion. 2. Equipment in common-carrier telegraph message 
switching systems, used to make cross-office selection and 
connection from an input-line to an output-line equip- 
ment in accordance with addresses in the message. 3. A 
telephone switch that translates the digits dialed into 
the directing digits actually used to switch the call. 
4, Electromechanical equipment that is used to track a 
moving target in azimuth and angular height and that, 
with the addition of other necessary information from an 
outside source such as a radar set or a range finder, con- 
tinuously computes firing data and transmits them to the 
guns. 5. In a machine-tool or process control system, the 
part of the system that receives the command signals from 
a controller and converts and amplifies these signals to 
make them usable by the control devices in the machine 
or process. 6. In a liquid crystal system, a local symmetry 
axis around which the long-range order of the crystal is 
aligned. For the nematic phase, the molecular long axis 
is —on average — parallel to the director. 

directory — Also called a catalog. 1. A table of 
contents designed to allow convenient access to specific 
files. 2. A file containing information concerning the other 
files on a mass-storage device. 3. In the logical format of 
a disk or disc, a branch of the information tree containing 
other directories (subdirectories) and/or files. 4. An index 
of the files on a disk. A directory can contain individual 
files in addition to other directories. 

direct outward dialing — Abbreviated DOD. 
1. Dialing of a call into the city system from a PAX/PABX 
extension without the help of an operator. Usually 
accomplished by first dialing the digit 9. 2. The dialing 
of a call from a local system into a toll network without 
the help of an operator. 

direct pickup — Transmission of television images 
without resorting to an intermediate magnetic or photo- 
graphic recording. 

direct piezoelectricity— A name sometimes given 
to the piezoelectric effect in which an electric charge is 
developed on a crystal by the application of mechanical 
stress. 

direct point repeater—A telegraph repeater in 
which the relay controlled by the signals received over 
a line sends corresponding signals directly into another 
line or lines without the use of any other repeating or 
transmitting apparatus. 

direct radiative transition— A transition that 
involves photons alone. See transition, 1. 

direct radiator — A speaker that is not horn loaded. 
The term usually refers to a cone-type speaker, as opposed 
to a compression driver/horn assembly. 

direct-radiator speaker — A speaker in which the 
radiating element acts directly on the air instead of relying 
on any other element such as a horn. 

direct recording — 1. The production of a visible 
record without subsequent processing, in response to 
received signals. 2. Analog recording in which continuous 
amplitude variations are recorded linearly through the use 
of ac bias. 

direct-recording magnetic tape—A method of 
recording using a high frequency bias in which the 
electrical input signal is applied to the recording head 
without alteration. 

direct/reflected speaker— A form of speaker in 
which a small part of the total output is radiated directly 
forward, with the major part reflected from the wall 
behind the speaker. 

direct resistance-coupled amplifier— An 
amplifier in which the plate of one stage is connected 
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either directly or through a resistor to the control grid of 
the next stage, with the plate-load resistor being common 
to both stages. Used to amplify small changes in direct 
current. 

direct route —In wire communications, the trunks 
that connect two switching centers, regardless of the 
geographical path the actual trunk facilities may follow. 

direct scanning — A scanning technique in which 
the object is illuminated the entire time, and in which 
picture elements of the object are viewed singly by the 
television camera. 

direct sound wave — A wave emitted from a source 
in an enclosure prior to the time the wave has undergone 
its first reflection from a boundary of the enclosure. 
Frequently a sound wave is said to be direct if it contains 
reflections that have occurred from surfaces within about 
0.05 second after the sound was first emitted. 

direct synthesizer—1.A frequency synthesizer 
producing an output frequency that is related to the 
reference frequency by the ratio of two integers. The 
primary advantage of this type of synthesizer lies in 
its ability to change output frequencies at a moderately 
fast rate (typically in the microsecond range) and in a 
random way. Principal applications include frequency- 
agile radars, secure communication links, and electronic 
countermeasures. 2. Derives an output from one or more 
fixed-frequency reference oscillators, using combinations 
of frequency division, multiplication, mixing, summing, 
and filtering. 

direct-to-disc recording — A technique in which 
a live performance is recorded directly onto the master 
lacquer disc for manufacturing of phonograph records. 

direct voltage — Also called dc voltage. A voltage 
that forces electrons to move through a circuit in the same 
direction and thereby produce a direct current. 

direct wave — 1. A wave that is propagated directly 
through space, as opposed to one that is reflected from 
the sky or ground. 2. A radio wave that travels from 
the transmitting antenna to the point of reception without 
reflection or refraction. 

direct Wiedemann effect—See Wiedemann 
effect. 

direct-wire circuit—A supervised protective sig- 
naling circuit usually consisting of one metallic conductor 
and a ground return and having signal-receiving equip- 
ment responsive to either an increase or a decrease in 
current. 

direct writing galvanometer recorder — Recor- 
der using a pen attached directly to a galvanometer 
movement for direct writing of signals of frequencies up 
to about 300 Hz. 
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disable — To prevent the passage of binary signals by 
application of the proper signal to the disable terminal of 
a device. 

disassemblers — Programs that do the opposite of 
compiler programs. Given a machinc-code program list- 
ing, the disassembler turns it back into an assembly list- 
ing, with mnemonic representations, for troubleshooting 
purposes. 

disassembly — 1. Retranslation of machine language 
into mnemonics during debugging. 2. Translation of 
binary machine code into assembly-language statements. 

disc— 1. A phonograph record. 2. The blank used in 
a recorder. See also disk. 

disc capacitor — A small disc-shaped capacitor with 
a ceramic dielectric, generally used for bypassing or for 
temperature compensation in tuned circuits. 
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disc files—A type of storage medium consisting 
of numbers of discs that rotate; each disc has a special 
coating for retaining stored information. 

disc generator — A capacitive-charge type of volt- 
age generator. 

discharge — 1. In a storage battery, the conversion 
of chemical energy into electrical energy. 2. The release 
of energy stored in a capacitor when a circuit is connected 
between its terminals. 3. The conversion of dielectric 
stress of a capacitor into an electric current. 

discharge breakdown — Breakdown of a material 
as a result of degradation due to gas discharges. 

discharge key — A device for switching a capacitor 
suddenly from a charging circuit to a load through which 
it can discharge. 

discharge lamp — A lamp containing a low-pressure 
gas or vapor that ionizes and emits light when an electric 
discharge is passed through it. Fluorescent materials are 
sometimes used on the inside of the glass envelope to 
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increase the illumination, as in an ordinary fluorescent 
lamp. 

discharge rate —The amount of current a battery 
will deliver over a given period of time. Á slower 
discharge rate generally results in more efficient use of 
a battery. 

discharge tube — A tube containing a low-pressure 
gas that passes a current whenever sufficient voltage is 
applied. 

discharge voltage — Also called clamping voltage. 
The maximum peak voltage measured across suppressor 
device terminals when subjected to peak pulse current. 

discone antenna—A special form of biconical 
antenna in which the vertex angle of one cone is 180°. 
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disconnect— Also called release. 1. To break an 
electric circuit. 2. To remove the power from an electrical 
device (colloquially, “to unplug the device”). 3. To dis- 
engage the apparatus used in a connection and to restore 
it to its ready condition when not in use. 4. A device or 
group of devices that removes electrical continuity from 
between the conductors of a circuit and the source of 
supply. 

disconnecting means—A device whereby the 
current-carrying conductors of a circuit can be discon- 
nected from their source of supply. 

disconnector release — A device that disengages 
the apparatus used in a telephone connection to restore it 
to the condition in which it exists when not in use. 

disconnect signal — |. A signal sent from one end 
of a trunk or subscriber line to indicate at the other end 
that the established connection should be released. 2. The 
on-hook signal in a telephone system by which the calling 
and called terminals notify the switching equipment that 
an established connection is no longer needed and should 
be released. 

disconnect switch (motor circuit switch) — A 
switch intended for use in a motor branch circuit. lt is 
rated in horse power and is capable of interrupting the 
maximum operating overload current of a motor of the 
same rating at the rated voltage. 

discontinuity — 1. A broken connection, or the loss 
of a specific connection characteristic. 2. The temporary 
interruption or variation in current or voltage. 3. A point 
of abrupt change in the impedance of a circuit, where 
wave reflections can occur. 

discontinuous amplifier — An amplifier that repro- 
duces an input waveform on some type of averaging basis. 
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disc pack—A set of magnetic discs that can be 
removed from a disc storage as one unit. 

disc recorder—A recording device in which the 
sounds are mechanically impressed onto a disc; as 
opposed to a tape recorder, which impresses the sound 
magnetically on a tape. 

discrete — 1. An individual circuit component, com- 
plete in itself, such as a resistor, diode, capacitor, or 
transistor, and used as an individual and separable circuit 
element. 2. Pertaining to distinct elements, such as char- 
acters, or to representation by means of distinct elements. 
3. A term applied to four channels when there are four 
electrically independent signals, as opposed to matrix. 
4. A quad disc or record-playback method that keeps four 
signals separate, distinct, and independent from recording 
to playback. 5. Having an individual identity. Fabricated 
prior to installation and/or separately packaged, not part 
of an integrated circuit. 

discrete circuit—1. A circuit built from separate 
components that are individually manufactured, tested, 
and assembled, 2. Electronic circuit built of separate 
components (transistors, resistors, etc.) connected by 
wiring or printed-circuit etched conductors. 

discrete component— 1. A component that has 
been fabricated prior to its installation (e.g., resistors, 
capacitors, diodes, and transistors). 2. A circuit compo- 
nent having an individual identity, such as a transistor, 
capacitor, or resistor. 

discrete device —1. A class of electronic compo- 
nents, such as power MOSFETs, bipolar power transistors, 
MOVs, optoelectronic devices, rectifiers, power hybrid 
circuits, intelligent power discretes, and transistors. Typ- 
ically, these devices contain one active element, such as 
a transistor or diode. However, hybrids, optoelectronic 
devices, and intelligent discretes may contain more than 
one active element. In contrast, integrated circuits typ- 
ically contain hundreds, thousands, or even millions of 
active clements in a single die. 2. An individual electrical 
component, such as a resistor, capacitor, or transistor, as 
opposed to an integrated circuit, which is equivalent to 
several discrete components. 

discrete element — An electronic element, such as 
a resistor or transistor, fabricated in such a way that it can 
be measured and transported individually. 

discrete part — A separately packaged single circuit 
element supplying one fundamental property as a lumped 
characteristic in a given application. Examples: resistor, 
transistor, diode. 

discrete sampling — The lengthening of individual 
samples so that the sampling process does not deteriorate 
the intelligence frequency response of the channel. 

discrete thin-film Component— An individually 
packaged electronic component having one or more thin 
films serving as resistive, conductive, and/or insulating 
elements. Resistors and potentiometers having thin-film 
metallic resistance elements are examples. 

discretionary wiring — The use of a selective metal- 
lization pattern in the interconnection of large numbers of 
basic circuits on a slice of semiconductor material to form 
complex arrays. The metallization pattern connects only 
the “good” circuits on the wafers. Discretionary wiring 
requires a different interconnection pattern for each wafer. 

discrimination — 1. The difference between losses 
at specified frequencies, with the system or transducer 
terminated in specified impedances. 2. In a frequency- 
modulated system, the detection or demodulation of the 
imposed variations in the frequency of the carriers. 3. In 
a tuned circuit, the degree of rejection of unwanted 
signals. 
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discrimination ratio — The ratio of the width of the 
passband of a filler to the width of the stopband of the 
filter. 

discriminator— 1. A device in which amplitude 
variations are derived in response to frequency or 
phase variations. 2. A facsimile auxiliary device between 
the radio receiver and the recorder that converts an 
audio-frequency-shifted facsimile signal to an amplitude- 
modulated facsimile signal. 

discriminator transformer—A transformer used 
in FM receivers to convert frequency changes directly to 
audio-frequency signals. 

discriminator tuning unit — A device that tunes the 
discriminator to a particular subcarrier. 

disc-seal tube—Also called lighthouse tube or 
megatron. An electron tube with disc-shaped electrodes 
arranged in closely spaced parallel layers to give a low 
interelectrode capacitance along with a high power output 
in the UHF region. 

dish— 1. A microwave antenna, usually shaped like 
a parabola, that reflects the radio energy leaving or 
entering the system. 2. A parabolic type of radio or radar 
antenna, roughly the shape of a soup bowl. 3. A colloquial 
expression for a parabolic antenna. 4. Common term for 
a parabolic microwave antenna. 

dish illumination —The area of a dish as seen by 
the feedhom, 

disk — 1. An electromagnetic storage medium for dig- 
ital data. 2. High-capacity random-access magnetic stor- 
age medium. See also disc. 

disk cartridge—tThe flat, round, removable disk 
pack, containing programs and data, that is placed into 
a disk drive. 

disk drive— |. Identified floppy, removable, and 
nonremovable bulk storage for most minicomputer and 
mainframe systems, and microcomputer systems needing 
several megabytes of storage. 2. A disk player that rotates 
the disk, writes data onto it, and reads data from it as 
instructed by a program. 

diskette — See floppy disk. 

disk operating system — Abbreviated DOS. 1. The 
software that organizes how a computer reads, writes, and 
reacts with its disks and talks to its various peripherals 
(input/output devices), such as keyboards, screens, serial 
and parallel ports, printers, modems, etc. The most popu- 
lar operating system for PCs is MS-DOS from Microsoft. 
2. An operating system (set of programs) that instructs 
a disk-based computing system to manage resources and 
operate related equipment. 3. A set of programs that con- 
trols a computer. The DOS performs a variety of tasks, 
including managing communications between the com- 
puter and its peripherals. See also operating system. 

disk pack— The vertical stacking of a series of 
magnetic disks in a removable self-contained unit. 

disk storage — 1. Random-access auxiliary memory 
device in which information is stored on constantly 
rotating magnetic disks. 2. The storage of data on the 
surface of magnetic disks. 3. A mass storage memory 
device employing a flat, rotating medium onto which 
data can be stored via magnetic recording techniques 
and retrieved by magnetic playback. 4. A method of 
high-speed bulk storage of programs and data. The 
medium is a rotating circular plate coated with a magnetic 
material, such as iron oxide. Data is written (Stored) and 
read (retrieved) by fixed or movable read/write heads 
positioned over data tracks on the surface of the disk. 
Addressable portions can be selected for read or write 
operations. 

dislocation —In a crystal, a region in which the 
atoms are not arranged in the perfect crystal-lattice 
structure. 
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dispatcher — In a digital computer, the section that 
transfers the words to their proper destinations. 

dispenser— A device that automatically distributes 
radar chaff from an aircraft. 

disperse — In data processing, to distribute grouped 
input items among a larger number of groups in the 
output. 

dispersion — |. Separation of a wave into its com- 
ponent frequencies. 2. Scattering of a microwave beam 
as it strikes an cbstruction. 3. The property of an optical 
material that causes some wavelengths of light to be trans- 
mitted through the material at different velocities, with the 
velocity a function of the wavelength. (This causes each 
wavelength of light to have a different refractive index.) 
4. In a magnetostrictive delay line, the variation of delay 
as a function of frequency. 5. The frequency difference 
that can be analyzed in one sweep by a spectrum analyzer. 
Dispersion can be considered as that frequency width over 
which sampling can be performed, and is always equal to 
or less than the frequency range. 6. The extent to which 
a speaker distributes acoustical power widely and evenly 
into the listening area. 7. The undesirable effect of the 
broadening of optical pulses caused by lengthening of 
rise and fall times as the pulse travels along the fiber. 
Sometimes referred to as pulse spreading, it results from 
either modal or material effects in the fiber that reduce 
bandwidth. Expressed in nanoseconds per kilometer. 8. A 
fiber-optic phenomenon that causes pulse widths of trans- 
mitted data to lengthen. Dispersion is caused by the arrival 
of data at the far terminal at different times due to the 
varying lengths of optical paths in multimode fiber, and 
by inherent properties in the fiber. Dispersion increases 
with length of conductor and is caused by the difference 
in ray path lengths within the fiber core. 


RED 

yon ORANGE 
YELLOW 
GREEN 
BLUE 


VIOLET 


witt 


Dispersion, 3 (by a prism). 


dispersive medium— A medium in which the 
phase velocity of a wave is related to the frequency. 

displacement — 1. The vector quantity representing 
change of position of a particle. 2. A number that a 
computer must add to a base address to form an effective 
address. 

displacement current— A current that exists in 
addition to ordinary conduction current in ac circuits. lt 
is proportional to the rate of change of the electric field. 
The current at right angles to the directicn of propagation 
determined by the rate at which the field energy changes. 

displacement of porches — The difference in level 
between the front and back porch of a television signal. 

displacement transducer—A device that con- 
verts mechanical energy into electrical energy, usually by 
the movement of a rod or an armature. The amount of 
output voltage is determined by the amount the rod or 
armature is moved. 

display — Also called readout. 1. Visual presentation 
of a received signal on a cathode-ray tube or video screen. 
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2. Row of digits across the top of a calculator, showing 
input or final answer. In printing-type calculators, referred 
to as printout. 3. The observable illustration of an image, 
scene, or data on a screen, such as a console or CRT 
screen, seen as a graph, report, or drawing. 4. The 
representation of data in visible form, e.g., on a cathode- 
ray tube, by lights or indicators on the console of a 
computer, or a printed report. 

display console—aA visual display used with a 
computer to give access to the many elements of data as 
an array of points. With the display console, an operator 
may check information in the computer and change it if 
required. 

display-generation time —The time span between 
the output of data from the host computer and the moment 
at which the complete display can be viewed. 

display generator— An electronic device that 
interfaces computer-graphics display information with a 
graphics-display device. Typically, the interface is made 
between a digital computer and a CRT, In general, a 
display generator for a rasterscan display contains four 
subsystems: display controller, display processor, refresh 
memory, and video driver. 

display highlighting—- The ability of the word 
processor to intensify or blink certain portions of the 
display screen —elther the characters themselves or the 
screen arca behind the characters —to emphasize a text 
segment designated for some special activity such as 
deleting or moving. 

display information processor—A computer 
used in a combat operations center to generate situation 
displays. 

display loss — See visibility factor. 

display modes — Each display mode, such as vector, 
incremeut, character, point, vector continue, or short 
vector, specifies the manner in which points are to be 
displayed on the screen. 

display panel — The substrate containing the media 
for creating an image, including electric connections but 
excluding the electronic interface. 

display primaries — Also called receiver primaries. 
The red, green, and blue colors produced by a color 
television receiver and mixed in proper proportions to 
produce other colors. 

display processor—A component of a display 
generator used to add intelligence. Typically, the device 
is a microcomputer with stored programs that perform 
high-level graphics functions. 

display-storage tube — A special cathode-ray tube 
with a long and controllable image presistence and high 
luminescence. 

display unit—A device used to provide a visual 
representation of data. 

display window — The width of the portion of the 
frequency spectrum presented on panoramic presentation, 
expressed in frequency units, usually megahertz. 

disruptive discharge — The sudden, large current 
through an insulating medium when electrostatic stress 
ruptures the medium and thus destroys its insulating 
ability. 

dissector — In optical character recognition, a mecha- 
nical or electronic transducer that sequentially detects the 
level of light in different areas of a completely illuminated 
sample space. 

dissector tube — A camera tube having a continuous 
photocathode on which a photoelectric emission pattern is 
formed. Scanning is done by moving the electron optical 
image of the pattern over an aperture. See also image 
dissector, |. 

dissipation — The undesired loss of electrical energy 
by conversion into heat. 
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dissipation constant— A constant of proportional- 
ity between the power dissipated and the resultant tem- 
perature rise in a thermistor at a specified temperature. 

dissipation factor— 1. Symbolized by D. Ratio 
between the permittivity and conductivity of a dielectric. 
The reciprocal of the dissipation factor (df) is the storage 
factor, sometimes called the quality factor (Q). 2. A 
measure of the ac loss. Dissipation factor is proportional 
to the power loss (P,) per cycle (f) per potential gradient 
squared (E*) per unit volume (V) as follows: 


dissipation factor = (P,/kE’ fV) 


where k is a constant. Dissipation factor is approximately 
equal to power factor when the loss angle is small. 

dissipation line—A length of stainless-steel! or 
Nichrome wire used as a noninductive impedance for 
termination of a rhombic transmitting antenna when 
power of several kilowatts must be dissipated. 

dissonance — The formation of maxima and minima 
by the superposition of two sets of interference fringes 
from light of two different wavelengths. 

dissymmetrical network—See dissymmetrical 
transducer. 

dissymmetrical transducer— Also called dissym- 
metrical network, A transducer with unequal input and 
output image impedances, 

distance mark— Also called range mark. A mark 
that indicates, on a cathode-ray screen, the distance from 
the radar set to a target. 

distance-measuring equipment — Abbreviated 
DME. A radio navigational aid for determining the dis- 
tance from a transponder beacon by measuring the time 
of transmission to and from it. 

distance protection — The effect of a device oper- 
ative within a predetermined electrical distance on the 
protected circuit to cause and maintain an interruption of 
power in a faulty circuit. 

distance relay — 1. A protective relay, the operation 
of which is a function of the distance between the relay 
and the point of fault. 2. A device that functions when 
the circuit admittance, impedance, or reactance increases 
or decreases beyond predetermined limits. 

distance resolution — The ability of a radar to dif- 
ferentiate targets solely by distance measurement. Gener- 
ally expressed as the minimum distance the targets can 
be separated and still be distinguishable. 

distortion — 1. Undesired changes in the waveform 
of a signal so that a spurious element is added. All 
distortion is undesirable. Harmonic distortion disturbs 
the original relationship between a tone and other tones 
naturally related to it. Intermodulation distortion (IMD) 
introduces new tones caused by mixing of two or more 
original tones. Phase distortion, or nonlinear phase shift, 
disturbs the natural timing sequence between a tone and 
its related overtones. Transient distortion disturbs the 
precise attack and decay of a musical sound. Harmonic 
and IMD distortion are expressed in percentages; phase 
distortion in degrees; transient distortion is usually judged 
from oscilloscope patterns. 2. Unwanted changes in the 
purity of sound being reproduced or in rf signals. In audio, 
it generally implies intermodulation and/or harmonic 
distortion. These are derived from phase differences 
and/or amplitude distortion in which the amplitude of the 
output does not bear the same proportion to the input at 
all frequencies. 3. With a signal frequency (sine wave) 
signal, distortion appears as harmonics (multiples) of the 
input frequency. The rms (effective ac point) sum of 
all harmonic distortion components, plus hum and noise, 
is known as total harmonic distortion, or THD. When 
a two-tone test signal is used, distortion components 
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appear at frequencies that are sums and differences of 
multiples of the input frequencies. Their magnitude is 
expressed as intermodulation distortion, which is more 
distressing to hear than THD. The lower the distortion in 
any form, the better. 4. Any difference in the waveshape 
after the signal has traversed the transmission circuit. 
5. The unwanted changes in signal or signal shape that 
occur during transmission between two points. 

distortion factor — See harmonic distortion. 

distortion factor of a wave—The ratio of the 
effective value of the residue after the elimination of the 
fundamental to the effective value of the original wave. 

distortionless line—A transmission line whose 
propagation constant is independent of frequency. (This 
is approached in a practical case by adjusting the line 
parameters, series inductance (1), shunt capacitance (c), 
series resistance (r), and shunt conductance (g) so that 
r/g = l/c.) 

distortion meter— 1. An instrument that measures 
the deviation of a complex wave from a pure sine wave. 
2. An instrument that measures the harmonic content of a 
sine wave, usually calibrated to read in percent distortion. 

distortion tolerance — Of a telegraph receiver, the 
maximum signal distortion that can be tolerated without 
error in reception. 

distress frequency— A frequency reserved for 
distress calls, by international agreement. It is 500 kHz 
for ships at sea and aircraft over the sea. 

distributed — Spread out over an electrically signifi- 
cant length, area, or time. 

distributed amplifier— A multistage amplifier in 
which the high-frequency limitation, due to the input and 
output capacitances of the active element, is circumvented 
by making these capacitances the shunt elements of 
lumped-parameter device lines. In this way the overall 
gain is the sum of the gains of the individual stages rather 
than the product, thus allowing amplification even when 
the individual gains are less than unity. 

distributed capacitance — Also called self-capaci- 
tance. Any capacitance not concentrated within a capaci- 
tor, such as the capacitance between the turns in a coil or 
choke, or between adjacent conductors of a circuit. 

distributed computer network — A collection of 
computers and I/O devices that can communicate with 
each other. See distributed processing. 

distributed constants — Constants such as resis- 
tance, inductance, or capacitance that exist along the 
entire length or area of a circuit, instead of being con- 
centrated within circuit components. 

distributed data processing — Abbreviated DDP. 
The functional distribution of certain data-processing 
activities along logical organizational lines. 

distributed-emission photodiode-—A broad- 
band photodiode for use in detecting modulated laser 
beams at millimeter wavelengths. 

distributed inductance — The inductance along the 
entire length of a conductor, as distinguished from the 
inductance concentrated within a coil. 

distributed network — 1. An electrical-electronic 
device that for proper operation depends on physical size 
in comparison to a wavelength and physical configuration. 
2. A network configuration in which all node pairs are 
connected either directly or by redundant paths through 
intermediate nodes. 

distributed parameter network — A network in 
which the parameters of resistance, capacitance, and 
inductance cannot be taken as being concentrated at 
any one point in space. Rather, the network must be 
described in terms of its magnetic and electric fields and 
the quantities related to the distributed constants of the 
network. 
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distributed paramp—A paramagnetic amplifier 
consisting essentially of a transmission line shunted by 
uniformly spaced, identical varactors. The varactors are 
excited in sequence by the applied pumping wave to give 
the desired traveling-wave effect. 

distributed pole—A motor has distributed poles 
when its stator or field windings are distributed in a series 
of slots located within the arc of the pole. 

distributed processing—1.A_ multiprocessing 
computer technique in which each processor has a specific 
task or set of tasks to perform. These processors trans- 
fer commands and data via a standard communication 
interface. 2. Performing a data-processing task by per- 
forming the needed calculations in a distributed computer 
network. The efficiency of the data-processing task is 
improved through the simultaneous performance of opera- 
tions in several interconnected processors of a distributed 
computer network. 3. Data-processing tasks performed 
simultaneously in several interconnected processors of a 
computer network. 

distributing amplifier— An amplifier, either radio 
frequency or audio frequency, having one input and two 
or more isolated outputs. 

distributing cable — See distribution cable. 

distributing frame—aA structure for terminating 
permanent wires of a central office, private branch 
exchange, or private exchange and for permitting the easy 
change of connection between them by means of cross- 
connecting wires. 

distributing terminal assembly — A frame situ- 
ated between each pair of selector bays to provide termi- 
nal facilities for the selector bank wiring and facilities for 
cross connection to trunks running to succeeding switches. 

distribution — Also called frequency distribution. 
The number of occurrences of the particular values of 
a variable as a function of those values. 

distribution amplifier— 1. A power amplifier de- 
signed to energize a speech, music, or antenna distribution 
system. Its output impedance is sufficiently low that 
changes in the load do not appreciably affect the output 
voltage. 2. A device that provides several isolated outputs 
from one looping or bridging input, and has a sufficiently 
high input impedance and input-to-output isolation to 
prevent loading of the input source. 

distribution cable — Also called distributing cable. 
l. A cable extended from a feeder cable for the purpose 
of providing service to a specific area. 2. In a system, the 
transmission cable from the distribution amplifier to the 
drop cable. 

distribution center—In an alternating-current 
power system, the point at which control and rotating 
equipment is installed. 

distribution coefficients — Equal-powered tristim- 
ulus values of monochromatic radiations. 

distribution switchboard — A power switchboard 
used for the distribution of electrical energy at the voltage 
common for each distribution within a building. 

distributive sort — A sorting procedure that divides 
data elements into two or more distinct groups or subsets. 
The partition sort is an example. 

distributor—1. See memory register. 2. The elec- 
tronic circuitry that acts as an intermediate link between 
the accumulator and drum storage. 

distributorless — A semiconductor automotive igni- 
tion system that does not utilize breaker contacts to time 
or trigger the system, nor does it utilize a distributor dis- 
tribution of the secondary voltage. 

disturbance — 1. An irregular phenomenon that inter- 
feres with the interchange of intelligence during transmis- 
sion of a signal. 2. An interruption of a quiet state. 3. Any 
form of interference with normal communications. 
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disturbed-one output —A “one” output of a mag- 
netic core to which partial-read pulses have been applied 
since that core was last selected for writing. 

disturbed-zero output—A “zero” output of a 
magnetic core to which partial-write pulses have been 
applied since that core was last selected for reading. 

disturbing conductor—A conductor carrying 
energy that creates spurious signals in another conductor. 

dither — 1. An oscillation introduced for the purpose 
of overcoming the effects of friction, hysteresis, or clog- 
ging. 2. A small electrical signal deliberately injected into 
an electromechanical device for the purpose of overcom- 
ing static friction in the device. In a recording instrument 
it makes the indicator ready to jump. 3. Constant vibra- 
tion about a point. 4. The technique of adding controlled 
amounts of noise to a signal to improve overall system 
loop control, or to smear quantizing error in an analog- 
to-digital converter application. 

dithering — 1. The application of intermittent or peri- 
odic acceleration forces sufficient to minimize the effect 
of static friction with a transducer, without introducing 
other errors. 2. The creation of additional colors or shades 
of gray to create special effects or to make hard edges 
softer. 

divergence loss — The part of transmission loss that 
is caused by the spreading of sound energy. 

diverging lens — A lens that is thinner in the center 
than at the edges. Such a lens causes light passing through 
to spread out, or diverge. 

diversity — 1. A form of transmission and/or recep- 
tion using several modes, usually in space or in time, to 
compensate for fading or outages in any one of the modes. 
In the space diversity system, the same signal is sent 
simultaneously over several different transmission paths, 
which are separated enough so that independent propa- 
gation conditions can be expected. With time diversity, 
the same path may be used, but the signal is transmit- 
ted more than once, at different times. There are other 
forms of diversity, using different frequencies or differ- 
ent polarizations to provide the separate transmission pole. 
See diversity reception. 2. The practice of constructing a 
portion of the system or backup system by using a dif- 
ferent technology, component, or design, such that the 
two portions of the total system are not vulnerable to a 
common-cause failure. 

diversity factor—The ratio of the sum of the 
individual maximum demands of the subdivisions of a 
system (or part of a system) to the maximum demand of 
the entire system (or part of the system). 
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diversity gain — The gain in reception as a result of 
the use of two or more receiving antennas. 

diversity reception— 1. A method of minimizing 
the effects of fading during reception of a radio signal. 
This is done by combining and/or selecting two or more 
sources of received-signal energy that carry the same 
intelligence but differ in strength or signal-to-noise ratio in 
order to produce a usable signal. See frequency-diversity 
reception; space-diversity reception. 2. A technique for 
reducing the adverse effects of multipath fading by 
receiving the same signal on two or more diverse, or 
different, antenna-receiver combinations with a means of 
choosing the combination with the strongest signal. A 
two-channel system is known as dual diversity; a three- 
channel system, triple diversity. Diversity reception is 
widely and effectively used in commercial high-frequency 
installations. 

diverter pole generator—A compound-wound 
direct-current generator with the series winding of the 
diverter pole opposing the flux generated by the shunt- 
wound main pole; provides a close voltage regulation. 

divide-by-N counter — A group of counter stages 
that can be programmed to divide an input frequency by 
any number up to N. 

divide-by-16 counter—A logic device in which 
four flip-flops count from 0 through 15 and then recycle 
to 0. All 16 states of the combination of four flip-flops are 
used. Sometimes referred to as a hexadecimal counter. 

divide-by-10 counter — See decade counter. 

divide-carrier modulation — The process by which 
two signals are added so that they can modulate two 
carriers of the same frequency but 90° out of phase. 
The resultant signal will have the same frequency as the 
carriers, but its amplitude and phase will vary in step with 
the variations in amplitude of the two modulating signals. 

divide check—In a computer, an indicator that 
shows that an invalid division has occurred or has been 
attempted. 

divider — See counter, 4. 

dividing network— Also called speaker dividing 
network and crossover network. A frequency-selective 
network that divides the audio-frequency spectrum into 
two or more parts to be fed to separate devices such as 
amplifiers or speakers. 

D layer—The lowest ionospheric layer, located 
between about 35 to 55 miles (56 to 88 km) above the 
earth. Its intensity is proportional to the height of the 
sun and is greatest at noon. Waves below approximately 
3 MHz are absorbed by the D layer when it is present. 
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CHAPTER 5 + THE COZY CORNER LAB 


The Three-Way Switch 


You might think that the circuit shown in Figure 5-17 could be used to turn lights on and off from two 
different locations. You would be partly correct. You could turn lights on from either switch location, 
since flipping either switch to On will cause current to flow and lights (or other appliances) to operate. 

Unfortunately, you would not be able to turn offthe light from either switch if the other switch were 
on. So this configuration is good for turning lights on but not off. A slightly more complex arrangement is 
required to do both. 

We will need two switches, as before, but they will need to have a little more functionality to 
accomplish what we've set out to do. Instead of a switch that’s either open or closed, we need a switch 
that alternates between two different routes, depending on how it is positioned. This type of switch is 
called a double-throw switch, as it connects a common terminal to either one of two different terminals. 
It can be thrown in two different directions. This should be much easier to understand when looking at a 
schematic symbol. See Figure 5-18. 
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Figure 5-18. A single-pole, double-throw (SPDT) switch. The common terminal on the left side is 
connected to either the top or bottom terminal on the right. Variations of this type of switch have a neutral 
position in the middle. Push-button (i.e., momentary contact) versions of this switch will label the two 
right-side terminals as either “normally open” or “normally closed,” depending on the physical 
configuration of the switch. 


Now comes the clever bit. We’ll connect a pair of these switches together by tying the two non- 
common terminals on one switch to their counterparts on the other switch. This results in four possible 
combinations of switch positions (both down, one up, the other up, and both up). Two possibilities turn 
the light on, and the other two turn the light off. The important point is that the “on” or “off” state of the 
entire circuit can be changed from either location, independently of the state of the other switch. 
Problem solved! Again, this should be easier to see when presented as a diagram. See Figure 5-19. 
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Figure 5-19. A three-way switch circuit built using two SPDT switches. Power is either carried by the upper 
wire or the lower wire, as long as both switches are in the same position. If not, then no power flows across 
this part of the circuit. As shown, the three-way switch is effectively off. Flip either switch to turn it on. 


If you ask a real electrician how to wire a three-way switch, you'll get several answers, or more likely, 
you ll get, “It depends.” That's because it really does depend on the actual wiring situation. Sometimes 
the power is routed through one or the other of the two switches, and sometimes the power is routed 
through the load. Each of these scenarios requires a different routing of wires and connections. 
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High-angle radiation may penetrate the D layer and be 
reflected by the E layer. 

DMA— Abbreviation for direct memory access. A 
method in which a device in a computer other than the 
main processor can access main memory directly. It must 
first obtain control of the bus from the processor or other 
DMA devices. Then it can read and write to memory 
directly. This is a very fast method of transferring large 
amounts of data from a peripheral to main memory. Using 
the main processor to handle the data transfer requires 
more software overhead and reduces system throughput. 

DMI — Abbreviation for dual-mode ignition. An adap- 
tation of the Duraspark (Ford Motor) electronic ignition 
system that allows its use on smaller four-cylinder engines 
like the 2.3-liter size. 

DMM — Abbreviation for digital multimeter. 

DMOS — Abbreviation for double-diffused metal- 
oxide FET semiconductor. A process in which n and p 
atoms are diffused through the same mask opening to give 
precisely sized narrow channels. Used on discrete field- 
effect transistors (not MOS ICs) for ultrahigh gains and 
frequency performance. A very fast MOSFET fabricated 
with an extra diffusion step. 

DNC — Abbreviation for direct numerical control. 

DNL — See dynamic noise limiter. 

DOC files — Document files. The default file exten- 
sion for Microsoft Word. Most files with this extension 
are Microsoft Word files, but there are many that are plain 
text. 

documentation — An orderly collection of recorded 
liardware and software data such as tables, listings, 
diagrams, etc. 

document reader— A general term referring to 
OCR or OMR equipment that reads a limited amount of 
information (one to five lines), Generally operates from a 
predetermined format and is therefore more restricted in 
the location of information to be read. The forms involved 
are generally tab card size or slightly smaller or larger. 

doghouse — A small enclosure located near the base 
of a transmitting-antenna tower and used to house antenna 
tuning equipment. 

Doherty amplifier — A radio-frequency linear power 
amplifier divided into two sections, the inputs and outputs 
of which are connected by quarter-wave (90°) networks. 
As long as the input-signal voltage is less than half the 
maximum amplitude, section No. 2 is inoperative and 
section No. 1 delivers all the power to the load. The 
load presents twice the optimum impedance required for 
maximum output. At one-half the maximum input, section 
No. 1 is operating at peak efficiency but is beginning 
to saturate. Above this level, section No. 2 comes into 
operation and decreases the impedance presented to 
section No. 1. As a result, section No. 2 delivers more 
and more power to the load until, at maximum signal 
input, both sections are operating at peak efficiency and 
each section is delivering one-half the total output power. 

Dolby — 1. A technique that increases the signal-to- 
noise ratio of a recording medium by raising the volume 
of quiet passages prior to recording, and lowering them 
to their original levels during playback. The lowering 
process automatically reduces any noise that was intro- 
duced as a result of the recording or playback processes. 
2. Noise-reduction circuit that boosts the recorded signal 
at the tape hiss frequencies for low levels and reduces the 
boost progressively as the signal becomes large enough 
to mask the noise. (The Dolby system has the impor- 
tant advantage that it is standardized and any Dolby tape 
can be replayed accurately on any other Dolby machine.) 
3. Name of a noise-reduction system available as a special 
circuit on some stereo cassette tape decks. 4. A propri- 
etary electronic device or circuit that reduces the amount 
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of noise (principally tape hiss) introduced during the 
recording process by boosting— in carefully controlled 
amounts— the strength of weak high-frequency signals 
before they are recorded. During playback the signals 
(and the noise) are cut back by an exactly equivalent 
amount. The original dynamics are restored, but the noise 
is reduced by 10 dB. 

Dolby A—The original form of the Dolby noise- 
reduction device, intended for professional use. It has 
four independently controlled noise-reduction channels, 
to increase signal-to-noise ratio at low, middle, high and 
very high frequencies. 

Dolby B—1.A simplified version of the original 
Dolby A, intended primarily for use by nonprofessional 
recordists. Dolby B functions identically to Dolby A, but 
has only one controlled frequency band, which is effective 
primarily on tape hiss. 2. A noise-reduction system widely 
used in cassette recorders, as well as in some open-reel 
and cartridge machines and in FM broadcasting. The 
high-frequency portions of signals being recorded are 
compressed, with the degree of compression being greater 
as signal level decreases. An opposite expansion process 
takes place in playback, restoring the original frequency 
response, but with a reduction in high-frequency hiss. 
3. A complementary noise-reduction system designed to 
reduce tape (and FM) hiss. A Dolby B circuit boosts 
low-level high-frequency signals during recording and 
reduces them, along with the tape’s added noise, in a 
complementary fashion during playback. Noise can be 
reduced up to 10 db above 5 kHz with the Dolby B 
system. It is now in virtually universal use in cassette 
decks. 

Dolby B & C noise reduction (cassette 
deck) — Two systems of noise/hiss reduction invented 
by Ray Dolby. They work by boosting high frequencies 
during recording (also called encoding) and attenuating 
them during playback (also called decoding). Dolby B 
noise reduction boosts the level of the high-frequency 
range during recording and tapers the high frequencies 
during playback, reducing tape hiss by 8 to 10 dB. Dolby 
C noise reduction uses the same principle as Dolby 
B, with the addition of a second stage in which the 
frequencies affected are lower by about one octave. This 
results in a 15 to 18 dB reduction in tape hiss over an 
extended frequency range. 

Dolby digital —The multi-channel audio encoding 
formed for DVD. 

dolly— A wheeled platform or frame on which the 
tripod or frame supporting a television camera or other 
apparatus is mounted to give it wider mobility. 

domain—1.In magnetic theory, that region of a 
magnetic material in which the spontaneous magnetiza- 
tion is all in one direction. In conventional magnetic-tape 
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coatings, this corresponds to one oxide particle. 2. A 
region within a ferromagnetic substance where the atomic 
magnets of many atoms tend to orient themselves parallel 
to each other; the north poles pointing one way act sponta- 
neously. The domains may be treated as small bar magnets 
of microscopic dimension. 3. In the Internet and other 
networks, an extension in a host name that identifies the 
type of host. The seven domains established by the Inter- 
NIC are .arpa (ARPANET), .com (company/commercial), 
edu (educational institutions), .gov (government), .mil 
(military), .net (Internet access providers), and .org (orga- 
nization). Outside the United States, the domain name is 
a two-letter country code (for example, .fr for France and 
.ca for Canada). 

domain name — The unique name that identifies an 
Internet site. Domain names always have two or more 
parts, separated by dots. The part on the left is the most 
specific, and the part on the right is the most general. A 
given machine may have more than one domain name, 
but a given domain name points to only one machine. 
Usually, all of the machines on a given network will have 
the same thing as the right-hand portion of their domain 
names. 

domains — See particles. 

domestic induction heater—A home cooking 
utensil that is heated by induced currents within it. The 
unit contains a primary inductor, with the utensil itself 
acting as the secondary. 

dominant mode — Also called fundamental mode 
or principal mode. In waveguide transmission, the mode 
with the lowest cutoff frequency. Designations for this 
mode are TE), and TE, , for rectangular and circular 
waveguides, respectively. 

dominant wave — The guided wave that has the 
lowest cutoff frequency. It is the only wave that will 
carry energy when the excitation frequency is between 
the lowest and the next higher cutoff. 

dominant wavelength — 1. Of a color sample, the 
wavelength of light that matches it in chromaticity when 
mixed with white light. 2. The wavelength that is a 
quantitative measure of the apparent color of light as 
perceived by the human eye. 

dominant wavelength of a color — The predomi- 
nant wavelength of light in a color. 

donor — Also called donor impurity. 1. An impurity 
atom that tends to give up an electron and thereby affects 
the electrical conductivity of a crystal. Used to produce 
n-type semiconductors. 2. A chemical that adds electrons 
to crystal lattices. 3. An impurity from column Y of 
the periodic table, which adds a mobile electron to the 
conduction band of silicon, thereby making it more n- 
type. Commonly used donors are arsenic and phosphorous 
(compare with acceptor). 

donor impurity — An element or compound whose 
atoms or molecules have more valence electrons than 
those of the intrinsic semiconductor material into which 
they are introduced in small quantities as an impurity 
or dopant. Because the donor impurity possesses more 
valence electrons, the material doped with a donor impu- 
rity is an n-type semiconductor. See donor. 

donor-type semiconductor — An n-type semicon- 
ductor. 

donut — See land, 2. 

door cord — A short, insulated cable with an attach- 
ing block and terminals at each end used to conduct 
current to a device, such as foil, mounted on the movable 
portion of a door or window. 

doorknob tube — A vacuum tube so called because 
of its shape designed for UHF transmitter circuits. It 
has a low electron-transit time and low interelectrode 
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capacitance because of the close spacing and small size, 
respectively, of its electrodes. 

door trip switch — A mechanical switch mounted so 
that moyement of a door will operate the switch. 

dopant— 1. An impurity added to a semiconductor 
to improve its electrical conductivity; any material added 
to a substance to produce desired properties in the sub- 
stance. 2. Selected impurity introduced into semiconduc- 
tor substrates in controlled amounts, the atoms of which 
form negative (n-type) and positive (p-type) conductive 
regions. Phosphorus, arsenic, and antimony are n-type 
dopants for silicon; boron, aluminum, gallium, and indium 
are p-type dopants for silicon. 

dope — To add impurities (called dopants) to a sub- 
stance, usually a solid, in a controlled manner to cause 
the substance to have certain desired properties. For 
example, the number of electrical carriers in silicon can 
be increased by doping it with small amounts of other 
semimetallic elements. Ruby is aluminum oxide doped 
with chromium oxide. 

doped junction—A semiconductor junction pro- 
duced by the addition of an impurity to the melt during 
crystal growth. 

doped region—A layer of an integrated circuit in 
which impurities have been introduced. 

doped solder— Solder to which an element not 
normally found in solder has been intentionally added. 

doping — The addition of controlled amounts of 
impurities to a semiconductor to achieve a desired charac- 
teristic, such as to produce an n-type or p-type material, 
accomplished through thermal diffusion or ion implan- 
tation. Common doping agents for germanium and sili- 
con include aluminum, antimony, arsenic, gallium, and 
indium. 

doping agent—An impurity element added to 
semiconductor materials used in crystal diodes and 
transistors. Common doping agents for germanium and 
silicon include aluminum, antimony, arsenic, gallium, and 
indium. 

doping compensation — The addition of donor 
impurities to a p-type semiconductor or of acceptor 
impurities to an n-type semiconductor. 

Doppler cabinet—A speaker cabinet in which 
either the speaker or a baffle board is rotated or moved to 
change the length of the sound path cyclically and thereby 
produce a vibrato effect mechanically. 

Doppler effect— 1. The observed change of fre- 
quency of a wave caused by a time rate of change of the 
effective distance traveled by the wave between the source 
and the point of observation. As the distance between 
a source of constant vibration and an observer dimin- 
ishes or increases, the received frequencies are greater or 
less. 2. The apparent change in the frequency of radio 
wave reaching an observer, due either to motion of the 
source toward or away from the observer, to motion of 
the observer, or both. 3. The apparent change in fre- 
quency of sound or radio waves when reflected from 
or originating from a moving object. Utilized in some 
types of motion sensors. 4. The radiation emitted from a 
source that moves away from an observer appears to be of 
lower frequency than the radiation emitted from a station- 
ary source. The radiation emitted from a source moving 
toward the observer appears to be of a higher frequency 
than that from a stationary source. 

Doppler principle—The theory established by 
Doppler in 1842 that states that the rate of change in 
distance between a perceiver and a radiation source deter- 
mines the change in frequencies. 

Doppler radar— A radar unit that measures the 
velocity of a moving object by the shift in carrier 
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frequency of the returned signal. The shift is proportionate 
to the velocity of the object as it approaches or recedes. 

Doppler ranging— Abbreviated as doran. A cw 
trajectory-measuring system that utilizes the Doppler shift 
to measure the distance between a transmitter, missile, 
transponder, and several receiving stations. From these 
measurements, trajectory data is computed. In contrast 
to a similar system, doran circumvents the necessity of 
continuously recording the Doppler signal by performing 
the distance measurements with four different frequencies 
simultaneously. 

Doppler shift—1. The change in frequency of a 
wave reaching an observer or a system, caused by a 
change in distance or range between the source and the 
observer or the system during the interval of reception. It 
is due to the Doppler effect. 2. The change in frequency 
with which energy reaches a receiver when the source of 
radiation or a reflector of the radiation and the receiver are 
in motion relative to each other. The Doppler shift is used 
in many tracking systems. 3, The magnitude, expressed in 
cycles per second, of the alteration in the wave frequency 
observed as a result of the Doppler effect. 

Doppler signal — The signal, traveling from trans- 
mitter to receiver, that has an altered frequency due to 
the Doppier effect. 

Doppler velocity and position — 1. Having to do 
with a beacon tracking system in which pulses are sent 
from a tracking station to a receiver in the object to 
be tracked, and returned to the station on a different 
frequency. 2. Having to do with a Doppler trajectory- 
measuring system for determining target position relative 
to transmitting and receiving stations on the ground. 

doran — See Doppler ranging. 

DOS — Abbreviation for disk operating system. 

dosage meter — See dosimeter; intensitometer. 

dose-—A measure of energy actually absorbed in 
tissue as a result of ionizing radiation. 

dosimeter— Also called intensitometer or dosage 
meter. 1. An instrument that measures the amount of 
exposure to nuclear or X-ray radiation utilizing the 
ability of such radiation to produce ionization of a gas. 
2. Quartz fiber electrometer that is charged by a battery 
and discharges when exposed to radiation. Can be direct 
reading or indirect reading. Measures the total radiation 
dose received, in rem, and is carried by a person who 
works with radiation. 

DOS prompt—The letter informing DOS system 
users what drive they’re in, followed by the greater-than 
symbol (C>), which indicates that the system is ready to 
receive a command. 


MAX 
e —_— CHARGE 


QUAATZ 


f 
SHELL 


Expanded view of dosage indicator. 


EYEPIECE SCALE 


OBJECTIVE 
LENS QUARTZ 


Doppler ranging — dot-matrix display 


dot— |. See button, 2. 2. Also called bubble. A sym- 
bol placed at the input of a logic symbol to indicate that 
the active signal input is negative. The absence of a dot 
indicates a positive active signal. 

dot AND — See wired AND. 

dot-bar generator — An instrument that generates 
a specified output pattern of dots and bars. Used for 
measuring scan linearity and geometric distortion of TV 
cameras, video monitors, and TV receivers. Also used for 
converging cathode-ray tubes as recommended by color 
monitor and receiver manufacturers. 

dot cycle—One cycle of a periodic alternation 
between two signaling conditions, each condition having 
unit duration. Thus, two-condition signaling consists of a 
dot, or marking element, followed by a spacing element. 
In teletypewriter applications, one dot cycle consists of 
a mark and a space. The speed of telegraph transmission 
sometimes is stated in terms of dot cycles per second, 
or dot speed (half the speed of transmission expressed in 
bauds). 

dot encapsulation — A packaging process in which 
cylindrical components are inserted into a perforated 
wafer to form a solid block with interconnecting con- 
ductors on both surfaces joining the components. 

dot generator— An instrument used in servicing 
color television receivers. It produces a pattern of white 
dots so that convergence adjustments can be made on the 
picture tube. 

dot matrix— 1. A pattern of dots in a fixed area 
used for formulation of characters. A method of display 
character generation in which each character is formed 
by a grid or matrix pattern of 5x7 to 7x9 dots, 
combinations of which form characters on a video or hard- 
copy medium. For very high quality, 11 x 13 patterns or 
greater are required. 2. The printing of charactcrs by a 
matrix pattern of ink dots. 3. A technique for representing 
characters by composing them out of selected dots from 
within a rectangular matrix of dots. 

dot-matrix character—1.A printed character 
formed of dots so close together that it gives the impres- 
sion of having been printed by uninterrupted strokes. The 
dots are formed by wire ends, jets of ink, electrical charge, 
or laser beams. 2. A character composed from a rectan- 
gular matrix of dots. 

dot-matrix display—-1. A display format consist- 
ing of small light-emitting elements arranged as a matrix. 
Various elements are energized to depict a character. Á 
typical matrix is 5 x 7, 2. A display composed of dots in 
close, rectangular array, capable of being individually illu- 
minated to produce alphanumeric characters and graphic 
displays. 
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Dot-matrix characters and numerals (5 x 7 matrix). 
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Dot-matrix LED display with on-board 
IC. 


dot-matrix printer — A printer that forms letters by 
striking the paper with small pins or other means of 
making a mark (such as a small jet of ink), forming each 
letter with a pattern of dots. More marks per letter result in 
a denser image. Some dot-matrix printers squeeze the dots 
so closely together that they look almost like letter-quality 
print, which is made by machines that form letters with 
a single impact, as do traditional typewriters. When dot- 
matrix printers produce letters that are close to the quality 
of traditional electric typewriters, the result is often called 
correspondence-quality or letter-quality print. 2. See also 
wireprinter. 

dot pattern — Small dots of light produced on the 
screen of a color picture tube by the signal from a dot 
generator. If overall beam convergence has been obtained, 
the three color-dot patterns will merge into one white-dot 
pattern. 

dot pitch — 1. A measure of picture quality or reso- 
lution in RGB color monitors. 2. The shortest distance 
between two phosphor dots of the same color on the 
screen. The smaller the dot pitch, the better the reso- 
lution of the monitor. High-resolution monitors usually 
have a dot pitch of 0.28 mm. 3. For printers, the num- 
ber of dots per linear inch; for example, a desktop laser 
printer prints at least 300 dpi. The larger the number, the 
higher the resolution. 4. A measure of picture quality or 
resolution in RGB color monitors, which is more com- 
monly known as pixel resolution. Dot pitch is the distance 
between screen dots (pixels) measured in millimeters. The 
shorter the distance, the better the resolution. It is speci- 
fied in pixels/mm. 

dot sequential— Pertaining to the association of 
the primary colors in sequence with successive picture 
elements of a color television system. Examples: dot- 
sequential pickup, dot-sequential display, dot-sequential 
system, dot-sequential transmission. 


double-amplitude-modulation multiplier — A 
multiplier in which a carrier is amplitude modulated by 
one variable, and the modulated signal is again amplitude 
modulated by a second variable. The product of the two 
variables is obtained by applying the resulting double- 
modulated signal to a balanced demodulator. 

double armature — An armature having two wind- 
ings and commutators but only one core. 

double-base diode — See unijunction transistor. 

double-base junction transistor — Also called 
tetrode junction transistor. Essentially a junction triode 
transistor with two base connections on opposite sides of 
the central region of the transistor. 

double-beam cathode-ray tube — A cathode-ray 
tube having two electron beams capable of producing on 
the screen two independent traces that may overlap. The 
beams may be produced by splitting the beam of one gun 
or by using two guns. 

doubie-bounce calibration—A method of cali- 
bration used to determine the zero set error by using 
round-trip echoes. The correct range is the difference 
between the first and second echoes. 

double-break contacts—A set of contacts in 
which one contact is normally closed and makes simulta- 
neous connection with two other contacts. 

double-break switch—A switch that opens the 
connected circuit at two points. 

double bridge — See Kelvin bridge. 

double-button carbon microphone — Also called 
differential microphone. A microphone with two carbon 
resistance elements or buttons, one on each side of a 
central diaphragm. They are connected in parallel to the 
current source in order to give twice the resistance change 
obtainable with a single button. 

double-channel duplex—A method for simulta- 
neous communication between two stations over two rf 
channels, one in each direction. 

double-channel simplex—A method for nonsi- 
multaneous communication between two stations over 
two rf channels, one in each direction. 

double-checkerboard pattern — See worst-case 
noise pattern. 

double-clocking — Incorrect setting of a flip-flop 
due to bounce in input signal. 

double-conversion receiver—A receiver using 
a superheterodyne circuit in which the incoming signal 
frequency is converted twice, first to a high IF and then 
to a lower one. 

double-current generator— A machine that sup- 
plies both direct and alternating current from the same 
armature winding. 

double density—A type of diskette that allows 
twice as much data to be stored as single density. 

double-diffused epitaxial mesa transistor — 
See epitaxial-growth mesa transistor. 

double-diffused metal-oxide FET semicon- 
ductor — See DMOS. 

double-diffused transistor — Also called double- 
emitter-and-base transistor. A transistor in which two 
pn junctions are formed in the semiconductor wafer by 
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gaseous diffusion of both p-type and n-type impurities. 
An intrinsic region can also be formed. 

double diode — Also called duodiode. A vacuum 
tube or semiconductor having two diodes in the same 
envelope. 

double-diode limiter— A type of limiter used to 
remove all the positive signals from a combination of 
positive and negative pulses or to remove all the negative 
signals from such a combination of positive and negative 
pulses. 

double-doped transistor — A transistor formed by 
growing a crystal and successively adding p- and n-type 
impurities to the melt while the crystal is being grown. 

double-doublet antenna — An antenna composed 
of two half-wave doublet antennas criss-crossed at their 
centers; one is made shorter than the other to give broader 
frequency coverage. 

double drop—An alarm-signaling method often 
used in central-station alarm systems, in which the line 
is first opened to produce a break alarm and then shorted 
to produce a cross alarm. 

double-emitter follower— See Darlington ampli- 
fier. 

double frequency-shift keying—A multiplex 
system in which two telegraph signals are combined and 
transmitted simultaneously by frequency shifting among 
four radio frequencies. 

double-grip terminal— A solderless terminal with 
an extended flared barrel that permits a crimp to be made 
over the insulation of a wire as well as over the stripped 
portion. 

double image-—A television picture consisting of 
two overlapping images due to reception of the signal 
over two paths that differ in length so signals arrive at 
slightly different times. 

double insulation — The insulation system resulting 
from a combination of functional and supplementary 
insulation. 


double diode — double-pole switch 


double-junction photosensitive semiconduc- 
tor—A semiconductor in which the current flow is 
controlled by light energy. It consists of three layers of a 
semiconductor material, with electrodes connected to the 
ends of each. 

double-length number — Also called double-preci- 
sion number. An electronic computer number having 
twice the normal number of digits. 

double focal oscillator— An oscillator mixing 
system that generates two rf signals accurately spaced a 
few hundred hertz apart and mixes these signals to give 
the difference frequency that is used as the reference. This 
equipment is used in an interferometer system to obtain a 
detectable signal containing the phase information of an 
antenna pair, and the reference signal to allow removal of 
the phase data for use. 

double-make contacts—A sei of contacts in 
which one contact is normally open and makes simul- 
taneous connection with two other independent contacts 
when closed. 

double moding — Changing from one frequency to 
another abruptly and at irregular intervals. 

double modulation — 1. The process of modula- 
tion in which a carrier wave of one frequency is first 
modulated by a signal wave, and the resultant wave is 
then made to modulate a second carrier wave of another 
frequency. 2. A two-step modulation scheme in which 
an intelligence wave modulates a subcarrier, and then 
the modulated subcarrier is used to modulate a higher- 
frequency carrier. 

double operand— An instruction type containing 
two address fields: source operand address field and 
destination operand address field. 

double orthomode coupler—A dish-mounted 
device that allows reception of both vertically and hor- 
izontally polarized signals. 

double photoresist— A technique for eliminating 
pinholes in the photoresist coating during fabrication 
of microelectronic integrated circuits. The method may 
consist of two separate applications and exposures of 
photoresist emulsions of the same or different types. 

double-play tape — Tape having half the thickness, 
and hence double the running time (for a given reel size) 
of standard 1.5-mil tape. 

double pole — A term applied to a contact arrange- 
ment to denote that it includes two separate contact forms 
(1.e., two single-pole contact assemblies). 

double-pole, double-throw switch — Abbrevia- 
ted dpdt. A switch that has six terminais and is used to 
connect one pair of terminals to either of the other two 
pairs. 
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double-pole, single-throw switch — Abbreviated 
dpst. A switch that has four terminals and is used to con- 
nect or disconnect two pairs of terminals simultaneously. 

double-pole switch — A switch that operates simul- 
taneously in two separate electric circuits or in both lines 
of a single circuit. 


double precision — doubling 
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double precision— 1. Having to do with the use 
of two computer words to represent one number. 2. The 
technique of allocating twice the data storage space for 
representing numeric information in order to achieve 
twice the accuracy. 

double-precision arithmetic—The use of two 
computer words to represent a single number. This is 
done where it is necessary to obtain a greater accuracy 
than a single word of computer storage will provide. It 
effectively doubles the data word size. 

double-precision number— See double-length 
number. 

double-pulsing station—A _ loran station that 
receives two pairs of pulses and emits pulses at two pulse 
rates. 

double pumping — A technique of pumping a laser 
for a relatively long time to store energy in subthreshold- 
level excited states, followed immediately by a very 
brief second pumping in which the threshold condition is 
exceeded in some region. This triggers laser oscillation 
throughout the entire active region and produces peak 
output powers several tumes larger than normally seen. 

double rail— See dual rail. 

double-rail logic — Pertaining to self-timing asyn- 
chronous circuits in which each logic variable is repre- 
sented by two electrical lines that in combination can 
assume three meaningful states: zero, one, and undecided. 

double screen—.A three-layer screen consisting 
of a two-layer screen with the additional second long- 
persistence coating having a different color and different 
persistence from the first. 

double-shield enclosure —A shielded enclosure 
or room whose inner wall is partially isolated electrically 
from the outer wall. 

double sideband— Amplitude-modulated intelli- 
gence that is transmitted at frequencies both above and 
below the carrier frequency by the audio-frequency value 
of the intelligence. 

double-sideband transmitter — A transmitter that 
transmits not only the carrier frequency, but also the two 
sidebands resulting from modulation of the carrier. 

double-sided board—A printed board with a 
conductive pattern on both sides. 

double-spot tuning— Superheterodyne reception 
of a given stalion at two different local-oscillator fre- 
quencies. The local oscillator is adjusted either above or 
below the incoming signal frequency by the intermediate- 
frequency value. 

double-stream amplifier — A microwave travel- 
ing-wave amplifier in which amplification occurs through 
interaction of two electron beams having different average 
velocities. 

double-stub tuner—An_impedance-matching 
device consisting of two stubs, usually fixed three-eighths 
of a wavelength apart, in parallel with the main transmis- 
sion lines. 

double superheterodyne reception — Also 
called triple detection. The method of reception in which 
two frequency converters are employed before final 
detection. 
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double-surface transistor — A point-contact tran- 
sistor, the emitter and collector whiskers of which are in 
contact with opposite sides of the base. 

doublet — The output voltage waveform of a delay 
line under linear operating conditions when the input to 
the line is a current step function. 

doublet antenna— An antenna consisting of two 
elevated conductors substantially in the same straight line 
and of substantially equal length, with the power delivered 
at the center. 

double tape mark — A delimiter, consisting of two 
consecutive tape marks, that is used to indicate the end 
of a volume or of a file set. 

double throw — A term applied to a contact arrange- 
ment to denote that each contact form included is a break- 
make. 

double-throw circuit breaker — A circuit breaker 
by means of which a change in the circuit connections 
can be obtained by closing either of two sets of contacts. 

double-throw switch—A switch that alternately 
completes a circuit at either of its two extreme positions. 
It is both normally open and normally closed. 

double-track recorder — See dual-track recorder. 

double trigger— A trigger signal consisting of two 
pulses spaced by a fixed amount for coding. 

double triode — See duotriode. 

double-tuned amplifier — An amplifier in which 
each stage utilizes coupled circuits having two frequencies 
of resonance for the purpose of obtaining wider bands 
than are possible with single tuning. 

double-tuned circuit—A circuit in which two 
circuit elements are available for tuning. 

double-tuned detector—A type of FM discrim- 
inator in which the limiter output transformer has two 
secondary windings, one tuned a certain amount above 
the center frequency and the other tuned an equal amount 
below the center frequency. 

double-V antenna—Also called fan antenna. A 
modified single dipole that has a higher input impedance 
and broader bandwidth than an ordinary dipole. 


Double-V antenna. 


double-winding synchronous generator— A 
synchronous generator that has two similar windings in 
phase with one another, mounted on the same magnetic 
structure but not connected electrically, designed to sup- 
ply power to two independent external circuits. 

doubling— The generation of large amounts of 
second-harmonic distortion by nonlinear motion of a loud- 
speaker cone. 
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doubly balanced modulator— A modulator cir- 
cuit in which two class A amplifiers are supplied 
with modulating and carrier signals of equal amplitudes 
and opposite polarities. Carrier suppression takes place 
because the two amplifiers share a common plate circuit 
and only the sidebands appear at the output. 

downconversion— The process of converting 
microwave signals down into a frequency range in which 
signal processing components are less expensive. Typi- 
caliy, this is a VHF frequency of 70 MHz. 

downconverter—1.A type of converter whose 
input is a radio frequency and whose output is an inter- 
mediate frequency. 2. A microwave system (consisting of 
local oscillators, mixers, and bandpass filters) that accom- 
plishes downconversion. 3. The front end of the satellite 
TV receiver. 3. The part of a satellite receiving system 
that converts the downlink signals to a 70-MHz interme- 
diate frequency that is used by the receiver. Although it is 
sometimes part of the receiver, it is more often externally 
mounted directly at the LNA so that inexpensive coaxial 
cable can bring the signal to the receiver. 

down lead — Also called a lead-in wire. The wire 
that connects an antenna to a transmitter, receiver, or 
downconverter. 

downlink — 1. A satellite-to-earth microwave chan- 
nel and related components, such as the earth station 
receiving equipment. The satellite contains a downlink 
transmitter; downlink components in the earth station are 
involved with the reception and processing of satellite- 
transmitted signals. 2. The communication path from a 
TV satellite to its ground (earth) stations. 

download — 1. The process of sending communica- 
tions instructions, operating software or data from a cen- 
tral computer to individual terminals, including personal 
computers. To electronically copy a file from one com- 
puter to another computer. 2. To receive a file from a 
remote computer. 3. To transfer information stored in a 
remote computer system to the user’s system. The reverse 
process is an upload. 

downloading — 1. The electronic transfer of infor- 
mation from one computer to another, generally from a 
larger computer to a smaller one, such as a microcom- 
puter. 2. Transferring information from a host computer 
to another computer. 3. To transfer data stored in one 
computer to a storage device in another computer. 4. The 
process of sending configuration parameters, operating 
software, or related data from a central source to remote 
stations. 4. Direct transfer of code from a host system 
(MDS) into a target system or a PROM programmer. 

downstream — Outlet side of an instrument. 

downtime — $. Any period of time during which a 
system or device cannot be used as a result of a failure or 
routine maintenance, but not because of a lack of work or 
the absence of an operator. 2. The period during which 
computer or network resources are unavailable to users 
because of a system or component failure. 

downward compatibility — Software that can run 
on older and/or less powerful versions of a computer it 
was designed to run on. 

downward modulation — Modulation in which the 
instantaneous amplitude of the modulated wave is never 
ereater than that of the unmodulated carrier. 

dpdt— Abbreviation for double-pole, double-throw. 

dpi (dots per inch) — A measurement of resolution, 
usually used with printers and scanners. 

DPM — See digital panel meter. 

dpst— Abbreviation for double-pole, single-throw. 

draft mode — A low-quality printing mode available 
on some printers. | 

drag — Selecting and moving an on-screen icon via a 
mouse. 


doubly balanced modulator — drawing 


drag angle —A stylus cutting angle of less than 90° 
to the surface of the record. So called because the stylus 
drags over the surface instead of digging in. lt is the 
opposite of dig-in angle. 

drag cup — A nonmagnetic metal rotated in a mag- 
netic field to generate a torque or voltage proportional to 
its speed. 

drag-cup motor-—A small, high-speed, two-phase, 
alternating-current electric motor having a two-pole, two- 
phase stator. The rotating element consists only of an 
extremely light metal cup attached to a shaft rotating on 
ball bearings. Reversal is accomplished by reversing the 
connections to one phase. Used in applications requiring 
quick starting, stopping, and reversal characteristics. 

dragging — An interactive technique for reposition- 
ing an image on a display screen. 

drag magnet— See retarding magnet. 

drag soldering — A form of mass soldering in which 
a printed circuit board is mounted on a conveyor and 
contacts the surface of a static pool of molten solder 
at a slight angle when entering and exiting the solder 
bath. The board remains in contact with solder for a 
defined length (the dragging length) of time, travelling 
horizontally across the solder surface. 

drain — 1. The current taken from a voltage source. 
2. The working-current terminal (at one end of the 
channel in a FET) that is the drain for holes or free 
electrons from the channel. Corresponds to a collector of 
a bipolar transistor. 3. Terminal that receives carriers from 
the MOS channel. 4. One of the three regions that form a 
field-effect transistor. Majority carries that originate at the 
source and traverse the channel are collected at the drain 
to complete the current path. The flow between source 
and drain is controlled by the voltage applied to the gate. 

drainage equipment— Equipment used to protect 
connected circuits from transients produced by the oper- 
ation of protection equipment. 

drain conductor — A conductor in continuous con- 
tact with a shield for ground termination. 

drain cutoff current— The current into the drain 
terminal of a depletion-type transistor with a specified 
reverse gate-to-source voltage applied to bias the device 
to the off state. 

drain terminal — The terminal electrically connected 
to the region into which majority carriers flow from the 
channel. 

drain wire— 1. An uninsulated solid or stranded 
tinned copper wire that is placed directly under a shield. 
It touches the shield throughout the cable, and therefore 
may be used in terminating the shield to ground. It is 
completely necessary on spiral shielded cables because it 
eliminates the possibility of induction in a spiral shield. 
2. An uninsulated wire, usually placed directly beneath 
and in electrical contact with a shield. It is used for 
making shield connections through terminal strips and to 
ground. 

DRAM — Abbreviation for dynamic random-access 
memory (pronounced “dee-ram”). 1. The least expensive 
and most popular type of semiconductor read/write mem- 
ory chip, in which the presence or absence of a capacitive 
charge represents the state of a binary storage clement 
(0 or 1). The charge must be periodically refreshed. 
2. Memory that requires periodic refreshing because of 
charge leaking from capacitors in the cell circuit. 3. Main 


memory system of large computers, minicomputers, and 


even some large microcomputers. 

drawing — In the manufacture of wire, puliing the 
metal through a die or series of dies for reduction of 
diameter to a specified size. 
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D-region — The region of the ionosphere up to about 
90 kilometers above the earth’s surface. It is below the 
E-region. 

dress — 1. The exact placement of leads and compo- 
nents in a circuit to minimize or eliminate undesirable 
feedback and other troubles. 2. To arrange wire connec- 
tions, cable ends, or cables so that they present a neat and 
orderly appearance. 

dressed contact—A contact that has a locking 
spring member permanently attached. 

drift — 1. Movement of carriers in a semiconductor as 
voltage is applied. 2. A change in either absolute level 
or slope of an input-output characteristic. 3. See flutter, 
1. 4. See degradation, 1. 5. An undesired change in one 
of the output parameters of a power supply (voltage, 
current, frequency, etc.) over a period of time. The change 
is unrelated to all other variables, such as load, line, 
and environment. Drift is measured over a period of 
time by keeping all variables (such as line, load, and 
environment) constant. Specifications usually apply only 
after a warm-up period. 6. The angular displacement of 
an aircraft by the wind, generally expressed in degrees. 
7. In a dc amplifier, the change in output with constant 
input, usually measured in terms of the de input signal 
required to restore normal output; may be called out as 
microvolts or millivolts per hour. 8. A change in output 
attributable to any cause. 9, A change in the properties of 
an electrical circuit, as a result of aging or temperature 
changes. 

drift current — 1. The flow of carriers in a semicon- 
ductor due to an electric field. In the same electric field, 
holes and electrons will flow in opposite directions due to 
their opposite charge. 2. The relatively small directional 
bias that becomes superimposed on the random motion of 
carriers in an excited crystal lattice under the influence of 
an applied electric field (drift field). 

drifting — An instability in a preset voltage, fre- 
quency, or other electronic circuit parameter. 

drift mobility — The average drift velocity of carriers 
in a semiconductor per unit electric field. In general, the 
mobilities of electrons and holes are not the same. 

drift space — 1. In an electron tube, a region substan- 
tially free of alternating fields from external sources, in 
which relative repositioning of the electrons depends on 
their velocity distributions and the space-charge forces. 
2. The distance between the buncher and catcher in a 
velocity-modulated vacuum tube. 

drift speed — Average speed at which electrons or 
ions progress through a medium. 

drift transistor — A type of transistor manufactured 
with a variable-conductivity base region. Such a base 
sets up an electric field that speeds up the carriers, thus 
reducing the transit time and improving high-frequency 
operation. See also diffused-alloy transistor. 

drift velocity — Net velocity of charged particles in 
the direction of the applied field. 

drip loop — A loop formed in a transmission line at a 
point where it enters a building. Condensation of moisture 
and water that may form on the line will drip off at the 
loop and thus will not enter the building. 

drip-proof motor — A motor in which the ventilat- 
ing openings are such that foreign matter falling on the 
motor at any angle not exceeding 15° from the vertical 
cannot enter the motor either directly or indirectly. 

driptight enclosure — An enclosure that is intended 
to prevent accidental contact with the enclosed apparatus 
and, in addition, is so constructed as to exclude falling 
moisture or dirt. 

drive — 1. A unit used in mass storage applications to 
hold and operate the medium (e.g., disk or tape) being 
used to store data or programs. 2. Also called excitation. 
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The signal applied to the input of a power amplifier. See 
excitation, 2. 

drive belt— A belt used to transmit power from a 
motor to a driven device. 

drive circuit—A circuit, usually a printed circuit 
card or an encapsulated module, that converts an input 
pulse to the appropriate winding excitation sequence to 
produce one step of the motor shaft. 

drive control — See horizontal drive control. 

driven element— 1. An antenna element connected 
directly to the transmission line. 2. An element of an 
antenna, such as of a Yagi antenna, that is energized 
directly from the antenna feed line. 

driven sweep—A sweep signal triggered by an 
incoming signal only. 

drive pattern — In a facsimile system, an undesired 
pattern of density variations that result from periodic 
errors in the position of the recording spot. 

drive pin—In disc recording, a pin similar to the 
center pin but located at one side of it and used to prevent 
a disc record from slipping on the turntable. 

drive pulse — A pulsed magnetomotive force applied 
to a magnetic cell from one or more sources. 

driver— 1. An clectronic circuit that supplies input 
to another electric circuit. 2. A stage of amplification 
that precedes the power output stage. 3. In a radar 
transmitter, a circuit that produces a pulse to be delivered 
to the control grid of the modulator tube. 4. An element 
coupled to the output stage of a circuit to increase the 
power- or current-handling capability or fanout of the 
stage; for example, a clock driver is used to supply 
the current necessary for a clock line. 5. A device in a 
logic family controlled with normal logic levels whose 
output has the capability of sinking or sourcing high 
current. The output may control a lamp, relay, or a 
very large fanout of other logic devices. Also a device 
driving a higher-output device or transistor by supplying 
power, voltage, or current to it. 6. Any individual speaker 
within an audio system, such as the woofer, tweeter, 
etc. 7. A transistor output circuit that has an emitter- 
follower configuration. 8. A dc driver output module 
that contains driver output circuits. Each load must be 
connected between the output and ground as specified 
in the module data sheet. 9. Amplifier circuit used to 
reshape signals on a bus when more than one TTL 
load is present. 10. The low-power oscillator-modulator- 
amplifier unit that supplies the excitation to a power 
amplifier. See also exciter. 11. A program or routine 
that controls either external devices or other programs. 
12. Typically, an electronic function used to provide 
amplification to drive high current loads. Term often used 
to denote bus drivers that rapidly charge and discharge 
capacitance. Also used to denote the ability to control 
power, such as when driving a solenoid or other high- 
current device. 

driver element— An antenna array element that 
recelves power directly from the transmitter. 

driver gate — An analog switch, usually including 
two parts: the switch gate and a driver that controls the 
switch. 

driver stage — The amplifier stage preceding the 
power-output stage. 

driving-point admittance — The complex ratio of 
the alternating voltage for an electron tube, network, or 
other transducer. 

driving-point impedance — 1. At any pair of ter- 
minals in a network, the driving-point impedance is the 
ratio of an applied potential difference to the resultant 
current at these terminals, all terminals being terminated 
in any specified manner. 2. The input impedance of a 
transmission line or of an antenna. 
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driving power— The power supplied to the grid 
circuit of a tube where the grid swings positive and draws 
current for part of each cycle of the input signal. 

driving-range potential —The voltage difference 
between the potential of the electrochemically more active 
anode and the less active protected metal or cathode. One 
example of driving potential is the electromotive force in a 
cathodic protection system that causes current between the 
protected structure (cathode) and the anode. The driving 
potential decreases as the electrodes become polarized. 

driving signal — Television signals that time the 
scanning at the pickup point. Two kinds of driving signals 
are usually available from a central sync generator, one 
composed of pulses at the line frequency and the other of 
pulses at the field frequency. 

driving spring — The spring driving the wipers of a 
stepping relay. 

DRO memory— Destructive readout memory. A 
memory in which the contents of a storage location are 
destroyed in being read. Information must be rewritten 
after reading, if it is to be returned. An example of a 
DRO memory is the common computer core memory. 

drone cone — An undriven speaker cone mounted in 
a bass-reflex enclosure. 

droop— The decrease in mean pulse amplitude, 
expressed as a percentage of the 100-percent amplitude, 
at a specified time following the initial attainment of 100- 
percent amplitude. 


Droop. 


drop — 1. To develop a specified difference of poten- 
tial between a pair of terminals as the result of a flow of 
current. 2. See voltage drop. 

drop bar—A protective device used to ground a 
high-voltage capacitor when opening a door. 

drop bracket transposition——Reversal of the 
relative positions of two parallel wire conductors while 
depressing one, so that the crossover is in a vertical plane. 

drop cable — In a cable TV system, the transmission 
cable from the distribution cable to a dwelling. 

drop channel — A type of operation in which one or 
more channels of a multichannel system are terminated 
(dropped) at some intermediate point between the end 
terminals of the system. 

drop-down menu— A type of computer menu that 
drops from the menu bar when requested and remains 
open without further action until the user closes it or 
chooses an item from the menu. Same as pull-down menu. 

drop-in — The reading of a spurious signal of ampli- 
tude greater than a predetermined percentage of the nom- 
inal signal amplitude. 

drop indicator — An indicator for signaling, consist- 
ing of a hinged flap normally held up by a catch. The 
catch is released by an electromagnet, allowing the flap 
to drop when a signal is received. 

drop-in mike — A surreptitious listening device that 
transmits phone conversations only, by rf, to a radio 
receiver. So called because it is “dropped in,” replacing 
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the standard carbon microphone in the ordinary telephone 
handset. 

dropout— 1. A momentary loss of volume or treble 
response due to a brief separation of the tape from the 
surface of the record or play head. A very slight separation 
causes a treble dropout; more severe loss of head-to-tape 
contact causes the whole signal to drop out. Dropouts 
can be caused by buckled or crinkled tape, lumps or pits 
in the magnetic coating, or detached clumps of oxide 
passing across the head surface. 2. Short pause in tape 
replay due to bad tape coating. 3. Momentary loss of 
signal in a transmission channel. 4. Momentary signal 
losses due to imperfections in the surface of recording 
tape or phonograph record. 

dropout compensator— Circuitry that senses a 
signal loss produced by dropout and substitutes missing 
information with signal from the preceding line; if one 
line drops out of a picture, it is filled in with the preceding 
line, resulting in no dropout on the screen. 

dropout error — An error, such as loss of a recorded 
bit, that occurs in recorded magnetic tape because of 
foreign particles on or in the magnetic coating or because 
of defects in the backing. 

dropouts — Also called keys. Special images inserted 
at certain points in the array on a photomask used in the 
production of monolithic circuits. 

dropout value —The maximum value of current, 
voltage, or power that will deenergize a previously 
energized relay. See also hold current: pickup value 
(voltage, current, or power). 

dropout voltage — The input-output voltage differ- 
ential at which a regulator circuit ceases to regulate 
against further reductions in input voltage. 

dropping resistor—-!. A resistor used to decrease 
a given voltage by an amount equal to the potential drop 
across the resistor. 2. A resistor placed in series between 
a voltage source and a load to reduce the voltage supplied 
to the load. 

drop rate — The rate of discharge or decay rate of the 
sample-and-hold capacitor of a sample-and-hold device. 
The rate is a function of switch leakage current and the 
current required by other circuit elements connected to 
the capacitor, It is expressed as millivolts per second. 

drop relay —A relay activated by incoming ringing 
current to call the attention of an operator to the sub- 
scriber’s line. 

drop repeater—A microwave repeater station 
equipped for local termination of one or mcre circuits. 

dropsonde— A parachute-carried radiosonde drop- 
ped from a high-flying aircraft to measure weather con- 
ditions and report them to the aircraft. It is used over 
water or other areas where ground stations cannot be 
maintained, 

drop wire— A wire suitable for extending an open 
wire or cable pair from a pole or cable terminal to a 
building. 

dross -— Oxide and other contaminants that form on 
the surface of molten solder. 

drum — |. A random-access auxiliary memory device 
in which information is stored on a revolving drum that 
is coated with a magnetic material. 2. Rotating magnetic 
memory that uses the surface of a cylinder. 

drum controller— 1. A device in which electrical 
contacts are made on the surface of a rotating cylinder 
or sector. 2. A device in which contacts are made by the 
operation of a rotating cam. 

drum memory — A rotating cylinder or disk coated 
with magnetic material so that information can be stored 
in the form of magnetic spots. 

drum parity — A parity error that occurs during the 
transfer of information to or from drums, 
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drum plotter — Plotter that draws an image on paper 
or film mounted on a drum. 

drum printer—A type of printer that employs 
a rotating cylinder. A complete set of characters 1s 
embossed on the circumference of the drum for each 
print position. A set of hammers is used to strike the 
drum (through the paper and ribbon) and print the proper 
character each time the drum rotates. (No longer used.) 

drum programmer — An electromechanical device 
that provides stored program logic for control of a 
sequential operation such as batch processing or machine 
cycling. It ranks between relay and solid-state systems in 
the cost/complexity scale. 

drum recorder— A facsimile recorder in which the 
record sheet is mounted on a rotating cylinder. (No longer 
used.) 

drum sequencer — Mechanical programming device 
that can be used to operate switches or valves. 

drum speed — The number of revolutions per minute 
made by the transmitting or receiving drum of a facsimile 
transmitter or recorder. 

drum storage — A storage device in which informa- 
tion is recorded magnetically on a rotating cylinder; a type 
of addressable storage associated with some computers. 

drum switch—A switch in which the electrical 
contacts are made on pins, segments, or surfaces on the 
periphery of a rotating cylinder. 

drum transmitter—A facsimile transmitter in 
which the copy is mounted on a rotating cylinder. (No 
longer used.) 

drum-type controller—1. A multicircuit timing 
device, with or without a motor, using a cylindrical 
carriage into which pins are inserted to program events. 
2. A multicircuit timing device intended to be driven from 
an external rotary power source. 

drunkometer— A device measuring the degree of 
alcoholic intoxication by analyzing the subject’s breath. 

dry — 1. A condition in which the electrolyte in a cell 
is immobilized. The electrolyte may be either in the form 
of a gel or paste or absorbed in the separator material. 
2. Said of circuits or contacts that do not carry direct 
current. 

dry battery—Two or more dry cells arranged in 
series, parallel, or series-parallel within a single housing 
to provide desired voltage and current values. 

dry cell—1.A voltage-generating cell having an 
immobilized electrolyte. The commonest form has a 
positive electrode of carbon and a negative electrode of 
zinc in an electrolyte of sal ammoniac paste. 2. A source 
of energy produced by the reaction of an acid or alkaline 
paste on dissimilar metals or on a metal and a carbon 
electrode. Normal open-circuit voltage is 1.5 volts, The 
paste is sealed in a container in normal use, and the cell 
cannot be recharged. 


dry-charged battery — A battery with the plates 
charged but lacking electrolyte. When ready to be placed 
in service, the electrolyte is added. 
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dry circuit—1. A circuit in which current and volt- 
age are so low that there is no arcing to roughen the 
contacts. As a result, an insulating film can develop that 
prevents an electrical closing of the circuit when contacts 
are brought together, if the proper means are not employed 
to prevent the initial formation of the film. 2. A circuit in 
which the open-circuit voltage is 0.03 V or less and the 
current 200 mA or less. (The voltage is most important 
because at such a low level it is not able to break through 
most oxides, sulfides, or other films that can build up on 
contacting surfaces.) 3. A telephone circuit over which 
voice signals are transmitted and which carries no direct 
circuit. 

dry-circuit contact — A contact that carries current 
but neither makes nor breaks while its load circuit is 
energized. Sometimes erroneously used if referring to low 
level. 

dry contacts — Contacts through which there is no 
direct current. 

dry-disc rectifier—A rectifier consisting of discs 
of metal and other materials in contact under pressure. 
Examples are the copper-oxide and the selenium rectifier. 

dry dross — Nonmetallic components normally found 
on still solder pots and drag machines. A dry dross may be 
mixed in with lux, oil, or any other organic material. The 
term dry refers basically to the absence of any metallic 
solder. 

dry-electrolytic capacitor — An electrolytic capa- 
citor with a paste rather than liquid electrolyte. By 
eliminating the danger of leakage, the paste electrolyte 
permits the capacitor to be used in any position. 

dry flashover voltage — The voltage at which the 
air surrounding a clean, dry insulator or shell completely 
breaks down between electrodes. 

dry-reed contact— An encapsulated switch con- 
taining two metal wires that serve as the contact points 
for a relay. 

dry-reed relay — A relay that consists of one or more 
capsules containing contact mechanisms that are generally 
surrounded by an electromagnetic coil for actuation. 
The capsule consists of a glass tube with a flattened 
ferromagnetic reed sealed in each end. These reeds, which 
are separated by an air gap, extend into the tube so as to 
overlap. When placed in a magnetic field, they are brought 
together and close a circuit. 

dry shelf life —The length of time that a cell can 
stand without electrolyte before it deteriorates to a point 
at which a specified output cannot be obtained. 

dry-type forced-air-cooled transformer (class 
AFA) — A transformer that is not immersed in oil and 
that derives its cooling by the forced circulation of air. 

dry-type self-cooled/forced-air-cooled trans- 
former (class AA/FA)—A transformer that is not 
immersed in oil and that has a self-cooled rating with 
cooling obtained by the forced circulation of air. 

dry-type self-cooled transformer (class AA) — 
A transformer that is cooled by the natural circulation of 
air and that is not immersed in oil. 

dry-type transformer—A transformer that is 
cooled by the circulation of air and that is not immersed 
in oil. 

dsc — Abbreviation for double silk-covered. 

D-scope— A radar display similar to a C-scope 
except that the blips extend vertically to give a rough 
estimate of the distance. 

“D” service —FAA service pertaining to radio 
broadcast of meteorological information, advisory mes- 
Sages, and notices to airmen. 
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You are strongly advised to consult a real electrician concerning wiring in your house, where your 
family, pets, and all your stuff live. Less-than-perfect wiring causes fires or electrocution, which are both 
very unpleasant ways to die. 


Caution This book does notteach you how to wire electricity in your home. Consult a professional. 


Resistors in Series 


Just like batteries and switches, resistors perform different functions in a circuit depending on their 
configuration. Let’s look at using resistors in series first, and then consider using them in parallel later. 
Both combinations have their uses, as you will see. 

Let’s look at just a small part of the schematic that we’ve been working with so far in this chapter. 
See Figure 5-20. 


01 
RED 


Figure 5-20. One part of the circuit showing an LED, a resistor, and the power rails from our solderless 
breadboard. The resistor and LED are connected in series. The battery and power switch are not shown. 


LED Curiosities 


D1 is an LED. It is a polarized component and will only work when installed in the proper orientation. 
The schematic indicates a red LED should be used, but feel free to use whatever color LED you like or 
happen to have available. The triangle shape of the schematic symbol helps remind us of the direction of 
conventional current through the device. The actual flow of electrons is the other way, but that’s only 
because electrons are negatively charged particles and do everything backward. Apparently this was not 
well understood when electricity was first being tamed for our use. 

LEDs are fascinating devices, emitting light in a wide range of colors, coming in an astounding array 
of shapes and sizes, and generally requiring very little power to operate. They are almost as easy to use as 
incandescent bulbs and are certainly more power efficient. 

Being semiconductors, however (which leads to their being semimagical in their inner workings), 
LEDs generally only operate correctly within tightly bounded parameters. For example, a typical LED 
will only need between 2 and 3V to shine quite brightly. Incandescent lightbulbs, on the other hand, can 
operate from less than 1V to many hundreds of volts, depending on their construction and intended 
purpose. 
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DSP — Abbreviation for digital signal processor. A 
specialized chip and/or system that is dedicated to pro- 
cessing real-time signals. Typically used for modems, 
audio, imaging, and video applications. 

DSU — See data service unit. 

DT-cut crystal —A crystal cut to vibrate below 
500 kHz. 

DTE — See data termination equipment. 

DTL -— Abbreviation for diode-transistor logic. 

DTMF — Abbreviation for dual-tone multifrequency 
(signaling). 

DTP -— Abbreviation for desktop publishing. 

DTV — Abbreviation for digital television. 

D-type flip-flop — A flip-flop that, on the occurrence 
of the leading edge of a clock pulse, propagates to the 1 
output whatever information is at its D (data) conditioning 
input prior to the clock pulse. 

dual-—Either of a pair of systems, circuits, etc., 
that are described by equations of the same form in 
which the same functional relationships hold provided 
that the dependent and independent dynamic variables are 
interchanged between these equations. 

dual-beam oscilloscope— An oscilloscope in 
which the cathode-ray tube produces two separate electron 
beams that may be individually or jointly controlled, 

dual capacitor—Two capacitors within a single 
housing. 

dual capstan — See closed loop drive. 

dual-channel amplifier — An amplifier that has two 
channels independent of each other, but similar in design, 
construction, and output. 

dual coaxial cable—Two individually insulated 
conductors laid parallel or twisted and placed within an 
overall shield and sheath. 

dual cone — Speaker unit containing a main cone for 
bass and middle frequencies and a smaller, stiffer inner 
cone for treble frequencies, sometimes called a full-range 
speaker unit. 

dual-diversity receiver— 1. A radio receiver that 
receives signals from two different receiving antennas and 
uses whicrever signal is the stronger at each instant to 
offset fading. In one arrangement, two identical radio- 
frequency systems, each with its own antenna, feed a 
common audio-frequency channel. In another arrange- 
ment, a single receiver is changed over from one antenna 
to the other by electronic switching at a rate fast enough 
to prevent loss of intelligibility. 2. The operation of com- 
bining two identical signals received over diverse paths 
to obtain an improvement of up to 3 dB in signal-to-noise 
ratio, 

dual-emitter transistor —A passivated pnp silicon 
planar epitaxial transistor with two emitters; used as a 
¿Ow-level chopper. 

dual feedhorn — A feedhorn that can simultaneously 
receive both horizontally and vertically polarized signals. 

dual-frequency induction heater—A type of 
induction heater in which work coils operating at two 
different frequencies induce energy, either simultaneously 
or successively, to material within the heater. 

dual-groove record — See Cook system. 

dual in-line package — Abbreviated DIP. 1. A type 
of housing for integrated circuits. The standard form is a 
molded plastic container about 3/,; inch long and '/ inch 
wide (1.9 x 0.8 cm), with two rows of pins spaced 0.1 
inch (2.5 cm) between centers. This package is more 
popular than the flat pack or TO-type can for industrial 
use because it is relatively inexpensive and is easily dip- 
soldered into printed circuit boards. 2. Carrier in which 
a semiconductor integrated circuit or other components, 
such as transistor, diodes, capacitors, inductors, resistors, 
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or film hybrid circuits, are assembled and sealed. Package 
consists of a plastic or ceramic body with two rows of 
seven or more vertical leads that are inserted into a circuit 
board and secured by soldering. 3. The most common 
type of integrated-circuit package, which can be either 
plastic (DIP-plastic) or ceramic (CERDIP). Circuit leads 
or pins extend symmetrically outward and downward 
from opposite sides of the rectangular package body. 
“DIP, side-brazed” is a dual in-line package with leads 
brazed extemally, on the sides of the package. 


Dual in-line package. 


dual meter— A meter constructed so that two aspects 
of a circuit may be read simultaneously. 

dual-mode ignition — See DML 

dual-mode phone — A phone that operates on both 
analog and digital networks. 

dual modulation — The use of two different types 
of modulation, each conveying separate intelligence, to 
modulate a common carrier or subcarrier wave. 

dual operation — A logic operation whose result is 
the negation of the result of an original operation when 
applied to the negation of its operands; for example, the 
OR operation is the dual of the AND operation. A dual 
operation is represented by writing O for ! and 1 for 0 
in the tabulated values of P, Q, and R for the original 
operation. 

dual pickup — See turnover pickup. 

dual rail— Also called double rail. Pertaining to a 
method of transferring data in which the data and the 
complement of the data are available on different input or 
output lines or wires. 

dual slope converter — An integrating analog-to- 
digital converter in which the unknown signal is converted 
to a proportional time interval that is then measured 
digitally. 

dual-tone multifrequency — Abbreviated DTMF. 
1. A signaling method in which are employed set pairs 
of specific frequencies used by subscribers and PBX 
attendants, if their switchboard positions are so equipped, 
to indicate telephone address digits, precedence ranks, and 
end of signaling. 2. A portion of the touch-tone telephone 
dialing system developed by AT&T that combines two 
of a set of standard frequencies. The result of the 
combination is a third or beat frequency (signal) that is 
the desired or useable signal. DTME signaling transports 
precisely defined and matched tone pair signals over 
sharply tuned amplitude-guarded channels to achieve 
highly error-immune operation. 

dual-tone multifrequency signaling -— Abbre- 
viated DTMF signaling. Sending numerical address 
information from a telephone by sending, simultaneously, 
a combination of two tones out of a group of eight. The 
eight frequencies are 697, 770, 852, 941, 1209, 1336, 
1477, and 1633 Hz. 
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Dual-tone multifrequencies. 


dual trace — A mode of operation in which a single 
beam in a cathode-ray tube is shared by two signal 
channels. See also alternate mode; chopped mode. 

dual-track recorder—Normally a monophonic 
recorder in which the recording head covers slightly less 
than half the width of a standard quarter-inch tape, making 
it possible to record one track on the tape in one direc- 
tion and, after turning the reels over, a second track in the 
opposite direction. Known also as half-track or two-track 
recorder. 

dual-use line—A communications link that nor- 
mally is used for more than one mode of transmission 
(e.g., for voice and data). 

dub — Also called rerecording. 1. A copy of a record- 
ing. 2. To make a copy of a recording by recording on 
one machine what another machine is playing. 

dubbing — 1. In radio broadcasting, the addition of 
sound to a prerecorded tape or disc. 2. Copying of already 
recorded material. In tape recording, playing a tape or disc 
on one machine while recording it on another. The copy 
is called a dub. 

duct— 1. An overhead or underground protective tube 
or pipe used for carrying electrical conductors. 2. In 
microwave transmission, atmospheric conditions may 
cause radio waves to follow a narrower path than usual. 
The narrower path is called a duct. The presence of duct- 
ing sometimes causes unusual transmission because the 
transmission waves do not follow the intended path. 

ducting — The trapping of an electromagnetic wave, 
in a waveguide action, between two layers of the earth’s 
atmosphere, or between a layer of the atmosphere and the 
earth’s surface. 

DUF — Abbreviation for diffusion under the epitax- 
ial film. A method for providing a low-resistance path 
between the active region of an IC transistor and the con- 
tact electrode at the surface. A region of high conductance 
is formed by selective diffusion in the required location 
prior to deposition of the epitaxial layer. 

dumb terminal— 1. Conversational slave to a host 
computer in a Communication network. 2. An inexpensive 
means of interactive computer control that is good for on- 
line fixed-program applications. All software is in the host 
computer mainframe. A dumb terminal contains no user 
programming or memory for data manipulation. 3. The 
minimum equipment necessary to communicate with a 
computer. It consists of a monitor and a keyboard and will 
do little more than send and receive data. 4. A display 
terminal with no processing capabilities other than that 
associated with screen formatting. For processing, the 
terminal is entirely dependent on the main computer with 
which it communicates. 

dummy— 1. A device that can be substituted for 
another, but which has no operating features. 2. A teleg- 
raphy network used to simulate a customer’s loop for 
adjustment of a telegraph repeater. The dummy side of 
the repeater is the side toward the customer. 3. In a com- 
puter, an artificial address, instruction, or other unit of 
information inserted solely for the purpose of fulfilling 
such prescribed conditions as word length or block length 
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without affecting operations. 4. A simulating circuit that 
has no features. 

dummy antenna — See artificial antenna. 

dummying— The process of removing metallic 
impurities from plating solution with a large-area dummy 
cathode. 

dummy instruction — An artificial instruction or 
address inserted in a list of instructions to a computer 
solely to fulfill prescribed conditions (such as word length 
or block length) without affecting the operation. 

dummy load — See artificial load. 

dummy variable — In a computer program, a symbol 
inserted at definition time, which will later be replaced by 
the actual variable. 

dump — Also called power dump. 1. To withdraw all 
power from a computer, either accidentally or intention- 
ally. 2. To transfer all or part of the contents of one section 
of a digital-computer memory into another section. 3. To 
transfer information from a register word to a memory 
position. 4. To transfer all of the information contained in 
a record into another storage medium. For example, a disc 
record could be dumped onto tape. 5. Copying contents 
of memory from one place to another. Same as memory 
dump. 

dump check— Checking a computer by adding all 
digits as they are dumped (transferred) to verify the sum 
to make sure no errors exist as the digits are retransferred. 

dump circuit— One form of transient suppression 
circuit, a self-biased snubber. The dump circuit is virtually 
inactive until the voltage across it exceeds the recent 
(slow) average value. 

dumping resistor — A resistor whose function is to 
discharge a capacitor or network for safety purposes. 

Dunmore cell — See lithium chloride sensor. 

duodecal socket—A vacuum-tube socket hav- 
ing 12 pins. Used for cathode-ray tubes. 

duodecimal — 1. Pertaining to a characteristic or 
property involving a selection, choice, or condition in 
which there are 12 possibilities. 2. Pertaining to the 
numbering system with a radix of 12. 

duodiode — Also called dual diode. A vacuum tube 
or semiconductor having two diodes within the same 
envelope. 

duodiode-pentode — An electron tube containing 
two diodes and a pentode in the same envelope. 

duodiode-triode — An electron tube containing two 
diodes and a triode in the same envelope. 

duolateral coil— See honeycomb coil. 

duopole — An all-pass action with two poles and two 
Zeros. 

duotriode— Also called double triode. An electron 
tube containg two triodes in the same envelope. 

duplex— 1. The method of operation of a commu- 
nication circuit in which each end can simultancously 
transmit and receive. (Ordinary telephones are duplex. 
When used on a radio circuit, duplex operation requires 
two frequencies.) 2. Two-in-one, as two conductors with 
a common overall insulation or two telegraph transmis- 
sion channels over one wire. 3. Two conductors twisted 
together, usually with no outer covering. This term has a 
double meaning; it is possible to have parallel wires and 
jacketed parallel wires, and still refer to them as duplex. 
4. Two-way data transmission. Full duplex describes two 
data paths that allow simultaneous data transmission in 
both directions. Half duplex describes one data path that 
allows data transmission in either of two directions, but 
only one direction at a time. 

duplex artificial line — A balancing network simu- 
lating the impedance of the real line and distant termi- 
nal apparatus; it is employed in a duplex circuit for the 
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purpose of making the receiving device unresponsive to 
outgoing signal currents. 

duplex cable — A cable composed of two insulated 
stranded conductors twisted together. They may or may 
not have a common insulating covering. 

duplex channel—A communication channel pro- 
viding simultaneous transmission in both directions. 

duplexer— 1. A radar device that, by using the 
transmitted pulse, automatically switches the antenna 
from receive to transmit at the proper time. 2. Highly 
selectable, tunable filters that allow a transmitter and 
receiver to use one common antenna. 

duplexing assembly (radar) —See transmit- 
receive switch. 

duplex operation — Simultaneous operation of trans- 
mitting and receiving apparatus at two locations. 

duplex system—A system with two distinct and 
separate sets of facilities, each of which is capable of 
assuming the system function while the other assumes a 
standby status. Usually both sets are identical in nature. 

duplex tube — A combination of two vacuum tubes 
on one envelope. 

duplicate — To copy in such a way that the result 
has the same physical form as the source. For example, 
to make a new punched card that has the same pattem of 
holes as an original punched card. 

duplication check——A computer check in which 
the same operation or program is checked twice to make 
sure the same result is obtained both times. 

Duraspark — Conventional (Ford Motor) electronic 
ignition for use with high-voltage, high-energy spark 
timing control. 

duration control —A control for adjusting the time 
duration of reduced gain in a sensitivity time control 
circuit, 

duress alarm device—A device that produces 
either a silent alarm or local alarm under a condition of 
personnel stress such as holdup, fire, illness, or other panic 
or emergency. The device is normally manually operated 
and may be fixed or portable. 

duress alarm system-— An alarm system that 
employs a duress alarm device. 

during cycle —The interval while a timer is operat- 
ing for 1ts preset time period. 

dust core-— A pulverized iron core consisting of 
extremelv fine iron particles mixed with a binding mate- 
rial for use in radio-frequency coils. 

dust cover — A device specifically designed to cover 
the mating end of a connector so as to provide mechanical 
and/or environmental protection. 

DUT — Abbreviation for device under test. 

duty cycle — 1. Ratio of working time to total time 
for intermittently operated devices. 2. The ratio of on- 
time to off-time in a periodic on-off cycle. 3. The ratio 
of operating time to total elapsed time of a device that 
operates intermittently, expressed as a percentage. 4. In 
percent, 100(z,/T), where T is the period between pulses 
and +, is the pulse width. 

duty cyclometer— A test meter that gives a direct 
reading of duty cycle. 

duty factor — 1. In a carrier composed of regularly 
recurring pulses, the product of their duration and rep- 
etition frequency. 2. Ratio of average to peak power. 
3. Same as duty cycle except it is expressed as a decimal 
rather than a percentage. Usually calculated by multiply- 
ing pulses per second times pulse width. 

duty ratio—In a pulsed system, such as radar, the 
ratio of average to peak power. 

DVD — Abbreviation for the digital versatile disc and 
digital video disk. A high capacity optical storage medium 
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with improved capacity and bandwidth over the CD for 
prerecorded multimedia program material with applica- 
tions in video playback and PC areas. 

dv/dt — The rate of change of voltage with respect to 
time. Proportional to current in a capacitor. 

Dvorak keyboard — A keyboard arrangement de- 
signed by August Dvorak for increased speed and 
comfort. It reduces the rate of errors by placing the most 
frequently used letters in the center of the keyboard for 
use by the strongest fingers. 

DX— 1. Abbreviation for distance. 2. Reception of 
distant stations. 3. Distant and/or difficult to hear radio 
Stations, 

DXer— One who listens to distant or hard-to-hear 
Stations as a hobby. 

DX hound — An amateur who specializes in making 
distant contacts. 

DXing — The hobby of listening to distant or other- 
wise hard-to-hear stations. 

dyadic Boolean operator —A Boolean operator 
that has two operands. The dyadic Boolean operators are 
AND, exclusive OR, NAND, NOR, and OR. 

dyadic operation — An operation on two operands. 

dye laser— A laser using a dye solution as its active 
medium. Its output is a short pulse of broad spectral 
content, and its achievable gain is high. Dye lasers 
function at room temperature. Synchronous pumping 
can be used to produce a continuous train of tunable 
picosecond pulses for sustained periods. 

dynamic — 1. Of, concerning, or dependent on condi- 
tions or parameters that change, particularly as functions 
of time. 2. A speaker drive principle using the interaction 
between the magnetic field surrounding a voice coil car- 
rying a signal current and a fixed magnetic field to move 
the coil and the cone to which it is attached. 3. A head- 
phone driver using a voice coil in a magnetic field driving 
a paper or plastic diaphragm, as in a speaker. 

dynamic acceleration — Acceleration in a con- 
stantly changing magnitude and direction, either simple or 
complex motion, usually called vibration. Also measured 
in gravity units. 

dynamically balanced arm— A type of tonearm 
whose masses are balanced about its pivot, with tracking 
force applied by a spring. This type of arm does not 
require that the turntable be level for proper tracking. 

dynamic analogies—The similarities in form 
between the differential equations that describe electrical, 
acoustical, and mechanical systems that allow acoustical 
and mechanical systems to be reduced to equivalent elec- 
trical networks, which are conceptually simpler than the 
original systems. 

dynamic analysis— Execution of an instrumented 
program to collect information on its behavior and cor- 
rectness. 

dynamic behavior — The way a system or individ- 
ual unit functions with respect to time. 

dynamic braking — 1. A system of braking of an 
electric drive in which the motor is used as a generator, 
and the kinetic energy of the motor and driven machinery 
is employed as the actuating means of exerting a retarding 
force. 2. A type of motor braking caused by current being 
applied to the windings after the power is shut off. This 
is accomplished either by self-excitation (de motors) or 
by separate excitation (ac motors). 

dynamic burn-in — High-temperature test with de- 
vices subject to actual or simulated operating conditions. 

dynamic cell —A memory cell that stores data as 
charge (or absence of charge) on a capacitor. Á typical 
cell isolates the capacitor from the data line (bit line) 
with a transistor switch. Thus, when no read or write 
operation is desired, there is essentially no power required 
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to maintain data. However, normal leakage requires that 
the charge be periodically restored by a process called 
refresh. Characteristics of a dynamic cell are very low data 
retention power, fewer transistors per bit (a one-transistor 
cell is common), and, usually, less area and lower cost 
per bit than for static cells. 

dynamic characteristics — Relationship between 
the instantaneous plate voltage and plate current of a 
vacuum tube as the voltage applied to the grid is varied. 

dynamic check — A check used to ascertain the cor- 
rect performance of some or all components of equipment 
or a system under dynamic or operating conditions. 

dynamic contact resistance — 1. In a relay, a 
change in contact electrical resistance due to a variation 
in contact pressure on mechanically closed contacts. For 
example, during wiping motion of sliding contacts during 
make or prior to break. Also when contact members no 
longer actually open, as in contact bounce, but members 
are still vibrating and varying the contact pressure and 
hence its resistance. 2, A varying contact resistance on 
contacts mechanically closed. 

dynamic convergence — 1. The condition in which 
the three beams of a color picture tube come together at 
the aperture mask as they are deflected both vertically 
and horizontally. 2. A composite horizontal and vertical 
voltage used to ensure correct convergence of the three 
beams of a tricolor picture tube over the entire surface of 
the phosphor-dot faceplate. See also horizontal dynamic 
convergence; vertical dynamic convergence. 

dynamic crosstalk — A condition (in an amplifier 
utilizing a single power supply) in which the demands 
made on one channel will effectively modulate the output 
of the other channel because the power supply feeding 
both is pumping up and down. To completely eliminate 
dynamic crosstalk may require separate and well-shielded 
power supplies for each channel. 

dynamic decay—JIn a storage tube, decay caused 
by an action such as that of ion charging. 

dynamic demonstrator—.A  three-dimensional 
schematic diagram in which the components of the radio, 
television receiver, etc., are mounted directly on the 
diagram. 

dynamic deviation— The difference between the 
ideal output value and the actual output value of a 
device or circuit when the reference input is changing 
at a specified constant rate and all other transients have 
expired. 

dynamic dump — A dump performed while a pro- 
gram is being executed. 

dynamic electrode potential —The electrode 
potential measured when current is passing between the 
electrode and the electrolyte. 

dynamic equilibrium of an electromagnetic 
system — 1. The tendency of any electromagnetic sys- 
tem to change its configuration so that the flux of magnetic 
induction will be maximum. 2. The tendency of any two 
current-carrying circuits to maintain the flux of magnetic 
induction linking the two at maximum. 

dynamic error— An error in a time-varying signal 
resulting from inadequate dynamic response of a trans- 
ducer. 

dynamic focus — The application of an ac voltage to 
the focus electrode of a color picture tube to compensate 
for the defocusing caused by the flatness of the screen. 

dynamic headroom — The ability of an amplifier to 
produce more than its rated power for very short periods 
of time. An amplifier rated at 100 watts per channel with 
3 dB of dynamic headroom can briefly produce 200 watts 
per channel. 

dynamic magnetic field — A field whose intensity 
is changing and whose lines of force are expanding or 
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contracting. Such change can be periodic or random. 
Unlike the static field, the dynamic field can transfer 
energy from one point to another without relative motion 
between the points. 

dynamic memory—1.A type of semiconductor 
memory in which the presence or absence of an electrical 
or capacitive charge represents the two states of a binary 
storage element. Without refresh, the data represented by 
the electrical charge would be lost. 2. An MOS RAM 
memory using dynamic circuits. Each bit is stored as a 
charge on a single MOS transistor. This results in very 
high-density storage (only one transistor per bit). The 
charge leaks; therefore, a typical dynamic memory must 
be refreshed every 2 ms by rewriting its entire contents. 
In practice, this does not slow down the system, but 
requires additional memory refresh logic. (Dynamic chips 
are inexpensive and generally preferred to static ones for 
sizes over 16 K.) 

dynamic memory allocation — Allocation of a 
limited main memory to successive programs in function 
of an allocation strategy based on priority, availability, or 
size. 

dynamic microphone — See moving-coil micro- 
phone. 

dynamic MOS array — A circuit made up of MOS 
devices that requires a clock signal. The circuit must be 
tested at its rated (operating) speed. Known as clock-rate 
testing. 

dynamic mutual-conductance tube tester— 
See transconductance tube tester. 

dynamic noise limiter— Abbreviated DNL. A 
compatible circuit designed primarily for use with tape 
recorders, It improves the effective signal-to-noise ratio 
during replay by selective filtering at low signal levels. 

dynamic noise suppressor— An audio filter 
whose bandpass is adjusted automatically to the signal 
level. At low signal levels, filtering is highest; at high 
signal levels, ali filter action is removed. 

dynamic output impedance— See output impe- 
dance, 2. 

dynamic pickup—A phonograph pickup whose 
electrical output is the result of the motion of a conductor 
in a magnetic field. 

dynamic plate impedance —The internal resis- 
tance to the flow of alternating current between the cath- 
ode and plate of a tube. 

dynamic plate resistance —See ac plate resis- 
tance. 

dynamic power— See music power. 

dynamic printout — In a computer, a printout of data 
that occurs as one sequential operation during the machine 
run. 

dynamic problem check — A dynamic check used 
to ascertain that the solution determined by an analog 
computer satisfies the given system of equations. 

dynamic programming — 1. A procedure used in 
Operations research for optimization of a multistage 
problem solution in which a number of decisions are 
available at each stage of the process. 2. A method 
of sequential decision making in which the result of 
the decision in each stage aftords the best possible 
answer to exploit the expected range of likely (yet 
unpredictable) outcomes in the following decision-making 
stages. 

dynamic RAM — See DRAM. 

dynamic range—1. The difference, in decibels, 
between the overload level and the minimum acceptable 
signal level in a system or transducer. 2. The span of 
volume between the loudest and softest sounds, either 
in an original signal (original dynamic range) or within 
the span of a recorder's capability (recorded dynamic 
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range). Dynamic range is expressed in decibels. See 
signal-to-noise ratio. 3. The range of signal amplitudes, 
from the loudest to the quietest, that can be reproduced 
effectively by an equipment. Limited by the intrinsic 
noise of the amplifier and the ambient background noise 
level of the listening environment and by the power 
capacity of the amplifier and speaker system. 4. The 
ratio between the maximum recorded level (usually that 
which results in 3-percent playback distortion) and the 
playback noises from a tape recorded with no signal 
input. Expressed in decibels. 5. The difference between 
the maximum acceptable signal level and the minimum 
acceptable signal level. 6. The ratio of the largest to the 
smallest values of range, often expressed in decibels, 
7. The ratio of the maximum output signal to the smallest 
output signal that can be processed in a system, usually 
expressed logarithmically in dB. (Dynamic range can be 
specified in terms of harmonic distortion, signal-to-noise 
ratio, spurious-free dynamic range, or other ac input-based 
performance criteria.) 

dynamic register — A memory in which the storage 
takes the form of capacitively charged circuit elements 
and therefore must be continually refreshed, or recharged, 
at regular intervals. 

dynamic regulator—A transmission regulator in 
which the adjusting mechanism is in self-equilibrium at 
only one or a few settings and requires control power to 
maintain it at any other setting. 

dynamic relocation— The ability to move com- 
puter programs or data from auxiliary memory to any con- 
venient location in the memory. Normally the addresses 
of programs and data are fixed when the program 1s com- 
piled. 

dynamic reproducer — See moving-coil pickup. 

dynamic resistance — Incremental resistance mea- 
sured over a relatively small portion of the operating 
characteristic of a device. 

dynamic router — A router that automatically broad- 
casts routing information throughout the Internet at regu- 
lar intervals. Other dynamic routers use this information 
to update their routing tables in case any changes have 
been made to the network. 

dynarnic run — Also called dynamic test. 1. The test 
performed on an instrument to obtain the overall behavior 
and to establish or corroborate specifications such as 
frequency response, natural frequency of the device, etc. 
2. Test based on a time-interval measurement as, for 
example, the rise time or fall time of a pulse. 3. Á test of 
one or more of the signal properties or characteristics of 
equipment that is energized or in a nonquiescent state. 

dynamic sequential control — A method of oper- 
ation in which a digital computer can alter instructions or 
their sequence as the computation proceeds, 

dynamic shift register—A shift register in which 
information 1s stored by means of temporary charge stor- 
age techniques. The major disadvantage of this method is 
that loss of the information occurs if the clock repetition 
rate is reduced below a minimum value. 

dynamic skew — Short-term misalignment of the 
read head of a tape player as referenced to a master skew 
tape. It results from variations in tape-path geometry and 
tape-path alignment and slitting and “snaking” tolerances 
of magnetic tape. 

dynamic speaker — See moving-coil speaker. 

dynamic storage— 1. A data-storage device in 
which the data is permitted to move or vary with time 
in such a way that the specified data is not always 
immediately available for recovery. Magnetic drums and 
disks are permanent dynamic storage; acoustic delay line 
is a volatile dynamic storage. 2. Information storage using 
temporary charge storage techniques, lt requires a clock 
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repetition rate high enough to prevent loss of infor- 
mation. 

dynamic storage allocation—A storage-alloca- 
tion technique in which program and data locations are 
determined by criteria applied at the moment of need. 

dynamic subroutine—JIn digital-computer pro- 
gramming, a subroutine that involves parameters (such 
as decimal point position) from which a properly coded 
subroutine is derived. The computer itself adjusts or gen- 
erates the subroutine according to the parametric values 
chosen. 

dynamic test — See dynamic run. 

dynamic transfer-characteristic curve—A 
curve showing the variation in output current as the input 
current changes. 

dynamo — 1. Normally called a generator. A machine 
that converts mechanical energy into electrical energy by 
electromagnetic induction. 2. In precise terminology, a 
generator of direct current —as opposed to an alternator, 
which generates alternating current. 


SHUNT 
WINDING 


FIELD 
MAGNET 


COMMUTATOR 


FRAME 
LOAD 


Cynamoelectric — Pertaining to the relationship bet- 
ween mechanical force and electrical energy or vice versa. 

dynamometer— 1. An instrument in which the 
force between a fixed and a moving coil provides a mea- 
sure of current, voltage, or power. 2. Equipment designed 
to measure the power output of a rotating machine by 
determining the friction absorbed by a hand brake oppos- 
ing the rotation. 

dynamotor — Also called a rotary converter or syn- 
chronous inverter. 1, A rotating device for changing a de 
voltage to another value. It is a combination electric motor 
and dc generator with two or more armature windings 
and a common set of field poles. One armature winding 
receives the direct current and rotates (thus operating as 
a motor), while the others generate the required voltage 
(and thus operate as a dynamo or generator). 2 A rotary 
electrical machine used to convert direct current to alter- 
nating current. The machine has a single field structure 
and a single rotating armature having two windings, one 
equipped with a dc commutator and the other with ac slip 
rings. 

dynaquad—A germanium pnpn semiconductor 
switching device that is base controlled and has three ter- 
minals. Its operation is similar to that of a flip-flop circuit 
or latching relay. 

dynatron— Also called negatron. A type of vacuum 
tube in which secondary emission of electrons from the 
plate causes the plate current to decrease as the plate 
voltage increases, with the result that the device exhibits 
a negative-resistance characteristic. Used in oscillator 
circuits. See tetrode. 
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dynatron oscillator— A negative-resistance oscil- 
lator with negative resistance derived between the plate 
and cathode of a screen-grid tube operating such that sec- 
ondary electrons produced at the plate are attracted to the 
higher-potential screen grid. 

dyne—The fundamental unit of force in the cgs 
system that, if applied to a mass of 1 gram, would give 
it an acceleration of 1 cm/s’. 

dyne per square centimeter — Also called micro- 
bar. The unit of sound pressure. One dyne per square 
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centimeter was originally called a bar in acoustics, but 
the full expression is used in this field now because the 
bar is defined differently in other applications. 

dynistor—A nonlinear semiconductor having the 
characteristics of a small current flow as voltage is 
applied. As the applied voltage is increased, a point is 
reached at which the current flow suddenly increases 
radically and will continue at this rate even though the 
applied voltage is reduced. 

dynode — |. An electrode having the primary func- 
tion of supplying secondary electron emission in an elec- 
tron tube. 2. The auxiliary electrode that, when function- 
ing within a photomultiplier tube and when bombarded 
by photoelectrons, gives rise to secondary emission and 
amplification. 
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E— 1. Symbol for voltage or emitter. 2. Abbreviation 
for illumination. 

E and M leads —In a signaling system, the output 
and input leads, respectively. 

E- and M-lead = signaling — Communications 
between a trunk circuit and a separate signaling unit by 
way of two leads: an M lead over which battery or ground 
signals are transmitted to the signaling equipment, and an 
E lead over which open or ground signals are received 
from the signaling unit. 

early failure — A failure that occurs during the initial 
life phase and is generally caused by initial production, 
assembly, test, installation, or commissioning errors. 

early-failure period — Also called debugging period, 
burn-in period, or infant-mortality period. The period of 
equipment life, starting immediately after final assembly, 
during which equipment failures initially occur at a higher 
than normal rate due to the presence of defective parts and 
abnormal operating procedures. 

early-warning radar—aA radar that usually scans 
the sky in all directions in order to detect approaching 
enemy planes and/or missiles at distances far enough 
away that interceptor planes can be in the air to meet 
their approach before they are near their target. 

EAROM — Abbreviation for electrically alterable 
ROM. 1. A read-only memory (ROM) that can be erased 
and reprogrammed any number of times. 2. Device that 
resembles an EPROM except that electric current rather 
than ultraviolet light does the erasing. This is an expensive 
type of PROM because it requires complete read/write 
control] logic. Use is restricted mainly to applications 
such as machine controllers in which operators must 
change programs regularly. 3. Similar to the EPROM, the 
EAROM can be erased by a sort of reversed programming 
with a high voltage. The EAROM is thus like a RAM that 
will not lose its data if power is removed. 

earphone — Also called receiver. 1. An electroacous- 
tic transducer intended to be placed in or over the 
ear. 2. An electroacoustic device that transforms electric 
waves into sound waves. It is intended to be closely cou- 
pled, acoustically, to the ear. 

earth — Term used in Great Britain for ground. 

earth conductivity—The conductance between 
opposite faces of a unit cube (usually cubic meter) of 
a given earth material (loam, clay, sand, rock, etc.), The 
volume conductivity of this earth sample is the reciprocal 
of its volume (not to be confused with surface) resis- 
tivity. 

earth current—Also called ground current. 
1. Current in the ground as a result of natural causes 
and affecting the magnetic field of the earth, sometimes 
causing magnetic storms. 2. Return, fault, leakage, or 
stray current passing from electrical equipment through 
the earth. 

earthed — A British term meaning grounded. 
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earth ground —1. A connection from an electrical 
circuit or equipment to the earth through a water pipe or 
a metal rod driven into the earth. This connection reduces 
shock hazards from faulty equipment. Water pipes may no 
longer be reliable grounds because of the use of transite 
pipe, neoprene gaskets, and other nonconducting links. 
Any ground rods driven under the interior of a large 
building may gradually become ineffective because the 
building may drive the local water table down so far that 
the rod is essentially surrounded by dry soil. 2. An actual 
connection into the surface of the earth by way of a metal 
or chemical rod or a wire connected to such a conductor. 

earth inductor— See generating magnetometer. 

earth-layer propagation — |. Propagation of elec- 
tromagnetic waves through layers in the atmosphere of the 
earth. 2. Propagation of electromagnetic waves through 
layers below the surface of the earth. 

earth oblateness—The slight departure from a 
perfect spherical shape of the earth and the form of its 
gravity field. 

earth permittivity—The ratio of a capacitor’s 
Capacitance using our earth sample as a dielectric to that 
with air as a dielectric. Permittivity has also variously 
been termed dielectric constant, specific inductive capac- 
ity, and capacitivity. 

earth station — The term used to describe the com- 
bination of antenna, low-noise amplifier (LNA), down- 
converter, and receiver electronics; used to receive a 
signal transmitted by a satellite. Earth station antennas 
vary in size from the 2-foot to 12-foot (65 centimeters 
to 3.7 meters) diameter size used for TV reception to 
those as large as 100 feet (30 meters) in diameter some- 
times used for international communications. The typical 
antenna used for INTELSAT communication today is 13 
to 18 meters or 40 to 60 feet in diameter. 

EAS — Abbreviation for extensive area service. 

EAX — Abbreviation for electronic automatic ex- 
change. 

EBCDIC — Abbreviation for extended binary coded 
decimal interchange code. A coding scheme wherein 
letters, numbers, and special symbols are represented 
as unique eight-bit values, allowing for standardization 
between data communications devices; popularized by 
IBM. The code can accommodate 256 characters. 

E-bend— See E-plane bend. 

ebiconductivity — Conductivity induced as the result 
of electron bombardment, 

ebmd— Abbreviation for electron-beam mode dis- 
charge. 

EBS amplifier— Abbreviation for electron-bombar- 
ded semiconductor amplifier. 

ec — Abbreviation for enamel covered. 

eccentric circle — See eccentric groove. 
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eccentric groove — Also called eccentric circle. An 
off-center locked groove for actuating the trip mechanism 
of an automatic record changer at the end of a recording. 

eccentricity — In disc recording, the displacement of 
the center of the recording-groove spiral with respect to 
the record center hole. 

Eccles-Jordan circuit— A flip-flop consisting of 
a two-stage, resistance-coupled amplifier. Its output is 
coupled back to its input, two separate conditions of 
stability being achieved by alternately biasing the two 
stages beyond cutoff. 


Eccles-Jordan multivibrator. 


ECCM — Abbreviation for clectronic counter-counter- 
measures. 

ECG — See electrocardiogram. 

echelon — One of a series of levels of accuracy of 
calibration, the highest of which is represented by an 
accepted national standard. There may be auxiliary levels 
between two successive echelons. 

echo — 1. In radar, that portion of the energy reflected 
to the receiver from a target. 2. A wave that has been 
reflected or otherwise retumed with sufficient magnitude 
and delay to be distinguishable from the directly trans- 
mitted wave. 3. In facsimile, a multiple reproduction on 
the record sheet caused by the arrival of the same original 
facsimile signal at different times over transmission paths 
of different lengths. 4. In a radio system, an electronic 
condition that causes a signal such as a voice signal to be 
reflected from some point or points in the circuit back to 
the point of origination of the signal. 5. A delayed repeti- 
tion (sometimes several rapid repetitions) of the original 
sound or signal. 6. In tape recording, refers to a provision 
for picking up some of the sound from a play head while 
recording, and feeding it back to the record head to pro- 
duce a rapidly periodic repetition of each sound. Correct 
echo-volume adjustment causes a decay of the repeated 
sounds to simulate acoustical reverberation. 7. A special 


230 


recording effect, in which a portion of the recorded pro- 
gram is taken from the playback head, a short interval 
after being recorded, and mixed with the incoming pro- 
gram. Principally used at tape speeds greater than 33/, ips 
(9.5 cm/s), where the delayed signal is not heard as a sep- 
arate sound. 8. An instantaneous repetition of the sound 
heard in playing some tapes or other recordings. This is 
caused by print through. 9. A portion of the transmitted 
signal returned from a distant point to the transmitted 
source with sufficient time delay to be received as inter- 
ference. 10. A signal that has been reflected at one or 
more points during transmission with sufficient magni- 
tude and time difference as to be detected as a signal 
distinct from that of the primary signal. Echoes can either 
lead or lag the primary signal and appear as reflections 
or ghosts. 11. Displaying information sent or received on 
a terminal, to visually detect transmission errors. Remote 
echo comes from the host computer. Local echo comes 
from the sender’s transmission. 12. The distortion created 
when a signal is reflected back to the originating station. 

echo area — Equivalent echoing area of a radar target 
(1.e., the relative amount of radar energy the target will 
reflect). 

echo attenuation—In a four-wire (or two-wire) 
circuit equipped with repeater or multiplex equipment 
in which the two directions of transmission can be 
separated from each other, the attenuation of the echo 
currents (which return to the input of the circuit under 
consideration) is determined by the ratio of the transmitted 
power to the echo power received. 

echo box — Also called phantom target. A device for 
checking the overall performance of a radar system. It 
comprises a resonant cavity that receives a portion of the 
pulse energy from the transmitter and retransmits it to the 
receiver as a slowly decaying transient. The time required 
for this transient response to decay below the minimum 
detectable level on the radar indicator is known as the 
ring time and is indicative of the overall performance of 
the radar set. 

echo cancellation-—1. A circuit that uses digital 
signal processing technology in a full-duplex communica- 
tions node to remove echoes of the transmitted signal from 
the received signal. 2. The technique used in modems to 
filter out unwanted signals. 

echo canceller— An electronic circuit that attenu- 
ates or eliminates the echo effect on satellite telephony 
links. Echo cancellers are largely replacing obsolete echo 
suppressors, 

echocardiogram — Ultrasound image of the struc- 
ture and motions of the heart. 

echocardiography—A = sonarlike noninvasive 
method of diagnosing cardiac malfunctions. A pulsed 
ultrasound beam is directed through the chest wall and 
echoes reflected from differing tissue interfaces (e.g., soft 
tissue and blood; tissue and bone, etc.) are detected by 
the barium titanate transducer that originated the pulse. 
Echoes are recorded against a linear time base to provide 
a hard-copy record of cardiac structure movement in a 
given time span, generally defined by the ECG. 

echo chamber — A reverberant room or enclosure 
used for adding hollow effects or actual echoes to radio 
or television programs. 

echo check— A method of checking the accuracy of 
transmission of data in which the received data is returned 
to the sending end for comparison with the original data. 

echo checking— A method of checking in which 
transmitted information is reflected back to the transmit- 
ting point and compared with what was sent. 

echo distortion— 1. A modulation-related impair- 
ment created when one or more delayed echo signals 
introduce a phase-sensitive delay ripple across the FM 


231 


portion of a system. The amplitude of this distortion is 
a complex function involving the relative magnitude and 
delay time of the echo signal with respect to the main sig- 
nal, the level of baseband loading present, and the relative 
position of the channel in the baseband. 2. A telephone- 
line impairment caused by electrical reflections at distant 
points where line impedances are dissimilar. 

echoencephaloscope — An ultrasonic instrument 
for use in brain studies. A transducer that generates 
a series of ultrasonic pulses and detects the returning 
echoes is placed against the patient’s head. Each pulse 
is displayed together with its associated echoes on a 
cathode-ray tube. 

echo intensifier— A device, located at the target, 
that is used to increase the amplitude of the reflected 
energy to an abnormal level. 

echo matching — Rotating an antenna to a position 
in which the pulse indications of an echo-splitting radar 
are equal. 

echo splitting —In certain radar equipment, the 
echo return is split and appears as a double indication 
on the screen of the radar indicator. This splitting 1s 
accomplished by special electronic circuits associated 
with the antenna lobe switching mechanism. When the 
two echo indications are of equal height, the target bearing 
is read from a calibrated scale. 

echo suppression — |. A control used to disable a 
responder for a short interval of time so that reception 
of echoes of the interrogator pulse from nearby targets is 
prevented. 2. A circuit used to eliminate reflected waves. 

echo suppressor — 1. A voice-operated device that 
is connected to a two-way telephone circuit to attenuate 
echo currents in one direction caused by telephone 
currents in the other direction. 2. In navigation, a circuit 
that desensitizes the equipment for a fixed period after 
the reception of one pulse, for the purpose of rejecting 
delayed pulses arriving from indirect reflection. 

echo talker—A portion of the transmitted signal 
returned from a distant point to the transmitting source 
with sufficient time delay to be received as interference. 

ECL --— Abbreviation for emitter-coupled logic. 1. A 
type of unsaturated logic performed by emitter-coupled 
transistors. Higher speeds may be achieved with ECL 
than are obtainable with standard logic circuits. 2. An 
IC logic family characterized by its very high speed of 
operation, low circuit density per chip, and very high 
power dissipation when compared with other IC logic 
families. Used mainly in large, very high-speed digital 
computers and sold mainly on a custom-designed basis. 
3. A type of current-mode logic in which the circuits are 
coupled with one another through emitter followers at the 
input or output of the logic circuit. 4. A bipolar digital IC 
family that uses a more complex design than TTL to speed 
up IC operations. Emitter-coupled logic is costly, power 
hungry, and difficult to use, but it is four times faster 
than TTL. 5. A family of nonsaturated logic devices that 
operate at very high speed. ECL logic dissipates relatively 
large amounts of power, requires a bias supply, and is 
characterized by low component density. 

ECL bipolar memories — Very high-speed cache, 
writable control stores, and processing sections of large 
computers. 

ECM — Abbreviation for electronic countermeasures. 

ECO — Abbreviation for electron-coupled oscillator. 

E-core — The laminated configuration resembling the 
capital letter E in some transformers and inductive trans- 
ducers. 

ECU — Abbreviation for electronic control unit. 
l. Electronic ignition system (Chrysler Corp.) that 
replaced the breaker-point ignition system. Provides spark 
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timing to the high-energy coil and spark plugs. 2. A high- 
energy ignition system using a Hall effect semiconductor 
pickup in the distributor instead of the conventional 
reluctance pickup. 

EDC — Abbreviation for error detection code. 32 bits 
in each sector that are used to detect errors in the sector 
data of a CD. 

EDCT — Abbreviation for electrochemical diffused- 
collector transistor. A pnp transistor in which all the mass 
of p material is etched off and replaced with metal, which 
acts as a heat sink. It is suitable for high-current, high- 
speed core driver and computer-memory applications. 

eddy current clutch —A device that permits con- 
nection between a motor and a load by electrical (mag- 
netic) means—no physical contact is involved. This 
method is also used for speed control by ciutch slippage. 

eddy-current heating—Synonym for induction 
heating. 

eddy-current loss — The core loss that results when 
a varying induction produces electromotive forces that 
cause a current to circulate within a magnetic material. 

eddy currents— Also called Foucault currents. 
1. Those currents induced in the body of a conducting 
mass by a variation in magnetic flux. 2. Circulating cur- 
rents induced in conducting materials by varying magnetic 
fields. Usually undesirable because they represent loss of 
energy and cause heating. 3. Induced currents through an 
iron core in 4 transformer. They cause a waste of power. 

edge-board connector— Also called card-edge 
connector. Á connector that mates with printed wiring 
leads running to the edge of a printed circuit board. 

edge-board contact —A series cf contacts printed 
on or near any edge of a printed board and intended for 
mating with an edge connector, 

edge connector— |. A one-piece receptacle, con- 
taining female contacts, designed to receive the edge of a 
printed circuit board and interconnect on which the male 
contacts are etched or printed. The connector may contain 
either a single or double row of female contacts. Both 
thermoplastic and thermosetting insulating materials are 
used. 2, A connector designed to mate with printed cir- 
cuit boards. May be equipped with a polarizing pin or a 
key to ensure correct polarity. 3. A row of etched lines 
on the edge of a printed circuit board that is inserted into 
a motherboard or an expansion slot of a computer. 


Edge connector. 


edge effect— 1. See following blacks; following 
whites; leading blacks; leading whites. 2. Nonuniformity 
of electric fields between two parallel piates caused by 
an outward bulging of electric flux lines at the edges of 
the plates. 3. The bulging out of the lines of the electric 
field at the edges of two parallel electrodes, created by a 
potential difference between the electrodes. 
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edge-triggered flip-flop—aA type of flip-flop in 
which some minimum clock-signal rate of change is one 
necessary condition for an output change to occur. 

edging — Undesired coloring around the edges of 
different-colored objects in a color television picture. 

EDI— Abbreviation for electronic data interchange. 
A format in which business data is represented using 
national or international standards. 

Edison base — Standard screw-thread base used for 
ordinary electric lamps. 

Edison distribution system — A three-wire direct- 
current distribution system, usually 120 to 240 volts, for 
combined light and power service from a single set of 
mains. 

Edison effect— Also called Richardson effect. The 
phenomenon wherein electrons emitted from a heated 
element within a vacuum tube will flow to a second 
element that is connected to a positive potential. 

Edison storage cell —A storage cell having neg- 
ative plates of iron oxide and positive plates of nickel 
oxide immersed in an alkaline solution. An open-circuit 
voltage of 1.2 volts per cell is produced. 

E-display —In a radar, a rectangular display in which 
targets appear as blips with distance indicated by the hori- 
zontal coordinate and elevation by the vertical coordinate. 

edit— 1. To arrange or rearrange output information 
from a digital computer before it is printed out. Edit- 
ing may involve deleting undesired information, selecting 
desired information, inserting invariant symbols, such as 
page numbers and typewriter characters, and applying 
standard processes such as zero suppression. 2. To delib- 
erately modify the user program in a memory. 

editing — 1. The rearrangement of recorded material 
to provide a change of content or form, or for replacement 
of imperfect material. Usually accomplished by cutting 
and splicing the tape. 2. Revising text with a word 
processor to create an updated document. 

editor— 1. A program allowing such text editing 
functions as addition of a line or character, insertion, or 
deletion to permit altering of a program. Input data can 
be anything from programs or reports to raw instrument 
data. 2. Program that permits data or instructions to be 
manipulated and displayed. Most common use is in the 
preparation of new programs. 3. Program that takes the 
source program, written by the programmer in assembly 
or high-level language and entered through a keyboard 
or paper tape, and transfers it to a file in the computer’s 
auxiliary memory, such as magnetic disk or tape. The 
editor also acts on special commands from the user to 
add, delete, or replace portions of the source program in 
the auxiliary memory. Editors can vary significantly in the 
ease with which they permit a user to make changes in the 
program. For example, some editors can operate only on 
entire lines in a program, whereas others can add, delete, 
or replace arbitrary character strings in the program. 
However, the less-sophisticated editors are usually easier 
to learn to use. 4. An interactive software subsystem 
that allows users to modify test programs directly on an 
automatic system. 5. A program that permits a user to 
create new files in symbolic form or to modify existing 
files. 6. A program that permits a series of mnemonic 
instructions comprising a user program to be displayed, 
analyzed, corrected, and otherwise modified quickly and 
easily on a CRT screen or other terminal device. 

EDP — Abbreviation for electronic data processing. 

EDP center— See electronic data-processing center. 

EDPM — Abbreviation for electronic data-processing 
machine. 

EEC — Abbreviation for electronic engine control. 
Precision control of engine spark timing and exhaust gas 
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recirculation for emissions control and good fuel mileage 
(Ford Motor). Uses a microprocessor chip. 

EEC IV— The fourth progressive version of the elec- 
tronic engine control (Ford Motor) using the latest tech- 
nology of microprocessor chips to control engine spark 
timing, EGR, and feedback carburetor fuel management. 

EED — Abbreviation for electroexplosive device. An 
electroexplosive device for use with an air cushion that 
automatically inflates to protect the driver when an 
automobile equipped with such a cushion is involved in 
a collision. 

EEG— See electroencephalograph and electroence- 
phalogram. 

EEG electrode — Electrode that attaches to scalp for 
detecting brain waves. 


EEPROM or E*PROM— Abbreviation for elec- 
trically erasable programmable read-only memory. 1. A 
field-programmable read-only memory in which cells may 
be erased electrically and each cell may be reprogrammed 
electrically. The number of times the E7PROM can be 
reprogrammed (write/erase cycles) ranges from 10 times 
to 10° times. 2. Similar to PROM, but with the capa- 
bility of selective erasure of information through special 
electrical stimulus. Information stored in EEPROM chips 
is retained when the power is turned off (compare with 
PROM). See also electronically programmable read-only 
memory. 

effective acoustic center— Also called apparent 
source. The point from which the spherically divergent 
sound waves from an acoustic generator appear to diverge. 

effective actuation time— The sum of the initial 
actuation time and the contact chatter intervals of a relay 
following such actuation. 

effective address —The address that is actually 
used in carrying out a computer instruction. 

effective ampere — That alternating current which, 
when flowing through a standard resistance, produces heat 
at the same average rate as 1 ampere of direct current 
flowing in the same resistance. 

effective antenna length — The length that, when 
multiplied by the maximum current, will give the same 
product as the length and uniform current of an elemen- 
tary electric dipole at the same location, and the same ratio 
field intensity in the direction of maximum radiation. 

effective aperture delay —In a sample-and-hold 
circuit, the time difference between the hold command 
and the time at which the input signal is at the held 
voltage. 

effective area—The effective area of an antenna 
in any specified direction is equal to the square of the 
wavelength multiplied by the power gain (or directive 
gain) in that direction, divided by 47. 

effective bandwidth —For a bandpass filter, the 
width of an assumed rectangular bandpass filter having the 
same transfer ratio at a reference frequency and passing 
the same mean-square value of a hypothetical current 
and voltage having even distribution of energy over all 
frequencies. 

effective capacitance—The total capacitance 
existing between any two given points of an electric 
circuit. 

effective conductivity — The conductance between 
the opposite parallel faces of a portion of a material 
having unit Jength and unit cross section. 

effective confusion area — Amount of chaff whose 
radar cross-sectional area equals the radar cross-sectional 
area of a particular aircraft at a particular frequency. 

effective current — That value of alternating current 
that will give the same heating effect as the corresponding 
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While LEDs have a minimum forward voltage requirement that must be met for them to work at all, 
the brightness of an LED is determined solely by the amount of current flowing through it. 


LEDs Have No Self-Control 


In addition, LEDs have no internal, inherent mechanism to limit the amount of current flowing through 
them. Incandescent bulbs, when cold, have a low internal resistance, allowing much current to flow 
through them when connected to the right power supply. Remember that less resistance means more 
current can flow, and vice versa. This resistance almost instantly goes way up as the filament of the bulb 
glows white hot. The filament itself then becomes the limiting factor in how much current flows through 
the bulb, usually stabilizing at the proper power level. 

LEDs have no such sense of self-control. They will conduct as much current though themselves as 
you are willing to provide, up to and beyond the point where the internal heat generated by the small 
amount of resistance they do possess causes them to literally burn up. In general, it’s usually the tiny, 
almost microscopic internal bond wires that fizzle out, not the actual LED chip itself. However, dead is 
dead, and LEDs are generally considered to be “unrepairable” subassemblies. (Believe it or not, that’s 
the correct technical term, even though it’s not the correct English word—irreparable is the correct term 
when speaking of non-electrical things). 


Care and Feeding of LEDs 


The simplest possible solution to this preblem opportunity for excellence is the use of a current-limiting 
resistor in series with the LED. Recall that a resistor will resist the flow of current in a circuit. The resistor 
used in this circuit, R1, is indicated to exhibit a resistance of 1000. 

Let's say that D1, the red LED in our circuit, requires 2V in normal operation. This is pretty common 
for red LEDs. Generally speaking, the forward voltage requirement for LEDs goes up as you get farther up 
the color spectrum. Blue LEDs, for example, often require 3.0V to 3.6V to operate. 

If we're using rechargeable cells in our prototype (and we really should be, you know), we can 
expect 3.6V to be made available to the resistor-plus-LED loop within our circuit. If 2V is needed for the 
LED, where are the rest of those volts going? 

The answer is that they are being used to heat up the current-limiting resistor R1. Resistors turn 
current into heat. That's what they do. They do it, however, in a very precise and predictable way, which 
makes it easy for us to calculate how much current, voltage, and heat will be churning around in our 
circuits. 


Caution Third-grade arithmetic ahead: Addition, subtraction, multiplication, and (shudder) division. You have 
been warned. 


If we started with 3.6V, and two of those volts are being used by the LED, then our good friend 
Subtraction tells us that we've got 1.6V flowing through R1. For a thorough explanation of why this 
happens the way it does, feel free to look up Kirchhoff’s Voltage Law. It basically says that all the voltages 
in a circuit end up being equal. The voltage across the resistor and LED will equal the battery voltage. 
The voltages within the LED-in-series-with-resistor circuit add up, just like battery voltages add up in 
series. 
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value of direct current. For sine-wave alternating currents, 
the effective value is 0.707 times the peak value. 

effective cutoff — See effective cutoff frequency. 

effective cutoff frequency— Also called effec- 
tive cutoff. The frequency at which the insertion loss 
of an electric structure between specified terminating 
impedances exceeds the loss at some reference point in 
the transmission band. 

effective facsimile band — A frequency band equal 
in width to the difference between zero frequency and the 
maximum keying frequency of a facsimile signal. 

effective field intensity — Root-mean-square value 
of the inverse distance fields 1 mile from the transmitting 
antenna in all directions horizontally. 

effective height— 1. The height of the antenna 
center of radiation above the effective ground level. 2. In 
loaded or nonloaded low-frequency vertical antennas, a 
height equal to the moment of the current distribution in 
the vertical section divided by the input current. 

effective irradiance to trigger—The minimum 
effective irradiance required to switch a light-activated 
silicon-controlled rectifier from the off state to the on 
State. 

effective isotropically radiated power — See 
EIRP. 

effectively grounded — Grounded through a ground 
connection of sufficiently low impedance (inherent and/or 
intentionally added) so that fault grounds that may occur 
cannot build up voltages that are dangerous to connected 
equipment. 

effectiveness —The capability of the system or 
device to perform its function. 

effective parallel resistance—The resistance 
considered to be in parallel with a pure dielectric. 

effective percentage modulation — For a single 
sinusoidal input component, the ratio between the peak 
value of the fundamental component of the envelope and 
the direct-current component in the modulated conditions, 
expressed as a percentage. 

effective radiated power — 1. The product of the 
radio-frequency power, expressed in watts, delivered to 
an antenna and the relative gain of the antenna over 
that of a half-wave dipole antenna. 2. The product of the 
antenna power (transmitter power less transmission-line 
loss) times either the antenna power gain or the antenna 
field gain squared. Where circular or elliptical polarization 
is employed, the term effective radiated power is applied 
separately to the horizontal and vertical components of 
radiation, For allocation purposes, the effective radiated 
power authorized is the horizontally polarized component 
of radiation only. If specified for a particular direction, it 
is the antenna power gain in that direction only. 

effective radius of the earth—A value used in 
place of the geometrical radius to correct the atmospheric 
refraction when the index of refraction in the atmosphere 
changes linearly with height. Under conditions of standard 
refraction, the effective radius is one and one-third the 
geometrical radius. 

effective resistance — 1. The average rate of dissi- 
pation of electric energy during a cycle divided by the 
square of the effective current, 2. The equivalent pure 
dc resistance that, when substituted for the winding of 
a motor being checked, will draw the same power. It is 
also equivalent to the impedance of a circuit having a 
capacitor connected in parallel with the winding and the 
capacitor adjusted to unity power factor for the circuit. 

effective series resistance — A resistance consid- 
ered to be in series with an assumed pure capacitance 
inductance. 

effective sound pressure — The root-mean-square 
value of the instantaneous sound pressure at one point 
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over a complete cycle. The unit is the dyne per square 
centimeter. 

effective speed— The speed (less than rated) that 
can be sustained over a significant period of time and that 
reflects slowing effects of control codes, timing codes, 
error detection, retransmission, tabbing, hand keying, etc. 

effective speed of transmission— Also called 
average rate of transmission. The average rate over some 
specified time interval at which information is processed 
by a transmission facility. Usually expressed as average 
characters or average bits per unit time. 

effective thermal resistance — Of a semiconduc- 
tor device, the effective temperature rise per unit power 
dissipation of a designated junction above the tempera- 
ture of a stated external reference point under conditions 
of thermal equilibrium. 

effective value — Also called the rms (root-mean- 
square) value. The value of alternating current that will 
produce the same amount of heat in a resistance as the 
corresponding value of direct current. For a sine wave, 
the effective value is 0.707 times the peak value. 

effective wavelength—The wavelength corre- 
sponding to the effective propagation velocity and the 
observed frequency. 

efficiency — 1. Ratio of the useful output of a phys- 
ical quantity that may be stored, transferred, or trans- 
formed by a device to the total input of the device. 
2. Ratio of the output power to the input power of a 
power supply, usually expressed as a percentage of the 
input power measured at nominal line and load condi- 
tions. That part of the input not appearing in the output is 
converted into heat, which must be conducted away from 
the power supply circuitry. Efficiency is determined to a 
great extent by the method of regulation and is expressed 
as a percentage. In the absence of statements to the con- 
trary, it is assumed to be taken at nominal input and output 
levels and full load conditions. 3. The percentage of the 
electrical input power to a speaker that is converted to 
acoustic energy. Varies from a small fraction of 1 percent 
to as much a 10 percent or more, depending on the design 
of the speaker. Higher efficiency means that less electrical 
amplifier power is required for a given listening volume, 
but it is not directly related to sound quality. 

efficiency of a source of light — The ratio of the 
total luminous flux to the total power consumed. In the 
case Of an electric lamp, it is expressed in lumens per 
watt. 

efficiency of rectification — Ratio of direct-current 
power output to alternating-current power input of a 
rectifier. 

E-field sensor— A passive sensor that detects 
changes in the earth’s ambient electric field caused by 
the movement of an intruder. See also H-field sensor. 

EFTS— Abbreviation for electronic funds transfer 
system. A payments system in which the processing and 
communications necessary to effect economic exchange 
and the processing and communications necessary for 
the production and distribution of services incidental or 
related to economic exchanges are dependent wholly or 
in large part on the use of electronics. 

EGA — Abbreviation for enhanced graphics adapter. A 
color graphics system for IBM PCs and compatibles that 
supports 16 colors. Provides higher resolution than CGA, 
lower than VGA. 

EHF — Abbreviation for extremely high frequency. 

E-H tee—A waveguide junction composed of a 
combination of E- and H-plane tee junctions that intersect 
and the main guide at a common point. 

E-H tuner— An E-H tee having two arms terminated 
in adjustable plungers. It is used for impedance transfor- 
mation. 
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ElA — See Electronic Industries Association. 

EIA interface— 1. A set of signal properties (time 
duration, voltage, and current) specified by the Electronic 
Industries Association for business machine/data set con- 
nections. 2. A standardized set of signal characteristics 
for connection of terminals to modem units. 

EIA RS-232-C standard — A set of specifications 
used throughout the data communications industry to 
define the interconnection of data terminal equipment 
(DTE) and data communication equipment (DCE) for 
the exchange of serial binary data. This standard defines 
electrical signal characteristics, mechanical interface char- 
acteristics, and circuits. 

EIC — Abbreviation for electronic instrument cluster 
(Chrysler Corp.). Digital instrument display for speed, 
miles, fuel level, fuel consumption clock, etc. 

eight-bit chip— A CPU chip that processes data 
eight bits at a time. 

eight-bit color—The color range possible with an 
eight-bit-graphics system. In such a system, each pixel 
can display one of 256 colors at any given time. 

eight-level code — A code in which eight impulses 
are utilized for describing a character. Start and stop 
elements may be added for asynchronous transmission. 
The term is often used to refer to the U.S. ASCII code. 

eight-track — Most commonly, a cartridge tape sys- 
tem having eight narrow tracks on Y4-inch (6.35-mm) tape 
wound in a continuous loop around a single hub. 

eight-track tape-recording format— Either of 
two professional tape recording formats (half-track or 
quarter-track) in whicb eight independent channels can 
be recorded in the same direction. 

E-indicator— A rectangular radar display in which 
the horizontal coordinate of a target blip represents range 
and the vertical coordinate represents elevation. 

einstein —A unit of energy equal to the amount of 
energy absorbed by one molecule of material undergoing 
a photochemical reaction, as determined by the Stark- 
Einstein law. 

Einthoven string galvanometer—A moving-coil 
type of galvanometer in which the coil is a single wire 
suspended between the poles of a powerful electromagnet. 

E-I pick-off— An assembly of transformer-like lam- 
inations, the output coils of which develop a voltage 
proportional to the displacement of a magnetic element 
from the neutral position for limited rotary as well as 
angular travel. 

EIRP — Abbreviation for effective (or equivalent) 
isotropically radiated power. 1. A measure of the sig- 
nal strength that a satellite transmits toward the earth 
below. The EJRP is highest at the center of the beam 
and decreases at angles away from the boresight. 2. The 
gain of an antenna in a given direction, multiplied by the 
net power accepted by the antenna from the transmitter. 

EKG — Abbreviation for electrocardiograph. 

elastance — 1. Symbolized by S. In a capacitor, the 
ratio of potential difference between its electrodes to the 
charge in the capacitor. It is the reciprocal of capacitance. 
The unit of measure is the daraf. 


S (daraf) = V/Q 


2. A measure of the difficulty of placing an electric charge 
in a capacitor. 

elasticity — The resistance of an electrostatic field. It 
is the reciprocal of permittivity. 

elastic wave—A pure acoustic wave; a moving 
lattice distortion without a magnetic component. 

elastomer— 1. A material that has the ability to 
recover from extreme deformation, in the order of hun- 
dreds of percent. It may be thermosetting or thermoplastic. 
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2. A material that at room temperature stretches under 
low stress to at least twice its length and snaps back to 
the original length on release of stress. 

E layer—1. One of the regular ionospheric layers, 
with an average height of about 100 kilometers or 60 
to 70 miles. This layer occurs during daylight hours, 
and its ionization is dependent on the sun’s angle. 
The principal layer corresponds roughly to what was 
formerly called the Kennelly-Heaviside layer. 2. The 
lowest layer of the ionosphere that supports long-distance 
radio communication. 
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elbow —In a waveguide, a bend with a relatively 
short radius and an angle normally of 90° but sometimes, 
for acute angles, down to 15°. 

el casel—A tape system that uses a cassette similar 
in plan to the compact cassette, but holding '/,-inch (6.35- 
mm) tape running at 33/4 inches per second (9.5 cm/s); the 
tape is looped out of the cassette to reach the heads and 
capstan during recording and playback. In other cassette 
systems, the heads contact the tape through windows in 
the cassette shell. 

electra— A specific radionavigational aid that pro- 
vides a number (usually 24) of equasignal zones. Electra 
is similar to sonne except that in sonne the equasignal 
zones as a group are periodically rotated in bearing. 

electret— 1. A permanently polarized piece of dielec- 
tric material produced by heating the material and placing 
it in a strong electric field during cooling. Some barium 
titanate ceramics can be polarized in this way, and so can 
camauba waxes. The electric field of an electret corre- 
sponds somewhat to the magnetic field of a permanent 
magnet. 2. A special plastic piezoelectric element, polar- 
ized during manufacture to become the equivalent of a 
permanently charged capacitor. Generates an amplitude- 
responsive output voltage, like a ceramic element, but 
requires less energy from the stylus system. By loading 
with an appropriate resistance, its output can be con- 
verted to the equivalent of a magnetic cartridge’s velocity- 
responding output characteristic. 

electric — Containing, producing, arising from, actu- 
ated by, or carrying electricity, or designed to carry elec- 
tricity and capable of so doing. Examples: electric eel, 
energy, motor, vehicle, wave. 

electrical— Related to, pertaining to, or associated 
with electricity but not having its properties or character- 
istics. Examples: electrical engineer, handbook, insulator, 
rating, school, unit. 

electrical angle — A quantity that specifies a partic- 
ular instant in a cycle of alternating current. One cycle is 
considered to be 360°, so a half cycle is 180° and a quarter 
cycle is 90°. If one voltage reaches its peak value a quar- 
ter cycle after another, the phase difference, or electrical 
angle between the voltages, is 90°. 

electrical bail—A switch action in which, upon 
actuation of one station, the switch changes the contact 
position, electrically locks the switch in that position, and 
releases any station previously actuated. 
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electrical bias— An electrically produced force 
tending to move the armature of a relay toward a given 
position. 

electrical boresight — The tracking axis as deter- 
mined by an electrical indication, such as the null direc- 
tion of a conical scanning or monopulse antenna system 
or the beam maximum direction of a highly directive 
antenna. 

electrical bridging — The formation of a conductive 
path between conductors. 

electrical center — 1. The point approximately mid- 
way between the ends of an inductor or resistor. This point 
divides the inductor or resistor into two equal electrical 
values (e.g., voltage, resistance, inductance, or number of 
turns). 2. The center established by the electromagnetic 
field distribution within a test coil. A constant-intensity 
signal, irrespective of the circumferential position of a 
discontinuity, is indicative of electrical centering. The 
electrical center may be different from the physical center 
of the test coil. 

electrical charge— The excess on (or in) a body 
of one kind (polarity) of electricity over the other kind. 
A plus sign indicates that positive electricity predomi- 
nates, and a minus sign indicates that negative electricity 
predominates. Symbol: Q or q. 

electrical conductivity — 1. The reciprocal of the 
resistance in ohms measured between opposite faces of 
a centimeter cube of an aqueous solution at a specified 
temperature. 2. The property of a fluid or solid that 
permits the passage of an electrical current as a result 
of an impressed emf. It is measured by the quantity of 
electricity transferred across unit area per unit potential 
gradient per unit time. In sampling and analysis, changes 
in this property are utilized to measure the presence of 
certain ions and compounds such as sulfur dioxide. 

electrical coupling — Coupling discrete elements 
with either electrical conductors or reactances. 

electrical degree — One 360th part of a cycle of 
alternating current. 

electrical discharge machining — Machining in 
which metal is removed by a controlled electrical spark 
in a dielectric. 

electrical distance—The distance between two 
points, expressed as the length of time an electromagnetic 
wave in free space takes to travel between them. 

electrical element—The concept in uncombined 
form of any of the individual building blocks from which 
electronic circuits are synthesized. Examples of basic 
electrical elements are insulation, conductance, resistance, 
Capacitance, and inductance. 

electrical erosion — The loss of contact material 
due to action of an electrical discharge. 

electrical forming—The application of electric 
energy to a semiconductor device in order to permanently 
modify the electrical characteristics. 

electrical gearing— A term used to describe the 
action of a system in which the output shaft rotates at 
a different speed from the input shaft, the ratio being 
established by electrical means. 

electrical generator—A machine that converts 
mechanical energy into electrical energy. 

electrical glass insulation — Insulating materials 
made from glass fibers of varying diameters, lengths, 
compositions, etc., including yarns, rovings, slivers, cords, 
and sheets or mats, bounded or treated only as necessary 
to their manufacture. 

electrical ground — The zero voltage reference for 
the power supply in an electronic device, usually con- 
nected to the equipment chassis. May also be connected 
to the power mains or earth ground. 


electrical bias — electrical resistivity 


electrical-impedance cephalography — A 
method of evaluating blood circulation in the brain by 
measuring changes in the impedance between two surface 
electrodes attached to the head. This impedance decreases 
when the blood volume in the brain increases. The tech- 
nique is also known as rheoencephalography. 

electrical inertia— Inductance that opposes any 
change in current through an inductor. 

electrical initiation— Any source of electrical 
power used to start a function or sequence. 

electrical interlocks — Switches mounted on con- 
tactors or other devices and operated by rods or levers. 
These interlocks open or close depending on the open 
or closed position of the contact or device with which 
they are associated, and are used to govern succeeding 
operations of the same or allied devices. 

electrical length—Length expressed in wave- 
lengths, radians, or degrees. Distance in wavelengths x 
217 = radians; distance in wavelengths x 360 = degrees. 

electrical load—A device (e.g., a speaker) com- 
prising resistive and/or reactive components into which 
an amplifier, generator, etc., delivers power. 

electrically alterable read-only memory — Abb- 
reviated EAROM. An electrically erasable programmable 
read-only memory built using metal-nitride-oxide-semi- 
conductor (MNOS) technology. The term electrically 
alterable read-only memory (EAROM) is being replaced 
by electrically erasable programmable read-only memory 
(EEPROM or E?PROM). However, the MNOS technol- 
ogy devices should always be referred to as EAROMS. 

electrically connected — Joined through a con- 
ducting path or a capacitor, as distinguished from being 
joined merely through electromagnetic induction. 

electrically erasable programmable read-only 
memory — Abbreviated EEPROM or E*PROM. 

electrically operated rheostat — A rheostat used 
to vary the resistance of a circuit in response to some 
means of electrical control. 

electrically operated valve—A solenoid- or 
motor-operated valve used in vacuum, air, gas, oil, water, 
or similar lines, 

electrically variable inductor — An inductor in 
which the inductance can be controlled by a current or 
a voltage. It is usually made in the form of a saturable 
reactor with two windings. One is called the signal, or 
tuned winding, corresponding to the ac or load winding 
of a power-handling saturable reactor, the other is the 
control winding and corresponds to the dc winding of the 
saturable reactor. 

electrical noise — Unwanted electrical energy other 
than crosstalk in a transmission system. 

electrical overstress — The operation of an elec- 
tronic device beyond its normal range of voltage, current, 
and power when abnormal electric signals are presented 
to it. 

electrical radian — 57.296’, or 1/2 (or 1/6.28) of 
a cycle of alternating current or voltage. 

electrical ratings —The combinations of voltage 
and current under which a device or component will 
operate satisfactorily in specified circuits under standard 
atmospheric conditions. 

electrical reset—A term applied to a relay to 
indicate that it is capable of being electrically reset after 
an operation. 

electrical resistivity — The resistance of a material 
to passage of an electric current through it. Expressed as 
ohms (units of resistance) per mil foot or as microhms 
(millionths of an ohm) per centimeter cubed (cm?) at a 
specified temperature. 
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electrical resolver — Special type of synchro having 
a single winding on the stator and two windings whose 
axes are 90” apart on the rotor. 

electrical scanning —Scanning accomplished 
through variation of the electrical phases or amplitudes 
at the primary radiating element of an antenna system. 

electrical service entrance —A combination of 
intake wires and equipment including the service entrance 
wires, electric meter, main switch or circuit breaker, and 
main distribution or service panel through which the 
supply of power enters the home. 

electrical sheet— Iron or steel sheets from which 
laminations for electric motors are punched. 

electrical shielding — Copper screen, a wire braid, 
or any conducting material that surrounds a circuit 
or cable conductors to exclude electrostatic or radio- 
frequency noises. 

electrical switch — A device that makes, breaks, or 
changes the connections in an electric circuit. 

electrical system—The organized arrangement 
of all electrical and electromechanical components and 
devices in a way that will properly control the particular 
machine tool or industrial equipment. 

electrical twinning — See twinning. 

electrical zero—A standard synchro position at 
which electrical outputs have defined amplitudes and time 
phase. 

electric arc —A discharge of energy through a gas. 

electric bell — An audible signaling device consist- 
ing of one or more gongs and an electromagnetically 
actuated striking mechanism. 

electric brazing — A brazing (alloying) process in 
which the heat is furnished by an electric current. 

electric breakdown voltage—See dielectric 
breakdown voltage, 

electric breeze or wind — The emission of elec- 
trons from a sharp point of a conductor that carries a 
high negative potential. 

electric charge — |. Electric energy stored on the 
surface of an object. 2. A property of electrons and 
protons. Similarly charged particles repel one another. 
Particles having opposite charges attract one another. 
3. Electric energy that is stored as stress on the surface 
of a dielectric. 

electric chronograph— A highly accurate appara- 
tus for measuring and recording time intervals. 

electric circuit—A continuous path consisting of 
wires and/or circuit elements over or through which an 
electric current can flow. If the path is broken at any 
point, current can no longer flow and there is no circuit. 

electric coil— Successive turns of insulated wire 
that create a magnetic field when an electric current 1s 
passed through them. It may also consist of a number of 
separately insulated sections that lie side by side around 
the same magnetic circuit. 

electric contact—A separable junction between 
two conductors that is designed to make, carry, or break 
(in any sequence or singly) an electric circuit. 

electric controller— A device that governs the 
amount of electric power delivered to an apparatus. 

electric current— Electricity in motion. In the 
atoms of metallic substances, there are a number of free 
electrons, or negatively charged particles that wander in 
the spaces between the atoms of the metal. The electron 
movement is normally without any definite direction and 
cannot be detected. The connection of an electric battery 
produces an electric field in the metal and causes the 
free electrons to move or drift in one direction; it is this 
electron drift that constitutes an electric current. Electrons, 
being of negative polarity, are attracted to the positive 


terminal of the battery, and so the actual direction of flow 
of electricity is from negative to positive, that is, opposite 
to the conventional direction usually adopted. 

electric delay line — A delay line using properties of 
lumped or distributed capacitive and inductive elements. 
Can be used as a storage medium by recirculating the 
information-carrying signal. 

electric dipole — Also called a doublet. A simple 
antenna comprising a pair of oppositely charged con- 
ductors capable of radiating an electromagnetic wave in 
response to the movement of an electric charge from one 
conductor to the other. 

electric-discharge lamp — 1. A sealed glass enclo- 
sure containing a metallic vapor or an inert gas through 
which electricity is passed to produce a bright glow. 2. A 
lamp in which light (or radiant energy) is produced by the 
passage of an electric current through a vapor or a gas. 
Electric discharge lamps may be named after the filling 
gas or vapor that is responsible for the major portion of 
the radiation, e.g., mercury lamps, sodium lamps, neon 
lamps, and argon lamps. 

electric displacement— See clectric-flux density. 

electric-displacement density — See electric-flux 
density. 

electric eye — 1. The layman's term for a photoelec- 
tric cell. 2. The cathode-ray, tuning-indicator tube used in 
some radio recelvers. 

electric field — 1. The region about a charged body. 
Its intensity at any point is the force that would be 
exerted on a unit positive charge at that point. 2. A 
condition detectable in the vicinity of an electrically 
charged body such that forces act on other electric charges 
in proportion to their magnitudes. 3. Field of force that 
exists in the space around electrically charged particles. 
Lines of force are imagined to originate at the protons or 
positively charged particles and to terminate on electrons 
or negatively charged particles. 

electric-field intensity— A measure of the force 
exerted at a point by a unit charge at that point. 

electric-field strength—The magnitude of the 
electric field in an electromagnetic wave. Usually stated 
in volts per meter. See also dielectric strength. 

electric-field vector— At a point in an electric 
field, the force on a stationary positive charge per unit 
charge. May be measured in either newtons per coulomb 
or volts per meter. This term is sometimes called the 
electric-field intensity, but such use of the word intensity 
is deprecated in favor of field strength, since intensity 
denotes power in optics and radiation. 

electric-filament lamp — A glass bulb either evac- 
uated or filled with an inert gas and having a resistance 
element electrically heated to, and maintained at, the tem- 
perature necessary to produce incandescence. 

electric filter —1. Device for rejecting or passing a 
specific band of signal frequencies, 2. See electric-wave 
filter, 

electric-flux density— Also called electric-dis- 
placement density or electric displacement. At a point, 
the vector equal in magnitude to the maximum charge 
per unit area that would appear on one face of a thin 
metal plate introduced in the electric field at that point. 
The vector is normal to the plate from the negative to the 
positive face. 

electric force — Electric field intensity measured in 
dynes. 

electric furnace — A furnace in which electric arcs 
provide the source of heat. 

electric generator—A machine that transforms 
mechanical power into electrical power. 

electric governor-controlled series-wound 
motor — A series-wound motor having an electric speed 
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governor connected in series with the motor circuit. The 
governor is usually built into the motor. 

eleciric-heat soldering — Soldering by heating the 
joint with an electric current. 

electric hygrometer— An instrument for indicating 
humidity by electric means. Its operation depends on 
the relationship between the electric conductance and 
moisture content of a film of hygroscopic material. 

electric hysteresis — Internal friction in a dielectric 
field (e.g., the paper or mica dielectric of a capacitor in 
an ac Circuit). The resultant heat generated can eventually 
break down the dielectric and cause the capacitor to fail. 

electrician — A person engaged in designing, mak- 
ing, or repairing electric instruments or machinery. Also, 
one who sets up an electrical installation. 

electric image —The electrical counterpart of an 
object; 1.e., the fictitious distribution of the same amount 
of electricity that is actually distributed on a nearby object. 

electricity — 1. The property of certain particles to 
possess a force field that is neither gravitational nor 
nuclear. The type of force field associated with electrons 
is defined as negative and that associated with protons and 
positrons as positive. The fundamental unit is the charge 
of an electron: 1.60203 x 107" coulomb. Electricity can 
be further classified as static electricity or dynamic 
electricity. Static electricity in its strictest sense refers 
to charges at rest, as opposed to dynamic electricity, or 
charge in motion. Static electricity is sometimes used 
as a synonym for triboelectricity or frictional electricity. 
2. A basic property of all matter, which consists of 
negative and positive charges (electrons and protons) that 
attract each other. 3. The potential energy of electrons at 
rest. 4. The kinetic energy of electrons in motion. 5. A 
manifestation of free electrons that can be generated by 
induction, friction, or chemical action. It is recognized by 
its magnetic, chemical, and radiant effects. 

electric lamp — Any lamp whose emission of radiant 
energy is dependent on the passage of an electrical current 
through the emissive medium. 

electric light — Light produced by an electric lamp. 

electric lines of force — In an electric field, curves 
whose tangents at any point give the direction of the fields 
at that point. 

electric meter—A device that measures and reg- 
isters the amount of electricity consumed over a certain 
period of time. 

electric mirror— See dynode. 

electric moment— For two charges of equal mag- 
nitude but opposite polarities, a vector equal in magnitude 
to the product of the magnitude of either charge by the 
distance between the centers of the two charges. The 
direction of the vector is from the negative to the positive 
charge. 

electric motor—A device that converts electrical 
energy into rotating mechanical energy. 

electric network— A combination of any number 
of electric elements, having either lumped or distributed 
impedances, or both. 

electric oscillations — The back-and-forth flow of 
electric charges whenever a circuit containing inductance 
and capacitance is electrically disturbed. 

electric potential—- A measure of the work required 
to bring a unit positive charge from an infinite distance 
or from one point to another (the difference of potential 
between two points). 

electric precipitation — The collecting of dust or 
other fine particles floating in the air. This is done by 
inducing a charge in the particles, which are then attracted 
to highly oppositely charged collector plates. 
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electric probe — A rod inserted into an electric fieid 
during a test to detect dc, audio, or rf energy. 

electric reset— A qualifying term indicating that 
the contacts of a relay must be reset electrically to their 
original positions following an operation. 

electric robot — Programmable machine that is pow- 
ered by servomotors or stepping motors. 

electric service panel—The main cabinet where 
electricity is brought into a building, then distributed 
to branch circuits. The panel usually contains the main 
circuit breaker for shutting down the entire system, 
and circuit breakers or fuses for shutting down each 
independent circuit. 

electric shield—A housing, usually aluminum or 
copper, placed around a circuit to provide a low-resistance 
path to ground for high-frequency radiations and thereby 
prevent interaction between circuits. 

electric strain gage—-A device that detects the 
change in shape of a structural member under load and 
causes a corresponding change in the flow of current 
through the device. 

electric strength — The maximum electric charge 
a dielectric material can withstand without rupturing. 
See also dielectric strength; insulating strength. The 
value obtained for the electric strength will depend on 
the thickness of the material and on the method and 
conditions of test. 

electric stroboscope — An instrument for observ- 
ing or for measuring the speed of rotating or vibrating 
objects by electrically producing periodic changes in the 
intensity of light used to illuminate the object. 

electric tachometer — A tachometer (rpm indica- 
tor) that utilizes voltage or electrical impulses. 

electric telemeter — A system consisting of a meter 
that measures a quantity, a transmitter that sends the 
information to a distant station, and a receiver that 
indicates or records the quantity measured. 

electric transcription— In broadcasting, a disc 
recording of a message or a complete program. 

electric transducer —A device actuated by electric 
waves from one system and supplying power, also in the 
form of electric waves, to a second system. 

electric tuning — A system by which a radio receiver 
is tuned to a station by pushing a button (instead of, say, 
turning a knob). 

electric vector — 1. A component of the electromag- 
netic field associated with electromagnetic radiation. The 
component is of the nature of an electric field. The electric 
vector is supposed to coexist with, but act at nght angles 
to, the magnetic vector. 2. The electric field associated 
with an electromagnetic wave and thus with a light wave. 
The electric vector specifies the direction and amplitude 
of this electric field. 

electric watch—A timepiece in which a battery 
replaces the mainspring as the prime energy source of 
the watch, and in which an electromagnet impels the 
balance wheel through a mechanical switching-contact 
arrangement. 

electric wave — Another term for the electromag- 
netic wave produced by the back-and-forth movement of 
electric charges in a conductor. 

electric-wave filter— Also called electric filter. 
1. A device that separates electric waves of different 
frequencies. 2. A frequency-selective device, usually pas- 
sive, made up of resistance, capacitance, and inductance 
elements having signal transmission characteristics that 
are a function of frequency. Basically, filters are used to 
pass desired signals and reject unwanted or interfering 
signals. Bandpass filters are used when the desired sig- 
nals encompass a frequency band that does not contain 
any unwanted signals. 
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electrification — 1. The process of establishing an 
excess of positive or negative charges in a material. 2. The 
process of applying a voltage to a component or device. 

electrification time—The time during which a 
steady direct potential is applied to electrical insulating 
materials or before the current is measured. 

electroacoustic — Pertaining to a device (e.g., a 
speaker or a microphone) that involves both electric 
current and sound-frequency pressures. 

electroacoustic device — One that employs pho- 
non propagation or vibrations of a material’s crystal 
lattice structure as the basic energy transport mechanism. 
Electrical energy is converted into acoustic energy by the 
material’s piezoelectric properties. 

electroacoustic transducer—A device that 
receives excitations from an electric system and delivers 
an Output to an acoustic system, or vice versa. A speaker 
is an example of the first, and a microphone is an example 
of the second. 

electroanalysis — The process of determining the 
quantity of an clement or compound in an electrolyte 
solution by depositing the element or compound on an 
electrode by electrolysis. 

electrobiology — The science concerned with elec- 
trical phenomena of living creatures. 

electrobioscopy — The application of a voltage to 
produce muscular contractions. 

electrocardiogram — Abbreviated EKG or ECG. 
1. Essentially an electromyogram of the heart muscle. 
All muscular activity in the body is characterized by the 
discharge of polarized cells, the aggregate current from 
which causes a voltage drop that can be measured on 
the skin. A changing emf will appear between electrodes 
connected to the arms, legs, and chest, which mses 
and falls with heart action such that the period of 
the resulting waveform is the time between heartbeats. 
Various positive and negative peaks within one cycle of 
this waveform have been lettered P, Q, R, S, and T, a 
notation that aids in subsequent analysis and diagnosis. 
2. A hardcopy record of heart action potentials obtained 
by measuring instantaneous potential differences at the 
surface of the body. In general, the recording describes 
the depolarization of myocardial muscle cell masses, 
providing a graphic, but indirect, view of the heart’s 
competence. 3. Graphic tracing of the electric current 
that is produced by the rhythmic contraction of the heart 
muscle. Visually, a periodic wave pattern is produced. 
Changes in the wave pattern may appear in the course of 
various heart diseases; the tracing is obtained by applying 
electrodes on the skin of the chest and limbs. 
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Electrocardiogram for one 
heartbeat, 


electrocardiograph—A medical instrument for 
detecting irregularities in the action of a human heart. It 


238 


measures the changes in voltage occurring in the human 
body with each heartbeat. Abbreviated EKG or ECG. 

electrocardiography — Recording and interpreta- 
tion of the electrical activity of the heart. The voltage 
generated by the heart is picked up by surface electrodes 
on the limbs and chest, amplified, and applied to a strip- 
chart recorder. 

electrocardiophonograph— An instrument that 
records heart sounds. 

electrochemical cell — An electrochemical system 
consisting of an anode and a cathode in metallic contact 
and immersed in an electrolyte. The anode and cathode 
may be different metals or dissimilar areas on the same 
metal surface. 

electrochemical deterioration—A _ process in 
which autocatalytic electrochemical reactions produce an 
increase in conductivity and in turn ultimate thermal 
failure. 

electrochemical device-— A device that operates 
on both electrical and chemical principles, e.g., a lead- 
acid storage battery. 

electrochemical 
sistor — See EDCT. 

electrochemical equivalent—The weight of an 
element, compound, radical, or ion involved in a specified 
electrochemical reaction during passage of a specified 
quantity of electricity such as a coulomb. 

electrochemical junction transistor—A junc- 
tion transistor produced by etching an n-type germanium 
wafer on opposite sides with jets of a salt solution such 
as indium chloride. 

electrochemical potential — Also called electro- 
chemical tension. The partial derivative of the total elec- 
trochemical free energy of the system with respect to the 
number of moles of the constituent except that it includes 
the electrical as well as the chemical contributions to the 
free energy. 

electrochemical recording— A recording made 
by passing a signal-controlled current through a sensitized 
sheet of paper. The paper reacts to the current and thereby 
produces a visual record. 

electrochemical tension— See electrochemical 
potential. 

electrochemical transducer — A device that uses 
a chemical change to measure the input parameter, and the 
output of which is a varying electrical signal proportional 
to the measurand. 

electrochemical valve — Electric valve consisting 
of a metal in contact with a solution or compound, across 
the boundary of which current flows more readily in one 
direction than in the other direction and in which the valve 
action is accompanied by chemical changes. 

electrochemistry — 1. That branch of science con- 
cemed with reciprocal transformations of chemical and 
electrical energy. This includes electrolysis, electroplat- 
ing, the charge and discharge of batteries, etc. 2. The 
study of the reversible conversion of chemical energy 
into electrical energy. Electroplating is an electrochemical 
process. 

electrochromic display—A passive solid-state 
display that is made from a material whose light- 
absorption properties are changed by an externally applied 
electric field. Ordinarily electrochromic materials do not 
absorb light in the visible range of the spectrum, so they 
are completely transparent. When a moderate electric field 
is applied, the material develops an absorption band in the 
visible spectrum and takes on a color that remains even 
after the electric field is removed and lasts from minutes 
to months. The color change can be reversed and the dis- 
play returned to its original state when the polarity of the 
applied electric field is simply reversed. 
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electrocoagulation—The process of solidifying 
tissue by means of a high-frequency electrical current. 

electrocution — Killing by means of an electric 
current. 

electrode — 1. In an electronic tube, the conducting 
element that does one or more of the following: emits or 
collects electrons or ions, or controls their movement by 
means of an electric field on it. 2. In semiconductors, the 
element that does one or more of the following: emits or 
collects electrons or holes, or controls their movements by 
means of an electric field on it. 3. In electroplating, the 
metal being plated. 4. A conductor by means of which 
a current passes into or out of a fluid or an organic 
material, such as human skin; often one terminal of a lead. 
5. A metallic conductor such as in an electrolytic cell, in 
which conduction by electrons is changed to conduction 
by ions or other charged particles. 6. A conductor, not 
necessarily metal, through which a current enters or leaves 
an electrolytic cell, arc, furnace, vacuum tube, gaseous 
discharge tube, or any conductor of the nonmetallic class. 
7. That part of a semiconductor device providing the 
electrical contact between the specified region of the 
device and the lead to its terminal. 8. In a spark plug, 
the center rod passing through the insulator forms one 
electrode. The rod welded to the shell forms another. They 
are referred to as the center and side electrodes. 9. A 
conducting element at whose surface electricity passes 
into another conducting medium. 

electrode admittance —The alternating compo- 
nent of the electrode current divided by that of the electrode 
voltage (all other electrode voltages maintained constant). 

electrode capacitance — The capacitance between 
one electrode and all the other electrodes connected 
together. 

electrode characteristic — The relationship, usu- 
ally shown by a graph, between the electrode voltage and 
current, all other electrode voltages being maintained con- 
stant. 

electrode conductance — The quotient of the in- 
phase component of the electrode alternating current 
divided by the electrode alternating voltage, all other 
electrode vcltages being maintained constant. This is a 
variational and not a total conductance. 

electrode current — Current passing into or out of 
an electrode. 

electrode dark current— Also called dark current. 
1. In phototubes, the component of electrode current that 
flows in the absence of ionizing radiation and optical 
photons, 2. The current that flows in a photodetector when 
there is no incident radiation on the detector. 

electrode dissipation— The power that an elec- 
trode dissipates as heat when bombarded by electrons 
and/or ions and radiation from nearby electrodes. 

electrode drop — The voltage drop produced in an 
electrode by its resistance. 

electrode impedance — The reciprocal of elec- 
trode admittance. 

electrode inverse current— Current through a 
tube electrode in the direction opposite to that for which 
the tube was designed. 

electrodeless discharge — A luminous discharge 
produced by means of a high-frequency electric field in a 
gas-filled glass tube that has no internal electrodes. 

electrodeless discharge tube— Abbreviated 
EDT. A device consisting of an airtight quartz tube that 
holds the material to be analyzed. When a high-frequency 
electrostatic field, generated by microwaves, is applied to 
the tube, it emits energy of a wavelength identical with 
that of the contained material. 

electrodeposition — Also called electrolytic depo- 
sition. See also electroplating. 
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electrode potential — 1. The instantaneous voltage 
on an electrode. Its value is usually given with respect 
to the cathode of a vacuum tube. 2. The difference 
in potential between an electrode and the immediately 
adjacent electrolyte referred to some standard electrode 
potential as zero. 3. The potential in volts that an electrode 
has when tmmersed in an electrolyte, compared to the zero 
potential of a hydrogen electrode. The potential depends 
on the material of which the electrode is made. 

electrode reactance — The imaginary component 
of electrode impedance. 

electrode resistance — The reciprocal of electrode 
conductance. lt is the effective parallel resistance, not the 
real component of electrode impedance. 

electrodermography — The recording of the elec- 
trical resistance of the skin, which is a sensitive indicator 
of the activity of the autonomic nervous system. 

electrode voltage — The voltage between an elec- 
trode and the cathode or a specified point of a filamentary 
cathode. The terms grid voltage, anode voltage, plate volt- 
age, etc., designate the voltage between these electrodes 
and the cathode. Unless otherwise stated, electrode volt- 
ages are measured at the available terminals. 

electrodialytic process — A process for producing 
fresh water by using a combination of electric current and 
two types of chemically treated membranes. 

electrodynamic— Pertaining to electric current, 
electricity in motion, and the actions and effects of 
magnetism and induction. 

electrodynamic braking — A method of stopping 
a tape-deck motor gently by the application of a prede- 
termined voltage to the motors. 

electrodynamic instrument— An instrument that 
depends for its operation on the reaction between the 
current in one or more moving coils and the current in 
one or more fixed coils. 

electrodynamic machine — Electric generator or 
motor in which the output load current is produced by 
magnetomotive currents generated in a rotating armature. 

electrodynamics — |. The science dealing with the 
various phenomena of electricity in motion, including 
interactions of currents with each other, with their asso- 
ciated magnetic fields, and with other magnetic fields. 
2. The study of the generation of electromagnetic power 
by radiation from high-energy beams. 

electrodynamic speaker—A speaker consisting 
of an electromagnet called the field coil, through which a 
direct current flows. 

electrodynamometer— 1. An instrument for 
detecting or measuring an electric current by determining 
the mechanical reactions between two parts of the same 
circuit, 2. A meter movement consisting of a rotatable 
(moving) wire coil suspended between two fixed (field) 
wire coils. The three coils can be connected in various 
configurations, so that rotation of the moving coil is pro- 
portional to applied ac or de voltage or current, to power, 
power factor, eic. 

electroencephalogram— 1. A waveform obtained 
by plotting brain voltages (available between two points 
on the scalp) against time. An electroencephalogram 
is not necessarily a periodic function, although it can 
beparticularly if the patient is unconscious. These voltages 
are of extremely low level and require recording apparatus 
that displays excellent noise rejection. 2. The tracing of 
brain waves made by an electroencephalograph. 

electroencephalograph — Abbreviated EEG. An 
instrument for measuring and recording the rhythmically 
varying potentials produced by the brain by the use of 
electrodes applied to the scalp. 
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electroencephalography — 1. Recording and 
interpretation of the electrical activity of the brain. Volt- 
age (typically 50 microvolts) picked up by electrodes on 
the scalp is amplified and applied to a strip-chart recorder. 
2. Recording of electric currents developed in the brain 
by means of electrodes applied to the scalp, to the surface 
of the brain, or placed within the substance of the brain. 

electroencephaloscope— An instrument for 
detecting brain potentials at many different sections of 
the brain and displaying them on a cathode-ray tube. 

electroexplosive device — See EED. 

electrofluid dynamics generator — Abbreviated 
EFD, A generator in which the only moving parts are 
wind-driven charged particles. Their movement from 
electrode to electrode is analogous to the spinning of an 
armature. Ideally suited for use at sea or at the seaside, 
bladeless windmills could be used anywhere there is a 
source of moisture. Principal advantages of the concept 
include efficiency and low cost. 

electroforming — Also called electrodeposition and 
electroplating. 1. Making a metal object by using elec- 
trolysis to deposit a metal on an electrode. 2. Creating a 
pn junction by passing a current through point contacts 
on a semiconductor. 3. The production or reproduction of 
articles by electrodeposition on a mandrel or mold that is 
subsequently separated from the deposit. 4. The process 
of depositing a substance on an electrode by electroly- 
sis, as in electroplating, electroforming, electrofining, or 
electrotinning. 

electroforming process — An electrochemical pro- 
cess Of metal fabrication using an electrolyte, an anode to 
supply the metal, and a control of the electrical current 
and of the deposition of metal on the matrix of a reflector, 

electrogalvanizing —Electrodeposition of zinc 
coatings. 

electrogastrogram—The graphic record that 
results from synchronous recording of the electrical and 
mechanical activity of the stomach. 

electrograph— 1. A plot, graph, or tracing made by 
means of the action of an electric current on sensitized 
paper or other material, or by means of an electrically 
controlled stylus or pen. 2, Equipment for facsimile 
transmission. 

electrographic process — See dielectric process. 

electrographic recording — Also called electro- 
statography. The producing of a visible record by using a 
gaseous discharge between two or more electrodes to form 
electrostatically charged patterns on an insulator. See also 
electrostatic electrography. 

electrokinetics — The branch of physics concerned 
with electricity in motion. 

electroless deposition— The deposition of con- 
ductive material from an autocatalytic plating solution 
without application of electrical current. 

electroless plating — 1. A method of metal deposi- 
tion by means of a chemical reducing agent present in the 
processing solution. The process is further characterized 
by the catalytic nature of the surface, which enables the 
metal to be plated to any thickness. 2. A chemical process 
by which certain metals can be plated without electrical 
current. Tin may be plated onto copper in this manner. 
3. The controlled autocatalytic reduction of a metal ion 
on certain catalytic surfaces. 

electroluminescence— |. Luminescence resulting 
from a high-frequency discharge through a gas or from 
application of an alternating current to a layer of phos- 
phor. 2. Direct conversion of electrical energy into light 
energy in a liquid or solid; for example, photoemission 
as a result of electron-hole recombination in a pn junc- 
tion. This is the mechanism employed by the injection 
laser. The standard abbreviation for the effect is written 


EL. (This process is not to be confused with the ordinary 
tungsten filament bulb, where there is an intermediate 
stage of heat, making the process thermoluminescent.) 
3. Light produced in a phosphor that is in an alternat- 
ing electric field. Consists of a phosphor a few mils thick 
placed between two metal films, one of which is transpar- 
ent. Alternating current is applied to the plates through a 
current-limiting resistor. 

electroluminescent display — 1. A display, desig- 
nated EL, whose segments or elements consist of trans- 
parent conductive electrodes separated by a dielectric con- 
taining a luminescent phosphor. Application of ac voltage 
to opposing electrodes causes the dielectric between them 
to glow with a characteristic blue-green light. 2. The uti- 
lization of the light produced when electrical energy is 
directly converted into light within devices used for visual 
readout displays or as complex logic-circuit elements. The 
display devices may be flat, giving a wide viewing angle 
without parallax, and may have low power needs. Can 
yield blue, green, yellow, and white colors. 
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Electroluminescent display. 


electroluminescent lamp — A lamp in the shape 
of a panel that is decorative as well as illuminative. 
It consists primarily of a capacitor having a ceramic 
dielectric with electroluminescent phosphor. The amount 
of illumination is determined by the voltage across the 
layer and by the frequency applied to it. 
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electroluminescent-photoconductive image 
intensifier—-A panel, made up of electroluminescent 
and photoconductive (EL-PC) layers, used as either a 
positive or negative image intensifier, depending on 
amplitude and phase of its two power supply voltages. The 
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photoconductive layer receives the image and converts it 
to electrical signals; subsequently, the electroluminescent 
layer converts the signals to visible, brighter light. 

electrolysis— 1. The process of changing the chem- 
icai composition of a material (called the electrolyte) by 
sending an electric current through it. 2. The decay of 
an underground structure by chemical action due to stray 
electrical currents. 3. Production of chemical changes of 
the electrolyte by the passage of current through an elec- 
trochemical cell. 4. Conduction of an clectric current 
through a chemical compound in its natural state, solution 
or as a molten, to decompose the compound. 

electrolyte — 1. A substance in which the conduction 
of electricity is accompanied by chemical action. 2. The 
paste that forms the conducting medium between the elec- 
trodes of a dry cell, storage cell, or electrolytic capacitor. 
3. A substance that, when dissolved in a suitable liquid 
(often water), dissociates into ions, thus rendering the 
liquid electrically conducting. 4. The current-conducting 
substance (liquid or solid) between two capacitor elec- 
trodes, at least one of which is covered by a dielectric 
film. 5. A conducting medium in which current is accom- 
panied by movement of matter. Most often an aqueous 
solution of acids, bases, or salts, but includes many other 
media, such as fused salts, ionized gases, some solids, etc. 
6. A substance that is capable of forming a conducting 
liquid medium when dissolved or melted. 

electrolyte conductivity— Also called specific 
conductance. A measure of the ability of a solution to 
carry an electric current. Defined as the reciprocal of the 
resistance in ohms of a l-cm cube of the liquid at a spec- 
ified temperature. The units of specific conductance are 
the reciprocal ohm-cm (or siemens/cm) and one millionth 
of this. High-quality condensed steam and distilled or 
demineralized water have specific conductances at room 
temperatures as low as or lower than | microsiemens/cm. 

electrolyte recording — A form of facsimile record- 
ing in whick ionizaticn causes a chemically moistened 
paper to undergo a change. 

electrolytic — 1. Pertaining to or made by electroly- 
sis; deposited by electrolysis; pertaining to or containing 
an electrolyte. 2. Said of an electrical device that contains 
an electrolyte. 

electrolytic capacitor — 1. A capacitor consisting 
of two conducting electrodes, with the anode having a 
metal oxide film formed on it. The film acts as the 
dielectric or insulating medium. The capacitor is oper- 
able in the presence of an electrolyte, usually an acid or 
salt. Generally used for filtering, bypassing, coupling, or 
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decoupling. 2. A capacitor in which the dielectric is a 
film of oxide electrolytically deposited on a plate or slug 
of aluminum or tantalum. The thinness of the film per- 
mits a high capacitance-to-volume ratio. The oxide acts 
as a dielectric in one direction only. The device is, there- 
fore, polarized. (A nonpolarized electrolytic capacitor is, 
in effect, two polarized types in series with their like 
terminals connected together.) 3. A fixed capacitor, hav- 
ing a relatively high capacitance-to-volume ratio due to 
a very thin electrically formed, nonconducting chemical 
dielectric (oxide) film. 4. A capacitor in which the elec- 
trolytically formed oxide layer on the surface of the anode 
serves as a dielectric, with a solid or nonsolid electrolyte 
forming the cathode, thus giving the capacitor polar prop- 
erties. 

electrolytic capacitor paper — Very pure, porous 
paper, 17 to 100 micrometers thick, used to separate the 
metallic electrodes in electrolytic capacitors. 

electrolytic cell — 1. In a battery, the container, two 
electrodes, and the electrolyte. 2. A unit apparatus in 
which electrochemical reactions are produced by applying 
electrical energy, or which supplies electrical energy as a 
result of chemical reactions and which includes two or 
more electrodes and one or more electrolytes contained 
in a suitable vessel. 

electrolytic cleaning — A process of removing soil, 
scale, or corrosion products from a metal surface by 
subjecting it as an electrode to an electric current in an 
electrolytic bath. 

electrolytic conduction—The flow of current 
between electrodes immersed in an electrolyte. It is caused 
by the movement of ions from one electrode to the other 
when a voltage is applied between them. 

electrolytic corrosion — Corrosion by means of 
electrochemical erosion. See corrosion. 

electrolytic deposition — See electrodeposition. 

electrolytic development— The method of devel- 
oping a photographic image by means of an applied 
electric field. The systems used include electrolysis and 
photoconductive systems. 

electrolytic dissociation—The breaking up of 
molecules into ions in a solution. 

electrolytic interrupter — A device that is tilted to 
change the current through it. 

electrolytic iron — Iron obtained by an electrolytic 
process. The iron possesses good magnetic qualities and 
is exceptionally free of impurities. 

electrolytic plating — A method of metal deposition 
employing the work or cathode, the anode, the electrolyte, 
a solution containing dissolved salts of the metal to be 
plated, and a source of direct current. The anode metal is 
dissolved by chemical and electrical means; subsequently, 
cations are deposited onto the cathode. Electric current 
is the reducing agent. Copper, nickel, chromium, zinc, 
brass, cadmium, tin, gold, and silver are the metals most 
commonly electroplated. 

electrolytic potential — The difference in potential 
between an electrode and the immediately adjacent elec- 
trolyte, expressed in terms of some standard electrode 
difference. 

electrolytic rectifier—-A rectifier consisting of 
metal electrodes in an electrolyte, in which rectification of 
alternating current is accompanied by electrolytic action. 
A polarization film formed on one of the electrodes 
permits current in one direction but no: in the other. 

electrolytic refining — The refining or purifying of 
metals by electrolysis. 

electrolytic shutter— A high-speed shutter, similar 
to a Kerr cell, that uses the birefringence produced in a 
liquid during the passage of an electric current through it 
to change the liquid’s optical transmission characteristics. 
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electrolytic switch —A switch having two elec- 
trodes projecting into a chamber containing a precisely 
measured quantity of a conductive electrolyte, leaving an 
air bubble of predetermined width. When the switch is 
tilted from true horizontal, the bubble shifts position and 
changes the amount of electrolyte in contact with the elec- 
trodes, thereby changing the amount of current passed by 
the switch. Used as a leveling switch in gyro systems. 

electrolyzer— An electrolytic cell that produces 
alkalies, metals, chlorine, or other allied products. 

electromagnet— 1. A temporary magnet consisting 
of a solenoid with an iron core. A magnetic field exists 
only while current flows through the solenoid. 2, A 
magnet, consisting of a solenoid with an iron core, that 
has a magnetic field existing only during the time of 
current flow through the coil. 3. A coil of wire, usually 
wound on an iron core, that produces a strong magnetic 
field when current is sent through the coil. 4. A magnet 
created by inserting a suitable metal core within or near 
a magnetizing field that is usually formed by passing 
electric current through a coil of insulated wire. 5. A soft 
iron core that becomes a magnet temporarily when current 
flows through a coil of wire that surrounds it. 


Electromagnet. 


electromagnetic — 1. Having both magnetic and 
electric properties. 2. Pertaining to the mutually perpen- 
dicular electric and magnetic fields associated with the 
movement of electrons through conductors, as in an elec- 
tromagnet. 3. Pertaining to the combined electric and 
magnetic fields associated with radiation or with move- 
ments of charged particles. 4, Pertaining to or caused by 
the combined electric and magnetic fields that are always 
associated with an electric current. 5. Pertaining to the 
relationship between currents and magnetic fields. 

electromagnetic amplifying lens—A system 
made up of a large number of waveguides symmetrically 
arranged with respect to an excitation medium so that 
they are excited with equal amplitude and phase in order 
to provide an effective gain in energy. 

electromagnetic bonding — Method for joining 
thermoplastics in which a metallic preform is placed in 
the joint area to convert electromagnetic energy into heat 
for fusion bonding. 

electromagnetic cathode-ray tube — A cathode- 
ray tube that uses electromagnetic deflection to deflect the 
electron beam. 

electromagnetic communications — The elec- 
tromagnetic wave conductor is space itself. The 


electromagnetic frequencies available today for commu- 
nications fall into two categories: frequencies that form 
“wireless” communications (such as visual light of fairly 
high frequency), and frequencies that humans use for 
wireless communications (such as radio, shortwave, and 
microwave transmitting, of relatively lower frequencies). 
In communicating by radio, shortwave, and microwave 
frequencies, translators similar in principle to those used 
in electrical communications are needed, although the 
equipment requirement increases. 

electromagnetic compatibility — Abbreviated 
EMC. 1. The ability of electronic devices and commu- 
nications equipment, subsystems, and systems to operate 
in their intended environments without suffering or caus- 
ing unacceptable degradation of performance as a result of 
unintentional electromagnetic radiation or response. 2. A 
directive that specifies the acceptable limits for electro- 
magnetic emissions from an electronic device, and how 
much electromagnetic interference the device should tol- 
erate. 3, Abbreviation for electronic message center (Ford 
Motor). Digital dashboard electronics displaying digital 
readouts of speed, miles, fuel, clock, etc. 

electromagnetic complex — The electromagnetic 
configuration of an installation, including all radiators of 
significant amounts of energy. 

electromagnetic coupling — The mutual relation- 
ship between two separate but adjacent wires when the 
magnetic field of one induces a voltage in the other. 

electromagnetic crack detector— An instru- 
ment for detecting hidden cracks in iron or steel objects 
by magnetic means. 

electromagnetic deflection— The deflection of 
an electron stream by means of a magnetic field. In a 
television receiver, the magnetic field for deflecting the 
electron beam horizontally and vertically is produced by 
two pairs of coils, called the deflection yoke, around the 
neck of the picture tube. 

electromagnetic deflection coil——A coil around 
the neck of a CRT, for deflecting the electron beam. 
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If we know the voltage across R1 (1.6V) and the resistance of R1 (1000), then we can use Ohm’s Law 
to calculate the current flowing through R1. Reviewing what you learned in Chapter 3 about the 
predictable and inviolable relationships between voltage, resistance, and current, you can see that I = E / 
R (i.e., current equals voltage divided by resistance), where I is the current in amps, E is the voltage in 
volts. and R is the resistance in ohms. 

It’s not that hard! It sounds much worse than it actually is. The answer is 0.016A, or 16mA 
(1.6V/100Q). That’s the teeny-tiny amount of current needed to light up a typical red LED. Most small 
LEDs can handle up to 25mA safely, and some can handle much more than that, especially if they are 
intended for illumination purposes. 

One quick side trip to multiplication land and we’ll know everything we need to know about R1 in 
this circuit. While the schematic specified the resistance of R1 as 100Q (the primary characteristic or 
component value), nothing was said about the power-handling capability of this component. 

Power is calculated as voltage multiplied by current. That’s all there is to it. We know the voltage: 
1.6V. We know the current: 16mA. We multiply them together to get 0.0256W (watts), or almost 26mW. 
Remember that you have to enter the current as 0.016 because the formula calls for the number of amps, 
not milliamps. 

Not quite 26mA is not quite much of anything. You will not be able to tell that the resistor is 
shedding all those extra volts as heat with your fingertip. It might not even register with a sensitive 
thermometer. It’s just a really tiny amount of power. A typical small resistor (a 1/4W resistor) will handle 
250mW of power, which is almost ten times what is needed in this application. 


Tip It’s always a good idea to calculate the power requirements of your components, just so you're not too 
surprised when the magic smoke leaves the circuit, rendering it crispy and nonfunctional. 


OK, we're back from the frightening land of multiplication. It wasn’t that bad was it? The remainder 
of understanding resistors in series depends only upon the science of addition. Counting on your fingers 
will be good enough. 

We can change the brightness of the LED by changing the amount of current flowing through it. We 
can change the amount of current flowing through the LED by either raising the supply voltage or by 
changing the resistance of R1. Since we can easily substitute any other value of resistor for the 100Q 
resistor with which we began, this is easy to do. Just don’t go too low in resistor value, as this will allow 
too much current to flow through the LED, possibly damaging it permanently. 

Adding resistors in series adds their resistances together. For example, if you placed two 100Q 
resistors end to end, the total resistance across them would be 2000. That's really all there is to it: 100Q + 
1000 = 2000. 

If you perform this experiment with the LED circuit we built on the breadboard, you can see that the 
LED will not shine as brightly as it did before. This is because the resistance has doubled, which means, 
all other factors remaining the same, that the current through the LED has been cut in half. Half the 
current results in half the brightness, since LEDs are controlled by the amount of current flowing 
through them. 

What's interesting about this arrangement is that the power-handling capacity of the two resistors is 
also double what it was when only one resistor was in the circuit. This is because each resistor is now 
dissipating half the power when compared with the previous scenario. If two 1/4W resistors are used in 
series, they can together safely dissipate up to 1/2W of power, although pushing any component to 100 
percent of its capacity is just asking for trouble, especially when heat is concerned. 
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electromagnetic delay line — A delay line whose 
operation is based on the time of propagation of elec- 
tromagnetic waves through distributed or lumped capaci- 
tance and inductance. 

electromagnetic  energy— Forms of radiant 
energy, such as radio waves, heat waves, light waves, 
X-rays, gamma rays, and cosmic rays. 

electromagnetic environment— The rf field or 
fields existing in an area or desired in an area to be 
shielded. 

electromagnetic field— 1. The field of influence 
produced around a conductor by the current flowing 
through it. 2. A rapidly moving electric field and its 
associated magnetic field. The latter is perpendicular 
to both the electric lines of force and their direction. 
3. The field associated with radio or light waves, con- 
sisting of a magnetic and an electric field at right 
angles to each other and to the direction of wave 
propagation. 

electromagnetic focusing — In a television pic- 
ture tube, the focusing produced by a coil mounted on the 
neck, Direct current through the coil produces magnetic 
field lines parallel to the tube axis. 

electromagnetic horn—A horn-shaped structure 
that provides highly directional radiation of radio waves 
in the 100-megahertz or higher frequency range. 

electromagnetic induction—The voltage pro- 
duced in a coil as the number of magnetic lines of force 
(flux linkages) passing through the coil changes. 

electromagnetic inertia—J1. The characteristic 
delay of a current in an electric circuit in reaching its 
maximum or zero value after application or removal of 
the source voltage. 2. The property of self-induction. 

electromagnetic interference — Abbreviated 
EMI. 1. Unintentional interfering signals generated within 
or extemal to electronic equipment. Typical sources could 
be power-line transients, noise from switching-type power 
supplies, and/or spurious radiation from oscillators. EMI 
ig suppressed with power-line filtering, shielding, etc. 
EMI suppression requirements are frequently specified 
for military equipment. 2. Electromagnetic phenomena 
which, either directly or indirectly, can contribute to a 
degradation in performance of an electronic receiver or 
system, (The terms radio interference, radio-frequency 
interfereace, noise, emi, and rfi have been employed 
at various times in the same context.) 3. Disturbances 
caused by electromagnetic waves (radio, heat, light, 
etc.) that can impair the reception of the desired trans- 
mitted signal. 4. Unwanted electromagnetic emissions, 
generated by lightning or by electronic or electrical 
devices, that degrade the performance of another elec- 
tronic device. Interference may be reduced by shield- 
ing. Maximum acceptable levels of EMI from electronic 
devices are detailed by the Federal Communications 
Commission. 

electromagnetic lens— 1. An electron lens in 
which the electron beams are focused electromagnet- 
ically. 2. An electromagnet that produces a suitably 
shaped magnetic field for the focusing and deflection 
of charged particles in electron-optical systems. 3. An 
electron lens consisting of a homogeneous axial electric 
field and a magnetic field, used in high-quality image 
tubes for high MTF and small geometrical distortion 
requirements. 

electromagnetic mirror—A surface or region 
capable of reflecting radio waves, such as one of the 
ionized layers in the upper atmosphere. 

electromagnetic oscillograph — An oscillograph 
in which a mechanical motion is derived from electro- 
magnetic forces to produce a record. 


electromagnetic pollution — The effects of elec- 
tromagnetic interference (EMI) produced by human-made 
apparatus. The seriousness of this interference ranges 
from annoying interference that affects a radio or tele- 
vision channel to interference that causes failure of an 
important communication channel or a cardiac pacemaker. 

electromagnetic pulse— Abbreviated EMP. A 
reaction of large magnitude resulting from the detonation 
of nuclear weapons. 

electromagnetic radiation— 1. That form of 
energy which is characterized by transversely oscillating 
electric and magnetic fields and which propagates at 
velocity c in free space. At a sufficient distance from 
the source, the electric-field vector and the magnetic 
field vector are at right angles to each other, forming a 
right-handed (coordinate) system. In an ionized medium, 
a longitudinal component may be present. 2. A form 
of power emitted from vibrating charged particles, A 
combination of oscillating electric and magnetic fields, 
electromagnetic radiation propagates through otherwise 
empty space with the velocity of light. This (constant) 
velocity equals the alternation frequency multiplied by 
the wavelength; hence the frequency and wavelength 
are inversely proportional to each other. The spectrum 
of electromagnetic radiation is continuous over all 
frequencies. 3. Abbreviated EMR. When discussing 
shielding, describes radiation generated by electrical 
means, ranging from a stationary magnetic or electrostatic 
field to high-frequency changing fields and transmitted 
plane waves of radio frequency. 

electromagnetic reconnaissance — Activity 
conducted to locate and identify potential hostile sources 
of electromagnetic radiation, including radar, communi- 
cation, missile-guidance, and air-navigatior equipment. 

electromagnetic relay— 1. Device that opens or 
closes contacts by setting “moving” contacts against 
“fixed” contacts when current passes through an electro- 
magnet. Current sets up a magnetic attraction between 
the core of the electromagnet and a hinged arm to the 
tip of which is attached the moving contact. The move- 
ment of the arm toward the core of the electromagnet 
brings moving and fixed contacts together. When current 
is withdrawn, a spring returns the arm to its original posi- 
tion and the contacts separate. 2. A mechanical switch 
operated by electric power. 
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electromagnetic repulsion — The repelling action 
between like poles of electromagnets. 
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electromagnetics —In physics, the branch con- 
cemed with the relationships between electric currents and 
their associated magnetic fields. 

electromagnetic spectrum— |. A chart or graph 
showing the relationships among all known types of elec- 
tromagnetic radiation classified by wavelengths. 2. The 
continuous range of frequencies, from 0.1 to 10% hertz, of 
which a radiated signal is composed. Spectral dimensions 
are more conveniently described in terms of wavelength 
(angstroms), where 1 angstrom is equivalent to 107? mm. 
The electromagnetic spectrum includes radio-frequency 
waves, light waves, microwaves, infrared, X-rays (Roent- 
gen rays), and gamma rays. 3. The ordered array of known 
electromagnetic radiations, extending from the shortest 
wavelengths, cosmic rays, through gamma rays, X-rays, 
ultraviolet radiation, visible radiation, and infrared, and 
including microwave and all other wavelengths of radio 
energy. 4. The entire range of wavelengths, extending 
from the shortest to the longest or conversely, that can 
be generated physically. This range of electromagnetic 
wavelengths extends almost from zero to infinity and 
includes the visible portion of the spectrum known as 
light. See also visible spectrum. 5. The total range of 
wavelengths or frequencies of electromagnetic radiation, 
extending from the longest radio waves to the shortest 
known cosmic rays. 
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electromagnetic tester—A nondestructive test 
method for engineering materials, including magnetic 
materials, that uses electromagnetic energy having fre- 
quencies less than those of visible light to yield informa- 
tion regarding the quality of the tested materials. 

electromagnetic theory — The theory of propaga- 
tion of energy by combined electric and magnetic fields 
included in Maxwell’s equations. 

electromagnetic theory of light — The theory that 
states that electromagnetic and light waves have identical 
properties. 
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electromagnetic transduction — 1. Conversion 
of the measurand into the output induced in a conduc- 
tor by a change in magnetic flux. 2. A wave produced by 
the oscillation of an electric charge. 3. A wave in which 
there are both electric and magnetic displacements. 4. A 
transverse wave associated with the transmission of elec- 
tromagnetic energy. 

electromagnetic-type microphones — Micro- 
phones in which the voltages are varied by an electromag- 
net (namely, ribbon or velocity, dynamic or moving-coil, 
and reluctance or moving-vane microphones). 

electromagnetic unit— Abbreviated emu. A unit 
of electricity based primarily on the magnetic effect of an 
electric current. The fundamental centimeter-gram-second 
unit is the abampere. Now considered obsolete. 

electromagnetic vibrator— A mechanical device 
for interrupting the flow of direct current and thereby 
making it a pulsating current. This is done where a circuit 
requires an alternating current to operate. A reed within 
the vibrator is alternately attracted to two electromagnets. 

electromagnetic wave— 1. The radiant energy 
produced by oscillation of an electric charge. It includes 
radio, infrared, visible and ultraviolet light waves, and 
X-, gamma, and cosmic rays. 2. A wave in which both 
electric and magnetic displacement are present. 3. Waves 
of radiation identified by individual fluctuations of elec- 
tric and magnetic fields. All such waves propagate at the 
speed of light in free space, which includes most real- 
istic atmospheric conditions. Three material parameters 
are necessary and sufficient to describe electromagnetic 
waves in a given medium: dielectric constant (or permit- 
tivity), permeability, and conductivity. 

electromagnetism — 1. The magnetic field around 
a wire or other conductor when, and only when, current 
passes through it. 2. Magnetism caused by an electric 
current in a conductor. 

electromanometer — Instrument used for measur- 
ing pressure of gases or liquids by electronic methods. 

electromechanical— Any device using electrical 
energy to produce mechanical movement. 

electromechanical bell —A bell with a prewound 
spring-driven clapper that is tripped electrically to ring 
the bell. 

electromechanical breakdown— A mechanical 
runaway that occurs when the mechanical restoring force 
fails to balance the electrical compressive force. 

electromechanical chopper — See contact modu- 
lator. 

electromechanical 
sistor — See EDCT. 

electromechanical energy — Energy present in an 
induction coil or solenoid. 

electromechanical frequency meter —A meter 
that uses the resonant properties of mechanical devices to 
indicate frequency. 

electromechanical recorder—A device that 
transforms electrical signals into equivalent mechanical 
motion that is transferred to a medium by cutting, 
embossing, or writing. 

electromechanical timer— Usually refers to a 
motor-driven timer, with or without an electrically oper- 
ated clutch. Can also apply to pneumatic and thermal 
timers, or slow pull-in or drop-out relays. 

electromechanical transducer— A device that 
transforms electrical energy into mechanical energy and 
vice versa. Á speaker is an example of the first, and a 
microphone of the second. 

electromechanics — That branch of electrical engi- 
neering concemed with machines producing or operated 
by electric currents. 


diffused-collector tran- 
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electrometallurgy — That branch of science con- 
cerned with the application of electrochemistry to the 
extraction or treatment of metals. 

electrometer— 1. An electrostatic instrument that 
measures a potential difference or an electric charge by 
the mechanical force exerted between electrically charged 
surfaces, 2. A de voltmeter with an extremely high input 
resistance, usually around 10'° megohms, as opposed to 
10 megohms or less for a conventional type. 

electrometer amplifier — An amplifier circuit hav- 
ing sufficiently low current drift and other noise com- 
ponents, sufficiently low amplifier input-current offsets, 
and adequate power and current sensitivities to be usable 
for measuring current variations of considerably less than 
107% A, 

electrometer tube-—A vacuum tube having a 
very low control-electrode conductance, to facilitate the 
measurement of extremely small direct currents and 
voltages. 

electromigration — Motion of ions of a metal con- 
ductor (such as aluminum) in response to the passage of 
high current through it. Such motion can lead to the for- 
mation of “voids” in the conductor, which can grow to 
a size such that the conductor is unable to pass current. 
Flectromigration is aggravated at high temperature and 
high current density and therefore is a reliability “wear- 
out” process. Electromigration is minimized by limiting 
current densities and by adding metal impurities such as 
copper or titanium to aluminum. 

electromotive force— Abbreviated emf. 1. The 
force that causes electricity to flow when there is a 
difference of potential between two points. The unit of 
measurement is the volt. 2. Electrical pressure at the 
source. Not to be confused with potential difference, 
which is the voltage developed across a resistance or 
impedance duc to current flowing through it. Both are 
measured in volts. 3. Electric pressure that causes a 
current to flow in a circuit; it is the energy put into 
the circuit by the source per unit electric charge that it 
supplies to the circuit. The unit of emf is the volt, being 
the electromotive force required to cause a current of | 
ampere to flow in a resistance of 1 ohm. 4. The difference 
of electrical potential found across the terminals of a 
source of electrical energy; more precisely, the limit of 
the potential difference across the terminals of a source 
as the current between the terminals approaches zero. 

electromotive force series— A list of elements 
arranged according to their standard electrode potentials, 
with noble metals, such as gold, being positive and active 
metals, such as zinc, being negative. 

electromotive series — A list of metals arranged in 
decreasing order of their tendency to pass into ionic form 
oy losing electrons, 

electromyogram — A waveform of the contraction 
of a muscle as a result of electrical stimulation. Usually 
the stimulation comes from the nervous system (normal 
muscular activity). The record of potential difference 
between two points on the surface of the skin resulting 
from the activity or action potential of a muscle. 

electromyograph— An instrument for measuring 
and recording potentials generated by muscles. 

electromyography — Abbreviated EMG. Recording 
and interpretation of the electrical activity of muscle 
tissue. A single electrical spike potential is generated 
when a muscle fiber contracts. The magnitude of the 
spike potentials is roughly proportional to the amount of 
muscular tension. Surface detecting electrodes (for many 
muscle fibers) or needle electrodes (for one or a few 
fibers) provide a signal that is amplified and displayed 
on a cathode-ray tube. 
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electron — An elementary atomic particle that car- 
ries the smallest negative electric charge (1.6 x 10°” 
coulombs). Electrons are light in mass (1/1840 of the mass 
of the hydrogen atom, or 9.107 x 107% gram), highly 
mobile, and orbit the nucleus of an atom. Electrons are 
responsible for the bonds between atoms. Positive elec- 
trons, or positrons, also exist. 

electronarcosis — |. The induction of unconscious- 
ness by passage of a weak current through the brain. 
2. Anesthesia induced by the passage of a precisely con- 
trolled electric current through the brain. 

electron attachment— Process by which an elec- 
tron is attached to a neutral molecule to form a negative 
ion. Often characterized by the attachment coefficient n, 
which is the number of attachments per centimeter of drift. 
Also characterized by the ratio A = 0/0, where o is the 
attachment cross section and @ the total cross section. 

electron avalanche-—The chain reaction started 
when one free electron collides with one or more orbiting 
electrons and frees them. The free electrons then free 
others in the same manner, and so on. 

electron band—A spectrum band composed of 
molecules that is usually found in the visible or the 
ultraviolet because of the electron trarsition taking place 
with the molecule. 

electron beam— 1. A narrow stream of electrons 
moving in the same direction under the influence of 
an electric or magnetic field. 2. A stream of electrons, 
emitted by a single source, that move in the same direction 
and at the same speed. 3. The electrons emitted by the 
cathode in a picture tube and focused into a beam that 
is deflected line by line across the phosphor screen to 
produce an image. 

electron-beam bonding — Process using a stream 
of electrons to heat and bond two conductors within a 
vacuum. 

electron-beam evaporation—An_ evaporation 
technique in which the evaporant is heated by electron 
bombardment. 

electron-beam generator — A velocity-modulated 
generator, such as a klystron tube, used to generate 
extremely high frequencies. 

electron-beam gun — A device generally used in a 
cathode-ray or camera tube to emit a stream of electrons 
moving at uniform velocity in a straight line. It consists 
of an emitting cathode and an anode, with an aperture for 
passage of some of the electrons. 

electron-beam  instrument— Also called a 
cathode-ray instrument. An instrument in which a beam 
of electrons is deflected by an electric or magnetic field 
(or both). Usually the beam is made to strike a fluorescent 
screen so the deflection can be observed. 

electron-beam machining — A process in which 
controlled electron beams are used to weld or shape a 
piece of material, 

electron-beam magnetometer — An instrument 
that measures the intensity and direction of magnetic 
forces by the immersion of an electron beam into the 
magnetic field. 

electron-beam mode discharge — Abbreviated 
ebmd. A form of discharge produced by a perforated-wall 
hollow cathode operating under conditions of pressure, 
voltage, and geometry usually associated with the abnor- 
mal glow discharge. 

electron-beam recording — The recording of the 
information contained in a modulated electron beam onto 
photographic or silicon-resin-coated materials. 

electron-beam tube—An electron tube that 
depends for its operation on the formation and control 
of one or more electron beams. 
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electron-beam welding — |. The process of using 
a focused beam of electrons to heat materials to the fusion 
point. 2. Process in which a welder generates a stream of 
electrons traveling at up to 60 percent of the speed of 
light. It focuses the beam to a small, precisely controlled 
spot in a vacuum and converts the kinetic energy into 
an extremely high temperature on impact with the work 
piece. 

electron-bombarded semiconductor ampli- 
fier — Abbreviated EBS amplifier. An amplifier consist- 
ing of an electron-gun modulation system, semiconductor 
target, and output coupling network all within a glass or 
ceramic envelope. The semiconductor target is a pair of 
silicon diodes, each consisting of two metallic electrodes 
with a pn junction under the top contact. Amplifier oper- 
ation is based on the fact that a modulated electron beam 
can control the current in a reverse-biased semiconductor 
junction. 

electron-bombardment-induced conduc- 
tivity —In a multimode display storage tube, a process 
by which the image on the surface of the cathode-ray tube 
is erased by the use of an electron gun. 

electron charge— Also called elementary charge. 
The charge of a single electron. Its value is 1.602189 x 
1071? coulomb. The fundamental unit of electrical charge. 

electron-coupled oscillator—— Abbreviated ECO. 
A circuit using a multigrid tube in which the cathode 
and two grids operate as a conventional oscillator and 
the electron stream couples the plate-circuit load to the 
oscillator. 

electron coupling — In vacuum (principally multi- 
grid) tubes, the transfer of energy between electrodes as 
electrons leave one and go to the other. 

electron device — Any device in which the passage 
of electrons through a vacuum, gas, or semiconductor is 
the device’s principal means of conduction. 

electron diffraction— 1. The phenomenon or the 
technique of producing diffraction patterns through the 
incidence of electrons on matter. 2. The bending of 
an electron stream that occurs when the stream travels 
through a medium such as very thin metal foil. 

electron-diffraction camera— A special evacu- 
ated camera equipped with means for holding a speci- 
men and bombarding it with a sharply focused beam of 
electrons. A cylindrical film placed around the specimen 
records the electrons that may be scattered or diffracted 
by it. 

electron drift—The movement of electrons in a 
definite direction through a conductor, as opposed to the 
haphazard transfer of energy from one electron to another 
by collision. 

electronegative — Having an electric polarity that is 
negative. 

electronegative developer—A developer con- 
taining negatively charged toner particles. 

electron emission — The freeing of electrons into 
space from the surface of a body under the influence of 
heat, light, impact, chemical disintegration, or a potential 
difference. 

electron emitter — In a cathode tube, the electrode 
that serves as a source for electrons. 

electron filter lens— An electrostatic device that 
uses an electric potential barrier to allow the transmittance 
of electrons at or above a set level of energy while 
stopping the passage of those below it. 

electron flow — The movement of electrons from a 
negative to a positive point in a metal or other conductor, 
or from a negative to a positive electrode through a liquid, 
gas, or vacuum. 

electron gun—1.An electrode structure that 
produces and may control focus and may deflect and 
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converge one or more electron beams. 2. A device for 
producing and accelerating a beam of electrons. 3. The 
portion of a TV picture tube or cathode-ray tube that 
produces the stream of electrons and may also focus and 
center the stream. 4. The source of the electron beam in a 
picture tube, comprising a cathode plus several focusing 
electrodes that collimate and focus the electron beam into 
a spot on the screen. In a color tube there may be three 
electron guns usually integrated into a single unit (unitized 
gun), or a single gun for the three colors. 
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electronic — 1. Pertaining to that branch of science 
which deals with the motion, emission, and behavior 
of currents of free electrons, especially in vacuum, gas, 
or phototubes and special conductors or semiconductors. 
This is contrasted with electric, which pertains to the flow 
of large currents in metal conductors. 2. Of or pertain- 
ing to devices, circuits, or systems using the principle of 
electron flow through a conductor. Examples: electronic 
control, electronic equipment, electronic instrument, elec- 
tronic circuit. 

electronic autopilot— An arrangement of gyro- 
scopes, electronic amplifiers, and servomotors for detect- 
ing deviations in the flight of an aircraft and applying the 
required corrections directly to its control cables, 

electronic balance —Weighing balance that uses 
forces produced by known currents to balance unknown 
currents, and thereby unknown weights, very accurately 
to within parts of a microgram. 

electronic ‘‘bug’’— A keying system that converts 
the Morse signals from a hand key into correctly propor- 
tioned and spaced dots and dashes. 

electronic bulletin board— A shared file where 
users can enter information for other users to read or 
download. Many bulletin boards are set up according to 
general topics and are accessible throughout a network. 

electronic calculator — Electronic device for arith- 
metic and logarithmic computations; may also include 
digital printer and computer. 

electronic camouflage — Use of electronic means 
or exploitation of electronic characteristics to reduce, 
submerge, or eliminate the radar-echoing properties of a 
target. 

electronic carburetor— A fuel-metering actuator 
in which the air/fuel ratio is controlled by continual 
variations of the metering rod position in response to an 
electronic control signal. 

electronic charge —-The quantity of charge rep- 
resented or possessed by one electron. It is equal to 
1.602189 x 1071” coulomb. 

electronic circuit— A circuit containing one or 
more electron tubes, transistors, integrated circuits, mag- 
netic amplifiers, etc. 

electronic commutator — A type of switch that 
provides a continuous switching or sampling of a number 
of circuits by means of a radial-beam electronic tube or 
electronic switching circuit. 
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electronic confusion area — Amount of space that 
a target appears to occupy in a radar resolution cell, as it 
appears to that radar beam. 

electronic control — Also called electronic regula- 
tion. The control of a machine or condition by electronic 
devices, 

electronic control unit — See ECU. 

electronic counter— An instrument capable of 
counting up to several million electrical pulses per second. 

electronic counter-countermeasures — Abb- 
reviated ECCM. i. Equipment and techniques that allow 
electronic systems such as radar and communication 
systems to operate effectively while attempts are made 
to disrupt or jam their operation. 2. That division of 
electronic warfare involving actions taken to ensure 
friendly and effective use of the electromagnetic 
spectrum despite the enemy’s use of electronic warfare. 
3. Retaliatory tactics used to reduce the effectiveness of 
electronic countermeasures. 

electronic countermeasures — Abbreviated 
ECM. 1. All measures taken to reduce the effectiveness of 
enemy electronic systems such as radar and communica- 
tions. There are two distinct areas: passive measures, or 
reconnaissance, and active measures, such as jamming, 
2. That division of electronic warfare involving actions 
taken to prevent or reduce an enemy’s effective use of 
the electromagnetic spectrum. Includes techniques such 
as chaff and barrage jamming as well as sophisticated 
methods to deceive the systems without indication to the 
opposing operators that their systems are being affected. 
3. Methods of jamming or otherwise hindering the oper- 
ation of enemy electronic equipment. 

electronic countermeasures control— |. Col- 
lection and sorting of large quantities of data for 
the purpose of measuring and defining radar signals. 
2, Examination of the data received in order to determine 
selection and switching of countermeasure devices with 
little or no time delay. 

electronic coupling—The method of coupling 
electrical energy from one circuit to another through the 
electron stream in a vacuum tube. 

electronic crowbar—An electronic switching 
device generally used in a power supply to divert a fault 
current from more delicate components until a fuse, circuit 
breaker, or the like has time to respond. 

electronic data exchange — See EDI. 

electronic data processing — Abbreviated EDP. 
1. Operations on data carried out mainly by electronic 
equipment. 2. Use of electronic memories to store, update, 
and read information automatically, and using that infor- 
mation in accounting, filing, etc. 3. Any computerized 
information system and the equipment used in that system. 

electronic data-processing center — Abbre- 
viated EDP center. A place in which is kept automati- 
cally operated equipment, including computers, designed 
to simplify the interpretation and use of data gathered 
by instrumentation installations or information-collection 
agencies. 

electronic data-processing machine — Abb- 
reviated EDPM. A machine or its device and attachments 
used primarily in or with an electronic data-processing 
system. 

electronic data-processing system— Any 
machine or group of automatically intercommunicating 
machines capabie of entering, receiving, sorting, 
classifying, computing, and/or recording alphabetical or 
numerical accounting or statistical data (or all three). 

electronic deception — Deliberate radiation, rera- 
diation, alteration, absorption, or reflection of electro- 
magnetic radiations in a manner intended to cause the 
enemy to obtain misleading data or false indications from 
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his electronic equipment. There are two categories of 
electronic deception: (a) Manipulative deception-— the 
alteration or simulation of friendly electromagnetic radi- 
ation to accomplish deception. (b) Imitative deception — 
the introduction into enemy channels of radiations that 
imitate the enemy’s own emissions. 

electronic device — 1. A device in which conduc- 
tion is principally by the movement of electrons through 
a vacuum, gas, or semiconductor. 2. An electronic tube or 
valve, transistor, or other semiconductor device. This defi- 
nition excludes inductors, capacitors, resistors, and similar 
components, 

electronic differential — An input or output type 
of circuit that only amplifies or responds to the difference 
of two signals, and does not respond to the signal with 
respect to ground or a supply voltage. 

electronic differential analyzer— A form of ana- 
log computer using interconnected electronic integrators 
to solve differential equations. 

electronic digital computer—A machine that 
uses electronic circuitry in the main computing element to 
perform arithmetic and logical operations on digital data 
(1.e., data represented by numbers or alphabetic symbols) 
automatically by means of an internally stored program 
of machine instructions. Such devices are distinguished 
from calculators, on which the sequence of instructions 
is externally stored and is impressed manually (desk 
calculators) or from tape or cards (card-programmed 
calculators). 

electronic efficiency — The ratio of (a) the power 
at the desired frequency delivered by the electron stream 
to the oscillator or amplifier circuit to {b} the direct power 
supplied to the stream. 

electronic engine control — See EEC. 

electronic engineering—-A branch of electrical 
engineering that applies the principles of electronics to 
the solution of practical problems. See also electronics. 

electronic flash — Also called strobe. 1. The firing 
of special light-producing, high-voltage, gas-filled glass 
tubes with a high instantaneous surge of current furnished 
by a capacitor or bank of capacitors that have been 
charged from a high-voltage source (usually 450 volts or 
higher). 2. A device that upon command produces a pulse 
of luminous energy caused by a discharge of electrical 
energy through a gas. The term usually implies the use 
of a flash tube and associated power source and trigger 
circuit. 

electronic flash tube — See flash tube. 

electronic flash unit—A small xenon-filled tube 
with metal electrodes fused into the ends. The gas flashes 
brilliantly when a capacitor is discharged through the 
tube. The duration of the flash primarily depends on 
the capacitance of the capacitor. As a rule of thumb, 
flash time is approximately equal in microseconds to 
capacitance in microfarads. Sometimes the flash recurs at 
a specified frequency, which may reach many thousands 
per second; such a device is called a strobe unit because it 
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produces stroboscopic effects and makes rapidly moving 
parts appear to stand still. 

electronic frequency synthesizer—A device 
that generates two or more selectable frequencies from 
one or more fixed-frequency sources. 

electronic funds transfer system — See EFTS. 

electronic gate — A device in which diodes and/or 
transistors provide input-output relations that correspond 
to a Boolean-algebra function (AND, OR, etc.). 

electronic heating— Also called high-frequency 
heating. A method of heating a material by inducing a 
high-frequency current in it or having the material act as 
the dielectric between two plates charged with a high- 
frequency current. 

electronic hookup wires — Wires used to make the 
internal connections between the various electrical parts 
of electronic assemblies. 

electronic industries— Industrial organizations 
engaged in the manufacture, design, development, and/or 
substantial assembly of electronic equipment, systems, 
assemblies, or the components thereof. 

Electronic Industries Association — Abbreviated 
EIA. A trade association of the electronics industry. Some 
of its functions are the formulation of technical standards, 
dissemination of marketing data, and the maintenance of 
contact with government agencies in matters relating to 
the electronics industry. The association was originally 
known as the Radio Manufacturers Association (RMA), 
and later as the Radio-Electronics-Television Manufactur- 
ers Association (RETMA). 

electronic instrument— Any instrument that 
depends for its operation on the action of either one or 
more electron devices. 

electronic instrument cluster — See FEIC. 

electronic intelligence — The technical and intel- 
ligence information derived from foreign noncommuni- 
cations electromagnetic radiations emanating from other 
than nuclear detonations or radioactive sources. 

electronic interference — Electrical or electromag- 
netic disturbances that result in undesired response in 
electronic equipment. 

electronic jamming — Intentional radiation, rera- 
diation, or reflection of electromagnetic energy for the 
purpose of reducing the effectiveness of enemy electro- 
magnetic devices or impairing the use of any electronic 
devices, equipment, or systems being used by an enemy. 

electronic keyboard — A keyboard that is used to 
generate characters through electronic means rather than 
through mechanical linkages. 

electronic keying—A method of keying whereby 
the dots and dashes are produced solely by electronic 
means. 

electronic line scanning — Facsimile scanning in 
which a spot on a cathode-ray tube moves across the copy 
electronically while the record sheet or subject copy is 
moved mechanically in a perpendicular direction. 

electronic mail— Abbreviated e-mail or email. 
1. Electronic messages that can be sent over a communi- 
cations network from one computer to another. 2. Sending 
messages electronically between computers or terminals. 

electronic microphone — A device that depends 
for its operation on the generation of a voltage by the 
motion of one of the electrodes in a special electron tube. 
electronic mine detector— See mine detector 
electronic multimeter— A device employing the 
characteristics of an electron-tube circuit for the mea- 
surement of electrical quantities, at least one of which 
is voltage or current, on a single calibrated scale. 
electronic music — The electronic generation and 
processing of audio signals, or the electronic processing 
of natural sound, and the manipulation and arrangement 
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of these signals via tape recorders into a finished musical 
composition. 

electronic music synthesizer— An audio signal 
processor that contains sound generators (oscillators) and 
additional circuitry such as filters to produce familiar 
sounds, such as those produced by conventional musical 
instruments, or to create unique sounds and effects. 

electronic news-gathering — Abbreviated ENG. 
The use of video cameras, recording, and other ancillary 
electronic gear to collect news stories for TV airing. 

electronic organ — The electronic counterpart of the 
pipe organ. All tones and tone variations, such as vibrato, 
tremolo, etc., are produced by electronic circuits instead 
of by pipes. 

electronic pacemaker — Also called a pacemaker. 
An electrical device, usually with electrodes planted in the 
myocardium, that performs the pacing function in a dis- 
eased heart no longer capable of pacing itself. Electronic 
pacemakers can receive power from implanted batteries, 
radio-frequency signals, biological energy sources, etc. 

electronic packaging—The coating or surround- 
ing of an electronic assembly with a dielectric compound. 

electronic part — A basic circuit element that cannot 
be disassembled and still perform its intended function. 
Examples of electronic parts are capacitors, connectors, 
filters, resistors, switches, relays, transformers, crystals, 
electron tubes, and semiconductor devices. 

electronic photometer — Also called photoelectric 
photometer. A photometer with a photocell, phototransis- 
tor, or phototube for measuring the intensity of light. 

electronic power supply—A circuit that trans- 
forms electrical input energy, that is, alternating or direct 
current. (Sources operating on rotating machine princi- 
ples, or deriving electrical power from other energy forms 
such as batteries and solar cells, are excluded.) Supplies 
covered by this definition fall into one of four groups: 
1) ac in, de out— most common supplies. 2) ac in, ac 
out— line regulators, variable-frequency supplies. 3) dc 
in, de out— converters. 4) de in, ac out— inverters. 

electronic products — Materials, parts, compo- 
nents, subassemblies, and equipment that employ the prin- 
ciples of electronics in performing their major functions. 
These products may be used as instruments and controls 
in communications, detection, amplification, computation, 
inspection, testing, measurement, operation, recording, 
analysis, and other functions employing electronic princi- 
ples. 

electronic profilometer— An electronic instru- 
ment for measuring surface roughness. The diamond-point 
stylus of a permanent-magnet dynamic pickup is moved 
over the surface being examined. The resultant variations 
in voltage are amplified and then measured with a meter 
calibrated to read directly in microinches of deviation 
from smoothness. 

electronic raster scanning —Scanning by elec- 
tronic means so that substantially uniform coverage of an 
area is provided by a predetermined pattern of scanning 
lines. 

electronic reconnaissance — Search for electro- 
magnetic radiations to determine their existence, source, 
and pertinent characteristics for electronic warfare pur- 
poses. 

electronic rectifier—A rectifier using electron 
tubes or equivalent semiconductor elements as rectifying 
elements. 

electronic regulation — See electronic control. 

electronic relay—An electronic circuit that pro- 
vides the functional equivalent of a relay but has no 
moving parts. 

electronics — 1. The field of science and engineering 
concerned with the behavior of electrons in devices and 


249 electronic search reconnaissance — electronic warfare support measures 


the utilization of such devices, 2. Of or pertaining to 
the field of electronics, such as electronics engineer, 
course, laboratory, committee. 3. Name given to that 
branch of electrical engineering which deals with devices 
whose operation depends upon the movement of elec- 
trons in space as opposed to the movement of electrons 
in liquids or solid conductors, e.g., radio tubes, pho- 
toelectric cells. It includes the study of radio, radar, 
television, sound films, and control of industrial pro- 
cesses. 4. That branch of science involved in the study 
and utilization of the motion, emissions, and behaviors 
of currents of electrical energy through gases, vacuums, 
semiconductors, and conductors; not to be confused with 
electrics, which deals primarily with the conduction of 
large currents of electricity through metals. 5. That branch 
of science and technology which deals with the study, 
application, and control of the phenomena of conduc- 
tion of electricity in a vacuum, in gases, in liquids, in 
semiconductors, and in conducting and superconducting 
materials. 

electronic search reconnaissance — The deter- 
mination of the presence, source, and significant charac- 
teristics of electromagnetic radiations. 

electronic security—Protection resulting from 
measures designed to deny to unauthorized persons infor- 
mation of value that might be obtained by interception 
and analysis of noncommunications electromagnetic radi- 
ations. 

electronic shock absorption — An integrated data 
bit storage buffer inside a CD portable, which receives 
information at twice the normal speed but supplies 
information to the digital-to-analog converter at normal 
speed, ensuring that any interruption of the data flow 
caused by shocks or bumps does not result in interruption 
of play. 

electronic shutter — A mechanical shutter with an 
electronic timing circuit. This circuit allows a wider range 
of exposure times, can be more accurate, and, placed 
in a circuit with a photconductive cell, allows automatic 
setting of shutter speeds. 

electronic sky screen equipment— An elec- 
tronic device for indicating the departure of a missile from 
a predetermined trajectory. 

electronic speed control — 1. A system whereby a 
inotor’s speed is controlled by feedback from a frequency- 
sensing circuit attached to the device being powered; 
changes from the desired speed cause corrective signals to 
speed up or slow down the motor, 2. Changes in speed in 
a record player, whether gross (as from 33 1/3 to 45 rpm) 
or small (as an order of +3 percent), can be made by 
alternating components in the external speed-regulation 
circuit, rather than by mechanically shifting belts or idler 
wheel. 

electronic sphygmomanometer— Device that 
measures and/or records blood pressure electronically. 

electronic stethoscope — An electronic amplifier 
of sounds within a body. Its selective controls permit 
tuning for low heart tones or high pulmonary tones. It 
has an auxiliary output for recording or viewing audio 
patterns. 

electronic stimulator — A device for applying elec- 
tronic pulses or signals to activate muscles, or to identify 
nerves, or for muscular therapy, etc. 

electronic surge arrestor—A device used to 
switch high-energy surges to ground so as to reduce the 
transient energy to a level that is safe for secondary 
protectors (e.g., zener diodes, silicon rectifiers). 

electronic switch — 1. A circuit element causing a 
start and stop action or a switching action electronically, 
usually at high speeds. 2. An electronic circuit used to 
perform the function of a high-speed switch. Applications 


include switching a cathode-ray oscilloscope back and 
forth between two inputs at such high speed that both 
input waveforms appear simultaneously on the screen. 

electronic switching —Electronic circuits and 
solid-state devices used to perform most telephone central 
office switching functions. 

electronic switching system — Abbreviated ESS. 
l. A telephone switching system that uses a computer 
with a storage containing program switching logic. 
The output of the computer actuates reed or electronic 
switches that establish telephone connections automati- 
cally. 2. A system that uses solid-state switching devices 
and computerlike operations to accomplish switching of 
telephone calls. 3. A type of telephone switching sys- 
tem that uses a special-purpose digital computer to direct 
and control the switching operation. ESS permits custom- 
calling services such as speed dialing, call transfer, and 
three-way calling. 

electronic thermal conductivity— The part of 
thermal conductivity due to the transfer of thermal energy 
by means of electrons and holes. 

electronic timer-— 1. A synchronizer, pulse genera- 
tor, modulator, or keyer that originates a series of contin- 
uous control pulses at an unvarying repetition rate known 
as the pulse-recurrence frequency. 2. A timer using elec- 
tronic circuits (either tube or transistor type) to control a 
time period, in place of a motor or other means. 

electronic tube relay—-A relay that employs 
electronic tubes as components. 

electronic tuning — 1. Altering the frequency of a 
reflex klystron oscillator by changing the repeller voltage. 
2. Frequency changing in a transmitter or receiver by 
changing a contro] voltage rather than circuit components. 

electronic video recording—The recording of 
video images by means of photographic film, or magnetic 
tape or disk, so that the image’s record can be played 
back in a video format at a later time. 

electronic viewfinder— Also called viewfinder 
monitor, 1. A small TV screen attached to a video camera 
that allows the operator to view a given scene exactly as 
it is being viewed by the camera. 2. A small television 
camera that replaces the reflex viewfinder of a motion 
picture camera, This permits the image photographed to 
be viewed simultaneously by a number of people, since 
the TV image may be transmitted to several receivers. 

electronic voltmeter— Also called vacuum-tube 
voltmeter. A voltmeter that utilizes the rectifying and 
amplifying properties of electron tubes or semiconductors 
and their circuits to secure such characteristics as high 
input impedance, wide frequency range, peak-to-peak 
indications, etc. 

electronic volt-ohmmeter —A device employing 
the characteristics of an electron-tube or semiconductor 
circuit for the measurement of voltage and resistance on 
a single-calibrated scale. 

electronic warfare — Abbreviated EW. 1. Military 
usage of electronics to reduce an enemy’s effective use 
of radiated electromagnetic energy and to ensure our 
own effective use. 2. Military action involving the use 
of electromagnetic energy to determine, exploit, reduce, 
or prevent hostile use of the electromagnetic spectrum, 
and action that retains friendly use of the electromag- 
netic spectrum. There are three divisions within electronic 
warfare: electronic warfare support measures (ESM), elec- 
tronic countermeasures (ECM), and electronic counter- 
countermeasures (ECCM). 

electronic warfare support measures — Abb- 
reviated ESM. That division of electronic warfare involv- 
ing actions taken to search for, intercept, locate, and 
immediately identify radiated electromagnetic energy for 
the purpose of immediate threat recognition. Thus, ESM 
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provides a source of information required for immediate 
action involving electronic countermeasures, electronic 
counter-countermeasures, avoidance, targeting, and other 
tactical employment of forces. 

electronic watch — A timepiece in which a battery 
replaces the mainspring, and semiconductor elements 
replace the mechanical switching-contact arrangement. 

electronic waveform synthesizer— An instru- 
ment using electron devices to generate an electrical sig- 
nal of a desired waveform. 

electron image—A representation of an object 
formed by a beam of electrons focused by an electron 
optical system. 

electron image tube — 1. A cathode-ray tube hav- 
ing a photoemissive mosaic upon which an optical image 
is projected, and an electron gun to scan the mosaic and 
convert the optical image into corresponding electrical 
current. 2. A cathode-ray tube that increases the bright- 
ness or size of an image, or forms a visible image from 
invisible radiation. The focal plane for the optical image 
is a large, light-sensitive cold cathode. The emission from 
the cathode is first accelerated through a suttable lens sys- 
tem and then strikes a fluorescent screen, where an image 
is formed that is an enlarged and brightened reproduction 
of the original image. 

electron lens — 1. The convergence of the electrons 
into a narrow beam in a cathode-ray tube by deflecting 
them electromagnetically or electrostatically. So called 
because its action is analogous to that of an optical lens. 
2. A system of deflecting electrodes or coils designed 
to produce an electric field that influences a beam of 
electrons in the same manner in which a lens affects a 
light beam. 

electron metallurgy — That branch of metallurgy 
that uses electron microscopic techniques in the examina- 
tion of the nature of metals. 

electron micrograph — A reproduction of an image 
formed by the action of an electron beam on a photo- 
graphic emulsion. 

electron micrography — The photographic record- 
ing of images produced by the electrons from an electron 
microscope. The electron beam carries the images through 
an array of lenses, and an enlarged electron image is used 
to stimulate a fluorescent screen that is photographed by 
a camera system. 

electron microradiography — The photographic 
recording and later enlarging of very thin specimens, 
using an electron beam to form the image. 

electron microscope — A device utilizing an elec- 
tron beam for the observation and recording of submicro- 
scopic samples with the aid of photographic emulsions 
or other short-wavelength sensors. Useful magnification 
is over 300,000. 

electron microscopy — The study of materials by 
means of the electron microscope. 

electron mirror— An electron instrument used to 
totally reflect an electron beam. 

electron multiplier—A vacuum tube in which 
electrons liberated from a photosensitive cathode are 
attracted to a series of electrodes called dynodes. In doing 
so, each electron liberates others by secondary emission 
and thereby greatly increases the number of electrons 
flowing in the tube. 

electron-multiplier section—A section of an 
electron tube in which an electron current is amplified 
by one or more successive dynode stages. 

electron optical system — A combination of parts 
capable of producing and controlling a beam of electrons 
to produce an image of an object. 

electron optics — 1. The branch of electronics con- 
cerned with the behavior of the electron beam under 
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the influence of electrostatic and electromagnetic forces. 
2. The control of free electron movement through the use 
of electric or magnetic fields, and use of the electron 
movement in research investigation of electronic diffrac- 
tion phenomena, directly analogous to the control of light 
through use of lenses. 3. The area of science devoted to 
the directing and guiding of electron beams using elec- 
tric fields in the same manner as lenses are used on light 
beams. 4. Pertaining to devices whose operation relies on 
modification of a material’s refractive index by electric 
fields, for example, image-converter tubes and electron 
microscopes. 

electron-pair bond—A valence bond formed by 
two electrons, one from each of two adjacent atoms. 

electron paramagnetic resonance— A condi- 
tion in which a paramagnetic solid subjected to two mag- 
netic fields, one of which is fixed and the other normal 
to the first and varying at the resonance frequency, emits 
electromagnetic radiation associated with changes in the 
magnetic quantum number of the electrons. 

electron probe — A narrow beam of electrons used 
to scan or illuminate an object or screen. 

electron-ray tube — Also called a magic eye. 1. A 
tube that indicates visibly on a fluorescent target the 
effects of changes in control-grid voltage applied to the 
tube. Used as a tuning indicator in receivers. 2. A type 
of recording-level indicator using a luminous display in a 
special tube. The display is typically like an “eye” with 
a keyhole in the middle, and maximum recording level 
corresponds to the closing-up of a slot at the bottom of the 
keyhole (largely superseded by meters in current-model 
recorders). 
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Electron-ray tube. 


electron scanning — |. The moving of an electron 
beam back and forth and/or up and down by deflecting 
the beam electromagnetically or electrostatically. 2. A 
deflection of a beam of electrons, at regular intervals, 
across a CRT screen, according to a definite pattern. 

electron spectroscopy — The theory and interpre- 
tation of spectra produced by the electron emissions of 
substances after their irradiation by X-rays. 

electron spin — The twirling motion of an electron, 
independent of any orbital motion. 

electron-stream potential — The time average of 
the difference in potential between a point in an electron 
stream and the electron-emitting surface. 

electron-stream transmission efficiency — 
With respect to an electrode through which an electron 
stream passes, the ratio of the average stream current 
through the electrode to the stream current approaching 
the electrode. (In connection with multitransit tubes, the 
electron stream is considered to include only those elec- 
trons approaching the electrode for the first time.) 

electron telescope— 1. An apparatus for seeing 
through haze and fog. An infrared image is formed 
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optically on the photoemissive mosaic of an electron- 
image tube and then made visible by the tube. 2. An 
instrument that serves to produce an enlarged electron 
image on a fluorescent screen by focusing an infrared 
image of a distant object on a photosensitive cathode. 

electron trajectory -—The path of an electron. 

electron transit time-— The time required for 
electrons to travel between two electrodes in a vacuum 
tube. This time is extremely important in tubes designed 
for ultrahigh frequencies. 

electron tubes— Devices used to control the flow 
of electrons. They may be either gas filled or partially 
or fully evacuated (vacuum). Common tubes include 
vacuum tubes, cathode-ray tubes, phototubes, mercury 
vapor tubes, thyratrons, and microwave tubes. 

electron-tube static characteristic — The rela- 
tionship between two variables of an electron tube, such 
as the voltage and current of an electrode, with all other 
variables maintained constant. 

electron unit— The unit of charge (negative or 
positive) equal to the charge on an electron. 

electron velocity —The rate of motion of an elec- 


n. 

electronvolt — Abbreviated ev or eV. The amount of 
kinetic energy gained by an electron when it is accelerated 
through an electric potential difference of 1 volt. It 
is equivalent to 1.602189 x 1071? erg, or 1.602189 x 
107? J. It is a unit of energy or work, not of voltage. 

electron-wave tube— An electron tube in which 
streams of electrons having different velocities interact 
and cause a progressive change in signal modulation along 
their length. 

electro-oculography — Recording and interpreta- 
tion of the voltages that accompany eye movements. Eye- 
position voltages from electrodes placed on the skin near 
the eye are amplified and applied to a strip-chart recorder. 

electro-optical detector—A device that detects 
radiation by utilizing the influence of light in forming 
an electrical signal. The detector may be a phototube; 
a photoconductive, photovoltaic, or photojunction cell; a 
phototransistor, or a thermal detector, such as a thermo- 
couple or bolometer. 

electro-optical transistor— A transistor capable 
of responding in nanoseconds to both light and electrical 
signals. 

electro-optic coefficient—-A measure of the 
extent to which the index of refraction changes with 
applied high electric fields, such as several parts per ten 
thousand for applied fields of the order of 20 volts per 
centimeter. Since the phase shift of a light wave is a func- 
tion of the index of refraction of the medium in which it 
is propagating, the change in index can be used to phase 
modulate the light wave by shifting its phase at a partic- 
ular point along the guide by changing the propagation 
time to the point. 

electro-optic effect — The change in the index of 
refraction of a material when subjected to an electric field. 
The effect can be used to modulate a light beam in a 
material since many properties — such as light-conducting 
velocities, reflection and transmission coefficients at inter- 
faces, acceptance angles, critical angles, and transmission 
modes— are dependent on the refractive indexes of the 
media in which the light travels. 

electro-optic material— A material having refrac- 
tive indexes that can be altered by an applied electric 
field. 

electro-optic modulator— A device that uses an 
applied electric field to alter the polarization properties of 


light. 
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electro-optic phase modulation — Modulation of 
the phase of a light wave, such as by changing the index of 
refraction and thus the velocity of propagation and hence 
the phase at a point in the medium in which the wave is 
propagating, in accordance with an applied field serving 
as the modulating signal. 

electro-optic radar— A radar system in which 
electro-optic instead of microwave techniques and equip- 
ment are used to perform the acquisition and tracking 
operation. 

electro-optics — The study of the effects of electric 
fields on optical phenomena. 

electro-optic shutter — A device used to control or 
Dick a light beam by means of the Kerr electro-optical 
erect. 

electropad — The part of an electrocardiograph body 
electrode that makes contact with the skin. 

electrophonic effect—The sensation of hearing 
produced when an alternating current of suitable fre- 
quency and magnitude from an external source is passed 
through an animal or human body. 

electrophoresis — 1. The movement of particles or 
ions in solution caused by applying an electric field, 
as reported by O. Lodge in 1886. 2. The migration of 
colloidal particles under the influence of an applied 
electrical field. A colloidal particle, such as a protein 
molecule, has large numbers of positive and negative 
radicals that act as if they were on the surface. Thus, 
since protein molecules carry electric charges, they will 
migrate when subjected to an electric field. The fractional 
nature of the net charge makes possible a wide variety of 
electrophoretic patterns at a given pH. 3. The migration of 
molecules under the influence of an electric field. 4. The 
migration of dispersed solid, liquid, or gaseous material to 
one of two electrodes under the influence of an impressed 
direct-current voltage. 5. The motivation of particles or 
ions, suspended in a solution, toward the electrode having 
me opposite sign, due to the application of an electrical 

eld. 

electrophoresis apparatus— An apparatus for 
causing migration of charged particles (ions) in solution 
in an electric field. Types include paper, cascading elec- 
trodes, high voltage, gel, and thin layer. 

electrophoresis scanner—An instrument for 
reading bands on paper strips or gel, for the purpose of 
measuring particle movement due to electrophoresis. 

electrophoretic display—1. A reflective display 
that offers a wide choice of colors and has a short-to- 
medium-term memory that consumes no power. The heart 
of the display is a suspension of charge pigment particles 
in a liquid of another color. The suspension, a layer typi- 
cally 50 micrometers thick, is sandwiched between a pair 
of electrodes, one of which is transparent. When direct 
current of the right polarity is applied to the electrodes, 
the particles are pulled toward the transparent electrode, 
thus displacing the contrasting liquid and showing their 
own coloration. When the polarity is reversed, they move 
to the other electrode and are hidden by the liquid. 2. The 
movement of suspended particles through a fluid by an 
electromotive force. 
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electrophorus — electrosensitive recording 


electrophorus — 1. An early type of static-electricity 
generator. 2. Simple piece of apparatus used in the labo- 
ratory to obtain a number of charges of static electricity 
from a single initial charge. Typically, it consists of a thick 
ebonite disc held in a brass sole, and a brass disc with 
insulated handle. The ebonite disc is charged by rubbing 
with fur, and the metal disc is brought near and allowed 
to pick up an induced charge that can be lifted and con- 
veyed where required. 3. A device in which the electric 
field of an object that has been electrified by friction is 
used to induce charges in conductors. 
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electrophotograph — The image formed in elec- 
trophotography. 

electrophotographic process— The process in 
which images are formed by various electrical and pho- 
tographic means. Examples are processes employing 
selenium-coated drums or zinc-oxide-coated paper. 

electrophotography—1.A term referring to a 
photographic process in which electrical energy is used 
to make materials sensitive to light. 2. The photographic 
recording of an image formed by the alteration in elec- 
trical properties of the sensitive materials, induced by the 
action of light. 

electrophotometer — An instrument using a photo- 
electric sensor for colorimetric determinations. 

electrophysiology — The science of physiology as 
related to electric reactions of the body. 

electroplaques — Individual  electricity-producing 
cells in eels and other electric fishes connected in series- 
parallel arrays, like miniature elements of a battery. They 
are usually thin waferlike cells, the two surfaces of which 
differ markedly. 

electroplate — 1. To deposit a metal on the surface 
of certain materials by means of electrolysis. 2. To 
effect the transfer of one metal to another by means 
of electrolysis. 3. To apply a metallic coating on a 
conductive surface by means of electrolytic action. 

electroplating — The electrodeposition of an adher- 
ent metal coating on a conductive object for protection, 
decoration, or other purposes, such as securing a surface 
with properties or dimensions different from those of the 
basis metal. The object to be plated is placed in an elec- 
trolyte and connected to one terminal of a dc voltage 
source. The metal to be deposited is similarly immersed 
and connected to the other terminal. lons of the metal 
provide transfer to the metal as they make up the current 
between the electrodes. See also electroforming. 

electropolishing — 1. The process of producing a 
smooth, lustrous surface on a metal by making it the anode 
in an electrolytic solution and preferentially dissolving 
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the minute protuberances. 2. The improvement in surface 
finish of a metal effected by making it anodic in an 
appropriate solution. 

electropositive developer — A developer contain- 
ing positively charged toner particles. 

electrorefining — 1. The removal of impurities from 
a metal by electrolysis. 2. The process of anodically 
dissolving a metal from an impure anode and depositing 
it cathodically in a purer form. 

electroretinograph — An instrument for measuring 
the electrical response of the human retina to light 
stimulation. 

electroretinography — Recording and interpreta- 
tion of the voltage generated by the retina of the eye. 
An electrode fitted to a plastic contact lens is used to 
pick up voltage from the surface of the eyeball. 

electroscope — An electrostatic instrument for mea- 
suring a potential difference or an electric charge by 
means of the mechanical force exerted between electri- 
cally charged surfaces. 
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electrosection—-A surgical cutting technique that 
makes use of a radio-frequency arc. 

electrosensitive paper — A paper that turns blue, 
brown, or black wherever a direct current passes through 
it. Used with facsimile and high-speed printers. 

electrosensitive processor — A facsimile printing 
process whereby imaging is based on a two-layer paper 
composed of a white titanium oxide coating and dark 
underlayer. The paper (which may be sheet or roll fed) is 
imaged via contact with an electric stylus; as the charged 
wire touches the paper, the white coating is burned off, 
line by line, to correspond to the dark image areas of the 
original. 

electrosensitive recording— 1. The passage of 
electric current into a sheet of sensitive paper to produce a 
permanent record. 2. A technique that uses the passage of 
an electric current through a recording medium to produce 
a permanent image on that medium. 
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By connecting resistors end to end, you add their resistances together, as well as their power- 
handling capabilities. By keeping a small variety of basic values on hand (e.g., 10, 100, 1009, 1KQ, 10KQ, 
etc.), you can easily stack up the right combination needed for almost any electronic application. This is 
the method used in the very handy device known as a decade resistor or decade box, which has dials for 
each digit in the desired resistance, allowing you to dial up any value of resistor needed. 

Extra credit: If you’ve followed along this far, consider researching voltage dividers built using only 
resistors. 


Resistors in Parallel 


What happens when resistors are connected side by side instead of end to end? That’s where things get 
interesting, at least from a mathematical point of view. 

An easy way to look at parallel resistors is to think about the amount of current flowing through each 
one, and then add them all up. See Figure 5-21. 


Figure 5-21. Parallel resistors each conduct a portion of the total current flow through the circuit. Each 
resistor allows a certain amount of current to flow. The sum of their currents can be calculated if their 
individual resistances are known. 


Let's assume that R1, R2, and R3 have resistances of 100Q, 200Q, and 3000, respectively. The total 
resistance of the circuit across the battery terminals is not 6009, as would be the case if they were in 
series instead of parallel. The total resistance is less than 100Q, which is the least of the resistors. How 
can this be? 

First, let’s think in terms of how much current is flowing in each of the three parallel pathways 
within this circuit. If B1 is putting out 3.6V, and R1 is 1000, then we know to use Ohm’s Law to calculate 
the current, with I = E / R. In this case, I = 3.6V / 1009 = 0.036A, or 36mA. In addition, the path through 
R2 is drawing half that (because R2 is double the value of Rl—get it?), or 18 mA. In addition, the final 
pathway is drawing one-third as much current as the first one, or 12 mA. Just to verify: I = 3.6 / 3009 = 
0.012A, or 12mA. Everything checks out. 

Now add all those currents together: 36mA + 18mA + 12mA = 66mA. That's the total current, using 
this method. Again, since we know both the voltage and the current, we can find the effective or 
equivalent resistance of all three resistors in parallel, as if they were one single resistor. Rearranging the 
formula for Ohm’s Law, we find that R = E / I. In our case, R = 3.6 / 0.066A = ~54.55Q. See? Smaller than 
1009, somehow. 

Thinking about the individual currents flowing through each resistor is the same as adding the 
current-supplying capacity of battery cells together when arrayed in parallel. Just add them together. 
However, we had to calculate each current separately and then add them together. There is a more 
direct way, depending upon how you look at things, but beware: it involves not only fractions, but 
fractions upon fractions. Oh, the horror. 
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electroshock — A state of shock produced by pass- 
ing an electric current through the brain. It is useful in 
the treatment of certain mental disorders, 

electroshock therapy — Treatment of certain men- 
tal disorders by passing an electric current through the 
brain. 

electrospinograph—A device for detecting and 
recording electric signals of the spinal cord. 

electrostatic — 1. Pertaining to static electricity — 
that is, electricity, or an electric charge, at rest. A constant- 
intensity electric charge. 2. Applied to speakers and 
microphones (capacitance type). An electrostatic force is 
used to activate the diaphragm. The charged diaphragm is 
suspended between two perforated plates. As an ac signal 
is applied to the outer plates, the diaphragm vibrates. 
3. A form of electrical energy that has the capability of 
attracting and holding small particles having an opposite 
electrical charge. 4. A headphone drive system using a 
thin plastic membrane in a high-voltage electrostatic field, 
whose variation by the signal voltage moyes the entire 
diaphragm to create a sound pressure wave. 5. The effects 
produced by electrical charges or fields, alone, without 
interaction with magnetic influence. 

electrostatic actuator — An apparatus comprising 
an auxiliary external electrode that permits known elec- 
trostatic forces to be applied to the diaphragm of a micro- 
phone for the purpose of obtaining a primary calibration. 

electrostatic capacitor—Two conducting elec- 
trodes separated by an insulating material such as air, 
ceramic, mica, gas, paper, plastic film, or glass. These 
are generally high-impedance devices. 

electrostatic charge — 1. An electric charge stored 
in a capacitor or on the surface of an insulated object 
2. The algebraic sum of all positive and negative electric 
charges present in a specific volume or surface element. 
3. An electric charge that is in a state of equilibrium. 

electrostatic charge mobility — The property of a 
barrier material that facilitates or impedes the movement 
of electrostatic charges internally or on the surface. 

electrostatic coating — Process in which the coat- 
ing material is electrically charged as it leaves the spray 
gun and is attracted to the part, which has an opposite 
charge. 

electrostatic component— The portion of radia- 
tion due to electrostatic fields. 

electrostatic-convergence principle — The prin- 
ciple of electron-beam convergence through use of an 
electrostatic field. 

electrostatic copier — A type of copier that employs 
the principles of photoconductivity and electrostatic attrac- 
tion. 

electrostatic coupling — Method of coupling by 
which charges on one surface influence those on another 
through capacitive action, 
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electroshock — electrostatic latent image 


electrostatic deflection — 1. In a cathode-ray tube, 
the deflection of the electron beam by means of pairs of 
charged electrodes on opposite sides of the beam. The 
electron beam is bent toward a positive electrode and bent 
away from a negative electrode. 2. The deflection of an 
electron beam by the action of an electrostatic field that has 
a component perpendicular to the direction of the beam. 

elecrostatic discharge — See ESD. 

electrostatic electrography— That branch of 
electrostatography which produces a visible record by 
employing an insulating medium to form latent electro- 
static images with the aid of electromagnetic radiation. 

electrostatic electrophotography — That branch 
of electrostatography which produces a visible record by 
employing a photoresponsive medium to form latent elec- 
trostatic images with the aid of electromagnetic radiation. 

electrostatic energy—The energy contained in 
electricity at rest, such as in the charge of a capacitor. 

electrostatic field — The vector force field set up in 
the vicinity of nonmoving electrical charges. The strength 
of this static field at a point is defined as the force per unit 
charge on a Stationary positive test charge. provided the 
test charge is so small that it does not disturb the original 
charge distribution. 

electrostatic flux — The electrostatic lines of force 
existing between bodies at different potentials. 

electrostatic focusing— 1. The focusing of an 
electron beam by the action of an electric field. 2. A 
method of focusing the cathode-ray beam to a fine spot 
by application of electrostatic potentials to one or more 
elements of an electron lens system. 

electrostatic galvanometer — Galvanometer oper- 
ated by the effects of two electric charges on each other. 

electrostatic generator — A device for the produc- 
tion of electric charges by electrostatic action. 

electrostatic headphones — A device held against 
the ear that reproduces incoming electrical signals as 
sound. It relies on changes in electrical charge across 
a diaphragm stretched between two perforated, polarized 
plates. All parts of the diaphragm experience equal force, 
and the sound is inherently more linear. 

electrostatic induction — |. The process of induc- 
ing stationary electric charges on an object by bringing it 
near another object that has an excess of electric charges. 
A positive charge will induce a negative charge, and vice 
versa. 2. Capacitive induction of interfering signa!s over 
an air gap separating an instrument (e.g., from its wiring 
or housing). 

electrostatic instrument— An instrument that 
depends for its operation on the attraction and repulsion 
between electrically charged bodies. 

electrostatic latent image —1In an electrostatic 
copier, the invisible image formed on the zinc-oxide- 
coated paper by the action of light. 
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Electrostatic deflection. 


electrostatic lens — electrostatography 


electrostatic lens—A lens producing a potential 
field capable of deflecting electron rays to form an image 
of an object. 

electrostatic  loudspeaker— Loudspeaker in 
which the mechanical forces are produced by the action 
of electrostatic fields. 

electrostatic memory— Also called electrostatic 
storage. A memory device in which information is 
retained by an electrostatic charge. A special type of 
cathode-ray tube is usually employed, together with asso- 
ciated circuitry. 

electrostatic memory tube — Also called storage 
tube. An electron tube in which information is retained 
by electric charges. 

electrostatic meter—A meter with a movement 
consisting of fixed and movable metal plates interleaved 
to form a capacitor. Rotation of the movable plates is 
proportional to the dc or ac voltage applied across the 
capacitor. 

electrostatic microphone — Also called capacitor 
microphone or condenser microphone. 1. A microphone 
that contains a metal plate and a thin metal diaphragm set 
close together. The capacitance of the microphone is thus 
affected by movement of the diaphragm from air pressure 
waves. A polarizing voltage is applied to the plates. 
2. A microphone whose transduction principle is based 
on the varying electrical charge across a sound-modulated 
capacitor. 3. A microphone whose capacitance varies with 
sound pressure; electronic circuits within the microphone 
convert this change in capacitance to a varying voltage 
signal. Electrostatic microphones, unlike other types, 
require a battery or other voltage source. 4. A type of 
microphone characterized by its wide frequency range and 
Jow distortion. Used for precision measurements and high- 
quality recording. Can be omnidirectional or cardioid. 

electrostatic potential— The voltage that can be 
measured between any two objects that have different 
static charges. 

electrostatic precipitation—The process of 
removing smoke, dust, and other particles from the air 
by charging them so that they can be attracted to and 
collected by a properly polarized electrode. 

electrostatic printer— 1. A nonimpact printing 
technique that forms a copy by attracting toner particles 
to a static charge on the surface of a photoconductor, then 
transferring the toner image to the surface of a sheet of 
copy paper. The image is formed by a laser that devel- 
ops an electrostatic image charge on the photoconductor 
according to information being supplied through the input 
data stream. Each bit of data can be related to a charac- 
ter shape in the memory of the printing system; in most 
cases, characters are formed by a dot-matrix method sim- 
ilar in concept to that of the matrix printer. Paper is sheet 
or roll fed. 2. A nonimpact printer that prints dot-matrix 
characters one at a time by means of wires or pins that 
supply an electrical charge in the desired patterns onto an 
aluminum-coated paper; particles of dry ink adhere to the 
magnetized areas and are then fixed by heat. 

electrostatic process— 1. A reproduction method 
in which image formation depends on electrical rather 
than chemical changes induced by light. 2, A nonchemi- 
cal, nonimpact imaging process in which a light source, 
corresponding to the image to be formed, discharges 
a charged dielectric photoconductive surface to form a 
latent image. This surface (a photoconductor) containing 
the latent image is then dusted with dielectric toner pow- 
der, which adheres to the charged areas, rendering the 
image visible. 

electrostatic recording — Recording by means of 
a signal-controlled electrostatic field. 
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electrostatic relay — A relay in which two or more 
conductors that are separated by insulating material move 
because of the mutual attraction or repulsion produced by 
electric charges applied to the conductors. 

electrostatics —The branch of physics concerned 
with electricity at rest. 

electrostatic separator — An apparatus in which a 
finely pulverized mixture of the materials to be separated 
is passed through the powerful electrostatic field between 
two electrodes. 

electrostatic series — See triboelectric series. 

electrostatic shield—1.A shield that prevents 
electrostatic coupling between circuits, but permits elec- 
tromagnetic coupling. 2. A metallic enclosure or screen 
placed around a device so it will not be affected by exter- 
nal electric fields. 

electrostatic speaker — Also called capacitor or 
condenser speaker. A speaker in which the mechanical 
forces are produced by the action of electrostatic fields. 
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Electrostatic speaker. 


electrostatic spraying — A technique of spraying 
wherein the material being sprayed is given a high 
electrical charge, while the test piece is grounded. 

electrostatic storage — 1. The storage of change- 
able information in the form of charged or uncharged 
areas, usually on the screen of a cathode-ray tube. 
2. Information storage on a dielectric medium that rep- 
resents the data as those spots on the medium having 
electrostatic charges, forming an observable record of the 
data. 

electrostatic transducer— A transducer that con- 
sists of a capacitor, at least one plate of which can be 
set into vibration. Its operation depends on the interaction 
between its electric field and a change in its electrostatic 
capacity. 

electrostatic tweeter—A speaker with a mov- 
able flat metal diaphragm and a nonmovable metal elec- 
trode capable of reproducing high audio frequencies. The 
diaphragm is driven by the varying high voltages applied 
across it and the electrode. 

electrostatic unit — An electric unit based primarily 
on the dynamic interaction of electric charges. Defined as 
a charge that, if concentrated on a small sphere, would 
repel with a force of 1 dyne a similar charge | centimeter 
away in a vacuum. 

electrostatic voltmeter — A voltmeter depending 
for its action on electrostatic forces. Its scale is usually 
graduated in volts or kilovolts. 

electrostatography — The process of recording and 
reproducing visible patterns by the formation and utiliza- 
tion of latent electrostatic charge patterns. 
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electrostriction—1.A mechanical deformation 
caused by the application of an electric field to any dielec- 
tric material. The deformation is proportional to the square 
of the applied field. This phenomenon results from the 
induced dipole movement caused by the applied field, 
resulting in the mechanical distortion. 2. Elastic defor- 
mation of a dielectric caused by volume force when the 
dielectric is placed in an inhomogeneous electric field. 

electrostrictive effect — The elastic deformation of 
a dielectric by an electrostatic field. 

electrostrictive relay — A relay whose operation is 
produced by an electrostrictive dielectric actuator. 

electrosurgery — The surgical use of electricity in 
such applications as dissection, coagulation, laser heating, 
laser welding, diathermy, desiccation of tumors, and 
hemostasis. 

electrosurgical unit— An rf generator whose out- 
put is applied to a blade or wire loop used instead of a 
conventional scalpel for surgical incision or excision. 

electrotape—An_ electronic distance-measuring 
device, 

electrotherapeutics — Sze electrotherapy. 

electrotherapy — Also known as electrotherapeu- 
tics. 1. The medical science or use of electricity to treat 
a disease or ailment. 2. Applying electric current to the 
body for massage or heat treatment. 

electrotherapy apparatus — Equipment for apply- 
ing clectric current to the body for massage or heat treat- 
ment. 

electrothermal —The heating effect of electric cur- 
rent, or the electric current produced by heat. 

electrothermal expansion element — An actuat- 
ing element consisting of a wire strip or other shape and 
having a high coefficient of thermal expansion. 

electrothermal recorder— A recorder in which 
heat produces the image on the recording medium in 
response to the received signals. 

electrothermal recording — See electrothermal 
recorder. 

electrothermic instrument— An instrument that 
depends for its operation on the heating effect of a current. 
Examples are the thermocouple and bolometric, hot-wire, 
and hot-strip instruments. 

electrothermics — The branch of science concerned 
with the direct transformation of electric energy into heat. 

electrotinning — Electroplating tin on an object. 

electrotyping — The production of printing plates by 
electroforming. 

electrowinning — The process by which metals are 
recovered from a solution by electrolysis. 

element — i. One of the 104 known chemical sub- 
stances that cannot be divided into simpler substances by 
chemical means. A substance whose atoms all have the 
same atomic number (e.g., hydrogen, lead, uranium). 2. In 
a computer, the portion or subassembly that constitutes the 
means of accomplishing one particular function, such as 
the arithmetic element. 3. Any electrical device (such as 
an inductor, resistor, capacitor generator, line, or electron 
tube) with terminals at which it may be connected directly 
to other electrical devices. 4. The dot or dash of an Inter- 
nalional Morse character. 5. A radiator, either active or 
parasitic, that is part of an antenna. 6. The smallest portion 
of a televised picture that still retains the characteristics of 
the picture. 7. A portion of a part that cannot be renewed 
without destruction of the part. 8. A part of an integrated 
circuit that contributes directly to its electrical characteris- 
tics. An active element exhibits gain, such as a transistor; 
a passive element does not have gain, such as a resis- 
tor or capacitor. 9. Lowest level design entity having an 
identifiable logical, electrical, or mechanical function. 


electrostriction — elongation 


elemental area-— See picture element. 

elemental semiconductor—A semiconductor 
containing only one element in the undoped state. 

elementary charge —A natural unit or quantum 
into which both positive and negative charges appear to 
be subdivided. It is the charge on a single electron and 
has a value of about 4.8037 x 107? electrostatic units. 

element error rate—The ratio of the number 
of elements incorrectly received to the total number of 
elements sent. 

elevation — The angular position perpendicular to the 
earth's surface. 

elevation-position indicator—-A radar display 
that simultaneously shows angular elevation and slant 
range of detected objects. 

elevator leveling control —A positioning controí 
used to align the platform of an elevator with the floor 
level of the building. Metal vanes are mounted in the 
elevator shaft at each floor level, and an oscillator is 
mounted on the elevator car. When the elevator is properly 
leveled, the metal vane is between the plate and the 
grid coils of the oscillator. A relay connected in the 
oscillator circuit now energizes. The contacts of this relay 
are connected in the motor-control circuit of the elevator 
so that the elevator stops in alignment with the floor level. 

ELF — Abbreviation for extremely low frequency. 

eliminator— Also called a battery eliminator. A 
device operated from an ac or de power line and used for 
supplying direct current and voltage to a battery-operated 
circuit, 

E-lines — Contour lines of constant electrostatic field 
strength with respect to some reference base. 

elliptically polarized wave — An electromagnetic 
wave whose electric intensity vector describes an ellipse 
at one point. 

elliptical polarization — Polarization in which the 
wave vector rotates in an elliptical orbit about a point. 

elliptical stylus—A stylus whose cross section, 
as seen from above, is an ellipse placed across the 
record groove. Elliptical styli can more readily trace the 
finer high-frequency modulations of the groove than can 
spherical styli. Such styli have two radii (e.g., 0.4 x 
0.7 mil). See biradial stylus. 

elliptic function — A mathematical function emplo- 
yed in obtaining the squarest possible amplitude response, 
or the sharpest passband magnitude rolloff, of a filter with 
a given number of circuit elements. The elliptic function 
has a Tchebychev response in both the passband and the 
stopband. The phase response and transient response of 
an elliptic-function filter are poorer than for any of the 
classical transfer functions. 
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Elliptic-function filter passband. 


elongation — Extension of the envelope of a signal 
as a result of the delayed arrival of certain of the multipath 
components. 


e/m — emissivity 


e/m— The ratio of the electric charge to the mass 
for particles such as electrons and positive rays. For 
slow-moving electrons, the value of e/m is 1.7588 x 10* 
coulombs per gram. The value decreases with increasing 
velocity, however, because of an increase in effective 
mass. 
e-mail — Abbreviation for electronic mail. 1. Mes- 
sages, usually text, sent from one person to another via 
computer. E-mail can also be sent automatically to a 
large number of addresses (mailing list). 2. A system 
for transmitting messages from one computer terminal 
to another, where it can be displayed at the receiver’s 
convenience. 

embedded code — Machine instructions for check- 
ing copy protection that are interspersed with code for 
other purposes. 

embedded software — Computer code that is not 
visible to the end user. 

embedded system—.A system into which one or 
more computing devices (which may be microprocessors 
or microcontrollers) are incorporated in such a way that 
the embedded device or devices are not directly accessible 
to the user of the system. 

embedding —A general term for all methods of 
surrounding or enclosing components and assemblies with 
a substantial thickness of electrically insulating solid 
or foam material that substantially fills the voids or 
interstices between parts. 

embedment — The complete encasement of a part or 
assembly to some uniform external shape. A relatively 
large volume of a complete package consists of the 
embedment material. 

embossed-foil printed circuits— A printed cir- 
cuit formed by indenting the desired pattern of metal foil 
into an insulating base and then mechanically removing 
the remaining unwanted raised portion. 

embossed-groove recording—A method of 
recording sounds on discs or film strips by embossing 
sound grooves with a blunt stylus rather than by cutting 
into them with a sharp stylus. Embossing throws the 
material up in furrows on each side of the sound groove 
without actually removing any of the material in the disc 
or strip. 


Embossed-groove recording. 


embossing stylus—aA recording stylus with a 
rounded tip that forms a groove in the recording medium 
by merely displacing the material instead of removing it 
completely. 

EMC — Abbreviation for electromagnetic compati- 
bility. 

emergency communication — The transmission 
or reception of distress, alarm, urgent, or safety signals or 
messages relating to the safety of life or property, or the 
occasional operation of equipment to determine whether 
it is in working condition. 

emergency radio channel — Any radio frequency 
reserved for emergency use, particularly for distress 
signals. 
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emergency receiver — Receiver immediately avail- 
able in a station for emergency communication and capa- 
ble of being energized solely by a self-contained or 
emergency power supply. 

emergency service — The radiocommunication ser- 
vice carrier used for emergency purposes. 

emf — Abbreviation for electromotive force. 

EMG — Abbreviation for electromyography. 

EMi — Abbreviation for electromagnetic interference. 

emission — 1. The waves radiated into space by a 
transmitter. 2. The ejection of electrons from the surface 
of a material (under the influence of heat, for example). 

emission characteristic —The relationship bet- 
ween the emission and the factor controlling it, such as 
temperature, voltage, or current of the filament or heater. 
This relationship is usually shown on a graph. 

emission current—The current produced in the 
plate circuit of a tube when all the electrons emitted by 
the cathode pass to the plate. 

emission efficiency — The rating of a hot cathode. 
Expressed in milliamperes per watt. 

emission power— The time rate at which radiant 
energy is given off in all directions per unit surface area 
of a radiating body at a given temperature. 

emission spectrum — 1. The spectrum showing the 
radiation emitted by a substance, such as the light emitted 
by a metal when placed in an electric arc, or the light 
emitted by an incandescent filament. 2. The spectrum 
formed by radiation from an emitting source, in contrast 
to absorption spectra. 

emission types— The classification of modes of 
radio transmission adopted by international agreement. 
The AM designations are as follows: 


Type AO: Unmodulated continuous-wave transmission 
Type Al: Telegraphy or pure continuous waves 

Type A2: Modulated telegraphy 

Type A3: Telephony 

Type A4: Facsimile 

Type AS: Television 


emission-type tube tester—Also called an 
English-reading tube tester. A tube tester for checking 
the electron emission from the filament or cathode. The 
indicating meter is generally calibrated to read “good” or 
“bad.” The tester connects all elements, such as the plate 
and screen, suppressor, and control grids, together and 
uses them as an anode. 

emission velocity —The initial velocity at which 
electrons emerge from the surface of a cathode, ranging 
from zero up to a few volts (attained by very few 
electrons). This effect accounts for the existence of virtual 
cathodes and also for the shape of the cutoff region of 
plate current. 

emissive power — The emissivity of a body times 
the emissive power of a blackbody at the same temper- 
ature. For a blackbody, it is the total radiation per unit 
area of radiating surface. 

emissivity — 1. The ratio of the radiant energy emit- 
ted by a radiation source to the radiant energy of a perfect 
(blackbody) radiator having the same area and at the 
same temperature and conditions. 2. The percentage of 
infrared energy emitted from a surface for a given tem- 
perature compared with the total energy it should emit 
for that temperature. Instead of percentage, emissivity (E) 
is expressed in terms of unity. A perfect blackbody has 
an E = 1.0. When the surface has less than 100-percent 
radiating efficiency, the difference between the E of the 
surface and 1.0 represents the approximate reflectivity of 
the surface. Reflectance varies inversely with emissivity. 
This allows surrounding ambient surfaces to add to or 
subtract from the temperature. 
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emitron — A cathode-ray tube developed in England 
by J. H. Hixenweaver in 1955. 

emitron camera — A British television camera tube 
resembling an iconoscope. 

emittance — The power per unit area radiated by a 
source of energy. 

emitter— Also called source. 1. One of the three 
regions that form a bipolar transistor. Under forward 
dias of the emitter-base pn junction, the emitter injects 
minority carriers (electrons or holes) into the base region, 
where they either recombine or diffuse into the collec- 
tor. The flow of minority carriers from the emitter to the 
collector is controlled by the base-emitter pn junction, 
thereby giving rise to signal amplification. 2. An electrode 
within a transistor from which carriers are usually minor- 
ity carriers; when they are majority carriers, the emitter 
is referred to as a majority emitter. 3. In fiber optics, the 
source of optical power. See coherent emitter; incoherent 
emitter. 

emitter-base and collector-base junction — In 
a semiconductor, the region where the base and collector 
and the emitter and base meet. These junctions are defined 
on the surface of the chip as an oxide step. 

emitter bias — The bias voltage applied to the emitter 
of a transistor. 

emitter-coupled logic — See ECL. 

emitter current— The direct current flowing in the 
emitter circuit of a transistor. 

emitter cutoff frequency—That frequency at 
which the § of a transistor is down 3 dB from the low- 
frequency value. 

emitter depletion-layer capacitance — The part 
of the capacitance across an emitter-base junction of a 
semiconductor that is associated with its depletion layer. 
The emitter depletion-layer capacitance is a function of 
the total potential drop across the depletion layer. 

emitter follower—A transistor amplifier circuit 
configuration analogous to a vacuum-tube follower. The 
circuit is characterized by relatively high input impedance, 
low output impedance, and a voltage gain of less than 
unity. 

emitter junction — 1. A semiconductor junction nor- 
mally biased in the low-resistance direction so that minor- 
ity carriers are injected into the interelectrode region. 2. A 
junction between the base and emitter regions of a semi- 
conductor normally biased in the forward direction, and 
through which the charge carriers flow from a region in 
which they are majority carriers to one in which they are 
minority carriers. 

emitter region — That part of a transistor lying 
between the emitter junction and the emitter electrode 
from which carriers flow across the emitter junction. 

emitter resistance — The resistance in series with 
the emitter lead in the common-T equivalent circuit of a 
transistor. 

emitter semiconductor— A junction normally 
biased in the low-resistance direction to inject minority 
carriers into an interelectrode region. 

emitter series resistance —The resistance be- 
tween the emitter terminal of a semiconductor and the 
internal inaccessible emitter point in an equivalent circuit. 

emitter terminal —The specified externally avail- 
able point of connection to the emitter region. 

emitter voltage — The voltage between the emitter 
terminal and a reference point. 

EMP — Abbreviation for electromagnetic pulse. 

emphasizer—A circuit or device that provides an 
intentional increase in signal strength at certain audio 
frequencies. 


emitron — encapsulant 


empire cloth — A cotton or linen cloth coated with 
vamish and used as insulation on coils and other parts of 
electrical equipment. 

empirical — 1. Based on actual measurement, obser- 
vation, or experience, as opposed to theoretical determina- 
tion. 2. Based solely on experiment or observation, rather 
than on scientific theory. 3. Pertaining to a statement or 
formula based on experience or observation rather than 
on deduction or theory. 

EMR — Abbreviation for electromagnetic radiation. 

emu — Abbreviation for electromagnetic unit. 

emulate — |. To imitate one system with another, 
such that the imitating system accepts the same data, 
executes the same programs, and achieves the same results 
as the imitated system. 2. To imitate a computer system 
by a combination of hardware and software that allows 
programs written for one computer to be run on another. 
See simulate. 

emulation — 1. The imitation of ail or part of one 
device, terminal, or computer by another, so that the emu- 
lating device accepts the same data, performs the same 
functions, and appears to other network devices as if it 
were the emulated device. 2. The imitation of a computer 
system, performed by a combination of hardware and soft- 
ware, that allows programs to run between incompatible 
systems. 3. For PCs, the process of imitating the behav- 
ior of One operating system using a completely different 
operating system. 4. The generation of one system’s code 
set by another so that the two may communicate. For 
example, a system with TTY emulation appears like a 
Teletype system when communicating with another Tele- 
type. 5. The use of hardware or software to generate in 
real time the expected correct output responses for com- 
parison to the device under test. 6. A hardware model of 
the target microprocessor used to check out the target sys- 
tem. This can be either the same microprocessor model 
as used in a target system, or bit-slice architecture that 
mimics the target microprocessor’s function. Using the 
target microprocessor is called substitutional emulation 
or in-circuit emulation. See also in-circuit emulation. 

emulator—1. A device that is capable of operating 
in such a manner that it appears to have all of the 
characteristics of another device. For example, a hardware 
and software combination that enables one computer to 
execute programs written for another computer, or a 
device that produces the same set of outputs for a given 
set of inputs as does another device. 2. The combination 
of programming techmiques and special machine features 
that permit a given computing system to execute programs 
written for another system. 3. A program or a hardware 
device that duplicates the instruction set of one computer 
on a different computer, allowing program development 
for the emulated computer without that computer being 
available. 

emulsion — A suspension of finely divided photosen- 
sitive chemicals in a viscous medium, used in semicon- 
ductor processing for coating glass masks. 

enable — To permit a circuit to be activated by the 
removal of a suppression signal. 

enabling gate —A circuit that determines the start 
and length of a generated pulse. 

enabling pulse— 1. A pulse that opens a normally 
closed electric gate, or otherwise permits occurrence of 
an operation for which it is a necessary but not sufficient 
condition. 2. A pulse thal prepares a circuit for some 
subsequent action. 

enameled wire — Wire coated with a layer of baked- 
enamel insulation. 

encapsulant—A material, usually epoxy, used to 
encase and seal all components in an electronic circuit. 


encapsulate — end effect 


encapsulate — To embed electronic components or 
other entities in a protective coating, usually done when 
the plastic encapsulant is in fluid state so that it will set 
in solid form as an envelope around the work. 

encapsulated relay — A relay embedded in a suit- 
able potting compound. 

encapsulating — 1. Coating by dipping, brushing, 
spreading, or spraying an electronic component or assem- 
bly. An encapsulated unit usually retains its original 
geometry. 2. Enclosing an article in an envelope of plastic 
by immersing the object in a casting resin and allowing 
the resin to polymerize or, if hot, cool. 

encapsulating material — A composition primarily 
adapted for use on or around an electrical device to 
provide protection from the surrounding environment. 

encapsulation — 1. A protective coating of cured 
plastic placed around delicate electronic components and 
asscmblies. It is similar to potting, except the cured 
plastic is removed from the mold. The plastic therefore 
determines the color and surface hardness of the finished 
part. The molds may be made of any suitable material. 
2. An embedding process using removable molds or other 
techniques in which the insulating material forms the 
outer surfaces of the finished unit. 3. The process of either 
(a) applying a conformal coating by dipping an object 
in a high viscosity or thixotropic material, or (b) using 
containment and a low viscosity material to provide a 
relatively thin protective encasement (50 to 100 mils or 
1.27 to 2.54 mm) to a part or assembly. 

encased control—A self-contained motor speed/ 
torque control completely housed in an enclosure. Switch- 
ing, indicating, and adjusting devices are provided on the 
outside of the enclosure. Unit portability, safety, and com- 
ponent protection are leading assets of this design. 

encipher—-To convert a message from ordinary 
language into a secret form. See also encode 

enciphered facsimile communications — Com- 
munications in which security is provided by mixing 
pulses from a key generator with the output of a facsimile 
converter. Plain text is recovered at the receiving terminal 
by subtracting identical key pulses. Unauthorized persons 
are unable to reconstruct the plain text unless they have 
an identical key generator and they know the daily key 
setting. 

enclosed relay —A relay in which both the coil and 
the contacts are protected from the environment. 

enclosed switch— Switch having internal parts 
protected by a housing. The enclosed switch can be 
dust proof, moisture proof, oil or contamination proof, 
or hermetically sealed. 

enclosure — 1. An acoustically designed housing or 
structure for a loudspeaker; also any cabinet for a com- 
ponent, electrical, or electronic device. 2. A surround- 
ing case designed to provide a degree of proteciion for 
equipment against a specified environment and to pro- 
tect personnel against accidental contact with the enclosed 
equipment. 

encode — Also called encipher. 1. To use a code, fre- 
quently one composed of binary numbers, to represent 
individual characters or groups of characters in a mes- 
sage. 2. To change from one digital code to another. If the 
codes are greatly different, the process usually is called 
conversion. 3. To substitute letters, numbers, or charac- 
ters, usually with the intention of hiding the meaning of 
the message except from persons who know the encoding 
scheme. 4. The process of converting an event such as a 
switch closure into a form suitable for transmission over 
a communication channel. 

encoder—1.A device used to electronically alter 
a signal so that it can only be viewed on a receiver 
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equipped with a special decoder. 2. Any device that mod- 
ifies information into the desired pattern or form for a 
specific method of transmission. 3. An electromechani- 
cal device that can be attached to a shaft to produce 
a senes Of pulses to indicate shaft position; when the 
output is differentiated, the device is an accurate tachome- 
ter. (It is fundamentally oriented to digital rather than 
analog techniques.) An encoder contains a disc with a 
printed pattern; as the disc rotates, it makes and breaks 
a circuit. The more makc-and-break cycles per revolu- 
tion, the better the resolution. 4. A digital-to analog con- 
verter. 5. Circuitry in a quadriphonic sound system that, 
by matrixing in the recording process, turns four sig- 
nals into two for inscribing, stereo style, on each wall of 
the record groove. 6, Electromechanical device that trans- 
forms analog motion into digital electrical signals. The 
outputs are incrementally constant for uniform motion 
characterized by a staircase function, where the output 
remains constant for a small range of input values. 7. A 
digital device for converting an input digital signal into 
lts equivalent binary code. See also code converter. 

encoder accuracy — The maximum positional dif- 
ference between the input to an encoder and the position 
indicated by its output; includes both deviation from theo- 
retical code transition positions and quantizing uncertainty 
caused by converting from a scale having an infinite num- 
ber of points to a digital representation containing a finite 
number of points. 

encoding — 1. Translation of information from an 
analog or other easily recognized form to a coded form 
without a significant loss of information. 2. The process 
of converting an event such as a switch closure into a form 
suitable for transmission over a communication channel. 
3. The scrambling of a signal to prevent viewing of a 
program by nonsubscribers. 

encryption — 1. A change made to data, code, or 
a file such that it can no longer be read or accessed 
without processing (or unencrypting). 2. The technique 
of modifying a known bit stream on a transmission line 
to make it appear like a random sequence of bits to an 
unauthorized observer. 

end-around carry — A computer operation in which 
the carried information from the left-most bit is added to 
the results of the right-most addition. It is used for ones 
complement and nines complement arithmetic. 

end-around shift-— In a computer, the movement of 
characters from one end of the register to the other end 
of the same register. 

end bell—An accessory that is similar to a cable 
clamp and attaches to the back of a plug or receptacle. 
It serves as an adapter for the rear of connectors. Some 
angular end bells have built-in cable clamps. Angular end 
bells up to 90° are available. See also end shield. 

end bracket — See end shield. 

end-cell rectifier — A small trickle-charge rectifier 
for maintaining the voltage of storage-battery end cells. 

end cells — Cells that can be switched in series with 
a Storage battery to maintain the output voltage of the 
battery when it is not being charged. 

end central office —The local central telephone 
office that interconnects customer lines and trunks. lt 
is designated a Class 5 office in the DDD or intertoll 
network. 

end distortion—-A shifting of the ends of all 
marking pulses of start-stop teletypewriter signals from 
their proper positions relative to the beginning of the start 
pulse. 

end effect—The capacitive effect at the ends of a 
half-wave antenna. To compensate for this effect, a dipole 
is cut slightly shorter than a half wave. 
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end effector — Terminal on a robot arm that carries 
a hand, welding gun, painting nozzle, or other tool. 

end finish — Surface condition at the optical conduc- 
tor face. 

end-fire array— A linear or cylindrical antenna 
having its direction of maximum radiation parallel to the 
long axis of the array. 

end instrument — A device connected to one termi- 
nal of a loop and capable of converting usable intelligence 
into electrical signals or vice versa. Includes all generat- 
ing, signal-converting, and loop-terminating devices at the 
transmitting and/or receiving location. 

endless loop recorder— A dictation system in 
which a nonremovable magnetic tape is sealed in a tank 
and the tape runs in a continuous loop. 

end mark -— in a computer, a code or signal used to 
indicate the termination of a unit of information. 

endocardiac electrodes — See implantable pace- 
maker. 

endodyne reception—A British term applying 
to reception of unmodulated code signals. A vacuum- 
tube circuit having a local oscillator whose frequency is 
slightly different from that of the carrier signal. Thus, a 
beat signal in the audio range is produced. 

end-of-block signal — A symbol or indicator that 
defines the end of a block of data. 

end of file — Abbreviated EOF. A code placed by a 
program after the last byte of a file to teli the computer’s 
operating system that no additional data follows. 

end-of-file mark — In a computer, a code instruction 
indicating that the last record of a file has been read. 

end of message — The end of data to be transmitted. 
It can be indicated by a special control code, as in the 
ASCII code set; by an absence of data for a specified 
time interval; or Oy a particular sequence of block gaps 
and data, as is done on magnetic tape. 

end of tape — The point on a computer tape at which 
ithe systera or operator is given a warning that the physical 
end of the tape is approaching. It is approximately 25 feet 
(7.62 m) from the actual end of the tape on !/-inch (12.7- 
mm) computer tape and approximately 50 feet (15.24 m) 
from the halt marker on !/4-inch (6.35-mm) tape. 

end-of-tape marker-— A marker placed on a mag- 
netic tape to indicate the end of the permissible recording 
area. It may be a photoreflective strip, a transparent sec- 
tion of tape, or a particular bit pattern. 

end-of-transmission card— Last card of each 
message; used to signal the end of a transmission. 
Contains the same information as the header card, plus 
additional data for traffic analysis. 

endogeneous variable — A variable whose value 
is determined by relationships included within the model. 
See also exogenous variable. 

end-on armature—Of a relay, an armature that 
moves in the direction of the core axis, with the pole 
face at the end of the core and perpendicular to this axis. 

end-on directional antenna—A _ directional 
antenna that radiates chiefly toward the line on which 
the antenna elements are arranged. 

endoradiograph — Equipment for X-ray examina- 
tion of internal organs and cavities by means of radiopaque 
materials. 

endoradiosonde -—— Aiso called radio pill. A device 
for detecting and transmitting physiological data from the 
gastrointestinal tract or other inaccessible body cavities. 

endothermic —-A term describing a chemical reac- 
tion in which heat is absorbed. 

endothermic reaction— A reaction that is accom- 
panied by the absorption of heat. 


end effector — energy conversion devices 


end point— The shaft positions immediately before 
the first and after the last measurable change(s) in output 
ratio after wiper continuity has been established, as the 
shaft of a precision potentiometer moves in a specified 
direction. | 

end-point control — Quality control by means of 
continuous automatic analysis. In highly automatic pro- 
cesses, the final product is analyzed, and if any undesir- 
able variations are detected, the contro! system automati- 
cally brings about the necessary changes. 

end-point sensitivity — The algebraic difference in 
electrical output between the maximum and minimum 
value of the measurand over which an instrument is 
calibrated. 

end-point voltage — The termina! voltage of a cell 
below which equipment connected to it will not operate 
or should not be operated. 

end resistance —The resistance of a precision 
potentiometer measured between the wiper terminal and 
an end terminal, with the shaft positioned at the corre- 
sponding end point. 

end-resistance offset—In potentiometers, the 
residual resistance between a terminal and the moving 
contact, at a position corresponding to full rotation against 
that terminal. 

end-scale value —The value of the actuating elec- 
trical quantity that corresponds to end-scale indication of 
an instrument. When zero is not at the end or at the elec- 
trical center of the scale, the higher value is taken. Certain 
instruments such as power-factor meters, ohmmeters, etc.. 
are necessarily excepted from this definition. 

end setting — In a potentiometer, the minimum resis- 
tance that is measured between one end of a potentiometer 
and the wiper, with the wiper mechanically posittoned at 
that end. 

end shield —- 1. Frequently called end bracket or end 
bell. In a motor housing, the part that supports the bearing 
and also guards the electrical and rotating parts inside 
the motor. 2. In a magnetron, the shield that confines the 
space charge to the interaction space. 

end spaces —In a multicavity magnetron, the two 
cavities at either end of the anode block that terminate all 
the anode-block cavity resonators. 

end-to-end check— Tests conducted on a com- 
pleted wire and/or cable run to ensure electrical conti- 
nuity. 

end use—The way the ultimate consumer uses a 
device. 

energize — io apply the rated voltage to a circuit or 
device, such as to the coil of a relay, in order to activaie it. 

energized — Also called alive, hot, and live. Electri- 
cally connected to a voltage source. Tumesa on, alive. 

energized part—A part at some potential with 
respect to another part, or the earth. 

energy — 1. The capacity for performing work. A 
particle or piece of matter may have energy because it 
is moving or because of its position in relation to other 
particles or pieces of matter. A rolling ball is an example 
of the first; a ball at rest at the top of an incline is an 
example of the second. 2. The capacity for doing work 
and overcoming resistance. 

energy conversion —-—The change of energy from 
one form to another, e.g., from chemical energy to 
electrical energy. 

energy conversion devices — Devices including 
primary and secondary cells; fuel cells; photovoltaic sys- 
tems; electrochemical energy converters; radiation con- 
version devices; thermionic converters; converters using 
solar, ionic, or nuclear energy sources; devices for creat- 
ing a plasma in an interaction space between an emitter 
and a collector; electrostatic generators for creating an 
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electrical output; organic and inorganic ion exchange and 
membrane devices; electron volt energy devices; devices 
for direct conversion of fuel to electricity; and electrical- 
energy storage-unit devices capable of delivering a power 
output. 

energy density —- 1. The energy output of a battery, 
expressed in watt-hours, per unit weight or volume of the 
battery. 2. The energy per unit volume of a medium. 

energy dispersal waveform — A triangular-shaped 
signal at 30 Hz synchronized with the vertical blanking 
interval in the TV signal from the satellite, which ensures 
that the signal will average its power out over the whole 
channel, even when just the carrier is present. This wave- 
form is removed by the receiver after FM demodulation. 

energy efficiency ratio—Term used to gauge 
the relative electrical efficiency of appliances; found by 
dividing btu-per-hour output by the number of electrical 
walts used. 

energy gap — The energy range between the bottom 
of the conduction band and the top of the valence band 
of a semiconductor. 

energy level— A particular value of energy of a 
physical system, such as a nucleus, that the system can 
maintain for a reasonably long length of time. Systems on 
an atomic scale have only certain discrete energy levels 
and cannot occupy values between these levels. 

energy-level diagram — A line drawing that shows 
the increase or decrease in electrical power as current 
intensities rise and fall along a channel of signal commu- 
nications. 

energy-measuring equipment — Equipment used 
to measure energy in electrical, electronic, acoustical, or 
mechanical systems. 

energy of a charge — Represented by E = 1/2QV, 
given in ergs, when the charge O and the potential V are 
in electrostatic units. 

energy product-— The product of the magnetic flux 
density B in gauss times the magnetic field strength H in 
oersteds. Used as an index of magnet quality. The larger 
the maximum energy product, the smaller the required 
magnet for a given job. 

energy-product curve —-A curve obtained by plot- 
ting the product of the value of magnetic induction B and 
demagnetizing force H for each point of the demagneti- 
zation curve of a permanent magnetic material. Usually 
Shown together with the demagnetization curve. 

energy redistribution— A method of finding the 
duration of an irregularly shaped pulse by considering 
it as a power curve. The area under the curve can be 
represented by an equivalent rectangle of the same area 
and peak amplitude. The original-pulse duration is equal 
to the rectangle width. 

energy state — The position and speed of an electron 
relative to the position and speed of other electrons in the 
same atom or adjoining atoms. 

energy storage capacitor — Specifically designed 
capacitor for use in applications wherein the capacitor can 
be charged over a relatively long period and discharged in 
a short period, thus increasing the instantaneous power in 
energy storage systems. Provisions are made to permit the 
very high currents that accompany the high rate of energy 
discharge. When the number of discharges is very large, 
the actual total time during which the capacitor may be 
subjected to the maximum operating voltage is relatively 
short, 

energy-variant sequential detection— A tech- 
nique for sequential detection in which a fixed number of 
transmitted pulses of varying energy are received with a 
single (upper) threshold device. 

ENG — See electronic news-gathering. 


260 


engineered military circuit — 1. Leased long lines 
of which only the station equipment, local loops, and 
reserved positions of interexchange channels are paid for 
continuously. The unresevered portions of leased long 
lines or interexchange channels are on a steady status 
and are placed in an operational status and paid for only 
when required by the command concerned. 2. A standby 
or on-call circuit that is engineered specifically to meet 
military criteria. 

engineering — A profession in which a knowledge of 
the natural sciences is applied with judgment to develop 
ways of utilizing the materials and forces of nature. 

English-reading tube tester—See emission-type 
tube tester. 

enhanced carrier demodulation — An amplitude- 
demodulation system in which a synchronized local 
camer of the proper phase is added to the demodulator. 
This has the effect of materially reducing the distortion 
produced in the demodulation process. 

enhancement — Modification of the subjective fea- 
tures of an image to increase its impact on the observer. 

enhancement mode — 1. An MOS transistor that 
is normally off with zero gate voltage applied. A gate 
voltage of the correct polarity attracts majority carriers to 
the gate area, thus “enhancing” it and forming a current- 
conducting channel. 2. A device type that is normally 
off with zero gate voltage. A threshold voltage is then 
required to turn the device on. 

enhancement-mode field-effect transistor — A 
field-effect transistor in whicb no device current flows 
(leakage only) when Vgs is zero volts. Conduction does 
not begin until Vgs reaches the threshold voltage. 

enhancement mode operation — The operation 
of a field-effect transistor such that changing the gate-to- 
source voltage from zero to a finite value increases the 
magnitude of the drain current. 

enhancement MOS transistor — A type of MOS 
transistor in which no current flows in the absence of 
an input control signal on the control terminal (called 
the gate) of the transistor; i.e., a control signal input 
is required to turn on the device. This reduces power 
dissipation (power dissipation occurs only when an input 
signal is present) and results in excellent logic state 
recognition (full off being one state and on the other). 

ensemble —A collection of sample functions of a 
random process, all of which start from the same zero 
time. 

enterprise number — Also called toll-free number. 
Unique telephone exchange number that permits the 
called party to be automatically billed for incoming calls. 

entrance box —- A metal box that houses overcurrent- 
protection devices and serves as the point of distribution 
for the various electrical circuits in a structure. 

entrance cable—A cable by means of which 
electrical power is brought from an outside power line 
into a building. 

entrance delay—The time between actuating a 
sensor on an entrance door or gate and the sounding of 
a local alarm or transmission of an alarm signal by the 
control unit. This delay is used 1f the authorized access 
switch is located within the protected area, and permits a 
person with the control key to enter without causing an 
alarm. The delay is provided by a timer or timing circuit 
within the control unit. 

entrapped material— Gas or particles bound up 
in an electrical package so that they cannot escape the 
package. 

entropy — 1. A measure of the unavailable energy in 
a thermodynamic system. 2, The unavailable information 
in a Set of documents. 3. An inactive or static condition 
(total entropy). 4. A measure of the arnount of information 
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in a communication signal, equal to the average number 
of bits per symbol. 

entry -— Each statement in a computer programming 
system. 

entry point — In a computer, the programmer-defined 
instruction at which a task is to begin execution. 

enunciation — The act of pronouncing words clearly 
and distinctly. Articulation. 

envelope — 1. Also referred to as a bulb. The glass 
or metal housing of a vacuum tube. The glass housing 
that encloses an incandescent source. 2. The curve passing 
through the peaks of a graph and showing the waveform 
of a modulated radio-frequency carrier signal. 


ENVELOPE 


Envelope, 2. 


envelope delay — 1. The time that elapses as a trans- 
mitted wave passes any two points of a transmission 
circuit. Such delay is determined primarily by the con- 
stants of the circuit and is measurable in milliseconds or 
microseconds. 2. Sometimes called time delay or group 
delay. The propagation time delay undergone by the enve- 
lope of an amplitude-modulated signal as it passes through 
a filter. Envelope delay is proportional to the slope of the 
curve of phase shift as a function of frequency. Envelope- 
delay distortion is introduced when the delay is not the 
same at all frequencies in the passband. 3. The time dif- 
ference between the longest delay and the shortest delay 
for a given band of frequencies. 4. A type of distortion 
on an analog line in which the signal delay varies with 
signal frequency. 5. Characteristics of a circuit that result 
in some frequencies arriving ahead of others, even though 
they were transmitted together. 

envelope-delay distortion — The distortion that 
occurs during transmission when the phase shift of a 
circuit or system is not constant over the frequency range. 

envelope generator—A circuit in a synthesizer 
that produces a single, carefully defined waveform. Useful 
in creating attacks and decays to define notes or for special 
effects. 

environment — The aggregate of all conditions that 
externally influence a device’s performance. 

environmental chambers —- Test chambers desig- 
red to expose the subject being tested to external 
conditions, such as heat, shock, pressure, and moisture, 
for the study of their effects of the subject. 

environmental conditions — External conditions 
of heat, shock, vibration, pressure, moisture, etc. 

environmentally sealed — Provided with gaskets, 
seals, potting, or other means to keep out contamination 
that might reduce performance. 

environmental testing —The testing of a system 
or component under controlled environmental conditions, 
each of which tends to affect its operation or life. 

environmentproof switch —- A switch that is com- 
pletely sealed to ensure constant operating characteristics. 
Sealing normally includes an O-ring on the actuator shaft 
and fused glass-to-metal terminal seals or complete pot- 
ting and an elastomer plunger-case seal. 
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EOG — Abbreviation for electro-oculography. 

episcotister —A device consisting of alternate 
opaque and transparent discs that rotate at a speed that 
interrupts light beams at an audio-frequency rate. It 
modulates the light beam used to excite a photoelectric 
element. 

epitaxial — Pertaining to a single crystal layer on a 
crystalline substrate, oriented the same as the substrate. 
In certain semiconductor processes, an expitaxial layer 
is grown on a silicon substrate during the fabrication of 
transistors and integrated circuits. 

epitaxial deposition — 1. The growth of additional 
material, usually in a thin film, on a substrate. Often 
the added material has a crystal structure and orientation 
controlled by matching that of the substrate. 2. Epitaxy. 
The technique of growing a semiconductor layer on an 
existing crystal by depositing it directly from reactant 
vapors, so that the structure of the new layer is isomorphic 
with, or simply an extension of, that of the origina: crystal. 

epitaxial device — A device constructed in such a 
manner that the crystalline structure of successive layers 
is oriented in the same direction as that of the original 
base material. 

epitaxial film — 1. A film of single-crystal semicon- 
ductor material that has been deposited onto a single- 
crystal substrate. 2. Any deposited film, provided the on- 
entation of its crystal is the same as that of the substrate 
material. 

epitaxial growth — 1. A semiconductor fabrication 
process in which single-crystal p or n material is deposited 
and grows on the surface of a substrate. Usually, this 
material has a different conductivity than the substrate. 
2. Crystal growth obtained by depositing a film of 
monocrystalline semiconductor material on a monocrys- 
talline substrate. 3. The process of producing an addi- 
tional crystal layer of semiconductor material on a semi- 
conductor substrate. The crystalline structure of the sub- 
Strate is continued into the epitaxial layer; however, the 
impurity concentration can be made to differ greatly. 
4. The deposition of a single-crystal film on the surface of 
a single-crystal substrate so that the crystal orientations of 
the two layers are alike. 5. A process of growing layers of 
material on a selected substrate. Usually silicon is grown 
in a silicon substrate. Silicon and other semiconductor 
materials may be grown on a substrate with compatible 
crystallography, such as sapphire (silicon-on-sapphire). 

epitaxial-growth mesa transistor — A transistor 
made by overlaying a thin mesa crystal over another mesa 
crystal. 

epitaxial growth process — The process of grow- 
ing a semiconductor material by depositing it in vaporized 
form on a semiconductor seed crystal. The deposited layer 
continues the single-crystal structure of the seed. 

epitaxial layer—-1. A grown or deposited crystal 
layer with the same crystal orientation as the parent mate- 
rial and, in the case of semiconductor circuits, of the same 
basic material as the original substrate. 2. A single-crystal 
p-type or n-type material deposited on the surface of a 
substrate. 3. A thin, precisely doped monocrystalline sil- 
icon layer grown on a heavily doped thick wafer, into 
which are diffused semiconductor junctions. In conven- 
tional processing of an integrated circuit, the thick wafer 
is p doped and the epitaxial layer is n doped. 4. A single 
crystal layer that has been deposited or grown on a crys- 
talline substrate having the same structural arrangement. 
5. A layer of silicon grown atop single-crystal silicon that 
reproduces the same crystallographic orientation as the 
single-crystal material. 

epitaxial material— A material whose atoms are 
arranged in single-crystal fashion upon a crystalline 
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substrate so that its lattice structure duplicates that of the 
substrate. 

epitaxial planar transistor — A transistor in which 
a thin collector region is epitaxially deposited on a low- 
resistivity substrate, and the base and emitter regions 
are produced by gaseous diffusion with the edges of the 
junction under a protective oxide mask. 

epitaxial process — The process of growing from 
the vapor phase a single-crystal semiconductor material 
with controlled resistivity and thickness. 

epitaxial transistor — A transistor with one or more 
epitaxial layers. 
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Epitaxial transistor (triple diffused). 


epitaxy — 1. The controlled growth on a crystalline 
substrate of a crystalline layer, called an epilayer. In 
homoepitaxy (e.g., silicon layers on a silicon substrate), 
the epilayer exactly duplicates the properties and crystal 
structure of the substrate. In heteroepitaxy (e.g., silicon 
on sapphire), the deposited epilayer is a different material 
with a different crystalline structure than that of the 
substrate. 2. The growth of a crystal on the surface of 
a crystal of another substance in such a way that the 
orientation of the atoms in the original crystal controls 
the orientation of the atoms in the grown crystal. 

E-plane— The plane of an antenna containing the 
electric field. The principal E-plane also contains the 
direction of maximum radiation. 

E-plane bend — Also called E-bend. The smooth 
change in direction of the axis of a waveguide. The axis 
remains parallel to the direction of polarization throughout 
the change. 

E-plane T-junction — Also called series T-junction. 
A waveguide T-junction in which the structure changes 
in the plane of the electric field. 

epoxy — 1. Pertaining to a family of thermosetting 
materials that are widely used for casting and potting and 
as adhesives. 2. A family of thermosetting resins used in 
the packaging of semiconductor devices. Epoxies form a 
chemical bond to many metal surfaces. 

EPROM — Abbreviation for erasable programmable 
read-only memory. A type of nonvolatile memory device 
whose contents can be erased by exposure to ultraviolet 
light. See also EEPROM; PROM. 

epsilon — The Greek letter E. or e, frequently used to 
represent 2.71828, which is the base of the natural system 
of logarithms. 

equal-energy source —A source of electromag- 
netic or sound energy that emits the same amount of 
energy at each frequency in the spectrum. 

equal-energy white—The light produced by a 
source that radiates equal energy at all visible wave- 
lengths. 

equalization — 1. The process of reducing the fre- 
quency and/or phase distortion of a circuit by the intro- 
duction of networks to compensate for the difference in 
attenuation and/or time delay at the various frequencies in 
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the transmission band. 2. A process of compensating for 
increases in attenuation (signal loss) with frequency. Dif- 
ferent signal frequencies are attenuated differently over a 
given distance. 3. An intentional departure from response 
flatness to compensate for complementary characteris- 
tics introduced elsewhere in the system (as with discs, 
tape, and FM broadcasting). Also used to correct for 
response deficiencies in speakers and other components. 
4. Different equalization characteristics are used in the 
recording and playback amplifiers of a tape recorder, to 
compensate for the magnetic characteristics of the tape 
and the heads. Playback equalization is standardized to 
give flat frequency response with any properly recorded 
tape, while recording equalization is a property of a par- 
ticular machine, depending on its head design and the 
tape for which it was meant. 5. Reshaping the playback 
characteristics of a recording during playback mode. The 
simplest way is to adjust the treble and bass controls, but 
true equalization requires continuous adjustment of the 
playback frequency response curve at several points. A 
graphic equalizer is often used for this. 6. The selective 
amplification or altenuation of certain frequencies. Also 
refers to recognized industry standards for recording and 
reproducing characteristics, such as the NAB Standard. 
7. The intentional increase in level of certain portions 
of the audio-frequency spectrum. The term is sometimes 
misapplied when actually referring to the attenuation of 
portions of the audio-frequency spectrum. 8. A technique 
used to compensate for distortions present on a commu- 
nication channel. Equalizers add loss or delay to signals 
in inverse proportion to the channel characteristics. The 
signal response curve is then relatively flat and can be 
amplified to regain its original form. 

equalize — To apply to a circuit an electrical network 
whose transmission characteristics are complementary to 
those of the line, so that when the loss (or delay) in the 
line and that in the equalizer are combined, the overall 
loss (or delay) 1s almost the same at all frequencies. 

equalizer— 1. A passive device designed to compen- 
sate for an undesired amplitude-frequency and/or phase- 
frequency characteristic of a system or component. 2. A 
series of connections made in paralleled, cumulatively 
compound direct-current generators to give the system 
stability. 3, A network, usually adjustable, that corrects 
the transmission-frequency characteristics of a circuit to 
permit it to transmit all the frequencies that it passes 
in a uniform manner. 4. An electronic circuit that intro- 
duces compensation for frequency-discriminative effects 
of elements within a teleyision system. 5. An electronic 
device that amplifies (boosts) and/or attenuates certain 
portions of the audio-frequency spectrum. There are many 
different types of equalizers. 6. A device to allow the fre- 
quency response of an audio-signal path to be adjusted in 
some way. 

equalizer circuit breaker— A breaker that serves 
to control or to make and break the equalizer or the 
current-balancing connections for a machine field, or for 
regulating equipment, in a multiple-unit installation. 

equalize voltage — A voltage applied to a battery 
for charging at installation and as a periodic boost charge, 
common in lead-antimony lead-acid battery systems. 

equalizing current— A current circulated between 
two parallel-connected compound generators to equalize 
their output. 

equalizing network—A network connected to a 
line to correct or control its transmission frequency 
characteristics. 

equalizing pulses— 1. A series of pulses (usually 
six) occurring at twice the line frequency before and 
after the serrated vertical TV synchronizing pulse. Their 
purpose is to cause vertical retrace to occur at the correct 
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Note Some people don't dig math. Weird, but true. 


Here is the equation for calculating the total resistance (R,) of three resistors in parallel (R, R, R.): 


BOS 


The good thing about this equation is that you don’t need to know what the supply voltage is to get 
the correct answer. All you need to know are the values of the resistors. If you need to use more resistors, 
just add more terms to the equation. 

Calculating the value of parallel resistors occurs quite frequently when designing electronics. Some 
special cases are simple enough to do in your head. For example, if two identical-value resistors are 
placed in parallel, their combined resistance is half the value of each individual resistor. That is, if you 
placed two 1000 ohm resistors in parallel, their effective resistance would be 500. Similarly, if you have 
three identical resistors, the net resistance is one-third the value of each constituent resistor. Make 
sense? These are special cases of the general equation just shown. 

This happens so much that an alternate notation method has been developed: R, = R|IR,|R,. This is 
not often used for hobby electronics, however. 

The power-handling ratings of resistors are added together, so if you have two 10W resistors in 
parallel, the net power-handling capacity is now 20W. At least that part was easy. 


Capacitors in Series and Parallel 


Capacitors are completely different from resistors. When calculating their values in series and in parallel, 
you have to use exactly the opposite methods. Isn’t electronics interesting? 

The values of capacitors in parallel are added together. This makes them much more like batteries 
in parallel than resistors. However, you still have to use the fractions-upon-fractions method to calculate 
the value of capacitors in series. 

Again, some shortcuts are available. Two identical capacitors in series have halfthe capacitance of 
each individual capacitor, but double the working voltage, which is the maximum voltage they were 
designed to withstand before failing. 


Inductors in Series and Parallel 


It gets more interesting, believe it or not. Inductors act like resistors as far as adding their values together 
in series and taking the reciprocal of the sum of the reciprocals of their values in parallel, but only when 
the magnetic fields of all of the inductors involved do not interfere with each other. If the magnetic fields 
generated when current flows though the inductors overlap, then you have to factor in their mutual 
inductance, which starts to get complicated. 

Extra credit: Figure out how all that works and let me know. 
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instant for proper interlace. 2. In the standard television 
signal, pulses that minimize the effect of line-frequency 
pulses on the interlace. 

equal-loudness contours — See Fletcher-Munson 
curves. 

equation function — As applied to microelectronic 
circuitry, a combination of electronic elements or cir- 
cuits capable of solving the electronic-counter portion 
of a mathematical or Boolean equation. In obtaining the 
solution, it performs the necessary function within an elec- 
tronic or electromechanical system. 

equation solver— A computer, usually of the ana- 
log type, designed to solve systems of linear simultaneous 
(nondifferential) equations or to find the roots of polyno- 
mials, 

equilibrium — In a semiconductor context, that state 
of a semiconductor crystal when there is no net current 
through the crystal. A crystal is normally in this state 
when no external voltages or current are impressed on it. 

equilibrium brightness— The brightness of the 
viewing screen when a display storage tube is in a fully 
written condition. 

equilibrium electrode potential —A static elec- 
trode potential when the electrode and the electrolyte are 
in equilibrium with respect to a specified electrochemical 
reaction. 

equiphase surface —In a wave, any surface over 
which the field vectors at the same instant are either in 
phase or 180° out of phase. 

equiphase zone — In radionavigation, the region in 
space within which the difference in phase between two 
radio signals is indistinguishable. 

equipment — 1. An item having a complete function 
apart from being a substructure of a system. Sometimes 
called a set. 2. A general term referring to practically 
every part of an electrical system, including the parts 
consuming electrical energy. (Devices are also included 
in this category.) 

equipment augmentation— 1. Procuring addi- 
tional automatic data-processing equipment capability 
to accommodate increased workload within an estab- 
lished data system. 2. Obtaining additional automatic 
data-processing equipment capability to extend an estab- 
lished data system to additional sites or locations. 

equipment bonding jumper——The connection 
between two or more portions of the equipment grounding 
conductor. 

equipment chain— A group of units of equipment 
that are functionally in series. The failure of one or more 
individual units results in loss of the function. 

equipment characteristic distortion — A repeti- 
tive display or disruption peculiar to specific portions of 
a teletypewriter signal. Normally, it is caused by improp- 
erly adjusted or dirty contacts in the sending or receiving 
equipment. 

equipment ground—-A connection from earth 
ground to a non-current-carrying metal part of a wiring 
installation of electric equipment. It reduces shock hazard 
and provides electrostatic shielding. 

equipment life — The arithmetic mean of the cumu- 
lative operating times of identical pieces of equipment 
beginning with the time of acceptance by the ultimate 
consumer and ending when the equipment is no longer 
serviceable. 

equipotential —A conductor having all parts at a 
single potential. The cathode of a heater-type tube is 
equipotential, whereas the filament is not because its 
voltage varies from one end to the other. 

equipotential cathode —See indirectly heated 
cathode. 


equipotential line— An imaginary line in space 
having the same potential at all points. 

equipotential surface — A surface or plane passing 
through all points having the same potential in a field of 
flow. 

equisignal localizer — Also called tone localizer. A 
type of localizer in which lateral guidance is obtained by 
comparing the amplitudes of two modulation frequencies. 

equisignal radio-range beacon—-A radio-range 
beacon used for aircraft guidance. lt transmits two dis- 
tinctive signals, which are received with equal intensity 
only in certain directions called equisignal sectors, 

equisignal surface — The surface formed around an 
antenna by all points that have a constant field strength 
(usually measured in volts per meter) during transmission. 

equisignal zone — In radionavigation, the region in 
space within which the difference in amplitude between 
two radio signals is indistinguishable. 

equivalence —A logic operator having the property 
that if P is a statement, Q is a statement, R is a statement, 
etc., then the equivalence of P, Q, R... is true if and only 
if all statements are true or all statements are false. 

equivalent absorption — The rate at which a sur- 
face will absorb sound energy, expressed in sabins. 
Defined as the area of a perfect absorption surface that 
will absorb the same sound energy as the given object 
under the same conditions. 

equivalent absorption area— Area of perfectly 
absorbing surface that will absorb sound energy at the 
same rate as the given object under the same conditions. 
The acoustic unit of equivalent absorption is the sabin. 

equivalent binary digits — 1. The number of binary 
digits equivalent to a given number of decimal digits or 
other characters. 2. The number of binary places required 
to count the elements of a given set. 

equivalent circuit — 1. An arrangement of common 
circuit elements that has characteristics over a range of 
interest electrically equivalent to those of a different 
or more complicated circuit or device. 2. A simplified 
circuit that has the same response to changing voltage and 
frequency as a more complex circuit. Used to facilitate 
mathematical analysis. 

equivalent circuit of a piezoelectric crystal 
unit — The electric circuit that has the same impedance as 
the unit in the frequency region of resonance. It is usually 
represented by an inductance, capacilance, and resistance 
in series, shunted by the direct capacitance between the 
terminals of the crystal unit. 

equivalent component density— tn circuits in 
which discrete components are not readily identifiable, 
the volume of the circuit divided by the number of dis- 
crete components necessary to perform the same func- 
tion. 

equivalent conductance — The normal conduc- 
tance of an atr tube in its mount, measured at its resonance 
frequency. 

equivalent dark-current input—The incident 
luminous flux required to give an output current equal 
to the dark current. 

equivalent differential input capacitance — The 
equivalent capacitance looking into the inverting or non- 
inverting inputs of a differential amplifier with the oppo- 
site input grounded. See also equivalent differential input 
impedance. 

equivalent differential input impedance — The 
equivalent impedance looking into the inverting or non- 
inverting input, with the opposite input grounded and the 
operational amplifier operated in the linear amplification 
region. 
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equivalent differential input resistance — The 
equivalent resistance looking into the inverting or non- 
inverting input of a differential amplifier with the oppo- 
site input grounded. See also equivalent differential input 
impedance. 

equivalent diode — An imaginary diode consisting 
of the cathode of a triode or multigrid tube and a virtual 
anode to which is applied a composite controlling voltage 
of such a value that the cathode current would be the same 
as the current in the triode or multigrid tube. 

equivalent faults —Two or more faults that cause 
the same output responses and that cannot be isolated 
from the board output pins and internal nodes being 
monitored by the tester. 

equivalent four-wire system— A transmission 
system using frequency division to obtain full-duplex 
operation over only one pair of wires. 

equivalent grid voltage —The grid voltage plus 
plate voltage divided by the mu of the tube. 

equivalent height — The virtual height of an ionized 
layer of the ionosphere. 

equivalent input noise current — The equivalent 
input noise current that would reproduce the noise seen at 
the output of an operational amplifier 1f all amplifier noise 
sources were set to zero and the source impedances were 
large compared with the optimum source impedance. 

equivalent input noise voltage — The equivalent 
input noise voltage that would reproduce the noise seen 
at the output of an operational amplifier if all amplifier 
noise sources and the source resistances were set at zero. 

equivalent input offset current— The difference 
between the two currents flowing into the inverting and 
noninverting inputs of a differential amplifier when the 
output voltage is zero. 

equivalent input offset voltage — The amount of 
voltage required at the input to bring the output to zero. 
Usually this voltage is adjustable to zero by using either a 
built-in or an external variable resistor (balance control). 

equivalent input wideband noise voltage — The 
output noise voltage of a differential amplifier with the 
input shorted, divided by the dc voltage gain of the 
amplifier. This voltage is measured with a true rms 
voltmeter and is limited to the combined bandwidth of 
the amplifier and meter. 

equivalent loudness — The intensity level of a 
sound relative to some arbitrary reference intensity, such 
as a 1000-hertz pure tone, that is judged by the listeners 
to be equivalent in loudness. 

equivalent network — One network that replaces 
another in a system without altering in any way the 
electrical operation of the system external to the network. 

equivalent noise conductance —The spectral 
density of a noise-current generator expressed in conduc- 
tance units at a specified frequency. 

equivalent noise input—In a photosensitive 
device, the value of incident Jummous flux that produces 
an rms output current equal to the rms noise curent within 
a specified bandwidth when the flux is modulated in a 
stated manner. 

equivalent noise pressure — See transducer equiv- 
alent noise pressure. 

equivalent noise resistance — A measure of the 
residual noise output of a potentiometer while the slider 
is being actuated. (The residual noise consists of active 
components in the form of self-generated voltages arising 
in the slider contact interface, and passive components in 
the form of ohmic contact resistance at the point of slider 
contact.) 

equivalent noise temperature —The absolute 
temperature at which a perfect resistor with the same 


resistance as the component would generate the same 
noise as the component at room temperature. 

equivalent open-circuit rms noise current— 
That noise which occurs at the input of the noiseless 
amplifier due only to noise currents. It is expressed in 
picoamperes per hertz at a specified frequency or in 
nanoamperes in a given frequency band. 

equivalent periodic line— A periodic line that, 
when measured at its terminals or at corresponding section 
junctions, has the same electrical behavior at a given 
frequency as the uniform line with which it is compared. 

equivalent permeability — The relative permeabil- 
ity that a component would have under specified condi- 
tions if it had the same reluctance as a component of the 
same shape and size but different materials. 

equivalent plate voltage — The plate voltage plus 
mu times the grid voltage. 

equivalent resistance—The concentrated or 
lumped resistance that would cause the same power loss 
as the actual small resistances distributed throughout a 
circuit. 

equivalent series resistance — Abbreviated ESR 
or R. 1. In a circuit or component, the square root of 
the difference between the impedance squared and the 
reactance squared. All internal series resistance of the 
circuit or component treated as being concentrated in a 
single resistance at one point. 2. All internal ac series 
resistance of a capacitor treated as a single resistor. 3. An 
effective resistance that, if connected in series with an 
ideal capacitor of a capacitance value equal to that of the 
capacitor in question, would result in a power loss equal 
to the active power dissipated in that capacitor at a given 
frequency. 

equivalent time — In random-sampling oscilloscope 
operation, the time scale associated with the display of 
signal events. 

equivalent time sampling — A method of allowing 
the storage of repetitive events that occur faster than the 
maximum digital oscilloscope sampling frequency. The 
scope acquires the waveform during multiple sweeps by 
taking samples at yarious times until scope memory is 
filled. 

equivocation — In a computer, the conditional infor- 
mation contained in an input symbol given an output 
symbol, ayeraged over all input-output pairs. 

erasable programmable read-only memory — 
Abbreviated EPROM. A field-programmable read-only 
memory that can have the data content of each memory 
cell altered more than once. An EPROM is bulk-erased 
by exposure to high-intensity ultraviolet light. Sometimes 
referred to as a reprogrammable read-only memory. 

erasable storage — Storage media in a computer 
that hold information that can be changed. 

erase — |. To replace all the binary digits in a storage 
device by binary zeros. In a binary computer, erasing is 
equivalent to clearing; in a coded decimal computer, in 
which the pulse code for decimal zero may contain binary 
ones, clearing leayes decimal zero, whereas erasing leaves 
all-zero pulse codes in all storage locations. 2. To remove 
all information from a register or a memory. Sometimes 
this consists of writing a zero into all memory positions. 

erase head—1.A head on a tape recorder that 
applies a strong high-frequency alternating magnetic field 
to the tape so that earlier recordings may be crased as 
the tape runs past the head. 2. A magnetic tape head 
that removes previously recorded signals from a tape, 
usually by applying inaudible high-level, high-frequency 
bias signals. 

erasing speed — In charge-storage tubes, the rate of 
erasing successive storage elements. 
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erasure — 1. A process by which a signal recorded on 
a tape is removed and the tape made ready for rerecording. 
This may be accomplished by ac erasure, in which the tape 
is demagnetized by an alternating field that is reduced in 
amplitude from an initially high value, or by dc erasure, 
in which the tape is saturated by applying a primarily 
unidirectional field. 2. The neutralization of the magnetic 
pattern stored on tape. 

E region — The region of the ionosphere about 50 to 
100 miles (80 to 160 km) above the earth’s surface. 

E register—The extension of the computer A- 
register for use in double-precision arithmetic or logic- 
shift operations. 

E, — E,— The resultant color television signal when 
E, is subtracted from the original full red signal. 

erg — 1. The absolute centimeter-gram-second unit of 
energy and work. The work done when a force of 1 dyne 
38 applied through a distance of 1 centimeter. 2. Measure 
of energy. 1 erg = 10’ joules = 6.25 x 101% eV. 

ergonomics — The science of designing office sys- 
tems to meet the needs of the human body. 

ERP — Abbreviation for effective radiated power. The 
amount of power radiated by an antenna, which may be 
more or less than the power absorbed by it from the 
transmitter. 

error— l. In mathematics, the difference between 
the true value and a calculated or observed value. A 
quantity (equal in absolute magnitude to the error) added 
to a calculated or observed value to obtain the true 
value is called a correction. 2. Any discrepancy between 
a computed, observed, recorded, or measured quantity 
and the true, specified, or theoretically correct value or 
condition. 3. in a computer or data-processing system, 
any incorrect step, process, or result. In addition to the 
mathematical usage in the computer field, the term also 
commonly refers to machine malfunctions, or machine 
errors, and to human mistakes, or human errors. 4. In 
data communications, error means that a bit transmitted 
as a | was received as a O (or vice versa). 5. A deviation 
occurring during transmission such that a mark signal is 
received instead of a space signal, or vice versa. 6. A 
situation in which the data readout of a memory location 
is different from the data originally stored in that location. 
The term error is normally not applicable to circuits 
that do not contain memory elements. It can be applied, 
however, to complex logic arrays that contain memory 
elements, such as flip-flops or small arrays of RAM. 
Errors can be classified into three categories: hard error, 
meGium error, and soft error. 

error-correcting code —-1. A code in which each 
acceptable expression conforms to specific rules of con- 
struction that also define one or more equivalent nonac- 
ceptable expressions, so that if certain errors occur in an 
acceptable expression, the result will be one of its equiv- 
alents and thus the error can be corrected. 2. A computer 
code using extra bits that automatically detect and correct 
errors. 3. Code for information transmission that makes 
it possible to detect errors and to fix them. This involves 
sending extra information along with each word, with a 
corresponding reduction in the transmission rate. 

error-correcting telegraph system — A system 
that employs an error-detecting code in such a way that 
any false signal initiates retransmission of the character 
incorrectly received. 

error-correction routine —A series of computer 
instructions programmed to correct a detected error con- 
dition. | 

error detecting and feedback system -—A 
system employing an error-detecting code and so arranged 
that a signal detected as being in error automatically 
initiates a request for retransmission of that signal. 
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error-detecting code-—In a digital computer. a 
system of coding characters such that any single error 
produces a forbidden or impossible code combination. 

error detection— 1l. An arrangement that senses 
flaws in received data by examining parity bits, verify- 
ing block check characters, or using other techniques. 
2. System that detects errors occasioned by transmission 
equipment or facilities. 

error detector — That portion of an automatic con- 
trol system that determines when the regulated quantity 
has deviated outside the dead zone. 

error rate—1.A measure of quality of a digital 
circuit or equipment item. 2. The number of erroneous 
bits or characters in a sample; it is frequently taken as the 
number of errors per 100,000 characters. 3. A measure 
of the ratio of the number of characters of a message 
incorrectly received to the number of characters of the 
message received. 4. The ratio of incorrectly received data 
(bits, elements, characters, or blocks) to the total amount 
of data transmitted. 

error-rate damping — A damping method in which 
a signal proportional to the rate of change of error is added 
to the error signal for anticipatory purposes. 

error signal—-In an automatic control device, a 
signal whose magnitude and sign are used to correct 
the alignment between the controlling and the controlled 
elements. 

error tape — A special tape developed and used for 
writing out errors in order to correct them by study and 
analysis after printing. 

error voltage — A voltage that is present in a servo 
system when the input and output shafts are not in 
correspondence. The error voltage, which actuates the 
servo system, is proportional to the angular displacement 
between the two shafts. 

ESA — Abbreviation for electronic shock absorption. 

Esaki diode — See tunnel diode. 

ESC — Abbreviation for electronic spark control. For 
General Motors turbo-charged engines, a system that 
controls timing and engine knock. 

escape character— A code-extension character 
used, sometimes with one or more succeeding charac- 
ters, to form an escape sequence, which indicates that 
the interpretation of the succeeding characters is to be 
different from the code currently in use. 

E-scope— A radar display in which targets appear as 
blips with distance indicated by the horizontal coordinate 
and elevation by the vertical coordinate. 

escutcheon — A backing plate around an opening. 
Commonly the ornamental metal, wood, plastic, or other 
framework around a radio tuning dial, control knob, or 
other panel-mounted part in a radio receiver or television 
receiver, audio-frequency amplifier, etc. 

ESD — Abbreviation for electrostatic discharge. Dis- 
charge of a static charge on a surface or body through 
a conductive path to ground. An electronic component 
may suffer irreparable damage when it is inciuded in the 
discharge path. 

ESM — See electronic warfare support measures. 

ESR — Abbreviation for equivalent series resistance. 

ESS — 1. Abbreviation for electronic spark selection. 
An electronic system (General Motors) that controls 
timing on fuel-injected engines to increase fuel economy 
and improve emissions. Operates on inputs from engine 
temperature, rpm, and vacuum sensors. 2. Abbreviation 
for electronic switching system. 

essential loads — Those loads that must be served 
to keep plant operations at an acceptable level during a 
prolonged commercial power outage. Such loads might 
be interruptible for periods of a few seconds to several 
minutes. 
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established reliability— A quantitative maximum 
failure rate demonstrated under controlled test condi- 
tions in accordance with a military specification; usually 
expressed as percent failures per thousand hours of test. 

Estiatron— A special type of electrostatically focused 
traveling-wave tube. 

etch — The process of removing material from a wafer 
(such as oxides or other thin films) by chemical, elec- 
trolytic, or plasma (ion bombardment) means. Examples: 
nitride etch, oxide etch. 

etchant— 1. A chemical agent that can remove a 
solid material. For example, a highly selective etchant 
that acts on silicon dioxide, silicon, or both is employed 
in semiconductor processing to pattern the silicon surface 
for diffusion masking. 2. A solution used, by chemical 
reaction, to remove the unwanted portion of a conductive 
material bonded to a base. 3. A liquid solution of a chem- 
ical or combination of chemicals used to preferentially 
dissolve metal. 

etchback— The controlled removal of all compo- 
nents of base material by a chemical process on the side 
wall of holes in order to expose additional internal con- 
ductor areas. 

etched metal mask—A metal mask used for 
screening wherein the pattern is created in a sheet of metal 
by the etching process. 

etched printed circuit—A type of printed circuit 
formed by chemically or electrolytically (or both) remov- 
ing the unwanted portion of a layer of material bonded to 
a base. 

etch factor— A ratio of etched depth to the lateral 
etch at the boundary of the interface of the photoresist 
and the substrate. 

etching— 1. The selective removal of unwanted 
material from a surface, usually by chemical means. 2. A 
process using either acids or a gas plasma to remove 
unwanted material from the surface of a wafer. 

etching resist — Material deposited on the surface 
of a copper-clad base material that prevents the removal 
by etching of the conductive areas the material covers. 

etching to frequency — Finishing a crystal blank to 
its final frequency by etching it in hydrofluoric acid. 

ether— A hypothetical medium that pervades all 
space (including vacuum) and all matter; assumed to be 
the vehicle for propagation of electromagnetic radiations. 

Ethernet— 1. A high-speed network connection. 2. A 
network standard first developed by Xerox, and refined 
by DEC and Intel. Ethernet interconnects personal com- 
puters and transmits at 10 megabits per second. It uses 
a bus topology that can connect up to 1024 PCs and 
workstations within each main branch, and uses a proto- 
col known as carrier sense multiple access with collision 
detection (CSMA/CD) to regulate communication line 
trafíic. Nodes are linked using coaxial cable, fiber-optic 
cable, or twisted-pair wiring. Ethernet is codified as the 
IEEE 802.3 standard. 3. A very common method of net- 
working computers in a LAN. Ethernet will handle about 
10 megabits per second and can be used with almost any 
kind of computer. 
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E-transformer— A special form of differential trans- 
former employing an E-shaped core. The secondaries of 
the transformer are wound on the outer legs of the E, and 
the primary is on the center leg, 

ETSI — See European Telecommunications Standards 
Institute. 

Ettingshausen effect— Analogous to the Hall 
effect. The different tempcratures found on opposite edges 
of a metal strip that is perpendicular to a magnetic field 
and through which an electric current flows longitudinally. 

eTV — Abbreviation for educational TV. A nonprofit 
television station operating to serve community needs in 
the areas of instruction and cultural development. 

Eureka—A ground transponder in the British Re- 
becca-Eureka radar navigational system. 

Euro connector — See SCART 

European Telecommunications Standards 
Institute — Abbreviated ETSI. One of the European 
organizations responsible for establishing common 
industry-wide standards for telecommunications. 

eutectic — 1. An isothermal reversible reaction in 
which a liquid solution is converted into two or more 
intimately mixed solids on cooling, the number of solids 
formed being the same as the number of components in 
the system. 2. An alloy having the composition indicated 
by the eutectic point on an equilibrium diagram. 3. An 
alloy structure of intermixed solid constituents formed 
by a eutectic reaction. 4. Referring to an alloy or solid 
solution that has the lowest possible melting point, usually 
below that of its components. 5. The most fusible series 
of alloys (e.g., 63/37 tin-lead solder). 6. The specific 
proportions of the constituents of an alloy having the 
lowest melting point. The system goes from totally molten 
to totally solid without going through a slushy range at 
the eutectic composition. 

eutectic alloy—1. A combination of two or more 
metals that has a sharply defined melting point and no 
plastic range. 2. An alloy with a low and sharp melting 
point that converts from a solid to a liquid state at a 
specific recurring point. Used in thermal overload devices. 

eutectic bonding — Formation of a metallurgical 
joint in similar or dissimilar metals through the introduc- 
tion of a thin film of another metal at the joint interface. 
Upon application of heat and moderate pressure, the inter- 
mediate film and the metals to be joined form a molten 
eutectic phase, which is then eliminated from the joint by 
thermal diffusion into the base metals. 

eutectic solder — Solder that has the lowest possible 
melting point for its combination of elements. Eutectic tin- 
lead solder is composed of 63 percent tin and 37 percent 
lead. It melts at 361°F. Eutectic tin-silver solder has 96.5 
percent tin with 3.5 percent silver, and melts at 430°F. 

eV or ev— Abbreviation for electron-volt. 

evaporation— The deposition in high vacuum of 
insulation that is thermally liberated from a parent source. 
Silica films of low optical absorption have been produced 
by electron bombardment of the parent oxide. 

evaporation materials -— Metals used for evapora- 
tion charges and sputtering targets, including chromium 
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and its alloys, for (a) a thin adhesive layer on IC substrates 
to allow better deposition of gold or other metal, (b) 
resistor material, and (c) vacuum deposition in mask pro- 
duction. 

evaporation of electrons—The cooling that 
occurs on the surface of a cathode during emission. It 
is analogous to the cooling of a liquid or solid as it evap- 
orates. 

evaporation sources — Boats and filaments used 
as heat sources for vacuum evaporation to form thin 
layers on substrates. The process is frequently done by 
resistively heating the evaporant in a ceramic crucible 
or by self-heating of boats constructed of tungsten, 
molybdenum, or tantalum. 

evaporative deposition — The process of condens- 
ing a thin film of evaporated material upon a substrate. 
Evaporation usually is produced by heating a material in 
a high vacuum. 

E-vector— A vector representing the electric field of 
an electromagnetic wave. In free space it is perpendicular 
to the direction of propagation. 

even harmonic— Any harmonic that is an even 
multiple (2, 4, 5, etc.) of the fundamental frequency. The 
even harmonics of 60 Hz are 120 Hz, 240 Hz, 360 Hz, 
etc. 

even parity — l. Parity bit that is added to a word 
so that the total number of ls is even. 2. The condition 
that occurs when the sum of the number of ls in a 
binary word is always even. 3. A dumb-terminal data 
verification method in which each character must have 
an even number of | bits. 

event counter — Instrument that records and total- 
izes occurring events; can include time of occurrence of 
events. 

event flag — In a computer, an easily implemented 
synchronization mechanism that can be used for passing 
messages and data buffers between two cooperating tasks. 

EW — Abbreviation for electronic warfare. 

E-wave — Designation for TM (transverse magnetic) 
wave, one of the two classes of electromagnetic waves 
that can be sent through waveguides. 

EX — In a calculator, it is the abbreviation for exchange 
key. Interchanges the last entry with the preceding value 
in the calculator. 

exalted-carrier receiver — A receiver that counter- 
acts selective fading by maintaining the carrier at a high 
level at all times. 

exalted-carrier reception— A method of receiv- 
ing either amplitude- or phase-modulated signals in which 
the carrier is separated from the sidebands, filtered and 
amplified, and then recombined with the sidebands al a 
higher level prior to demodulation. 

except gate — A gate in which the specified combi- 
nation of pulses producing an output pulse is the presence 
of a pulse on one or more input lines and the absence of 
a pulse on one or more other input lines. 

exception —In a computer, a condition that is out 
of the ordinary in normal task execution; e.g., arithmetic 
overflow. 

excess carriers— Any carriers present in a semi- 
conductor material or region in addition to those present 
in equilibrium. 

excess conduction — Conduction by excess elec- 
trons in a semiconductor. 

excess electron— An electron introduced into a 
semiconductor by a donor impurity and available to 
promote conduction. An excess electron is not required 
to complete the bond structure of the semiconductor. 

excess fifty—In a computer, a representation in 
which a number N is denoted by the equivalent of 
(N + 50). 
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excess meter— An electricity meter that measures 
and registers the integral, with respect to time, of those 
portions of the active power in excess of the predeter- 
mined value. 

excess minority carriers—In a semiconductor, 
the number of minority carriers that exceed the normal 
equilibrium number. 

excess modified index of refraction —See 
refractive modulus. 

excess noise— Also called current noise, bulk 
noise, and 1/f noise. Noise resulting from the passage 
of current through a semiconductor matenal. 

excess sound pressure — The total instantaneous 
pressure at a point in a medium containing sound waves, 
minus the static pressure when no sound waves are 
present. The unit is the dyne per square centimeter. 

excess-three BCD — Abbreviation for excess-threc 
binary-coded decimal. Pertaining to a code based on 
adding 3 to a decimal digit and then converting the result 
directly to binary form. Use of this code simplifies the 
execulion of certain mathematical operations in a binary 
computer that must handle decimal numbers. 

exchange —To remove the contents of one storage 
unit of a computer and place it in a second, at the same 
time placing the contents of the second storage unit into 
the first. 

exchange cable—A _lead-covered, nonquadded, 
paper-insulated cable used in providing cable pairs 
between local subscribers and a central office. 

exchange code — The three digits following an area 
code in a telephone number. 

exchange key — See EX. 

exchange line—.A line that joins a subscriber or 
switchboard to a commercial exchange. 

exchange plant — Facilities used to serve the needs 
of subscribers, as distinguished from facilities used for 
long-distance communication. 

exchange register — See memory register. 

exciplex —From excited state complex. A chemical 
reaction occurring in certain lasing materials known as 
organic dyes and used for adjusting a laser so that it emits 
light in a color range from near ultraviolet to yellow. 

excitation — 1. Also called stimulus. An external 
force or other input applied to a system to cause it 
to respond in some specified way. 2. Also called drive. 
A signal voltage applied to the control electrode of an 
electron tube. 3. In electric or electromagnetic equipment, 
supplying with a potential, a charge, or a magnetic field. 
4. The addition of energy to a system so as to transfer 
the system from its ground state to an excited state. 
5. That energy which is present in a crystalline material 
as a result of its dynamic interaction with the external 
environment. This includes the energy acquired by the 
material in the form of sound, heat, light, and other forms 
of radiation. 6. Current supplied to energize the field coils 
of a generator. 7. The signal applied to a power amplifier. 
8. The signal applied to a transmitting antenna. 

excitation anode — An auxiliary anode of a pool- 
cathode tube, used to maintain a cathode spot when the 
output current is zero. 

excitation current—The resultant current in the 
shunt field of a motor when voltage is applicd across the 
field. 

excitation energy — The external electrical energy 
required for proper operation of a transducer. 

excitation purity— Also called purity. The ratio 
between the distance from the reference point to the point 
representing the sample and the distance along the same 
straight line from the reference point to the spectrum locus 
or to the purple boundary, both distances being measured 
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(in the same direction from the reference point) on the 
CIE chromaticity diagram. 

excitation voltage — The voltage required for exci- 
tation of a circuit. 

excited-field speaker—A speaker in which the 
steady magnetic field is produced by an electromagnet. 

exciter— 1. In a directional transmitting antenna sys- 
tem, the part connected directly to the source of power, 
such as to the transmitter. 2. A crystal or self-excited 
oscillator that generates the carrier frequency of a trans- 
mitter. 3. A small, auxiliary generator that provides field 
current for an ac generator. 

exciter lamp—1.A high-intensity incandescent 
lamp having a concentrated filament. It is used in making 
variable-area, sound-on-film recording and in reproduc- 
ing all types of sound tracks on film, as well as in some 
mechanical television systems. 2. A light source used in a 
facsimile transmitter to Uluminate the subject copy being 
scanned. 3. Small incandescent lamp whose intense beam 
is focused on the optical sound track of a motion pic- 
ture film. The sound track modulates the beam, which in 
turn is detected by a photocell that produces an electrical 
output that is eventually converted into audible sounds. 

exciter or dc-generator relay—A device that 
forces the dc machine-field excitation to build up during 
starting, or which functions when the machine voltage has 
built up to a given value. 

exciter response — In rotating electrical machinery, 
the rate of change of the main exciter voltage when the 
resistance in the main exciter field circuit is suddenly 
changed. The exciter response may be expressed in volts 
per second or by the numerical value obtained by dividing 
the volts per second by some designated value of voltage, 
such as the nominal collector-ring voltage. 

exciting current — Also called magnetizing current. 
1. The current that flows in the primary of a transformer 
when the secondary is open-circuited. This current pro- 
duces a flux that generates a back emf equal to the applied 
voltage. 2. The current that passes through the field wind- 
ings of a generator. 

exciton — A mobile, electrically neutral, excited state 
of holes and electrons in a crystal. An example is a weakly 
bound electron-hole pair; when such a pair recombines, 
the energy yielded is the bandgap reduced by the binding 
energy of the pair. 

excitron— A type of rectifier tube used in applica- 
tions with heavy power requirements and in power distri- 
bution systems. It has a single anode and a mercury-pool 
cathode and is provided with a means for maintaining a 
continuous cathode spot. 

exclusion principle — The principle that states that 
if particles are considered to occupy quantum states, then 
only one particle of a given kind can occupy any one 
state. Particles differ in kind due to their direction of spin 
momentum, orbit, etc. 

exclusive OR — A function that is valid (its value is 
1) if one and only one of the input variables is valid. The 
exclusive OR applied to two variables is valid, or 1, if 
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the binary inputs are different. The term half-add is often 
applied to the exclusive OR with two input variables. 

exclusive OR function—A logic operation in 
which the result is logically true when only one input 
function is true and false when both inputs are true or 
false. 

exclusive OR gate — 1. A type of gate that produces 
an output when the inputs are the same, but not when 
they are different. 2. An electronic circuit whose output 
is a logical 1 if its two inputs are different, and a logical 
O if they are the same. This follows the rules for binary 
addition if carries are disregarded. For this reason, the 
exclusive OR gate is sometimes known as a half-adder. 

excursion — A single movement away from the mean 
position in an oscillating or alternating motion. 

execute — 1. The process of interpreting an instruc- 
tion and performing the indicated operation (s). 2. To per- 
form a specified computer instruction. To run a program. 
3. The third cycle of the three cycles for program instruc- 
tion execution. During this time, the operation instruction 
is performed. See also decode; fetch. 

execution— 1. The performance of an operation or 
instruction. 2. The performance of a specific operation 
such as would be accomplished through processing one 
instruction, a series of instructions, or a complete pro- 
gram. 

execution time — 1. The time required for a com- 
puter to execute an instruction, usually several machine 
cycles. 2. The total time required for the execution of one 
specific operation, including fetch, decode, and execute 
steps. 

executive instruction — Instruction to determine 
how a specially written computer program is to operate. 

executive routine — In computer operation, a set of 
coded instructions that controls loading and relocation of 
other routines, and in some cases employs instructions 
not known to the general programmer. Effectively, an 
executive routine is a nonhardware part of the computer 
itself, except that it is superimposed on all lower-level 
programs and instructional sets. 

exercisers — 1. Multioutput data generators; e.g., a 
memory exerciser produces, at different sets of out- 
put terminals, data-input words, addresses, and coinci- 
dence/complement signals for an error detector (discrim- 
inator), as well as appropriate write and read commands. 
These instruments are actually small test systems, and 
might properly be classed with them. 2. A test system 
or program for a device, such as memory, disk, or tape, 
designed to detect malfunctions prior to use. 

exhaustion — The removal of gases from a space, 
such as the bulb of a vacuum tube, by means of vacuum 
pumps. 

exit — In a computer, the means of halting a repeated 
cycle of operation in a program. 

exitance — The flux per unit area leaving (diverging) 
from a source of finite area. 

exit angle — The exit angle is the angle between the 
output radiation vector and the axis of the fiber or fiber 
bundle. 

exit delay — The time between turning on a control 
unit and the sounding of a local alarm or transmission 
of an alarm signal on actuation of a sensor on an exit 
door. This delay is used if the authorized access switch 
is located within the protected area and permits a person 
with the control key to turn on the alarm system and to 
leave through a protected door or gate without causing an 
alarm. The delay is provided by a timer within the control 
unit. 

exogeneous variable —A variable whose values 
are determined by considerations outside the model in 
question. See also endogenous variable. 


269 


exosphere — The outermost region of the earth’s 
atmosphere, where the atoms and molecules move in 
dynamic orbits under the influence of the gravitational 
field. 

exothermic — A chemical reaction in which heat is 
produced. 

exothermic reaction — A reaction in which heat is 
given off. 

expand -—To spread out part or all of the trace of a 
cathode-ray display. 

expandable breadboarding system — See micro- 
computer development system. 

expandable gate — A logic gate whose number of 
inputs can be increased by the simple addition of an 
expander block. 

expanded contact— In a semiconductor, any pat- 
tern that has metallization crossing a diffused junction. 

expanded-position-indicator display — An 
expanded display of a sector from a plan-position- 
indicator presentation. 

expanded-scale meter — i. A meter in which the 
catis of deflection per unit of applied energy becomes 
greater as the energy approaches a specified value. 2. A 
meter that confines its measurements to a selected narrow 
zange, which occupies the entire scale of the meter. Lesser 
values are ignored, and no deflection is exhibited until the 
minimum scale value is reached or exceeded. 

expanded scope—A magnified portion of a 
cathode-ray-tube presentation. 

expanded sweep—aA preselected portion of a 
sweep, during which time the electron beam is speeded 
up in a cathode-ray tube. 

expander — 1. A transducer that produces a larger 
range of output voltages for a given amplitude range of 
input voltages. One important type expands the volume 
range of speech signals by employing their envelope. 2. A 
logic block that may be connected easily to an expandable 
gate to make a larger number of logic inputs available. 
3. The part of a compander used at the receiving end 
of a circuit io restore the compressed signal to its orig- 
inal form. It reduces the amplitude of weak signals and 
amplifies strong signals. 4. A device used to restore nat- 
ural dynamic range by counteracting the compression of 
dynamic range used in the making of recordings and in 
broadcasting. 

expander inputs— Gates used for increasing the 
number of logic-performing inputs. 

expandor—A device that reverses the effect of 
analog compression. See also compander. 

expansion — 1. A process in which the effective gain 
applied to a signal is increased for larger signals and 
decreased for smaller signals. 2. In facsimile transmission, 
an increase in the contrast between light and dark portions 
of the transmitted picture. 

expansion board — 1. A circuit board designed to 
fit the bus of a computer in order to add additional ports, 
memory, or functions. 2. A PC board added to a computer 
and giving it added capabilities, such as increasing the 
amount of main memory. 

expansion slot — A socket on the main board of a 
personal computer where an accessory card, or expansion 
board. can be inserted. 

experimental model— An equipment model that 
demonstrates the technical soundness of a basic idea but 
does not necessarily have the same form or parts as the 
final design. 

experimental station — Any station (except ama- 
eur) utilizing electromagnetic waves between 10 kHz and 
3000 GHz in experiments, with a view toward the devel- 
opment of a science or technique. 
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exploring coil— See magnetic test coil. 

explosion-proof motor— A motor designed and 
constructed so as to withstand an internal explosion of 
a specified gas or vapor and to prevent the ignition of the 
Specified gas or vapor surrounding the motor by sparks, 
flashes, or explosions of the specified gas or vapor inside 
the motor casing. 

explosion-proof switch—A switch (UL listed) 
that can withstand an internal explosion of a specified 
gas without causing ignition of surrounding gases. 

explosive atmosphere — The condition in which 
air is mixed with dust, metal particles, or inflammable 
gas in such proportion that it is capable of igniting or 
exploding. 

exponential— Pertaining to exponents cr to an 
expression haying exponents. A quantity that varies in 
an exponential manner increases by the square or some 
other power of a factor, instead of linearly. 

exponential curve — A curve representing the vari- 
ation of an exponential function. 

exponential damping — Damping that follows an 
exponential law. 

exponential decay — The decay of signal strength, 
radiation, charge, or some other quantity at an exponential 
rate. 

exponential horn—-1.A hom whose cross- 
sectional area increases exponentially with axial distance. 
2. Speaker horn (low or high frequency) in which the flare 
rate of the horn follows an exponential curve. 

exponential quantity—A single quantity that 
increases or decreases at the same rate as the quantity 
itself (e.g., the discharge current of a capacitor through a 
noninductive resistor). 

exponential sweep — An electron-beam sweep that 
starts rapidly and slows down exponentially. 

exponential transmission line — A two-conductor 
transmission line whose characteristic impedances yary 
exponentially with the electrical length of the line. 

exponential waveform — A waveform that is char- 
acterized by smooth curves but which possesses pulse 
propertics because it contains numerous constituent fre- 
quencies. The exponential waveform undergoes a rate of 
amplitude change that is either inversely or directly pro- 
portional to the instantaneous amplitude. 

exposure — 1. A measure of the X-ray or gamma 
radiation at any point; it is used to describe the energy 
of the radiation field outside the body. 2. The act of 
subjecting photosensitive surfaces or matter tc radiant 
energy, such as light, to produce an image. 

exposure meter—-In photography, an instrument 
that measures scene brightness and indicates proper lens 
opening and exposure time. 
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expression -— A valid series of constants, variables, 
and functions that can be connected by operation symbols 


expression control — extract 


and punctuated, if necessary, to describe a desired com- 
putation. 

expression control — In an organ, the control that 
regulates the overall volume. Usually operated with the 
right foot. 

extended addressing — An addressing mode in a 
computer that can reach any place in memory. See also 
direct addressing. 

extended-area service — Telephone exchange ser- 
vice, without toll charges, that extends over an area where 
there is a community of interest, in return for a somewhat 
higher exchange service rate. 

extended-cutoff tube — See remote-cutoff tube. 

extended foil capacitor — See noninductive capac- 
itor. 

extended-foil construction — A method of fabri- 
cating capacitors in which two foil electrodes, separated 
by a dielectric, are offset so that they may be wound with 
one foil extending from one end of the winding and the 
other foil extending from the opposite end. 

extended-interaction tube — A microwave tube in 
which a moving electron stream and a traveling electric 
field interact in a long resonator. The bandwidth of such 
a tube is between that of a klystron and a traveling-wave 
tube. 

extended octaves— In an organ, tones above or 
below the notes on the regular keyboard that can be 
sounded only when certain couplers are on. 

extended play — Abbreviated EP. A 45-rpm record 
on a 7-inch disc. It provides 8 minutes of playing time, 
instead of the 5 minutes of a standard 45-rpm disc. 

extended-play tape — Recording tape made with 
thinner base material so that more tape can be spooled 
onto a given size reel. Generally refers to 1-mil (25.4-um) 
or 0.5-mil (12.75-um) thick tapes, as opposed to standard 
1.5-mil (38.1-um) tape. Extended-play tapes are more 
susceptible to stretching, breaking, and print-through than 
standard tapes. 

extended speed range — An extension of the basic 
speed range of a motor by means of field voltage control. 
When operating in this range, the load must be reduced 
to maintain a constant horsepower output to prevent 
overheating of the motor. 

extension — 1. A small computer program that can 
be plugged into a larger one, usually to enhance the main 
program's capabilities. All operating systems use exten- 
sions to enable them to read compact discs. 2. Filenames 
often end with a period followed by additional characters 
known as the file extension. An extension is generally a 
standard abbreviation for a type of file. For example, .text 
is often used for ASCII files, and .ps for PostScript files. 
3. An additional telephone bridged on the same line with 
the main phone. 

extension number—The PBX or Centrex tele- 
phone number associated with a particular caller. 

extent—The physical positions on input-output 
devices occupied by or reserved for a particular data set. 

external armature— A ring-shaped armature that 
rotates around the field magnets of a generator or motor. 

external circuit— All wires and other conductors 
that are outside the source. 

external control devices— All control devices 
mounted external to the control panel. 

external critical damping resistance —The 
value of resistance that must be placed in series or in 
parallel with a galvanometer in order to produce the 
critically damped condition. 

external device—1. An input or output device, 
such as a paper-tape reader, line printer, or magnetic 
tape recorder, under control of a computer. 2. A unit of 
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processing equipment in a computer system external to 
the CPU. 

external feedback —In a magnetic amplifier, the 
ampere-turns of auxiliary windings that assist in equaliz- 
ing the load-winding ampere-turns, thereby reducing the 
control ampere-turns required for control. External feed- 
back may be degenerative to reduce the gain and improve 
the stability of an amplifier. 

externally adjustable timer— A time-delay unit 
that can be adjusted by varying the resistance of the timer 
resistor externally, usually by means of a screwdriver. 

externally caused contact chatter — That chatter 
resulting from shock or vibration imposed on the relay by 
external action. 

externally caused failure —A failure caused by 
an environment outside the design limitations, such as 
excessive loads, voltages, etc., resulting from operator 
error, accident, or failure of another part. 

externally quenched counter tube — A radiation 
counter tube that requires an external circuit to prevent it 
from reigniting. 

external memory — An auxiliary storage unit apart 
from the internal memory of a computer (e.g., magnetic 
tape). 

external photoeffect— The emission of photon- 
excited electrons from the surface of a material after 
overcoming the energy barrier at the surface of a pho- 
toemissive material. 

external photoeffect detector — A photodetector 
in which the energy of each photon incident on the 
detector surface is sufficient to liberate one or more 
electrons; i.e., Planck’s constant times the frequency, 
which is the energy of the photon, is sufficient to 
overcome the work function of the material, and the 
liberated electrons move under the influence of an applied 
electric field. Photoemissive devices make use of the 
external photoeffect. 

external photoelectric effect—The ejection of 
electrons from the surface of a solid by the absorption of 
a sufficient amount of photons. 

external processor loop— See tape monitor. 

external Q—JIn a microwave tube, the reciprocal of 
the difference between the reciprocal of the loaded Q and 
the reciprocal of the unloaded Q. 

external storage — Storage facilities separate from 
the computer itself but holding information in a form 
acceptable to the computer, e.g., magnetic tapes, optical 
discs, etc. 

external wiring — Category of electronic wiring that 
interconnects various subsystems within the weapons 
system. It is frequently subjected to severe environments. 

extinction potential —The lowest value to which 
the plate voltage of a gaseous tube can be reduced without 
cutting off the flow of plate current. 

extinguishing voltage — 1. The voltage across a 
glow lamp when the lamp ceases to glow. 2. The lowest 
anode voltage at which a gas tube can sustain a discharge. 

extraband spurious transmitter output—A 
spurious transmitter output that lics outside the specified 
band of transmission. 

extra-class license — The highest classification of 
United States amateur license. Requirements include a 
code sending and receiving ability of 20 words per minute, 
a knowledge of advanced theory, and the holding of a 
general- or conditional-class license for two years. 

extract — 1. To remove from a set of items of infor- 
mation all those items that meet some arbitrary criterion. 
2. In computer operations, to obtain specific digits from 
a stored word. 3. To form a new word from selected seg- 
ments of given words. 
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extract instruction—-In a digital computer, the 
instruction to form a new word by placing selected 
segments of given words side by side. 

extractor — See filter, 3. 

extra-high performance macros — Computers 
that have a throughput of 160 gigabits per second, and 
a memory size of 256 megabytes. 

extramural absorption — The absorption of light, 
transmitted radically through the cladding of an optical 
fiber, by means of a dark or opaque coating placed over 
the cladding. 

extramural cladding — A layer of dark or opaque 
absorbing coating placed over the cladding of an optical 
fiber to increase internal reflection, protect the smooth 
reflecting wall of the cladding, and absorb scattered or 
escaped stray light that might penetrate the cladding. 

extraneous emission — Any emission of a trans- 
mitter or transponder other than the carrier and those 
sidebands intentionally added to convey intelligence. 

extraneous response — Any undesired response of 
a receiver, recorder, or other susceptible device due to the 
desired signals, undesired signals, or any combination or 
interaction among them. 

extraordinary wave —-One of two components into 
which a sky wave is split in the ionosphere. When viewed 
below the ionosphere in the direction of propagation, il 
has clockwise or counterclockwise elliptical polarization, 
depending on whether the magnetic field of the earth has 
a positive or negative component in the same direction. 
The extraordinary wave is designated by the letter X and 
is called the X-wave. The other component is the ordinary 
wave, or O-wave. 

extra play — Tape recording term. Originally, all 
recording tapes were 1.5-mils (38.1-um) thick, and a 
7-inch (17.8-cm) reel would accommodate about 1200 
feet (365 m) of this tape, for a half-hour of continuous 
recording at 7'/ ips. The later extra-play tapes are 1-mil 
(25.4-um) thick and allow for 45 minutes of recording, or 
15 minutes extra. 

extrapolate — 1. To estimate the value of a function 
for variables lying outside the range in which values of 
the function are known (e.g., to extend the graph of the 
function beyond the plotted points). 2. To estimate the 
values of a function that are less than or greater than 
those alrcady known. 

extrapolation — Estimating the future value of some 
data series based on past observations. Statistical forecast- 
ing represents a common example. 

extraterrestrial noise —Radio disturbances origi- 
nating from sources other than those related to the earth; 
cosmic or solar noise. 

extremely high frequency —-Abbreviated EHF. 
1. The frequency band extending from 30 to 300 GHz. 
2. Any of the radio frequencies in the band 30,000 to 
300,000 MHz. 

extremely low frequency — Abbreviated ELF. A 
frequency below 300 hertz. 
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extrinsic base resistance—The resistance be- 
tween the base terminal of a transistor and the internal 
inaccessible base point in an equivalent circuit. 

extrinsic base resistance-collector capaci- 
tance product—The product of the base resistance 
and collector capacitance of a transistor. It is expressed 
in units of time, since it is an RC tme constant, and 
affects the high-frequency operation of a transistor. 

extrinsic conductance —- The conductance result- 
ing from impurities or external causes. 

extrinsic detector— A photodetector composed of 
semiconductor material whose responsive properties can 
be altered by the addition of impurities to the basic 
material. Copper and mercury-doped germanium are both 
examples of this semiconductor material. 

extrinsic photoconductivity — Photoconductivity 
due to the addition of impurities or external causes. 

extrinsic properties — The properties exhibited by 
a semiconductor as the result of its modification by 
imperfections and impurities in the crystal. 

extrinsic semiconductor— 1. A semiconductor 
with charge carrier concentration dependent on impurities 
or other imperfections. 2. The resulting semiconductor 
produced when impurities are introduced into an other- 
wise nonsemiconductor crystal. The electrical properties 
depend on the impurities. 3. A semiconductor whose elec- 
trical properties are dependent on impurities. 

extrinsic semiconductor material — A semicon- 
ductor material with charge carrier concentration depen- 
dent on impurities or other imperfections. 

extrinsic transconductance — The quotient of a 
small change in collector current divided by the small 
change in emitter-to-base voltage producing il, under 
the condition that other voltages remain unchanged. 
Thus, if an emitter-to-base voltage change of 0.1 voli 
causes a collector-current change of 3 milliamperes (0.003 
ampere), with other voltages constant, the transconduc- 
tance is 0.003 divided by 0.1, or 0.03 siemens. For 
convenience, a millionth of a siemens (which was for- 
merly termed mho), or a microsiemens, is used to express 
transconductance. Thus, in the example, 6.03 siemens is 
30,000 microsiemens. 

extruded cables — Cables with conductors that are 
insulated and formed in a uniform configuration by the 
application of a homogeneous insulation material in a 
continuous extrusion process. 

extrusion— A method of forcing plastic, rubber, or 
elastomer material through an orifice in a more or less 
continuous fashion to apply insulation or jacketing to a 
conductor or cable. 

eyelet— A tubular metal piece having one end (and 
possibly a second) headed or rolled over at a right angle. 

E zone —-In the making of frequency predictions, one 
of three zones into which the earth is divided to show the 
variations of the F, layer with respect to longitude. This 
zone includes Asia, Australia, the Philippines, and Japan. 


f— 1. Letter symbol for femto (107!*). 2. Symbol for 
focal length, frequency. 

F-— 1. Symbol for filament, fuse. 2. Abbreviation for 
Fahrenheit. 3. Letter symbol for farad. 

F— (F-minus or F-negative)— See A— (A-minus 
or A-negative). 

F+ (F-plus or F-positive) —See A+ (A-plus or 
A-positive). 

fA— Letter symbol for femtoampere (107! ampere). 

fabrication holes — See pilot holes. 

fabrication tolerance —In the construction or 
assembly of an equipment or portion of an equipment, 
ihe maximum variation in the characteristics of a part 
that, considering the defined variations of the other parts 
in the equipment, will permit the equipment to operate 
within specified performance limits. 

Fabry-Perot interferometer — A resonant cavity 
bounded by two end mirrors separated so as to produce 
interference for certain allowed optical frequencies. The 
enhancements and cancellations produced by the internal 
reflections are, in fact, optical standing waves. The 
structure can be used as a laser cavity, mode filter, or 
frequency selector. 

face — 1. A plane surface on a crystal that stands in a 
particular and invariable relation to the axes and planes of 
reference and to other faces. 2. Front, or viewing, surface 
of a cathode-ray tube. 3. The portion of a meter bearing 
the scale markings. 

face bonding— 1. A method of attaching active 
devices to thin-film passive networks. The semicon- 
ductor chips are provided with small mounting pads 
turned face down and bonded directly to the end of the 
thin-film conductors on the passive substrate. The term 
includes ultrasonic, solder-reflow, and solder-ball tech- 
niques. 2. Process of bonding a semiconductor chip so 
that its circuitry side faces the substrate. Flip-chip and 
beam-lead bonding are two common methods. (Opposite 
of back bonding.) 

faced crystal —A single or twinned mass of quartz 
bonded in part or entirely by the original growth faces. 

face-parallel cut — A Y-cut for a quartz crystal. 

face-perpendicular cut— An X-cut for a quartz 
crystal. 

facility — 1. A transmission path between two or more 
locations without terminating or signaling equipment, 
2. Anything used or available for use in providing com- 
munication service; a communications path. 

facom—A long-distance measuring or radionaviga- 
tional system that derives information of distances by 
comparing the phases of received and locally generated 
signals. It is a base-line system operating in the low- 
frequency band and will work under adverse propaga- 
tion and noise conditions at ranges of up to 3000 miles 
(4827 km) from the signal source. 
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facsimile — 1. A process or the result of a process 
by which fixed graphic material, including pictures or 
images, is scanned and the information converted into 
electrical signal waves, which are used either locally 
or remotely to produce in record form a likeness (fac- 
simile) of the subject copy. 2. Electronic transmission 
of photographs or documents over a telephone channel. 
3. Technology that allows a paper message to be scanned 
optically, translated into digitally encoded pixels, and sent 
across the public telephone network to a receiving fascim- 
ile (fax) machine, or computer which then reconstructs the 
original image. 

facsimile broadcast station —A station licensed 
to transmit images of still objects for reception by the 
general public. 

facsimile receiver—An instrument designed to 
receive facsimile transmissions and translate them into 
a reproduced image. 

facsimile recorder — Apparatus that reproduces on 
paper the image transmitted by a facsimile system. 

facsimile-signal level — An expression of the max- 
imum signal power or voltage created by a scanning of the 
subject copy as measured at any point in a facsimile sys- 
tem. According to whether the system employs positive or 
negative modulation, this will correspond to picture white 
or black, respectively. It may be expressed in decibels 
with respect to some standard value, such as 1 milliwatt 
or 1 volt. 

facsimile system — An integrated assembly of the 
elements used for facsimile transmission and reception. 

facsimile transmitter — An apparatus employed to 
convert the subject copy into suitable facsimile signals. 

factory calibration — The tuning or altering of a 
circuit by the manufacturer to bring the circuit into 
specification. Normally siated as a percent deviation. 

fade — 1. The gradual lowering in amplitude of a sig- 
nal. 2. A gradual change of signal strength. 3, To change 
the strength of a signal gradually. 4. Reducing signal level 
until it is largely attenuated or completely inaudible (faded 
away). Short fades occur almost immediately; long fades 
take from 5 to 30 seconds. Fades are most often done at 
the end of a recording. 

fade chart—A graph of the null areas of an air- 
search radar antenna; it is used as an aid in estimating 
target altitude. 

fade in — To increase the signal strength gradually in 
a sound or television channel. 

fade out— 1. The gradual decrease in signal strength 
in a sound or television channel. 2. The cessation or near 
cessation of radio-wave propagation through parts of the 
ionosphere due to a sudden atmospheric disturbance. 

fader — 1. A multiple-unit control used in radio for 
gradual changeover from one microphone or audio chan- 
nel to another; in television, from one camera to another; 
and in motion-picture projection, from one projector to 
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LEDs in Series and Parallel 


You learned (or were reminded of) a few of the basic characteristics of LEDs in the previous section, 
although it was really to help illustrate the operation of resistors in series and parallel. A couple of major 
oversimplifications were introduced to help concentrate on the resistor. We’ll address a couple of these 
issues here. 

Lighting up a single LED using a battery and a fixed current-limiting resistor is fun, but it’s pretty 
basic stuff. Lighting up a Jot of LEDs is where it gets to be a lot of fun. To do so, you need to learn a little 
more about the weirdness that is semiconductor. 

LEDs are diodes (LED stands for light-emitting diode, after all). Diodes are semiconductors and are 
made by elves in a hollow tree. Semiconductors do not have nice linear voltage-to-current curves. 

For the purposes of simplicity, in the previous section, it was suggested that LEDs have a certain 
minimum voltage that they need to operate. This is called their forward voltage, and is sometimes 
referred to as their voltage drop within a circuit. So far, this is all true. You can find an LED’s forward 
voltage specification in the data sheet published by the manufacturer. 

What you!!! find, when you look, is that every manufacturer only publishes a range of voltages, such 
as 1.8V-2.2V, giving a minimum and a maximum voltage. This is what they are contractually obligated to 
deliver in their product. Anything outside of this range is considered defective, or at least out of 
tolerance. You might get a good deal on “rejects” that fall outside these parameters but still light up quite 
nicely. Such is the provenance of many of the penny LEDs available from overseas. Yes, they exist. And 
yes, you get what you pay for. 

There are two reasons why LED manufacturers are being so deliberately vague in their 
specifications. The first is that process variations are going to produce a certain randomness to these 
values. One batch might be identical to the next batch, but then the third batch might be all over the 
place. Such things happen. 

The second reason is where the real weirdness begins. Forward voltage is not a fixed value in any 
given device, but instead increases as the current increases. Again, this increase is nonlinear and cannot 
be calculated with a simple formula. 

The best way to demonstrate this to yourself is to connect an LED to a power source via a variable 
resistor, such as a potentiometer. For the protection of your LED, add a fixed resistor in series with the 
potentiometer so that you establish a maximum current level, even when the potentiometer is turned all 
the way up (i.e., has almost zero resistance). 

Now apply power and adjust the potentiometer until the LED just barely lights up. Now measure the 
voltage across the terminals of the LED, using a voltmeter. It should be in the neighborhood of 2V-3V. 
For extra credit, measure the current flowing through the LED, using an ammeter. This measurement 
will most likely be less than 1mA. 

Compare these readings to what you find when the LED is at full brightness. The forward voltage 
across the LED goes up as the current goes up. To map the nonlinearity of this function, you would need 
to record many readings of both voltage and current, and then plot them in a graph. 

Just as you can wire resistors, capacitors, and inductors in series and in parallel, you can do the 
same with LEDs. As with resistors, the forward voltage of the LEDs are added together when arranged in 
a series circuit. This raises the minimum voltage required to light up a string of LEDs in series. This 
means that you can’t light up ten LEDs in a single string using a 9V battery. You have to first overcome 
the minimum forward voltage just to get any current at all flowing. Then you have to up the current to 
get the desired brightness, which simultaneously raises the total forward voltage through the circuit. You 
still need a current-limiting resistor in this circuit—but only one is needed. You don't have to have one 
for each LED. 

The amount of current flowing through the string of LEDs is determined by the supply voltage, the 
cumulative forward voltage of all the LEDs, and the resistance of the current-limiting resistor. The same 
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another. 2. A control or group of controls for effecting 
fade in and fade out of video or audio signals. 

fading — ł. A drift in the level of received radio 
signals beyond intelligibility. It is often caused by changes 
in the upper atmosphere. 2. Variations in intensity of 
some or all components of a received (radio) signal due 
io changes in the propagation path. 3. Deliberate slow 
reduction of signal level by means of the volume control. 

fading margin —— The number of decibels of atten- 
uation that can be added to a specified radia-frequency 
propagation path before the signal-to-noise ratio of the 
channel falls below a specified minimum. 

Fahnestock clip — A spring-type terminal to which 
a temporary connection can readily be made. 

Fahrenheit temperature scale —A temperature 
scale in which the freezing point of water is defined as 32° 
and the boiling point as 212* under normal atmospheric 
pressure (760 mm of mercury). 

fail hardover — Failure that results in a steady-state 
maximum system output with no input signal. 

fail-safe — 1. Describing a circuit or device that fails 
in such a way as to maintain circuit continuity or prevent 
damage. 2. A feature of a system or device that initiates 
an alarm or trouble signal when the system or device 
either malfunctions or loses power. 3. A control system 
that either continues to function safely after a failure or 
lapses into a predefined condition known to be safe. 

fail-safe circuit—A circuit that has an output state 
that indicates that cither a circuit input or the circuit itself 
has failed. Finds circuit application in complex systems 
where self-healing subsystems exist. When a subsystem 
failure is detected, a backup subsystem is automatically 
inserted. 

fail-safe control— A system of remote control for 
preventing improper operation of the controlled function 
in event of circuit failure. 

fail-safe operation — An electrical system so de- 
signed that the failure of any component in the system 
will prevent unsafe operation of the controlled equipment. 

fail soft— 1. An active failure that can be compen- 
sated for by the system, or one in which the operator 
can safely assume control. 2. A method of system imple- 
mentation that prevents irrecoverable loss of computer 
usage due to failure of any system resource. It provides 
for graceful degradation of service. 

fail-soft system —A system in a computer that 
continues io process data despite the failure of parts of 
the system. Usually accompanied by a deterioration in 
performance. 

failure — 1. The inability of a system, subsystem, 
component, or part to function in the required or specified 
manner. 2. The termination of a capability of an item to 
perform its required function. 

failure-activating cause —A stress or force (e.g., 
shock or vibration) that induces or activates a failure 
mechanism. 

failure analysis — 1. Examination of electronic parts 
to determine the cause of performance variations outside 
previously established limits, for the purpose of identify- 
ing failure modes and failure-activating causes. 2. The 
logical, systematic examination of an item or its dia- 
gram(s) to identify and analyze the probability, causes, 
and consequences of potential and real failures. 

failure indicator— The observed characteristic that 
shows that an item is defective. 

failure mechanism--—1. A structural or chemical 
defect, such as corrosion, a poor bond, or surface inver- 
sion, that causes failure. 2. The process of degradation 
or chain of events that results in a particular failure 
mode. 3. The basic chemical or physical change that 
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results in a catastrophic, degradation, or intermittent fail- 
ure. 4. Underlying physica] or chemical phenomenon that 
causes a failure. See failure mode, Í. 

failure mode--1. Also called failure mechanism. 
The manner in which a failure occurs, including the 
operating condition of the equipment or part at the time 
of the failure. 2. An electrical parameter that is sensitive 
to degradation and therefore is useful in the identification 
of failure mechanisms. 3. A catastrophic, degradation, or 
intermittent failure, usually in the form of opens, shorts, 
or parameters out of specification. 

failure rate— Also called hazard. 1. The average 
proportion of units failing per unit of time, normally 
expressed in percent per thousand hours. It is used 
in assessing the life expectancy of a device. To be 
meaningful, a statement of the failure rate must be 
accompanied by complete information regarding the 
testing conditions, failure criteria, parameters monitored, 
and confidence level. 2. The statistical probability of the 
incidence of catastrophic failure in a large number of 
identical components operated continuously for a given 
period under stated environmental conditions. Usually 
expressed as maximum percentage of units predicted to 
fail under continuous service at maximum rated power (or 
voltage, if that limit is reached first) at a stated ambient 
temperature. 3. Expected number of failures in a given 
time interval under specified conditions. 

failure unit—One failure in 10? device operating 
hours. 

fall-in —In a synchronous motor, the point at which 
synchronous speed is reached. 

fallouts — See transistor seconds. 

fall time — 1. The length of time during which a pulse 
is decreasing from 90 to 10 percent of its maximum 
amplitude. 2. A measure of time required for a circuit 
to change its output from a high level (1) to a low 
level (0). 3. The time required for the pointer of an 
electrical indicating instrument to move from a steady 
full-scale deflection to 0.1 (+ specified tolerance) of full 
scale when the instrument is short circuited. 4. The time 
interval between the instants at which the magnitude of 
the pulse at the output terminals of a switching transistor 
reaches specified upper and lower limits, respectively, 
when the transistor is being switched from its conducting 
to its nonconducting state. The upper and lower limits are 
usually 90 and 10 percent, respectively, of the amplitude 
of the output pulse. 

false add — To form a partial sum; that is, to perform 
an addition without carries. 

false alarm — 1. A radar indication of a detected tar- 
get even though one does not exist. It is caused by noise or 
interference levels that exceed the set threshold of detec- 
tion. 2. An alarm signal transmitted in the absence of an 
alarm condition. These may be classified according to 
causes: environmental, e.g., rain, fog, wind, hail, Hight- 
ning, temperature; animals, e.g., rats, dogs, cats, insects; 
human-made disturbances, e.g., sonic booms, electromag- 
netic interference, vehicles; equipment malfunction, e.g., 
transmission errors, component failure; operator error: and 
unknown. 

false course — In navigation normally providing one 
or more course lines, a spurious additional course-line 
indication due to undesired reflections or maladjusted 
equipment. 

false-echo device— A device for producing an 
echo different from that normally observed. 

false statement— A statement having a value of O 
in Boolean algebra. 

falsing —Extraneous signal or signals that cause a 
decoding device to operate without the normal input of 
proper encoding signals. 
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FAMOS — Abbreviation for floating-gate avalanche- 
injection MOSFET. A type of MOSFET capable of long- 
term memory storage; used in EPROMs. 

fan— 1. The volume of space energized periodically 
by a radar beam(s) as it repeatedly traverses an established 
pattern. 2. An air-moving machine used to cool electronic 
circuitry in applications in which natural convection and 
radiation cooling are insufficient. Employed in electronics 
enclosures, fans are capable of moving air past the heat- 
radiation surfaces of the various active components or 
their associated heat sinks. The terms fan and blower are 
sometimes used interchangeably. In practice, however, the 
fan is a machine with an axially mounted impeller or fan 
blade, whereas the blower is one with a paddle-wheel- 
shaped impeller that draws air in at the side and exhausts 
it at the end. 3. An axial low-pressure device capable of 
providing high air flow parallel to the axis of the motor 
shaft. Available in several types, including the tube-axial 
with integral venturi porting and, in open construction, 
without venturi porting. 

fan antenna— See double-V antenna. 

fan beam—A field pattern having an elliptically 
shaped cross section in which the ratio of major to minor 
axes usually exceeds 3 to 1. 

fan-in— 1. The number of inputs that can be con- 
nected to a logic circuit. 2. The number of operating 
controls in a single device that individually or in combina- 
tion result in the same output from the device. 3. Number 
of units that can be input-connected to a single similar 
unit. 

fan-in circuit—A circuit that has many inputs 
feeding to a common point. 

fan marker—A radio signal having a vertically 
directed fan beam that tells the pilot the location of his 
aircraft while flying along a radio range. 

fanned-beam antenna — A unidirectional antenna 
so designed that transverse cross sections of the major 
lobe are almost elliptical. 

fanning beam—aA narrow antenna beam that is 
scanned repeatedly over a limited arc. 

fanning strip—An insulated board, often made of 
wood, that spreads out the wires of a cable for distribution 
to a terminal board. 

fan-out— 1. The number of parallel loads within a 
given logic family that can be driven from one output 
mode of a logic circuit. 2. To spread a group of con- 
ductors, such as a cable end, apart so that each can be 
individually tested or identified. 3. The number of stan- 
dard loads that can be driven by a circuit output in a 
logic family. A standard load is the current required to 
switch the basic gate of the family. 4. In a digital circuit, 
the number of other ICs that can be driven by the device. 
5. The number of elements that can be operated in parallel 
from a single similar element. “Similar” in this case refers 
to operating parameters such as impedance and does not 
mean identical function devices. 

fan-out circuit— A circuit that has a single output 
point that feeds many branches. 

“fantasy” decoder— A type of descrambler used 
for satellite descrambling. It uses a 94-kHz sine-wave 
scrambling plus video inversion. Audio is encoded on a 
15.7-kHz carrier that is one-sixth that of the scrambling 
sine wave. The 94-kHz sine wave is not an exact multiple 
of the scan rate, in general. 

farad —The capacitance of a capacitor in which a 
charge of 1 coulomb produces a change of | volt in the 
potential difference between its terminals. The farad is the 
unit of capacitance in the mksa system. 

faraday— A unit equal to the number of coulombs 
(96,500) required for an electrochemical reaction involv- 
ing one electrochemical equivalent. In an electrolytic 
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process, 1 gram equivalent weight of matter is chemically 
altered at each electrode for 1 faraday of electricity passed 
through the electrolyte. 

Faraday cage — See Faraday shield. 

Faraday dark space — The relatively nonluminous 
region between the negative glow and the positive column 
in a glow-discharge cold-cathode tube. See also glow 
discharge. 

Faraday effect— 1. The rotation of the plane of 
polarization of radio waves as they pass though the 
ionosphere in the earth’s magnetic field. This effect 
produces a decoupling loss between linearly polarized 
antennas. 2. The rotation of the plane of polarization 
that occurs when a plane-polarized beam of light passes 
through certain transparent substances in a direction 
parallel to the lines of force of a strong magnetic field. 
This effect also governs the action of a ferrite rotator in 
a waveguide. 

Faraday rotation — 1. Rotation of a signal’s polar- 
ization caused by the atmosphere’s E- and F-layers. 
2. The apparent rotation of the plane of polarization of 
a linearly polarized wave as it passes through a medium 
(e.g., a ferrite material) that has a different propagation 
constant for each of the two component waves of opposite 
rotational sense. 

Faraday screen — See Faraday shield. 

Faraday shield— Also called Faraday screen or 
Faraday cage. 1. A network of parallel wires connected 
to a common conductor at one end to provide electro- 
static shielding without affecting electromagnetic waves. 
The common conductor is usually grounded. 2. An elec- 
trostatic shield between input and output windings of a 
transformer. This is done to reduce capacitive coupling 
between the input and output of the power supply. 

Faraday’s laws — 1. The mass of a substance liber- 
ated in an electrolytic cell is proportionate to the quantity 
of electricity passing though the cell. 2. When the same 
quantity of electricity is passed through different elec- 
trolytic cells, the masses of the substances liberated are 
proportionate to their chemical equivalents. 3. Also called 
the law of electromagnetic induction. When a magnetic 
field cuts a conductor, or when a conductor cuts a mag- 
netic field, an electric current will flow through the con- 
ductor if a closed path is provided over which the current 
can circulate. 

faradic current— An intermittent and nonsymmet- 
rical alternating current, such as that obtained from the 
secondary winding of the induction coil. 

faradmeter — An instrument for measuring electric 
Capacitance. 

far-end crosstalk — Crosstalk that travels along the 
disturbed circuit in the same direction as the signals in 
that circuit. To determine the far-end crosstalk between 
two pairs, 1 and 2, signals are transmitted on pair | at 
station A, and the crosstalk level is measured on pair 2 at 
station B. 

far field—The space beyond the near field of an 
antenna, in which radiation is essentially confined to a 
fixed pattern, and power density along the axis of the 
pattern falls off inversely with the square of the distance. 

far-field region — That region of the field of an 
antenna where the angular field distribution is essentially 
independent of the distance from the antenna. 

far-infrared radiation — That radiation composed 
of the wavelengths falling between light and microwaves, 
ranging from 10 to 2000 micrometers. The portion of the 
infrared spectrum that contains the longest wavelengths. 

Farnsworth image-dissector tube—A special 
cathode-ray tube for use in television cameras. 
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far-ultraviolet radiation — That radiation charac- 
terized by wavelengths ranging from 0.2 to 0.3 micro- 
meter in the electromagnetic spectrum. 

far zone — The region distant from a radio transmit- 
ting antenna in which the radiation field is stronger than 
the induction field and in which the intensity of the radia- 
tion field varies inversely with the square of the distance 
from the antenna. 

FAST — Acronym for Fairchild advanced Schottky 
TTL (Fairchild Camera & Instrument Corp.). A family of 
high-speed TTL logic that uses very small, low-junction- 
capacitance transistors. 

fast-access storage —In a computer memory or 
storage, the section from which information may be 
obtained most rapidly. 

fast answerback — See calculator mode. 

fast automatic gain control—A radar AGC 
method in which the response time is long compared with 
a pulse width, but short compared with the time on target. 

fastener —A device used to secure a conductor (or 
other object) to the structure that supports it. 

fast forward — 1. The provision on a tape recorder 
permitting tape to be run rapidly through the recorder 
in the play direction, usually for search or selection 
purposes. 2. High-speed winding (shuttling) of tape from 
the supply reel onto the takeup reel. 

fast-forward control -—A tape-recorder control that 
permits running the tape through the machine rapidly in 
the forward direction. 

fast Fourier transform — Abbreviated FFT. A com- 
putationally efficient mathematical technique that converts 
digital information from the time domain to the frequency 
domain for rapid spectral analysis. FFTs generally utilize 
a lime-weighting function to compensate for data records 
with a uoninteger number of samples. 

fast groove -— Also called fast spiral. In disc record- 
ing, an unmodulated spiral groove having a much greater 
pitch than the recorded grooves. 

fast-operate, fast-release relay —A high-speed 
relay designed specifically for both short operate and short 
release times. 

fast-operate relay —A high-speed relay designed 
specifically for short operate and long release times. 

fast-operate, slow-release relay —A relay de- 
signed specifically for short operate and long release 
times. 

fast-release relay— A high-speed relay designed 
specificaliy for short release but not short operate time. 

fast spiral — See fast groove. 

fast time constant— An antijamming device used 
in radar video-amplifier circuits. It differentiates incoming 
pulses so that only the leading edges of the pulses are 
used. 

fatal error — An error that causes a program to abort. 

fatigue — The weakening of a material under repeated 
Stress. 

fault—1. A defect in a wire circuit due to uninten- 
tional grounding, a break in the line, or a crossing or 
shorting of the wires. 2. A disturbance (such as lightning) 
that impairs normal operation. 3. A failure of a hardware 
or software component in a system that may Jead to a 
system failure or error or some other manifestation that 
can be detected by a user. 4. An anomaly that prevents 
the correct operation of the device. 

fault current — 1. The current that may flow in any 
part of a circuit or amplifier under specified abnormal 
conditions. 2. The current in a circuit that results from loss 
of insulation between conductors or between a conductor 
and ground. 
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fault dictionary — A set of fault signatures, each of 
which indicates the probable faults that could cause the 
error message matching the signature. 

fault electrode current— The peak current that 
flows through an electrode during a fault, such as an 
arcback or a load short circuit. 

fault finder-—A test set for locating troubles in a 
telephone system. 

fault indicator — Equipment that provides an instan- 
taneous alarm, both visual and audible, of failures 
detected in the various components of its assorted equip- 
ment, 

fault isolation — 1. The process of identifying and 
locating failures in a unil under test. 2. Determining the 
cause of a test failure, typically by identifying a defective 
component or process failure on a board. 

fault-isolation resolution — The average number 
of components to which a fault can be isolated. 

fault model-— A set of data that logically describes 
the operations of a device or circuit containing one or 
more faults. 

fault signature — 1. Data representing the outputs of 
a known good unit and used to compare against outputs 
of a unit under test. 2. A particular output response or set 
of responses generated when a test program is executed 
on a device containing a faull. A typical fault signature 
consists of the incorrect output pin numbers and the test 
step number at which a test program first detects a fault. 

fault simulation — The process of injecting faults 
during a simulation run to determine the test comprehen- 
siveness of an input pattern. 

fault-tolerant — Refers to a computer program or 
system in which some parts may fail and the program 
or system will still execute properly. 

fault-tolerant circuits — Circuits that are designed 
so that they could continue to function properly even 
though part of the circuit failed. 

Faure plate — A storage-battery plate consisting of a 
conductive lead grid filled with aclive paste material. 

fax or FAX—1. Abbreviation for facsimile. 2. A 
scanner/printer combination that transmits text and graph- 
ics over telephone lines. It uses CCITT Group 3 data 
compression techniques. Small paper documents can be 
transmitted over long distances very quickly, but the infor- 
mation 1s not represented as structured data elements, as 
in EDI. 

fax modem— A device connected to a personal 
computer, giving it the ability to send or receive electronic 
messages or images over telephone lines. 

fc —-Letter symbol for footcandle. 

FCC — Abbreviation for Federal Communications 
Commission. 

F-connector—A small. metallic, male-type con- 
necting device with internal threads that attach to the end 
of a coaxial cable to secure and electrically connect the 
coax to a female F-fitting. The internal threads of the male 
connector screw onto the external threads of the female 
connector. 

F/D — See focal distance-to-diameter ratio. 

FDDI— See fiber distributed data interface. 

F-display — Also called F-scan or F-scope. In radar, 
a rectangular display in which a target appears as a 
centralized blip when the radar antenna is aimed at it. 
Horizontal and vertical aiming errors are indicated by the 
horizontal and vertical displacement of the blip. 

FDM — See frequency-division multiplexer and fre- 
quency-division multiplexing. 

FDMA — Abbreviation for frequency-division multi- 
ple access. A method of sharing the capacity of a satellite 
transponder by assigning each earth terminal a portion 
of the transponder's bandwidth, into which the terminal 
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places a carrier modulated by its information. The carner 
can be received by all other earth terminals. 

FDX — See full duplex. 

feasibility study— An investigation of the advan- 
tages and disadvantages of using an alternative approach 
over the presently used approach. 

FEC — Abbreviation for forward error correction. 
l. Used to describe equipment that corrects transmission 
errors at a receiver. The technique provides for transmis- 
sion of additional information with the original bit stream 
so that if an error is detected, the receiver can recreate the 
correct information without a retransmission. 2. A system 
of data transmission in which redundant bits generated at 
the transmitter are used at the receiving terminal to detect, 
locate, and correct any transmission errors before delivery 
to the data sink. The advantage of this system is that it 
does not require a feedback channel; therefore, it can be 
used with a one-way transmission system. 

Federal Communications Commission — Abb- 
reviated FCC. A U.S. federal government agency made 
up of a board of seven commissioners appointed by the 
president under the Communications Act of 1934, having 
the power to regulate all interstate and foreign radio 
communication originating in the United States, including 
radio, television, facsimile, telegraph, telephone, and 
cable systems. 

federal telecommunications system — System 
of commercial telephone lines, leased by the government, 
for use between major government installations for official 
telecommunications, 

feedback — |. In a transmission system or a section 
of it, the returning of a fraction of the output to the 
input. 2. In a magnetic amplifier, a circuit connection 
by which an additional magnetomotive force (which 1s 
a function of the output quantity) is used to influence 
the operating condition. 3. In a control system, the 
signal or signals returned from a controlled process to 
denote its response to the command signal, Feedback is 
derived from a comparison of actual response to desired 
response, and any variation is used as an error signal 
combined with the original control signal to help attain 
proper system operation. Systems employing feedback 
are termed closed-loop systems; feedback closes the 
loop. 4. Squeal or howl from a speaker caused by 
speaker sound entering microphone of same recorder or 
amplifier. 5. The return of a portion of the output of a 
circuit or device to its input. With positive feedback, 
the signal fed back is in phase with the input and 
increases amplification, but may cause oscillation. With 
negative feedback, the signal is 180° out of phase with 
the input and decreases amplification but stabilizes circuit 
performance and tends to lower an amplifier’s output 
impedance, improve signal stability, and minimize noise 
and distortion. 6. The process of coupling some of the 
output of an amplifier back to its input. Negative feedback 
reduces the gain of an amplifier, but has compensating 
beneficial results. Positive feedback can be used to boost 
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gain (regeneration), but usually results in oscillation. 
7. The flow of information back into the control system 
so that actual performance can be compared with planned 
performance. 8. The transfer of a portion of energy from 
one point in an electrical system to a preceding point. The 
transfer may be either electrical or acoustical. 

feedback admittance — In an electron tube, the 
short-circuit transadmittance from the output electrode to 
the input electrode. 

feedback amplifier— An amplifier that uses a 
passive network to return a portion of the output signal 
to modify the performance of the amplifier. 

feedback attenuation — In the feedback loop of an 
operational amplifier, an attenuation factor by which the 
output voltage is attenuated to produce the input error 
voltage. 

feedback circuit —A circuit that permits feedback 
in an electronic device. 

feedback compensation — The placement of a 
device, or an additional circuit, into a feedback control 
system to improve its response in relation to a specific 
characteristic of a system. 

feedback control— 1. A type of system control 
obtained when a portion of the output signal is operated 
upon and fed back to the input in order to obtain a desired 
effect. 2. An automatic means of sensing speed variations 
and correcting to maintain a constant speed or close speed 
regulation. 3. Guidance technique used by robots to bring 
the end effector to a programmed point. 

feedback control loop—A closed transmission 
path that includes an active transducer and consists of 
a forward path, a feedback path, and one or more mixing 
points arranged to maintain a prescribed relationship 
between the loop input and output signals. 

feedback control signal— That portion of the 
output signal that is returned to the input in order to 
achieve a desired effect, such as fast response. 

feedback control system— 1. A control system 
comprising one or more feedback control loops; it com- 
bines the functions of the controlled signals and com- 
mands, tending to maintain a prescribed relationship 
between the two. 2, A system designed to control the out- 
put quantity of a device by returning a portion of its output 
signal back to its input. This results in the manipulation of 
the input quantity so that the desired relationship between 
the input and output signals can be maintained. 

feedback cutter — An electromechanical transducer 
that performs like a disc cutter except it is equipped with 
an auxiliary feedback coil in the magnetic field. Signals 
exciting the cutter are induced into the feedback coil, 
the output of which is fed back in turn to the input of 
the cutter amplifier. The result is a substantially uniform 
frequency response. 

feedback diode — See freewheeling diode. 

feedback loop—The components and processes 
involved in using part of the output as an input for 
correction or control of the operation of a system. 

feedback oscillator — An oscillating circuit, includ- 
ing an amplifier, in which the output is coupled in phase 
with the input. The oscillation is maintained at the fre- 
quency determined by the parameters of the amplifier 
and the feedback circuits, such as LC, RC, and other 
frequency-selective elements. 

feedback path—lIn a feedback control loop, the 
transmission path from the loop output signal to the loop 
feedback signal. 

feedback regulator— A feedback control system 
that tends to maintain a prescribed relationship between 
certain system signals and other predetermined quantities. 
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feedback sense voltage — The voltage, referred to 
ground, on the feedback terminal of a regulator while it 
is Operating in regulation. 

feedback transfer function — In a feedback con- 
trol loop, the transfer function of the feedback path. 

feedback winding—lIn a saturable reactor, the 
control winding to which a feedback connection is made. 

feeder — 1. A conductor or group of conductors con- 
necting two generating stations, two substations, a gener- 
ating station and a substation or feeding point, a substation 
and a feeding point, or a transmitter and antenna. 2. A 
set of conductors between a main distribution center and 
secondary ones. A radial feeder supplies energy from one 
source to a substation or a feeding point that does not 
receive energy from any other source. The normal flow 
of energy in such a feeder is in one direction only. 3. The 
circuit conductors between the service equipment and the 
branch circuit overcurrent device. 4. A transmission line 
between an antenna and a radio transmitter or receiver. 

feeder cable— Also called trunk cable. 1. A com- 
munication cable extending from the central office along 
a primary route (main feeder cable), or from a main feeder 
cable along a secondary route (branch feeder cable), and 
providing connections to one or more distribution cables. 
2. In a CATV system, the transmission cable from the 
head end (signal pickup) to the trunk amplifier. 

feeder link— A radio link between an earth station 
and a satellite, conveying information for a space radio- 
communication service other than a fixed-satellite service. 
In the broadcasting-satellite service, all feeder links are 
uplinks (from the earth to the satellite), but in the mobile- 
satellite service, feeder links can be both uplinks and 
downlinks. 

feed-forward — A frequency-compensation techni- 
que in operational amplifiers. A small-value capacitor is 
used to bypass a gain stage that has poor performance at 
high frequency. 

feed function—-In automatic control of machine 
tools, the relative motion between the work and the 
cutting tool (excluding the motion provided for removal 
of material). 

feed holes — A series of small holes in perforated 
paper tape that convey no information, but are solely for 
the purpose of engaging the feed pawls or sprocket that 
transports the tape over the sensing pins of various reading 
devices. 

feedhorn — |. A satellite TV receiving antenna com- 
ponent mounted at the focal point of a parabolic dish 
that collects the signal reflected from the main surface 
reflector and channels this signal into the low-noise ampli- 
fier (LNA). 2. A device that collects microwave signals 
reflected from the surface of an antenna. It is mounted at 
the focus of all prime focus parabolic antennas. 

feed pitch— The distance between the centers of 
adjacent feed holes in a tape. 

feed reel — Also called stock, supply, or storage reel. 
On a tape recorder, the reel from which the tape unwinds 
while playing or recording. 

feedthrough — 1. The accidental or unintentional 
transfer of a signal from one track to another on a mul- 
titrack tape. 2. The use of special connectors to pass 
conductors through bulkheads or panels. Contacts can be 
male on one side and female on the other, or they can be 
male on both sides or female on both sides. Feedthrough 
connectors differ from rack-and-panel types in that con- 
nection can be made on both sides of the panel. 3. A 
conductor through the thickness of a substrate, thereby 
electrically connecting both surfaces. 4. The change in 
the output voltage of a sample/hold circuit in the hold 
mode caused by a voltage change in the input. Measured 
in decibels of attenuation. 
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feedthrough capacitor —1. A feedthrough insula- 
tor that provides a desired value of capacitance between 
the feedthrough conductor and the metal chassis or panel 
through which the conductor is passing. Used chiefly for 
bypass purposes in UHF. 2. A coaxial capacitor with a 
central current-carrying conductor, or a conductor con- 
nected with a current-carrying rod surrounded by a capac- 
itor element, that is symmetrically bonded to the center 
conductor and to the outer casing to form a coaxial con- 
struction. 

feedthrough insulator-—A type of insulator that 
permits wire or cable to be fed through walls, etc.. with 
minimum. current leakage. 

feed-thru connection — See thru-hole connection. 

female — Pertaining to the recessed portion of a 
device into which another part fits. 

female contact— A contact located in an insert or 
body in such a manner that the mating contact is inserted 
in the unit. This is similar in function to a socket contact. 

femto-— Prefix meaning 107!%, Leiter symbol: f. 

femtoampere— A unit of current equal to 107! 
ampere. Letter symbol: fA. 

femtovolt— A unit of voltage equal to 107" volt. 
Letter symbol: fV. 

fence—1.A line or system of early-warning radar 
stations. 2. A concentric steel fence placed around a 
ground radar transmitting antenna to act as an artificial 
horizon and suppress ground clutter that would otherwise 
mask weak signals returned from a target at a low angle. 

fence alarm— Any of several types of sensors used 
to detect the presence of an intruder near a fence or any 
attempt by an intruder to climb over, go under, or cut 
through the fence. 

Fermi-Dirac distribution— A mathematical des- 
cription of the way in which the current carriers present 
in a crystalline material have energies distributed above 
and below the Fermi level; this distribution is a function 
of the excitation of the material. 

Fermi level — The value of electron energy at which 
the Fermi distribution function is one-half. The average 
carrier level of a semiconductor region. Hence, a semicon- 
ductor crystal in equilibrium has a constant Fermi level 
throughout. 

ferpic — Fertoelectric ceramic picture device. A sand- 
wichlike structure made up of transparent electrodes, a 
photoconductive film, and a thin plate of fine-grained fer- 
roelectric ceramic. The device stores images in the form of 
a variation of the birefringence of the ceramic plane (that 
is, as a variation in the way the plate transmits polarized 
light). 

ferreed — An electromechanical switch that combines 
the rapid switching of bistable magnetic material with 
metallic contacts to produce output indications that persist 
as long as desired without further application of power. 
Describes any relay whose contact assembly of individual 
magnetic reeds is sealed in an evacuated glass tube, 
operated by an external winding. When operated, it is 
held by magnetism until released by a current pulse. 

ferret — An aircraft, ship, or vehicle especially equip- 
ped for ferret reconnaissance. 

ferret reconnaissance — A form of reconnaissance 
that detects, locates, and analyzes enemy radars. It is a 
passive technique that listens for signals transmitted by 
enemy radars and thus cannot be jammed. The maximum 
effective range is limited only by the radio horizon. Ferret 
systems flown at altitudes of a few miles can accurately 
locate and analyze radars 300 miles (483 km) away. 
Ferret is an all-weather reconnaissance technique, and no 
camouflage system works against a properly designated 
ferret. 
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ferri- —Prefix indicating a material having a net 
dipole moment. 

ferric oxide (Fez203) —A red, iron oxide coating for 
magnetic recording tapes. 

ferrimagnetic amplifier— A microwave amplifier 
utilizing ferrite material in the coupling inductors and 
transformers, 

ferrimagnetic limiter—A power limiter used to 
replace tr tubes in microwave systems. Its operation is 
based on a ferrimagnetic material, such as a piece of 
ferrite or garnet, that exhibits nonlinear properties. 

ferrimagnetic materials—Those materials in 
which spontaneous magnetic polarization occurs in 
nonequivalent sublattices; the polarization in one 
sublattice is aligned antiparallel to the other. 

ferrimagnetism — A type of magnetism that, because 
the magnetic moment of neighboring ions tends to align 
antiparallel, appears microscopically similar to antifer- 
romagnetism. The fact that these moments may be of 
different magnitudes allows a large resultant magnetiza- 
tion that macroscopically resembles ferromagnetism. 

ferristor—A two-winding ferroresonant magnetic 
amplifier that operates on a high carrier frequency. A 
two-winding saturable reactor that may be connected as a 
coincidence gate, current discriminator, free-running mul- 
tivibrator, oscillator, or ring counter. 

ferrite — 1. Also called ferrospinel. A powdered, 
compressed, and sintered magnetic material having high 
resistivity, consisting chiefly of ferric oxide combined 
with one or more other metals. The high resistance 
makes eddy-current losses extremely low at high frequen- 
cies. Examples of ferrite compositions include nickel fer- 
rite, nickel-cobalt ferrite, manganese-magnesium ferrite, 
yttrium-ion garnet, and single-crystal yttrium-ion garnet. 
2. The generic term for a class of nonmetallic, ceramic, 
ferromagnetic materials (MFe,O,) having a spinel-crystal 
structure. The materials are noted for their high resis- 
tivity relative to ferromagnetic metals. Although in its 
simplest form the M in the formula is iron (Fe), iron is 
seldom used m actual ferrite manufacture. Manganese, 
nickel, zinc, magnesium, Or copper are more common, 
and MnZn, NiZn, and MgZn are the most popular com- 
binations. 

ferrite bead—A magnetic device for storage of 
information. It is made of ferrite powder mixtures in the 
form of a bead fired on the current-carrying wires of a 
memory matrix. 

ferrite circulator — A nonreciprocal microwave net- 
work that transmits power from one terminal to another 
in sequence. Can replace a conventional duplexer, pro- 
vide isolation of transmitter from receiver, eliminate the 
requirement for an atr, and isolate the transmitter from 
antenna reflections. 

ferrite core—A core made from iron and other 
oxides and usually shaped like a doughnut. It is used in 
circuits and magnetic memories and can be magnetized 
and demagnetized very rapidly. 

ferrite-core memory—A magnetic memory in 
which read-in and read-out wires are threaded through a 
matrix of very small toroidal cores molded from a square- 
loop ferrite. 

ferrite isolator — A device either in a waveguide or 
coax that allows power to pass through in one direction 
with very little loss, while the rf power in the reverse 
direction is absorbed. It is useful for maintaining signal 
source stability and eliminating long-line and frequency- 
pulling effects in all types of low-power microwave signal 
sources. 

ferrite limiter—A passive low-power microwave 
limiter that provides an insertion loss of less than | dB, 
with minimum phase distortion, when operating in its 
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linear range. It is used for protecting sensitive receivers 
from burnout and from blocking by a strong interfering 
signal. 

ferrite phase-differential circulator — A combi- 
nation microwave duplexer and load isolator that serves as 
a switching device between a radar antenna and the asso- 
ciated high-power radar magnetron and radar receiver. 

ferrite-rod antenna— Also called ferrod or loop- 
stick antenna. An antenna used in place of a loop antenna 
in a radio receiver. It consists of a coil wound around a 
ferrite rod. 

ferrite rotator —A gyrator, composed of a ferrite 
cylinder surrounded by a ring-type permanent magnet, 
that is inserted in a waveguide to rotate the plane of 
polarization of electromagnetic waves that travel through 
the waveguide. 

ferrites — 1. Chemical compounds of iron oxide and 
other metallic oxides combined with ceramic material. 
They have ferromagnetic properties but are poor conduc- 
tors of electricity. Hence, they are useful where ordinary 
ferromagnetic materials (which are good electrical con- 
ductors) would cause too great a loss of electrical energy. 
2, Ceramic structures made by mixing iron oxide (Fe2Q;) 
with oxides, hydroxides, or carbonates of one or more 
of the divalent metals, such as zinc, nickel, manganese 
copper, cobalt, magnesium, cadmium, or iron. 

ferrite switch— A ferrite device that obstructs the 
flow of energy through a wavelength by causing a 90° 
rotation of the electric field vector. 

ferroacoustic storage — A delay-line type of stor- 
age comprising a thin tube of magnetostrictive material, 
a central conductor that passes through the tube, and an 
ultrasonic driver transducer at one end of the tube. 

ferrod — See ferrite-rod antenna. 

ferrodynamic instrument— An electrodynamic 
instrument in which the measuring forces are materially 
increased by the presence of ferromagnetic material. 

ferroelectric — |. Pertaining to a phenomenon exhib- 
ited by certain materials in which the material is polarized 
in one direction or the other or reversed in direction by 
the application of a positive or negative electric field of 
magnitude greater than a certain amount. The material 
retains the electric polarization unless it is disturbed. The 
polarization can be sensed by the fact that a change in the 
field induces an electromotive force that can cause a cur- 
rent. 2. That property of certain materials that determines 
that they will be polarized in one direction or the other, 
or reversed in direction of polarization when a positive or 
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negative electric field is applied. The material will remain 
ferroelectric until it is disturbed. 

ferroelectric converter — A device that generates 
high voltage when heat is applied to it. Its operation 
is based on the change in the dielectric constant or the 
permittivity of certain materials, such as barium titanate, 
when heated. This change reaches maximum at the Curie 
point. 

ferroelectric crystal —A crystal that can be polar- 
ized in the opposite direction by applying an electric field 
weaker than the breakdown strength of the material. 

ferroelectric domain — The region of a ferroelec- 
tric crystal where spontaneous polarization is uniformly 
directed. 

ferroelectric film— A film in which electric polar- 
ization is reversible when influenced by an electric field. 

ferroelectricity—A property of certain crystalline 
materials whereby they exhibit a permanent, spontaneous 
electric polarization (dipole moment) that is reversible by 
means of an electric field; the electric analog of ferromag- 
netism. Materials that show this effect are piezoelectric as 
well. 

ferroelectric materials — Those materials in which 
the electric polarization is produced by cooperative action 
between groups or domains of collectively oriented 
molecules. 

ferroelectrics — Pyroelectric materials whose direc- 
tion of polarization can be reversed by application of an 
electric field. 

ferromagnetic — Pertaining to a phenomenon exhib- 
ited by certain materials in which the material is polarized 
in one direction or the other or reversed in direction by 
the application of a positive or negative magnetic field 
of magnitude greater than a certain amount. The material 
retains the magnetic polarization unless it is disturbed. 
The polarization can be sensed by the fact that a change 
in the field induces an electromotive force that can cause 
a current. 

ferromagnetic amplifier — A parametric amplifier 
based on the nonlinear behavior of ferromagnetic reso- 
nance at high rf power levels. In one version, microwave 
pumping power is supplied to a garnet or other ferromag- 
netic crystal mounted in a cavity containing a strip line. 
A permanent magnet provides sufficient field strength 
to produce gyromagnetic resonance in the garnet at the 
pumping frequency. The input signal is applied to the 
crystal through the strip line, and the amplified output 
signal is extracted from the other end of the strip line. 
Sometimes incorrectly called a garnet maser, but the oper- 
ating principle differs from that of the maser. 

ferromagnetic material— 1. A material having 
a specific permeability greater than unity, the amount 
depending on the magnetizing force. A ferromagnetic 
material usually has relatively high values of specific 
permeability, and it exhibits hysteresis. The principal fer- 
romagnetic materials are iron, nickel, cobalt, and certain 
of their alloys. 2. A paramagnetic material that exhibits a 
high degree of magnetizability. 3. A material that exhibits 
hysteresis phenomena and whose permeability, greater 
than 1, is dependent on the magnetizing field. 

ferromagnetic oxide parts — Parts consisting pri- 
marily of oxides that display ferromagnetic properties. 

ferromagnetic resonance—A condition under 
which the apparent permeability of a magnetic material 
reaches a sharp maximum at a microwave frequency. 

ferromagnetics — The science that deals with the 
storage of information and the control of pulse sequences 
through use of the magnetic polarization properties of 
materials. 
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ferromagnetic tape—Tape made of magnetic 
material and used for winding closed cores for toroids 
and transformers. 

ferromagnetism — |. A high degree of magnetism 
in ferrites and similar compounds. The magnetic moments 
of neighboring ions tend not to align parallel with each 
other. The moments are of different magnitudes, and the 
resultant magnetization can be large. 2. Strong magnetic 
property of such substances as iron, cobalt, nickel, and 
certain alloys. Ferromagnetic substances are essential to 
the construction of such pieces of equipment as speak- 
ers, transformers, electric generators, etc. 3. A property 
of certain metals, alloys, and compounds whereby below 
a certain critical temperature (the Curie point) the mag- 
netic moments of the atoms tend to align, giving rise to a 
spontaneous, permanent magnetism (dipole moment) that 
is reversible by means of a magnetic field. 4. The proper- 
ties of certain materials that cause them to have relative 
permeabilities that exceed unity. This permeability per- 
mits the materials to exhibit hysteresis. 

ferromanganese — An alloy of iron and man- 
ganese. 

ferrometer — An instrument for making permeability 
and hysteresis tests of iron and steel. 

ferroresonance —Resonance associated with cir- 
cuits in which at least one of the circuit elements is 
nonlinear and contains iron. 

ferroresonant circuit — A resonant circuit in which 
one of its elements is a saturable reactor. 

ferroresonant transformer — 1. A voltage-regula- 
ting device that gives regulated ac voltages and incor- 
porates some special advantages. Capable of acting as a 
step-up or step-down voltage transformer as well as an 
ac voltage regulator, this component delivers a more or 
less constant ac output voltage even if the magnitude of 
the input voltage changes. In addition, the ferroresonant 
transformer is efficient, inexpensive, rugged, and requires 
no heat sink. It generates no high levels of electrical noise 
and provides a degree of protection from transients rid- 
ing on the ac power line. 2. The principal elements of 
a constant-voltage power supply. The transformer is spe- 
cially wound to be tuned to line frequency. The resonant 
condition established is the key to its operation. Only 
a simple filter is needed to form a highly reliable and 
very efficient power supply. It does not require a dis- 
sipative regulator. A typical ferroresonant power supply 
offers line regulation of 2 percent and load regulation of 
5 percent; efficiency may reach 80 percent. However, the 
ferroresonant transformer is considerably larger than the 
transformer for a linear supply and may be twice as heavy. 

ferrospinel— A ceramic-like material containing iron 
and other elements combined with oxygen. A poor con- 
ductor of electricity, it is used in transformers, antenna, 
loops and television deflecting yokes. See also ferrite. 

ferrous — Composed of and/or containing iron. A fer- 
rous metal exhibits magnetic characteristics, as opposed 
to a nonferrous metal, such as aluminum, which does not. 

ferrous oxide — The substance on magnetic record- 
ing disks and tapes. It can be magnetized, thereby permit- 
ting information to be recorded on it magnetically. 

ferrule— 1. A short tube used to make solderless 
connections to shielded or coaxial cable. Also molded 
into the plastic inserts of multiple-contact connectors to 
provide strong, wear-resistant shoulders on which contact 
retaining springs can bear. 2. The metal cap around the 
end of a cartridge-fuse tube that serves as a contact for 
the fuse. 

ferrule resistor — A resistor having ferrule terminals 
for mounting in standard fuse clips. 

FET — Abbreviation for field-effect transistor. Also 
called unipolar transistor. 1. A transistor controlled by 
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voltage rather than current. The flow of working current 
through a semiconductor channel is switched and reg- 
ulated by the effect of an electric charge in a region 
close to the channel called the gate. A FET has either p- 
channel or n-channel construction, 2. A transistor whose 
internal operation is unipolar in nature. The metal-oxide 
semiconductor FET (MOSFET) is widely used in inte- 
grated circuits because the devices are very small and can 
be manufactured with few steps. 3. A solid-state device 
in which current is controlled between source terminal 
and drain terminal by voltage applied to a nonconducting 
gate terminal. 4. Semiconductor device in which resis- 
tance between source and drain terminals is modulated 
by a field applied to the third (gate) terminal. 

fetal cardiotachometer— See fetal monitor. 

fetal electrocardiograph — See fetal monitor. 

fetal monitor— An instrument that displays or 
records the fetal electrocardiogram or other indication of 
heart action. In some instruments, the maternal electrocar- 
diogram is recorded simultaneously. The instrument may 
be referred to more definitely as a fetal electrocardio- 
graph, fetal cardiotachometer, or fetal phonocardiograph, 
depending on its primary purpose. 

fetal phonocardiograph — An instrument that pro- 
vides continuous instantaneous recording of beat-to-beat 
changes in the fetal heart rate. See also fetal monitor. 

fetch —1. To go after and return with things. In a 
microprocessor, the “objects” fetched are instructions that 
are entered in the instruction register. The next, or a 
later, step in the program will cause the machine to 
execute what it was programmed to do with the fetched 
instructions. Often referred to as an instruction fetch. 
2. In a computer, the collective actions of acquiring a 
memory address and then an instruction or data byte 
from memory. 3. Reading out an instruction at a particular 
memory location into the CPU. 4. To obtain a quantity of 
data from a place of storage. 5. The action of obtaining 
an instruction from a stored program and decoding that 
instruction. Also refers to that portion of a computer’s 
instruction cycle during which that action is performed. 

fetch cycle— The first cycle in the fetch-decode- 
execute sequence of instruction execution. During the 
fetch cycle, the contents of the program counter are placed 
on the address bus, a read signal is generated, and the 
program counter is incremented. The data word coming 
from the memory (the instruction that has been fetched) 
will then be gated into the instruction register of the 
control unit. 

FET resistor—A field-effect transistor in which, 
generally, the gate is tied to the drain, and the resultant 
structure is used in place of a resistor load for a transistor. 

“f” factor — The slope of the straight line from which 
the nonlinearity of a displacement transducer is calculated 
in microvolts output per volt excitation per unit stimulus. 

FFC — Abbreviation for flat flexible cable. 

FFT — Abbreviation for fast Fourier transform. 

fiber—1.A tough insulating material, generally of 
paper and cellulose, compressed into rods, sheets, or 
tubes. 2. A clear glass or plastic optical cable, consisting 
of a core and cladding, designed to propagate optical 
energy. The diameter of a fiber can vary from about 
10 to 1000 micrometers, depending on type. 3. Glass, 
silica, or plastic cable by which light is conducted or 
transmitted. Can be multimode (capable of propagating 
more than one mode of given wavelength) or single 
mode (one that supports propagation of only one mode 
of given wavelength). 4. A thread or threadlike structure 
such as composes cellulose, asbestos, or glass yarn. Also, 
a single discrete element used to transmit optical (light- 
wave) information. Analogous to a single wire used to 
transmit electrical information. Usually consists of a core 
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that transmits the information and a cladding around the 
core. 5. The material path along which light propagates; 
a single discrete optical transmission element. 

fiber bundle—1. A consolidated group of single 
fibers used to transmit a single optical signal. 2. A rigid 
or flexible concentrated assembly of glass or plastic fibers 
used to transmit optical images or light. See coherent fiber 
bundle. 3. An assemblage of transparent glass fibers all 
bundled together parallel to one another. The length of 
each fiber is much greater than its diameter. By a process 
of total reflection, this bundle of fibers can transmit a 
picture from one of its surfaces to the other around curves 
and into otherwise inaccessible places with an extremely 
low loss of definition and light. 

fiber cable — A cable composed of a fiber bundle or 
a single fiber, strength members, and a cable jacket. 

fiber dispersion — In fiber optics, pulse spreading in 
a fiber caused by differing transit times of various modes 
of electromagnetic waves. 

fiber distributed data interface — Abbreviated 
FDDI. A standard for transmitting data on optical fiber 
cables at a rate of around 100,000,000 bits per second (10 
times as fast as Ethernet and about twice as fast as T-3). 

fiber metallurgy — The growing of superfine crystal 
whiskers whose characteristic is relatively great strength 
in their length-to-diameter ratio. 

fiber needle—A playback point or phonograph 
needle made from fiber. Being softer than a metal or 
diamond needle, it is less scratchy; however, it has an 
extremely short life. 

fiber-optic field flattener— A plate consisting 
of fused optical fibers with both surfaces ground and 
polished, and having the entrance surface curved to 
match the image curvature of the input system. The platc 
transmits to the flat exit surface. 

fiber-optic rod multiplexer-filter— A graded- 
index, cylindrically shaped section of optical fiber or rod 
with a length corresponding to the pitch of the undulations 
of light waves caused by the graded refractive index, the 
light beam being injected via fibers at an off-axis end 
point on the radius, with the undulations of the resulting 
wave varying periodically from one point to another along 
the rod with interference layers at the '/;-pitch point of 
the undulations, providing for multiplexing or filtering. 

fiber optics — Abbreviated FO. 1. A technology that 
uses light as a digital information carrier. The transmis- 
sion medium is made up of small strands of glass, each of 
which provides a path for light rays that carry the data sig- 
nal. Fiber-optic technology offers large bandwidth, very 
high security, and immunity to electrical interference. The 
glass-based transmission facilities also occupy far less 
space than other high-bandwidth media, which is a major 
advantage in crowded underground ducts. 2. Also called 
optical fibers or optical fiber bundles. An assemblage of 
transparent glass fibers all bundled together parallel to 
one another. The length of each fiber is much greater 
than its diameter, This bundle of fibers has the ability 
to transmit a picture from one of its surfaces to the other 
around curves and into otherwise inaccessible places with 
an extremely low loss of definition and light, by a process 
of total reflection. 3. The technique of conveying infor- 
mation in the form of light signals through a particular 
configuration of glass or plastic fibers. 4. A general term 
describing a light-wave or optical communications sys- 
tem. In such a system, electrical information is converted 
to light energy, transmitted to another location through 
optical fibers, and is there converted back into electri- 
cal information. 5. A method of communicating analog 
or digital signals through a noninductive/nonconductive 
dielectric medium such as glass- or plastic-core cables. 
The fiber-optic system consists of a light source and 
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light detector, cable-to-semiconductor connectors, and the 
fiber-optic cable. The transmitter converts the input signal 
to an analog- or digital-modulated light signal that is com- 
municated through the fiber-optic cable to a light detector. 
The light detector converts the optical energy back into 
usable electric form. 6. The technology of guidance of 
optical power, including rays and waveguide modes of 
electromagnetic waves, along conductors of electromag- 
netic waves in the visible and near-visible region of the 
frequency spectrum, specifically when the optical energy 
is guided to another location through thin transparent 
strands. Techniques include conyeying light or images 
through a particular configuration of glass or plastic fibers. 
Incoherent optical fibers will transmit light, as a pipe will 
transmit water, but not an image. Coherent optical fibers 
can transmit an image through perfectly aligned, small 
(10-12 micrometers) clad optical fibers. Specialty fiber 
optics combine coherent and incoherent aspects. 

fiber-optics bundles—1. Assemblies of optical 
fibers. 2. Very fine transparent glass or plastic threads, 
each of which transmits light. 

fiber-optic scanner— A scanner in which a fiber- 
optic assembly replaces a lens system. 

fiber-optics computer interconnection—A 
means of connecting a computer with a terminal or 
another computer to transmit electrical signals via fiber- 
optics cable instead of wire. 

fiber-optics multiport coupler — An optical unit, 
such as a scattering or diffusion solid “chamber” of optical 
material, that has at least one input and two outputs, or 
at least two inputs and one output, that can be used to 
couple various sources to various receivers. The ports are 
usuaily optical fibers. If there is only one input and one 
output port, it is simply a connector. 

fiber-optics probe— A flexible probe made up of 
a bundle of fine glass fibers optically aligned to transmit 
an image, light, or both. 

fiber-optics scrambler — 1. Similar to a fiberscope 
except that the middle section of loose fiber is deliberately 
disoriented as much as possible, then potted and sawed. 
Each half is then capable of coding a picture, which can 
be decoded by the other half. 2. A device used for coding 
messages that has a fiber bundle that is aligned at both 
ends and scrambled in the middle. The resulting halves of 
the bundles serve as encoders or decoders and the message 
appears as a random scattering of black dots. 

fiber-optics splice — A nonseparable junction join- 
ing one optical conduction to another. 

fiber-optics system—A light source and light 
detector; transmitter and receiver; and fiber-optic cable 
with connectors. The transmitter converts the encoded 


input signal to de current that is converted to light energy 
by the light-emitting diode. This light energy is coupled 
from the LED into the fiber-optic cable with connectors 
and is then transmitted through the cable, which is 
connected to a light detector such as a photodiode (PIN 
diodes), phototransistor, or Darlington phototransistor. 
These devices detect the light energy and convert it to 
a current that may be amplified and decoded to faithfully 
reproduce the original input signal. 

fiber-optics terminus — A deyice used to terminate 
an optical conductor that provides a means to locate and 
contain an optical conductor within a connector. 

fiber-optics transmission system — Abbreviated 
FOTS. A transmission system utilizing small-diameter 
transparent fibers through which light is transmitted. 
Information is transferred by modulating the transmitted 
light. These modulated signals are detected by light- 
sensitive devices, such as photodetectors. 

fiber-optics waveguide — A relatively long, thin 
strand of transparent substance, usually glass, capable 
of conducting an electromagnetic wave of optical wave- 
length (visible or near-visible region of the frequency 
spectrum) with some ability to confine longitudinally 
directed, or near-longitudinally directed, light waves to 
its interior by means of internal reflection. 

fiber scattering — In an optical fiber, the coupling, 
or leaking, of light-wave power out of the core of the fiber 
by Rayleigh scattering or guide imperfections such as 
dielectric strain, compositional or physical discontinuities 
in the core or cladding, irregularities and extraneous 
inclusions in the core-cladding interface, curvature of the 
optical axis, or tapering. Scattering losses are measured 
in all directions as an integrated effect and expressed in 
decibels per kilometer. 

fiberscope — Optical glass fibers, when systemati- 
cally arranged in a bundle, transmit a fuil-color image that 
remains undisturbed when the bundle is bent. By mount- 
ing an objective lens on one end of the bundle, and an 
eyepiece at the other, the assembly becomes a flexible 
fiberscope that can be used to view objects that would be 
inaccessible for direct viewing. 

fibrillation — A result of loss of synchronization of 
the heart muscle, causing the individual muscle fibers 
to contract in a random, uncoordinated sequence. Ás a 
result, the heart muscle merely quivers instead of pumping 
forcefully. 

fidelity — 1. The accuracy with which a system or 
portion of a system reproduces at its output the essential 
characteristics of the signal impressed on its input. 2. A 
measure of the exactness with which sound is duplicated 
or reproduced. 
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field —1. One of the two equal parts into which a 
frame of a television image is divided in interlaced scan- 
ning. With present U.S. standards, pictures are transmitted 
in two fields of 262.5 lines each, which are interlaced to 
form 30 complete frames, or images, per second. 2. That 
area or space in which a particular geophysical effect, 
such as gravity or magnetism, occurs and can be mea- 
sured. 3. A group of characters in a computer that is 
treated as a single unit of information. 4. A region near 
an electric charge, a source of electromagnetic radiation, 
or a magnet in which components or materials may be 
affected. 5. That silicon area on a chip not used or occu- 
pied by active transistors. 6. A group of adjacent bits in 
a microinstruction. 7. A portion of a microprogram word 
that represents a group of bits dedicated to controlling a 
specific piece of hardware. 8. A subdivision of a record, 
usually consisting of a single item of information related 
to the rest of the record and serving a similar function 
in all records of that group. The smallest unit normally 
manipulated by a database management system. 

field application relay — A device that automati- 
cally controls the application of the field excitation to an 
ac motor at some predetermined point in the slip cycle. 

field circuit breaker— A device that functions to 
apply, or to remove, the field excitation of a machine. 

field control of speed—tThe varying voltage 
applied to the field of a shunt-wound motor to control 
the motor’s speed over the extended range. 

field density — See magnetic induction. 

field-discharge protection—A control function 
or device to limit the induced voltage in the field when 
the field current attempts to change suddenly. 

field distortion — Distortion between the north and 
south poles of a generator due to the counterelectromotive 
force in the armature winding. 

field-effect tetrode — A semiconductor device con- 
sisting basically of a thin n region adjacent to a similarly 
thin p region. Two contacts are made to the n side and two 
to the p side so that currents can be passed through each 
thin region parallel to the single junction. The two cur- 
rents remain separate because reverse bias is maintained 
on the junction. A current in either side affects the resis- 
tance of the other side and hence the current in the other 
side. 

field-effect transistor— Abbreviated FET. 1. A 
transistor in which current carriers (holes or electrons) are 
injected at one terminal (the source) and pass to another 
(the drain) through a channel of semiconductor material 
whose resistivity depends mainly on the extent to which it 
is penetrated by a depletion region. The depletion region is 
produced by surrounding the channel with semiconductor 
material of the opposite conductivity and reverse-biasing 
the resulting pn junction from a control terminal (the 
gate). The depth of the depletion region depends on the 
magnitude of the reverse bias. Because the reverse-biased 
junction draws negligible current, the characteristics of 
the device are similar to those of a vacuum tube. 2. A 
transistor in which the current through a conducting 
channel is controlled by an electric field arising from a 
voltage applied between the gate and source terminals. 

field-effect tube —A triode with its grid replaced 
by a nonintercepting control gate. A high positive voltage 
is applied to this gate in order to draw sufficient current 
from the cathode. The result is a strong concentration 
of the electric field at the gap between the gate and the 
cathode, producing an electron beam passing through the 
gate to the anode. 

field-effect varistor—A passive, nonlinear, two- 
terminal semiconductor device that maintains a constant 
current over a wide range of vollage. 
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field emission— Also called cold emission. The 
liberation of electrons from a solid or liquid by application 
of a strong electric field at the surface. 

field-enhanced photoelectric emission — In- 
creased photoelectric emission resulting from the action 
of a strong electric field on the emitter. 

field-enhanced secondary emission — Increa- 
sed secondary emission resulting from the action of a 
strong electric field on the emitter. 

field forcing —The effect of a control function or 
device that temporarily overexcites or underexcites the 
field of an electrical machine in order to increase the rate 
of change of flux. 

field-free emission current— Also called zero- 
field emission. The electron current emitted by a cathode 
when the electric field at the surface of the cathode is 
zero. 

field frequency — Also called field repetition rate. In 
television, the frame frequency multiplied by the number 
of fields contained in one frame. In the United States 
the field frequency is 60 per second, or twice the frame 
frequency. 

field intensity — See field strength. 

field inversion — Also called parasitic field turn-on. 
The creation of a channel between two nonassociated 
diffused beds in the field by voltages on conductors 
passing over. 

field loss relay — See motor field-failure relay. 

field magnet— An electromagnet or permanent mag- 
net that produces a strong magnetic field in a speaker, 
microphone, phonograph pickup, generator, motor, or 
other electrical device, 

field-neutralizing coil — A coil encircling the face- 
plate of a color picture tube. The current through it pro- 
duces a magnetic field that offsets any effects of the 
earth’s and other stray magnetic fields on the electron 
beams. 

field-neutralizing magnet — Also called rim mag- 
net. A permanent magnet mounted near the edge of the 
faceplate of a color picture tube to prevent stray magnetic 
fields from affecting the path of the electron beam. 

field of view —- 1. The solid angle from which objects 
can be acceptably viewed, photographed, or otherwise 
detected. 2. The maximum angle of view that can be seen 
through a lens or optical instrument. 

field oxide — That portion of the oxide on an MOS 
device that is the thickest when measured perpendicular 
to the bulk silicon, usually 12 K to 20 K A. 

field period-—The time required to transmit one 
television field. In the United States, it is ‘oth of a 
second. 

field pickup —- Also called a remote or nemo. A radio 
or television program originating outside the studio. 

field pole— A structure, made of magnetic material, 
on which .may be mounted a field coil. 

field relay — A device that functions on a given or 
abnormally low value or failure of machine field current, 
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amount of current is flowing in every part of the circuit. If 25mA is being drawn from the power supply to 
light up your single string of LEDs, that means that each and every LED has 25mA of juice flowing 
through it—more than enough to light them up quite nicely. 

If you have a 12V power supply (or a car battery), you could string up to five or maybe six red LEDs 
in series, with a small current-limiting resistor. That's because each red LED will typically have a forward 
voltage between 1.8V and 2.2V. Other colors higher up the rainbow might need more voltage per LED, 
meaning fewer can be lit at once using a single string of LEDs in series. 

But don’t fret. You can light up as many LEDs as you want by placing multiple strings of LEDs in 
parallel with each other. Each additional string of LEDs adds to the total current draw, so you will 
eventually find a limit along that dimension as well. For an example of a small LED array using both 
parallel and series circuits, see Figure 5-22. The schematic is shown in Figure 5-23. 


Figure 5-22. An array of six parallel strings of six infrared LEDs in series. These infrared spotlights are used 
for covert surveillance and security applications. 
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or on an excessive value of the reactive component of 
armature current in an ac machine, indicating abnormally 
low field excitation. 

field-repetition rate — See field frequency. 

field resistor — A component in which the resistance 
element is a thin layer of conductive material on an 
insulated form. The conductive material does not contain 
either binding or insulating material. 

field rheostat—A variable resistance connected to 
the field coils of a motor or generator and used for varying 
the field current. 

field ring — The part that supports the field of a de or 
series-wound motor housing. The motor end shields are 
attached to the ends of the field ring. 

field scan— In a television system the downward 
excursion of an electron beam across the face of a 
cathode-ray tube, resulting in the scanning of alternate 
lines. 

field selection—In a computer, the isolation of a 
particular data field within one computer word without 
isolating the word. 

field sequential — Pertaining to the association of 
individual primary colors with successive fields in a color 
television system (e.g., field-sequential pickup, display, 
system, transmission). 

field-sequential color television — A color tele- 
vision system in which the individual primary colors (red, 
blue, and green) are produced in successive fields. 

field shield — A process whereby a conducting layer 
covers an entire MOS chip (except at transistor terminals) 
between the doped substrate and interconnecting conduc- 
tors to control field inversion problems. 

field-simultaneous system — A color television 
system in which a succession of full-color images is 
produced rather than a succession of primary-color fields. 

field strength — Also called field intensity. 1. The 
vaiue of the vector at a point in the region occupied 
by a vector field. In radio, it is the effective value of 
the electric-field intensity in microvolts or millivolts per 
meter produced at a point by radio waves from a particular 
station. Unless otherwise specified, the measurement is 
assumed to be in the direction of maximum field intensity. 
2. The amount or magnetic flux produced at a particular 
point by an electromagnet or permanent magnet. 3. The 
strength of radio waves at a distance from a transmitting 
antenna, usually expressed in microvolts per meter. This is 
not the same as the strength of a radio signal at the antenna 
terminals of a receiver. 4. The intensity of a signal emitted 
by an antenna. It is proportional to the current in the 
antenna. 

field-strength meter—A calibrated measuring 
instrument for determining the strength of radiated energy 
(field strength) being received from a transmitter. 

field telephone—A durable, portable telephone 
designed for use in the field. 

field weakening — The introduction of a resistance 
in series with the shunt field of a motor to reduce the 
voltage and current and increase the motor speed. 

field wire— A flexible insulated wire used in field 
telephone and telegraph systems. 

FIFO — Acronym for first in, first out. 1. A special 
integrated circuit memory device that will accept parallel 
data and retransmit it on a first in, first out basis. 2. First 
in, first out method of storing and retrieving items from a 
stack, table, or list. Compare with LIFO. 3. A method of 
coordinating the sequential flow of data through a buffer. 

FIFO (first in, first out) buffer or shift 
register— A shift register with an additional control 
section that permits input data to fall through to the first 
vacant stage so that if there is any data contained, it is 
available at the output even though all the stages are not 
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filled. In effect, it is a variable-length shift register whose 
length is always the same as the data stored therein. 

FIFO/LIFO— Acronyms describing a method of data 
storage and retrieval. FIFO stands for first in, first out; 
LIFO for last in, first out. Both describe data input and 
output order. 

figure-eight microphone — A microphone (usu- 
ally a ribbon type) whose sensitivity is greatest to the 
front and rear, and weakest to both sides. See bidirectional 
microphone. 

figure of merit— 1. The property or characteristic 
that makes a tube, coil, or other electronic device suitable 
for a particular application. It is a quality to look for in 
choosing a piece of equipment. 2. In a magnetic amplifier, 
the ratio of the power gain to the time constant. 3. For a 
thermoelectric material, the quotient of the square of the 
absolute Seebeck coefficient (œ) divided by the product of 
the electrical resistivity (p) and the thermal conductivity. 
4. In a sample-and-hold circuit, the ratio of the available 
charging current during the sample mode to the leakage 
circuit during the hold mode. 

filament— Also known as a filamentary cathode. 
1. The cathode of a thermionic tube, usually a wire or 
ribbon, which is heated by passing a current through 
it. 2. In tubes employing a separate cathode, the heating 
element. 3. A slender thread of material, such as carbon 
or tungsten, that emits light when raised to a high 
temperature by an electric current (as in an incandescent 
light bulb). 
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filamentary display — A numerical or alphanumer- 
ical display whose segments are composed of individual 
incandescent-type filament wires, which emit white light 
when energized. 

filamentary transistor—A_ conductivity-modula- 
tion transistor that 1s much longer than it is wide. 

filament battery — The source of energy for heating 
the filament of a vacuum tube, 

filament circuit—The complete circuit through 
which filament current flows. 

filament current— The current supplied to a fila- 
ment to heat it. 

filament emission — The freeing of elecirons from 
a filament in an electron tube as the result of the filament 
being heated by an electric current. 

filament power supply — The source of power for 
the filament or heater of a vacuum tube. 

filament resistance — The resistance (in ohms) of 
the filament of a vacuum tube or incandescent lamp. 

filament rheostat — A variable resistance placed in 
series with the filament of a vacuum iube to regulate the 
filament current. 

filament sag — The bending of a filament when it 
heats up and expands. 
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filament saturation — Also called temperature sat- 
uration. The condition whereby a further increase in fila- 
ment voltage will no longer increase the plate current at 
a given value of plate voltage. 

filament transformer —A transformer used exclu- 
sively to supply filament voltage and current for vacuum 
tubes. 

filament voltage — The voltage value that must be 
applied to the filament of a vacuum tube to obtain the 
rated filament current. 

filament winding—A secondary winding provided 
on a power transformer to furnish alternating filament 
voltage for one or more vacuum tubes. 

file — 1. A collection of related records. For example, 
in inventory control, one line of an invoice containing data 
on the material, the quantity, and the price forms an item; 
a complete invoice forms a record; and the complete set of 
such records forms a file. 2. To insert an item into such a 
set. 3. A user-defined collection of information of variable 
length. 4. A list. Usually, a file is a list of instructions 
plus data and comments. 5. A collection of information 
consisting of records pertaining to a single subject. A file 
may be recorded on all or on part of a volume or on 
more than one volume. 6. A logical block of computer 
information, designated by name, and considered as a unit 
by a user. A file may be physically divided into records, 
blocks, or other units required by the memory device. 
7. A collection of related information stored on a disk. 

filed coil— A coil of insulated wire wound around an 
iron core. Current flowing in the coil produces a magnetic 
field. 

file gap — On a data medium, an area intended to be 
used to mark the end of a file and, possibly, the start of 
another. A file gap frequently is used for other purposes, 
in particular for indicating the end or beginning of some 
other group of data. 

file layout—1. The organization and structure of 
data in a file, including the sequence and size of the 
components. 2. By extension, the description thereof. 

file maintenance — The processing of a computer 
file in order to bring it up to date. 

file management— An operating system facility for 
the manipulating of data files to and from secondary 
storage devices (usually disk files or magnetic tapes); it is 
used for building files, retrieving information from them, 
or modifying the information. 

file mark— Also termed tape mark or end-of-file 
mark. A specially recorded block containing no data but 
acting as a data-block separator. 

file-protection device — 1. A device by which the 
existence and integrity of a file are maintained. 2. A ring 
that must be in place in the hub of a reel before data can 
be recorded on the tape contained by the reel. A reel of 
tape not provided with a file-protection device can be read 
but not written. 

file section — That part of a file which is recorded on 
any one volume. The file sections may not have sections 
of other files interspersed. 

file set—A collection of one or more related files, 
recorded consecutively on a volume set. 

file transfer— A procedure that calls for a commu- 
nication link (typically over telephone lines) to be estab- 
lished between two or more PCs using modems. This 
connection allows data files to be transferred from one 
computer's storage device (usually a floppy or hard-disk 
drive) to the other’s. 

File Transfer Protocol — Abbreviated FTP. 1. The 
protocol used for copying files to and from remote 
computer systems on a network using TCP/IP, such as 
the Internet. 2. A very common method of moving files 
between two Internet sites, FTP is a special way to log in 
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to another Internet site for the purpose of retrieving and/or 
sending files. There are many Internet sites that have 
established publicly accessible repositories of material 
that can be obtained using FTP, by logging in using 
the account name “anonymous.” These sites are called 
anonymous FTP servers. See also FTP. 

fill— 1. The number of working lines in a particular 
cable or cable center. 2. The number of working lines as 
a percentage of the total pairs provided. 

filler —1.In mechanical recording, the inert mate- 
rial of a recording compound (as distinguished from the 
binder). 2. Nonconducting component cabled with insu- 
lation conductors to impart roundness, flexibility, tensile 
strength, or a combination of all three, to the cable. 

film — Single or multiple layers or coatings of thin or 
thick material used to form various elements (resistors, 
capacitors, inductors) or interconnections and cross-overs 
(conductors, insulators). Thin films are deposited by 
vacuum evaporation or sputtering and/or plating. Thick 
films are deposited by screen printing. 

film badge—A type of dosimeter consisting of a 
small piece of film sensitive to radiation, placed in a 
light-tight holder and carried by a person who works 
with radiation. When the film is developed, the amount of 
darkening can be measured to determine the total dose of 
ionizing radiation to which the badge has been subjected. 

film capacitor— 1. A capacitor with a dielectric 
consisting of a plastic film. 2. A capacitor that is made by 
winding metal and dielectric (such as polyester, polycar- 
bonate, polystyrene, polypropylene, or polysulfone) rib- 
bons into a tubular shape. The metal electrodes can be 
separate metal foil, or can be vacuum-deposited onto the 
dielectric. 

film chain — An arrangement of a film projector or 
projectors and a CCTV camera for transmitting moving 
pictures over a television system. 

film conductor — 1. A conductor formed in situ on 
a substrate by depositing a conductive material by screen- 
ing, plating, or evaporation techniques. 2. Electrically 
conductive material formed by deposition on a substrate. 

film integrated circuit— Also called film microcir- 
cuit. 1. A circuit made up of elements that are films all 
formed in place upon an insulating substrate. To further 
define the nature of a film integrated circuit, additional 
modifiers may be prefixed. Examples: thin-film integrated 
circuit, thick-film integrated circuit. 2. Thin- or thick-film 
network forming an electrical interconnection of numer- 
ous devices. 

film microcircuit — See film integrated circuit. 

film pickup—A film projector combined with a 
television camera for telecasting scenes from a motion- 
picture film. 

film reader— A computer input device that scans 
opaque and transparent patterns on photographic film and 
relays the corresponding information to the computer. 

film recorder— An instrument designed to place 
nongraphic information, usually generated by a computer, 
onto photographic film. The information is generally 
encoded as a series of opaque and translucent spots, or 
light and dark spots. 

film reproducer —An instrument that reproduces a 
recording on film. 

film resistor— 1. A fixed resistor whose resistance 
element is a very thin layer of conductive material on 
an insulated form. Some sort of mechanical protection is 
placed over this layer. 2. A resistor whose characteristics 
depend on film rather than bulk properties. 3. A device 
whose resistive material is a film on an insulator substrate; 
final resistance value may be determined by trimming. 

film scanning — 1. The process of converting movie 
film into corresponding electrical signals that can be 
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transmitted by a television system. 2. The process by 
which the light from the images of photographic film is 
encoded into electrical signals for video transmission. 

filter — Also called extractor or mask. 1. A selective 
network of resistors, inductors, or capacitors that offers 
comparatively little opposition to certain frequencies or 
to direct current, while blocking or attenuating other 
frequencies. See also wave filter. 2. A device or program 
that separates data, signals, or materials in accordance 
with specified criteria. 3. A machine word that specifies 
which parts of another machine word are to be operated 
on. 4. A circuit that attenuates signals above or below 
specific frequency without materially affecting signals in 
its passband. The action of a filter is usually defined by 
its slope (in decibels per octave; usually some multiple of 
6 dB/octave) and by its turnover frequency. 5. Electrical 
device used to suppress undesirable electrical noise. 
6. With respect to radiation, a device used to attenuate 
particular wavelengths or frequencies while passing others 
with relatively no change. 7. A circuit that passes signals 
above, below, or within a particular frequency band 
while rejecting all other signals. Active filters incorporate 
amplifier circuits, whereas passive filters are networks of 
capacitors, inductors, and resistors. 
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filter attenuation— A loss of power through a 
filter as a result of absorption in resistive materials, of 
reflection, or of radiation. Usually expressed in decibels. 

filter attenuation band — Also called a filter stop- 
band. A frequency band in which the attenuation constant 
is not zero if dissipation is neglected. In other words, a 
frequency band of attenuation. 

filter capacitor — A capacitor used in a filter circuit. 
The term is usually reserved for electrolytic capacitors in 
a power-supply filter circuit. 

filter center— In an aircraft control and warning 
system, a location at which information from observation 
posts is filtered for further dissemination to air-direction 
centers, 
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filter choke — Normally, an iron-core coil that allows 
direct current to pass while opposing the passage of 
pulsating or alternating current. 

filter crystal or plate — A quartz plate or crystal 
used in an electrical circuit designed to pass energy only 
at certain frequencies. 

filter discrimination — The difference between the 
minimum insertion loss at any frequency in the attenua- 
tion band of a filter and the maximum insertion loss at 
any frequency in the transmission band of the filter. The 
loss is determined under the conditions of normal use of 
the filter. 

filtered radar data — Radar data from which unde- 
sired returns have been removed by mapping. 

filter-impedance compensator — An impedance 
compensator that is connected across the common ter- 
minals of electric-wave filters, when the latter are used 
in parallel, in order to compensate for the effects of the 
filters on each other. 

filter passband — See filter transmission band. 

filter section — Any of various simple networks that 
may be connected in cascade to form a filter. The simplest 
is the half section, consisting of a series impedance (Z) 
followed by a shunt admittance (Y). A full section is either 
a T-network in which the shunt arm is Y and the series 
arms are Z/2, or a pi network in which the series arm 
is Z and the shunt arms Y /2. Full sections, unlike half 
sections, have equal input and output impedances. 

filter slot— A choke, in the form of a slot, designed 
to suppress unwanted modes in a waveguide. 

filter stopband — See filter attenuation band. 

filter transmission band — Aiso called filter pass- 
band. Á frequency band in which the attenuation constant 
is zero if dissipation is neglected. In other words, a fre- 
quency band of free transmission. 

fin—A metal disc or a thin, projecting metal strip 
attached to a semiconductor to dissipate heat. 

final actuation time — The time of termination of 
the chatter of a relay following contact actuation. 

final amplifier — The stage that feeds the antenna in 
a transmitter. 

final control element—The part of a control 
system that actually changes the amount of energy or fuel 
to the process, For example, in an industrial oven the final 
control element could be a valve that controls the amount 
of fuel reaching the burner. 

final seal—The hybrid microelectronic packaging 
step that encloses the circuit so that further internal 
processing cannot be performed without disassembly. 

final wrap — The outer layer of insulation around a 
coil, covering the saddle and splice insulation, 

finder—In a telephone switching system, a name 
applied to the switch or relay group that selects the path 
that the call is to foliow through the system. 

fine-chrominance primary — Also called the I sig- 
nal. In the color television system presently standardized 
for broadcasting in the United States, the chrominance pri- 
mary associated with the greater transmission bandwidth. 

fine-tuning control — A receiver control that varies 
the frequency of the local oscillator over a small range 
to compensate for drift and permit fine adjustment to the 
carrier frequency of a station. 

finger plethysmograph — An instrument for detect- 
ing and displaying changes in the volume of blood in the 
finger during the cardiac cycle. In some types, a light 
source and a photocell are placed on opposite sides of 
the finger; the volume of the blood in the finger deter- 
mines the amount of light reaching the photocell. In 
another type, the finger is placed between two electrodes. 
The increased blood volume during each contraction of 
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the heart reduces the impedance of the finger, and the 
resulting change in the current between the electrodes is 
recorded or displayed on a cathode-ray tube. 
fingers — Nonpreferred term for edge-board contact. 
finished blank — A crystal product after completion 
of all processes. Jt may also include the electrodes 
adherent to the crystal blank. 

finishing — The process of repeated hand lapping and 
electrical testing by which a finished crystal blank is 
brought up to specifications. 

finishing rate — Expressed in amperes, the rate of 
charge to which the charging current of a battery is 
reduced near the end of the charge to prevent excessive 
gassing and temperature rise. 

finish lead—The lead connected to the finish, or 
outer end, of a coil. 

finite — Having fixed and definite limits. 

finite-element method— A procedure for solving 
electromagnetic field problems by dividing the domain 
of interest into small, basic elements and by solving 
differential equations in each of those elements. 

finite-state machine — A computer in which a set 
of inputs determines both the set of outputs and also the 
internal state of the computer. 

fins — Radial sheets or discs of metal attached to 
metal parts of a power tube, power transistor, or other 
component for the purpose of dissipating heat. 

fin waveguide—A waveguide in which a thin 
longitudinal metal fin is placed to increase the range 
of wavelengíhs over which the waveguide can transmit 
signals efficiently. The method usually is used with 
circular waveguides. 

FIPS — Abbreviation for Federal Information Process- 
ing Standard. A standard approved for use by U.S. gov- 
ernment agencies. 

fire — 1. To change from a blocked condition, in which 
negligible current flows, to a saturated condition, in which 
heavy current flows. 2. The term used to describe the 
act Of heating a thick-film circuit so that the resistors, 
conductors, capacitors, etc., will be transformed into their 
final form. 

fire-control equipment — Equipment that takes in 
target indications from optical or radar devices and, after 
calculating the motion of the target and firing vehicle, 
properties of air, etc., puts out directions of bearing, 
elevation, and timing for aiming and firing the guns. 

fire-control radar — Radar employed for directing 
gunfire against the targets it observes. 

fired tube (tr, atr, and pre-tr tubes)— The con- 
dition of a tube while a radio-frequency glow discharge 
exists at the resonant gap, resonant window, or both. 

firewall — !. A combination of hardware and software 
that separates a local area network (LAN) into two or 
more parts for security purposes. 2. A method of partially 
or totally blocking access (from machines not on a LAN) 
or of filtering/monitoring incoming packets. 

firing — 1. In any gas- or vapor-filled tube, the ion- 
ization of the gas and the start of current flow. 2. The 
excitation of a device during a brief pulse. 3. In a mag- 
netic amplifier, the transition from the unsaturated to the 
saturated state of the saturable reactor during the conduct- 
ing or gating alternation. 4. An adjective modifying phase 
or time, to designate when firing occurs. 

firing angle— 1. The electrical angle of the plate- 
supply voltage at which ionization of a gaseous tube 
occurs. 2. In a magnetic amplifier, the point on a sine- 
wave control voltage at which the control ampere-turns 
are sufficient to saturate the core. This is the point at 
which the secondary winding (load) impedance drops to 
zero, and almost all of the supply voltage appears across 
the load. 
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firing furnace —Furnace used for the curing of 
multilayer ceramics for integrated electronics and for the 
firing of thick-film materials on substrates. 

firing point — The point at which the gas or vapor in 
the tube ionizes and current begins to flow. 

firing potential — The controlled potential at which 
conduction through a gas-filled tube begins. 

firing profile—A graph of time versus temperature 
or, in a continuous thick-film furnace, of position versus 
temperature. 

firmware —1.A computer program or software 
stored permanently in PROM or ROM or semipermanently 
in EPROM. 2. Programs or instructions that are stored in 
read-only memories; firmware is analogous to software 
in a hardware form. These instructions are for internal 
processor functions only, and are transparent to the user. 
3. The internal interconnections that permanently deter- 
mine what functions a device or system can perform. Also 
called microprogram. 4. Sets of instructions cast into user- 
modifiable hardware. 5. Á series of instructions in ROM 
(read-only memory). 6. Data stored in a nondestructive 
form such as hard-wired or in a ROM. 7, An extension to 
a computer’s basic command repertoire to create micro- 
programs for a user-oriented instruction set. This extension 
to the basic instruction set is done in ROM and not in soft- 
ware. The ROM converts the extended instructions to the 
basic instructions of the computer. 

first article — A sample part or assembly manufac- 
tured prior to the start of production for the purpose of 
ensuring that the manufacturer is capable of manufactur- 
ing a product that will meet the requirements. 

first audio stage—The first stage in an audio 
amplifier. 

first detector— Now called the mixer. In a super- 
heterodyne receiver, the stage in which the local-oscillator 
signal is combined with the modulated incoming radio- 
frequency signal to produce the modulated intermediate- 
frequency signal. 

first fit—In a computer, an algorithm for memory 
allocation that searches the free list only long enough 
to find an unused memory block that is large enough to 
satisfy the requesting task. 

first Fresnel zone — In optics and radio communica- 
tions, the circular portion of a wave front intersecting the 
line between an emitter and a more distant point where 
the resultant disturbance is being observed. The center 
intersects the front with the direct ray, and the radius is 
such that the shortest path from the emitter through the 
periphery to the receiving point is one half-wave longer 
than the ray. 

first-generation computer — A computer in which 
vacuum-tube components are used. 

first-in, first-out (FIFO) memory — 1. A type of 
memory with separate input and output ports. The first 
data to enter the input port are the first to exit the output 
port. One use of FIFO memory is as a buffer between a 
terminal and a LAN in a network interface controller. 2. 
A data access mechanism that implements a queue. Data 
elements are always extracted from the data structure in 
the same order that they are entered (the first element in 
is the first element out). 

first selector— The selector that immediately fol- 
lows a line-finder in a switch train. It responds to the dial 
pulses that represent the first digit of the called telephone 
number. 

first-shot effect — A term used relative to solid-state 
(electronic) timers using a resistor-capacitor (RC) single 
time-constant circuit. Due to the forming effect leakage 
found in electrolytic capacitors when stored, the first and 
sometimes second and third operations have longer time 
delays. The repeat accuracy specification does not include 
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this condition. Digital-type circuits do not exhibit this 
condition. 

fishbone antenna— |. An antenna consisting of a 
series of coplanar elements arranged in collinear pairs 
and loosely coupled to a balanced transmission line. 
2. Directional antenna in the form of a plane array of 
doublets arranged transversely along both sides of a 
transmission line. 

fishpaper— A tough fiber used in sheet form for 
insulating transformer windings from the core, field coils 
from field poles, or conductors from the armature. 

fission — Also called atomic fission or nuclear fission. 
The splitting of an atomic nucleus into two parts. Fission 
reactions occur only with heavy elements such as uranium 
and plutonium and are accompanied by large amounts of 
radioactivity and heat. 

fissionable — Capable of undergoing fission. 

fission products— The elements that result from 
atomic fission. They may consist of more than forty 
different radioactive elements, such as arsenic, silver, 
cadmium, iodine, barium, tin, cerium, and others. 

fissuring — The cracking of dielectrics or conductors. 
Often dielectrics, if incorrectly processed, will crack in 
the presence of conductors because of stresses occurring 
during firing. 

FIT — Failure in 10? device-hours. 

FITs— The measure of a semiconductor’s reliability 
is often expressed in failure units (FITs)the number of 
failures per 10? device-hours. For example, if 100 units 
operate for 1000 hours with one failure, the failure rate 
in FITs is (1/100) x (10/1000) or 10* FITs. FITs are 
used as a measure of reliability because the units are 
particularly useful for expressing the low failure rates 
encountered in electronic devices. For example, it is much 
less cumbersome to work with a figure like 10 FITs 
rather than with 0.001%/1000 hours. FITs are also useful 
because they can be added when calculating the total 
failure rate for a system. FITs can also be used to calculate 
the mean time between failure, which 1s the reciprocal of 
the FIT rate times the total number of components in a 
system. For example, a system with 10,000 components 
with FIT rates of 100 would have a mean time between 
failure of 10?/(100) (10,000), or 1000 hours. 

fitting — An accessory, such as a locknut or bushing, 
to a wiring system. Its function is primarily mechanical 
rather than electrical. 

five-layer device—A semiconductor, as a diac, 
triac, etc., in which there are four pn junctions. 

five-level code —A telegraph code in which five 
impulses are utilized for describing a character. For 
asynchronous transmission, start and stop elements may 
be added. A common five-level code is the Baudot code. 

five-level start-stop operation — Simplex mode 
of teletypewriter operation. Each code character consists 
of five electrical units. The distributor unit of the machine 
makes a positive start and stop for the transmission of 
each character. 

fix— A position determined without reference to any 
former position. 

fixed bias— A constant value of bias voltage. 

fixed capacitor — A capacitor designed with a defi- 
nite capacitance that cannot be adjusted. 

fixed-composition (carbon-composition) re- 
sistor— Resistive element consisting of a carbon 
composition that is molded under extreme pressure, then 
enclosed in an insulating sleeve. 

fixed contact—A contact that is permanently 
included in the insert material. It is permanently locked, 
cemented, or imbedded in the insert during molding. 

fixed crystal — A crystal detector with a nondefinite 
contact position. 
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fixed-cycle operation — 1. A type of computer per- 
formance whereby a fixed amount of time is allocated to 
an Operation. 2. Synchronous or clock-type arrangement 
in a computer, in which events occur as functions of mea- 
sured time. 

fixed decimal — Calculator that is limited to estab- 
lished decimal category; can be preset for specified num- 
ber of places in answer, or preset so that numbers are 
entered as they would be written. 

fixed decimal point— Location of the decimal point 
in the display of a calculator chosen by a selector switch. 
For example, if the switch is set to position six on an 
eight-digit machine, the numbers between 99 and 0.001 
can be used. In some machines no selector is provided, 
and a calculation such as 123/456 yields the answer 0.27 
instead of 0.2697368. 

fixed echo — A stationary echo indication on a radar 
PPI display, indicating a fixed target. 

fixed-frequency IFF—A class of IFF (identifica- 
tion, friend or foe) equipment that responds immediately 
to every interrogation, thus permitting the response to be 
displayed on plan-position indicators. 

fixed-frequency transmitter— A transmitter de- 
signed for operation on a single carrier frequency. 

fixed-instruction computer — A computer having 
an instruction set that is fixed by the manufacturer. Users 
must design applications programs using this instruction 
set. Contrasted with microprogrammable computer. 

fixed-length record — Pertaining to a file in which 
all records are constrained to be of the same predeter- 
mined length. (Opposite of variable-length record.) 

fixed logic — Circuit logic computers or peripheral 
devices that cannot be changed through operation of exter- 
nal controls. Connections must be physically changed to 
rearrange the logic. 

fixed logic levels — Digital data with high and low 
levels that are programmable or adjustable. 

fixed memory — 1. A nondestructive-readout com- 
puter memory that is alterable only by mechanical means. 
2. A memory into which information normally can be 
written only once. The ROM is a fixed program memory. 
Programs are usually stored in fixed memories. 

fixed operation — Radiocommunication conducted 
from the specific geographical land location shown on 
the station license. 

fixed point — Pertaining to notation or a system of 
arithmetic in which all numeric quantities are expressed 
with a predetermined number of digits and the point is 
located implicitly at some predetermined position. 

fixed-point arithmetic — 1. Calculations in which 
the computing device is not concerned with the location 
of the point. An example is a slide-rule calculation, since 
the human operator must locate the decimal point. 2. A 
type of arithmetic in which all figures must remain within 
certain fixed limits. 3. Arithmetic in which the binary 
point that separates the integer and fractional portions of 
numerical expressions is either explicitly stated for all 
expressions or is fixed with respect io the first or last 
digit of each expression. 

fixed-point system—A system of notation in 
which a number is represented by a single set of dig- 
its and the position of the radix point is not numerically 
expressed. See also floating-point system. 

fixed-program computer— See wired-program 
computer. 

fixed resistor— 1. A resistor designed to introduce 
only a predetermined amount of resistance into an elec- 
trical circuit; it is not adjustable. 2. A basic, universal 
electronic component designed to impede the flow of 
electric current; classed according to the materials tech- 
nology used to form the resistive element. Carbon, nickel 


fixed screen — flasher 


chromium, tin oxide, and various other alloys and bonded 
mixtures are commonly used for resistive elements that 
are molded, imprinted, or deposited. Most discrete resis- 
tors are leaded and coated to form compact, uniform units 
ready for assembly. 

fixed screen — Application of a potential to a screen 
grid that is unaffected by other operating conditions within 
the tube. 

fixed service —1. Any service communicating by 
radio between fixed points, except broadcasting and 
special services. 2. A point-to-point radiocommunication 
service between specific fixed stations on the earth. 

fixed station— 1. A station in the fixed service. (A 
fixed station may, as a secondary service, transmit to 
mobile stations on its normal frequencies.) 2. A perma- 
nent station that communicates with other fixed stations. 

fixed transmitter — A transmitter operated from a 
permanent location. 

fixed-voltage winding — The motor winding that is 
excited by a fixed voltage. 

fixed word length—The condition in which a 
machine word always contains a fixed number of bits, 
characters, bytes, or digits. 

fixer network or system — A combination of radio 
or radar direction-finding installations that, when operated 
in combination, can determine the position relative to the 
ground of an aircraft in flight. 

fixturing—An assortment of electronic switches, 
wiring, black boxes, etc., to connect two systems, e.g., 
a test system and a board under test. 

fL— Letter symbol for footlambert. 

flag — 1. A large sheet of metal or fabric for shielding 
television camera lenses from light. 2. In a computer, an 
indication that a particular operation has been completed 
and may be skipped by the program. 3. A single flip-flop 
that indicates that a certain condition has arisen as, for 
example, during the course of an arithmetic or logical 
Operation in a computer program. 4. Usually a flip-flop 
storing one bit that indicates some aspect of the status of 
the central processing unit. For example, a carry flag is set 
to 1 when an arithmetic operation produces a carry, and 
to O when the result is zero. These flags aid in interpreting 
the results of certain calculations. Others are sometimes 
provided to permit access by interrupt request lines; for 
example, if a CPU is engaged in the highest priority of 
calculation, it may set all status flags to zero, which, 
loosely translated, means “don’t bother me now.” If only 
some of these flags are set, then only certain interrupt lines 
will be able to get through, according to their priority. 
5. A “permanent” status signal, normally stored in a flip- 
flop or a register of a computer to indicate a special 
condition. Typically, every microprocessor provides at 
least the following status flags: carry, zero, sign, overflow, 
half-carry. 6. A delimiting bit field used to separate 
portions of data. 7. In a computer, an indicator, usually 
a single binary bit, whose state is used to inform a 
later section of a program that a condition, identified 
with the flag and designated by the state of the flag, 
has occurred. A flag can be both software and hardware 
implemented. 8. Any of various types of indicators used 
for identification of a condition or event; for example, a 
character that signals the termination of a transmission. 

flag bit — A processor memory bit, controlled through 
firmware, to signify a certain condition (e.g., battery 
low). A flag bit may be monitored by user-programmed 
instructions. 

flag lines — Inputs to a microprocessor controlled by 
I/O devices and tested by branch instructions. 

flag terminal —A type of solderless terminal in 
which the tongue projects from the side rather than the 
end of the terminal barrel. 
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flame — To send angry or critical messages to some- 
one via e-mail or a newsgroup. 

flame-failure contro!l—A system that automati- 
cally stops the fuel supply to a furnace if the pilot burner 
accidentally goes out. 

flame microphone — A microphone in which the 
action of sound waves on a flame changes the resistance 
between two electrodes in the flame. 

flameoff — The procedure in which a wire is severed 
by passing a flame across the wire, thereby melting it. 
The procedure is used in gold wire thermocompression 
bonding to form a ball for making a ball bond. 

flameproof— Said of insulated wire or other material 
that has been chemically treated so it will not aid the 
spread of flames. 

flameproof wire— Wire having insulation that is 
chemically treated so that it will not support combustion. 

flame resistance — The characteristic of a material 
that prevents it from flaming when the source of heat is 
removed. 

flame-resistant — See flame-retardant. 

flame-retardant— Also called _flame-resistant. 
l. Retarding ignition and the spread of flames, either 
inherently or because of special treatment. 2. Constructed 
or treated so as not to be able to convey flame. 

flammability — Measure of a material’s ability to 
support combustion. 

flammable — Also called combustible. Term applied 
to material that readily ignites and burns when exposed 
to flames or eleyated temperatures. 

flange— 1. Also called waveguide flange. A fitting 
used at the end of a waveguide for making attachment to 
a microwave component or to another waveguide. 2. The 
side of a tape reel, which prevents the tape on the hub 
from slipping sideways off the “pie.” 3. A projection 
extending from, or around the periphery of, a connector 
and provided with holes to permit mounting the connector 
to a panel or to another mating connector half. 

flange connector —A mechanical joint employing 
plane flanges bolted together in a waveguide. 

flange coupling — A connection utilizing flanges not 
in mechanical contact between two parts of a waveguide, 
yet introducing no discontinuity in the flow of energy 
along the guide. 

flange focus—The distance from the mounting 
flange or reference surface of a lens to the focal plane 
for a subject at infinity. 

flanking effect —The effect on filter characteristics 
of connecting additional filters in parallel. 

flap attenuator—A form of waveguide attenuator 
in which a variable amount of loss is introduced by 
insertion of a sheet of resistive material, usually through 
a nonradiating slot. 

flare — An enlarged and distorted radar-screen target 
indication due to excessive brightness. 

flare angle — The continuous change in cross section 
of a waveguide. 

flare factor—A number expressing the degree of 
outward curvature of a speaker horn. 

flash — Sometimes called hit. Momentary interference 
to a television picture, lasting approximately one field 
or less and of sufficient magnitude to totally distort the 
picture information. In general, this term is used only 
when the impairment is so short that the basic impairment 
cannot be recognized. 

flashback voltage — The inverse peak voltage at 
which ionization takes place in a gas tube. 

flasher— 1. A device that is designed to automati- 
cally turn electric lamps on and off in a rapidly repeating 
sequence. The device may use a motor-driven mechanism, 


289 


a combination heater filament and bimetallic strip, to stop 
and start the current. 2. A control whereby the output to 
the load (normally a lamp) is turned on and off repeatedly 
at a given rate of operation or flashes per minute (fpm). 

flasher relay — A self-interrupting relay. 

flashing — The application of a high-frequency elec- 
tromagnetic field to an electron tube through the envelope 
to flash its getter during evacuation. 

flashing of a dynamo —The flashing or sparking 
that is likely to take place at the brushes of a commutator. 

flash lamp — 1. A device in which a large amount of 
stored electrical energy is converted into light by means 
of a sudden electrical discharge. The flash is obtained by 
storing electrical energy in a capacitor and allowing the 
capacitor to discharge through the lamp. 2. A device or 
electronic circuitry that converts a large amount of stored 
electrical energy into light by means of a sudden electrical 
discharge. See also flash tube. 

flash magnetization — Magnetization of a ferro- 
magnetic object by an abrupt current impulse. 

flashover— 1. A disruptive discharge through air, 
around or over the surface of insulation, or between parts 
of different potential or polarity produced by the appli- 
cation of voltage, wherein the breakdown path becomes 
sufficiently ionized to maintain an electric arc. 2. An elec- 
tric discharge that occurs around an edge or across a 
surface. Can result in a carbon track and permanent degra- 
dation. 

flashover voltage — 1. The highest value attained 
by any voltage impulse that caused a flashover. 2. The 
voltage at which insulation fails by discharge between 
electrodes across the insulation surface. 

flash plating— The application of extremely thin 
deposits of a plating material for environmental protection 
or as a base for a subsequent layer of plating material. 

flashpoint of impregnate —The temperature to 
which a liquid or solid impregnate must be heated before 
it gives off sufficient vapor to form a flammable mixture. 

flash pulsing — Transmission of short bursts of radi- 
ation at irregular intervals by a mechanically controlled 
keyer. 

flash radiography — A technique used in radiogra- 
phy to obtain an unblurred image of a moving object by 
the use of very short X-ray exposures, such as | microsec- 
ond, to record the image. 

flash spectroscopy —- The study and interpretation 
of the spectra of substances after they have absorbed the 
radiant energy emitted by a brief, intense light source. 

flash test —- Also known as high-potting, high-pot, or 
short check. 1. A method of testing insulation by momen- 
tarily applying a voltage much higher than the work- 
ing voltage. 2. Method of testing capacitors for shorts 
(or potential shorts) between electrodes by momentarily 
applying a voltage much higher than the rated working 
voltage. 

flash tube— Also called electronic flash tube and 
photoflash tube. A gas-discharge tube for producing high- 
intensity, short-duration flashes of light. Tt consists of a 
glass tube bent in a U, a helix, or a combination of the 
two and filled with a rare gas. The tube has an anode, 
a cold cathode, and a trigger electrode. Tt is flashed by 
applying a high-voltage pulse to the trigger electrode. See 
also flash lamp. 

flash welding — Welding in which an arc is first 
struck between the pieces to be welded. After the ends 
are thus heated, the weld is completed by bringing them 
together under pressure and cutting off the current. 

flat — Having a slope of zero at all points, as a graph, 
curve, etc, 

flat back paper—A flat kraft paper tape used in 
splicing electrical cable. 
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flatbed plotter — 1. Plotter that draws an image on 
paper, glass, or film mounted on a flat table. 2. Type of 
plotter in which the paper is held flat against a table 
electrostatically. 

flatbed scanner— An optical scanner with a flat 
surface that can copy a page into an electronic file. 

flat braid — A woven braid, composed of tinned cop- 
per strands, that is rolled flat at the time of manufacture to 
a specific width depending on construction. It is generally 
used as a high-current conductor at low voltages. 

flat cable— Also called flexible flat cable or flat 
conductor cable. 1. Any cable with two or more parallel 
round or flat conductors in the same plane encapsulated 
by an insulating material. 2. Any cable with two smooth 
or corrugated but essentially flat surfaces. 

flat-compounded  generator—A compound- 
wound generator in which the series field winding 1s 
adjusted so that the output voltage is virtually constant 
for currents between no load and full load. 

flat conductor— 1. A conductor with a width-to- 
thickness ratio of arbitrarily 5 to 1 or greater. 2. A cable 
with a plurality of flat conductors. Flexible flat cable with 
conductors that have rectangular, rather than round, cross 
sections. 

flat fading — That type of fading in which all com- 
ponents of the received radio signal fluctuate in the same 
proportion simultaneously. 

flat flexible cable -— See tape cabie. 

flat frequency response—The response of a 
system to a constant-amplitude function that varies in 
frequency is flat if the response remains within specified 
limits of amplitude, usually specified in decibels from a 
reference quantity. 

flat leakage power (tr and pre-tr tubes) — The 
peak radio-frequency power transmitted through the tube 
after establishment of a steady-state radio-frequency dis- 
charge. 

flat line -— A radio-frequency transmission line or part 
of a line having a low standing wave ratio. 

flat pack—1.A flat, rectangular integrated cir- 
cuit or hybrid circuit package with coplanar leads. 
2. Semiconductor network encapsulated in a thin rect- 
angular package, with the necessary connecting leads 
projecting from the edges of the unit. 3. A slab-shaped, 
very low profile package for electronic components. Often 
used when printed circuit boards must be stacked close 
together. 4. An integrated circuit package that has leads 
extending from the package in the same plane as the 
package so that leads can be spot welded to terminals 
on a substrate or soldered to a printed circuit board. The 
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small size and low profile of the flat pack contribute to 
high-density circuit packaging. 5. A small, flat IC pack- 
age formed by sandwiching a hermetically sealed chip 
between two layers of metal or ceramic; the leads protrude 
from either two or all four of its edges. 

flat response — Ability of a sound system to repro- 
duce all tones (from the lowest to the highest) in 
their proper proportions. (For example, a specification of 
response within +1 dB from 30 to 15,000 Hz would be 
considered flat.) 

flat-square — Refers to cathode-ray tubes that are 
both full-square and have relatively flat screen surfaces 
also. 

flat top — The horizontal portion of an antenna. 

flat-top antenna — An antenna having two or more 
lengths of wire parallel to each other and to the ground. 

flat-top response —Response characteristic in 
which a definite band of frequencies is transmitted 
uniformly. 

flat-type armature —- Of a relay, an armature that 
rotates about an axis perpendicular to that of the core, 
with the pole face on a side surface of the core. 

flat-type relay — A relay having a flat-type armature. 

flaw —In a material, any discontinuity that would be 
harmful to proper functioning of the material. 

flaw detection—The process of using sonic or 
ultrasonic waves to locate imperfections in a solid mate- 
rial. This is done by transmitting the waves through the 
material and listening for reflections or variations in trans- 
mission when they strike an imperfection in the material. 

F layer— 1. An ionized layer in the F region, exist- 
ing in the night hemisphere and in the weakly illuminated 
portion of the day hemisphere. 2. The layer of the iono- 
sphere which causes most long-distance communication. 
It sits about 130 to 160 miles (210 to 260 km) above the 
earth. 

F, layer—One of the regular ionospheric layers, 
having an average height of about 225 kilometers, which 
occurs during the daylight hours. 
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F layer —The most useful of the ionospheric layers 
for radio-wave propagation. It is the most highly ionized 
and highest of the layers, having an average night 
height of 225 kilometers and a midday height of about 
400 kilometers. 

Fleming’s rule — Also called the right-hand or left- 
hand rule. 1. If the thumb and the first and second fingers 
are extended at right angles to one another, with the 
thumb representing the direction of the wire motion, the 
first finger representing the direction of magnetic lines 
of force (from the north pole to the south pole), and the 
second finger representing the direction of the current, 
then the right hand will give the correct relationships for 
a conductor in the armature of a generator, and the left 
hand will give the correct relationships for a conductor 
in the armature of a motor. This rule is applied to the 
so-called conventional current flow, which is the opposite 
of electron flow. 2. A rule stating that if the fingers of the 
right hand are placed around a current-carrying wire so 
that the thumb points in the direction of the conventional 
current, the fingers will point in the direction of the 
magnetic field. 

Fleming valve — An early name for a diode, or two- 
electrode thermionic vacuum tube used as a detector. 

Fletcher-Munson curves—Also called equal- 
loudness contours. A group of sensitivity curves showing 
the characteristics of the human ear for different intensity 
levels between the threshold of hearing and the threshold 
of feeling. The reference frequency is 1000 Hz. 

Flewelling circuit—— An early radio circuit in which 
one tube served as a detector, amplifier, and local 
oscillator. 

flexible coupling — 1. A device for connecting two 
shafts end to end so that they can be rotated even though 
not exactly aligned. 2. Mechanical connection between 
two lengths of a waveguide normally lying in a straight 
line; designed to allow a limited angular movement 
between axes. 
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flexible diskK—A magnetic storage medium con- 
structed of thin plastic. See floppy disk. 

flexible printed circuit— A random arrangement 
of printed wiring and components utilizing flexible base 
matenals with or without flexible cover layers. 

flexible printed wiring—A random arrangement 
of printed wiring utilizing flexible base materials with or 
without flexible cover layers. 

flexible resistor— A wirewound resistor that looks 
like a flexible lead. It is made by winding Nichrome or 
any other type of resistance wire around asbestos or other 
heat-resistant cord. The wire is then covered with braided 
insulation, which is color coded to indicate the resistor 
value. 

flexible shaft— A flexible core made up of layers of 
wire that rotate inside a metal or rubber-covered flexible 
casing. The casing not only supports the core, but also 
acts as the bearing surface for the core. 

flexible substrate —Thick- and thin-film circuits 
have generally been deposited on rigid substrates, but 
it is possible to deposit these circuits on some plastic 
substrates. 

flex life — 1. A measure of the resistance of a conduc- 
tor or other device to failure due to fatigue from repeated 
bending. 2. The time of heat aging that an insulating 
material can withstand before failure when bent around 
a specific radius (used to evaluate thermal endurance). 

flexode — A flexible diode containing a junction that 
may be altered at will from a pn junction in one direction, 
to no junction at all, to a pn junction in the opposite 
direction, Thus, the direction of easy current may be 
reversed without reversing the leads to the diode, and the 
resistance of the diode may be continuously varied from 
the back-resistance value to the forward-resistance value. 
It may be set to behave as a simple resistor, with the same 
value for both directions of current. 
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Flexowriter— A trade name for the typewriter that 
can provide input data to a computer or type outputs from 
the computer. (No longer used.) 

flexure failure — A conductor failure due to repeated 
flexing that is indicated by an increase of resistance to a 
specified value for a specified time. 

flicker — Also called jitter or wobble. 1. In television, 
the flickering produced in the picture when the field fre- 
quency is insufficient to completely synchronize the visual 
images. 2. In a regulated power supply, a phenomenon 
due primarily to sudden, minute changes of brief duration 
in the reference voltage or the input-stage junctions of the 
correction amplifier in the regulator. 3. Noise in an ampli- 
fier, of higher frequency than drift, but lower than power- 
line or chopper-drive frequency noise. 4. The sensation 
of image intermittence or of brightness or color variation. 
Flicker occurs when the frequency of the observed vari- 
ation 1s less than the screen’s flicker fusion frequency. 
5. The fluctuation in apparent illumination that has a rate 
comparable to the reciprocal of the period of persistence 
in vision. 
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flicker effect — Small variations in the plate current 
of a thermionic vacuum tube, believed to be due to 
random emission of positive ions by the cathode. 

flicker noise — Also called 1/f noise. One of the 
sources of noise associated with solid-state devices such 
as mixers or diode detectors, the amplitude of which 
varies inversely with frequency. It has a random amplitude 
similar to shot and thermal noise but with a 1/f spectral 
power density. This means that the noise increases at 
low frequencics and is associated with the level of direct 
current in the device. 

flicker photometer— A device for measuring the 
intensity of a light source. Illumination from the light 
source being measured and a standard light source are 
observed alternately in rapid succession. When the stan- 
dard source is equal to the other, the flickering disappears. 

flight control— Real-time calculations for the con- 
trol of a vehicle in flight; includes stabilization, fuel mon- 
itoring, cruise control, etc. 

flight path— A planned course for an airborne 
vehicle. 

flight-path computer— A computer that includes 
all the functions of a course-line computer and also 
controls the altitude of an aircraft in accordance with a 
desired plan of flight. 

flight-path deviation — The difference between the 
flight path of an aircraft and the actual flight track, 
expressed in terms of either angular or linear measure- 
ment. 

flight-path deviation indicator — An instrument 
that provides a visual indication of deviation from a flight 
path. 

flight track — The three-dimensional path in space 
actually traced by a vehicle. 

Flinders bar— A bar of soft iron placed near a 
compass to correct errors due to variation of the vertical 
component of the earth's magnetism in different parts of 
the world. 

flip chip— 1. An unencapsulated semiconductor 
device in which bead-type pads terminate on one face to 
permit flip (face-down) mounting of the device by contact 
of the leads to the required circuit interconnectors. 2. A 
mounting approach in which the chip (die) is inverted and 
connected directly to the substrate rather than using the 
more common wire bonding technique. Examples of this 
kind of flip-chip mounting are beam lead and solder bump. 
3. A generic term describing a semiconductor device 
having all terminations on one side in the form of bump 
contacts. After the surface of the chip has been passivated 
or otherwise treated, it is flipped over for attaching to 
a matching substrate. 4. A semiconductor die that is 
fabricated so it can be bonded to the next higher assembly 
without the use of flywires. The termination points are 
typically raised pads or solder balls that are attached 
to the substrate metallization by ultrasonic scrubbing 
or thermocompression bonding. 5. A leadless monolithic 
structure, containing circuil elements, that is designed to 
electrically and mechanically interconnect to a hybrid 
circuit by means of an appropriate number of bumps, 
located on its face, which are covered with a conductive 
bonding agent. 

flip-chip bonding — Method of interconnecting ICs 
in a circuit by bonding bumps, located on the IC chip’s 
back surface, to the circuit’s conducting paths. 

flip-chip mounting—A method of mounting flip 
chips on thick- or thin-film circuits without the need for 
subsequent wire bonding. 

flip coil— A small coil used for measuring a magnetic 
field. When connected to a ballistic galvanometer or other 
instrument, it gives an indication whenever the magnetic 
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field of the coil or its position in the field 1s suddenly 
reversed. 

flip-flop — Also called bistable multivibrator, Eccles- 
Jordan circuit, or trigger circuit. 1. A two-stage multivi- 
brator circuit having two stable states. In one state, the 
first stage is conducting and the second is cut off. In the 
other state, the second stage is conducting and the first 
stage is cut off. A trigger signal changes the circuit from 
one state to the other, and the next trigger signal changes 
it back to the first state. For counting and scaling pur- 
poses, a flip-flop can be used to deliver one output pulse 
for each two input pulses. 2. A similar bistable device 
with an input that allows it to act as a single-stage binary 
counter. 3. An electronic circuit having two static states 
and the ability to change from one state to the other on 
application of a signal in a special manner. 4. A type of 
digital circuit that can be in either of two states, depend- 
ing both on the input received and on which state it was 
in when the input was received. 

flip-flop calculator— Calculator that can display 
double its digital capacity in two steps by depressing a 
flip-flop key. 

flip-flop circuit— An electronic circuit that has 
two conditions of permanent stability and a means for 
changing from one to the other in response to an external 
stimulus. See also Eccles-Jordan circuit. 

flip-flop equipment— An electronic or electrome- 
chanical device that causes automatic alternation between 
two possible circuit paths. 

flip-flop multivibrator — Also called start-stop mul- 
tivibrator. A biased rectangular wave generator that oper- 
ates for one cycle when a synchronizing trigger signal is 
applied. 

flipover cartridge — A phonograph cartridge having 
separate needles for playing microgroove and standard 
records. It may be turned to bring the proper needle into 
playing position. 

flippies— Floppy disks that flip over; two-sided 
diskettes. 

flippy— A double-sided diskette. 

float — 1. To be connected to no source of electrical 
potential. (Often used with respect to a particular point.) 
2. To be maintained in a constant state of charge by being 
connected to a source of constant voltage, as a storage 
battery. 3. To operate a storage battery in parallel with 
a charger and a load at such a voltage that the charger 
supplies the load current and the battery supplies only 
transient peaks above the normal load. 

float-charging — Charging a storage battery at about 
the same rate that it is being discharged by the load. 

floated battery—A storage battery kept fully 
charged across the leads of a generator. The generator 
carries the normal load, and the battery assists during 
peaks. 

floating — 1. Keeping a storage battery connected in 
parallel with an electric supply to serve as a standby in 
case of supply failure and to assist in handling peak loads. 
2. The condition of a device or circuit that is not grounded 
and not tied to any established potential. 

floating address — See symbolic address. 

floating battery — A direct current supply from a 
constant-voltage source (generator or rectifier) paralleled 
with a storage battery. If the constant-voltage source is 
interrupted, the storage battery maintains power to the 
load. Minor variations in load current are supplied from 
the battery. 

floating-carrier modulation -— See controlled-car- 
rier modulation. 

floating carrier system — Method of radio trans- 
mission in which the percentage modulation is held 
constant by varying the amplitude of the carrier wave 
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to offset variations in the strength of the modulating 
wave. 

floating charge — Continuous charging of a storage 
battery with a low current to keep the battery fully charged 
while idle or on light duty. 

floating decimal — A calculator function that allows 
the user to calculate any decimal category. The decimal 
may or may not be present, if present, it automatically 
positions itself correctly in the answer. 

floating-decimal arithmetic — See floating-point 
arithmetic. 

floating decimal point — Calculator entry that may 
contain the decimal point in any position. The number and 
decimal point will be properly positioned automatically 
when displayed. 

floating gate—A technique used for ultraviolet- 
erasable EPROMs, in which a silicon gate is isolated 
inside the silicon dioxide. 

floating grid—A vacuum-type grid that is not 
connected to any circuit. It assumes a negative potential 
with respect to the cathode. 

floating ground—A reference ground that is not 
earthed. A reference point or voltage in a circuit that is 
not tied to an actual external ground. 

floating in—Decimal-point position need not be 
preset; numbers in a calculator are entered as they would 
be written. 

floating input— 1. An isolated input circuit not con- 
nected to ground at any point (the maximum permissible 
voltage to ground is limited by electrical design param- 
eters of the circuit involved). It is understood that in a 
floating-input circuit, both conductors are equally free 
from any reference potential, a qualification that limits 
the types of signal sources that can be operated floating. 
2. See differential-input measurement. 

floating junction— A semiconductor junction thr- 
ough which no net current flows. 

floating neutral— A circuit in which the voltage to 
ground is free to vary with circuit conditions. 

floating out—Decimal point in a calculator is 
automatically aligned in the answer. 

floating point—1.A method of representing a 
numeric value that contains a decimal point, i.e., not nec- 
essarily a whole number. 2. The representation of num- 
bers in scientific notation, with the exponent and mantissa 
given separately, so as to be able to accommodate a very 
wide dynamic range. 3. Pertaining to a form of num- 
ber representation in which quantities are expressed in 
terms of a bounded number (mantissa) and a scale factor 
(characteristic or exponent) consisting of a power of the 
number base. For example, 127.6 = 0.1276 x 10°, where 
the bounds are 0 and 1. 

floating-point arithmetic — 1. Computer handling 
of data in which the point is not always in the same 
position. Floating-point numbers are expressed in terms of 
digits and exponents. 2. In a digital computer, a form of 
arithmetic in which each number is represented by several 
significant digits, with an explicitly placed decimal point, 
multiplied by the base of the number system raised to 
a power, as for instance 6.3542 x 10°. In computations 
of this kind the decimal point and exponent are adjusted 
automatically. 

floating-point calculation — In a computer, a cal- 
culation taking into account the varying location of the 
decimal point (if base 10) or binary point (if base 2). 
The sign and coefficient of each number are specified 
separately. 

floating-point mathematics—Calculations on 
data elements represented as a fixed-point or fractional 
component and an exponent; such calculations assure 


CHAPTER 5 + THE COZY CORNER LAB 


oF a in _ 
T“ m= ou oo 
a a a a a a 
=f oS i eu 
e co a ol oo 
a a a a a a 
S = 5 = z 3 sal R IRIG 
- POWER (RIGH 
POWER (LEFT) T) 
a 3 5 = ss Š 3 
Pn — m en a W 
= y= = E |] e 
a a O O a 
i eu ao <r = o 
a — — E m aw 
a a E = | 


Figure 5-23. The schematic of the LED array, showing both parallel and series circuits. The circuit offers 
two power connectors to make it easy to wire multiple LED arrays using the same power supply. 


Summary 


Even if your workbench doesn't look as bad as the one presented at the beginning of this chapter (or 
even if it looks worse), hopefully you've learned a thing or two about the importance of they saying, “A 
place for everything and everything in its place.” Since you get to decide where everything goes, you can 
either make it easy or hard on yourself as the years go by. 

The workspace in this chapter extended to a total of 10 square feet. If this is what you have to work 
with, you can certainly set up a comfortable, safe, and productive area for your electronic projects. If you 
have even more space available (adding a shelf either above or below the desk is a great way to do this), 
then even better. 

Hopefully some of the more detailed descriptions of how electronic components can be wired up 
have given you some ideas for projects of your own. The very best possible way to learn more about 
electronics is to think up some simple experiments and try to build them in your lab. Have a goal, take 
lots of notes, and have some fun—even your failures can be used as stepping stones to more ambitious 
and creative projects in the future. 

Have a lot more room? Then perhaps you should be thinking about setting up a group lab or 
classroom. Chapter 6 will give you some helpful advice about what you are going to need to get started. 
See you there! 
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a specific degree of accuracy for values over a wide 
numerical range. 

floating-point routine —Coded instructions in 
proper sequence to direct a computer to perform a 
calculation with floating-point operation. 

floating-point system — A system of numbering in 
which an added set of digits is used to denote the location 
of the radix point. See also fixed-point system. 

floating-point unit— In programming languages, 
a constant of type integer, real, double precision, or 
complex. Relates to a mathematical coprocessor. 

floating potential — The dc voltage between an 
open-circuited terminal of a circuit and a reference point 
when a de voltage is applied to the other circuit terminals 
as specified. 

floating zero— In a machine-tool contro] system, 
the characteristic that allows the reference-point zero to 
be located readily anywhere along an axis of travel, 
Previously established reference points are eliminated 
from the control memory. 

float switch — A switch actuated by a float on the 
surface of a liquid. 

float-zone crystal — A crystal grown by passing a 
molten zone through a cylinder of material. No other 
material, with the possible exception of a gas, contacts 
the molten zone. When the crystal is grown in a vacuum, 
the term vacuum float-zone crystal is frequently used. 

flock — Finely divided felt used on phonograph turnta- 
bles, underneath microphone stands, or wherever a non- 
scratching surface is desired. 

F/logic—-A computer program developed by Bell 
Northern Research that can simulate large digital cir- 
cuits with up to 32,000 gates. The program can simulate 
and detect faulty components, and trace and measure 
the circuit response. F/logic is a gate-level simulator, 
which means the simulator recognizes a circuit in terms 
of its constituent gate elements, such as NAND, NOR, 
and inverter gates. It is applicable in four areas of the 
design process: conceptual logic verification, completed 
design verification, fault simulation, and logic documen- 
tation. 

flood projection—- In facsimile transmission, an 
optical method in which all of the subject to be transmitted 
is illuminated and the scanning spot is defined by an aper- 
ture between the subject and the light-sensitive device. 

floor trap — A trap, such as a trip wire switch or a 
mat switch, installed so as to detect the movement of a 
person across the floor space. 

floppy disk— Also called a diskette. 1. A small, 
flexible disk carrying a magnetic medium in which digital 
data is stored for later retrieval and use. 2. A double-sided 
flexible vinyl disk that is coated with a magnetic oxide 
that serves as a memory medium for personal computers. 
Each side is organized in concentric circles called tracks, 
and each track is divided into sectors. The standard 3.5- 
in. diameter double-density disk is contained in a ngid 
square protective enclosure and has a formatted capacity 
oí 1.44 Mbytes. The 5-!/, inch and older 8-inch disks are 
now obsolete. 

flow — 1. The passage of electrons (a current) through 
a conductor or through the space between electrodes. 2. A 
general term to indicate a sequence of events. 

flow amplification — The rate of change of the flow 
in a specified load impedance, connected to a device, with 
respect to the change in the flow applied to the controls 
of the device. 

flow amplifier— A device that causes a change in 
output power following a change in control power of 
sufficient magnitude. 

flowchart—— Also called flow diagram. 1. A graphic 
presentation of the major steps of work in process with 
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accent on how the work flows through the process 
rather than on how the steps are done. 2, A graphical 
representation of the definition, analysis, or method of 
solution of a problem, particularly a problem to be 
solved on a computer. Symbols are used to represent 
operations, data flow, a process or sequence of decisions, 
and events. 3. A graphical representation used primarily 
to help in the development of a computer program 
by illustrating how a computer program logic is laid 
out, and to provide documentation for the program. 
4. Symbolic representation of a program sequence, where 
boxes represent orders or computations and diamonds 
represent tests and decisions (branches). A flowchart is the 
recommended step between algorithm specification and 
program writing since it greatly facilitates understanding 
and debugging by breaking down the program into logical 
sequential modules. 

flowcharting—A means of illustrating the steps 
required to solve a computer problem. It helps to clearly 
visualize each step in the solution of a problem and also 
provides a schematic diagram of the steps used. The shape 
of the symbol indicates its use. 

flowchart symbol— A symbol used on a flowchart 
to represent data flow, equipment, or an operation. 

flow control — 1. A mechanism that allows a receiver 
to limit the amount of data a sender may transmit at any 
time. 2. The method used to regulate the rate of data 
exchange between the end users of a packet network in 
order to prevent system overloading. In general, the input 
is Slowed down or stopped until the network handles the 
previous input. 

flow diagram — Also called flowchart. A chart show- 
ing all the logical steps of a computer program. A program 
is coded by writing down the successive instructions that 
will cause the computer to perform the logical operations 
necessary for solving the problem, as represented on a 
flowchart. 

flow direction —In flowcharting, the antecedent-to- 
successor relation between operations on a flowchart; it 
is indicated by arrows or other means. 

flowed wax— A mechanical recording disc prepared 
by melting and flowing wax onto a metal base. 

flowline— On a flowchart, a line that represents a 
connecting path between flowchart symbols, such as a 
line indicating transfer of data or control. 

flowmeter — A device for measuring the rate of flow 
of liquids or gases. 

flow soldering— Also called wave soldering. A 
method of soldering printed circuit boards by moving 
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them over a flowing wave of molten solder in a solder 
bath. 

fluctuating current— A direct current that changes 
in valuc, but not at a steady rate. 

fluctuation noise — Noise resulting from undesired 
fluctuations in quantity and/or velocity of electron (or 
hole) flow. See random noise; shot noise. 

fluctuation voltage — Small voltage variations in 
a thermionic tube due to thermal agitation, shot effect, 
flicker effect, etc. 

fluid computer—A digital computer constructed 
totally from fluid logic elements. All logic functions are 
carried out by interaction between jets of air or liquid, and 
the device contains no moving parts or electronic circuits. 

fluid damping— Damping obtained through dis- 
placement of a viscous fluid and the accompanying dissi- 
pation of heat. 

fluidic — Of or pertaining to devices, systems, assem- 
blies, etc., utilizing fluidic components. 

fluidics — 1. The branch of engineering and technol- 
ogy concemed with the design and production of logic 
elements, amplifiers, and the like, that depend for their 
operation on interactions between jets of fluid rather than 
on electrical phenomena. (While slower than electronic 
logic systems, fluid logic systems can operate in envi- 
ronments that would damage electronic systems.) 2. The 
technology wherein sensing, control, information pro- 
cessing, and/or actuation functions are performed solely 
through utilizing fluid dynamic phenomena. 

fluidized bed coating— A method of applying a 
resin coating to an article. The heated article is immersed 
in a dense-phase aerated bed of powdered resin, and then 
is heated in an oven to obtain a smooth, pinhole-free 
coating. 

fluorescence — The emission of light (or other elec- 
tromagnetic radiation of longer wavelengths) by a sub- 
stance as a result of the absorption of some other radiation 
of shorter wavelengths only as long as the stimulus pro- 
ducing it is maintained. Luminescence persists for less 
than about 1078 second after excitation is stopped. 

fluorescence spectroscopy — The spectroscopic 
study of radiation emitted by the process of fluorescence. 

fluorescent — Having the property of giving off light 
when activated by electronic bombardment or a source of 
radiant energy. 

fluorescent display — A numerical or alphanumer- 
ical display whose segments are composed of fluorescent 
material that glows with a blue-green light when bom- 
barded by electrons. 

fluorescent lamp — 1. An electric discharge lamp in 
which a gas ionizes and produces radiation that activates 
the fluorescent material inside the glass tubing. The 
phosphors in the fluorescent material transform the radiant 
energy from the electric discharge into wavelengths giving 
more light (higher luminosity). 2. A low-pressure mercury 
electric-discharge lamp in which a fluorescing coating 
(phosphor) transforms some of the ultraviolet energy 
generated by the discharge into light. 

fluorescent light source—A tube containing 
mercury vapor, lined with phosphor. When current is 
passed through the vapor, the strong ultraviolet emission 
excites the phosphor, which emits visible light. The 
ultraviolet itself cannot emerge becasue it is absorbed by 
the glass. 

fluorescent material— A material that fluoresces 
readily when exposed to electron beams, X-rays, or other 
radiation. 

fluorescent screen— A sheet of material coated 
with a fluorescent substance so as to emit visible light 
when struck by ionizing radiation such as X-rays or 
electron beams. 


294 


fluorometer — An instrument for measuring fluores- 
cence. 

fluoroscope — 1. An instrument with a fluorescent 
screen suitably mounted with respect to an X-ray tube, 
used for immediate indirect viewing of internal organs of 
the body, or internal structures in apparatus, or masses of 
metals, by means of X-rays. A fluorescent image (really 
a kind of X-ray shadow picturc) is produced. 2. An X-ray 
device in which the image appears on a fluorescent screen 
rather than on a photographic film. 

fluoroscopy — The use in diagnosis, testing, etc., of 
a fluorescent screen activated by X-rays. 

flush receptacle—-A receptacle recessed into a 
wall, with only the plate extending beyond the surface. 

flush-type instrument— An instrument designed to 
be mounted with its face projecting only slightly from the 
front of the panel. 

flutter — Also called wow and drift. 1. The frequency 
deviations produced by irregular motion of a turntable 
or tape transport during recording, duplication, or repro- 
duction. The term flutter usually refers to relatively high 
cyclic deviations (for example, 10 Hz), and the term 
wow to relatively low ones (for example, a variation 
of once per tumtable revolution). The term drift usually 
refers to a random rate close to 0 Hz. 2. In communi- 
cations, (a) distortion due to variations in loss resulting 
from simultaneous transmission of a signal at another fre- 
quency, or (b) a similar effect due to phase distortion. 
3. Rapidly repeated fluctuations in tape speed that intro- 
duce spurious burbling, quivering, or shimmering vari- 
ations in the pitch of the reproduced sound. 4. A fast 
change in pitch (about 10 Hz) caused by a change in the 
speed of a turntable specified as a percentage of the test 
frequency (usually 3000 or 3150 Hz); figures below about 
0.1 percent are good. 5. The audible effect of short-term 
recording speed fluctuations, occurring at a low audio or 
an infrasonic rate (0.5 to 200 Hz). This causes a frequency 
modulation of the program material, heard as a wavering 
or roughness of the sound. It is described as a percent- 
age of rated speed; the smaller this percentage, the less 
audible the flutter. The percentage is generally combined 
with wow. It is often weighted (wrms) so that it corre- 
sponds to the average human hearing response. Flutter is 
particularly noticeable on piano or oboe, and may make 
the music sound watery or sour. 6. A rapid, extraneous 
variation in the pitch or frequency of a sound, usually 
caused by mechanical deviation in an element that should 
maintain constant speed. In tape recording, this may be 
caused by a faulty mechanism or by momentary sticking 
of the tape as it feeds through the transport and past the 
head. 

flutter bridge—An instrument for measuring the 
irregularities in a constant-speed device such as a film, 
disc, or tape recorder. 

flutter echo—1.A rapid succession of reflected 
pulses resulting from a single initial pulse. 2. A multiple 
echo in which the reflections occur in rapid succession. If 
periodic and audible, it is referred to as a musical echo. 

flutter rate-— The number of times per second the 
flutter varics. 

flux-— 1. Number of particles crossing a unit area per 
unit time. The common unit of flux is particles/cm?/s. 
Integrated flux, after an exposure of time T, is equal to 
the total number of particles that have traversed a unit 
area during time 7. 2. The number of photons that pass 
through a surface per unit time. Expressed in lumens or 
watts. 3. The lines of force that make up an electrostatic 
field. 4. The rate of energy flow passing to, from, or 
through a surface or other geometric entity, Radiant flux is 
expressed in watts; luminous flux is expressed in lumens. 
Flux is sometimes erroneously referred to as optical 
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power. 5. A substance used to promote or facilitate fusion, 
such as a material that removes oxides from surfaces to 
be joined by soldering, brazing, or welding. The flux also 
reduces surface tension of molten solder and metal to 
be soldered, and it covers the material being soldered to 
prevent reoxidation of the surface during the soldering 
operation. Rosin is widely used in electronics soldering. 
6. The total amount of energy radiated in all directions 
per unií time from an electromagnetic source. 

flux changes per inch —The number of polarity 
reversals possible in 1 inch (2.54 cm) of magnetic tape. 

flux concentration— The intensity of radiation 
transmitted to a receiver. 

flux concentrator — Any ferrous material attached 
to the sensor package to concentrate more of the available 
flux into the sensing area, thercby increasing the flux 
density at the chip. 

flux-cored solder — Hollow-wire solder containing 
flux. 

flux density—1.A measure of the strength of a 
wave; flux per unit area normal to the direction of the 
{lux; number of photons passing through a surface per unit 
time per unit area. Expressed in watts/cm* or lumens/ft’. 
2. The number of lines or maxwells per unit area in a 
section normal to the direction of the flux. 

fluxgate — A magnetic azimuth-sensitive element of 
the fluxgate-compass system activated by the earth’s 
magnetic field. 

fluxgate compass — A gyrostabilized, remote-indi- 
cating compass and azimuth-control system used with 
automatic pilots. 

fluxgraph— A machine that automatically plots on 
paper the magnetic field strength at various points in the 
vicinity of a coil. 

flux guide —-In induction heating, a magnetic mate- 
rial used for guiding the electromagnetic flux to the 
desired location or for confining it to definite regions. 

flux intensity — Flux per unit solid angle. 

flux linkage — 1. Magnetic lines of force that link a 
coil of wire. Whenever the flux linkage changes, an emf 
is generated in the coil. 2, The product of a number of 
turns in an electrical circuit by the average value of flux 
linked with the circuit. 

fluxmeter—-An instrument used with a test coil for 
measuring magnetic flux. It consists usually of a moving- 
coil galvanometer in which the torsional control is either 
negligible or compensated. 

flyback — Also called retrace. 1. The shorter of the 
two time intervals comprising a sawtooth wave. 2. As 
applied to a cathode-ray tube, the return of the spot to 
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its starting point after having reached the end of its trace. 
This portion of the wave is usually not seen because of 
blanking circuits or the shortage of time. 

flyback checker— An instrument used to check 
flyback or other transformers or inductors for open 
windings or shorted turns, 

flyback diode — See freewheeling diode. 

flyback power supply—-The power supply that 
generates the high dc voltage required by the second 
anode of a picture tube. This voltage is produced during 
the flyback period, the current in the horizontal-deflecting 
coils reversing and inducing a sharp pulse in the primary 
of the transformer supplying the deflection circuit. This 
pulse is stepped up by an autotransformer and rectified. 
After suitable filtering, it becomes a very high dc voltage. 

flyback tester— An instrument that tests flyback 
transformers and sometimes also deflection yokes. 

flyback time — The period during which the electron 
beam is returning from the end of a scanning line to begin 
the next line. 

flyback transformer — Also called horizontal-out- 
put transformer. A transformer used in the horizontal- 
deflection circuit of a television receiver to provide the 
horizontal scanning and accelerating anode voltages for 
the cathode-ray tube. It also supplies the filament voltage 
for the high-voltage rectifier. 

flycutter— An accessory used with a drill press to 
cut out large round holes in metal or wood. 

flying erase head — An erase head in a camcorder 
that allows the user to edit while shooting and achieve 
perfectly clean splices between the edited segments. The 
flying crase head follows a path in its erasing process 
that matches that of the recording heads, completely 
eliminating the unerased blanks and rainbow streaking 
effect left by fixed erase heads. 

flying spot— 1. A small, rapidly moving spot of 
light, usually generated by a cathode-ray tube, used to 
scan an image field for television transmission. 2. The 
quick, mobile spot of light emitted by a source, generally 
a cathode-ray tube, to illuminate specific points of an area 
carrying light and dark regions according to a specific 
pattern. 

flying-spot scanner — Also called light-spot scan- 
ner. 1. A television scanning device embodying a small 
beam that is moved over a scene or film and translates 
the highlights and shadows into electrical signals. 2. In 
optical character recognition, a device employing a mov- 
ing spot of light to scan a sample space, the intensity 
of the transmitted or reflected light being sensed by a 
photoelectric transducer. 
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fly's-eye lens— A multiple lens made up of hun- 
dreds of small, closely spaced lenses, It forms many 
images of the same subject and eliminates the need for 
step-and-repeat techniques in the fabrication of microelec- 
tronic circuits, 

flywheel diode — See freewheeling diode. 

flywheel effect —The maintaining of oscillations in 
a circuit in the intervals between pulses of excitation 
energy. The action is analogous to the rotation of a 
flywheel due to its stored mechanical energy. 

flywheel synchronization — Automatic frequency 
control of a scanning system based on the average timing 
of the incoming sync signals rather than triggering of 
the scanning circuit by each pulse. It is used in high- 
sensitivity television receivers for fringe-area reception, 
in which noise pulses might otherwise trigger the sweep 
Circuit prematurely. 

flywheel tuning—A _ tuning-dial mechanism that 
uses a heavy flywheel on the control shaft for added 
momentum, to obtain a smoother tuning action. 

flywire-—A fine [0.001- to 0.003-inch (25- to 75- 
um) diameter] gold or aluminum wire used for circuit 
interconnection. 

FM — Abbreviation for frequency modulation. 

FM/AM — A system in which information subcarriers 
are frequency modulated and are used to amplitude 
modulate the carrier. 

FM/AM multiplier —A multiplier in which a carrier 
is modulated so that its frequency deviation from the cen- 
ter value is proportional to one variable, and its amplitude 
is proportional to another variable. The modulated carrier 
is then consecutively demodulated for FM and for AM. 
The final output is proportional to the product of the two 
variables. 

FM broadcast band—The band of frequencies 
extending from 88 to 108 MHz, which includes those 
assigned to noncommercial educational broadcasting. 

FM broadcast channel—-A band of frequencies 
200 kHz wide and designated by its center frequency. 
Channels for FM broadcast stations begin at 88.1 MHz 
and continue in steps of 200 kHz through 107.9 MHz. 
The portion of the band from 88.1 to 91.9 MHz is 
reserved for educational broadcasts. 

FM broadcast station— A station employing fre- 
quency modulation in the FM broadcast band and licensed 
primarily for the transmission of radio emissions intended 
to be received by the general public. 

FM discriminator—A device that converts fre- 
quency variations to proportional variations in the ampli- 
tude of an electrical signal. Discriminators may be of 
several basic types, such as pulse averaging, Foster-Seely, 
ratio detector, or phase-lock correlation detector. 

FM discriminator (subcarrier)— The same as 
an FM discriminator except that it is used to convert 
subcarrier frequency variations into proportional voltage 
or current signals. 

FM Doppler-—Type of radar involving frequency 
modulation of both carrier and modulation on radial 
sweep. 

FM-FM —Frequency modulation of a carrier by one 
or more subcarriers that are themselves frequency modu- 
lated by information. 

FM laser— A conventional laser with a phase modu- 
lator inside its Fabry-Perot cavity. It is characterized by a 
lack of noise resulting from random phase fluctuation in 
the various modes. 

FM multiplex-— See FM stereo. 

FM noise level — Residual frequency modulation of 
an aural transmitter as a result of disturbances in the 
frequency range between 50 and 15,000 Hz. 
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FM noise/phase noise — The short-term frequency 
variations in the output frequency that appear as energy at 
frequencies other than the carrier. It is usually expressed 
in terms of dBc or as an rms frequency deviation in a 
specified frequency removed from the carrier. 

FM/PM —.A system in which information subcarriers 
are frequency modulated and used to phase modulate the 
carrier. 

FM radar— See frequency-modulated radar. 

FM receiver deviation sensitivity — The smallest 
frequency deviation that results in a specified output 
power. 

FM recording (magnetic) tape—A method of 
recording in which the input signal modulates a voltage- 
controlled oscillator, the output of which is delivered to 
the recording head. 

FM stereo— Also called FM multiplex. 1. A means 
by which FM radio stations are able to transmit stereo- 
phonic program material to specially designed receivers 
and which is at the same time compatible with mono- 
phonic equipment. 2. FM broadcasting in which two 
channels of sound are transmitted, offering a signal simi- 
lar to the stereo available from records and tapes. To hear 
FM stereo requires either a stereo FM tuner or a mono- 
phonic FM tuner fitted with an FM stereo adapter. The 
technical means for transmitting FM stereo is known as 
multiplexing. 

FM stereophonic broadcast— The transmission 
of a stereophonic program by a single FM broadcast 
Station utilizing the main channel and a subchannel to 
carry the signals required to produce the stereophonic 
effect. 

f-number— In optical terminology, a number that 
describes a lens; ratio of focal length to lens diameter. 

FO — Abbreviation for fiber optics. 

foam fluxing — A commonly used wave-solder flux- 
ing method in which flux foam is generated from a liquid 
flux by means of a porous diffuser, such as a hollow 
cylindrical stone. Low compressed air forced through the 
pores of the stone, immersed ín the flux, generates fine 
bubbles of foam, which are guided to the surface by a 
chimney nozzle. See also brush fluxing; spray fluxing; 
wave fluxing. 

focal length— 1. Symbolized by f. The distance 
from the principal focus (focus of parallel rays of light) to 
the surface of a mirror or the optical center of a lens. 2. Of 
a lens, the distance from the focal point to the principal 
point of the lens. 

focal plane —A plane (through the focal point) at 
right angles to the principal axis of a lens. That surface 
on which the best image is formed. 

focal point — The point at which a lens or mirror will 
focus parallel incident radiation. 

focal distance-to-diameter ratio (F/D) — The 
ratio of feedhorn distance to the center of an antenna 
divided by the diameter of the antenna. 

focometer — An instrument for measuring the focal 
length of a lens or an optical system. 

focus — 1. The convergence of light rays or an elec- 
tron beam at a selected point. 2. The sharp definition of a 
scanning beam in television receivers or optical systems. 
3. The point at which light rays or an electron beam form 
a minimum-sizc spot. 4. The action of bringing light or 
electron beams to a fine spot. 

focus control — 1. On a television receiver, a poten- 
tiometer control used for fine focusing of the electron 
beam. The control varies the first-anode voltage of an 
electrostatic tube or the focus-coil current of a magnetic 
tube. 2. A manual adjustment for electrostatically bring- 
ing the electron beam of a vidicon or picture tube to a 
minimum-size spot, producing the sharpest image. 
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focusing — The process of controlling the conver- 
gence and divergence of an electron or light beam. 

focusing anode— One of the electrodes used to 
focus the electron beam in a cathode-ray tube. As its 
potential changes, so does the electric field, thereby 
altering the path of the electrons. 

focusing coil —The coil around the neck of a 
cathode-ray tube. It provides a magnetic field, parallel 
to the electron beam, for controlling the cross-sectional 
area of the beam on the screen. 

focusing electrode—An electrode to which a 
potential is applied to control the cross-sectional area of 
the electron beam. 

focusing magnet— A permanent magnet assembly 
that produces a magnetic field for focusing the electron 
beam in a cathode-ray tube. 

focus projection and scanning—A method 
of magnetically focusing and electrostatically deflecting 
the electron beam in a hybrid vidicon. A transverse 
electrostatic field defiects the beam, and an axial magnetic 
field focuses the beam. 

foil —1. A thin continuous sheet of metal, usually 
copper or aluminum, used as the conductor for printed 
circuits, Foils used for printed circuits are commonly 1 
or 2 ounces per square foot (30 or 60 g/cm?); the thinner 
the foil, the lower the required etch time. Thinner foils 
also permit finer definition and spacing. 2. The thin metal 
shield in a shielded cable. It is equivalent to a long tubular 
capacitor that surrounds one or more signal wires. This 
electrostatic shield must be grounded at only one end of 
the cable by means of the drain wire. See shield. 3. A 
very thin shect of metal, such as tin or aluminum. Used 
in the construction of fixed capacitors. 4. Thin metallic 
strips that are cemented to a protected surface (usually 
glass in a window or door), and connected to a closed 
electrical circuit. If the protected material is broken so 
as to break the foil, the circuit opens, initiating an alarm 
signal. Also called tape. A window, door, or other surface 
to which foil has been applied is said to be taped or foiled. 

foil connector— An electrical terminal block used 
on the edge of a window to join interconnecting wire to 
window foil. 

foil electret— A polymer plastic film about 1 mil 
(25 um) thick with a very thin metal layer evaporated on 


one surface and having permanent electrostatic polariza- 
tion created by electron bombardment or by heating while 
exposed to a powerful electric field. Used to make electret 
microphones. 

foldback — British term synonymous with talkback. 
A technique for protecting voltage regulators from short 
circuits. After a certain output-current level is reached, 
any further load on the regulator results in less, rather 
than more, current. See cue bus. 

foldback characteristic —See current limiting 
(automatic). 

foldback current limiting — 1. An overload protec- 
tion method whereby the output current of a power supply 
is decreased as the load approaches short circuit. Under 
output short circuit, the output current is, therefore, less 
than the rated output current, This technique minimizes 
internal power dissipation under overload conditions. 2. A 
proteclive circuit in a power supply that monitors the out- 
put current drain, and automatically reduces the output 
voltage to very low levels when the drain current exceeds 
a preset level. The output voltage is usually reduced to a 
level at which approximately 25 percent of the nominal 
current flows. 

foldback operation — In a power supply, a tech- 
nique similar to current limiting except that when the load 
demands too much current, the power supply reacts by 
reducing both its output current and output voltage. 

folded cavity— An arrangement used for producing 
a cumulative effect in a klystron repeater. This is done by 
making the incoming wave act in several places on the 
electron stream from the cathode. 

folded-dipole antenna— An antenna comprising 
two parallel, closely spaced dipole antennas. Both are 
connected together at their ends, and one is fed at its 
center. 

folded heater—A strand of bent, coated wire 
inserted into a cathode sleeve. 

folded horn—1. An acoustic hom that is curled 
to permit more efficient use of the space it occupies. 
2. A type of speaker enclosure employing a horn-shaped 
passageway for aiding the bass response. 

folding frequency — The frequency that is one-half 
the sampling rate when samples are made continuously at 
equal intervals. 
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foldover — A distorted television picture that appears 
to overlap horizontally or vertically. It is due to nonlinear 
horizontal- or vertical-sweep circuits. 

follow current— 1. That line current which tends 
to follow a lightning discharge through an arrester to 
ground. 2. The current through a lightning protector from 
a connected steady-state power source that flows during 
and following the discharge of a surge or transient current. 

follower— A circuit in which the output of a high- 
gain amplifier is fed directly back to its negative input. 
The input signal is reproduced without polarity reversal. 

follower drive— Also called slave drive. A drive 
in which the reference input and operation are direct 
functions of a master drive. 

follower with gain—A follower in which only a 
part of the output voltage is fed back in series opposition 
to the input signal. Hence, closed-loop gain greater than 
unity is obtained over the rated range of operation. 

following blacks — Also called edge effect, trailing 
reversal, or trailing blacks. A picture condition in which 
the edge following a white object is overshaded toward 
black (i.e., the object appears to have a trailing black 
border). 

following whites — Also called edge effect, trailing 
reversal, or trailing whites. A picture condition in which 
the edge following a black or dark gray object is shaded 
toward white (i.e., the object appears to have a trailing 
white border). 

follow-on current — The current from power sources 
that flows through a transient suppressor during and 
after discharge. Spark gaps, gas-discharge tubes, and 
SCR/thyristor crowbars offering a low impedance path 
to transient energy provide a low-impedance path for line 
current, as well. This follow-on current must be handled 
by the device until the follow-on voltage is removed. 

font— 1. The characteristic style of a set of alphanu- 
merics, e.g., gothic. 2. An alphabetic, numeric, or other 
graphic shape, i.e., 10-point Times Roman font, 1428E 
font, ocr (A) font, etc. 3. A family or assortment of char- 
acters of a given size and style. 4. A character set in 
a particular style and size of type, including all alpha- 
bet characters, numerics, punctuation marks, and special 
symbols. 5. A complete set of letter, numbers and symbols 
with a common design. 

footcandle — Letter symbol: fc. The unit or measure 
of illumination in which the foot is taken as the unit of 
length. It is the illumination on a surface 1 square foot 
in area on which there is a uniformly distributed flux 
of 1 lumen, or the illumination produced on a surface 
all points of which are at a distance of 1 foot from a 
directionally uniform point source of 1 candela. 

foot control—A foot-actuated start-stop switch, 
usually used for dictating and transcribing via tape. 

footlambert —Letter symbol: fL. A unit of lumi- 
nance (photometric brightness) equal to 1/2 candela per 
square foot or to the uniform luminance of a perfectly 
diffusing surface emitting or reflecting light at the rate 


of 1 lumen per square foot or to the average luminance 
of any surface emitting or reflecting light at that rate. 
The average luminance of any reflecting surface in foot- 
lamberts is, therefore, the product of the illumination in 
footcandles by the luminous reflectance of the surface. 
Thus, a desk may be receiving 100 footcandles of illumi- 
nation, but if it is a dark color it may be reflecting, say, 20 
footlamberts. We “see” footlamberts, not footcandles. For 
a perfectly reflecting and perfectly diffusing surface, the 
number of lumens per square foot is equal to the number 
of footlamberts. 

foot-pound— A unit of measurement equivalent to 
the work of raising one pound vertically a distance of 
1 foot. 

footprint — 1. The area covered by downlink signals 
transmitted from a satellite. 2. The space a device occu- 
pies on a desk or in a workplace. 3. The geographic area 
toward which a satellite downlink antenna directs its sig- 
nal. The measure of strength of this footprint is the EIRP. 

foot rail— A holdup alarm device, often used at 
cashiers’ windows, in which a foot is placed under the 
rail, lifting it, to initiate an alarm signal. 

forbidden band — The energy band lying between 
the conduction and valence bands. The energy difference 
across it determines whether a solid acts as a conductor, 
semiconductor, or insulator. 

forbidden combination — A combination of bits or 
other representations that is invalid according to some 
Criterion. 

forbidden-combination check— A test, usually 
automatic, for the occurrence of a code expression that is 
not permissible. A self-checking code (or error-detecting 
code) uses code expressions such that errors result in 
a forbidden combination. A parity check uses a self- 
checking binary-digit code in which the total number of 
ls (or Os) in each permissible code expression is always 
even or always odd. A check may be made for either even 
parity or odd parity. A redundancy check makes use of 
a self-checking code that employs redundant digits called 
check digits. 

forbidden energy gap— The energy range of a 
semiconductor between the bottom of the conduction band 
and the top of the valence band. Electrons cannot exist at 
energies within this range. 

force— 1. Any physical action capable of moving a 
body or modifying its motion. 2. In computer program- 
ming, manual intervention that directs the computer to 
execute a jump instruction. 

force-balance transducer — A transducer in which 
the output from the sensing member is amplified and fed 
back to an element that causes a force-summing member 
to return it to its rest position. The magnitude of the signal 
fed back determines the output of the divide, like the error 
signal in a servo signal. 

forced coding—See minimum-access program- 
ming. 

force differential — The difference between the 
Operating force and the release force of a momentary 
contact switch. 

forced oscillation — [In a linear constant-parameter 
system, the response to an applied driving force, exclud- 
ing the transient that results from energy at the time the 
driving force is applied. 

force factor (of an electromechanical or elec- 
troacoustic transducer) —1. The complex quotient 
of the force required to block the mechanical or acous- 
tic system, divided by the corresponding current in the 
electrical system. 2. The complex quotient of the resul- 
tant open-circuit voltage in the electric system, divided 
by the velocity in the mechanical or acoustic system. 
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force feedback — Sensing technique using electrical 
or hydraulic signals to control a robot end effector. 

force-summing device — In a transducer, the ele- 
ment directly displaced by the applied stimulus. 

foreground processing — The automatic execution 
of computer programs that have been designed to preempt 
the use of the computing facilities. 

fore pump — An auxiliary vacuum pump used as the 
first stage in evacuating vacuum systems. 

foreshortened addressing — A feature of control 
computers that makes it possible to use simpler instruc- 
tions when addressing the computer; hence less of the 
available computer storage is used for this purpose. 

fork oscillator — An oscillator in which a tuning fork 
is the frequency-determining element. 

fork tines— The projecting ends of a tuning fork. 
When vibrated, they produce a constant frequency. 

form —- To apply a voltage to an electrolytic capacitor, 
semiconductor, or other component as part of a manufac- 
turing process, in order to cause a desired change in its 
characteristics. 

formal logic —The study of the structure and form 
of a valid argument without regard to the meaning of the 
terms in the argument. 

formant— |. The particular frequency region in 
which the energy of a vowel sound is concentrated 
most strongly. 2. In an organ, an electrical circuit whose 
purpose is to alter the tone quality of sound amplified by 
it. A formant filter is applied to the entire output from a 
manual, rather than to individual tones. 

formant filter — A waveshaping network used in an 
orgen to modify the signal from the tone generator so it 
will assume the waveshape of the desired tone. 

formants — Resonances in the frequency spectra of 
voiced speech. Formants appear as bands in a spectro- 
graphic display of voiced speech. Formants help to dis- 
tinguish one sound from another. 

formant synthesis— 1. A technique for modeling 
the natural resonances of the vocal tract. For recognizable 
speech, at least three formants should be used for each 
yoice utterance. Voiced sounds are generated from an 
impulse source that is modulated in amplitude to control 
intensity. The resulting signal is passed through two 
levels of filtering. The first is a time-varying filter 
composed of cascaded resonators that correspond to the 
source-spectrum and mouth-radiation characteristics of 
the speech waveform. Unvoiced sounds, generated as 
white noise, are passed through a variable-pole-zero filter. 
The second filter used for voiced sounds can be reused for 
the unvoiced sounds. The coefficients for these filters are 
stored in ROM. An approximate number of memory bits 
required for a second of speech is 400. 2. A parameter- 
encoding technique that models speech information by 
tracking the formants of the frequency spectrum. 

format— 1. In a computer, a specified grouping of 
data to facilitate storage and movement of the data in the 
system. A given format may include control codes, record 
marks, block marks, and tape marks in a prearranged 
sequence. The format tells the operator or the system how 
the transfer, processing, and printing of data are to be 
controlled. The term format also describes the layout of 
characters on printed copy, which is directly related to the 
data format. 2. A model for a microinstruction consisting 
of fields that contain constants, variables, and don’t cares. 
3. A message or data structure that allows identification 
of specific control codes or data by their position dur- 
ing processing. 4. The orderly structured arrangement of 
data elements (bits, characters, bytes, and/or files) to form 
a larger entity, such as a list, table, record, file, or dic- 
tionary. 5. A contraction meaning the form of material, 
designating the predetermined arrangement of text/data 
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for output. 6. The layout, presentation, or arrangement of 
data on a screen, file, or paper. 7. A specified arrangement 
of data that permits identification of control and informa- 
tion content. 8. To prepare a disk for reading, writing, and 
accepting files. 

formatted diskette —1. A computer disk that has 
been initialized with DOS. 2. A diskette on which track 
and sector control information has been written. 

formatted display — Standardized data arrangement 
to make data entry faster and more organized. 

formatter — See buffer. 

formatting — 1. Preparing a diskette for use so that 
the operating system can write information on it. The 
formatting process erases any previous information on the 
diskette. 2. The arranging in a predefined order of code 
characters within a record. 3. The division of tracks into 
sections to make it easier to retrieve and update data. In 
each sector, the block of data is preceded by an identifying 
header. Gaps are inserted between sectors and between the 
header and data block within each sector to allow time for 
control logic functions. 

form factor—1. Shape (diameter/length) of a coil. 
2. Ratio of the effective value of a symmetrical alternating 
quantity to its half-period average value. 3. A figure of 
merit that indicates how much the current departs from 
pure de or from a continuous, nonpulsating current. Unity 
represents pure dc. Values greater than 1 indicate an 
increasing departure from pure dc. A departure from unity 
form factor increases the heating effect in a motor and 
reduces brush life. 

Formica—Trade name for a phenolic compound 
having good insulating qualities. 

forming — The application of voltage to an elec- 
trolytic capacitor, electrolytic rectifier, or semiconductor 
device to produce a desired permanent change in electrical 
characteristics as a part of the manufacturing process. 

formula translation — See FORTRAN. 

form-wound coil— An armature coil that is formed 
or shaped over a fixture before being placed on the 
armature of a motor or generator. Any coil wound on 
a fixture or dummy form. 

FORTRAN — 1. Acronym for formula translation. A 
procedure-oriented computer language designed to be 
used with problems expressible in algebraic notation. 
There are several forms: FORTRAN II, FORTRAN 
IV, etc. 2. A computer-programming language designed 
mainly for scientific problems. 3. A higher-level program- 
ming language designed for programming scientific-type 
problems. 

fortuitous conductor— Any conductor that may 
provide an unintended path for intelligible signals; for 
example, water pipe, wire or cable, metal structural 
members, and so forth. 

fortuitous telegraph distortion — |. Distortion 
other than bias or characteristic. It occurs when a signal 
pulse departs from the average combined effects of bias 
and characteristic distortion for one occurrence. Since 
fortuitous distortion varies from one signal to another, 
it must be measured by a process of elimination over a 
long period. It is expressed in a percentage of unit pulse. 
2. Distortion of telegraph signals that does not follow any 
pattern and is not predictable. 

forty-five/forty-five — Also called the Westrex sys- 
tem. A system of disc recording in which signals origi- 
nating from two microphones are impressed on each side 
of a groove. The two sides are cut 45° from the surface 
of the record. 

forty-five record — A 7-inch (17.8-cm) record with 
a 11/%-inch (3.8-cm) center hole. It is recorded at 45 rpm 
and played at the same speed. (No longer in use.) 
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forty-four-type repeater— Type of telephone 
repeater used in a four-wire system. It employs two 
amplifiers and no hybrid arrangements. 

forward — In or of the direction in which a nonlinear 
element, like a pn junction, conducts most easily. 

forward-acting regulator—A transmission regu- 
lator that makes an adjustment without affecting the quan- 
tity that caused the adjustment. 

forward-backward counter—A counter having 
both an add and subtract input and thus capable of 
counting in either an increasing or a decreasing direction. 

forward bias — 1. A voltage applied across a rectify- 
ing junction with a polarity that provides a low-resistance 
conducting path. By contrast, reverse bias causes the 
junction to block normal current. 2. An external voltage 
applied in the conducting direction of a pn junction. The 
positive terminal is connected to the p-type region, and 
the negative terminal to the n-type region. 

forward-biased second breakdown— A local 
thermal runaway phenomenon in a semiconductor char- 
acterized by high local temperature and uneven current 
density. It is strongly a function of breakdown voltage 
and is affected by the structure used. 

forward coupler— A directional coupler used for 
sampling incident power. 

forward current — 1. The current that flows across 
a semiconductor junction when a forward-bias voltage is 
applied. 2. Of a diode, the current through a diode in the 
forward direction. 

forward dc resistance — Of a diode, the quotient 
of forward voltage across a diode and the corresponding 
forward current. 

forward direction — 1. The direction of easy current 
flow through a semiconductor device when a given 
voltage within the ratings of the device is applied. In 
a conventional rectifier or diode, the forward direction 
is from anode to cathode when the anode is at a positive 
voltage with respect to the cathode. 2. Of a pn junction or 
a semiconductor diode, the direction of the unidirectional 
current in which the junction or diode has the lower 
resistance. 3. Of a tunnel diode, the direction of current 
within the diode for which the characteristic includes 
negative differential conductance. 

forward error correction — Abbreviated FEC. A 
technique for improving the accuracy of data transmis- 
sion. Excess bits are included in the outgoing data stream 
so that error correction algorithms can be applied upon 
reception. 

forward gate current— The current into the gate 
terminal of a field-effect transistor with a forward gate- 
to-source voltage applied. The gate current corresponding 
to the forward gate voltage. 

forward gate-to-source breakdown voltage — 
The breakdown voltage between the gate and source 
lerminals of an insulated-gate field-effect transistor with 
a forward gate-to-source voltage applied and all other 
terminals short-circuited to the source terminal. 

forward gate voltage — The negative gate-to-anode 
voltage for n-gate thyristors. The positive gate-to-cathode 
voltage for p-gate thyristors. 

forward path—In a feedback control loop, the 
transmission path from the loop-actuating to the loop- 
output signal. 

forward propagation by ionospheric scatter — 
A radiocommunication technique using the scattering 
phenomenon exhibited by electromagnetic waves in the 
30- to 100-megahertz region wben passing through the 
ionosphere at an elevation of about 85 kilometers. 

forward propagation by tropospheric scat- 
ter—A method of communication by means of 
ultrahigh-frequency FM radio. It provides reliable 


multichannel telephone, teletype, and data transmission 
without line-of-sight restrictions or the necessity of using 
wire or cables. 

forward recovery time — 1. In a semiconductor 
diode, the time required for the current or voltage to arrive 
at a specified condition after instantaneous switching from 
zero or a specified reverse voltage to a specified forward 
voltage. 2. The time required for the current or voltage to 
recover to a specified value after instantaneous switching 
of a semiconductor from zero or a specified reverse 
voltage to a specified forward bias condition. 

forward resistance — The resistance measured at a 
specified forward voltage drop or forward current in a 
rectifier. 

forward scatter—1. Propagation of electromag- 
netic waves at frequencies above the maximum usable 
high frequency through use of the scattering of a small 
portion of the transmitted cnergy when the signal passes 
from a nonionized medium into a layer of the ionosphere. 
2. A term referring collectively to very-high-frequency 
forward propagation by ionospheric scatter and ultrahigh- 
frequency forward propagation by tropospheric scatter 
communication techniques. 

forward scattering-—The reflected radiation of 
energy from a target away from the illuminating radar. 

forward short-circuit current amplification 
factor — In a transistor, the ratio of incremental values 
of output to input current when the output circuit is ac 
short-circuited. 

forward-transfer function — In a feedback contro] 
loop, the transfer function of the forward path. 

forward voltage—1. Voltage of the polarity that 
produces the larger current. 2. The voltage drop across 
a device after breaking over into conduction at some 
specified current. 3. Of a diode, the voltage across the 
terminals that results from the current in the forward 
direction. 4. Of a thyristor, a positive anode voltage. 

forward voltage drop— The resultant voltage drop 
when current flows through a rectifier in the forward 
direction. 

forward wave —In a traveling-wave tube, a wave 
with a group velocity in the same direction the electron 
stream moves. 

Foster-Seeley discriminator— A type of fre- 
quency discriminator thal converts a frequency-modulated 
signal into an audio signal. It requires a limiter to pre- 
vent random amplitude variations of the FM signal from 
appearing in its output. 


TO 
LIMITER 
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Foster's reactance theorem — The driving-point 
impedance of a finite two-terminal network composed 
of pure reactances is a reactance that is an odd rational 
function of frequency and that is completely determined, 
except for a constant factor, by assigning the resonant and 
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antiresonant frequencies. In other words, the driving-point 
impedance consists of segments going from minus infinity 
to plus infinity (except that at zero, or infinite, frequency, 
a segment may start or stop at zero impedance). The 
frequencies at which the impedance is infinite are termed 
poles, and those at which it is zero are termed zeros. 

FOTS — See fiber-optics transmission system. 

Foucault currents — See eddy currents. 

four-address code—An artificial language for 
describing or expressing the instructions carried out by a 
digital computer. In automatically sequenced computers, 
the instruction code is used for describing or expressing 
sequences of instructions. Each instruction word then 
contains a part specifying the operation to be performed, 
plus one or more addresses that identify a particular 
location in storage. 

four-channel sound — See quadraphonic. 

four-frequency diplex telegraphy — A method of 
“requency-shift telegraphy in which a separate frequency 
is used to represent each of the four possible signal 
combinations corresponding to two telegraph channels. 

four-horn feed — A cluster of four rectangular hom 
antennas used as the radiating and receiving elements 
of parabolic or lens-type radar antennas. The four seg- 
ments of the horn assembly define the four quadrants 
of information for direction to target sensing. Used on 
monopulse-type radar systems such as the AN/FPS-16. 

Fourier analysis — 1. The process of analyzing a 
complex wave by separating it into a plurality of com- 
ponent waves, each of a particular frequency, amplitude, 
and phase displacement. 2. The representation of arbitrary 
functions as the superposition of sinusoidal functions, 
whereby the representations themselves are referred to as 
Fourier series or Founer integers. 

Fourier series — A mathematical analysis that per- 
mits any complex waveform to be resolved into a fun- 
damental, plus a finite number of terms involving its 
harmonics. 

Fourier transform — 1. A mathematical relationship 
that provides a connection between information in the 
frequency domain and the time domain. The Fourier trans- 
form of correlation functions yields the power spectra. 
2. A mathematical operation that decomposes a time- 
varying signal into its complex frequency components 
(amplitude and the phase, or real and imaginary com- 
ponents). 3. Any of the various methods of decomposing 
a signal] into a set of coefficients of orthogonal waveforms 
(trigonometric functions). 4. Mathematical operation used 
to derive the frequency domain description of a distribu- 
tion. An efficient digital implementation is the fast Fourier 
transform, or FFT, The inverse Fourier transform retums a 
frequency domain description to the original distribution. 
The digital inverse form is known as the IFFT. 

four-layer diode—1. A semiconductor diode that 
has three junctions, with connections made only to the two 
outer layers that form the junctions. A Schottky diode is 
an example. 2. A pnpn two-terminal thyristor exhibiting 
a negative resistance characteristic in one direction. It 
has two stable states: an off state in which it displays 
a high series resistance, and an on state in which the 
series resistance is quite low. Switching time for the four- 
layer diode is in the nanosecond region. A very high ratio 
of hold current to switching makes it ideal for oscillator 
application. 

four-layer transistor—A junction transistor that 
has four conductivity regions, but only three terminals. 
A thyristor is an example. 

four-level laser— A type of laser that differs from 
a three-level type in that it has a terminal (lower level) 
for the laser transition that itself is an excited state of the 
system rather than ground level. Ordinarily, less energy is 
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required to obtain the necessary population inversion in a 
four-level laser because the terminal level may be almost 
empty initially. 

four-level system — A laser involving four elec- 
tronic energy levels. The ground state (level 1) is pumped 
to level 4, from which the excited electrons make a down- 
ward transition to the upper laser level 3 (or metastable 
level 3). Then, stimulated transition to the lower laser 
level 2 occurs, followed by rapid decay to the ground 
state. The four-level system has the advantage that the 
pump level and ground state are isolated from the laser 
action. 

four-pole network— See two-terminal-pair net- 
work. 

four-quadrant multiplier —In analog computers, a 
multiplier in which operation is not restricted with regard 
to the signs of the input variables. 

four-track — A quarter-track tape format in which the 
width of the tape is recorded in four parallel magnetic 
tracks, separated by narrow unrecorded guard bands. 

four-track recorder — See track configuration. 

four-track recording — Also called quarter-track. 
On quarter-inch-wide tape, the arrangement by which 
four different channels of sound may be recorded on 
adjacent tracks. These may be recorded as four separate 
and distinct tracks (monophonic), or two related (stereo) 
pairs of tracks. By convention, tracks | and 3 are recorded 
in the forward direction of a given reel, and tracks 2 and 
4 are recorded in the reverse direction. 

four-track tape— Also known as quarter-track. 
Tape on which four separate sound paths are recorded. 
The use of four tracks permits stereo in both directions 
of tape movement, or alternately, monophonic recording 
across four times the length of a given tape. 

four-track tape recording format — Either of two 
professional tape recording formats (four-track, half-track, 
or four-track quarter track) in which four channels (tracks) 
can be recorded in the same direction. 

four-wire circuit— 1. A two-way circuit with two 
paths. Each path transmits the electric waves in one 
direction only. The transmission paths may or may not 
employ four wires. 2, A full-duplex communications 
channel in which transmission occurs over one pair of 
wires and reception occurs over a separate pair. 

four-wire line—A two-way transmission circuit 
using separate paths for the two directions of transmission. 
For voice-frequency transmission, this requires two pairs 
(four wires). 

four-wire modem— A modem, using two pairs of 
wires, capable oí simultaneous data transmission in both 
directions (1.e., full-duplex modem). 

four-wire repeater —A telephone repeater used in 
a four-wire circuit. It has two amplifiers; one amplifies 
the telephone currents in one side of the four-wire circuit, 
and the other in the other side. 

four-wire resistance — Resistance measurement 
method that compensates for the resistance in the mea- 
surement leads as well as those in the meter's input 
terminals (and anywhere else in the measurement circuit, 
such as junctions). 

four-wire terminating set— A hybrid arrangement 
involving termination of four-wire circuits on a two-wire 
basis for interconnection with two-wire circuits. 

fox message—A diagnostic test message that 
includes all the alphanumerics on a teletypewriter, as 
well as most of the function characteristics such as 
space, figure shift, letter shift, etc. It is: THE QUICK 
BROWN FOX JUMPED OVER A LAZY DOG’S BACK 
1234567890- - -SENDING. The sending station’s identifi- 
cation is inserted in the three space blanks that precede 
the word “sending.” 
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fox test — See fox message. 

FPGA— Abbreviation for field-programmable gate 
array. An array of gates on a chip whose interconnections 
can be arranged electronically by the user. 

FPLA— Abbreviation for field-programmable logic 
array. A PLA that can be programmed by the user. FPLAs 
are used in particular to implement the control section of 
bit-slice processors. 

fractal — 1. A form of computer-generated art-making 
process that creates complex, repetitive, mathematically 
based geometric shapes and patterns that resemble those 
found in nature. 2. An object (or set of points, curves, 
or patterns) that exhibits increasing detail with increasing 
magnification. In computer graphics applications, a tech- 
nique for attaining a degree of complexity analogous to 
that in nature from a handful of data points. 

fractional arithmetic units — Arithmetic units in a 
computer that is operated with the decimal point at the 
extreme left so that all numbers have a value less than 1. 

fractional frequency offset— See frequency off- 
set. 

fractional-horsepower motor — Any motor hav- 
ing a continuous rating of less than 1 horsepower. 

fragmentation— 1. Condition in which a mass 
memory has many separate holes (available spaces) and 
needs compacting. 2. In a computer, the division of a 
contiguous storage area such as a main memory or 
secondary storage in a way that causes areas to be wasted. 
3. The existence of small increments of unused space 
throughout disk storage. The uneven distribution of data 
on a disk that occurs whenever files on a disk are deleted 
and new files are added. 

Frahm frequency meter—A meter that measures 
the frequency of an alternating current. It consists of a 
row of steel reeds, each with a different natural frequency. 
All are excited by an electromagnet fed with the current 
to be measured. The reed that vibrates is the one with 
a frequency corresponding most nearly to that of the 
current. 

frame — |. In teleyision, the total area occupied by 
the picture. In the United States, each frame contains 525 
horizontal scanning lines, and 30 complete frames are 
shown per second. 2. One cycle of a recurring number 
of pulses. 3. In pulse-amplitude modulation and pulse- 
duration modulation, one complete commutator revolution 
or sweep. In pulse-code modulation, a recurring group of 
words that includes a single synchronizing signal. 4. The 
array of binary digits across the width of magnetic or 
paper tape. 5. The time period needed to transmit either 
bits or bytes of data along with the parity and other control 
information. 6. To center an image or place it in any part 
of the TV screen desired. Also applies to stills. 7. A single 
image of the connected multiple images on motion-picture 
film. 8. The size of the copy produced by a facsimile 
system. 9. In a computer, a logical block of consecutive 
addresses or lines within a structure such as a record or 
a file. 10. The total area occupied by a television image 
that is scanned, equivalent to one frame of moving-picture 
film. 

frame buffer — Hardware to hold a bit-map picture, 
especially when hooked up to a computer so that a user 
may add effects one by one and see the result. 

frame capture — A method of acquiring images dis- 
played on a computer monitor into memory, so that they 
can be imported into an application program, manipulated, 
and printed. 

frame frequency — 1. The number of times per 
second the picture area is completely scanned (30 per 
second in the United States television system). 2. In a 
computer, the number of frames per unit time. 3. In 
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telemetry, the number of times per second that a frame of 
pulses is sent or received. 

frame grabber — An electronic circuit in a computer 
used to capture a still video image for storage or pro- 
cessing. 

frame grid —The grid of a vacuum tube consisting 
of a rigid welded frame on which tungsten wire is wound 
under tension, resulting in a firm precision structure that 
can be positioned accurately. It also allows the use of 
much finer grid wire, which reduces electron interception 
and power dissipation in the grid. 

frame-grounding circuit—A conductor that is 
electrically bonded to the machine frame and/or to any 
conduction parts that are normally exposed to operat- 
ing personnel. This circuit may further be connected to 
external grounds as may be required by applicable Under- 
writers code. 

frame of reference —A set of points, lines, or 
planes used for defining space coordinates. 

frame pulse synchronization — Synchronization 
of the local-channel rate oscillator by comparison and 
phase lock with the separate frame-synchronizing pulses. 

framer— A device for adjusting facsimile equipment 
so that the recorded elemental area bears the same 
relationship to the record sheet as the corresponding 
transmitted elemental area bears to the subject copy as 
the line progresses. 

frame rate — See frame frequency. 

frame roll—A momentary roll, or flip-flop, of a 
television picture. 

frame synchronization signal-— In pulse-ampli- 
tude modulation, a coded pulse or interval to indicate 
the start of the commutation frame period. In pulse-code 
modulation, any signal used to identify a frame of data. 

frame-synchronizing pulse —A recurrent signal 
that establishes each frame. 

frame-synchronizing pulse separator — A cir- 
cuit for separating frame-synchronizing pulses or intervals 
from commutated signals. 

framing — 1. Adjusting the picture to a desired posi- 
tion in the direction of line progression. 2. The process 
of selecting the bit groupings representing one or more 
characters from a continuous stream of bits. 

framing bits— Also called sync bits. Non-infor- 
mation-carrying bits used to make possible the separation 
of characters in a bit stream. 

framing control — More often called centering con- 
trol. A knob (or knobs) for centering and adjusting the 
height and width of a television picture. 

framing magnet — See centering magnet. 

Franklin antenna — A base-fed vertical antenna that 
is several wavelengths high and that gives broadside 
radiation as a result of the elimination of phase reversals 
by means of loading coils or wire folds. 

Franklin oscillator — A two-terminal feedback oscil- 
lator using two tubes or transistors and having sufficient 
loop gain to permit extremely loose coupling to the reso- 
nant circuit. 

Fraunhofer region—-The region in which the 
energy from an antenna proceeds essentially as though 
coming from a source located in the vicinity of the 
antenna. 

fraying — The unraveling of a fibrous braid. 

free-carrier absorption — The phenomenon where- 
by an electron within a band absorbs radiation by trans- 
ferring from a low-energy level to an empty high-energy 
level. 

free-carrier photoconductivity — Photoconduc- 
tivity that may be extended as far as the microwave 
region, due to the absorption of photons by electrons. 


CHAPTER 6 


The Small Group Lab and 
Classroom 


The first part of this book covered what you need to know to build your own personal electronics lab. 
Now it's time to share the love with your fellow electronics enthusiasts. Where to begin? 

Like most important questions, the answer remains, “It depends.” What resources are available to 
you and your group? How many folks will likely want to be working together, and for how long? How well 
do you really know these people? And these are just a few of the questions you're going to encounter 
along the way. 

Take the time to understand exactly who “you” (plural; in Texas, y'all) are and what your 
requirements and goals could be. By doing so, you map out the future of your successful facility. 
Likewise, not planning ahead or making reasonable assumptions about your needs is simply an 
invitation to problems, problems, and more problems. Who wants more problems? 


Tip If you fail to plan, you plan to fail. 


Know Yourself 


The ancient Greek maxim “know thyself” has as many definitions as it has authors, it seems. Plato 
indicated in several of his dialogues that Socrates would use this phrase to admonish his students to 
learn more about themselves and their own characters and capabilities before attempting to figure out 
the rest of the universe. Wise advice then and now. 

As far as knowing yourself in relation to setting up a shared electronics lab, you should first think 
about what role you are going to play in this endeavor. Yes, you. Here are some of the major ones, and 
you might end up being all of them at some point. 


Facilitator or Coordinator 


In the role of the facilitator, you plan on providing an environment for others to use for their projects 
and explorations in electronics. You may or may not partake in these activities yourself, but have been 
tasked with (or volunteered for) the organization and coordination of the lab. 

It’s critically important to understand the needs of your intended tab-menkeys users. See the “Know 
Your Group” section later in the chapter for more information on this topic. 
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free electrons —Electrons that are not bound to 
a particular atom, but circulate among the atoms of a 
substance, 

free energy — The available energy in a thermody- 
namic system. 

free field -— 1. Theoretically, a field (wave or poten- 
tial} that is free from boundaries in a homogeneous, 
isotropic medium. In practice, a field in which the effects 
of the boundaries are negligible over the region of interest. 
2. A property of information-processing recording media 
that permits recording of information without regard to 
a preassigned or fixed field; e.g., information-retrieval- 
devices information may be dispersed in the record in a 
sequence or location. 

free-field emission — Electron emission that occurs 
when the electric field at the surface of an emitter is zero. 

free grid—-A grid electrode that is left unconnected 
in a vacuum tube. Its potential exerts a control over the 
plate current. 

free impedance — Also called normal impedance. 
The input impedance of a transducer when the load 
impedance is zero. 

free list—A list of computer memory locations 
that are currently unused and may be allocated by the 
memory manager to requesting tasks. Free lists are usually 
organized as linked lists of memory blocks, in which each 
block contains the size of the block and a pointer to the 
next biock in the list. 

free magnetic pole — A magnetic pole so far from 
an opposite pole that it is free from the effect of the other 
pole. 

free motional impedance —- The complex remain- 
der after the blocked impedance of a transducer has been 
subtracted from the free impedance. 

free net— A net in which any station may commu- 
nicate with any other station in the same net without first 
obtaining permission from the control station. 

free oscillations — Commonly referred to as shock- 
excited oscillations. Oscillations that continue in a circuit 
or system after the applied force has been removed. 
The frequency of the oscillations is determined by the 
parameters of the system or circuit. 

free-point tube tester— A tester instrument that 
permits transferring a tube from a circuit to a test panel 
at which either voltage or current measurement for any 
electrode of the tube is readily made by plugging a meter 
into appropriate jacks. Connections to the receiver are 
inade by ineans of a cord and plug inserted into the socket 
from which the tube was removed. 

free position — The initial position of the actuator 
of a momentary-contact switch when there is no external 
force (other than gravity} applied on the actuator, and the 
switch is in the specified position. 

free progressive wave — Also called free wave. A 
wave free from boundary effects in a medium. In other 
words, there are no reflections from nearby surfaces. A 
free wave can only be approximated in practice. 

free raclicals — Atoms, ionized fragments of atoms, 
or molecules that combine and release enormous amounts 
of energy. 

free reel— The reel that supplies the magnetic tape 
on a recorder. 

free-rotor gyro — A gyro whose rotor is supported 
by a gas-lubricated spherical bearing. 

free routing — A method of traffic handling in which 
a Message is sent toward its destination over any available 
channel without dependence on a predetermined routing 
doctrine. 

free-running frequency — The frequency at which 
a normaliy synchronized oscillator operates in the absence 
of a synchronizing signal. See center frequency. 
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free-running local synchronizer oscillator — A 
free-running oscillator circuit in the decommutator nor- 
mally triggered by separated channel synchronizing 
pulses. It supphes substitute pulses for missing channel 
pulses. 

free-running multivibrator — A multivibrator that 
oscillates without triggering pulses. See astable multivi- 
brator (free-running). 

free-running sweep — A sweep operating without 
synchronizing pulses. 

free sound field— A field in a medium free from 
discontinuities or boundaries. In practice it is a field in 
which the boundaries cause negligible effects over the 
region of interest. 

free space — 1. Empty space, or space with no free 
electrons or ions. It has approximately the electrical 
constants of air. 2. Having to do with a condition in 
which the radiation pattern of an antenna is not affecied 
by surrounding objects such as the earth, buildings, 
vegetation, etc. 3. The amount of unused space available 
on a hard disk or other device. DOS chkdsk or another 
utility determines free space. 

free-space field intensity — The radio-field inten- 
sity that would exist at a point in a uniform medium in 
the absence of waves reflected from the earth or other 
objects. 

free-space loss — |. The theoretical radiation loss 
that would occur in radio transmission if all variable 
factors were disregarded. 2. The theoretical transmission 
loss between two isotropic radio antennas dependent 
only on distance and frequency, with all variable factors 
eliminated. 

free-space propagation — Electromagnetic radia- 
tion over a straight-line path in a vacuum or ideal atmo- 
sphere, sufficiently removed from all objects that affect 
the wave in any way. 

free-space radar equation—The equation for 
determining the characteristic of a radar signal propagated 
between the radar set and a reflecting target in free space. 

free-space radiation pattern — The zadiation pat- 
tern of an antenna in free space, where there is nothing 
to reflect, refract, or absorb the radiated waves. 

free-space transmission — Electromagnetic radi- 
ation over a straight line in a vacuum or ideal atmosphere 
sufficiently removed from all objects that affect the wave. 

free-space wave —That portion of a radio wave 
which travels in a direct path between transmitting and 
receiving antennas, without reflections or refractions. 

free speed—The angular speed of an energized 
motor under no-load conditions. See also angular velocity. 

freeware — A computer file that is made available to 
the public free of charge from the author. 

free wave — See free progressive wave. 

freewheeling circuit—-A motor arrangement in 
which the field is shunted by a half-wave rectifier that 
discharges the energy stored in the ficld during the 
negative half-cycles. 

freewheeling diode — Also called damper diode, 
flyback diode, feedback diode, and fiywheel diode. A 
fast recovery rectifier connected across an inductive load 
so it conducts current proportional to the energy stored 
in the inductance. This current flows wher no power is 
supplied to the load and continues until all energy stored 
in the inductor has been removed or until energy is again 
supplied to the inductance from the power source. 

freeze-out—A short-time deniai of a telephone 
circuit to a subscriber by a speech-interpolation system. 

F region-—The region of the ionosphere above 
100 miles (160 km). 

freq — Abbreviation for frequency. 
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frequency — 1. Symbolized by f. The number of 
recurrences of a periodic phenomenon in a unit of 
time. Electrical frequency is specified as so many hertz. 
Radio frequencies are normally expressed in kilohertz 
at and below 30,000 kilohertz and in megahertz above 
this frequency. 2. The number of complete cycles in 1 
second of alternating current, voltage, or electromagnetic 
or sound pressure waves. 3. Number of alternations or 
repetitions per second in any recurring action. In the case 
of alternating current and other forms of wave motion, it 
is expressed in hertz. 4. With reference to electromagnetic 
radiation, the number of crests of wayes that pass a fixed 
point in a given unit of time, in light or other wave motion. 

frequency agile—The ability of a satellite TV 
receiver to select or tune all channels (transponders) from 
a satellite. Receivers not frequency agile are dedicated 
to a single channel, and are most often used in the 
CATV industry. Frequency agility can be via continuously 
variable tuning or discrete-step (channel selection) tuning. 

frequency agility — The rapid and continual shifting 
of a radar frequency to avoid jamming by the enemy, 
reduce mutual interference with friendly sources, enhance 
echoes from targets, or provide necessary patterns of 
ECM (electronic countermeasures) or ECCM (electronic 
counter-countermeasures) radiation. 

frequency allocation — 1. The assignment of avail- 
able frequencies in the radio spectrum to specific stations, 
for specific purposes. This is done to yield maximum 
utilization of frequencies with minimum interference 
between stations. Allocations in the United States are 
made by the Federal Communications Commission. 2. A 
band of radio frequencies identified by an upper and lower 
frequency limit ear-marked for use by one or more of 
the 38 terrestrial and space radiocommunication services 
defined by the International Telecommunication Union 
under specified conditions. 

frequency allotment — The designation of portions 
of an allocated frequency band to individual countries or 
geographical areas for a particular radiocommunication 
service; for a satellite service, specific orbital positions 
may also be allotted to individual countries. 

frequency assignment— Authorization given by 
a nation’s government for a stalion or operator in that 
country to use a specific radio frequency channel under 
specified conditions. 

frequency authorization — The document of power 
that legalizes the assignment of a frequency or a frequency 
band. 

frequency-azimuth-intensity— Pertaining to a 
type of radar display in which frequency, azimuth, and 
strobe intensity are correlated. 

frequency band — A continuous and specific range 
of frequencies. A range of frequencies between a lower 
and an upper limit. 

frequency band of emission — The frequency 
band required for a specific type of transmission and speed 
of signaling. 

frequency bias—A constant frequency purposely 
added to the frequency of a signal. 

frequency changer — See frequency converter. 

frequency-change signaling— A telegraph sig- 
naling method in which one or more particular frequencies 
correspond to each desired signaling condition of a tele- 
graph code. The transition from one set of frequencies to 
the other may be either a continuous or a discontinuous 
change in frequency or in phase. 

frequency-changing circuit— A circuit compris- 
ing an oscillator and a mixer and delivering an output at 
one or more frequencies other than the input frequency. 
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frequency channel —A continuous portion of the 
appropriate frequency spectrum for a specified class of 
emission. 

frequency compensation — 1. The technique of 
modifying an electronic circuit or device for the purpose 
of improving or broadening the linearity of its response 
with respect to frequency. 2. The compensation required 
in feedback amplifiers to ensure stability and prevent 
unwanted oscillations. 

frequency constant—The number relating the 
natural vibration frequency of a piezoid (finished crystal 
blank) to its linear dimension. 

frequency conversion— 1. The process of con- 
verting a signal to some other frequency by combining it 
with another frequency. 2. Of a heterodyne receiving sys- 
tem, converting the carrier frequency of a received signal 
from its original value to the intermediate-frequency (IF) 
value in a superheterodyne receiver. 

frequency converter— Also called frequency 
changer. A circuit, device, or machine that changes an 
alternating current from one frequency to another, with 
or without a change in voltage or number of phases. In 
a superheterodyne receiver, the oscillator and mixer first- 
detector stages together serve as a frequency converter. 

frequency correction — Compensation, by means 
of an attenuation equalizer, for unequal transmission of 
various frequencies in a line. 

frequency counter — An instrument in which fre- 
quency is measured by counting the number of cycles 
(pulses) occurring during a precisely established time 
interval. 

frequency cutoff—The frequency at which the 
current gain of a transistor drops 3 dB below the low- 
frequency gain. 

frequency demodulation —Remoyal of the intel- 
ligence from a modulated carrier. 

frequency departure —The amount a carrier or 
center frequency deviates from its assigned value. 

frequency deviation—1.In frequency modula- 
tion, the peak difference between the instantaneous fre- 
quency of the modulated wave and its carrier frequency. 
2. A measure of the output frequency excursion around 
the carrier caused by modulating the oscillator’s tun- 
ing input, which produces a frequency-modulated out- 
put signal. 3. The measure of the percentage modulation 
of a frequency-modulated wave. It is the peak differ- 
ence between the instantaneous frequency of a frequency- 
modulated wave and the carrier frequency. 

frequency-deviation meter— An instrument that 
indicates the number of hertz a transmitter has drifted 
from its assigned carrier frequency. 
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Frequency-deviation meter. 


frequency discrimination — A term applied to the 
operation of selecting a desired frequency or frequencies 
from a spectrum of frequencies. 
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frequency discriminator —A circuit that converts 
a frequency-modulated signal into an audio signal. 

frequency distortion — 1. The distortion that results 
when all frequencies in a complex wave are not ampli- 
fied or attenuated equally. 2. The unequal amplification 
of all frequencies over the passband of an amplifier. 
3, Distortion in which there is change in the relative 
magnitudes of the different frequency components of a 
complex wave, provided that the change is not caused by 
nonlinear distortion. See also frequency response. 

frequency distribution—The number of occur- 
rences of particular values plotted against those values. 

frequency diversity —See  frequency-diversity 
reception. 

frequency-diversity reception — Also called fre- 
quency diversity. The form of diversity reception that 
utilizes transmission at different frequencies. 

frequency divider— 1. A device delivering an out- 
put voltage that is at an integral submultiple or proper 
fraction of the input frequency. 2. A counter that has a 
gating structure added that provides an output pulse after 
a specified number of input pulses are received. 

frequency-division data link—A data link in 
which frequency-division techniques are used for channel 
spacing. 

frequency-division multiplexer— Abbreviated 
FDM. 1. A device or process for transmitting two or more 
signals over a different frequency band. 2. A multiplex 
system in which the total transmission bandwidth is 
divided into narrower bands, each used for a single, 
separate channel. 

frequency-division multiplexing — Abbreviated 
FDM. 1. Taking the frequency spectrum of one leased 
line and subdividing it into a series of low-frequency 
bands, each of which will transmit the data of an associ- 
ated low-speed device. 2. The multiplexing technique that 
assigns to each signal a specific sei of frequencies (called 
a channel) within the larger block of frequencies avail- 
able on the main transmission path in much the same way 
that many radio stations broadcast at the same time but 
can be separately received. 3. The transmission of two or 
raore signals over a common path by using a different fre- 
cuency band for each signal. 4. Multiplexing by splitting 
the bandwidth into some number of low-speed channels or 
subbands. 5. A technique in which a data line’s bandwidth 
is divided into different frequency subchannels. It permits 
several terminals to share the same line, 6, A technique 
in which an analog communication channel’s bandwidth 
is diyided into frequency subchannels to permit several 
circuits to share the same channel. 

frequency domain— A way of looking at wave- 
forms in terms of the frequency components of the wave- 
forms. An analysis in the frequency domain of a simple 
sine wave would be described as a pure sine wave of a 
single frequency. An analysis of the square wave would 
show that the square wave could be described as a sum 
cf sine waves of different frequencies and magnitudes. 
In fact any waveform, no matter how complex, may be 
described as a sum of sine waves in the frequency domain. 

frequency doubler— An electronic stage having a 
resonant output circuit tuned to thc sccond harmonic of 
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the input frequency. The output signal will then have 
twice the frequency of the input signal. 

frequency-doubling transponder — A transpon- 
der that doubles the frequency of the interrogating signal 
before retransmission. 

frequency drift—Any undesired change in the 
frequency of an oscillator, transmitter, or receiver. 

frequency-exchange signaling — The method in 
which the change from one signaling condition to another 
is accompanied by a decay in amplitude of one or more 
frequencies and by a build-up in amplitude of one or more 
other frequencies. 

frequency frogging — The interchanging of the fre- 
quency allocations of carrier channels to prevent singing, 
reduce crosstalk, and correct for line slope. It is accom- 
plished by having the modulation in a repeater translate a 
low-frequency group to a high-frequency group and vice 
versa. 

frequency hopping — Carrier-frequency shifting in 
discrete increments in a pattern dictated by a code 
sequence. The transmitter jumps from frequency to fre- 
quency within some predetermined set: the order of fre- 
quency hops is determined by a code sequence that, in 
turn, is detected and followed by the receiver. 

frequency indicator— A device that shows when 
two alternating currents have the same phase or frequency. 

frequency influence —In a measuring instrument 
other than a frequency meter, the change, expressed as a 
percentage of the full-scale value, in the indicated value 
as a result of a departure of the measured quantity from 
a specified reference frequency. 

frequency interlace — |. In television, the relation- 
ship of intermeshing between the frequency spectrum of 
an essentially periodic interfering signal and the spec- 
trum of harmonics of the scanning frequencies. Such a 
relationship minimizes the visibility of the interfering pat- 
tern by altering its appearance on successive scans. 2. The 
method by which color and black-and-white sideband sig- 
nals are interwoven within the same channel bandwidth. 

frequency keying—A method of keying in which 
the carrier frequency is shifted between two predeter- 
mined frequencies. 

frequency-measuring equipment— Equipment 
for indicating or measuring the frequency or pulse- 
repetition rate of an electrical signal. 

frequency meter — 1. An instrument for measuring 
the frequency of an alternating current. 2. Instrument for 
measuring the repetition rate of a recurring phenomenon, 
as the cycles per second of a sinusoidal waveform. 3. An 
instrument that measures the number of periods per unit 
of time of a signal in hertz. 

frequency-modulated broadcast band — The 
band of frequencies from 88 to 108 megahertz. It is 
divided into 100 channels, each 200 kilohertz in width, 
and set aside for frequency-modulated broadcasting. See 
FM broadcast channel. 

frequency-modulated carrier-current tele- 
phony — A form of telephony in which a frequency- 
modulated carrier signal is transmitted over power lines 
or other wires. 
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Frequency-division multiplex. 
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frequency-modulated cyclotron—A cyclotron 
in which the frequency of the accelerating electric field 
is modulated in order to hold the positively changed 
particles in synchronism with the accelerating field despite 
their much greater mass at very high speeds. 

frequency-modulated jamming—A jamming 
technique in which an rf signal of constant amplitude is 
varied in frequency about a center value to produce a 
signal that covers a band of frequencies. 

frequency-modulated output — A transducer out- 
put that is obtained in the form of a deviation from a 
center frequency, where the deviation is proportional to 
the applied stimulus. 

frequency-modulated radar— Also called FM 
radar. A form of radar in which the radiated wave is 
frequency modulated. The range is measured by beating 
the returning wave with the one being radiated. 

frequency-modulated transmitter — A transmit- 
ter in which the frequency of the wave is modulated. 

frequency-modulated wave—A carrier wave 
whose frequency is varied by an amount proportionate 
to the amplitude of the modulated signal. 

frequency modulation — Abbreviated FM. 1. Mo- 
dulation of a sine-wave carrier so that its instantaneous 
frequency differs from the carrier frequency by an amount 
proportionate to the instantaneous amplitude of the 
modulating wave. Combinations of phase and frequency 
modulation also are commonly referred to as frequency 
modulation. See also frequency-modulated wave. 2. One 
of three ways of modifying a sine-wave signal to make 
it carry information. The sine wave, or carrier, has its 
frequency modified in accordance with the information to 
be transmitted. The frequency function of the modulated 
wave may be continuous or discontinuous. In the latter 
case, two or more partial frequencies may correspond 
to one significant condition. 3. A method of transmitting 
digital information on an analog line by the carrier 
frequency. 
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frequency-modulation deviation — The peak dif- 
ference between the instantaneous frequency of a modu- 
lated wave and the carrier or reference frequency. 

frequency-modulation frequency modula- 
tion— A system in which frequency-modulated subcar- 
riers are used to frequency modulate a second carrier. 

frequency-modulation phase modulation — A 
system in which frequency-modulated subcarriers are 
used to phase modulate a second carrier. 

frequency monitor— An instrument for indicating 
the amount a frequency deviates from its assigned value. 

frequency multiplex— A technique for the trans- 
mission of two or more Signals over a common path. Each 
signal is characterized by a distinctive reference frequency 
or band of frequencies. 

frequency multiplier—A device for delivering an 
output wave whose frequency is a multiple of the input 
frequency (e.g., frequency doublers and triplers). 


frequency offset —1. The amount by which a fre- 
quency lies above or below a reference frequency. For 
example, if a frequency measures 1.000 001 MHz when 
compared against a reference frequency of 1.000 000 
MHz, then its fractional frequency offset is 1 Hz/MHz, or 
1 part in 10°. 2. Analog-line frequency change, an impair- 
ment encountered on a communication line. 

frequency-offset transponder— A transponder 
that changes the interrogating signal frequency by a fixed 
amount before retransmission. 

frequency output (transducer)—An output in 
the form of frequency that is a function of the applied 
measurand (e.g., angular speed and flow rate). 

frequency overlap— That part of the frequency 
band which is shared as a result of interleaving. 

frequency-prediction chart — A graph that shows 
the maximum usable frequency, optimum working fre- 
quency, and lowest usable frequency between two specific 
points for various times throughout a 24-hour period. 

frequency pulling—A change in oscillator fre- 
quency due to a change in the load impedance. 

frequency pushing —A source-frequency change 
caused by a change in electron flow within the source 
oscillator. 

frequency range— 1. In a transmission system, 
those frequencies at which the system is able to trans- 
mit power without attenuating it more than an arbitrary 
amount. 2. In a receiver, the frequency band over which 
the receiver is designed to operate, covering those fre- 
quencies the receiver will readily accept and amplify. 3. A 
designated portion of the frequency spectrum. 

frequency record — A recording of various known 
frequencies at known amplitudes, usually for testing 
purposes. 

frequency regulator —A regulator that maintains 
the frequency of the frequency-generating equipment 
at a predetermined value or varies it according to a 
predetermined plan. 

frequency relay — A relay that functions at a prede- 
termined value of frequency. [t may be an overfrequency 
or underfrequency relay, or a combination of both. 

frequency response—1.A measure of how 
effectively a circuit or device transmits the different 
frequencies applied to it. 2. The portion of the frequency 
spectrum that can be sensed by a device within specified 
limits of amplitude error. 3. A graphical characteristic 
showing relative signal levels at different frequencies 
with respect to a given reference level. A flat frequency 
response is one that has a uniform level at all frequencies 
within a given bandwidth. 4. A measure of the ability 
of a device to take into account, follow, or act upon a 
rapidly varying condition, e.g., as applied to amplifiers. 
5. The measure of any component’s ability to pass signals 
of different frequency without affecting their relative 
Strengths. This is shown as a graph, or curve, that 
assumes input signals equally strong at all frequencies 
and plots their output intensitics against a decibel scale. 
The ideal curve is a straight line. Frequency response may 
also be stated as a frequency range but with specified 
decibel limits indicating the maximum deviations from 
flat response. For instance, 30 to 20,000 Hz +2 dB means 
the component will not change the relative intensities of 
any frequencies within that range by more than 2 dB 
above or 2 dB below the ideal 0 dB (volume unchanged) 
point. 6. The range of frequencies over which an amplifier 
responds within defined limits of amplification (or signal 
output). 7. The range or band of frequencies to which 
a unit of clectronic equipment will offer essentially the 
same characteristics. 

frequency-response analysis — The use of alter- 
nating or pulsating signals to excite a control system so 


307 frequency-response analyzer — frequency synthesizer 


that the response of the system to different frequencies can 
be ascertained to permit analysis of its operating charac- 
teristics. 

frequency-response analyzer— An instrument 
that analyzes the output amplitude of a signal waveform 
passing through a circuit over a specified band of fre- 
quencies. 

frequency-response characteristic —The amo- 
unt by which the gain or loss of a device varies with the 
frequency. 

frequency-response curve —A graphical repre- 
sentation of the way a circuit responds to different fre- 
quencies within its operating range. 

frequency-response equalization — Also called 
equalization or corrective equalization. The effect of 
all frequency-discrimination means employed in a trans- 
mission system to obtain the desired overall frequency 
response. 

frequency reuse —A method that allows two dif- 
ferent TV channels to be broadcast simultaneously on 
the same transponder by vertically polarizing one channel 
and horizontally polarizing the other. Another method of 
frequency reuse is to space satellites about 4° apart. A 
TVRO pointed at one satellite will not detect any signal 
from the other satellite, even if it is operating at the same 
frequency. 

frequency run—aA series of tests for determining 
the frequency-response characteristics of a transmission 
jine, circuit, or device. 

frequency-scan antenna—-A radar antenna, sim- 
ilar to a phased-array antenna, in which scanning in one 
dimension is accomplished through frequency yariation. 

frequency scanning-—A technique in which the 
output frequency is made to vary over a desired range at 
a specified rate. 

frequency selectivity —The degree to which a 
transducer is capable of differentiating between the 
desired signal and signals or interference at other fre- 
quencies. 

frequency-sensitive relay — A relay that operates 
only when energized with voltage, current, or power 
within specific frequency limits. A resonant reed relay 
is one example of this type. 

frequency-separation multiplier — A multiplying 
device in which each variable is split into low-frequency 
and high-frequency parts that are multiplied separately 
to obtain results that are added to give the required 
product. The system makes possible high accuracy and 
broad bandwidth. 

frequency separator— The circuit that separates 
the horizontal-scanning from the vertical-scanning syn- 
chronizing pulses in a television receiver. 

frequency shift— 1. Pertaining to radio-teletype- 
writer operation in which the mark and space signals are 
transmitted as different frequencies. 2. A change in the 
frequency of a radio transmitter or oscillator. 3. Pertaining 
to a modulation system in which one radio frequency rep- 
resents picture black and another represents picture white; 
frequencies between the two limits represent shades of 
giay. 4. The frequency difference in a frequency-shift 
modulation system. 

frequency-shift converter— A device that limits 
the amplitude of the received frequency-shift signal and 
then changes it to an amplitude-modulated signal. 

frequency-shifted keyed filter — Abbreviated 
FSK filter. A highly selective bandpass filter that passes 
two closely spaced FSK frequencies corresponding to 
binary Os and Is, while rejecting voice; this allows trans- 
mission of digital data over voice-frequency channels. 

frequency-shift indicator—JIn automatic code 
transmission, a device that designates marks and spaces 


by shifting the carrier back and forth between two fre- 
quencies instead of keying it on and off. 

frequency-shift keying — Abbreviated FSK. 1. A 
form of frequency modulation in which the modulating 
wave shifts the output frequency between predetermined 
values and the output wave has no phase discontinu- 
ity. 2. A method of modulating a carrier frequency. A 
binary 1 shifts the frequency above the center carrier fre- 
quency; a binary O shifts the frequency below the center 
carrier frequency. 3. A frequency-modulation method in 
which the frequency is made to vary at the significant 
instants as follows: (a) by smooth transitions —the mod- 
ulated wave and the change in frequency are continuous 
at the significant instants; (b) by abrupt transitions — the 
modulated wave is continuous, but the frequency is dis- 
continuous at the significant instants. 4. A form of fre- 
quency modulation in which the carrier frequency is 
made to vary or change in frequency precisely when 
a change in the state of a transmitted signal occurs. 
5. A modulation scheme that shifts between two fre- 
quencies to represent a 1 or O state of data trans- 
mission. 

frequency-shift telegraphy — Telegraphy by fre- 
quency modulation in which the telegraph signal shifts 
the frequency of the carrier between predetermined val- 
ues, There is phase continuity during the shirt from one 
frequency to the other. 

frequency-shift transmission—A method of 
transmitting the mark and space clements of a telegraph 
code by shifting the carrier frequency slightly, usually 
about 800 Hz. 

frequency-slope modulation — A method of mod- 
ulation in which the carrier is swept periodically over the 
entire band. Modulation of the carrier with a commu- 
nications signal changes the system bandwidth without 
affecting the uniform distribution of energy over the band. 
Thus, the desired information can be recovered from any 
part of the system bandwidth, and portions of the band 
that have interference can be filtered out without loss of 
desired information. 

frequency spectrum — The entire range of frequen- 
cies of electromagnetic radiations. 

frequency splitting —One condition of magnetron 
operation in which rapid alternation occurs from one 
mode of operation to another. This results in a similar 
rapid change in oscillatory frequency and consequent loss 
of power at the desired frequency. 

frequency stability —The ability of electronic 
equipment to maintain the desired operating frequency. 

frequency stabilization— The controlling of the 
center or carrier frequency so that it does not differ more 
than a prescribed amount from the reference frequency. 

frequency standard— A stable low-frequency 
oscillator used for frequency calibration. It can generate a 
fundamental frequency of 50 to 100 kilohertz with a high 
degree of accuracy. Harmonics of this fundamental are 
then used as reference points for checking throughout the 
radio spectrum at 50- or 100-kilohertz intervals. 

frequency swing — The instantaneous departure of 
the emitted wave from the center frequency when its 
frequency is modulated. 

frequency synthesizer — 1. A frequency source of 
high accuracy generally characterized by the fact that the 
output frequency is composed of two components. The 
frequency steps, mostly decadic, are derived from the 
crystal-stabilized frequency standard and the variable fre- 
quency of a free-running oscillator, which fills in between 
these steps. The simplest method of frequency synthesis 
is to derive standard frequencies from a crystal-controlled 
frequency by harmonic generation and frequency divi- 
sion. 2. A circuit capable of producing a multitude of 
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output frequencies from a single input frequency. 3. Án 
rf source that can provide, by external command, any 
discrete and precise frequency within its range and reso- 
lution. The output signal is stabilized to a fixed frequency 
reference, which may be internal or external to the synthe- 
sizer, Primary applications include automatic test equip- 
ment, electronic warfare, and communications systems. 
4. A system utilizing the phase-locked loop (PLL) princi- 
ple in conjunction with a programmable digital frequency 
divider to generate any of a number of discrete frequen- 
cies. (May replace a number of crystals or other timing 
elements with only one timing element.) 

frequency-time-intensity —Pertaining to a type 
of radar display in which frequency, time, and strobe 
intensity are correlated. 

frequency tolerance — 1. The maximum permissi- 
ble deviation with respect to the reference frequency of 
the corresponding characteristic frequency of an emission. 
Expressed in percent or in hertz. 2. The extent to which 
the carrier frequency of a transmitter may be permitted to 
depart from the frequency assigned. 

frequency translation— The transfer en bloc of 
signals occupying a definite frequency band, such as a 
channel or group of channels, from one position in the 
frequency spectrum to another in such a way that the 
arithmetic frequency difference of the signals within the 
band is unaltered. 

frequency tripler — An amplifier whose output cir- 
cuit is resonant to the third harmonic of the input signal. 
The output frequency is three times the input frequency. 

frequency-type telemeter—A telemeter that 
employs the frequency of a periodically recurring electric 
signal as the translating means. 

frequency-wavelength relation — For radio 
waves, the frequency in hertz is equal to appraxi- 
mately 300,000,000 divided by the wavelength in meters. 
The wavelength in meters is equal to approximately 
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300,000,000 divided by the frequency in hertz, or 300 
divided by the frequency in megahertz. 

Fresnel —A little-used unit of frequency equal to 
101? hertz. 

Fresnel lens—1. A lens similar in action to a plano- 
convex lens but made thinner and lighter because of the 
presence of steps on the convex side, Often the flat side 
has a rough surface to diffuse the light slightly and thereby 
smooth the light beams. 2. A Jens resembling a structure 
that is cut into narrow rings and flattened out. If the steps 
are narrow, the surface of each step is gencrally made 
conical and not spherical. Fresnel lenses can be large glass 
structures, as in lighthouses, floodlights, or traffic signals, 
or a thin molded plastic plate with fine steps. 
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Fresnel loss — See surface reflection. 

Fresnel number — The square of the radius of a lens 
aperture divided by the product of the focal length and 
the wavelength. Jt provides a measure of the importance 
of diffraction in the image formed by the lens: a small 
Fresnel number indicates greater diffraction effects. 

Fresnel reflection losses — Losses that are incur- 
red at the optical conductor interface due to refractive 
index differences. 

Fresnel reflections — Losses due to reflections at 
the input and output ends of an optical fiber caused by 
differences in the reflective indexes of the fiber core and 
the immersion medium. 

Fresnel region— 1. The region adjacent to the 
region in which the field of an antenna 1s focused (that is, 
just outside the Fraunhofer region). 2. The region between 
an antenna and the beginning of the Fraunhofer region. 

Fresnel zone— 1. An area selected in the aperture 
of a radiating system so that radiation from all parts of 
the system reaches some point at which it 1s desired at a 
common phase within 180°. 2. A circular zone about the 
direct path between a transmitter and a receiver at each 
radius such that the distance from a point on this circle to 
the receiving point has a path length that is some multiple 
of a half-wavelength longer than the direct path. 

fretting —A condition whereby mated surfaces of a 
connector move slightly and continually expose fresh 
metal. The exposed metal oxidizes and builds up until 
electrical continuity of the system is broken. 

frictional electricity — Electric charges produced by 
rubbing one material against another. 
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frictional error — Applied to pickups, the difference 
in values measured in percent of full scale before and 
after tapping, with the measurand constant, 

frictional loss — The ioss of energy due to friction 
between moving parts. 

frictional machine — Also called a static machine. 
A device for producing frictional] electricity. 

friction effects — The difference in resistance or out- 
put between readings obtained prior to and immediately 
after tapping an instrument while applying a constant 
stimulus. Particularly applicable to potentiometric trans- 
ducers. 

friction error—A change in a reading originally 
taken in the absence of vibration that occurs after a trans- 
ducer is tapped or dithered to remove internal friction. 

friction-free calibration (transducer) — Calibra- 
tion under conditions minimizing the effect of static 
{riction often obtained by dithering. 

friction tape — A fibrous or plastic tape impregnated 
with a sticky, moisture-resistant compound that provides 
a protective covering or insulation. 

friendly environment— A software environment in 
which all software is adequately tested; therefore, one task 
will not interfere with or cause errors in the execution of 
another task. 

friendly terminal — A terminal that is relatively easy 
and comfortable to use and whose features are designed 
with the needs of their operator in mind. 

fringe —A unit of linear measurement equal to half 
the wavelength of thallium green light (approximately 
0.01 mil or 0.25 um). It is used in measuring the depth 
of diffusion in silicon. 

fringe area — The area just beyond the limits of the 
reliable service area of a television transmitter. Signals are 
weak and erratic, requiring the use of high-gain directional 
receiving antennas and sensitive receivers for satisfactory 
reception. 

fringe effect— The extension of the flux in a field 
beyond the edges of a gap, as electric flux at the edges of 
the plates of a capacitor or magnetic flux at the edges of 
an air gap in a magnetic circuit. 

fringe howi—A squeal or howl heard when some 
circuit in a receiver is on the verge of oscillation. 

frit— 1. Metallic powders fused in a glass binder. 
2. To melt and fuse together, as a set of electrical 
contacts that are subject to repeated discharges. 3. Glass 
composition ground up into a fine powder form and 
used in thick-film compositions as the portion of the 
composition that melts upon firing to give adhesion to 
the substrate and hold the composition together. 4. In fiber 
optics, finely ground glass used to join glass to metal or 
other glasses. Also called solder glass, it may or may 
not devitrify during temperature cycles. 5. A term used 
interchangeably with “glass,” as in frit- or glass-sealed 
packages such as CERDIP and CERPACK. 

fritting— A type of contact erosion in which an 
electrical discharge makes a hole through the contact film 
and produces molten matter that is drawn through the 
hole by electrostatic forces and then solidifies and forms 
a conducting bridge. 

frogging — At an intermediate carrier repeater, chang- 
ing low-group frequencies on the input to high-group 
frequencies on the output, and vice versa, as a means 
of reducing crosstalk. 

frogging repeater—A carrier repeater that has 
provisions for frequency frogging to make possible the 
use of a single multipair voice cable without excessive 
crosstalk. 

Frolich high-temperature breakdown the- 
ory—A thermal mechanism for breakdown in which 
electrons rather than ions carry the current. The necessary 
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number of conduction electrons is produced by thermal 
excitation of the electrons in impurity and imperfection 
levels. 

Frolich low-temperature breakdown theory — 
Also called the high-energy criterion. Similar to the Von 
Hippel theory, except that an electron energy distribution 
is assumed. Only a few electrons on the high-energy tail 
of the distribution must gain the necessary critical energy. 

front contact— A movable relay contact that closes 
a circuit when the associated device is operated. 

front end— 1. The section of a tuner or receiver 
that is used to select the desired station from either the 
AM, FM, or TV band, and to convert the rf signal to 
intermediate frequency. To do its job properly, a front 
end requires a high-gain, low-noise rf stage, a mixer, and 
an oscillator. The degree to which a desired station can be 
received without interference and without adding noise is 
expressed by sensitivity and signal-to-noise ratio. 2. An 
auxiliary computer system that performs network-control 
operations, releasing the host computer system to process 
data. 3. In a process control system, the input end at which 
raw signals are converted to digital information for further 
processing. 

front-end overload—Distortion or interference 
caused by an FM tuner’s inability to handle strong signals 
from a nearby transmitter. Front-end overload can cause 
a station to appear at more than one place on the dial. 

front-end processor — In a computer, a processor 
in charge of interfacing with a user cr a process. May 
perform preprocessing (translations) and file handling. 
The main processor performs interpretation, execution, or 
number crunching. 

front-end rejection— A dB expression of the rela- 
tive ability of a receiver network to reject signals outside 
the tuned bandwidth. 

front porch — In the composite television signal, that 
portion of the synchronizing signal (at the blanking or 
black level) preceding the horizontal-sync pulse at the end 
of each active horizontal line. The standard EIA signal is 
1,27 microseconds in duration. 

front projection — A system of picture enlargement 
using an opaque reflective screen. The projector and 
viewers are on the same side of the screen. 

front-surface mirror — An optical mirror on which 
the reflecting surface is applied to the front of the mirror 
instead of the back. 

front-to-back ratio — Also called front-to-rear ratio. 
1. The ratio of power gain between the front and rear of a 
directional antenna. 2. Ratio of signal strength transmitted 
in a forward direction to that transmitted in a backward 
direction. For receiving antennas, the ratio of received- 
signal strength when the source is in the front of the 
antenna to the received-signal strength when the antenna 
is rotated 180°. 3. The ratio between a cardioid micro- 
phone’s sensitivity to sounds arriving from the front and 
from the rear, a measure of its directionality. 4. On a 
printed circuit board, the location of the printed pattern 
on one side relative to the printed pattern on the opposite 
side. 5. A measure of the directivity of an antenna that is 
based on the difference between the strengths of signals 
received from the antenna front and those received from 
the back. The difference usually is expressed in decibels 
(dB). For example, a front-to-back ratio of 40 dB indi- 
cates that the power of signals received irom the antenna 
front will be 10,000 times greater than those received 
from the back. Generally, the higher the rating in dB, the 
greater the directivity of the antenna. 

front-to-back registration — On a printed circuit 
board, the location of the printed pattern on one side 
relative to the printed pattern on the opposite side. 

front-to-rear ratio — See front-to-back ratio. 
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fruit — See fruit pulse. 

fruit pulse — Also called fruit. Radar beacon system 
video display of a synchronous beacon return that results 
when several interrogator stations are located within the 
same general area. Each interrogator receives its own 
synchronous reply as well as many synchronous replies 
resulting from interrogation of the airborne transponders 
by other ground stations. 

F-scan — See F-display. 

F-scope — See F-display. 

FSK — See frequency-shift keying. 

FSK filter — See frequency-shift keyed filter. 

FSS — Abbreviation for fixed-satellite service. A 
radiocommunication service between earth stations at 
given fixed positions via one or more satellites. 

f-stop — Also called f-number and f-system. Refers to 
the speed or ability of a lens to pass light. It is calculated 
by dividing the focal length of the lens by its diameter. 

FTP — Abbreviation for File Transfer Protocol. 1. A 
way to download remote files over the Internet. See File 
Transfer Protocol. 2. A protocol used for the transfer of 
data files consisting of one or more segments. 

fuel cell — An electrochemical generator in which the 
chemical energy from the reaction of air (oxygen) and a 
conventional fuel is converted directly into electricity. A 
fuel cell differs from a battery in that it uses hydrocarbons 
(or some derivative such as hydrogen) for fuel, and it 
operates continuously as long as fuel and air are available. 
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full adder— A circuit that provides an output equal 
to the sum of three binary-digit inputs (two digits to be 
added and a carry digit from a previous stage). Sum and 
carry outputs are provided. 
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full-differential input — Input configuration of an 
analog amplifier in which neither input is connected 
directly to ground or to other channels. This configuration 
has better noise immunity than a single-ended input. 
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full duplex— Abbreviated FDX. 1. A method of 
operation of a communication circuit in which each end 
can simultaneously transmit and receive. When used on 
a radio circuit, duplex operation requires two frequen- 
cies. 2. A data circuit that is capable of both sending and 
receiving data simultaneously. 3. A mode of data trans- 
mission that is the equivalent of two paths — one in each 
direction simultaneously. 4. Simultaneous two-way trans- 
mission. 

full-duplex operation — 1. Simultaneous operation 
in Opposite directions in a telegraph system. 2. A method 
of operation that provides simultaneous two-way commu- 
nications between two points. 

full excursion — The application of a measurand, in 
a controlled manner, over the entire range of a transducer. 

full/full duplex —- A protocol for a multidrop line that 
permits transmission from a master location to a slave 
site; the master location can also simultaneously receive 
a transmission from another slave site on that line. 

fullhouse —A multichannel radio contro] system for 
model airplanes in which all controls work to allow the 
model to fly a complete flight pattern. 

full load — The greatest load a piece of equipment is 
designed to carry under specified conditions. 

full-period allocated circuit— A communication 
link (allocated circuit) assigned exclusively for the use of 
previously defined users at two or more terminal points. 

full-pitch winding — A type of armature winding in 
which the number of slots between the sides of the coil 
equals the pole-pitch measure in the slots. 

full-range speaker unit— See dual cone. 

full scale — The total interval over which an instru- 
ment is intended to be operated. Also, the output from a 
transducer when the maximum rated stimulus is applied 
to the input. 

full-scale cycle — The complete range of an instru- 
ment, from minimum reading to full scale and back to 
minimum reading. 

full-scale error — The difference between the actual 
voltage or current that produces full-scale deflection of 
an electrical indicating instrument and the rated full-scale 
input of the instrument. 

full-scale output — The algebraic difference in elec- 
trical output between the maximum and minimum values 
of measurand over which an instrument is calibrated. 
When the sensitivity slope is given by any other line than 
the end-point sensitivity, full scale expresses the algebraic 
difference, for the span of the instrument, which is cal- 
culated from the slope of the straight line from which 
nonlinearity is determined, 

full-scale range —The continuum of input values 
(and resultant readings) over which a meter has been 
designed to function before exceeding the maximum scale 
or digital reading (or before entering the overrange region 
in digital meters providing overranging). 

full-scale sensitivity — See full-scale output. 

full-scale value — The largest value of applied elec- 
trical energy that can be indicated on a meter scale. When 
zero is between the ends of the scale, the full-scale value 
is the arithmetic sum of the values of the applied electri- 
cal quantity corresponding to the two ends of the scale. 
On a suppressed meter, the full-scale value is the largest 
value of applied electrical input less the smallest value of 
applied electrical energy input. 

full-scale value of an instrument— The largest 
actuating electrical quantity that can be indicated on the 
scale; or, for an instrument having its zero between the 
ends of the scale, the sum of the values of the actuating 
electrical quantity corresponding to the two ends. 
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full subtractor— A device that can obtain the 
difference of two input bits, subtract a borrow from these 
two bits, and provide difference and borrow outputs. 

full-track recording— 1. Defines the track width 
as essentially equal to the tape width. Applies to inch- 
wide (or less) tape only. 2. A recorded signal occupying 
the full width of a !/-inch (6.35-mm) tape. 3. Recording 
monophonically on one track whose width is essentially 
the same as the tape’s. See track configuration. 

full-track tape recording—A professional tape 
recording standard in which one track occupies the entire 
width of a !/4-inch (6.35-mm) wide recording tape. 

full-voltage starting — See across-the-line starting. 

full-wave rectification — The process of inverting 
the negative half-cycle of current of an alternating input 
so that it flows in the same direction as the positive half- 
cycle. A way to accomplish this is to use four diodes 
placed in a bridge configuration. 

full-wave rectifier—A circuit, electron tube, or 
other device that uses both positive and negative alter- 
nations in an alternating current to produce direct current. 
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full-wave rectifier tube— A tube containing two 
sets of rectifying elements to provide full-wave rectifica- 
tion. 

full-wave vibrator— A vibrator having an armature 
that moves back and forth between two fixed contacts, 
so as to change the direction of the direct current flow 
through a transformer at regular intervals and thereby 
permit voltage step-up by the transformer. Used in 
battery-operated power supplies for mobile and marine 
radio equipment. 

function—1. A quantity of value that depends on 
the value of one or more other quantities. 2. A specific 
purpose of an entity, or its characteristic action. 3. A 
mieans of referring to a type or sequence of calculations 
within an arithmetic statement. 4. An integral unit of 
computational work (add, subtract, sine, cosine, read, 
write). It cannot be subdivided further without destroying 
its nature — it is at its optimum granularity. 

functional block — Also called molecular electronic 
circuit. A more or less homogeneous combination of 
several solid-state materials to perform a desired circuit 
function. The quartz crystal is often represented as a 
natural expression of the functional block combination 
of resistance, capacitance, and inductance. 
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functional board tester — A tester that verifies the 
correct logical operation of a logic board by applying 
test patterns at the board-edge connector. The output 
responses usually are monitored at the connector, although 
some test points may be used. 

functional design — The specification of the work- 
ing relations between the parts of a system in terms of 
their characteristic action. 

functional device — See integrated circuit. 

functional diagram — A diagram showing the func- 
tional relationships among the parts of a system. 

functional electronic block — A fabricated device 
serving a complete electronic function, such as amplifica- 
tion, without other individual components or conducting 
wires except those required for input, power, and output. 

functional insulation— The insulation necessary 
for the proper functioning of a device and for basic 
protection against electrical shock hazard. 

functional interface -—An interface between the 
operating characteristics of equipment such as electrical 
power and signal characteristics, signal timing, and envi- 
ronmental coupling. 

functional language—A programming language 
that uses exclusively expressions to be evaluated. 

functional parts — Discrete items defined by func- 
tional characteristics and dimensions that are not repair- 
able with the use of spare paris (e.g., resistors, capacitors, 
diodes, potted transformers, permanently sealed batteries, 
etc.). 

functional testing — Testing to determine whether 
the device under test reacts correctly to inputs, qualita- 
tively. 

functional tests— The application of functional 
input vectors and the corresponding responses that assure 
proper operation of a digital IC. 

functional trimming — Trimming of a circuit ele- 
ment (usually resistors) on an operating circuit to set a 
voltage or current on the output. 

function characteristic — The relationship between 
the output ratio and the shaft position of a precision poten- 
tiometer. 

function codes — Codes that appear in tape or cards 
to operate machine functions, such as carriage returns, 
space, shift, skip, tabulate, etc. 

function digit—A coded instruction used in a 
computer for setting a branch order to link subroutines 
into the main program. 

function generator— 1. A device capable of gen- 
erating one or more desired waveforms. 2. An electrical 
network that can be adjusted to make its output voltage (or 
current) a desired function of time. Used in conjunction 
with analog computers. 3, A character, conic, or vector 
generator in a display controller. Some display controllers 
have additional function generators, such as sweep gener- 
ators for displaying television-type pictures on the display 
screen. 4. A signal source that can produce a variety of 
output waveshapes that, if completely free from distortion, 
would represent a readily definable mathematical rela- 
tionship between the time base and the output voltage. 
Thus, square, triangle, sawtooth, and equivalent wave- 
shapes constitute the basic outputs of a function generator. 
If the instrument incorporates adequate signal-modifying 
circuitry, it can alter triangle or square waveforms to 
closely approximate sine-haversine and havertriangle or 
haversquare outputs. With circuitry for amplitude hold, 
internal gating, slope control, dc offset, signal inversion, 
and horizontal and limit control, it becomes simple to pro- 
duce trapezoids, forward or backward skewed sines, or 
almost any other combination or variation of internally 
generated waveforms derived from basic mathematical 
functions. 
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functioning time — In a relay, the time that elapses 
between energization and operation or between deener- 
gization and release. 

functioning value —In a relay, the value of applied 
voltage, current, or power at which operation or release 
occurs. 

function keyboard — An input device for an inter- 
active display terminal that consists of various function 
keys. 

function keys — 1. Data energy devices usually pro- 
grammed to initiate or terminate a particular function or 
process in the graphic system. Function keys may or may 
not generate interrupts when depressed and/or released. 
Some systems will gencrate an interrupt upon depres- 
sion and release, some just on depression, and others 
do not generate any interrupt but rather set a bit in a 
register. The latter type of function key must have the 
register periodically read by the host computer to deter- 
mine when a key is depressed. The register bit is cleared 
when the key is released. Function keys may be mounted 
on the alphanumeric keyboard or on a separate box on 
the console. 2, Keys on a keyboard or a control panel 
that, when depressed, activate a particular machine func- 
tion. The functional operation can usually be programmed 
or defined dynamically. 3. Keys on a keyboard that cause 
an operation, such as LETTERS, FIGURES, CARRIAGE 
RETURN, and LINE FEED, but not the printing of a 
character. 

function switch — 1. A network of systems having a 
number of inputs and outputs. When signals representing 
information expressed in a certain code are applied to 
the inputs, the output signals will represent the input 
information in a different code. 2. In adapters or control 
units, the switch that determines whether the system plays 
as a monophonic or stereophonic unit; it may parallel the 
speakers or cut out one or the other, switch amplifiers 
from one speaker to the other, reverse channels, etc. 

function table— 1. A table of values for a math- 
ematical function. 2. A hardware device or a computer 
program that translates one representation of information 
into another. 3, A routine by means of which a dependent 
variable is derived from the values of independent vari- 
ables. 4. A subroutine that can be used either to decode 
multiple inputs into a single output or to encode a single 
input into multiple outputs. 

function test — A check for correct logical operation 
of the device. Basically, a function test is a device truth 
table verification. 

function unit—A device that can store a functional 
relationship and release it continuously or sporadically. 

fundamental — See fundamental frequency. 

fundamental component— The fundamental fre- 
quency component in the harmonic analysis of a wave. 

fundamental frequency — 1. The principal com- 
ponent of a wave; i.e., the component with the lowest 
frequency or greatest amplitude. It is usually taken as a 
reference. 2. The lowest frequency component of a com- 
plex sound or electrical signal. 

fundamental group—In wire communications, a 
group of trunks by means of which each local or trunk 
switching center is connected to a trunk switching center 
of higher rank on which it “homes.” The term also applies 
to groups that interconnect zone centers. 

fundamental harmonic — The harmonic compo- 
nent with the lowest frequency. 

fundamental mode—1. Of vibration, the mode 
having the lowest natural frequency. 2. The waveguide 
mode that has the lowest critical frequency. See dominant 
mode. 
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fundamental piezoelectric crystal unit — A unit 
designed to use the lowest resonant frequency for a 
particular mode of vibration. 

fundamental tone—1.In a periodic wave, the 
component corresponding to the fundamental frequency. 
2. In a complex tone, the component tone of lowest pitch. 

fundamental units— Units arbitrarily selected as 
the basis of an absolute system of units. 

fundamental wavelength — The wavelength corre- 
sponding to the fundamental frequency. In an antenna, the 
lowest resonant frequency of the antenna alone, without 
inductance or capacitance. 

fungusproof — To chemically treat a material, com- 
ponent, or unit to prevent the growth of fungus spores. 

furcation coupling — The mixing of signals from 
several separate optical fibers by passing them through 
a common single fiber rod, thus obtaining a signal 
containing all the components of the several signals. The 
mixing of several colors can take place in this manner. 

furnace soldering — Soldering by placing clamped 
and fluxed assemblies, on which solder has been posi- 
tioned, in a furnace or oven. 

fuse — 1. A protective device, usually a short piece 
of wire but sometimes a chemical compound, that melts 
and breaks the circuit when the current exceeds the rated 
value. 2. To equip with a fuse. 3. A device used for 
protection against excessive currents. Consists of a short 
length of fusible metal wire or strip that melts when the 
current through it exceeds the rated amount for a definite 
time. Placed in series with the circuit it is to protect. 4. A 
replaceable protective device that will break the current 
when the current exceeds the capacity of the fuse. 


Glass-tube. 


Clear-window. 


Grasshopper. 


Fuses. 


fuse alarm — A circuit that produces a visual and/or 
audible signal to indicate a blown fuse. 

fuse biock — An insulating base on which fuse clips 
or other contacts for holding fuses are mounted. 

fuse box — An enclosed box containing fuse blocks 
and fuses. 

fuse clips— Contacts on the fuse support for con- 
necting the fuse holder into the circuit. 

fuse cutout—An assembly consisting of a fuse 
support and a fuse holder that may or may not include 
the fuse link. 
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As the lab facilitator, lab workers will come to you with questions, requests, comments, and 
complaints. Be prepared to address their needs in a responsive and professional manner—even if they're 
just your cousin. 

Your responsibilities will include 


e Communicating the scope of the lab (i.e., deciding what is and what is not 
acceptable or expected) 


e Publishing any important information or updates regarding location, available 
times, features, rules, and possibly ongoing projects 


e Crafting policies involving safety, proper tool usage and training, and participant 
conduct 


e Maintaining supplies of commonly used materials 
e Inspecting and repairing tools as the need arises 


To balance out your responsibilities, you should be granted adequate authority in the following 
areas: 


e Characterizing the scope of the lab, based on present and anticipated future needs 
e Enforcing the policies of the lab 

e Budgetary discretion in acquiring, provisioning, and maintaining lab assets 

e Granting or revoking access to the lab based on established parameters 


If you’re going to be the Keeper of the Lab, then you should have both a personal interest in keeping 
it in good shape as well as the wherewithal to decide how things should be done. 
Good luck finding the right balance there. 


Teacher or Presenter 


Let’s assume that your lab has already been set up (or can be set up in a jiffy), and your main goal is to 
present information or teach classes there. Again, it should be apparent that a good knowledge of your 
intended audience will play a vital part in your success. See the “Know Your Group” section for more 
information. 

Once you understand the needs of your class and the goals of your presentation, the next step is to 
leverage the existing facilities to your best advantage. Will you need specialized presentation equipment 
or materials? If so, see what is already available, and then make a shopping list of everything else you will 
need. Examples include lighting, a projector, specialized power distribution, and test equipment. 

Are you making an interactive presentation? If so, what materials will you need to provide for your 
students to be able to fully participate in your presentation? 

What will be your optimum teacher-to-student ratio? If you have a simple message that’s easily 
communicated and reinforced, a single speaker can effectively address a rather large crowd. Once you 
start adding layers of complexity to the subject matter, you're going to have to be prepared to backtrack 
and explain things in more detail from time to time. If you’re leading a group through a technical 
exercise, it’s often profitable to have assistants available to help just those individuals that need a little 
more help, without having to stop the class in its tracks. These assistants need to be up to speed on the 
subject matter as well as have good communication and troubleshooting skills. 

Remember that students look to the teacher for leadership, not only as a subject-matter expert. Take 
the lead, set a good example, and share your enthusiasm for your topic with your students. 
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fused arrays of fibers— Optical fibers fused 
together to form solid, vacuum-tight assemblies in the 
form of slabs or rods. Disks or rectangular shapes having 
ground and polished surfaces perpendicular to the fiber 
lengths will transmit image information from one surface 
to the other. Rods of this type, either straight or tapered, 
will transmit images from one end of the rod to the other. 

fused coating—A metallic coating (usually tin or 
solder alloy) that has been melted and solidified, forming 
a metallurgical bond to the base material. 

fused conductors— Individual strands of heavy 
tinned copper wire stranded together and then bonded 
together by induction heating. 

fused disconnect — Generally an air-break switch 
with a fusing unit in the blade. Used for opening and 
closing high-voltage circuits. 

fused junction — See alloy junction. 

fused quartz—1.A glasslike insulating material 
having exceptional resistance to the action of heat and 
acid, 2. Crystal quartz that is melted at a white heat and 
cooled to form an amorphous glass. It is not birefringent, 
and the refractive index is much lower than that of crystal 
quartz. Fused quartz of optical quality can be prepared by 
suitable techniques. 

fused semiconductor— The junction formed by 
recrystallization on a base crystal from a liquid phase of 
one or more components and the semiconductor. 

fuse filler— Material placed within the fuse tube to 
aid circuit interruption. 

fuse holder—A device for supporting a fuse and 
providing connections for its terminals. 


Fuse holder. 


fuse link— In a fuse, the current-carrying portion, 
which melts when the current exceeds a predetermined 
value. 

Fusestat— Trade name for a time-delay fuse similar 
to a Fusetron. It has a sized base requiring a permanent 
socket adapter, which prevents insertion of a fuse or 
Fusetron of an incorrect rating. 

fuse terminal block— A block designed for car- 
tridge fuses. Some are fitted with a neon or incandescent 
fuse failure indicator and may be mixed with feedthrough 
raodels on the same standard assembly vail. 

Fusetron— Trade name for a screw-plug time-delay 
fuse that permits up to 50-percent overload for short 
periods without blowing. 

fuse tube —- The insulated tube enclosing a fuse link. 

fuse unit— An assembly consisting of a fuse link 
mounted in a fuse holder, which contains parts and 
materials essential to the operation of the fuse link. 

fuse wire — A wire made from an alloy that melts at 
a relatively low temperature. 


fused arrays of fibers — fV 


fusible line — The current-carrying portion of a fuse, 
which is designed to melt when the rated current is 
exceeded for a specified length of time. Some fuses are 
made so that the fusible line can be replaced. 

fusible link—A type of programmable read-only 
memory integrated circuit in which circuits form bit 
patterns by being “blasted” open (by a destructive current) 
or left closed (intact). 

fusible-link diode-matrix integrated circuit 
memory — A programmable read-only memory (PROM) 
in which shorting fusible links are blown by applying 
overcurrent to configure a diode matrix with the proper 
program. 

fusible-link readout memory — A large semicon- 
ductor array of prediffused cells interconnected by a fixed 
metallization pattern that can be tailored to a particular 
need simply by burning out selected interconnections. 

fusible resistor— A resistor designed to protect a 
circuit against overload by opening when the current drain 
exceeds the design limits. 

fusible wire — A wire used in fire-alarm circuits. It 
is made of an alloy with a low melting point. 

fusing — 1. The melting of a metallic coating (usually 
electrodeposited) followed by solidification. 2. Meiting 
and cooling two or more powder materials together so 
that they bond together in a homogeneous mass. 

fusion— 1. Also called atomic fusion or nuclear 
fusion. The melting of atomic nuclei, under extreme heat 
(millions of degrees), to form a heavier nucleus. The 
fusion of two nuclei of light atoms is accompanied by 
a tremendous release of energy. 2. Melting, usually as 
the result of interaction of two or more materials. 

fusion welding — Welding technique used to join 
metals by melting and fusing them at high temperatures 
using an electric arc or combustible gases. 

fuzz — Also called fuzz tone. An intentional distortion 
of the natural tone of an electric guitar. 

fuzz box— A special-effects device, usually used 
with electric guitars, which creates a great amount of 
harmonic distortion. The lack of clarity that results is 
called fuzz. A typical fuzz box operates by overdriving a 
preamplifier and then attenuating the preamplifier output 
so the output signal level is not necessarily higher than 
the output level. 

fuzz tone — See fuzz. 

fuzzy computer—A specially designed computer 
that uses fuzzy logic. Fuzzy logic computers are designed 
for artificial intelligence applications. 

fuzzy logic — 1. A branch of logic that uses degrees 
of membership in sets rather than a strict true/false 
membership. 2. A kind of logic using graded or qualified 
statements rather than ones that are strictly true or false. 
The results of fuzzy reasoning are not as definite as 
those derived by strict logic, but they cover a larger field 
of discourse. 3. A method of handling imprecision or 
uncertainty that attaches various measures of credibility to 
propositions. A form of logic used in some expert systems 
and other artificial intelligence applications. 

fuzzy sets — Sets that do not have a crisply defined 
membership, but rather allow objects to have grades of 
membership from 0 to 1. 

fV — Letter symbol for femtovolt (107"° volt). 


g — Also called G force. Symbol for the acceleration 
of a free-falling body due to the earth's gravitational pull. 
Equal to 32.17 feet per second per second. 

G— 1. Symbol for conductance, a grid of a vacuum 
tube, a generator, or ground. 2. Letter symbol for giga 
(10°). 3. Abbreviation for the gate of a field-effect tran- 
sistor. 

g-a — Abbreviation for ground-to-air. Communication 
with airborne objects from the ground. 

GaAs FET— See gallium arsenide field-effect tran- 
Sistor. 

GA coil—A coil wound with air spaces between its 
turns and layers to reduce the capacitance. 

gage— Also spelled gauge. 1. An instrument or 
means for measuring or testing. By extension, the term 
is Often used synonymously with transducer. 2. A sys- 
tem for specifying wire size. The American wire gage 
(AWG), also known as Brown & Sharpe gage, is used for 
copper. An increase of three gage numbers doubles area 
and weight, and halves dc resistance. 

gage pressure — |. A differential pressure measure- 
ment using the ambient pressure as a reference. 2. A 
pressure in excess of a standard atmosphere at sea level 
(i.e., 14.7 pounds per square inch or 1.033 x 10* kg/m’). 

gage pressure transducer— A pressure trans- 
ducer that uses ambient pressure as the reference pressure. 
The sensing element is normally vented to the ambient 
pressure. 

gain — Also called transmission gain. 1. Any increase 
in power when a signal is transmitted from one point to 
another. Usually expressed in decibels. Widely used for 
denoting transducer gain. 2. The ratios of voltage, power, 
or current with respect to a standard or previous reading. 
3. Any increase in the strength of an electrical signal, as 
takes place in an amplifier. Gain is measured in terms of 
decibels or number of times of amplification; for example, 
6 dB (a gain of 2) increases an input voltage to an output 
twice as large. 4. The change in source-drain current per 
unit change in gate voltage. Thus, higher gain gives faster 
devices. 5. The degree to which a signal’s amplitude is 
increased. The amount of amplification realized when a 
signal passes through an amplifier or repeater, normally 
measured in decibels. 6. The ratio of output power to 
the input power for a system or component. 7. Change 
in signal level duc to processing functions that increase 
the magnitude of the signal. Examples include signal 
amplification in a radar receiver; processing gain in the 
processor; and antenna gain, a result of the directivity of 
the pattern. 

gain-bandwidth product— |. The product of the 
closed-loop gain of an operational amplifier and its 
corresponding closed-loop bandwidth. This product is 
often constant in operational amplifiers. 2. The product 
of the gain of an active device and a specified bandwidth. 
For an avalanche photodiode, the gain-bandwidth product 


is the gain times the frequency of measurement when the 
device is biased for maximum obtainable gain. 

gain block—A single stage of gain or a cascaded 
series of gain stages. 

gain control—aA device for varying the gain of a 
system or component. 

gain function — A transfer function that relates either 
a pair of voltages or a pair of currents. 

gain margin— The amount of gain change of an 
operational amplifier at 180° phase-shift angle frequency 
that would produce instability. 

gain nonlinearity—The degree to which gain of 
an amplifier or instrument varies over the range of 
permissible input levels for a given gain setting, generally 
expressed as a percentage of deviation from the desired 
gain. 

gain-sensitivity control — See differential gain 
control. 

gain stability — The extent to which the sensitivity of 
an instrument remains constant with time. (The property 
reported in specifications should be instability, which is 
the maximum change in sensitivity from the initial value 
over a stated period of time under stated conditions.) 

gain-time control — See sensitivity-time control. 

galactic noise — All noise that originates in space 
as a result of radiation of celestial bodies other than the 
sun. 

galena— A bluish-gray, crystalline form of lead sul- 
fide often used as the crystal in a variable-crystal detector. 

gallium arsenide field-effect transistor — 
Abbreviated GaAs FET. A field-effect transistor with a 
reverse-biased Schottky-barrier gate fabricated on a gal- 
lium arsenide substrate. Roughly equivalent to a sili- 
con MOSFET, GaAs FETs are depletion-mode devices. 
Because charge carriers reach approximately twice the 
velocity as in silicon, for a given geometry a given gain 
can be reached at about twice the frequency. Also called 
GaAs MESFET, for metal epitaxial semiconductor FET. 

gallium arsenide (GaAs) injection laser—A 
laser system consisting of a planar pn junction within 
a single crystal of gallium arsenide. The pair of parallel, 
semireflective end faces produces a Fabry-Perot resonant 
cavity, whereas the other faces are sawed to suppress all 
except the modes that propagate between the end faces. 
The lasing occurs in the modes that haye the maximum 
optical gain and the least optical loss. 

galloping ghost — See proportional control, 2. 

galvanic— 1. An carly term for current resulting 
from chemical action, as distinguished from electrostatic 
phenomena. 2. Describing any substance from which, 
or through which, direct current occurs as a result of 
chemical action. 

galvanic anode—A source of emf for cathodic 
protection provided by a metal less noble than the one 
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to be protected (i.e., magnesium, zinc, or aluminum as 
used for cathodic protection of steel). 

galvanic cell — An electrolytic cell capable of pro- 
ducing electric energy by electrochemical action. 

galvanic corrosion — Accelerated electrochemical 
corrosion produced when one metal is in electrical contact 
with another more noble metal, both being in the same 
corroding medium, or electrolyte, with a current between 
them. (Corrosion of this type usually results in a higher 
rate of solution of the less noble metal and protection of 
the more noble metal.) 

galvanic current— An electrobiological term for 
unidirectional current such as ordinary direct current. 

galvanic series— A list of metals and alloys 
arranged in the order of their relative potentials (ability 
to go into solution) in a given environment. The table of 
potentials is arranged with the anodic, or least noble, met- 
als at one end and the cathodic, or more noble metals, at 
the other. (For marine use, the potentials listed are related 
to a seawater environment.) 


Galvanic Series 


(Anodic) 
Magnesium 
Zinc 
Cadmium 
Steel or iron 
Cast iron 
Chromium iron (active) 
Lead-tin solders 
Lead 
Tin 
Nickel 
Brasses 
Copper 
Bronzes 
Copper-nickel alloys 
Monel 
Silver 
Graphite 
Gold 
Platinum 

(Cathadic) 


galvanizing — The coating of steel with zinc to retard 
corrosion. 

galvanoluminescence — The emission of radiant 
energy produced by the passage of an electrical current 
through an appropriate electrolyte in which an electrode 
made of certain metals such as aluminum or tantalum has 
been immersed. 

galvanometer— 1. An instrument for measuring an 
electric current. This is done by measuring the mechanical 
motion produced by the electromagnetic or electrody- 
namic forces set up by the current. 2. An instrument for 
detecting or measuring a small electric current by move- 
ments of a magnetic needle of a coil in a magnetic field. 
3. An instrument used to measure the presence, amount 
cf, and direction of an electric current. 

galvanometer constant— The factor by which 
a certain function of a galvanometer reading must be 
multiplied to obtain the current in ordinary units. 

galvanometer lamp — The lamp that illuminates a 
movable mirror of the galvanometer in some spectropho- 
tometers. The angle at which the light is reflected to the 
galvanometer scale depends on the amount of current 
through the galvanometer coil. 


galvanic cell — ganged 


galvanometer recorder (for photographic 
recording)— A combination of a mirror and coil sus- 
pended in a magnetic field. A signal voltage, applied to the 
coil, causes a light beam from the mirror to be reflected 
across a slit in front of a moving photographic film. 

galvanometer shunt—-A resistor connected in 
parallel with a galvanometer to increase the range of 
the instrument. The resistor limits the current to a 
known fraction and thus prevents excessive current from 
damaging the galvanometer. 

galvanometric controller — A temperature indica- 
tor that has been converted to a temperature controller. 
The indicator operates directly off the sensor’s input sig- 
nal. The controller portion detects the mechanical position 
of the pointer and varies the output to keep the pointer at 
the desired temperature. 

game controller — Joysticklike device that plugs 
into a computer and make it easier to play games. 

game paddle —A game controller that moves an 
object in one of two directions. 

game port— Interface on an adapter card used to 
connect a game peripheral and the computer. 

game theory —A branch of mathematics that aims 
to analyze various problems of conflici by abstracting 
common strategic features for study in theoretical models 
termed games because they are patterned on actual games 
such as bridge and poker. 

gamma— |. A unit of magnetic intensity, equal to 
107” oersted. 2. A number indicating the degree of con- 
trast in a photograph, facsimile reproduction, or received 
television picture. This quantity is the exponent of that 
power law which is used to approximate the curve of 
output magnitude versus input magnitude over the region 
of interest. 

gamma correction — Introduction of a nonlinear 
output-input characteristic for the purpose of changing 
the effective value of gamma. 

gamma ferric oxide—The magnetic constituent 
of practically all present-day tapes, in the form of a 
dispersion of fine acicular particles within the coating. 

gamma radiation— A highly penetrating electro- 
magnetic disturbance (photons) that emanates from the 
nucleus of an atom. This type of radiation travels in wave- 
form much like X-rays or light, but it has a shorter wave- 
length of approximately 1 angstrom or 107” millimeter. 

gamma radiography — Radiography using the emis- 
sion of gamma rays to form an image of the structure 
penetrated by the radiation. 

gamma rays — 1. The emission from certain radioac- 
tive substances. They are electromagnetic radiations sim- 
ilar to X-rays, but with a shorter wavelength from 
about 107" to 107? centimeter. 2. The spontaneous emit- 
tance of electromagnetic radiation by the nucleus of cer- 
tain radioactive elements during their quantum transition 
between two energy levels. 

gang —- To mechanically couple two or more variable 
capacitors, switches, potentiometers, or other components 
together so they can be operated from a single control 
knob. 

gang capacitor — Also called gang tuning capacitor. 
Two or more variable tuning capacitors mounted on the 
same shaft and controlled by a single knob, but each 
capacitor tuning a different circuit. Thus, more than one 
circuit can be tuned simultaneously by a single control. 

gang contro! — Simultaneous control of several sirn- 
ilar pieces of apparatus with one adjustment knob or other 
control. 

ganged — Describing a group of devices, such as vari- 
able capacitors or resistors, that are coupled mechanically 
so that all are adjusted simultaneously from one centrol. 


ganged tuning — gas diode 


Gang capacitor. 


ganged tuning — Simultaneous tuning of two or 
more circuits with a single mechanical control. 

gang punch — To punch information that is identical 
or constant into all of a group of punch cards. 

gang switch —A number of switches mechanically 
coupled for simultaneous operation, but electrically con- 
nected to different circuits. In one common form, two or 
more rotary switches are mounted on the same shaft and 
operated by a single control. 

gang tuning capacitor — See gang capacitor. 

gap — l. In a magnetic circuit, the portion that does 
not contain ferromagnetic material (i.e., an air space). 
2. The space between two electrodes in a spark gap. 
3. The tiny space between the pole pieces of a record or 
playback head, across which the magnetic fields appear 
(when the tape is running) for transduction into alternat- 
ing electrical signals. 4. A space between radar-antenna 
radiation lobes where the field strength is low, resulting in 
incomplete radar coverage. 3. A space in which the radia- 
tion fails to meet minimum coverage requirements, either 
because the space is not covered or because the mini- 
mum specified overlap is not obtained, 6. An interval of 
space or time used to indicate automatically the end of a 
word, record, or file of data on a tape. 7. Space between 
two records or two blocks of information on a magnetic 
memory that is usually set to predetermined value, such as 
all zeros. It allows rewriting blocks in slightly expanded 
or reduced format, due to speed variations of the drive. 

gap arrester — A type of lightning arrester compris- 
ing a number of air gaps in series between metal cylinders 
or cones. 

gap coding-—1. A means for inserting periods of 
no transmission in a system in which transmission is nor- 
mally continuous. The spacing and duration of the periods 
of silence from the code are variable. 2. Subdividing the 
response of a transponder into long and short groups of 
pulses (analogous to Morse code) for purposes of recog- 
nition. 

gap depth — The dimension of the gap in a recording 
head, measured perpendicular to the surface of the head. 

gap factor-—In a tube that employs electron- 
accelerating gaps (a traveling-wave tube), the ratio of the 
maximum energy gained (expressed in volts) to the max- 
imum gap voltage. 

gap filler— 1. A lightweight radar set used to fill in 
gaps in the coverage pattem of an early-warning radar 
net. 2. An auxiliary radar antenna used to fill in gaps in 
the pattern of the main radar antenna. 

gap filling — Electrical or mechanical rearrangement 
of an antenna array, or the use of a supplementary array, 
to produce lobes where gaps previously occurred. 

gap insulation — Insulation wound in a gap. 

gap length — The dimension of the gap of a record- 
ing head, measured from one pole face to the other. In 
longitudinal recording, the gap length is the dimension of 
the gap in the direction of tape travel. 
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gap loss— 1. The loss in output attributable to the 
finite gap length of the reproduce head. The loss increases 
as the wavelength decreases, amounting to approximately 
4 dB when the wavelength is equal to twice the gap 
length, and subsequently increases rapidly toward the 
complete extinction of output when the wavelength is 
approximately equal to 1.15 times the gap length. 2. In 
fiber optics, a power loss caused by deviation from opti- 
mum spacing between the elements to the fiber junction, 
fiber-to-fiber junction, or fiber-to-element junction. Gap 
loss is expressed in decibels. 

gap motor — A spark-gap drive motor. 

gap scatter — In a computer, the deviation from true 
vertical alignment of the gaps of the magnetic readout 
heads for the several parallel tracks. The mechanical 
misalignment of a head’s read/write gaps in the direction 
of tape travel. 

gap width—The dimension of the gap, measured 
in the direction parallel to the head surface and pole 
faces. The gap width of the record head governs the track 
width. The gap widths of reproduce heads are sometimes 
made appreciably less than those of the record heads to 
minimize tracking errors. 

garbage--—1.In a computer, a slang term for 
unwanted and meaningless information carried along 
in storage. Sometimes called hash. 2. Undecipherable 
or meaningless sequences of characters produced in 
computer output or retained within storage. 3. An 
informal term for corrupted data. 

garbage collection— Technique for collecting 
empty spaces in a mass memory and then compacting 
them. 

garbage in, garbage out — See GIGO. 

garble — Faulty transmission, reception, or encoding 
that renders the message incorrect or unreadable. 

garnet maser — See ferromagnetic amplifier. 

garter spring— In facsimile, the spring fastened 
around the drum to hold the record sheet or copy in place. 

gas — One of the three states of matter. An aeriform 
fluid having neither independent shape nor volume, but 
tending to spread out and occupy the entire enclosure in 
which it is placed. Gases are formed by heating a liquid 
above its boiling point. 

gas amplification — Ratio of the charge collected to 
the charge liberated by the initial ionizing of the gas in a 
radiation counter. 

gas-amplification factor—Ratio of radiant or 
luminous sensitivities with and without ionization of the 
gas in a gas phototube. 

gas cell-—A cell whose action is dependent on the 
absorption of gases by the electrodes. 

gas cleanup—The tendency of many gas-filled 
tubes to lose their gas pressure and hence become 
inoperable. This occurs when the ions of gas are driven 
at high velocity into the metal parts or the glass envelope 
of the tube, where they form stable compounds and are 
lost as far as the tube is concerned. 

gas current— 1. The current in the grid circuit of 
a vacuum tube when the gas ions within the tube are 
attracted by the grid. 2. A flow of positive ions to an 
electrode, the ions having been produced as a result of gas 
ionization by an electron current between other electrodes. 
3. The positive-ion current created in an clectron tube as 
the result of the collisions between electrons and residual 
gas molecules. 

gas detector— An instrument used to indicate the 
concentration of harmful gases in the air. 

gas diode —A tube having a hot cathode and an 
anode in an envelope containing a small amount of an 
inert gas or vapor. When the anode is made sufficiently 
positive, the electrons flowing to it collide with gas atoms 


317 


and ionize them. As a result, the anode current is much 
greater than that for a comparable vacuum diode. 

gas-discharge device—A device utilizing the 
conduction of electricity in a gas due to movements of 
electrons and ions produced by collision. 

gas-discharge display—A device containing an 
inert gas that gives off orange light when a high voltage 
is applied to break down (ionize) the gas. Gas-discharge 
displays have a seven-segment format. 

gas-discharge laser — See gas laser. 

gas-electric drive—A _ self-contained power- 
conversion system comprising an electric generator driven 
by a gasoline engine. The generator in turn supplies power 
to the driving motor or motors. 

gaseous discharge — The state of a gas or mixture 
of gases in which a conduction current can be maintained 
by ionization. The ionization results from collisions 
between electrons and atoms or molecules of the gas, the 
energy being furnished by an external source such as an 
electric field. 

gaseous electronics — The field of study involving 
the conduction of electricity through gases and a study of 
all atomic-scale collision phenomena. 

gaseous tube — An electronic tube into which a 
small amount of gas or vapor is introduced after the 
tube has been evacuated. Ionization of the gas molecules 
during operation of the tube affects its operating charac- 
teristics. 

gaseous-tube generator — A power source com- 
prising a gas-filled electron-tube oscillator and a power 
supply, plus associated controls. 

gas-filled cable — A coaxial or other type of cable 
containing gas under pressure, which serves as insulation 
and prevents moisture from entering. 

gas-filled lamp — A tungsten-filament lamp contain- 
ing nitrogen or an inert gas such as argon. 

gas-filled radiation-counter tube-——A gas tube 
used for the detection of radiation. It operates on the 
principle that radiation will ionize a gas. 

gas-filled tube rectifier — A rectifier tube in which 
a unidirectional flow of electrons from a heated electrode 
ionizes the inert gas within the tube. In this way, 
rectification is accomplished. 

gas focusing — Also called ionic focusing. The use 
of an inert gas to focus the electron beam in a cathode-ray 
tube. Beam electrons ionize the gas molecules, forming 
a core of positive ions along the beam path that tends to 
attract beam electrons, making the beam more compact. 

gasket -— A device used to retain fluids under pressure 
or seal out foreign matter. Also a static seal to reduce 
electromagnetic interference or susceptibility. 

gasket-sealed relay—A relay in an enclosure 
sealed with a gasket. 

gas laser — Also called gas-discharge laser. A laser 
in which the active medium is a discharge in gas, vapor, 
or mixture within a glass or quartz tube that has a 
Brewster window at each end. This gas can be excited by 
a high-frequency oscillator or by a direct current between 
electrodes inside the tube to pump the medium so as to 
obtain a population inversion. 

gas magnification —- The increase in current through 
a phototube due to ionization of the gas within the tube. 

gas maser—A maser in which the microwave 
electromagnetic radiation interacts with the molecules of 
a gas such as ammonia. Use is limited chiefly to highly 
stable oscillator applications, as in atomic clocks. 

gas noise —Electrical noise produced by erratic 
motion of gas molecules in gas or partially evacuated 
vacuum tubes. 

gas-phase laser— A continuous-wave device for 
general experimental work with coherent light. It employs 
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a resonator made up of a fused-silica plasma tube 
60 cm long having internal, multilayer, dielectric-coated 
confocal reflectors of optical-grade fused silica. 

gas photocell —A photoemissive cell having an 
inert gas added to its envelope. Subsequent ionization of 
the gas increases the responsivity of the photocell. 

gas phototube — A phototube into which a quantity 
of gas has been introduced, usually to increase its 
sensitivity. 

gas ratio — The ratio of the ion current in a tube to 
the electron current that produces it. 

gassiness—The presence of unwanted gas in a 
vacuum tube, usually in relatively small amounts. It is 
caused by leakage from outside the tube or by evolution 
from its inside walls or elements. 

gassing — |. Evolution of a gas from one or more 
electrodes during electrolysis. 2. The production of gas in 
a storage battery when the charging current is continued 
after the battery has been completely charged. 

gassy — Having operating characteristics that are 
impaired as a result of an excessive amount of gas inside 
its envelope, as a vacuum tube. 

gassy tube — See soft tube. 

gas-tight connection—A contact or joint that 
prevents contaminant gases from reaching the contact 
area. 

gaston — A modulator that produces a random-noise 
modulation signal from a gas tube. It may be attached 
to any standard aircraft communications transmitter to 
provide a counterjamming modulation. 

gas tube—1.A partially evacuated electron tube 
containing a small amount of gas. Ionization of the gas 
molecules is responsible for the current. 2. An electron 
tube whose current is affected by the pressure on the gas 
or vapor contained in the tube. 

gas-tube relaxation oscillator—A relaxation 
oscillator in which the abrupt discharge is provided by 
the breakdown of the gas in the tube, 

gas X-ray tube— An X-ray tube in which electron 
emission from the cathode is produced by bombarding it 
with positive ions. 

gate — 1. A circuit having two or more inputs and 
one output, the output depending upon the combination 
of logic signals at the inputs. There are four gates, called 


AND 


OR 


NAND 


NOR 
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AND, OR, NAND, and NOR. The definitions assume 
positive logic is used. In computer work, a gate is often 
called an AND circuit. 2. A signal used to trigger the 
passage of other signals through a circuit. 3. One of the 
electrodes of a field-effect transistor; it is analogous to the 
base of a transistor or the grid of a vacuum tube. Symbol: 
G. 4. An output element of a cryotron. 5. A circuit 
in which one signal (usually a square wave) switches 
another signal on or off. 6. To control the passage of a 
pulse or signal. 7. Voltage-actuated control terminal of an 
MOS transistor. 8. A circuit that admits and amplifies or 
passes a signal only when a gating (triggering) pulse is 
present. 9. A digital logic element usually with one output 
and several inputs, where the output is a function of a 
combination of the inputs. 10. A single logic function, 
such as NAND, NOR, AND, OR, XOR, or NOT. 

gate array—-1. A geometric pattern of basic gates 
contained in one chip. It is possible to interconnect the 
gates during manufacture to form a complex function 
that may be used as a standard production. 2. A cellular 
arrangement of logic elements with a custom intercon- 
nection. Arrays offer complexities of several hundred to 
more than 2000 gates, performance that equals or betters 
that of standard TTL or ECL, and as little as 12-week 
turnaround from design to prototype. 3. Also called a 
semicustom large-scale integrated or very large-scale inte- 
grated circuit (VLSI). A matrix of unconnected transistors 
and resistors that become a dedicated array only after they 
are interconnected by one or more masking and intercon- 
nection steps. The term gate array is a holdover from the 
days when functional logical cells, equivalent to small- 
and medium-scale integrated circuits, were made by first 
forming equivalent gates. 4. Cells of transistors stacked in 
columns and separated by conductive channnels. The cells 
are selectively connected to the channels in the final stages 
of manufacturing to provide logic functions. Like PLAs, 
gate arrays are less space efficient and more expensive 
than dedicated circuits. 5. A semicustom IC consisting 
of a regular arrangement of gates that are interconnected 
through one or more layers of metal to provide custom 
functions. Generally, gate arrays are preprocessed up to 
the first interconnect level so they can be quickly pro- 
cessed with final metal to meet a customer’s specified 
logic function. 

gate circuit—-A circuit that passes a signal only 
when a gating pulse is present. 

gate-controlled switch — Also called gate turn-off 
switch. A three-junction, three-terminal, solid-state device 
constructed very much like a silicon-controlled rectifier 
except that it has a turn-off ability, which 1s controlled by 
a negative current pulse applied to the gate. 

gate-controlled turn-off time — 1. The time inter- 
val during which a thyristor is switching from the on 
state to the off state as a result of the application of a 
gate trigger pulse. The interval is usually measured from 
the 10-percent point on the gate pulse to the instant at 
which the principal voltage has increased to 90 percent 
of the off-state voltage. 2. The time interval during which 
a thyristor is switching from the off state to the on state 
as a result of the application of a gate tngger pulse. The 
interval is usually measured from the 10-percent point on 
the gate pulse to the instant at which the principal voltage 
has dropped to 10 percent of its initial value. The turn-on 
time is the sum of the delay time and the rise time. 

gate-controlled turn-on time — The time interval 
between the 10-percent rise of the gate pulse and the 90- 
percent rise of the principal current pulse during switching 
of a thyristor from the off state to the on state. 

gate current-— Instantaneous current flowing bet- 
ween the gate and cathode of a siltcon-controlled rectifier. 
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gate current for firing — Gate current required to 
fire a silicon-controlled rectifier when the anode is at a 
fixed de voltage with respect to the cathode and with the 
device at stated temperature conditions. 

gated-beam detector— A single-stage FM detec- 
tor using a gated-beam tube. 

gated-beam tube —A five-element tube in which 
the electrons flow in a beam between the cathode and 
plate. A small increase in voltage on the limiter grid will 
cut off the plate current, and further increases will have 
a negligible effect on it. 

gated buffer—A low-impedance inverting driver 
circuit that may be used as a line driver for pulse 
differentiation or in multivibrators. 

gated flip-flop—aA flip-flop that has a steering 
circuit that prevents both flip-flop outputs from becoming 
O at the same time. Alternating-current input pulses must 
be used to prevent the flip-flop from oscillating. This 
situation can arise if both input lines are made high 
simultaneously. 

gated sweep — Sweep in which the duration as well 
as the starting time is controlled to exclude undesired 
echoes from the indicator screen. 

gated transistor—A transistor in which a gate 
electrode covers the emitter and collector junctions. This 
allows the application of an electric field at the surface of 
the base region. 

gate electrode—A control electrode to which 
trigger pulses are applied. 

gate equivalent circuit — A basic unit for describ- 
ing relative digital circuit complexity. The number of gate 
equivalent circuits is that number of individual logic gates 
that would have to be interconnected to perform the same 
function. 

gate generator—A circuit or device used to pro- 
duce one or more gate pulses. 

gate impedance — The impedance of a gate wind- 
ing in a magnetic amplifier. 

gate multivibrator— A rectangular-wave generator 
designed to produce a single positive or negative gate 
voltage upon being triggered and then to become inactive 
until the arrival of the following trigger pulse. 

gate nontrigger current — The highest gate current 
that will not cause a thyristor to switch from the off state 
to the on state. 

gate nontrigger voltage—The maximum gate 
voltage that will not cause a thyristor to switch from the 
off state to the on state. 

gate power dissipation— The power dissipated 
between the gate and cathode terminals of a silicon- 
controlled rectifier, 

gate-producing multivibrator—A_ rectangular- 
wave generator that produces a single positive or negative 
gate voltage only when triggered by a pulse. 

gate pulse — A pulse that enables a gate circuit to 
pass a signal. The gate pulse generally has a longer 
duration than the signal to ensure time coincidence. 

gate region-—Of a field-effect transistor, a region 
associated with the gate electrode in which the electric 
field due to the control voltage 1s effective. 

gate resistance — The dc resistance between gate 
and source terminals of a field-effect transistor at specified 
gate voltage with drain short-circuited to the source. 

gate signal — That signal generated by some form of 
delay circuit required in connection with beam switching, 
automatic following, the application of AGC to a selected 
echo, and many other purposes. 

gate terminal — 1. The terminal in a field-effect tran- 
sistor electrically connected to the electrode associated 
with the region in which the electric field, due to the 
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control voltage, is effective. 2. A terminal to or from 
which only control current, usually called the gate current, 
flows. 

gate-to-source leakage current—A current 
through gate and source terminals of a field-effect tran- 
sistor at specified drain circuit conditions. 

gate trigger current—In a controlled rectifier, 
the minimum gate current, for a given anode-to-cathode 
voltage, required to switch the rectifier from the off state 
to the on state. 

gate trigger voltage —In a controlled rectifier, the 
gate voltage that produces the gate trigger current. 

gate tube — A tube that does not operate unless two 
signal voltages, derived from two independent circuits, 
are applied simultaneously to two separate electrodes. 

gate turn-off current — In a controlled rectifier, the 
minimum gate current, for a given collector current in the 
en state, required to cause the rectifier to switch off. Not 
all thyristors can be turned off by the gate. 

gate turn-off switch — See gate-controlled switch. 

gate turn-off voltage — The gate voltage required 
to produce the gate turn-off current in a thyristor. Not all 
thyristors can be turned off by the gate. 

gate voltage— I. The voltage across the gate- 
winding terminals of a magnetic amplifier. 2. The 
instantaneous voltage between gate and cathode of a 
silicon-controlled rectifier with anode opening. 3. The 
voltage between a gate terminal and a specified main 
terminal. 

gateway— 1. A link, or bridge, from one type of 
communication network to another. 2. A machine or set 
of machines used to relay packets from one network to 
another network. See also router. 3. Equipment used to 
connect network architectures that use different protocols 
by providing protocol translation. 4, A link from one 
computer system to a different computer system. Some 
gateways are the Internet and Stocklink. 

gateway station— An earth station that provides 
mobile units with access to the public telephone network. 

gate winding —The reactor winding that produces 
the gating action in a magnetic amplifier. 

gating — 1. Selecting those portions of a wave that 
exist during certain intervals or that have certain mag- 
nitudes. 2. Applying a rectangular voltage to the grid or 
cathode of a cathode-ray tube, to sensitize it during the 
sweep time only. 3. Application of a specific waveform 
to perform electronic switching. See also blanking. 

gating circuit— A circuit that operates as a selective 
switch and allows conduction only during selected time 
intervals or when the signal magnitude is within specified 
limits. 

gating pulse — A pulse that modifies the operation 
of a gate circuit. 

gauge — See gage. 

gauge pressure —— Sze gage pressure. 

gauss — ]. The centimeter-gram-second electromag- 
netic unit of magnetic induction. One gauss represents one 
line of flux (one maxwell) per square centimeter. Letter 
symbol: G. 

Gaussian distribution — Also called normal distr- 
bution. A density function of a population that ts bell- 
shaped and symmetrical and that is completely defined by 
two independent parameters: the mean and the standard 
deviation. 

Gaussian elimination — A method for solving sys- 
tems of linear equations based on manipulation of the 
matrix representing those equations. 

Gaussian function-— A mathematical function used 
in designing a filter to pass a step function with zero 
overshoot and minimum rise time (similar to a Bessel- 
function filter). 


Gaussian noise —1. Unwanted electrical distur- 
bances or perturbations described by a probability density 
function that follows a normal law of statistics. This 
normal distribution is the well-known symmetrical bell- 
shaped density function of a population that is completely 
defined by two independent parameters, viz, the mean 
and the standard deviation. The Gaussian (normal) amplt- 
tude distribution is of fundamental significance in statisti- 
cal theory, descnbing numerous natural phenomena. The 
central-limit theorem of statistics states, in essence, that 
the sum of a number of independent random variables 
approaches the Gaussian distribution as the number of 
said variables increases, regardless of the distribution of 
the individual variables. A significant facet of Gaussian 
random noise is that it exceeds its positive roolt-mean- 
square amplitude and attains twice that value for 16 and 
20 percent of the time, respectively. 2. A random-noise 
signal whose frequency components have a Gaussian 
distribution centered on a specified frequency. 3. Noise 
whose amplitude is characterized by the Gaussian distri- 
bution, e.g., white noise, ambient noise, and hiss. 

Gaussian random vibration — See random vibra- 
tion. 

Gaussian waveform—lIn pulse-compression sys- 
tems, a waveform that produces very low transmitted side 
lobes. 

gaussmeter— An instrument that provides direct 
readings of magnetic field density (flux density) by virtue 
of the interaction with an internal magnetic field. 

Gauss’s theorem — The summation of the normal 
component of the electric displacement over any closed 
surface is equal to the electric charge within the surface. 

GB —- Abbreviation for gigabyte, one billion bytes. 

GCA — Abbreviation for ground-controlled approach. 

GCI— Abbreviation for ground-controlled intercep- 
tion. 

GCS — Abbreviation for gate-controlled switch. 

GCT or Gct— Abbreviation for Greenwich civil time. 

G-display — Also called G-scan or G-scope. In radar, 
a rectangular display in which a target appears as a 
laterally centralized blip on which wings appear to 
grow as the target approaches. Horizontal and vertical 
aiming errors are indicated by horizontal and vertical 
displacement of the blip. 

gear —An element shaped like a toothed wheel that 
engages one or more similar wheels. The energy trans- 
mitted can be stepped up or down by making the driven 
gears of different sizes. 

geared synchro system — A system in which tke 
transmitting and receiving synchros turn at a higher speed 
than the input and output shafts. Geared systems are 
generally used when a high degree of accuracy is required. 

gearmotor — A train of gears and a motor used for 
reducing or increasing the speed of the driven object. 

Geiger counter — Also called Geiger-Mueller or G- 
M counter. 1. A radiation detector that uses a Geiger- 
Mueller counter tube, an amplifier, and an indicating 
device. The tube consists of a thin-walled gas-filled metal 
cylinder with a projecting electrode. Nuclear particles 
enter a window in the metal cylinder and temporarily 10n- 
ize the gas, causing a brief pulse discharge. These pulses, 
which appear at the projecting electrode, are amplified and 
indicated visibly or audibly. 2. Gas-chamber-type radia- 
tion counter in which the chamber operates in avalanche 
region for high amplification and sensitivity. 

Geiger-Mueller counter — See Geiger counter. 

Geiger-Mueller counter tube—A radiation- 
counter tube designed to operate in the Geiger-Mueller 
region. 
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Geiger-Mueller region — Also called Geiger region. 
The voltage interval in which the pulse size is indepen- 
dent of the number of primary ions produced in the initial 
ionizing event. 

Geiger-Mueller threshold— Also called Geiger 
threshold. The lowest voltage at which all pulses produced 
in the tube by any ionizing event are of the same size 
regardless of the size of the primary ionizing event. This 
threshold is that start of the Geiger region in which the 
counting rate does not substantially change with applied 
voltage. 

Geiger region — See Geiger-Mueller region. 

Geiger threshold — See Geiger-Mueller threshold. 

Geissler tube—A gas-filled dual-electrode dis- 
charge tube that glows when electric current passes 
through the gas. 

gel —A material composed of a solid held in a liquid. 

genemotor — A type of dynamotor having two arma- 
ture windings. One winding serves as the driving motor 
and operates from the vehicle battery. The other winding 
functions as a high-voltage dc generator for operation of 
mobile equipment. 

general address — Group of characters included in 
the heading of a message to cause routing of the message 
to all addresses included in the general address category. 

general background lighting — Overall lighting 
level in a room or area, exclusive of local lighting. 

general class license— A license issued by the 
FCC to amateur radio operators who are able to send 
and receive code at the rate of 13 words per minute and 
who are familiar with general radio theory and practice. 
Holder enjoys all authorized amateur privileges except 
those reserved for higher license classes. 

generalized network—A set of elements, com- 
monly called nodes, that are interconnected in some way. 
In some cases it is sufficient to assign some meaning to 
the nodes and interconnections for the network to have 
some useful purpose. For example, a PERT network is 
simply a planning model of a complex set of tasks to be 
performed. Each node represents the completion of a task. 
The interconnecting lines represent precursor and succes- 
sor relationships among tasks. Such models are commonly 
used to determine the critical path—the most complex 
sequence of events that will complete the task. 

general light — The total light or light level in a room 
or area, including all sources. 

general-purpose computer—A computer de- 
signed to solve a wide variety of problems, the exact 
nature of which may have been unknown before the 
computer was designed. 

general-purpose digital computer—aA digital 
computer designed to solve a large variety of problems; 
that is, a computer that can be adapted to a large class of 
applications (as opposed to a computer designed specif- 
ically to control a manufacturing process). A typical 
general-purpose digital computer consists of four sub- 
systems: (1) input/output, which permits communication 
with the outside world; (2) memory, which stores data 
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and instructions; (3) central processing unit (CPU), or 
arithmetic unit, which performs the arithmetic and data 
processing operations; and (4) control, which ties all of 
the subsystems together so that they operate in a fully 
automated way. 

general-purpose interface bus — See GPIB. 

general-purpose motor— A motor of 200 hp or 
less and 450 rpm or more, rated for continuous operation, 
having standard ratings, and suitable for use without 
restriction to a particular application. 

general-purpose relay—A term that covers a 
wide variety of electromechanical relays that typically 
are of the common coil-and-armature type, the most 
common styles having the ability to switch either ac or 
dc with de ratings from 2 to 10 amperes. These relays 
are usually employed in switching power and can be 
found in business machines, process controls, fractional- 
horsepower motor controls, and many other applications. 
They may be plug-in, bracket, stud, or screw mounted. 
Plug-in choices are square, octal, miniature, and multiple- 
pin. Á relay that is adaptable to a variety of applications. 

general rate —The amount of time taken by the 
creation of electron-hole pairs in a semiconductor. 

general register-—One of a specified number of 
internal addressable registers in a CPU that can be 
used for temporary storage, as an accumulator, an index 
register, a stack pointer, or for any other general-purpose 
function. 

general routine —A computer routine designed to 
solve a general class of problems, but when appropriate 
parametric values are supplied, it specializes in a specific 
problem. 

generated noise —Jn potentiometric transducers, 
the noise that is attributable to causes such as the gen- 
eration of emf when dissimilar metals are rubbed against 
each other, or the emf resulting from the thermocouple 
effects at points where dissimilar metals are joined. 

generating electric field meter— Also called a 
gradient meter. A device for measuring the potential gra- 
dient at the surface of a conductor. A flat conductor is 
alternately exposed and then shielded from the electric 
field to be measured. The resultant current in the conduc- 
tor is then rectified and used as the measure. 

generating magnetometer— Also called earth 
inductor. A magnetometer that measures a magnetic field 
by the amount of emf generated in a coil rotated in the 
field. 

generating station— An installation that produces 
electric energy from chemical, mechanical, hydraulic, or 
some other form of energy. 

generating voltmeter — Also called a rotary volt- 
meter. A device that measures voltage. A capacitor is 
connected across the voltage, and its capacitance is var- 
ied cyclically. The resultant current in the capacitor is 
then rectified and used as a measure. 

generation — The number of dubbing steps between 
a master recording and a given copy of the master. Thus, a 
second-generation dub is a copy of a copy of the original 
master. 

generation data group— A collection of succes- 
sive data sets that are historically related. 

generation rate—The time rate of creation of 
electron-hole pairs in a semiconductor. 

generator —Symbolized G. Also called dynamo. 
l. A machine that converts the mechanical energy of 
a spinning rotor into electrical energy. 2. An electronic 
device that converts de voltage to alternating current 
of the desired frequency and waveshape. 3. Any device 
that generates electricity. 4. In computer operation, a 
routine for producing specific routines from specific 
input parameters and skeletal coding. 5. A machine that 
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converts mechanical energy into electric energy. In its 
commonest form, a large number of conductors are 
mounted on an armature that is rotated in a magnetic field 
preduced by field coils. 6. A vacuum-tube oscillator or 
any other nonrotating device that generates an alternating 
voltage at a desired frequency when energized with de 
power or low-frequency ac power. Such generators are 
used to produce large amounts of rf power, such as 
for high-frequency heating and ultrasonic cleaning. 7. A 
circuit that generates a desired repetitive or nonrepetitive 
waveforra, such as a pulse generator. 

generator efficiency — 1. In a generator, the ratio 
between the power required to drive the generator and 
the output power obtained from it. 2. In a thermoelectric 
couple, the ratio of the electrical power output to the 
thermal power input. lt is an idealized efficiency assuming 
perfect thermal insulation of the thermoelectric arms. 

generator field control — Regulation of the output 
voltage of a generator by control of the voltage that 
excites the field winding of the generator. 

generator lock — See genlock. 

generator voltage regulator—A regulator that 
maintains or varies the voltage of a synchronous gen- 
erator, capacitor motor, or direct-current generator at or 
within a predetermined value. 

generic package — A collection of software items 
from which more than one installation-dependent specific 
package may be generated by a software manufacturing 
process. Generic packages may be in source-code form 
(generic source package) or in object-code form (generic 
object package}. 

genlock— Abbreviation for generator lock. Also 
abbreviated GENLOCK. 1. When two composite video 
signals are mixed, or one is fed as input to another, 
their vertical, horizontal and subcarrier signals must be 
synchronized exactly or with a fixed offset. Genlock is 
achieved by means of locking the originating signal with 
the second with a digital or analog phase-locked loop cir- 
cuit. 2. A process of sync generator locking, that makes 
it possible for two sync generators to run at the same 
frequency and phase. Used in video processing. 

geodesic — The shortest line between two points on 
a given surface. 

geometric distortion — In television, any geomet- 
ric dissimiiarity between the original scene and the repro- 
duced image. 

geometric mean— The square root of the product 
of two quantities. 

geometric symmetry —Filter response in which 
there is mirror-image symmetry about the center fre- 
quency when frequency is plotted on a logarithmic scale. 
(This is the natural response of many electrical circuits.) 
See aiso arithmetic symmetry. 

geometry — The shape or configuration of a die or 
IC. 

geophysical cable— Cable used in exploring for 
underground oil deposits. 

george box— An amplitude-sensitive device em- 
ployed in an intermediate-frequency amplifier. It rejects 
jamming signals of insufficient amplitude to operate 
its circuits; however, jamming signals having sufficient 
amplitude are not affected. 

geostationary — Refers to a geosynchronous satel- 
lite angle with zero inclination so that the satellite appears 
to hover over one spot on the earth’s equator. A satellite 
in the Clarke belt is geostationary. 

geostationary orbit — Also called Clarke orbit, in 
honor of Arthur C. Clarke, who first described it. This 
circular orbit above the equator is precisely the altitude 
(35,863 km or 22,238 miles) at which any size satellite 
will revolve around the earth once every 24 hours. 


generator efficiency — ghost signa! 


From the ground below it thus appears parked in space 
overhead, and, from above, one-third of ihe earth’s surface 
can always be seen. Television satellites are separated by 
4° intervals on this orbit to avoid mutual interference. 

geosynchronous — Within the Clarke circular orbit 
above the equator. For a planet the size and mass of the 
earth, this point is 22,238 miles aboye the surface. 

geosynchronous satellite — A satellite positioned 
at the proper distance from the earth and moving at the 
proper relational speed to appear stationary to an observer 
on earth. 

germanium — Symbol Ge. A brittle, grayish-white 
metallic element having semiconductor properties. Widely 
used in transistors and crystal diodes. Its atomic number 
is 32. 

germanium detector-— A type of photoconductive 
detector in which germanium, usually doped with boron, 
gallium, and indium, serves as a semiconductor and can 
detect frequencies up to and beyond 100 micrometers. 

germanium diode—A semiconductor diode in 
which a germanium crystal pellet is used as the rectifying 
element. 

germanium transistor— A transistor in which 
germanium is the semiconducting material. 

German silver— Usually called nickel silver. A 
silverish alloy of copper, zinc, and nickel. 

getter— An alkali metal introduced into a vacuum 
tube during manufacture. It is fired after the tube has 
been evacuated, to react chemically with and eliminate 
any remaining gases. The getter then remains inactive 
inside the tube. The silvery deposit sometimes seen on 
the inside of the glass envelope is due to getter firing. 

gettering — A semiconductor manufacturing process 
that aims to remove defects from the neighborhood of 
the devices, either removing them completely from the 
silicon wafer or transporting them into regions where 
they will have no effect on device performance. Defects 
can be introduced at almost any time during processing, 
and the defects can take on many forms. Consequently, a 
large number of different types of gettering processes are 
presently used. Several different gettering processes may 
be used during the fabrication of one particular device. 

G force — See g. 

g-g — Abbreviation for ground-to-ground. Communi- 
cation between two points on the ground. 

ghost— i. A spurious video image resulting from an 
echo. 2. An undesired duplicate image in a television 
picture, fainter and to one side of the normal picture, due 
to multipath transmission. See ghost image. 

ghost image— Also called ghost. An undesired 
duplicate image offset somewhat from the desired image 
as yiewed on a television screen. It is due to a reflected 
signal traveling over a longer path and, hence, arriving 
later than the desired signal. It may be eliminated by the 
use of a directional antenna array that receives signals 
over only one path. 

ghosting— The appearance of multiple TV images, 
which is usually caused by reception of a signal via two 
different paths. 

ghost mode—A waveguide mode in which there 
is a trapped field associated with an imperfection in the 
waveguide wall. A ghost mode can cause difficulty in 
a waveguide operated near the cutoff frequency of a 
propagation mode. 

ghost pulse — See ghost signal. 

ghost signal — Also called ghost pulse. An unwanted 
signal on the screen of a radar indicator. Echoes that expe- 
rience multiple reflections before reaching the receiver 
are an example. The term also is applied to a reflected 
television signal. See ghost image. 


giant grid — glint 


-m 
— 
-r 
ma == 
ma — 
= 


N a SECONDARY 
UT REFLECTED 

DIRECT 7 

SIGNAL 


ANSMITTING 
ANTENNA 


Ghost signal. 


giant grid — An extensive regional or national system 
of backbones and networks. 

giant ties —— See interconnection, 1. 

Gibson girl — A portable, hand-operated transmitter 
used by pilots forced down at sea. 

GIF — Abbreviation for Graphics Interchange Format. 
A standard color image format commonly encountered on 
the Internet. Other common formats are TIFF, PICT, and 
JPEG. 

giga-— A prefix meaning one billion, or 10°. 

gigacycle — One kilomegacycle, or one billion cycles. 
An obsolete term. The currently preferred term is giga- 
hertz. 

gigahertz (GHz) —One billion (10°) cycles per 
second. Used to replace the more cumbersome and 
obsolete term kilomegacycle. 

gigawatt— One thousand megawatts (10? watts). 
Letter symbol: GW. 

GIGO or gigo—1. An acronym formed from the 
phrase “garbage in, garbage out.” It is used to describe a 
computer whose operation is suspect. 2. A term used to 
describe data moving into and out of a computer system. 
If the input is bad (garbage in), then the output will also 
be bad (garbage out). 

gigohm — One thousand megohms (10? ohms). 

gilbert—A cgs unit of the magnetomotive force 
required to produce one maxwell of magnetic flux in 
a magnetic circuit of unit reluctance; 1 gilbert = 10/47 
ampere-turn. Letter symbol: Gb. 

gilbert per centimeter — The practical cgs unit of 
magnetic intensity. Gilberts per centimeter are the same 
as oersteds. 

Gill-Morrell oscillator — A retarding-field oscillator 
in which the oscillation frequency depends not only on 
the electron transit time within the tube, but also on the 
associated circuit parameters. 

gill selector —A slow-acting telegraph sender and 
calling key for selective signaling. 

gimbal— A mechanical frame having two perpendic- 
ularly intersecting axes of rotation. 

gimmick—-1. A capacitor with a value of a few 
picofarads, improvised by twisting together two insulated 
wires. 2. Length of twisted two-conductor cable used as 
a variable-capacity load, in which the capacity is varied 
by untwisting and separating the individual conductors. 

gimp — A slang name given to the extremely flexible 
wire that was used in telephone cords and similar equip- 
ment. This wire cannot be directly soldered to, as it is a 
metallic cloth-type material. 

Giorgi system— See mksa electromagnetic system 
of units. 

glass — In fiber optics, an amorphous transparent or 
translucent brittle material usually made by fusion of 
silica, soda ash, lime, and salt cake or similar materials. 
Used as a fiber-optic cable, glass offers resistance to high 
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temperatures. It is not subject to corrosion, and eliminates 
fire hazards and problems caused by short circuits. 

glass-ambient technology— The technique by 
which glass is applied directly to the surface of a 
semiconductor material. Typically, glass is placed on the 
surface of a microelectronic device by means of pyrolytic 
deposition, vapor deposition, or the firing of a glass 
powder to the surface. 

glass binder — The glass powder added to a resistor 
or conductor ink to bind the metallic particles together 
after firing. 

glassbreak vibration detector— A vibration- 
detection system that employs a contact microphone 
attached to a glass window to detect cutting or breakage 
of the glass. 

glass electrode — In electronic pH measurement, an 
electrode used for determining the potential of a solution 
with respect to a reference electrode. The calomel type is 
the most common. 

glassivation — Also called passivation. 1. A method 
of transistor passivation by a pyrolytic glass-deposition 
technique, whereby silicon semiconductor devices, com- 
plete with metal contact systems, are fully encapsulated 
in glass. 2. The deposition of glass on a chip to give 
protection to underlying device junctions. 3. A process 
in which a dielectric material is diffused over the entire 
wafer to provide mechanical and environmental protection 
for the circuits. 4. A method of semiconductor passivation 
by coating the element with a pyrolytic glass deposition. 

glass-plate capacitor— A high-voltage capacitor 
in which the metal plates are separated by sheets of 
glass for dielectric. The complete assembly is generally 
immersed in oil. 

glass-to-metal seal—An airtight seal between 
glass and metal parts of an electron tube. made by fusing 
together a special glass and special metal alloy having 
nearly the same temperature coefficients of expansion. 

glass tube— A vacuum or gaseous tube that has a 
glass envelope. 

glazed substrate — Ceramic substrate with a glass 
coating to effect a smooth and nonporous surface. 

glide path — The approach path used by an aircraft 
making an instrument landing. 

glide-path localizer— In an aircraft instrument- 
landing system, the part that indicates the altitude of the 
plane and creates a glide path for a blind landing. 

glide-path transmitter—A transmitter that pro- 
duces signals for vertical guidance of aircraft along an 
inclined surface that extends upward from the desired 
point of ground contact. 

glide slope —A radio beam used by pilots to deter- 
mine the altitude of the aircraft during a landing. 

glide-slope facility—A radio transmitting facility 
that provides the glide-slope signals. 

glidetone — A device used in electronic music that 
produces a continuous shift in the frequency of an audio 
signal. 

G-line — 1. A round wire coated with a dielectric and 
used to transmit microwave energy. 2. A signal insulated 
wire that can be strung in the open and used as a surface- 
wave radio-frequency transmission line. A G-line acts like 
a coaxial cable without the outer tubular conductor. 

glint — Also called glitter. 1. A distorted radar-signal 
echo that varies in amplitude from pulse to pulse because 
the beam is being reflected from a rapidly moving 
object such as an airplane propeller. 2. An electronic- 
countermeasures technique in which the scintillating 
effect of shuttered or rotating reflectors is used to degrade 
the tracking or seeking functions of an enemy weapons 
system. 


CHAPTER 6 © THE SMALL GROUP LAB AND CLASSROOM 


A successful teacher leads a class on a journey of discovery. Make sure you don't lose too many 
along the way. 


Participant 


Your goal as primarily a group lab participant is to make effective use of the facilities at hand, making the 
most of your time and energy. Having access to a well-stocked lab with a good array of tools can be a 
decided advantage for both your immediate project goals, and it can be an excellent opportunity to 
accelerate your knowledge of electronics and other mysterious arts. 

Imagining yourself as an active participant is the best perspective when laying out the flow of your 
lab. Set up workstations that have almost everything you need, leaving room for the complex or 
specialized stuff elsewhere. There are more suggestions about specific workstation configurations in the 
“Workstations” section of this chapter. 

While the active-participant model helps you squeeze out the maximum utilization of your lab, be 
sure to consider the sort-of-working-but-also-sort-of-goofing-off model. Not everyone wants to be 
working full-tilt all of the time. Leave room for a certain amount of idleness, contemplation, and 
whimsy. You might be surprised at the results. 


Observer 


You want to be in on the action, but not necessarily working on anything in particular. That’s great! 
Don’t underestimate the importance of the purely social aspects of technical gatherings. 

Some people just like to hang out with other like-minded individuals. This is a good thing—when 
resources and circumstances allow it. Watching creative, talented, and driven folks working on projects 
with passion is very often the best kind of inspiration. Let your kids see you having fun and making cool 
stuff in your lab, and the next thing you know, they are going to want to be there whenever you are. 
Pretty soon, they are going to want to start working on projects of their own—and that is its own special 
reward. 


Know Your Group 


Now you know a little bit about who you are and what your expectations of your lab may be. Now it’s 
time to get to know the group of people who will most benefit from access to the lab. 

Identify the needs and requirements of your group by first identifying precisely who your intended 
audience is going to be. Knowing this one item, up front, before any big plans are laid, is the best way to 
ensure success down the road. 

There are several broad categories for which you might need to prepare. The more you know about 
your particular group, the better. Let’s start fairly close to home and expand outward. 


Your Family 


Once you've established your own electronics lab at home, it's great to be able to share some of the fun 
with those that are closest to you. This might be your children, parents, siblings, or extended family. A 
well-planned and well-maintained electronics lab is going to generate some interest, or at least some 
curiosity. Here’s how you can carve out some room for them, while still being able to get things done 
yourself. 

It’s very natural to want to share your hobbies and interest with others, and a safe and well-stocked 
electronics lab is a great place to do so. This is an especially ripe opportunity for parents to pass on their 
knowledge, skills, values, and work ethic to the next generation. 
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glissando — A tone that changes smoothly from one 
pitch to another. 

glitch—1.A form of low-frequency interference 
appearing as a narrow horizontal bar moving vertically 
through the television picture. This is also observed on 
an oscilloscope at the field or frame rate as an extra- 
neous voltage pip moving along the signal at approxi- 
mately the reference-black level. 2. An unwanted tran- 
sient condition. 3. An undesired pulse or burst of noise 
that causes craskes and failures in computers. A small 
pulse of noise is called a snivitz. 4. A temporary or ran- 
dom error, or a problem or malfunction in hardware, 
such as a malfunction that can be caused by a power 
surge. 5, A spike caused by the skew (difference in turn- 
on/turn-off time) of switches or logic. Glitches are a 
troublesome source of error in high-speed D/A convert- 
ers and are most prevalent at the midscale switching 
location, when al! digital input bits are switching. Glitch 
energy is specified in picovolt-seconds, which describes 
the area under the voltage-time curve at its worst-case 
occurrence. 

glitter — See glint. 

global beam—1. An INTELSAT antenna down- 
link pattern covering a third of the earth’s surface. 
These patterns are bore-sighted at the middle of an 
ocean to provide services to nations all the way around 
the ocean basin. 2. A broad pattern of signal radi- 
ation from a satellite that covers one-third of the 
earth’s surface. (Type of beam used by INTELSAT 
satellites.) 

Global Systems for Mobile Communications — 
Originally called the Groupe Speciale Mobile. Abbrevi- 
ated GSM. The digital cellular standard for Europe. 

globule test—A solderability test specifically for 
component leads. The time required for a globule of 
solder to completely wet around a component lead is 
measured and recorded and then compared against a 
known standard. This particular test requires a certain 
amount of human evaluation. 

glossmeter—-A photoelectric instrument for deter- 
mining the gloss factor of a surface (1.e., the ratio of 
light refleciea in one direction to the light reflected in 
all directions). 

glow discharge — A discharge of electricity through 
a gas in an electron tube. It is characterized by a cathode 
glow resulting from a space potential much higher than 
the ionization potential of the gas in the vicinity of the 
cathode. 

glow-discharge microphone — A microphone in 
which the sound waves cause corresponding variations 
in the current forming a glow discharge between two 
electrodes. 

glow-discharge tube — A gas tube that depends for 
its operation on the properties of a glow discharge. 
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Glow-discharge tube. 


glow-discharge voltage regulator-—A gas tube 
used for voltage regulation. The resistance of the gas 
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within the tube varies in step wiih the voltage applied 
across the tube. 

glow lamp—-1. A lamp containing a smal! amount 
of gas or vapor. Current between the two electrodes 
ionizes the gas and causes the lamp to glow but does 
not provide rectification. Neon gives a red-orange glow, 
mercury vapor a blue glow, and argon a purple glow. 
2. Gas-discharge tube serving as a concentrated source 
of light whose brightness varies in proportion to current 
flow. When an audio-frequency signal is combined with 
the lamp current, the brightness of the giow discharge 
varies according to the audio-frequency signal variations. 
3. Glow-discharge type of tube whose light brightness 
is proportional to the current passing through the tube; 
used for photographic recording of facsimile signals. 4. A 
lamp in which the ionization of the inert gas contained 
in it produces a glow in the space close to the negative 
electrode. 

glow potential—The voltage at which a glow 
discharge begins in a gas-filled electronic tube as the 
voltage is gradually increased. 

glow-tube rectifier— Also called a point-plane 
rectifier. A cold-cathode gas-discharge tube that provides 
a unidirectional current flow. 

glow switch—An electron tube used in some 
fluorescent-lamp circuits. It contains iwo bimetal strips 
that are closed when heated by the glow discharge. 

glue-line heating — An arrangement of electrodes 
designed to heat a thin film of material having a high loss 
factor between alternate layers of materials having a low 
loss factor. 

gm — Symbol for the mutual conductance or transcon- 
ductance of a vacuum tube. 


G-M counter — Abbreviation for Geiger-Mueller 
counter. 

GMT or Gmt— Abbreviation for Greenwich mean 
time. 


gobo—A dark mat used to shield the lens of a 
television camera from stray lights. 

gold — A very soft, ductile material that is noted for 
its resistance to corrosive media. It is used primarily as a 
coating or plating. 

gold-bonded diode—A semiconductor diode in 
which a preformed whisker of gold contacts an n- 
termination substrate as the junction is formed by mil- 
lisecond electrical pulses. 

gold doping—!. A technique used to control the 
lifetime of minority carriers in a diffused-mesa transistor. 
Gold is diffused into the base and collector regions to 
reduce the storage time. 2. A process sometimes used 
in the manufacture of integrated circuits, in which gold 
is diffused into the semiconductor material, resulting in 
higher operating speeds. 

gold-leaf electroscope— An apparatus compris- 
ing two pieces of gold leaf joined at their upper ends 
and suspended inside a glass jar. When a charge is 
applied to the terminal connected to the leaves, they 
spread apart due to repulsion of the like charges on 
them. 

Goldschmidt alternator — An early radio transmit- 
ter. Ít is a rotating machine employing oscillatsug circuits 
in connection with the field and the armature to intro- 
duce harmonics in the generated fundamental frequency. 
Interaction between the stator and rotor harmonics gives 
a cumulative effect and thereby provides very high radio 
frequencies. 

goniometer — |. In a radio-range system, a device 
for electrically shifting the directional characteristics of 
an antenna. 2. An electrical device for determining the 
azimuth of a received signal by combining the outputs of 
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individual elements of an antenna array in certain phase 
relationships. 

go/no-go test—A test that determines whether 
a unit under test is functioning in accordance with 
specifications, but does not perform any diagnostic tests 
to determine the cause of an incorrect output. 

Gopher— 1. A menu-based system for organizing 
and distributing information on the Internet, which allows 
users to browse or download files and directories. Simpler 
to use but similar in functionality to FTP. A key feature 
is the ability to include menu items that connect the user 
to other Gopher servers. Developed at the University 
of Minnesota, and partially named after their mascot. 
2. Internet databases that can be accessed by the World 
Wide Web (WWW) as well as other Gopher clients. 

Gopherspace — All Gopher sites are at some point 
interconnected, and this network is known as Gopherspace. 
Gopherspace results from the ability to link different 
Gopher sites together. 

goto circuit—A circuit capable of sensing the 
direction of current. It can be used in majority logic 
circuits, in which the output is either positive or negative 
depending on whether the majority of the inputs is 
positive or negative. 

goto pair — Two tunnel diodes connected in series in 
a way such that one is in the reverse tunneling region 
when the other is in the forwarded conduction region. 
This arrangement is used in high-speed gate circuits. 

governed series motor—A motor used with 
teletypewriter equipment. It has a governor for regulating 
the speed. 

governor — 1. A motor attachment that automatically 
controls the speed at which the motor rotates. 2. The 
equipment that controls the gate or valve opening of a 
prime mover. 

GPI — Abbreviation for ground-position indicator. 

GPIB— Abbreviation for general-purpose interface 
bus. Also called HPIB (Hewlett Packard interface bus) 
and, more formally, IEEE Standard 488.2 interface. 1. A 
byte-serial bus created to interconnect instruments and 
computers. 2. The standard interface hardware used in 
computer systems. It has been adopted by the IEEE as the 
IEEE-488 instrument bus standard, which is intended to 
define standard interface techniques for limited transmis- 
sion distances (up to 20 meters). It is an eight-bit wide 
digital interface applicable for both programmable and 
nonprogrammable components. The bus provides com- 
patibility between interfacing components, offers noise 
immunity, and covers the use of interfacing with special 
connectors. 

grabber hand — An on-screen image of a hand that 
is controlled with a mouse. 

graceful degradation — A computer programming 
technique whose purpose is to prevent catastrophic system 
failure by permitting the machine to operate, although in 
a degraded mode, in spite of failures or malfunctions in 
several integral units or subsystems. 

graded-base transistor — See diffused-base tran- 
sistor. 

graded-core glass optical fiber—For most 
applications of high information rate (bandwidth), a fiber 
that has a core in which the highest optical density is at 
the center. Optical density decreases with distance from 
the center until it is the same as the cladding. That is, the 
optical density of the core is graded downward from the 
center of the core to the edge of the core, at which point 
it is equal to the cladding optical density. 

graded filter— A power-supply filter in which the 
output stage of a receiver or audio amplifier is connected 
at or near the filter input so that the maximum available 
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dc voltage will be obtained. The output stage has low 
gain; therefore, ripple is not too important. 

graded-index fiber — |. An optical fiber made with 
a refractive index that gets progressively lower as the 
diameter increases. 2. An optical fiber in which the 
index of refraction varies in the fiber, usually decreasing 
approximately parabolically from the center to the surface. 
3. A fiber whose index of refraction decreases with 
increasing radial distance from the center of the core. 

graded insulation—A combination of insulation 
proportioned so as to improve the distribution of the 
electric field to which the combination is subjected. 

graded-junction transistor — See rate-grown tran- 
sistor. 

graded thermoelectric arm—A thermoelectric 
arm having a composition that changes continuously in 
the direction of the current. 

gradient—The rate at which a variable quantity 
increases or decreases. For example, potential gradient is 
the difference of potential along a conductor or through a 
dielectric. 

gradient-index fibers — Optical fibers that keep a 
pulse of photons together for a longer time by gradually 
bending the photon paths back to the core of the fiber 
before they get all the way to the surface. While the 
weaving photon travels a longer distance than those 
traveling in a straight line down the center of the fiber, the 
glass in the core is treated to slow down the light. This 
keeps the packets of photons in proximity for a longer 
time. This fiber is being used in almost all phone company 
installations today. 

gradient meter — See generating electric field meter. 

gradient microphone—A microphone in which 
the output rises and falls with the sound pressure. See 
also pressure microphone. 

grain growth — The increase in the size of the crystal 
grains in a glass coating or other material over a period. 

gram—A unit of mass and weight in the metric 
system. Letter symbol: g. 

gramme ring — A ring-shaped iron armature around 
which the coils are wound. Each tum is tapped from the 
inside diameter of the ring to a commutator segment. 

grandfather cycle-——-The period during which 
magnetic-tape records are retained before reusing so that 
records can be reconstructed in the event of loss of infor- 
mation stored on a magnetic tape. 

grand-scale integration — See GSI. 

granular carbon — Small particles of carbon used in 
carbon microphones. 

granularity — A characteristic of the output data of a 
measuring instrument. The measure of granularity is the 
smallest increment of the output data when it is in a digital 
form. The smallest increment is also called least count. 

graph—A pictorial presentation of the relationship 
between two or more variables. 

graphechon— A specially designed electron mem- 
ory tube, based on iconoscope principles, in which electri- 
cal signal information is stored and recovered at different 
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scanning rates. lt is used in radar and computer applica- 
tions. 

graphic—-—A symbol produced by a process such as 
handwriting, drawing, or printing. 

graphical analysis — The use of diagrams and other 
graphic methods to obtain operating data and answers to 
scientific or mathematical problems. 

graphical data operations — Manipulations that a 
system can perform on points, lines, symbols, angles, and 
other graphical representations. These operations include 
delete, insert, replace, move, rotate, expand, contract, and 
extrapolate. 

graphical language—A programming language 
that expresses programs in a graphical form resembling 
flowcharts. 

graphic equalizer— 1. An equalizer that functions 
simultaneously at a number of preset frequencies, any of 
which may be boosted or cut independently of all others. 
Often done at standard 1, YY, '4, or 1% octave center 
frequencies. Graphic equalizers are generally peaking- 
type equalizers. 2. A multiband equalizer whose controls 
are Sliders, so that their settings can be seen as a rough 
graph of their frequency response characteristics. 3. Tone 
control device that uses separate adjustments to cut or 
boost different frequencies within the audio band. A 
graphic equalizer provides greater control over tone than 
single-knob tone controls. 

graphic instrument — See recording instrument. 

graphics— 1. In communications systems, an infor- 
mation mode in which intelligence is reproduced by use 
of a graphic system (a variation of facsimile). 2. Nonvoice 
analog information modes and devices such as facsimile 
and television. 3. Using computer technology to create a 
drawing that is usually displayed on a terminal or plotter. 

graphics board — A hardware add-on that boosts 
a computer’s graphics capabilities. Common graphics 
adapters include CGA, EGA, VGA, and Super VGA. 

graphic symbol—aAn electronic circuit diagram 
symbol formed using one or more basic elements such as 
lines, circles, arcs, and squares. The meaning of a symbol 
is not changed by its orientation, although some symbols 
are generally shown in one direction by convention. Line 
width and symbol size do not affect a graphic symbol’s 
meaning. 

graphic tablet— A surface through which coordi- 
nate points can be transmitted by identification with a 
cursor or stylus. 

graphic terminal —1. A cathode-ray-tube display. 
2. An XY plotter. 

graphite —A finely divided carbon used as a lubri- 
cant and in the construction of some carbon resistance 
elements. The most common use is in so-called lead pen- 
cils. 

grass — The pattern produced by random noise on an 
A-scope; it appears as closely spaced, sharp, constantly 
moving pulses on the base line. See also random noise. 

grasshopper fuse—A small fuse with a spring- 
loaded fusible wire. When the wire fuses to open the 
circuit, the spring shows a visible signal and closes an 
auxiliary circuit to actuate an alarm. 

graticule — A calibrated screen placed in front of a 
cathode-ray tube for measurement purposes. 

grating — A device for spreading out light or other 
radiation. It consists of narrow parallel slits in a plate or 
narrow parallel reflecting surfaces made by ruling grooves 
on polished metal. The slits or grooves break up the 
waves as they emerge. See also ultrasonic cross grating; 
ultrasonic space grating. 

grating reflector— An antenna reflector consisting 
of an openwork metal structure that resembles a grating. 
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Gratz rectifier— An arrangement of two rectifiers 
per phase connected into a three-phase bridge circuit to 
provide full-wave rectification. 

gravity — The force that tends to pull bodies toward 
the center of the earth, thereby giving them weight. See 
also g. 

gravity cell—A primary cell in which two elec- 
trolytes are kept separated by differences in specific grav- 
ity. It is a modification of the Daniell ceil and is now 
obsolete. 

gray body— A radiating body whose spectral emis- 
sivity remains the same at all wavelengths. It is in constant 
ratio of less than unity to the radiation of a blackbody 
radiator at the same temperature. 

Gray code — 1. A positional binary number notation 
in which any two numbers whose difference is 1 are 
represented by expressions that are the same except in 
one place or column and differ by only one unit in 
that place or column. 2. A numeric code composed of 
a number of bits, assigned in such a way that only one bit 
changes at each increment (or decrement). 3. A modified 
binary code. Sequential numbers are represented by binary 
expressions in which only one bit changes at a time; thus, 
errors are easily detected. 

Gray-code test patterns—A sequence of input 
patterns in which only one input pin changes state at each 
test step. 

gray image-— Any image composed of the full 
spectrum of gray shades ranging from black to white. 

gray scale—1. A series of regularly spaced tones 
ranging from white to black through intermediate shades 
if gray used as a reference scale for control purposes 
in photography or TV. 2. The discrete levels of the 
video signal between reference-black and reference-white 
levels. 

gray-scale capability —The ability to accurately 
reproduce different light levels. At present there are 
several standards for judging gray-scale display. Some 
define each light “level” that makes up the scale as the 
brightness change discernible by the eye (typically a 3- 
to 5-percent change). Another standard, less subjective, 
defines gray scale as the difference in brightness required 
to produce a specified density change on processed film. 

gray scale image — An image consisting of an array 
of pixels that can have more than two values. 

great manual— Also called the accompaniment 
manual or lower manual. In an organ, the keyboard 
normally used for playing the accompaniment to the 
melody. 

green-gain control — A variable resistor used in the 
matrix of a three-gun color television receiver to adjust 
the intensity of the green primary signal. 

green gun-— The electron gun whose beam, when 
properly adjusted, strikes only the green phosphor dots in 
the color picture tube. 

green restorer— A dc restorer used in the green 
channel of a three-gun color-television picture-tube cir- 
cult. 

green video voltage—-The signal voltage that 
controls the grid of the green gun in a three-gun picture 
tube. 

Greenwich civil time — See universal time. 

Greenwich mean time— Abbreviated GMT or 
Gmt. The mean solar time at the meridian of Greenwich 
(zero longitude). It is used as a world-wide reference time. 
Also called zulu time, because of the Z time zone. This 
widely used standard time reference is equivalent to EDT 
plus 4 hours, EST or CDT plus 5 hours, CST or MDT 
plus 6 hours, MST or PDT plus 7 hours, and PST plus 
8 hours. 
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Gregorian antenna—A satellite antenna with a 
sub-reflector mounted near the focal point, for improved 
focusing of satellite signals. 

grid— 1. An electrode having one or more openings 
for the passage of electrons or ions. See also control grid; 
screen grid; shield grid; space-charge grid; suppressor 
grid, 2. An interconnected system in which high-voltage, 
high-capacity backbone lines overlay and are connected 
with networks of lower voltages. 3. A two-dimensional 
network consisting of a set of equally spaced parallel 
lines superimposed upon another set of equally spaced 
parallel lines so that the lines of one set are perpendicular 
to the lines of the other, thereby forming square areas. 
The intersections of the lines provide the basis for 
an incremental location system. 4. An arrangement of 
electrically conducting wire, screen, or tubing placed in 
front of doors or windows or botb, which is used as 
a part of a capacitance sensor. 5. A latlice of wooden 
dowels or slats concealing fine wires in a closed circuit 
that initiates an alarm signal when forcing or cutting the 
lattice breaks the wires. Used over accessible openings. 
Sometimes called a protective screen. 6. A screen or 
metal plate, connected to earth ground, sometimes used 
to provide a stable ground reference for objects protected 
by a capacitance sensor. If placed against the walls near 
the protected object, it prevents the sensor sensitivity 
from extending through the walls into areas of activity. 
7. Network of uniformly spaced points on an input device 
used for locating position. 

grid battery—Sometimes called a C battery. A 
source of energy for supplying a bias voltage to the grid 
of a vacuum tube. 

grid bearing— A bearing made with the reference 
line to grid north. 

grid bias — Also called C-bias. A constant potential 
applied between the grid and cathode of a vacuum tube 
to establish an operating point. 

grid-bias cell—A small cell used in a vacuum-tube 
circuit to make the grid more negative than the cathode. 
It provides a voltage, but cannot supply an appreciable 
amount of current. 

grid blocking — 1. Blocking of capacitance-coupled 
stages in an amplifier because of an accumulated charge 
on the coupling capacitor as the result of current flow 
during the reception of large signals. 2. A method of 
keying a circuit by application of a negative grid voltage 
several times during key-up conditions; when the key is 
down, the blocking bias is removed, and normal current 
through the keyed circuit is restored. 

grid cap— At the top of some vacuum tubes, the 
terminal that connects to the control grid. 

grid capacitor — A capacitor in parallel with the grid 
resistor or in series with the grid lead of a tube. 

grid-cathode capacitance — Capacitance between 
the grid and the cathode in a vacuum tube. 

grid characteristic — The curve obtained by plot- 
ting grid-voltage values of a vacuum tube as abscissas 
against grid-current values as ordinates on a graph. 

grid circuit — The circuit connected between the grid 
and cathode and forming the input circuit of a vacuum 
tube. 

grid-circuit tester— A tester designed to measure 
the grid resistance of vacuum tubes without discriminating 
between the type or polarity of impedance. 

grid clip—A spring clip used for making a connec- 
tion to the top-cap terminal of some vacuum tubes. 

grid-conductance — The in-phase component of 
the alternating grid current divided by the alternating 
grid voltage, all other electrode voltages being maintained 
constant. 
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grid control —Control of the anode current of an 
electron tube by means of changes in the voltage between 
the control grid and cathode of the tube. 

grid-controlled mercury-arc rectifier — A 
mercury-arc rectifier employing one or more electrodes 
exclusively for controlling start of the discharge. 

grid-controlled rectifier — A triode mercury-vapor 
rectifier tube in which the grid determines the instant at 
which plate current starts to flow during each cycle, but 
does not determine how much current will flow. 

grid-control tube—A mercury-vapor-filled ther- 
mionic vacuum tube with an external grid control. 

grid current— The current that flows in the grid-to- 
cathode circuit of a vacuum tube. It is usually a complex 
current made up of several currents having a variety of 
polarities and impedances. 

grid detection — Detection by rectification in the 
grid circuit of a vacuum tube. 

grid-dip meter— A multiple-range oscillator incor- 
porating a meter in the grid circuit to indicate grid current. 
The meter is so named because its reading dips (reads a 
lower grid current) whenever an external resonant circuit 
is tuned to the oscillator frequency. 


Grid-dip meter. 


grid dissipation — The power lost as heat at the grid 
of a tube. 

grid-drive characteristic — The relationship bet- 
ween the electrical or light output of an electron tube 
and the control-electrode voltage measured from cutoff. 

grid driving power— The average product of the 
instantaneous value of grid current and the alternating 
component of grid voltage over a complete cycle. 

grid emission — Electron or ion emission from the 
grid of an electron tube. 

grid-glow tube—A glow-discharge cold cathode 
tube in which one or more control electrodes initiate the 
anode current but do not limit it except under certain 
conditions. 

gridistor— A field-effect transistor that uses the prin- 
ciple of centripetal striction and has a multichannel 
structure, combining the advantages of both field-effect 
transistors and minority-carrier injection transistors. 

grid leak—A high resistance connected across the 
grid capacitor or between the grid and cathode. It provides 
a direct-current path, to limit the accumulation of a charge 
on the grid. 

grid-leak capacitor— A small capacitor connected 
in a vacuum-tube grid circuit, together with a resistor, to 
produce grid bias. 
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grid-leak detector—A triode or multielectrode 
tube in which rectification occurs because of electron 
current through a high resistance in the grid circuit. The 
voltage associated with this flow appears in amplified 
form in the plate circuit. 

grid limiting — The use of grid-current bias derived 
from the signal, through a large series grid resistor, in 
order to cut off the plate current and consequently level 
the output wave for all input signals above a critical value. 

grid locking — Faulty tube operation in which exces- 
sive grid emission causes the grid potential to become 
continuously positive. 

grid modulation — Modulation produced by applica- 
tion of the modulating voltage to the control grid of any 
tube in which the carrier is present. Modulation in which 
the grid voltage contains externally generated pulses is 
called grid-pulse modulation. 

grid neutralization—A method of neutralizing an 
amplifier. A portion of the grid-to-cathode alternating- 
current voltage is shifted 180° and applied to the plate- 
to-cathode circuit through a neutralizing capacitor. 

grid north— An arbitrary reference direction used 
with the grid system of navigation. 

grid-plate capacitance —The direct capacitance 
between the grid and plate of a vacuum tube. 

grid-plate transconductance — Mutual conduc- 
tance, which is the ratio of a plate-current change to the 
erid-voltage change that produces it. 

grid-pool tank-—A grid-pool tube having a heavy 
metal envelope somewhat resembling a tank in appear- 
ance. 

grid-pool tube—A gas-discharge tube having a 
mercury-pool cathode, one or more anodes, and a control 
electrode or grid to control the start of current. See also 
excitron; ignitron. 

grid-pulse modulation — Modulation produced in 
an amplifier or oscillator by application of one or more 
pulses to a grid circuit. 

grid pulsing — Method of controlling the operation 
of a radio-frequency oscillator. The oscillator-tube grid is 
biased so negatively that oscillation occurs, even at full 
plate voltage, except when this negative bias is removed 
by appiication of a positive voltage pulse to the grid. 

grid resistor— A general term that denotes any 
resistor in the grid circuit, 

grid return —An external conducting path for the 
return of grid current to the cathode. 

grid suppressor — A resistor, sometimes connected 
between the control grid and the external circuit of an 
amplifier, to prevent parasitic oscillations caused by stray- 
capacitance feedback. 

grid swing— The total variation in grid-to-cathode 
voliage from the positive peak to the negative peak of the 
applied-signal voltage. 

grid-to-cathode capacitance — The direct capac- 
itance between the grid and cathode of a vacuum tube. 

grid-to-plate capacitance — Designated C,,. The 
direct capacitance between the grid and plate in a vacuum 
tube. 

grid-to-plate transconductance —The mutual 
conductance, or ratio of plate-current to grid-voltage 
changes, in a vacuum tube. 

grid voltage —The voltage between the grid and 
cathode of a tube. 

grid-woltage supply — The means for supplying, to 
the grid of an electron tube, a potential that is usually 
negative with respect to the cathode. 

grille cloth — A loosely woven fabric that is virtually 
transparent to sound, often stretched across the opening 
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in a speaker enclosure that seats the radiating side of the 
speaker. 

grommet— An eyelet of rubber or neoprene placed 
in a hole in sheet metal, such as a terminal entrance, to 
insulate and protect wires that pass through. 

groove — In mechanical recording, the track inscribed 
in the record by a cutting or embossing stylus, including 
undulations or modulations caused by vibration of the 
stylus. In stereo discs its cross section is a right-angled 
triangle, with each side at a 45° angle to the surface of the 
record; information is cut on both sides of the groove. In 
a long-playing record, groove dimensions could be: width 
2.5 mils (63.5 um), depth 1 mil (25.4 um), and pitch 
250-350 groove revolutions per inch (98-138 groove 
revolutions per centimeter). 

groove angle — In disc recording, the angle between 
the two walls of an unmodulated groove in a radial plane 
perpendicular to the surface of the recording medium. 

groove shape — In disc recording, the contour of the 
groove in a radial plane perpendicular to the surface of 
the recording medium. 

groove speed — In disc recording, the linear speed 
of the groove with respect to the stylus. 

groove velocity — The speed with which the record 
groove moves under the cartridge. An Ip record rotates 
at a constant 331% rpm with grooves cut at diameters 
that decrease gradually from 11 > to 43% inches (29.2 to 
12.1 cm). Groove velocity therefore ranges from 20 in/s 
(50.8 cm/s) at the outside of the record to 8.3 in/s 
(21.1 cm/s) in the innermost groove. 

gross information content—A measure of the 
total information, including redundant portions, contained 
in a message. It is expressed as the number of bits or 
hartleys necessary to transmit the message with spec- 
ified accuracy by way of a noiseless medium without 
coding. 

ground — 1. A connection to the earth for conducting 
electrical current to and from the earth. 2. The voltage 
reference point in a circuit. There may or may not be 
an actual connection to earth, but it is understood that a 
point in the circuit said to be at ground potential could 
be connected to earth without disturbing the operaticn of 
the circuit in any way. 3, A point in an electrical system 
that has zero voltage. Usually, the chassis of an electrical 
component is at ground potential and thus serves as the 
return path for signals as well as for power circuits. The 
shield in coaxial signal cable is, or should be, at ground 
potential to avoid hum pickup. Ground also designates the 
earth, literally, which is used as a return path for radio 
waves from an antenna. In British terminology earth is 
used to designate all ground connections. 4. A conducting 
connection through which a circuit or electrical equipment 
is connected to the earth or to a conducting body that is at 
earth potential. A ground may be accidental or intentional. 
5. To connect to a ground. 6. Connection (intentional or 
accidental) between an electrical circuit and the earth or 
its electrical equivalent. 

ground absorption—The ioss of energy during 
transmission because cf the radio waves dissipated to 
ground. 

ground bus—A conductor, usually large-diameter 
wire, that connects a number of points to one or more 
ground electrodes. 

ground check— Also known as base-line check. 
l. A procedure followed prior to the release of a 
radiosonde in order to obtain the temperature and humid- 
ity correction for the radiosonde system. 2. Any instru- 
mental check prior to the ground launch of an airborne 
experiment. 
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ground clamp—aA clamp used for connecting a 
grounding conductor (ground wire) to a grounded object 
such as a water pipe. 
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ground clutter — The pattern produced on the screen 
of a radar indicator by undesired ground return. 

ground conductor — A conductor in a transmission 
cable or line that is grounded. 

ground conduit— A conduit used solely to contain 
one or more grounding conductors. 

ground control—To guide or direct an aircraft or 
missile by control exercises from the ground. 

ground-controlled approach — Abbreviated 
GCA. 1. The radar system developed to give direction, 
distance, and elevation along a fixed approach path to an 
airport. The ground controller at the radarscope commu- 
nicates instructions to the pilot to direct the aircraft along 
the approach line. 2. Technique or procedure for “talking 
down,” through the use of both surveillance and preci- 
sion approach radar, an aircraft during its approach so as 
to place it in a position for landing. 

ground-controlled interception — Abbreviated 
GCI. A radar system used for directing an aircraft to 
intercept enemy aircraft. 

ground controller — Aircraft controller stationed on 
the ground. Generic term applied to the controller in 
ground-controlled approach, ground-controlled intercep- 
tion, etc. 

ground current — Current in the earth or grounding 
connection. 

ground detector— 1. An instrument or equipment 
that indicates the presence of a ground on a normally 
ungrounded system. 2. Device that indicates ground faults 
in electrical circuits. 

ground distance —The great-circle component of 
distance from one point to another at mean sea level. 

grounded — 1. Connected to the earth, to a rod or 
pipe that makes a good electrical connection with the 
earth, or to some conduction body in place of the earth. 
2. A system, circuit, or apparatus that is provided with a 
ground. 

grounded-base amplifier— See common-base 
amplifier. 

grounded cable bond—A cable bond used for 
grounding the armor and/or sheaths of cables. 

grounded capacitance —In a system having sev- 
eral conductors, the capacitance between a given conduc- 
tor and the other conductors when they are connected 
together and to ground. 

grounded-cathode amplifier— The conventional 
amplifier circuit. It consists of a tube amplifier in which 


328 


the cathode is at ground potential at the operating 
frequency. The input is applied between the control grid 
and ground, and the output load is between the plate and 
ground, 

grounded circuit— 1. A circuit in which one con- 
ductor or point (usually the neutral conductor or neutral 
point of transformer or generator windings) is intention- 
ally grounded (earthed) either solidly or through a ground- 
ing device. 2. A circuit that is connected to earth at onc 
or more points. 

grounded-collector 
collector amplifier. 

grounded conductor— A conductor that is inten- 
tionally grounded, either directly or through a current- 
limiting device. 

grounded dielectric constant— The dielectric 
constant of the earth at a given location. 

grounded-emitter amplifier — See common-emit- 
ter amplifier. 

grounded-gate amplifier— A FET amplifier cir- 
cuit in which the gate electrode is connected to ground. 
The input signal is applied to the source electrode, and 
the output is taken from the drain electrode. 

grounded-grid amplifier — An electron-tube ampli- 
fier circuit in which the control grid is at ground potential 
at the operating frequency. The input is applied between 
the cathode and ground, and the output load is between 
the plate and ground. The grid-to-plate impedance of the 
tube is in parallel with the load, instead of acting as a 
feedback path. 


amplifier — See common- 
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grounded-grid triode — A type of triode designed 
for use in a grounded-grid circuit. 

grounded-grid triode circuit — A circuit in which 
the input signal is applied to the cathode and the output is 
taken from the plate. The grid is at rf ground and serves 
as a screen between the input and output circuits. 

grounded-grid triode mixer— A triode in which 
the grid forms part of a grounded electrostatic screen 
between the anode and cathode. It is used as a mixer 
for centimeter wavelengths. 

grounded neutral — The neutral wire in an electrical 
power system metallically connected to ground. 

grounded outlet — An outlet equipped with a recep- 
tacle of the polarity type having, in addition to the current- 
carrying contacts, one ground contact, which can be used 
for the connection of an equipment-grounding conductor. 

grounded parts — Parts of a completed installation 
that are so connected that they are substantially at the 
same potential as the earth. 

grounded-plate amplifier— Also called cathode 
follower. An electron-tube amplifier circuit in which the 
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plate is at ground potential at the operating frequency. 
The input is applied between the control grid and ground, 
and the output load is between the cathode and ground. 

grounded system— A system of electrical conduc- 
tors in which at least one conductor or point (usually the 
middle wire or neutral point of transformer or genera- 
tor windings) is intentionally grounded, either solidly or 
through a current-limiting device. 

ground environment—1. The environment sur- 
rounding and affecting a system or item of equipment 
that operates on the ground. 2. A system or part of 
a system that functions on the ground. 3. The aggre- 
gate of all ground-installed equipment that makes up a 
communications-electronics system, facility, station, set, 
etc. 4. The portion of an air-defense system that provides 
for the detection, surveillance, and control of airborne 
objects. 1t includes ground-based facilities and overwa- 
ter facilities, such as picket vessels and airborne early 
waming and control aircraft. 

ground-equalizer inductors— Relatively low- 
inductance coils inserted in the circuit to one or more 
of the grounding points of an antenna to obtain a desired 
distribution of the current to the various points. 

ground fault—1. An unintentional electrical path 
between a part operating normally at some potential to 
ground and ground. 2. A current leak from the hot side of 
the line through a path that bypasses the load to ground. 
This current leak causes an imbalance between the hot 
and neutral wires to the load. 

ground fault current— A fault current that flows to 
ground rather than between conductors. 

ground-fault Interrupter—A device that senses 
the imbalance caused by a ground fault with a differential- 
current transformer, Two primary windings, each in series 
with one side of the line, are wound on the transformer 
core. Equal currents in both lines cancel each other to 
produce no transformer signal in a third sensor winding. 
However, current imbalance generates a sensor output, 
which is amplified to trip a circuit-opening device. See 
also current limiter. 

ground-gate amplifier—A FET amplifier circuit 
in which the gate electrode is connected to the ground. 
The input signal is applied to the source electrode, and 
the output is taken from the drain electrode. 

ground gating — The conversion of pulse-amplitude 
modulated signals at a telemetry ground station to 50- 
percent duty-cycle signals. 

ground grid—A system of grounding electrodes 
interconnected by bare cables buried in the earth to pro- 
vide lower resistance than a single grounding electrode. 

ground indication — An indication of the presence 
of a ground on one or more of the normally ungrounded 
conductors of a system. 

grounding — 1. Connecting to ground, or to a con- 
ductor that is grounded 2. A means of referencing electri- 
cal circuits to the well-bonded equipotential surface. 3. A 
connection between the electrical system and the earth to 
prevent shock. Ground wires are usually bare; grounding 
connections are normally green in color. A safety measure 
to avoid electric shock. 

grounding conductor— A conductor that, under 
normal conditions, carries no current but serves to connect 
exposed metal surfaces to earth ground, to prevent hazards 
in case of breakdown between current-carrying parts 
and the exposed surfaces. The connector, if insulated, is 
colored green with or without a yellow stripe. 

grounding connection—A connection used to 
establish a ground, consisting of a grounding conductor, 
a grounding electrode, and the earth surrounding the 
electrode. 
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grounding electrode—A conductor or network 
of conductors, usually embedded in the earth, used for 
maintaining ground potential on conductors connected to 
it or for dissipating into the earth any current conducted 
to it. 

grounding outlet— An alternating-current recepta- 
cle that has a third contact connected to ground. Used 
with three-wire plugs and cords to ground portable elec- 
tric tools and appliances safely. 

grounding plate— An electrically grounded metal 
plate on which a person stands in order to discharge any 
static electricity that may be picked up by his or her body. 

grounding switch—A form of air switch for 
connecting a circuit or apparatus to ground. 

grounding transformer— A transformer intended 
primarily for the purpose of providing a neutral point for 
grounding purposes. 

ground insulation—The major insulation used 
between a winding and structural parts at ground potential. 

ground junction—In a semiconductor, a junction 
formed during the growth of a crystal from a melt. 

ground level — See ground state. 

ground loop— 1. An unwanted feedback condition 
in which power current in a single ground wire causes 
instability or errors. 2. A potentially detrimental condition 
produced when two or more points in an electrical system 
that are nominally at ground potential are connected by 
a conducting path. The term usually is applied when, 
because of improper design or by accident, unwanted 
noise signals are generated in the common return of 
relatively low-level signal circuits by the return currents 
or by magnetic fields produced by relatively high-power 
circuits or components. 3. The electrical path between 
two separate grounds. 4. A condition occurring when two 
or more paths to ground exist and a voltage is induced 
unequally in these paths, causing interference like hum, 
buzz, or noise. 5. A term used to describe situations 
occuring in ground systems in which a difference in 
potential exists between two ground points due to the 
resistance of ground conductors. 

ground-loop disturbances — Detrimental interfer- 
ence formed when two or more points in an electrical 
system that are nominally at ground are connected by a 
conducting path such that either or both are not at the 
same ground potential. 

ground lug—A lug for connecting a grounding 
conductor to a grounding electrode. 

ground mat—A system of bare conductors, on or 
below the surface of the earth, connected to a ground or 
ground grid to provide protection from dangerous touch 
voltage. 

ground noise—In recording and reproducing, the 
residual noise in the absence of a signal. It is usually 
caused by dissimilarities between the recording and 
reproducing media, but may also include amplifier noise 
such as from a tube or noise generated in resistive 
elements at the input of the reproducer amplifier system. 

ground-noise margin—The voltage that may be 
applied at the ground connection of a logic circuit without 
causing the circuit to malfunction. It is usually measured 
by increasing the static ground voltage on a single gate 
until the logic fails to operate properly. 

ground outlet— An electrical outlet equipped with 
a polarized receptacle that has, in addition to the current- 
carrying contacts, a grounded contact to which can be 
connected an equipment-grounding conductor. 

ground plane— 1. Copper or brass sheet used in 
interference testing to simulate missile, aircraft, or vehicle 
frame ar skin so that actual installation and grounding 
conditions may be approximated. 2. A conductor layer, 
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or portion of a conductor layer, used as a common 
reference point for circuit returns, shielding, or heat 
sinking. 3. Expanded copper mesh that is laminated into 
some flat cable constructions as a shield. May be supplied 
with one, two, or no drain wires. Á common ground 
electrical path for power and/or signals. 

ground-plane antenna — A vertical antenna com- 
bined with a turnstile element to lower the angle of 
radiation. It has a concentric base support and a center 
conductor that place the antenna at ground potential, even 
though located several wavelengths above ground. 
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ground plate—A plate of conductive material 
buried in the earth to serve as a grounding electrode. 

ground-position indicator — Abbreviated GPI. A 
dead-reckoning computer, similar to an air-position indi- 
cator, with provision for taking drift into account. 

ground potential— Zero potential with respect to 
ground or the earth. 

ground power cable — A cable assembly fitted with 
appropriate terminations to supply power to an aircraft 
from a ground power unit. 

ground protection— Protection of a circuit by 
means of a device that opens the circuit when a fault 
to ground occurs. 

ground protective relay — A device that functions 
on failure of the insulation of a machine, transformer, or 
other apparatus to ground, or on flashover of a dc machine 
to ground. 

ground range —IJn range measurements related to 
airborne radar, the distance on the surface of the earth 
between the object under consideration and a point 
directly below the aircraft that carries the radar. 

ground-reflected wave — |. In a ground wave, the 
component reflected from the earth. 2. A radio wave 
reflected one or more times from the earth’s surface before 
reaching the point of reception. 
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ground resistance — 1. The opposition of the earth 
to the flow of current through it. Its value depends on 
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the nature and moisture content of the soil; the material, 
composition, and physical dimensions of the connection 
to earth; and the electrolytic action present. 2. The ohmic 
resistance between a grounding electrode and a remote or 
reference grounding electrode so spaced that their mutual 
resistance is essentially zero. 

ground return—1. In radar, the echoes reflected 
from the earth’s surface and fixed objects on it. 2. A 
lead from an electronic circuit, antenna, or power line 
to ground. 

ground-return circuit— A circuit that has a con- 
ductor (or two or more in parallel) between two points 
and which is completed through ground or the earth. A 
circuit using the earth as one side of the complete circuit. 

ground rod— 1. A steel or copper rod driven into 
the earth to make an electrical contact with it. 2. A long 
metal rod that is driven into the ground near an antenna 
installation and to which are attached the grounding wires 
from the mast and antenna discharge unit to discharge 
static electricity to ground before it can enter and damage 
the TV receiver. 

ground-scatter propagation—Multihop iono- 
spheric propagation of radio waves along other than the 
great-circle path between the transmitting and receiving 
points. Radiation from the transmitter is returned from the 
ionosphere to the surface of the earth, from which it is 
then scattered in many directions. 

ground shift— The variation in signal amplitude at 
different grounding points because of a voltage drop along 
a ground line. 

ground speed— In navigation, the speed of a 
vehicle with reference to ground. 

ground state — Also called ground level, The lowest 
energy level or state of an atom or atomic system; all other 
states of the system are called excited states. 

ground support cable —Cable construction, usu- 
ally rugged and heavy, for use in ground support control 
or power systems, 

ground-support equipment— Ali ground equip- 
ment that is part of a complete weapons system and 
that must be furnished to ensure complete support of the 
weapons system. 

ground system of an antenna —The portion of 
an antenna system that includes an extensive conducting 
surface, which may be the earth itself, and those parts of 
the antenna closely associated with that surface. 

ground-to-air communication — One-way com- 
munication from ground stations to aircraft. 

ground wave — 1. A radio wave that travels along 
the earth's surface rather than through the upper atmo- 
sphere. 2. That portion of a radio wave traveling between 
transmitting and receiving antennas that is associated with 
currents induced in the ground or water surface of the 
earth. Important only below about 10 MHz. 

ground wire — 1. A conductor leading to an electric 
connection with the earth. 2. A heavy copper conductor, 
usually insulated, that is used to connect protectors or 
other equipment to a ground rod or cold water pipe. 

group— 1. In carrier telephony, a number of voice 
channels multiplexed together and treated as a unit. Com- 
monly, a group contains 12 channels, each with a band- 
width of 4 kHz, frequency multiplexed and occupying the 
band from 60 to 180 kHz. 2. The second-highest stratum 
of an organizational hierarchy, usually identifying depart- 
ments, divisions, or regions. 

group busy tone—A high tone fed to the jack 
sleeves of an outgoing trunk group to serve as an 
indication that all trunks in the group are busy. 

group channel—.A unit or method of organization 
on telephone carrier (multiplex) systems. A full group is a 
channel equivalent to 12 voice-grade channels (48 kHz). 
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A half group has the equivalent bandwidth of 6 voice- 
grade channels (24 kHz). (When not subdivided into voice 
facilities, group channels can furnish high-speed data 
communication. } 

group delay— Also called envelope delay. 1. The 
delay in transmission of information modulated on a 
carrier. 2, Distortion resulting from nonuniform speed of 
transmission of the various frequency components of a 
signal through a transmission medium; specifically, the 
propagation delay of a lower frequency is different from 
that of a higher frequency. This creates a time-related 
delay-distortion error. 

grouped-frequency operation—A method in 
which different frequency bands are used for channels 
in opposite directions in a two-wire carrier system. 

group frequency — The number of sets or groups of 
waves passing a given point in one second. 

grouping — 1. Nonuniform spacing between the 
grooves of a disc recording. 2. Periodic error in the 
spacing between recorded lines in a facsimile system. 

grouping circuits —Circuits used to interconnect 
two or more positions of a switchboard so that one 
operator may handle the several positions from one 
operator's set. 

group loop — A source of interference when a system 
is grounded improperly at several points. 

group mark — A mark used to identify the beginning 
or the end of a set of data, which could include words, 
dlocks, or other items. 

group modulation — The process by which a num- 
ber of channels, already separately modulated to a specific 
frequency range, are again modulated to shift the group 
to another range. 

Group | fax — An analog facsimile device that trans- 
mits or receives a standard page in four to six minutes. 
Group I machines are no longer being manufactured and 
are rarely in use today. 

group technclogy— Facilitation of processing 
through combination of similar parts into production 
families. 

Group lli fax— The standard for current facsimile 
devices. Most current facsimile systems are digital devices 
offering operating speeds of one minute or less. When 
equipped with automatic speed recognition, these systems 
can be compatible with Group 1 and II units, although a 
number of the lower-cost models are strictly Group IH 
compatible. Machines that can recognize speed automati- 
cally can select the fastest speed available when sending 
to or receiving from Group I or Group II devices. 

Group Il fax—An analog device that transmits 
or receives a page in two or three minutes. These 
systems offer some data-compression techniques for faster 
transmission and can be compatible with Group I devices. 
Like the Group I units, Group I models are not actively 
marketed today. 

group velocity—!. Of a traveling plane wave, 
the velocity cf propagation of the envelope delay is 
approximately constant. It is equal to the reciprocal of the 
envelope delay per unit length. (Group velocity differs 
from phase velocity in a medium in which the phase 
velocity varies with the frequency.) 2. The velocity of 
the envelope of an electromagnetic wave as it travels in 
a mediura, usually identified with the velocity of energy 
propagation. 

groupware — Software that is designed to be used 
by a group of people working on the same information, 
whether in the same room, building, or across town or the 
globe. 

Grove cell — A primary cell with a platinum electrode 
submerged in an electroiyte of nitric acid within a porous 
cup, surrounded by a zinc electrode in an electrolyte of 
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sulfuric acid. This cell normally operates on a closed 
circuit. 

growler— 1. An electromagnetic device consisting 
essentially of two field poles arranged as in a motor, 
energized with ac and used for locating short-circuited 
coils in a generator or motor armature. A growling noise 
indicates a short-circuited coil. 2. An electromagnetic 
device for magnetizing or demagnetizing objects. 

grown-diffused transistor — A transistor made by 
combining the diffusion and double-doped techniques. 
Suitable n- and p-type impurities are added simultane- 
ously to the melt while the crystal is being grown. Sub- 
sequently, the base region is formed by diffusion as the 
crystal grows. 

grown injunction— The boundary between p- and 
n-type semiconducting materials. It is produced by vary- 
ing the impurities during the growth of a crystal from the 
melt. Such junctions have strong rectifying properties, the 
forward current being obtained when p is positive to n. 

grown-junction photocell— A photodiode made 
of a small bar of semiconductor material that has a pn 
junction at right angles to its length and an ohmic contact 
at each end of the bar. 

grown-junction transistor — A transistor in which 
junctions are formed by adding impurities to the melt 
while the crystal is being grown. 

grown-junction wafer—A semiconductor wafer 
on which pn junctions are formed during manufacture. 

grown semiconductor junction—A junction 
formed during the growth of a crystal from a melt. 

G-scan— See G-display. 

G-scope — See G-display. 

GSI — Abbreviation for grand-scale integration. Mono- 
lithic integrated circuits with a typical complexity in 
excess of 1000 or more gates or gate equivalent circuits. 

GSO — Abbreviation for geostationary satellite orbit. 
A circular orbit 35,863 km above the earth, in the plane of 
the earth’s equator, in which a satellite revolves around 
the earth in the same time that the earth rotates on its 
axis; thus, the satellite appears approximately stationary 
over one point on the earth. 


Geostationary satellites. 


GTAW — Abbreviation for gas tungsten arc welding. 
See also TIG. 

GTO SCR— Abbreviation for gate turn-off SCR. A 
silicon-controlled rectifier whose output-cwrent switching 
can be turned off by a voltage at the gate. 

guard —A mechanism to terminate program execu- 
tion (real or simulated) upon access to data at a specified 
memory location. Used in debugging. 

guard arm— 1. A crossarm placed across and in 
line with cable to protect it from damage. 2. A crossarm 
placed over wires to prevent other wires from falling into 
them. 


guard band — Guillemin line 


guard band— 1. Also called interference guard 
band. Á frequency band left vacant between two channels 
to safeguard against mutual interference. 2. The unused 
chip surface area that, by virtue of physical spacing, 
serves to isolate functional elements in a printed circuit 
or an integrated circuit. Also refers to the considera- 
tion given instrumentation precision in electrical testing. 
3. The unused bandwidth separating channels to prevent 
crosstalk. 

guard channel— |. Unused portions of the fre- 
quency spectrum that are located between program chan- 
nels to prevent adjacent channel interference. See also 
guard band, 2. One or more auxiliary parallel processing 
channels to control the main processing channel in order 
to reject interference that is partly in, but not centered 
on, the main channel. Guard channels may be displaced 
in time (range), Doppler frequency, carrier frequency, or 
angle. 

guard circle — An inner concentric groove on disc 
records. It prevents the pickup from being thrown to the 
center of the record and possibly damaged. 

guarded input— An input that has a third terminal 
that is maintained at a potential near the input-terminal 
potential for a single-ended input, or near the mean input 
potential for the differential input. It is used to shield the 
entire input circuit. 

guarded motor—An open motor in which all 
openings given direct access to live or rotating parts 
(except smooth shafts) are limited in size by the structural 
parts or by screens, grilles, expanded metal, etc., to 
prevent accidental contact with such parts. Such openings 
shall not permit the passage of a cylindrical rod */ inch 
(12.7 mm) in diameter. 

guard frequency —The frequencies between sub- 
channels in frequency-division multiplexed systems used 
to guard against subchannel interference. 

guarding — |. The introduction of conducting sur- 
faces at critical points in a circuit to intercept and divert 
leakage currents that otherwise would cause undesired 
effects or measurement errors. 2. A method of protecting 
the inputs to a high-gain op amp by surrounding the input 
terminals with a conducting ring of printed circuit board 
conductors. This isolates the inputs from potential leakage 
currents from other parts of the circuit. 3. The use of spe- 
cial circuitry, insulated from ground, to provide freedom 
from adverse effects of leakage currents. The stray cur- 
rent is bypassed through a noncritical path so that it does 
not affect the accuracy of measurement. Guarding is espe- 
cially important when measuring low voltages and when 
measuring high-value resistances, particularly when high 
humidity causes a reduction in normally high insulation 
resistance. 

guard relay — A relay used in the linefinder circuit to 
prevent more than one linefinder from being connected to 
any line circuit when two or more line relays are operated 
simultaneously. 

guard ring — 1. A metal ring placed around a charged 
terminal or object to distribute the charge uniformly over 
the surface of the object. 2. A ring-shaped electrode 
intended to limit the extent of an electric field, as, for 
instance, in elimination of the fringe effect at the edges 
of the plates of a capacitor. 

guard-ring capacitor—A capacitor with parallel 
electrodes, one of which is surrounded by a ring held at 
the potential of that electrode in order to reduce the edge 
effect. 

guard shield — An internal floating shield surround- 
ing the input section of an amplifier. Effective shielding 
results only when the absolute potential of the guard is 
stabilized relative to the incoming signal. 
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guard-well capacitor — A primary standard capac- 
itor, fixed or variable, for values of capacitance below 
l picofarad. The guard ring forms a well in which a Pyrex 
disk is mounted for the accurate location of the electrode 
assembly. 

guard wire — A grounded wire used frequently where 
high-tension lines cross a thoroughfare. Should a line 
break, it will contact the guard wire and be grounded. 

Gudden-Pohl effect — The momentary illumination 
produced when an electric field is applied to a phosphor 
previously excited by ultraviolet radiation. 

guidance — Control of a missile or vehicle from 
within by a person, a preset or self-reacting automatic 
device, or a device that reacts to outside signals. 

guidance system—A system that measures and 
evaluates flight information, correlates it with target data, 
converts the resultant into the parameters necessary to 
achieve the desired flight path, and communicates the 
appropriate commands to the flight-control system. 

guidance tapes-—Magnetic or paper tapes that 
are placed in a missile or computer and that contain 
previously entered information necessary for directing the 
missile to the selected target. 

guide —In a tape recorder, a grooved or flanged pin 
or roller that guides the tape in a straight line between the 
reels and the heads, to keep it perfectly in line with the 
pole pieces. 

guided ballistic missile — A ballistic missile that is 
guided during the powered portion of the trajectory and 
follows a free ballistic path during the remainder. 

guided clip— See guided probe. 

guided missile— An unmanned vehicle moving 
above the surface of the earth, the trajectory or flight path 
of which is capable of being altered by an external or 
internal mechanism. 

guided probe—1. A fault-isolation technique in 
which the test system automatically displays the next 
mode or IC that the operator should probe or clip. The 
system leads the operator along a path back from a 
faulty output pin to the location of the fault. A software 
algorithm uses stored interconnection information and 
expected responses at each node to determine the next 
node to be probed. 2. A hand-held probing device (single- 
point or multipin clip) guided by an operator with 
instructions from a computer-controlled algorithm. 

guided propagation — A type of radiowave prop- 
agation in which radiated rays are bent excessively by 
refraction in the lower layers of the atmosphere. This 
bending creates an effect much as if a duct or a wave- 
guide has been formed in the atmosphere to guide part 
of the radiated energy over distances far beyond normal 
range. 

guided spark — An electrical discharge between two 
electrodes that has its path guided or constrained by the 
presence of a dielectric material or a gas jet. 

guided wave—A wave in which the energy is 
concentrated near a boundary (or between substantially 
parallel boundaries) separating materials of different prop- 
erties. The direction of propagation is parallel to the 
boundary. 

guide pin—A pin or rod that extends beyond the 
mating faces of a connector in such a way that it guides 
the closing or mating of the connector and ensures proper 
engagement of the contacts. 

guide wavelength — See waveguide wavelength. 

Guillemin line — A special type of artificial transmis- 
sion line or pulse-forming network used in radar sets to 
control the duration of the pulses. It generates a nearly 
square pulse for use in high-level pulse modulation. 
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The family lab can be a logical extension of the family home. Everything is shared, including 
responsibilities and privileges. In more agrarian societies, this is already well understood at an early age, 
where chores around the farm and in the fields and a respect for the tools being used help enhance a 
sense of group belonging and worth. Everyone has a stake in the prosperity of the family endeavor. 

Do you want your kids to appreciate what you give them? Then give them chores before you give 
them presents. Let them clean up the lab, put away tools, inventory parts, and take out the trash before 
spoiling them with all the fun stuff you get to do in the lab. This will help foster a sense of ownership in 
the long-term success of the lab, whether you’re there to supervise or not. 

It bears repeating (from Chapter 4) that no unsupervised children, no matter how adorable, should 
be allowed in the lab. Would you allow unsupervised cooking in the kitchen? It’s the same basic 
scenario. When everything goes well, everyone has a good time. It only takes a split-second distraction to 
go from a good time to a trip to the emergency room in either case. Have rules and enforce them, even if 
it’s your elders that you are protecting by doing so. 

Sometimes having a resource like a shared electronic laboratory is the first opportunity people have 
to assert some sort of control over their relationships. Use the opportunity to make friends with your 
relatives, while you still can. 


Your Friends 


Unlike your family, as the saying goes, you get to pick your friends. Now you have the opportunity to 
provide a cool place to hang out as well as build all manner of awesome gizmos. It’s only natural to want 
to share some of the fun with your like-minded friends. 

The basic framework of rules and accountability apply to the friendly lab as well as any other group 
endeavor. Let your friends know up front what your expectations of them are in regard to use of the lab. 
Can they use your tools? Can they store artwork-in-progress at your place? When is it cool to come over 
to tinker, and when is it not? These kinds of questions should be dealt with early in the game; otherwise, 
these issues can flare up and become trouble spots. There’s no substitute for good communication. 

Once you extend your laboratory’s hospitality to those outside your immediate family, it’s a good 
idea to clearly designate what is your personal property and what belongs to the lab and all its 
participants. This can be as simple as putting name tags on all your tools and marking shared resources 
appropriately. 

This is where trust really factors into the success or failure of a group lab. Just like in math, you want 
to eliminate as many variables as possible to ensure that a good time is had by all, and to ensure the 
long-term safety and viability of the facility itself. Which of your friends do you trust in your lab? Think 
about these things at length before opening the doors to just anybody. 


Coworkers and Fellow Students 


So you've been tasked with organizing or supervising a lab for a school class or university department. 
You may or may not have any choice in who will be granted access, or even when they can avail 
themselves to the facilities. 

The balance of responsibility and authority is crucial in this scenario, just like in most other 
situations in life. Hopefully you will be in a position to enforce whatever rules are already in place. 
Ideally, you will have some say in crafting new rules as they become necessary, or adjust existing rules 
when they need it. In either case, it’s just not fair for someone to expect you to do a good job, yet not 
provide you the tools to get it done. 

Positions like this become available from time to time in most schools. Sometimes there’s an 
opportunity for a small paycheck, and other times all you are going to get are points with the 
administration. Hopefully, at least you will also enjoy lab privileges. That’s got to be worth something, 
yes? 
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guillotine capacitor — A translatory motion tuning 
capacitor consisting of a pair of stators and a sliding 
plunger in place of a rotor. 

gullwing — A common lead form used to interconnect 
surface-mounted packages to a printed circuit board. 

gun-directing radar— Radar used for directing 
antiaircraft or similar artillery fire. 

Gunn diode—1!.A tiny wafer of n-type gallium 
arsenide consisting of a thin active layer of n-type gallium 
arsenide grown on a low-resistivity substrate of the same 
material. The substrate is bonded to the anode terminal of 
the encapsulation, and the other face of the wafer has 
an evaporated cathode contact connected by a bonded 
gold wire. The diode has no pn junction and cannot be 
used for rectification. When a few volts dc are applied 
to make the anode positive with respect to the cathode, 
the current that flows is dc with superimposed pulses. 
2. A microwave diode that exhibits negative resistance 
arising from the bulk negative differential conductivity 
that occurs in several compound semiconductors, such 
as gallium arsenide, and that operates at a frequency 
determined by the transit time of charge bunches that are 
formed due to this negative differential conductivity. 

Gunn effect — Current oscillations that occur at an rf 
tate when an electric field of about 3000 V/cm is applied 
to a short (127 um or 0.005 in or less) specimen of n- 
type gallium arsenide. This effect takes place because 
electrons under the influence of sufficiently high fields 
are transferred from high- to low-mobility valleys in the 
conduction band of GaAs. 

Gunn oscillator — An oscillator in which the active 
element is a Gunn diode operating in the negative resis- 
tance mode. This type of oscillator is one of the sim- 
plest means of generaling microwave signals because only 
a microwave-tuned circuit, Gunn diode, bias network, 
and low-voltage power supply are required. Presently 
available units are restricted to operation above 4 GHz, 
and have de to rf conversion efficiencies of less than 
10 percent. 

gutta-percha— A natural vegetable gum, similar to 
rubber, used principally as insulation for wire and cables. 

guy ring—A circular metal collar with attachment 
holes (eyes) that is slipped on and clamped to an antenna 
mast, Guy wires are then attached to the mast through the 
holes in the guy ring. 

guy wire —A wire used to brace the mast or tower 
of 2 transmitting or receiving antenna system. 
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gyrator— 1. A two-port circuit element that exhibits 
a 180° differential, or nonreciprocal, phase shift. The 


guillotine capacitor — gyroscopic action 


gyrator circuit symbol indicates that an rf signal transmit- 
ted from port 1 to port 2 will undergo a 180° phase shift 
relative to an rf signal transmitted in the reverse direc- 
tion. 2. A negative-impedance device that can change the 
sign of a reactance, thus allowing a capacitor to act as 
an inductor. Usually consists of a ferrite section in a 
waveguide. Through the use of such a device, some of 
the shortcomings of inductors can be eliminated. These 
shortcomings are large physical size, iow Q, nonlinear- 
ity, and interwinding capacitance. A properly designed 
gyrator will provide a synthetic inductor with Q, wide 
bandwidth, inductance value independent of frequency, 
and good stability. Filters for frequencies up to 50 kHz 
can be designed using gyrators. 3. A device providing 
180° phase shift in one direction relative to the other 
direction of signal passage. 


Circuit. 


Symbol. 


Gyrator. 


gyro — Abbreviation for gyroscope. 

gyrocompass — See gyroscope. 

gyrofrequency— The natural frequency at which 
charged particles rotate around the lines of force of 
the earth’s magnetic field. For electrons, it is 700 to 
1600 kilohertz; for ions, it is in the audio-frequency range. 

gyromagnetic— The magnetic properties of rotat- 
ing electric charges, such as electrons spinning within 
atoms. 

gyromagnetic effect-—The change in the angular 
momentum of a body as a result of being magnetized, 
arising as a result of the fact that the magnetic moments 
of its electrons are associated with their spins or orbital 
angular momentum. 

gyropilot — See autopilot. 

gyroscope — Abbreviated gyro. A rotating device 
whose axle will maintain a constant direction, even though 
the earth is turning under it. It consists of a wheel mounted 
so that its spinning axis is free to rotate around either 
of two other axes perpendicular to itself and each other. 
When its axle is pointed north, it can be used as a 
gyrocompass. 

gyroscopic action— An action that causes a mass 
to turn on an axis perpendicular to the applied torque and 
to the axis of spin. 


gyrostabilized platform — G-Y signal 


gyrostabilized platform — See stable platform. 

gyrotron— A microwave vacuum tube based on the 
interaction between an electron beam and microwave fields 
in which coupling is achieved by the cyclotron resonance 
condition. This type of coupling allows the beam and 
microwave circuit dimensions to be large compared with a 
wavelength. Thus, the power density problems encountered 
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in conventional traveling-wave tubes and klystrons at 
millimeter wavelengths are avoided in the gyrotron. 

G-Y signal —In color television, the green-minus- 
luminance signal, representing primary green minus the 
luminance, or Y, signal. It is combined with a luminance, 
or Y, signal outside or inside the picture tube to yield a 
primary green signal. 


H— 1. A radar air-navigation system using an airborne 
interrogator to measure the distance from two ground 
responder beacons. See also shoran. 2. Symbol for heater, 
magnetic field strength, or henry. 

hacker— 1. A person with computer expertise intrin- 
sically interested in the exploration of computer systems 
and their capabilities. 2. A person who accesses computer 
systems without authorization. 3. One who deliberately 
tries to penetrate the security of other computers. 4. A 
skilled computer enthusiast who is obsessed with learn- 
ing about programming and exploring the capabilities of 
computer systems. 5. A person who gains unauthorized 
access to a computer system. 

hacking — Using a microcomputer system or terminal 
to bypass the security of a large computer system. 

hairpin pickup coil— A hairpin-shaped, single-turn 
coil for transferring UHF energy. 

hairpin tuning bar — A sliding hairpin-shaped metal 
bar inserted between the two halves of a doublet antenna 
to vary its electrical length. 

halation — 1. Distortion seen as blurred images and 
caused by reflection of the image rays off the back of 
a fluorescent screen that is too thick. 2. The spreading 
of light in a photographic emulsion outside the intended 
area of exposure by reflection from the rear surface of 
the material supporting the emulsion; this is distinguished 
from the diffusion that takes place within the emulsion 
layer. 3. A glow or diffusion that surrounds a bright 
spot on a television picture tube screen. A defect in 
picture tube quality is indicated. 4. In a cathode-ray tube, 
the glow surrounding a bright spot that appears on the 
fluorescent screen as the result of the screen’s light being 
reflected back by the front and rear surfaces of the 
tube’s face. 

half-add — In a computer, an operation that is per- 
formed first in carrying out a two-step binary addition. It 
consists of addition of corresponding bits in two binary 
numbers, with any carry information being ignored. See 
also exclusive OR. 

half adder — 1. A circuit that will accept two binary 
input signals and produce corresponding sum and carry 
outputs. So called because, above the first order, two half 
adders per order are required when adding two quantities. 
2. Building-block circuit used in digital computers. A 
combination of logic gates adds two bits and delivers 
an answer — two bits called sum and carry. Half adders 
can be combined to add numbers of any length. Two 
half adders make up a full adder. 3. A logic element 
that adds two input bits, but does not have provision for 
adding the carry from a previous addition. See also full 
adder. 

half cell — An electrode, submerged in an electrolyte, 
for measuring single electrode potentials. 

half cycle — The time interval required for the oper- 
ating frequency to complete one-half, or 180°, of its cycle. 
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Circuit. 
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Half adder. 


half-digit —In digital meters provided with 100 per- 
cent Overranging, an additional most-significant digit 
provided at the left of the readout, capable of displaying 
the numeral 1 when the measurement exceeds the full- 
scale range. 

half duplex— 1. A communication system in which 
information can be transmitted in either direction, but 
only in one direction at a time. 2. In communications, 
pertaining to an alternate independent transmission made 
in one direction at a time. 3. A mode of data transmission 
capable of communicating in one of two directions, 
but in only one direction at a time. 4. Refers to a 
communication channel that can receive and transmit, but 
not simultaneously. 

half-duplex circuit— Abbreviated HDX. A cir- 
cuit that permits one-direction electrical communications 
between stations. Technical arrangements may permit 
operation in either direction, but not simultaneously. 
Therefore, this term is qualified by one of the follow- 
ing suffixes: s/o for send only, r/o for receive only, or s/r 
for send or receive. 

half-dupiex modem—A modem with a single 
wire pair that can transmit in both directions but not 
simultaneously. 


half-duplex operation — Hall effect 


half-duplex operation— A duplex telegraph sys- 
tem capable of operating in either direction, but not in 
both simultaneously. 

half-duplex repeater — A duplex telegraph repeater 
provided with interlocking arrangements that restrict the 
transmission of signals to one direction at a time. 

half-hertz transmission — A data transmission and 
control system in which synchronized sources of 60-Hz 
power are used at transmitting and receiving ends. Either 
of two relays at the receiver can be actuated by proper 
choice of the half-hertz polarity of the transmitter power 
supply. 

half-life — 1. The time in which half the atoms in a 
radioactive substance decay. In the first half-life interval, 
the amount of radioactive material left unchanged is one- 
half the original amount; in the next half-life interval, half 
of the remaining amount, or one-fourth of the original 
amount, remains. Thus, by determimng the remaining 
radioactivity of a fossil and comparing it with the half-life 
of the material, scientists can estimate the age of the fossil. 
The half-life of various materials varies greatly — from 
millionths of a second to billions of years. 2. Time 
required for a source to decay to one-half its initial 
millicurie value. Typical values are Cs-137, 30 years; 
Co-60, 5.3 years; Sr-90, 28 years; Kr-85, 10.7 years; Am- 
241, 457 years; and Ra, 1622 years. 

half-nut— A feed nut that engages half the circumfer- 
ence or less of a lead screw, so that it can be withdrawn 
from the lead screw to stop the lateral scanning move- 
ment. 

half-power frequency — Either a high frequency 
or a low frequency at which the output of an amplifier, 
network, transducer, etc., falls to one-half (+3 dB) of its 
maximum or nominal response. 

half-power point — On an amplitude response char- 
acteristic or other curve of the magnitude of a network 
quantity versus frequency, distance, angle, or other vari- 
able, the point that corresponds to half the power of a 
neighboring point having maximum power. 

half-power width of a radiation lobe — In a plane 
containing the direction of the maximum of the lobe, the 
full angle between the two directions in that plane in 
which the radiation intensity is one-half the maximum 
value of the lobe. 

half-shift register — 1. A logic circuit that consists 
of a gated input storage element with or without an 
inverter. 2. A logic device equivalent of half of a full 
master-slave flip-flop. 

half step — See semitone. 

half tap — A bridge that can be placed across conduc- 
tors without disturbing their continuily. 

half-time emitter— A device that produces syn- 
chronous pulses midway between the row pulses of a 
punched card. 

half-tone characteristic — In facsimile, the fidelity 
of the recorded density shadings in comparison with the 
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original transmitted subject copy. Also used to express the 
relationship between the facsimile signal and the subject 
or recorded copy. 

half track — See two track. 

half-track recorder — See dual-track recorder. 

half-track tape— Also called two-track tape. 
Quarter-inch magnetic tape on which half the width of 
the tape is used for one sound path. Such a tape provides 
stereo in one direction of tape travel, or mono sound in 
both directions. 

half-track tape-recording format— A profes- 
sional tape recording standard format in which indepen- 
dent tracks (channels) are recorded in the same direction. 
Two tracks on !/;-inch (6.35-mm) wide tape or four tracks 
on '/-inch (12.7-mm) wide tape or eight tracks on 1-inch 
(25.4-mm) wide tape or 16 tracks on 2-inch (50.8-mm) 
wide tape are used, 

half wave — A wave with an electrical length of half 
a wavelength. 

half-wave antenna — An antenna having an electri- 
cal length equal to half the wavelength of the signal being 
transmitted or received. 

half-wave dipole — A straight, ungrounded antenna 
measuring substantially one-half wavelength. 

half-wave rectification — 1. The production of a 
pulsating direct current by passing only half the input 
cycle of an alternating current. The other half is blocked 
by the rectifier. 2. The process of blocking the negative 
half cycle of current of an alternating input. This is 
accomplished by a single diode. 

half-wave rectifier — A rectifier utilizing only one- 
half of each cycle to change alternating current into 
pulsating direct current. 

half-wave transmission line —A piece of trans- 
mission line having an electrical length equal to half the 
wavelength of the signal being transmitted or received. 

half-wave vibrator—A vibrator used mainly in 
battery-operated mobile power supplies. It has only one 
pair of contacts, and supplies an intermittent unidirec- 
tional current at its output (usually connected to a half- 
wave rectifier). 

half word— A nonbroken sequence of bits or char- 
acters that makes up half a computer word and that can 
be addressed as a unit. 

Hall constant— The constant of a proportionality 
in the equation for a current-carrying conductor in a 
magnetic field. The constant is equal to the transverse 
electric field (Hall field) divided by the product of the 
current density and the magnetic field strength. The sign 
of the majority carrier can be inferred from the sign of 
the Hall constant. 

Hall effect— 1. In a current-carrying semiconductor 
bar located in a magnetic field that is perpendicular to 
the direction of the current, the production of a voltage 
perpendicular to both the current and the magnetic field. 
2. The description given to the following phenomenon: 
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when a conductor, through which a current is flowing, 
is placed in a magnetic field, a potential difference 
is generated between the two opposed edges of the 
conductor in the direction mutually perpendicular to both 
the field and the conductor. 

Hall-effect generator—- Also called Hall sensor. 
I. A magnetic sensor using the Hall effect to give an 
output voltage proportional to magnetic field strength. 
2. A device made of compounds such as indium arsenide, 
indium antimonide, or silicon that produces a useful Hall- 
effect potential. Its output 1s proportional to magnetic 
induction through the semiconductor. 

Hall-effect modulation — Use of a Hall-effect mul- 
tiplier as a modulator to produce an output voltage pro- 
portional to the product of two input voltages or currents. 

Hall-effect switch — A keyboard switch that incor- 
porates an IC chip containing a Hall generator, trigger 
circuit, and amplifier. Depressing the key moves the mag- 
net shunt member across the chip. This increases the 
magnetic flux through the chip and causes the analog volt- 
age generated by the Hall element to switch the tngger 
circuit to its on state. 

Hall generator—A thin wafer of semiconductor 
material used for measuring ac power and magnetic field 
strength. Its output voltage is proportional to the current 
passing through it times the magnetic field perpendicular 
to it, 
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Hall mobility — The product of conductivity and the 
Hail constant for a conductor or semiconductor. It is a 
measure of the mobility of the electrons or holes in a 
semiconductor. 

Hall sensor — See Hall-effect generator. 

halo — 1. The undesirable ring of light around a spot 
on the fluorescent screen of a cathode-ray tube. 2. The 
appearance of a blank border around unusually bright 
objects in a televised scene. 

halogen — A general name applied to four chemical 
elements, fluorine, chlorine, bromine, and iodine, that 
have similar chemical properties. 

halogen quenching — A method of quenching the 
discharge in a counter tube by the introduction of a small 
quantity of one of the halogens. 

halt— The state in which a computer stops and does 
nothing. 

ham — Also called amateur. Slang for a licensed radio 
operator who operates a station as a hobby rather than a 
business. 

Hamming code— 1. One of the error correction 
code systems used in data transmission. 2. A forward 
etror correction technique named for its inventor. It 
corrects single-bit errors. 3. A seven-bit error-correcting 
computer code. 
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hand capacitance-—The capacitance introduced 
when one’s hand is brought near a tuning capacitor or 
other insufficiently shielded part of a tuned circuit. 

handheld— An amateur radio transceiver small 
enough to be carried in one hand (often abbreviated HT). 
Typically, amateur handhelds are for VHF/UHF use. 

Handie-Talkie — Trade name of the Motorola Com- 
munications Division for a two-way radio small enough 
to be carried in one’s hand. 

handler — Also called device handler. 1. A section of 
a computer program used to control or communicate with 
an external device. 2. A software routine that controls the 
operation of a peripheral. 

handoff — The transfer of a cellular phone call to 
a new cell, designed to be transparent to the cellular 
phone user. During a cellular conversation. when the user 
reaches the edge of the service area of a cell, computers 
in the network assign another tower in the next cell to 
provide the phone with continuing service. 

hand receiver— An earphone held to the ear by 
hand. 

hand reset—A relay in which the contacts must 
be reset manually to their original positions after normal 
conditions are resumed. 

handset — 1. A telephone-type receiver and transmit- 
ter mounted on a single frame. 2. That portion of the 
telephone containing the transmitier and receiver that is 
hand-held when the telephone is in use. Consists of a 
receiver and transmitter about 6 inches (15.2 cm) apart at 
the ends of a common handle, connected by an electrical 
cord to the handset mounting. Sometimes includes a dial 
or Touchtone pad. 

handset telephone — See hand telephone set. 

hands-free telephone — A desk telephone contain- 
ing a microphone and voice-switched amplifiers with a 
separate speaker unit, permitting telephone conversation 
without use of a hand-held handset. 

handshake — 1. An interface procedure that is based 
on status/data signals that assure orderly data transfer 
as Opposed to asynchronous exchange. 2. In communi- 
cations, a preliminary exchange of predetermined signals 
performed by modems and/or terminals to verify that 
communication has been established and can proceed. 

handshake cycle—The process whereby digital 
signals effect the transfer of each data byte across 
the interface by means of an interlocked sequence of 
status and control signals. “Interlocked” denotes a fixed 
sequence of events in which one event in the sequence 
must occur before the next event may occur. 

handshaking — 1. A process in which predeter- 
mined arrangements of characters are exchanged by 
the receiving and transmitting equipment to establish 
sychronization. 2. The exchange of predetermined signals 
between machines connected by a communications chan- 
nel to assure each that it is connected to the other. May 
also include the use of passwords and codes by an oper- 
ator. 3. A colloquial term that describes the method used 
by a modem to establish contact with another modem 
at the other end of a telephone line. Often used inter- 
changeably with buffering and interfacing, but with a 
fine line of difference in which handshaking implies a 
direct package-to-package connection regardiess of func- 
tional circuitry. 4. A CPU-terminal interface process that 
prevents overrun and ignores signaling. Tne transmit- 
ter sends a signal in response to a request from the 
receiver, which then sends an acknowledgment signal to 
the transmitter. 5. The exchange of predetermined sig- 
nals for control purposes during establishment of a con- 
nection between two data sets or modems. 6. Refers to 
the sequence of signals exchanged when a connection 
is established between two modems or between a DCE 
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and a DTE. 7. Line-termination interplay to establish a 
data-communication path. 8. Exchange of predetermined 
signals establishing contact between two data sets. See 
answerback. 

hand telephone set— Also called a handset tele- 
phone. A telephone set having a handset and a mounting 
that supports the handset when not in use. 

hangover— 1. Also called tailing. The smeared or 
blurred bass notes reproduced by a poorly damped speaker 
or one mounted in an improperly vented enclosure. 2. In 
television, overlapping and blurring, in the direction 
opposite to subject motion, of successive frames as a 
result of improper transient response. 3. In facsimile, 
distortion that occurs when the signal changes from 
maximum to minimum at a slower rate than required, with 
the result that there is tailing on the lines in the copy. 

hangup — 1. A condition in which the central pro- 
cessor of a computer is trying to perform an illegal or 
forbidden operation or in which it is continually repeat- 
ing the same routine. 2. Commutation failure in which the 
load controlled by a solid-state relay cannot be turned off 
because the thyristor current does not reach zero or stay 
near zero for long enough for the gate circuit to regain 
control. 

hard — 1. Indicating an electron tube that has been 
evacuated to a high degree. 2. Indicating X-rays of 
relatively high penetrating power. 

hard automation — Production technique in which 
equipment is engineered specifically for a unique man- 
ufacturing sequence. Hard automation implies program- 
ming with hardware in contrast to soft automation, which 
uses software or computer programming. 

hard contacts — Any type of physical switch con- 
tacts. Contrasted with electronic switching devices, such 
as triacs and transistors. 

hard contact switch — A keyboard switch in which 
switching action is accomplished by the movement of 
one gold-plated bar against another at right angles -— the 
classic cross-bar switching. The knife-edge contact area is 
extremely small (typically about 9 x 107$ square inch or 
5.8 x 10°° cm?), resulting in an extremely high contact 
pressure (typically about 5000 psi or 3.45 x 10’ Pa). 

hard copy — Also hardcopy. 1. Typewritten or printed 
characters on paper produced by a computer at the same 
time information is copied or converted into machine lan- 
guage that is not easily read by a human, 2. A printed 
copy of a machine output. 3. Data in a permanent and tan- 
gible form, such as printed, punched, or even handwritten. 
4. The printed original copy of a message. 5. Output in 
printed form, such as the output of a teleprinter. Used as 
an adjective, signifies that the device involved produces 
such output. 6. Computer or machine output in a perma- 
nent, visually readable form. For example, printed reports, 
listings, translation lists, documents, and summaries. 7. A 
tangible, printed copy of a message, such as that obtained 
from a teletypewriter or computer, as opposed to a volatile 
display on a video terminal. See also printout. 

hard-copy printer -— An automatic device that pro- 
duces intelligible symbols in a permanent form. 

hard disk — A rigid disk of magnetic or magnetically 
coated material, rotating in a sealed housing and used as 
a recording and playback system for computer programs 
and data. Hard disks can store far more information than 
floppy disks and can write and read information more 
quickly. 

hard-drawn copper wire— Copper wire that is 
not annealed after work hardening during drawing, thus 
providing increased tensile strength. 

hardened links — 1. Transmission links for which 
special construction or installation is necessary to assure 
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a high probability of survival under nuclear attack. 
2. Passive protection to aid survival. 

hardener — Also called curing agent. A chemical 
added to a thermosetting resin to stimulate curing. 

hard error—1. An error in magnetic media, elec- 
tromechanical devices, or electronics that is repeatable. 
2. Semiconductor memory condition in which the cell or 
cells will not properly store data under any condition, test, 
or operation. 

hard firing —- A condition in which the gate signal of 
an SCR is several times the dc triggering current and in 
which the rise time of the gate current is short relative to 
the turn-on time. 

hard limiting — The condition in which limiting takes 
place for at least 20 dB into the signal noise. 

hardline — 1. The intelligence link between two 
objects that consists of a wire or wires, aS opposed to 
a radio or radar link. 2. A low-loss coaxial cable that has 
a continuous hard metal shield instead of a conductive 
braid around the outer perimeter. 

hard magnetic materials— Magnetic materials 
that are not easily demagnetized. 

hardness — |. Referring to X-rays, the quality that 
determines their penetrating ability. The shorter the wave- 
length, the harder and hence more penetrating they are. 
2. Property of an installation, facility, transmission link, 
or equipment that will prevent an unacceptable level of 
damage. 

hardness tester— Equipment for determining the 
force required to penetrate the surface of a solid. 

hard rubber— A material formerly widely used for 
insulation. It is formed by vulcanizing rubber at high 
temperature and pressure to give it the desired hardness. 

hard scrambling — An encryption method that uses 
proprietary, highly secure technology (i.e., digital), such 
as that used by VideoCipher I. 

hard-sectored— A disk whose sectors are marked 
by holes in the disk itself. 

hard solder -— Solder composed principally of copper 
and zinc. It must be red hot before it will melt. Hard 
soldering 1s practically equivalent to brazing. 

hard soldering — Process of joining two metals by 
utilizing an alloy with a melting temperature higher than 
800°F (427°C). See soft soldering. 

hard tube — A high-vacuum electronic tube. 

hardware — 1. Mechanical, magnetic, electrical, or 
electronic devices; physical equipment from which a sys- 
tem is fabricated. (Contrasted with software.) 2. Particular 
circuits or functions built into a system. 3. The physical 
components of a computer or a system. (Software is the 
term used to describe the programs and instructions for a 
computer.) 4. The electronic components, such as gates, 
inverters, and storage devices, that make up a system (as 
opposed to software and firmware). 5. Items of equip- 
ment used in a communications or data processing system. 
6. The physical equipment components of a computer sys- 
tem, €.g., mechanical, magnetic, electrical, or electronic 
devices. 

hardware buffer—A register or set of registers 
used to store information temporarily, usually to act as 
a transition medium between a fast and a slow device. 

hardware independent— Computer software that 
is not dependent on a certain make of computer. 

hardwire —A colloquialism meaning a circuit evi- 
dencing de continuity. 

hardwired— 1. Electrical devices interconnected 
through physical wiring. 2. The implementation of a func- 
tion with logic gates; i.e., hardware as opposed to software. 
3. Electronic-programming technique using soldered con- 
nections; hence, not readily reprogrammable. 4. Physically 
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interconnected, usually for a specific purpose. Hardwired 
logic is essentially unalterable. 5. Pertaining to the phys- 
ical connection of two pieces of electronic equipment by 
means of a cable or wires. 

hard-wired logic —1. A group of solid-state logic 
modules mounted on one or more circuit boards and inter- 
connected by electrical wiring. The logic control functions 
are determined by the way in which the modules are 
interconnected. (As contrasted with a programmable con- 
troller or microprocessor, in which the logic is in program 
form.) 2. A group of solid-state logic modules mounted 
on one or more circuit boards and interconnected by elec- 
trical wiring. The logic control functions are determined 
by the way in which the modules are interconnected. 
3. A group of logic circuits permanently interconnected to 
perform a special function. Permanently assigned device 
addresses, memory block assignments, and interrupt vec- 
ior addresses. 

hard X-rays — Highly penetrating X-rays, as distin- 
guished trom less penetrating, or soft, X-rays. 

harmful interference — Any radiation or any induc- 
tion that disrupts the proper functioning of an electromag- 
netic system. 

harmonic — A sinusoidal wave having a frequency 
that is an integral multiple of the fundamental frequency. 
For example, a wave with twice the frequency of the 
fundamental is called the second harmonic. 

harmonica bug — See infinity device. 

harmonic analysis— 1. A method of identifying 
and evaluating the harmonics that make up a complex 
waveform of voltage, current, or some other varying 
quantity. 2. The expression of a given function as a series 
of sine and cosine terms that are approximately equal to 
the given function, such as a Fourier series. 3. Defining 
a complex wave as the sum of several harmonics of 
the fundamental wave, each harmonic having a specified 
magnitude and phase, 

harmonic analyzer— Also called harmonic-wave 
analyzer. A mechanical or electronic device for measuring 
the amplitude and phase of the various harmonic compo- 
nents of a wave from its graph. 

harmonic antenna — An antenna whose electrical 
wavelength is an integral multiple of a half wavelength. 

harmonic attenuation — Elimination of a harmonic 
frequency by using a pi network and tuning its shunt 
resistances to zero for the frequency to be eliminated. 

harmonic component— Of a periodic quantity, 
any one of the simple sinusoidal quantities of the Fourier 
series into which the periodic quantity may be resolved. 

harmonic content— 1. The degree of distortion in 
the output signal of an amplifier. 2. The components 
remaining after the fundamental frequency has been 
removed from a complex wave. 

harmonic conversion transducer— A conver- 
sion transducer in which the useful output frequency is 
a multiple or submultiple of the input frequency. 

harmonic detector— A voltmeter circuit that mea- 
sures only a particular harmonic of the fundamental fre- 
quency. 

harmonic distortion— 1. The production of har- 
monic frequencies at the output by the nonlinearity of 
a transducer when a sinusoidal voltage is applied to the 
input. The amplitude of the distortion is usually a function 
of the amplitude of the input signal. 2. The voltages of 
harmonics resulting from amplitude distortion expressed 
as a percentage of the voltage of the fundamental. A com- 
mon measurement is total harmonic distortion (THD), in 
which the fundamental of a very low distortion sine-wave 
test signal is removed by a steep notch filter. The summed 
harmonics that remain are then measured as a voltage and 
expressed as a percentage (or dB value) of the voltage of 
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the fundamental at the required test power of the ampli- 
fier. (When measured in this manner, the term THD is 
not really correct since the distortion also has the amplifier 
noise added to it within the test passband. The correct term 
is distortion factor.) 3. The sum of all signals in an output 
that are multiples of the input signal frequencies (har- 
monics). Their intensities are expressed as a percentage 
of the total output intensity. 4. The production of spuri- 
ous frequencies, not present in the original sound, that are 
multiples of the original sound frequency. For example, a 
100-Hz tone in the original may produce spurious tones 
at 200 Hz, 300 Hz, and so on. The result is an audible 
blurring or loss in the reproduced sound. Total harmonic 
distortion of no more than | percent is considered to 
be inaudible. 5. A data-communication-line impairment 
caused by erroneous frequency generation along the line. 
harmonic filter— A combination of inductance and 
capacitance tuned to an undesired harmonic to suppress it. 
harmonic generator— A vacuum tube transistor, 
or other generator operated so that it generates strong 
harmonics in the output. 
harmonic interference — Interference between 
radio stations because harmonics of the carrier frequency 
are present in the output of one or more stations. 
harmonic-leakage power (tr and pre-tr 
tubes) —The total radio-frequency power transmitted, 
through the fired tube in its mount, at other than the 
fundamental frequencies generated by the transmitter. 
harmonic motion — Back and forth motion, such as 
that of a pendulum, in which the distance on one side of 
equilibrium always equals the distance of the other side; 
the acceleration is toward the point of equilibrium and 
directly proportional to the distance from it. Graphically, 
harmonic motion is represented by a sine wave. 
harmonic oscillator— 1. A circuit in which the 
oscillating frequency of the active device and the output 
frequency are not the same. For example, in a push- 
push configuration, each transistor osciilates at f, but 
the output is combined to provide 2f,. 2. An oscillator 
whose output is very nearly a sine wave and whose output 
amplitude and frequency are very nearly constant. 
harmonic producer— A  tuning-fork-controlled 
oscillator used to provide carrier frequencies for 
broadband carrier systems. It is capable of producing 
odd and even harmonics of the fundamental tuning-fork 
frequency. 
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harmonic ringing — A system of selectively signal- 
ing several parties on a subscriber’s line. The different 
rings are produced by currents that are harmonics of sev- 
eral fundamental frequencies. 

harmonics — Undesired signals that appear at mul- 
tiples (2, 3, etc.) of the desired fundamental frequency. 
They are produced by nonlinear amplifiers and can cause 
interference and other phenomena. 

harmonic selective ringing — Selective ringing 
that employs currents of several frequencies and ringers, 
each tuned mechanically or electrically to the frequency 
of one of the ringing currents, so that only the desired 
ringer responds. 

harmonic series of sounds —A series in which 
each basic frequency is an integral multiple of a funda- 
mental frequency. 

harmonic telephone ringer—A ringer that res- 
ponds only to alternating current within a very narrow 
frequency band. A number of such ringers, each 
responding to a different frequency, are used in one type 
of selective ringing. 

harmonic-wave analyzer—See harmonic ana- 
lyzer. 

harness— 1. Wires and cables arranged and tied 
together so they can be connected or disconnected as a 
unit. 2. A group of conductors laid parallel or twisted 
by hand, usually with many breakouts, laced or bundled 
together, or pulled into a rubber or plastic sheath. Used 
to interconnect electrical circuits. 

hartley — In computers, a unit of information content 
equal to one decimal decision, or the designation of one of 
ten possible and equally likely values or states of anything 
used to store or convey information. One hartley equals 
log, 10 = 3.23 bits. 

Hartley oscillator — An oscillator in which a parallel- 
tuned tank circuit is connected between the grid and plate 
of an electron tube or between the base and collector of a 
junction transistor, the inductive element of the tank hav- 
ing an intermediate tap at the cathode or emitter potential. 


Bipolar transistor. 


Hartley oscillator. 
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hash — 1. Electrical noise generated within a receiver 
by a vibrator or a mercury-vapor rectifier. See also grass. 
2. A completely random interfering signal usually caused 
by arcing and occasionally by natural environmental 
disturbances. 

hash-mark stripe — A noncontinuous helical stripe 
applied to a conductor for identification. 

hash total—In a computer, a total for checking 
purposes. It is determined by adding all the digits or all the 
numbers in a particular field in a batch of unit records to 
be processed or manipulated, with no attention paid to the 
meaning or significance of the total. After processing, the 
hash total is recalculated and compared with the original 
total. If the two do not match, the original data has been 
changed in some way. 

hat — To arrange a fixed number of symbols or groups 
of symbols in a random sequence, as if they had been 
drawn from a hat. 

hatted code — A randomized code consisting of an 
encoding section. The plain-text groups are arranged in 
a significant order, accompanied by their code groups 
arranged in a random order. 

haul— An arbitrary classification of telephone toll 
calls, as follows: short haul, less than 30 miles or 48 km; 
medium haul, 30 to 1000 miles or 48 to 1609 km; long 
haul, over 1000 miles or 1609 km. 

Hay bridge — A four-arm, alternating-current bridge 
used for measuring inductance in terms of capacitance, 
resistance, and frequency. The arms adjacent to the 
unknown impedance are nonreactive resistors, and the 
Opposite arm is composed of a capacitor in series with 
a resistor (unlike the Maxwell bridge, where it is in 
parallel). Usually the bridge is balanced by adjustment 
of the resistor, which is also in series with the capacitor 
and one of the nonreactive arms. The balance depends 
upon the frequency. 
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Hayes-compatible — A modem that recognizes the 
commands of a Hayes-manufactured modem. 

hazard — See failure rate. 

hazard rate — At a particular time, the rate of change 
of the number of items that have failed divided by the 
number of items surviving. 

Hazeltine neutralizing circuit — An early form of 
neutralized radio-frequency amplifier circuit. 

H-beacon—A nondirectional homing beacon with 
an output power of 50 to 2000 watts. 

H-bend — Also called H-plane bend. In waveguide 
technique, a smooth change in the direction of the axis of 
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the waveguide. Throughout the change, the axis remains 
perpendicular to the direction of polarization. 

HBO -— Abbreviation for Home Box Office. The most 
popular pay-TV network, which is distributed on SAT- 
COM Fl. 

HCD — Abbreviation for hot-carrier diode. 

H-display — Also called H-scan. In radar, a B-display 
modified to indicate the angle of elevation. The target 
appears as two closely spaced blips that approximate a 
short, bright line that slopes in proportion to the sine of 
the angle of target elevation. 

HDLC — Abbreviation for high-level data link con- 
trol. 1. A packet transmission protocol developed by the 
International Standards Organization (ISO) derived from 
IBM’s Synchronous Data Link Control (SDLC). Mes- 
sages are transmitted in units called frames, which can 
contain differing amounts of data but must be orga- 
nized in a particular way. 2, A CCITT standard data- 
communication line protocol. 

HDTV — See high-definition television. 

HDX — See half-duplex circuit. 

head —1. A device that reads, records, or erases data 
on a storage medium. For example, a small electromagnet 
used to read, write, or erase data on a magnetic drum 
or tape, or the set of perforating reading or marketing 
devices used for punching, reading, or printing on paper 
tape. 2, In a tape recorder, any device intended to change 
the magnetic state of the tape. Specialized types of heads 
are used for erasing the tape, recording a signal on it, and 
playing back the signal from it. In many recorders, the 
recording and playback functions are both performed (at 
different times) by the same head. 3. An electromagnetic 
device, usually consisting of a ring-shaped metal core 
wound with coils of wire, in which the continuity of 
the core is broken at one place, called the gap. Tape 
touches the head at the gap as it moves past it. A 
reproducing or playback head senses signals already 
magnetized (recorded) on tape and transforms them into 
electrical impulses that are then amplified and fed to a 
loudspeaker. A recording head accepts electrical signals 
and transforms them into magnetic impulses that are 
deposited on tape as it passes the head. Most cassette 
recorders use a single, combination record/playback head. 

head alignment— Also called azimuth alignment. 
1. Positioning the record/playback head on a tape recorder 
so that its gap 1s perpendicular to the tape. 2. On a VTR 
or VCR, the positioning of the audio or video heads so 
that they describe the current path at the correct angle 
across the videotape; heads that are out of alignment 
won't record or play back properly, 3, Adjustment of the 
recording or reproducing head so that it’s at right angles 
to the longitudinal axis of tape. 4. Mechanical adjustment 
of the spatial relationships between the head gaps and the 
tape. 
head amplifier—An audio-frequency amplifier 
mounted on or near the sound head of a motion-picture 
projector to amplify the extremely weak output of the 
phototube. 

head demagnetizer— Also called degausser. 1. A 
special demagnetizer with elongated pole pieces enabling 
them to be brought into proximity to head surfaces for 
elimination of the built-up magnetic charge that develops 
over a period of time as a result of asymmetrical electrical 
input signals. 2. A device used to neutralize possible 
residual or induced magnetism in heads or tape guides. 

headend — 1. In a broadband transmission network, 
a group of active and/or passive components that trans- 
late one range of frequencies (Transmit) to a different 
frequency band (Receive); allows devices on a single 
cable network to send and receive signals without inter- 
ference. 2. The master distribution center of a satellite TV 
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(SATV) system in which the mcoming television signals 
from space and distant broadcast stations are received, 
amplified, and remodulated onto television channels for 
transmission down the SATV coaxial cable. 3. In a broad- 
band local area network, the central location that has 
access to signals traveling in both inbound and outbound 
directions. 

header— 1. The part of a sealed component or 
assembly that provides support and insulation for the leads 
passing through the walls. 2. A feedthrough device that 
forms a conductive path through an insulating plate or 
surface. 3. The part of a semiconductor device package 
to which the actual chip or die is mounted. May con- 
sist of metal, ceramic, or one of a number of plastics, 
such as epoxy resin. 4. The portion of a device package 
from which the external leads extend. Examples include 
the TO-5 header and flat-pack case. 5. An information 
structure that precedes and identifies the information that 
follows, such as a block of bytes in communications, a file 
on a disk, a set of records in a database, or an executable 
program. 

header card —A card containing information about 
the data in other cards that follow. 

header record—-A computer input record that 
contains common, constant, or identifying information for 
other records that follow. 

head gap—A space inserted intentionally into the 
magnetic circuit of a magnetic recorder head to force or 
direct the flux into the recording medium. 

head guy—The messenger cable and attachments 
placed so they pull toward the pole line. 

heading — The direction of a ship, aircraft, or other 
object with reference to true, magnetic, compass, or grid 


north. 

headlight — An aircraft radar antenna small enough 
to be housed in the wing, like an automobile headlight. 
The beam operates like a searchlight. 

headphone — Also called a head receiver or phone. 
1. A device held against the ear and having a diaphragm 
that vibrates according to current variations. It repro- 
duces the incoming electrical signals as sound. Thus it 
permits private listening to a receiver amplifier or other 
device. 2. Small sound reproducers, superficially resem- 
bling miniature loudspeakers, set in a suitable frame for 
wearing about the head and listening to by close cou- 
pling to the ears. Recent headphones, improved greatly in 
fidelity, have become increasingly popular among audio- 
philes for private listening without disturbing others, as 
well as to prevent outside noises from interfering with 
the listening. Headphones are available in mono or stereo. 
3. A telephone receiver held against the ear by a head- 
band. See also headset. 

head receiver— See headphone. 

head room-— 1. The safety margin that is normally 
provided between the maximum recording level as indi- 
cated on a recorder level indicator and the actual point 
of severe tape overload. Most good recorders provide 6 
to 8 dB of head room above the indicated 0-vu or nor- 
mal maximum indicated recording level, 1o allow for the 
inability of the needle of the VU meter needle to respond 
fully to sudden, intense bursts of signal energy. 2. The 
difference between the nominal operating level and the 
maximum level at any point in a system or device. Usually 
expressed in decibels. 3. The margins between an actual 
signal operating level and the level that would cause sub- 
stantial distortion. For a tape recorder this would be the 
level above O vu that gives a (specified) distortion. 

headset— 1. A headphone (or a pair of headphones) 
and its associated headband and connecting cord. 2. Small 
portable telephone receivers, usually in pars, with a 
connecting clamp to support the phones against the ears, 
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for operators of receiving equipment, 3. An operator's 
head telephone set. 

headset cord—aA very flexible cord used for com- 
munication equipment, usually 24 AWG to 22 AWG mul- 
ticonductor. Usually made with Buna insulation, rubber, 
or neoprene jacket; sometimes the outer jacket is a cot- 
ton braid. The conductor may be bare copper or cadmium 
bronze. 

headshell-—The end of a pickup arm where the 
cartridge fits. Sometimes bonded to the arm, though often 
detachable. 

head stack — A group of two or more heads mounted 
in a single unit, used to provide multiple-irack recording 
or reproduction. 

head-to-tape contact — The degree to which the 
surface of the magnetic coating approaches the surface of 
the record or replay heads during normal operation of a 
recorder. Good head-to-tape contact minimizes separation 
loss and is essential in obtaining high resolution. 

heap — A storage area used for dynamically allocated 
variables created by a running process without correlation 
to the static structure of the program. 

hearing aid — A small audio-reproducing system for 
the hard of hearing. It consists of a microphone, amplifier, 
battery, and earphone and is used to increase the sound 
level normally received by the ear. 

hearing loss — Also called deafness. 1. The hearing 
loss of an ear at a specified frequency — i.e., the ratio, 
expressed in decibels, of its threshold of audibility to the 
normal threshold. 2. The difference in level, expressed in 
decibels, between the weakest sound a particular human 
ear can hear and the weakest sound heard by an average, 
normal ear. 

hearing loss for speech—The difference in 
decibels between the speech levels at which the average 
normal ear and the defective ear, respectively, reach the 
same intelligibility. It is often arbitrarily set at 50 percent. 

heart pacer— See pacemaker. 

heat aging — A test used to indicate the relative resis- 
tance of various insulating materials to heat degradation. 

heat coil-—A protective device that grounds or 
opens a circuit, or both, when the current rises above a 
predetermined value. A mechanical element moves when 
the fusible substance that holds it in place is heated above 
a certain point by current through the circuit. 

heater— Also called filament. 1. An element that 
supplies the heat to an indirectly heated cathode. 2. A 
resistor that converts electrical energy into heat. 

heater biasing — Application of a dc potential to the 
heater of a vacuum tube to eliminate diode conduction 
between it and some other element within the tube. 

heater cord—Flexible stranded copper conductor, 
cotton wrapped, with rubber insulation and asbestos 
roving. For indoor use on household appliances. 

heater current—The current flowing through a 
heater in a vacuum tube. 

heater voltage — The voltage between the terminals 
of a heater. 

heater-voltage coefficient—In a klystron, the 
frequency change per volt of heater voltage change when 
the reflector voltage is adjusted for the peak of a reflector 
voltage mode. 

heat-eye tube— A cathode-ray tube powered by a 
midget generator. It is used as an infrared instrument that 
can “see” in the dark. 

heat gradient— The difference in temperature 
between two parts of the same object. 

heating effect of a current — Assuming a constant 
resistance, the amount of heat produced by the current 
through it. It is proportionate to the square of the current. 
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heating element— The wirewound resistor, termi- 
nals, and insulating supports used in electric cooking and 
heating devices. 

heating pattern — In induction or dielectric heating, 
the distribution of temperature in a load or charge. 

heating station — In induction or dielectric heating, 
the work coil or applicator and its associated production 
equipment. 

heat loss — The loss due to conversion of part of the 
electric energy into heat. 

heat of emission — Additional heat energy that must 
be supplied to an electron-emitting surface to keep its 
temperature constant. 

heat of radioactivity — Heat generated by radioac- 
tive disintegration. 

heat sealing—A method of joining plastic films 
by simultaneous application of heat and pressure to 
areas in contact. Heat may be supplied conductively or 
dielectrically. 

heatseeker-— A guided missile that uses an infrared 
sensor to detect and home in on an enemy target. The 
missile is guided by the high infrared emissions produced 
by a target, such as the heat from an aircraft or tank 
engine. 

heat sensor— 1. A sensor that responds to either 
a local temperature above a selected value or a local 
temperature increase that is at a rate of increase greater 
than a preselected rate. 2. A sensor that responds to 
infrared radiation from a remote source, such as a person. 

heat shock-— Test to determine stability of material 
by sudden exposure to a high temperature for a short 
period. 

heat sink— 1. A mounting base, usually metallic, 
that dissipates, carries away, or radiates into the surround- 
ing atmosphere the heat generated within a semiconductor 
device. The package of the device often serves as a heat 
sink, but, for devices of higher power, a separate heat sink 
on which one or more packages are mounted is required 
to prevent overheating and consequent destruction of the 
semiconductor junction. 2. A mass of meta] that is added 
to a device for the absorption or transfer of heat away 
from critical parts. Generally made from aluminum to 
achieve high heat conductivity and light weight, most 
heat sinks are of one-piece construction. They may also 
be designed for mounting on printed circuit boards. 3. A 
method used to transfer a rise in temperature. A metal 
plate or fin-shaped object with good heat-transfer effi- 
ciency that helps dissipate heat into the surrounding air, 
into a liquid, or into a larger mass. 4. A material capable 
of absorbing heat; a device utilizing such material for the 
thermal protection of components or systems. 5. A metal 
part with maximized surface areas to remove heat from 
electronic components, such as transistors, integrated cir- 
cuit amplifiers, etc. 6. A mass of metal, often with fins, 
mounted on or under a circuit component that produces 
heat, such as a power transistor, silicon rectifier, etc. The 
heat sink absorbs and then radiates the heat to maintain a 
safe working temperature for the component. 


Heat sink. 


CHAPTER 6 © THE SMALL GROUP LAB AND CLASSROOM 


If you are helping to run an existing lab, there are probably others you can consult who have had 
this particular honor in the past. Try to find out who these folks might be and see if you can get any 
helpful advice from them about your lab and its care and feeding. 

If you're starting from scratch, you will enjoy the double-edged sword of setting things up the way 
you want, as well as setting things up the way everyone else wants it. You get to establish whatever level 
of functionality you want, with the caveat that you then must maintain that level. It’s a freedom, like 
most freedoms, that comes with a price. 


Special-Interest Groups 


Are you a member of club that has a special interest in electronics? Several popular interests, such as 
ham radio operators, remote-control model flyers or drivers, robot builders, and computer users, have a 
love-hate relationship with electronics. Having a dedicated electronics lab available to the membership 
is a great way to build up the love as well as work out the hate. 

Given a highly specialized crowd, such as the members of a university or trade school, you might 
even find people organized into an electronics club, especially these days when almost every aspect of 
our lives is touched by this technology in one way or another. 

The specialized nature of your group helps focus what areas of electronics are of most practical 
interest, at least from a lab point of view. This cascades into easier choices when it comes to stocking the 
lab with workstations, tools, and components. 

The Dallas Personal Robotics Group (DPRG; see http: //dprg.org), for example, had the use of an 
1,800-square-foot warehouse for over six years, rent free, due to the generosity of one of the members, 
Mike Dodson of Modern Assemblies. Having access to an excellent industrial setting allowed the club 
members to dream of and then realize much more ambitious robot projects than could be attempted at 
home. After Mike’s retirement, the DPRG went into a nomadic phase and finally spun off a dedicated 
workshop and meeting area, now called the Dallas Makerspace. 


The General Public 


A lot of people see the popularity of do-it-yourself (DIY) and maker-movement projects and envision 
themselves as entrepreneurs, seeing a need and being able to meet it. Unfortunately, most of these 
people are wrong. 

Building a lab dedicated to public use sounds like a great and noble aim. The realities of such an 
undertaking, including the financial, logistical, and business related, are not to be underestimated. 
While it seems to work well in certain areas and at certain times, it’s almost always the result of the right 
combination of people coming together at the right time. 

Hackerspaces (a terribly unfortunately chosen label) are springing up all over the world. The term 
hacker, while understood within some technical communities to mean a person of respectable skills, has 
a decidedly unrespectable taint to it when viewed from the outside. To the vast majority of the English- 
speaking world, a hacker is a rogue computer jockey, a criminal intent on breaking and entering into 
computer systems for nefarious purposes. 

The term maker, on the other hand, leaves a more positive first impression. The Dallas Makerspace 
members deliberately made this decision when naming themselves, while they were still just a 
subcommittee within the board of directors of the nomadic DPRG, looking for a new home. It was 
important to them to maintain the very positive image that the DPRG had established and built over its 
long history, while still looking to the future. 

If you're going to set up a lab for use by the general public, whether you decide to call it a 
hackerspace, a makerspace, or something entirely different, you get to make almost no assumptions 
about the good intentions of your membership. It’s a sad state of affairs, to be sure, but it seems to be the 
prevailing wisdom of the day. 
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heat sink compound — A silicon compound filled 
with alumina or other heat-conductive oxide. Used to fill 
voids and irregularities in surfaces between two mating 
objects to permit optimum heat transfer. 

heat soak — Heating a circuit over a period to allow 
all parts of the package and circuit to stabilize at the same 
temperature. 

heat waves— Infrared radiation similar to radio 
waves but of a nigher frequency. 

heat-writing recorder — A type of stripchart recor- 
der in which a heated stylus writes on a strip of chemically 
treated paper. The paper is discolored by the heat, and the 
path followed by the pen over the surface of the paper is 
thus made visible. 

Heaviside-Campbell mutual-inductance bri- 
dge—A Heaviside mutual-inductance bridge in which 
one inductive arm contains a separate inductor that 
is included in the bridge arm during the first of a 
pair of measurements and is short-circuited during the 
second. The balance is independent of frequency. See also 
Heaviside mutual-inductance bridge. 


Heaviside-Campbell 
mutual-inductance bridge. 


Heaviside layer—Also called the Kennelly- 
Heaviside layer. The region of the ionosphere that reflects 
radio waves back to earth. 

Heaviside mutual-inductance bridge — An 
alternating-current bridge normally used for the compar- 
ison of self- and mutual inductances. Each of the two 
adjacent arms contains self-inductance, and one or both 
of them have mutual inductance to the supply circuit. The 
other two arms normally are nonreactive resistors. The 
balance is independent of frequency. 

heavy hydrogen— Another term for deuterium 
(18?) or tritium (,H?). 

hecto- — A prefix meaning 100. 

hectometric wave—An electromagnetic wave 
between the wavelength limits of 100 and 1000 meters, 
corresponding to the frequency range 300 kHz to 3 MHz. 

heelpiece — 1. Part of a relay magnetic structure at 
the end of a coil, opposite the armature. It generally 
supports the armature and completes the magnetic path 
between it and the core of the coil. 2. The base of a 
relay, on which one or more contact spring assemblies 
are mounted, and to which the core of a relay is fastened. 

Hefner lamp— A standard source that gives a lumi- 
nous intensity of 0.9 candlepower. 

HE! — Abbreviation for high-energy ignition. Conven- 
tional (General Motors) automotive electronic ignition 


heat sink compound — helix 


that replaces the distributor point system. Provides high 
voltage for high-energy spark timing control. 

height control — In a television receiver, the adjust- 
ment that determines the amplitude of the vertical- 
scanning pulses and hence the height of the picture. 

height finder — A radar that measures the altitude of 
an airborne object. 

height input — Information regarding target height 
received by a computer from a height finder and reiayed 
by way of a ground-to-ground data link or telephone. 

height overlap coverage —A region of height- 
finder coverage within which there is duplicated coverage 
from adjacent height finders of other radar stations. 

height-position indicator— A radar display that 
simultaneously shows the angular-elevation slant range 
and height of objects. 

height-range indicator — A cathode-ray tube from 
which altitude and range measurements of airborne 
objects may be viewed. 

Heising modulation — See constant-current modu- 
lation. 

helical — Spiral-shaped. 

helical antenna—Also called a_helical-beam 
antenna. l. A spiral conductor wound around a circular or 
polygonal cross section. The axis of the spiral normally 
is mounted parallel to the ground and fed at the adjacent 
end. The radiation produced has approximately a circular 
polarization and is confined mainly to a single lobe 
located along the axis of the spiral. 2. An antenna made 
of wire wound as a coil, usually on a Fiberglas rod and 
with the wire usually within Fiberglas. 
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Helical antenna. 


helical-beam antenna — See helical antenna. 

helical potentiometer — A precision potentiometer 
that requires several turns of the control knob to move the 
contact arm from one end of the spiral-wound resistance 
element to the other end. 

helical scanning — 1. Radar scanning in which the 
rf beam describes a distorted spiral motion. The antenna 
rotates about the vertical axis while the elevation angle 
rises slowly from 0° to 90°, 2. Method of facsimile 
scanmng in which the elemental area sweeps across the 
copy in a spiral motion. 

helical stripe— A continuous, colored, spiral stripe 
applied to a conductor for circuit identification. 

helicone —A circularly polarized antenna that pro- 
duces a low side-lobe level. It consists of a helix excited 
in the axial mode and placed inside a conical horn. The 
axial length of the helix is approximately equal to the 
altitude of the truncated cone. 

helionics — The conversion of solar heat to electric 
energy. 

helitron oscillator— An electrostatically focused, 
low-noise, backward-wave microwave oscillator. The fre- 
quency of the output signal can be swept rapidiy through 
a wide range by variation of the voltage applied between 
the cathode and the associated rf circuit. 

helium tight — See hermetic. 

helix— A spiral winding. such as a coil. 


helix recorder — heterodyne-type frequency meter 


helix recorder— A recorder in which helical scan- 
ning is used. 

Helmholtz coil — A phase-shifting network used for 
determining the range in certain types of radar equipment. 
It consists of fixed and movable coils. The phase is kept 
constant at the input, but may be continually shifted from 
0° to 360° at the output. 

Helmholtz resonator — An acoustic enclosure with 
a small opening that causes the enclosure to resonate. The 
frequency at which it does depends on the geometry of 
the resonator. 

hemimorphic — Terminated at the two ends by dis- 
similar sets of faces. 

HEM wave — See hybrid electromagnetic wave. 

henry — The cgs electromagnetic unit of inductance or 
mutual inductance, The inductance of a closed circuit in 
which an electromotive force on 1 volt is produced when 
the electric current in the circuit is varied uniformly at a 
rate of | ampere per second. Letter symbol: H. 

heptode—-A vacuum tube that contains seven elec- 
trodes: an anode, a cathode, a control electrode, and four 
additional electrodes, usually grids. 

hermaphrodite connector — A cable connector in 
which the jack and the plug are identically shaped. 

hermaphroditic connector—1.A connector in 
which both mating members are exactly alike at their 
mating face. There are no male or female members, but 
provisions have been made to maintain correct polarity, 
hot lead protection, sealing, and coupling. 2. Either of 
a pair of coaxial connectors whose mating faces are 
alike, 3. A connector design in which pin and socket 
contacts are arranged in a balanced manner such that both 
mating connectors are identical. The contacts may also be 
hermaphroditic and arranged as male and female contacts, 
as for pins and sockets. Hermaphroditic contacts may also 
be used in a manner such that one half of each contact 
mating surface protrudes beyond the connector interface, 
and both mating connectors are identical. 

hermaphroditic contact— 1. A contact designed 
so that it is neither pin nor socket and can be mated with 
any other contact of the same design. 2. Slotted contacts 
with beveled contacting surfaces in which both mating 
portions are exactly alike in shape, but mate at a 90° 
angle from each other. 

hermetic — Also called helium tight, leak tight, and 
vacuum tight. 1. Pertaining to permanent sealing, by 
fusion, soldering, or other means, to prevent the transmis- 
sion of gases. 2. A characteristic of packages providing 
an absolute seal against moisture to prevent degrada- 
tion. These packages are generally metal cans, dual-in-line 
packages (DIPs) with solder seals, or ceramic packages. 
Plastic packages, although less expensive, are not her- 
metic. 

hermetically sealed — Contained within an enclo- 
sure that is sealed by fusion or other comparable means 
to ensure a low rate of gas leakage over a long period. 
This generally refers to metal-to-metal or metal-to-glass 
seal. 

hermetic seal— 1. An airtight seal between two 
parts of a container, such as between the can and 
header of a metal component package. 2. A mechanical 
or physical closure that is impervious to moisture or 
gas, including air. Usually pertains to an envelope or 
enclosure containing electronic components or parts, or to 
a header. 3. An IC package enclosure technique by which 
the IC chip is completely protected from environmental 
contaminants. 

herringbone pattern — Television interference seen 
as one or more horizontal bands of closely spaced V- or 
S-shaped lines. 
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hertz— The standard unit for frequency, equivalent 
to one cycle per second. Letter symbol: Hz. Named after 
H. R. Hertz, a 19th-century German physicist. 

Hertz antenna—-]. An antenna system that does 
not depend for its operation on the presence of ground. 
Its resonant frequency is determined by its distributed 
capacitance, which varies according to its physical length. 
2. An elementary linear dipole radiator; it may or may not 
have spherical or flat-plate ends. 

Hertz effect — The ionization and spark emission due 
to exposure to ultraviolet radiation. 

Hertzian oscillator — A type of oscillator for pro- 
ducing ultrahigh-frequency oscillations. It consists of two 
metal plates or other conductors separated by an air gap. 
The capacitor formed has such a small capacitance that 
ultrahigh-frequency oscillations can occur. 

Hertzian waves — Electromagnetic waves of fre- 
quencies between 10 kHz and 30,000 GHz. Radio waves. 

hertz-matching loran -— See low-frequency loran. 

Hertz vector—A vector that specifies the electro- 
magnetic field of a radio wave. Both the electric and the 
magnetic intensities can be specified in terms of it. 

heterodyne — Also called beat. To mix two frequen- 
cies together in a nonlinear component in order to produce 
two other frequencies equal to the sum and difference of 
the first two. For example, heterodyning a 100-kHz and 
a 10-kHz signal will produce a 110-kHz (sum frequency) 
and a 90-kHz (difference frequency) signal. 

heterodyne conversion transducer (conver- 
ter)—A conversion transducer in which the output 
frequency is the sum or difference of the input frequency 
and an integral multiple of the frequency of another wave. 

heterodyne detection — Detection (or conversion) 
by mixing two signals together to generate the interme- 
diate frequency in a superheterodyne receiver or to make 
cw signals audible. 

heterodyne detector —A detector that converts an 
incoming rf signal to an audible tone by heterodyning. 
It incorporates a local oscillator (called a beat-frequency 
oscillator). 

heterodyne frequency — 1. The sum or difference 
frequency produced by combining two other frequencies. 
2. Either of the two frequencies, the sum or the difference, 
that result from an amplitude-modulation process. 

heterodyne frequency meter — See heterodyne 
wavemeter. 

heterodyne oscillator— An oscillator that pro- 
duces a desired frequency by combining two other fre- 
quencies (e.g., two radio frequencies to produce an audio 
frequency, or the incoming and local-oscillator frequen- 
cies to produce the intermediate frequency of a super- 
heterodyne receiver). 

heterodyne principle — See heterodyne. 

heterodyne reception — Also called beat reception. 
1. Reception by combining a received high-frequency 
wave with a locally generated wave in a nonlinear device 
to produce sum and difference frequencies at the output. 
2. A form of reception in which the receiver combines 
the incoming signal with a locally generated signal of 
different frequency. The combination creates a new signal, 
the intermediate frequency, at the difference, or beat, 
frequency between the two components. 

heterodyne repeater — A radio repeater in which 
the incoming radio signals are converted to an interme- 
diate frequency, amplified, and reconverted to another 
frequency band before being transmitted over the next 
repeater section. 

heterodyne-type frequency meter— An instru- 
ment for measuring frequency by producing a zero 
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difference frequency (zero beat) between the signal under 
test and an internally generated signal. 

heterodyne wavemeter—A wavemeter employ- 
ing the heterodyne principle to compare the frequency 
being measured with a frequency being generated in a 
calibrated oscillator circuit. 

heterodyne whistle—A steady squeal heard in 
a radio receiver when the signals from stations having 
nearly equal frequencies beat together. 

heterodyning — See heterodyne. 

heterogeneity — A state or condition of being unlike 
in nature, kind, or degree. 

heterogeneous— Composed of different materials 
(opposite of homogeneous). 

heterojunction — An interface between two semi- 
conductors of different chemical compositions (for exam- 
ple, between indium gallium arsenide phosphide and 
indium phosphide) but not necessarily different majority 
Catrier types (n-type or p-type). 

heterosphere —The portion of the upper atmo- 
sphere in which the relative proportions of oxygen, nitro- 
gen, and other gases are unfixed and radiation particles 
and micrometeoroids are mixed with the air particles. 

heuristic — 1. Pertaining to exploratory problem- 
solving methods in which solutions are discovered 
through evaluation of the progress made toward the final 
result (as opposed to algorithmic methods). 2. Empirical. 
Referring to knowledge or procedures determined by 
experience, but difficult to prove. 3. A problem-solving 
technique in which general principles and rules of thumb 
are used to approach a solution. Unlike an algorithm, 
the heuristic approach does not guarantee a solution. 
However, heuristic methods can result in a faster and 
simpler solution, and where algorithms are not available 
they are often the only resource. 4. A rule of thumb 
or an educated guess that simplifies and limits a search 
for solutions and applications that are difficult or poorly 
understood. 

heuristic program—aA set of computer instruc- 
tions that simulate the behavior of human operators in 
approaching similar problems. 

Hewlett-Packard Interface Bus— Abbreviated 
HP-IB. The Hewlett-Packard implementation of the IEEE- 
488 bus used to interface multiple devices by a well- 
defined hardware protocol. See GPIB. 

hex —The hexadecimal numbering system. Since 16 
is a power of 2, binary numbers are easily converted 
into hex, so machine-language computer programs are 
often written in hex to save space. For example, binary 
11010110 (decimal 214) could be written in hex as D6. 

hexadecimal— 1. Number system using 0, 1,..., A, 
B, C, D, E, F to represent all the possible values of a 
four-bit digit. The decimal equivalent is 0 to 15. Two 
hexadecimal digits can be used to specify a byte. 2. A 
counting system similar to BCD. 3. A number system 
using the equivalent of the decimal number 16 as base. 
Compare binary number system. 

hexadecimal counter — See divide-by-16 counter. 

hexadecimal display — A solid-state display capa- 
ble of exhibiting numbers 0 through 9 and alphabet char- 
acters A through F. 

hexadecimal number system — A number system 
having as its base the equivalent of the decimal num- 
ber 16. 

hex inverter —A group of six logic inverters con- 
tained in a single package. 

hexode —A vacuum tube containing six electrodes: 
an anode, a cathode, a control electrode, and three 
additional electrodes, usually grids. 

HF — Abbreviation for high frequency. 


heterodyne wavemeter — high-density disk 


Hexadecimal system 
Decimal Binary Octal Hexadecimal 
0 0 0 0 
1 1 1 1 
2 10 2 2 
3 11 3 3 
4 100 4 4 
5 101 5 5 
6 110 6 6 
7 111 7 7 
8 1000 10 8 
9 1001 11 9 
10 1010 12 A 
11 1011 13 B 
12 1100 14 C 
13 1101 15 D 
14 1110 16 E 
15 1111 17 F 


H-field sensor— A passive sensor that detects 
changes in the earth’s ambient magnetic field caused by 
the movement of an intruder. See also E-field sensor. 

HH beacon — A nondirectional radio homing beacon 
with a power output of 2000 watts or more. 

HIC — Abbreviation for hybrid integrated circuit. 

hidden codes— Formatting codes embedded into a 
document that are not visible on the screen. 

hidden file — Also called invisible file. A file in a 
computer that occupies disk space but does not appear in 
directory listings. Files are hidden to prevent their display 
or change. Users cannot display, erase, or copy hidden 
files. 

hierarchical network — Also called a tree network. 
A network topology organized in the form of a pyramid 
with one terminal at the top and increasing numbers of 
terminals at each lower level. 

hierarchy — 1. A series of items classified according 
to rank or order. 2. The order in which arithmetic 
operations within a formula or a statement will be 
executed. 3. An arrangement into a graded series. 

hi-fi— See high fidelity. 

high-altitude electromagnetic pulse — An elec- 
tromagnetic radiation of very short rise time, large ampli- 
tude, and brief duration that follows a nuclear explosion 
above the atmosphere. 

high band — Television channels 7 to 13, covering a 
frequency range of 174 to 216 MHz. 

high boost— See high-frequency compensation. 

high-contrast image — A picture in which strong 
contrast between light and dark areas is visible. Interme- 
diate values, however, may be missing. 

high definition — The condition of a reproduced tele- 
vision or facsimile image in which it contains sufficient 
accurately reproduced elements for the picture details to 
approximate those of the original scene. 

high-definition television — Abbreviated HDTV. 
A television picture of higher quality than standard NTSC 
video. This usually involves 720 lines, progressive scan 
more horizontal lines (e.g., 1080 or higher rather than 
525), a different aspect ratio (16:9 rather than 4:3), and 
Dolby digital audio. 

high-density disk — A floppy disk that holds more 
information than a double-density disk. A 3.5-inch high- 
density disk holds 1.44 megabytes. 


high-energy materials — high-pass filter 


high-energy materials — Also called hard mag- 
netic materials. Magnetic materials having a compar- 
atively high-energy product; e.g., materials used for 
permanent magnets. 

higher-level language — A programming language 
that closely resembles natural language. A statement in 
a higher-level language will produce many machine- 
language instructions. The higher-level languages are 
usually independent of the computer. 

highest probable frequency — Abbreviated HPF. 
An arbitrarily chosen frequency value 15 percent above 
the F, layer MUF (maximum usable frequency) for 
the radio circuit. For the E-layer, the HPF is equal to 
the MUF. 

high fidelity — Popularly called hi-fi. 1. The charac- 
teristic that enables a system to reproduce sound as nearly 
like the original as possible. 2. Reproduction of audio so 
perfect that listeners hear exactly what they would have 
heard if present at the original performance. 3. The repro- 
duction of audio sounds so perfectly that a listener is not 
aware of any loss of naturalness. 

high-fidelity receiver — A radio receiver capable of 
receiving and reproducing, without noticeable distortion, 
the original modulation impressed on the carrier waves. 

high filter— An audio circuit designed to remove 
undesired high-frequency noise from the program mate- 
rial. Such noise includes record scratch, tape hiss, AM 
whistles, etc. 

high frequency — Abbreviated HF. The frequency 
bands from 3 to 30 MHz (100 meters to 10 meters). 

high-frequency alternator—-An alternator capa- 
ble of generating radio-frequency carrier waves. 

high-frequency band —The band of frequencies 
extending from 3 to 30 MHz. 

high-frequency bias— In a tape recorder, a sinu- 
soidal voltage that is mixed with the signal being recorded 
to improve the linearity and dynamic range of the 
recorded signal. In practice, the bias frequency is three 
to four times the highest information frequency to be 
recorded. 

high-frequency carrier telegraphy — Carrier 
telegraphy with the carrier currents above the frequencies 
transmitted over a voice telephone channel, 

high-frequency compensation— Also called 
high boost. An increase in the amplification of the 
high frequencies with respect to the low and middle 
frequencies within a given band of frequencies. 

high-frequency heating — See electronic heating. 

high-frequency induction heater or furnace — 
An induction heater or fumace using frequencies much 
higher than the standard 60 hertz. 

high-frequency resistance — Also called rf or ac 
resistance. The total resistance offered by a device in 
a high-frequency ac circuit. This includes the dc and 
all other resistances due to the effects of the alternating 
current. 

high-frequency treatment— Therapeutic use of 
intermittent and isolated trains of heavily damped 
oscillations having a high frequency and voltage and a 
relatively low current. 

high-frequency trimmer—aA trimmer capacitor 
that is used to calibrate the high-frequency end of the 
tuning range in a superheterodyne receiver. 

high-frequency unit — See tweeter. 

high-frequency welding—See radio-frequency 
welding. 

high-intensity discharge lamps— Abbreviated 
HID. A general group of lamps, consisting of mercury, 
metal halide, and high-pressure sodium lamps. 

high-K ceramic — A ceramic dielectric composition 
(usually BaTiO3) that exhibits large dielectric constants 
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and nonlinear voltage and temperature response charac- 
teristics. 

high level—1. In digital logic, the more positive 
of the two binary-system logic levels. 2. Commands 
for computer systems in which each instruction is 
actually equated to many machine-code instructions 
strung together. See also low level; negative logic; 
positive logic. 3. Term describing a computer language in 
which the statements are closer to human communication 
than to machine code. Usually high-level languages can 
be easily read and understood by people since they consist 
of pseudo-English statements. To be used by a processor, 
high-level statements must be translated into machine 
code. 

high-level crossover network—A crossover 
network designed to operate at high levels and which is 
placed between the power amplifier and the speakers (this 
type of crossover is normally built into a speaker system). 

high-level data link control— See HDLC. 

high-level detector — A linear power detector with 
a voltage-current characteristic that may be treated as a 
straight line or two intersecting lines. 

high-level firing time—The time required to 
establish a radio-frequency discharge in a switching tube 
after radio-frequency power is applied. 

high-level language—1. An application or 
problem-oriented programming language, as distinguished 
from a machine-oriented programming language. The 
instruction approach is closer to the needs of the 
problems to be solved than it is to the language of 
the machine on which it is to be run. Examples are 
Ada, C, COBOL, FORTRAN, Lisp, and Pascal. 2. Any 
programming language that allows a person to give 
instructions to a computer in English-like text rather than 
in the numerical (binary) code of ls and Os that the 
computer understands. FORTRAN and BASIC are high- 
level languages. 3. A step above assembly language. It 
can be translated to a lower level but not into English 
except by a programmer. 4. A sophisticated, though easy 
to use, computer language (written words and special 
punctuation) that allows a programmer to write software 
without being concerned with housekeeping functions 
(e.g., register allocation) or optimization. 

high-level modulation—A system in which the 
modulation is introduced at a point where the power level 
approximates the output power. 

high-level radio-frequency signal (tr, atr, and 
pre-tr tubes) — A radio-frequency signal with sufficient 
power to fire the tube. 

high-level VSWR (switching tubes)—The 
voltage standing-wave ratio caused by a fired tube located 
between a generator and the matched termination in a 
waveguide. 

highlight— The brightest portion of a reproduced 
image. 

high-mu tube—A vacuum tube with a high 
amplification factor. 

high-noise-immunity logic — Abbreviated HNIL. 
A special type of logic designed specifically to provide 
very high resistance to electrical noise. Sometimes called 
HTL (high-threshold logic). 

high-order language — A programming language 
that is independent of the computer. Usually, it 
resembles natural languages, and a compiler is required 
for translation into machine language. Examples are 
FORTRAN and ALGOL. 

high-pass filter — 1. A wave filter having a single 
transmission band extending from some critical, or cutoff, 
frequency other than zero, up to infinite frequency. 
2.A filter that, above a critical frequency, allows 
the unrestricted passage of high-frequency signals. 
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Reciproca!ly, a bass-cut filter. 3. A filter that passes 
frequency components aboye some limited frequency and 
rejects components below that limit. 

high-performance equipment — Equipment hav- 
ing sufficiently exacting characteristics to permit their use 
in trunk or link circuits. 

high pot — See flash test. 

high-potential test—A test for determining the 
breakdown point of insulating materials and spacings. 
It consists of applying a voltage higher than the rated 
voltage between two points or between two or more 
windings. However, it it not a test of conductor insulation. 

high potting — See flash test. 

high-power silicon rectifiers—A group of 
rectifiers with continuous ratings exceeding 50 average 
amperes per section in a single-phase, half-wave circuit. 

high Q — Having a high ratio of reactance to effective 
resistancc. The factor determining the efficiency of a 
reactive component. 

high-rate discharge—The storage-battery dis- 
charge equivalent to the heaviest possible duty in service. 

high-recombination rate contact —- A semicon- 
ductor contact at which thermal equilibrium charge-carrier 
concentrations are maintained substantially independent 
of current density. 

high-resistance joint — A faulty union of conduc- 
tors or conductor and terminal. The result is less current 
flow and a drop in voltage at the union. 

high-resistance voltmeter— A voltmeter having 
a resistance considerably higher than 1000 ohms per volt. 
As a result, it draws very little current from the circuit 
being measured. 

high resolution—Descriptive of a camera or 
monitor capable of displaying a great number of scanning 
lines (1000-2000), which produces a picture that is very 
detailed, defined, and sharp. 

high-speed bus — See memory register. 

high-speed carry — Also called standing-on-nines 
carry. l. A carry into a column results in a carry out of 
that column, because the sum without carry in that column 
is 9. 2. Instead of a normal adding process, a special 
process is used which takes the carry at high speed to 
the actual column where it is added. 

high-speed data rate — Data transmission at a rate 
between 2401 bauds and 500 kilobauds. 

high-speed de circuit breaker—A device 
ha: starts to reduce the current in the main circuit 
in 0.01 second or less after the occurrence of a de 
overcurrent or an excessive rate of current rise. 

high-speed excitation system — An excitation 
system that can change its yoltage rapidly in response 
to a change in the field circuit of the excited generator. 

high-speed pattern board— Board completely 
covered with copper foil on both sides with the exception 
oí small annular rings etcked away to provide isolated 
interconnections. High Vcc and ground-plane coverage 
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enhance high-speed logic operation due to afforded 
control of signal-line impedance and reduction of noise 
and crosstalk. 

high-speed printer — 1. A printer that has a speed 
of operation compatible with the speed of computation 
and data processing so that it may operate online. 2. A 
signal-responsive alphanumeric printer capable of printing 
computer output signals at rates on the order of 300 
characters per second or greater. 

high-speed reader— A reading device that can be 
connected to a computer so as to operate online without 
seriously slowing the operation of the computer. 

high-speed relay—A relay designed specifically 
for short operate or short release time, or both. 

high-speed storage — See rapid storagc. 

high-speed telegraph transmission — Trans- 
mission of code at higher speeds than are possible with 
hand-operated keys. 

high state — The relatively more positive signal level 
used to assert a specific message content associated with 
one of iwo binary logic states. 

high-tech — A general term that refers to sophisti- 
cated technical innovation; cutting-edge technology, often 
involving computers and other electronic devices. 

high-temperature reverse bias— Burning-type 
test of diodes and transistors, conducted with the junctions 
reverse biased to effect any failure due to ion migration 
in bonds of dissimilar metals. 

high-tension — Lethal voltages, on the order of 
thousands of volts. 

high-tension magneto— A self-contained gener- 
ator in which the required high potential is generated 
directly; no induction coil is needed. 

high-threshold logic — Abbreviated HTL. 1. Logic 
with a high noise margin, used primarily in industrial 
applications. It closely resembles diode-transistor logic 
(DTL), except that in HTE a reverse-biased emitter 
junction is used as a threshold element operating as a 
zener diode. A typical noise margin is 6 volts with a 
15-volt supply. 2. Logic that allows for higher degree 
of inherent electrical noise immunity. A considerably 
larger input threshold characteristic is exhibited by HTL 
devices by using a reversed-biased base-emitter junction 
that operates in the breakdown avalanche mode. A higher 
input signal is required to turn on the HTL output- 
inverting transistor than the DTL. 

high-vacuum phototube —A phototube that is 
highly evacuated so that its electrical characteristics are 
essentially unaffected by gaseous ionization. In a gas 
phototube, some gas is intentionally introduced. 

high-vacuum rectifier — A vacuum-tube rectifier in 
which conduction is entirely by electrons emitted from the 
cathode. 

high-vacuum tube — Also known as a hard tube. 
An electron tube whose electrical characteristics will not 
be affected by gaseous ionization because of its high 
degree of evacuation. 

high-velocity scanning — The scanning of a target 
with electrons of such velocity that the secondary- 
emission ratio 1s greater than unity. 

high voltage — The accelerating potential that speeds 
up the electrons in a beam of a cathoce-ray tube. 

high-voltage probe — A probe with a high internal 
resistance, for measuring extremely high voltages. It is 
used with a voltmeter having an intemal rcsistance of 
20,000 ohms per volt or more. See Figure on p. 352. 

hill-and-dale recording — See vertical recording. 

hinge —A joint in a relay that permits movement of 
the armature relative to the stationary parts of the relay 
structure. 


hinged-iron ammeter — holding gun 


POLYSTYRENE — HIGH-TENSION CARTRIDGE CONTACT 
HIGH-TENSIÓN LEAKAGE PRESSURE SPRING 
HEAD BARRIER 


CONCENTRIC 
COMPRESSION 

CONTACT 
ASSEMBLY 


__ KEYWAY CABLE 
FASTENER AND 


aN LOCKING SCREW 


GROUNDED 
BRASS 
FLASHOVER 


TEST y MULTIPLIER 
TIP | CARTRIDGE 


UNIVERSAL NEGATIVE POLYSTYRENE SAFETY BAKELITE 


STEPPED GROUNO MULTIPLIER GROUND PROBE 
TEST PLUG PLUG INSULATOR CLIP HANDLE 
SLEEVE 
High-voltage probe. 


hinged-iron ammeter — A moving-iron ammeter in 
which the fixed portion of the magnetic circuit is placed 
around the conductor to measure the current through it. 

HIPERNAS — Acronym for high-performance navi- 
gation system. A self-compensated, pure-inertial guidance 
system. 

hipot— 1. See dielectric breakdown voltage. 2. Con- 
traction of high potential. Commonly refers to a device 
used, with high voltages, for testing insulation breakdown 
or leakage. High potting is the verb. 3. High-potential 
voltage applied across a conductor to test the insulation, 
4. A test designed to determine the highest potential that 
can be applied to a conductor without breaking through 
the insulation. 

hipot tester— A high-potential test instrument that 
applies a high-voltage source to the insulating material of 
a device or cable to determine the ability of the unit to 
withstand the voltage without breakdown. 

hi-rel— A contraction of high reliability; refers to 
products that are assembled and inspected under rigid 
standards, given extra testing and conditioning, and 
typically used in military, space, or medical applications. 

hiss— 1. Random noise characterized by prolonged 
sibilant sounds in the audio-frequency range. 2. The 
primary background noise in tape recording, stemming 
from circuit noise in the playback amplifiers or from 
residual magnetism of the tape. 

histogram— 1. A graphical representation of a 
frequency distribution by a series of rectangles that 
have for one dimension a distance proportional to a 
definite range of frequencies, and for the other dimension 
a distance proportional to the number of frequencies 
appearing within range. 2. A description of one (or 
all) parameters, showing distribution, standard deviation, 
mean-value failure limits, and sample lot size for all 
samples within the lot. 3. A graph of contiguous vertical 
bars representing a frequency distribution in which the 
groups or classes of items are marked on the x-axis, 
and the number of items in each class is indicated by 
a horizontal line segment drawn above the x-axis at a 
height equal to the number of items in the class. 

hit— 1. See flash. 2. Momentary surge of voltage on 
a transmission channel. 3. An impulse noise having a 
duration of about 1 millisecond. 

hit-on-the-fly printer — 1. A mechanical printer in 
which the printing head is in continual motion. 2. A 
printer in which the paper and/or the printing mechanism 
are in constant motion so that starts and stops are not 
needed. 

hits — Momentary line disturbances that could result 
in mutilation of characters being transmitted. 
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H-lines — Imaginary lines that represent the direction 
and strength of magnetic flux on a diagram. 

HNDT — See holographic nondestructive testing. 

H-network — A network composed of five impedance 
branches. Two are connected in series between an input 
terminal and an output terminal, and two are connected 
between another input and another output terminal. The 
fifth is connected from the junction points of the two 
branches. 
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HNIL — Abbreviation for high-noise-immunity logic. 

hobby computer — A computer that is not used for 
profit. 

hog horn—A microwave feed horn shaped so that 
the input energy from the waveguide approaches from 
the same direction as the horn opening. 

hold— Opposite of clear. 1. To maintain storage 
elements in charge storage tubes at equilibrium potentials 
by electron bombardment. 2. To retain the information 
contained in one storage location for a computer after 
copying the information into another storage location, 
as opposed to clearing or erasing the information. 3. To 
maintain an established telephone connection, possibly 
while disconnecting to answer another call. 

hold control—iIn a television receiver, the 
adjustment that controls the frequency of the vertical or 
horizontal scanning pulses and hence the stability of the 
picture. 

hold current — Also called the electrical hold value. 
The minimum current that will keep the contact springs 
energized in a relay. 

hold electrode — lv a mercury switch, the electrode 
that remains in contact with the mercury pool while the 
Circuit is being closed or opened. 

holding anode — In a mercury-arc rectifier, a small 
auxiliary anode that maintains the ionization while the 
main anode current is zero. 

holding beam— A diffused beam of electrons for 
regenerating the charges retained on the dielectric surface 
of an electrostatic memory or storage tube. 

holding circuit— Also called a locking circuit. 
An alternate operating circuit that, when completed, 
maintains sufficient current in a relay winding to keep 
the relay energized after the initial current has ceased. 

holding coil—A separate relay coil that keeps 
the relay energized after the original current has been 
removed. 

holding current— 1. That value of average forward 
current (with the gate open) below which a silicon- 
controlled rectifier returns to the forward blocking state 
after having been in forward conduction. 2. The minimum 
current that must pass through a device such as a silicon- 
controlled rectifier, thyratron, neon glow tube, etc., to 
maintain it in a conducting condition. 3. The minimum 
current that will hold a relay in its operated position. The 
holding current is less than the operating current. 4. The 
minimum principal current required to maintain a thyristor 
in the on state. 

holding gun— In a storage tube, the source of 
electrons constituting the holding beam. 
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holding time —The total time a trunk or circuit is in 
use on a call, including both operator’s and users time. 

holding torque— Also called restoring or stall 
torque. 1. Force moment required to deflect the rotor of 
a stepper motor a full step with the motor energized but 
at a standstill. 2. A measure of the maximum torque that 
can be applied to the shaft of a stepper motor with one 
or more of its phases energized before the shaft begins to 
rotate. 

hold lamp— An indicating lamp that stays lighted 
while a telephone connection is being held. 

hold mode — In integrators or other charge-storage 
circuits, a condition or time interval in which input(s) are 
removed and the circuit is commanded (or expected) to 
maintain a constant output. 

hold-mode drop — In a sample-and-hold circuit, the 
output voltage change per unit of time while in hold. 
Commonly specified in volts per second, microvolts per 
microsecond, and other convenient units. 

hold-mode feedthrough—In a sample-and-hold 
circuit, the percentage of an input sinusoidal signal that 
is measured at the output of a sample hold when it is in 
hold mode. 

hold-mode settling time —Jn a sample-and-hold 
circuit, the time from the hold-command transition until 
the output of the sample hold has settled within the 
specified error band. It includes aperture delay time. 

hold-off voltage— The maximum voltage an 
electronic flash tube will stand without self-flashing. 
Normal hold-off voltage is reduced at the end of lamp 
life and in the presence of high temperatures or rf fields. 

holdover — The condition that occurs when a light- 
ning-protector gap continues to conduct follow current. 

holdover time — Also called holdup time. The length 
of time a power supply will maintain its rated output 
after the input has been lost. In nonuninterruptible 
power supplies, the holdover time is usually measured 
in milliseconds. 

holdover voltage—The steady-state voltage at 
which a gap just fails to clear a given value of follow 
current. | 

hold time — Also called release time. 1. In resistance 
welding, the time that is allowed for the weld to harden. 
2. The length of time after the clocking of a flip-flop that 
data must remain unchanged. 

holdup — The ability of a power supply to provide 
energy for approximately 30 to 50 milliseconds after an 
ac power loss. This provides an adequate amount of time 
to make a transfer to a standby power system. Holdup time 
is especially useful in computer systems, in which data in 
volatile memories may be lost in nuisance shutdowns. 

holdup button—A manually actuated mechanical 
switch used to initiate a duress alarm signal; usually 
constructed to minimize accidental activation. 

holdup time — See holdover time. 

hole— 1. In the electronic valence structure of a 
semiconductor, a mobile vacancy that acts like a 
positive electronic charge with a positive mass. 2. In a 
semiconductor, the term used to describe the absence of 
an electron; this absence has the same electrical properties 
as an electron except that it carries a positive charge. 
3. A mobile vacancy or electron deficiency in the valence 
structure of a semiconductor. It is equivalent to a positive 
charge. 4. A defect in the valence electron system of a 
semiconductor crystal lattice, equivalent to the absence 
of a single valence electron. Like a conduction electron, 
a hole is capable of moving through the crystal and thus 
forms an effective current carrier having a positive charge. 
However, unlike a conduction electron, the hole must 
remain in the valence-bonding system of the crystal and 
thus it has a lower mobility. 
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hole conduction—Conduction occurring in a 
semiconductor when electrons move into holes under the 
influence of an applied voltage and thereby create new 
holes. The apparent movement of such holes is toward 
the more negative terminal, and is hence equivalent to a 
flow of positive charges in that direction. 

hole current— Conduction in a semiconductor when 
electrons move into holes, creating new holes. The holes 
appear to move toward the negative terminal, giving the 
equivalent of positive charges flowing to the terminal. 

hole density —In a semiconductor, the density of 
holes in an otherwise full band. 

hole-electron pair-——A positive charge carrier 
(hole) and a negative charge carrier (electron) considered 
together as one entity. 

hole injection — The production of mobile vacancies 
in an n-type semiconductor when a voltage is applied to 
as metal point in contact with the surface of the 
material. 

hole injector—<A pointed metallic device for 
injecting holes into an n-type semiconductor. 

hole-in-the-center effect— Also called hole-in- 
the-middle effect. The lower volume or absence of sound 
between the left and right speakers of a stereo system. 

hole mobility — The ability of a hole to travel easily 
through a semiconductor. 

hole site — The area on a computer punch card or 
paper tape where a hole may or may not be punched. It 
can be a form of binary storage, in which a hole represents 
a l and the absence of a hole represents a 0. 

hole storage factor— In a transistor, the excess 
stored charge (when the transistor is in saturation) per unit 
excess base current. Excess base current is defined as the 
amount of current supplied to the base in excess of the 
current required to just keep the transistor in saturation. 

hole trap—A semiconductor impurity that can trap 
holes by releasing electrons into the conduction or valence 
bands. 

Hollerith — Pertaining to a particular type of code or 
punched card utilizing 12 rows per column and usually 
80 columns per card. 

Hollerith code —1. A code based on the punching 
of holes in cards at specified locations. From one to three 
punches may be made in each column of the card and up 
to 80 columns may be punched in each card. Each column 
corresponds to one character; the specific character is 
determined by the number and location of the punches in 
that column. 2. A 12-level (12 bits per character) code that 
defines the relation between an alphanumeric character 
and the punched holes in an 80-column data card. 

hollow-cathode tube — A gas discharge tube with a 
hollow cathode closed at one end. Almost all the radiation 
is from the cathode glow within the hollow cathode. 

hollow core —A plain ferrite core having a center 
hole for mounting purposes. 

hologram — 1. A photograph, made with laser light, 
that appears to have three dimensions. 2. A recording 
of the two-dimensional intensity distribution of the 
interference pattern produced by the interaction of two 
or more monochromatic waves that have phases derived 
from the same source. One of the waves is reconstructed 
when a replica of the other wave is diffracted from 
the hologram. 3. An interference pattern recorded on 
photographic film or similar media. This pattern is 
created by directing two beams of coherent light into 
the film. One, called the reference beam, strikes the film 
directly. The second, called the object beam, bounces 
off, or passes through the test specimen, then strikes 
the film. The interaction of these two beams makes up 
the interference pattern called a hologram. To “decode” 
the swirls and dots of the pattern and create a visible 
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three-dimensional image, a coherent light beam is directed 
onto the hologram. 

holographic cinematography — A technique used 
to create a succession of interrelated holographic images 
that give an appearance of motion when projected in 
sequence. A flashing laser is used in both the recording 
and projecting of the images. 

holographic display — A three-dimensional display 
created by using lasers. 

holographic lenses — Photographic recordings of 
interference patterns between a plane wave and a spherical 
wave on a high-resolution photographic emulsion. 

holographic memory—The storage of data as 
bits in memory by holographic processes. A laser beam 
is divided into reference and object beams, and bit 
information is stored as a hologram. 

holographic nondestructive testing — Abbre- 
viated HNDT. The application of coherent wavefront 
techniques to the determination of the physical state of 
a system without appreciably altering that state. 

holography — |. The optical recording of an object 
wave formed by the resulting interference pattern of two 
mutually coherent component light beams. A coherent 
beam is first split into two component beams, one of 
which irradiates the object, the second of which irradiates 
a recording medium. The diffraction or scattering of 
the first wave by the object forms the object wave 
that proceeds to and interferes with the second coherent 
beam, or reference wave, at the medium. The resulting 
pattern is a three-dimensional record (hologram) of the 
object wave. 2. The recording of an object wave (usually 
optical) in such a way that an identical wave can 
subsequently be reconstructed. Whereas a conventional 
photograph records only the intensity of the light incident 
on it, a hologram records both the amplitude and phase. 
The additional phase information is contained in an 
interference pattern that is formed from the object wave 
and a reference wave. 3. The science and technique of 
producing holograms. 

holtite contact system — A pluggable solderless 
means of connecting DIP, SIP, and discrete-component 
packages to printed circuit boards with none of the socket 
material showing above the board surface. 

Home Box Office — See HBO. 

home loop—An operation involving only those 
input and output units associated with the hole terminal. 

home-on-jam — A radar feature that permits angular 
tracking of a jamming source. 

home page—1.An HTML document associated 
with an individual or organization. It contains text, 
pictures, sounds, and links to other sites that appear 
(generally in blue) as underlined words or phrases. 
Clicking on these underlined words opens a network 
connection to other HTML documents, which can be 
anywhere on the Internet, or spawns an application on the 
host computer. 2. An HTML page that is the primary or 
index document representing an entity such as a company 
or individual. It is usually the first page received from 
a web server and, as such, serves as an introduction to 
the entity or content being served. 3. The first screen 
of a collection of web sites particular to one person or 
business. 

hometaxial-base transistor — A transistor manu- 
factured by a single-diffusion process so that both the 
emitter and collector junctions are formed in a uni- 
formly doped silicon slice. The homogeneously doped 
base region that results is free from accelerating fields in 
the axial (collector-to-emitter) direction; such fields could 
cause undesirable high flow and destroy the transistor. 

homing — 1. Approaching a desired point by main- 
taining some indicated navigational parameter constant 
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(other than altitude). 2. In missile guidance, the use of 
radiation from a target to establish a collision course. 

homing adapter —A device used with an aircraft 
radio receiver to produce aural and/or visual signals that 
indicate the direction of a transmitting radio station. 

homing antenna—A type of directional-antenna 
array used for pinpointing a target. 

homing beacon—A radio transmitter that emits 
a distinctive signal for determining bearing, course, or 
location. 

homing device — |. An automatic device that moves 
or rotates in the correct direction without first having to go 
to the end of its travel in the opposite direction. 2. A radio 
device that guides an aircraft to an airport or transmitter 
site. 

homing guidance —A missile-guidance system in 
which the missile steers itself toward a target by means 
of a self-contained mechanism (infrared detectors. radar, 
etc.). It is activated by some distinguishing characteristic 
of the target. Homing guidance may be active, semi- 
active, or passive. 

homing guidance system — A system of sensors 
and related instrumentation that allows a navigable object 
(usually a missile) to locate its destination by some 
distinguishing characteristics of that target, and then 
calculate and alter its course so that the destination is 
reached. 

homing relay —A stepping relay that returns to a 
specified starting position prior to each operating cycle. 

homing station— A radionavigational aid incorpo- 
rating direction-finding facilities. 

homodyne reception—Also called zero-beat 
reception. 1. A form of reception in which the receiver 
gencrates a signal at the original carrier frequency and 
combines it with the incoming signal. 2. A system of 
reception using a locally generated voltage at the carrier 
frequency. 

homogeneity-—The state or condition of being 
similar in nature, kind. or degree. 

homogeneous — Of the same nature (the opposite 
of heterogeneous). That property of a substance that 
determines that all components of volume are the same 
relative to composition and other properties. 

homogeneous crystal —Crystalline material hav- 
ing a uniform composition. In the context of impunty 
semiconductor materials, a homogeneous crystal is one 
having a uniform doping concentration. 

homogeneous multiprocessor— A multiproces- 
sor in which all processors of significance are functionally 
identical. 

homologous field— A field in which the lines of 
force in a given plane all pass through one point (c.g., the 
electric field between two coaxial charged cylinders). 

homopolar— Electrically symmetrical, i.e., having 
equally distributed charges. 

homopolar generator— A dc generator in which 
all the poles presented to the armature are of the same 
polarity. so that the armature conductor always cuts the 
magnetic lines of force in the same direction. A pure direct 
current can thus be produced without commutation. 

homopolar magnet—-A magnet with concentric 
pole pieces. 

homosphere — That part of the atmosphere which 
is made up mostly of atoms and molecules found 
near the earth’s surface and which retains the same 
relative proportions of oxygen, nitrogen, and other gases 
throughout. 

homotaxial-— A term coined by RCA from homoge- 
neous and axial to describe a single-diffused transistor 
with a base region of homogencous resistivity silicon on 
the axial (emitter-to-collector) direction. 
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honeycomb coil— An air-core radio-frequency 
inductance wound in a crisscross lattice to reduce its 
distributed capacitance. 

honeycomb winding — A method of winding a coil 
with crisscross turns to minimize distributed capacitance. 

hood — 1. A shield placed over a cathode-ray tube to 
eliminate extraneous light and thus make the image on the 
screen appear more clearly. 2, An enclosure, attached to 
the back of a connector, to contain and protect wires and 
cable attached to the terminals of a connector. A cable 
clamp is usually an integral part of the hood. 

hood contact—A switch that is used for the 
supervision of a closed safe or vault door. Usually 
installed on the outside surface of the protected door. 

hook — 1. Hidden capacitance between conductors on 
a printed wiring board. Molecular structure causes capac- 
ttance change with frequency. Hook is responsible for 
signal-waveshape distortion and timing problems. 2. The 
effect ou a signal’s voltage caused by a change in 
printed circuit board capacitance with frequency. Board 
capacitance is created between printed circuit board con- 
ductors separated by dielectric material. It can change 
the response time of a square wave and can bring 
about erroneous responses at certain frequencies of sine 
waves, 

hookswitch — The device on which a telephone 
receiver hangs or on which a telephone handset hangs 
or rests when not in use. The weight of the receiver or 
handset operates a switch that opens the telephone circuit, 
leaving oniy the bell connected to the line. When the 
handset is lifted, the switch closes the telephone circuit 
or loop. 

hook terminal — Terminal with a hook-shaped 
tongue. 

hook tongue — Type of terminal with a tongue that 
opens from the side rather than from the end. 

hook transistor— A transistor having four alter- 
nating p-type and n-type layers, with one layer float- 
ing between the base layer and the collector layer. This 
arrangement gives high emitter-input current gains. The 
pnpn transistor has a p-type floating layer, while the npnp 
transistor has an n-type floating layer. 

hookup— 1. Method of connection between the vari- 
ous units in a circuit. 2. The diagram of connections used. 
3. An interconnection of circuit components for a partic- 
ular purpose. 

hookup wire — 1. The wire used in coupling cir- 
cuits together. It may be solid or stranded, and is usually 
tinned and insulated No. 18 or 20 soft-drawn copper. 
2. Wire used for point-to-point connection within elec- 
tronic equipment, usually carrying low voltages (under 
1000 V} and currents. 3. Wire used to make the inter- 
nal conrections between the various electrical parts of 
electronic assemblies. 

hop — An excursion of a radio wave from the earth to 
the ionosphere and back. It is usually expressed as single-, 
double-, and multihop. The number of hops is called the 
order of reflection. 

hopoff —In a potentiometer, the sudden jump in 
resistance as the contact is rotated over the junction of 
two resistance slopes. The magnitude of the hopoff is 
dependent on the ratic of the slopes and on the junction 
blending characteristic. 

hopper — An area in a temporary memory unit, such 
as a call store, used to record a list of items for 
subsequent communications with processing programs or 
input-output programs sent to central control. 

horizon — An apparent or visible junction of earth and 
sky aS seen on or above the earth. It bounds the part of 
the earth’s surface that can be reached by the direct wave 
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of a radio station. The distance to the horizon is affected 
by atmospheric refraction. 

horizon distance — The space between the farthest 
visible point and the transmitter antenna. It is the dis- 
tance over which ultrahigh-frequency transmission can 
be received under ordinary conditions with an unelevated 
receiving antenna. 

horizontal — 1. Perpendicular to the direction of 
gravity. 2. In the direction of or parallel to the horizon. 
3. On a level. 

horizontal angle of deviation — The horizontal 
angle between the great-circle path from the transmitter 
to the receiver and the direction of departure or arriyal of 
the wave along the line of propagation. 

horizontal axes—The three horizontal axes of 
crystallographic reference. 

horizontal blanking — Cutting off the CRT eiectron 
beam between successive active horizontal lines during 
retrace. Blanking of the picture during the period of 
horizontal retrace. 

horizontal blanking interval —The brief time 
between scan lines required for the scanning electron gun 
to retrace from the right edge of the image back to the 
left to begin the next scan line. 

horizontal blanking pulse — A rectangular pedestal 
in the composite television signal. It occurs between 
active horizontal lines and cuts off the beam current of 
the picture tube during retrace. 
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Horizontal blanking pulse. 


horizontal centering control —In a television 
receiver or cathode-ray oscilloscope, the adjustment for 
moving the entire display back and forth. 

horizontal-convergence control —In a color 
television receiver, the control that adjusts the amplitude 
of the horizontal dynamic convergence voltage. 

horizontal! definition — See horizontal resolution. 

horizontal-deflecting electrodes— A pair of 
electrodes that move the electron beam from side to side 
on the screen of a cathode-ray tube employing electro- 
static deflection. 

horizontal -discharge tube — A vacuum tube used 
in the horizontal-deflection circuit to discharge a capacitor 
and thereby form the sawtooth scanning wave. See also 
discharge tube. 

horizontal-drive control —In an electromagneti- 
cally deflected television receiver, the control that adjusts 
the ratio of the pulse amplitude to the linear portion of 
the scanning-current wave. 

horizontal dynamic convergence — Convergence 
of the three electron beams in a color picture tube at the 
aperture mask during scanning of a horizontal Jine. 

horizontal field-strength diagram — A represen- 
tation of the field strength in a horizontal plane and at 


horizontal frequency — horn throat 


a constant distance from an antenna. Unless otherwise 
specified, the plane passes through the antenna. 

horizontal frequency — See line frequency, 1. 

horizontal hold control— A synchronization con- 
trol that varies the free-running frequency of the hori- 
zontal deflection oscillator so it will be in step with the 
scanning frequency at the transmitter. 

horizontal hum bars — Broad, horizontal, moving 
or stationary bars, alternately dark and light, that extend 
over an entire television picture. They are caused by 
interference at approximately 60 Hz or a harmonic of 
60 Hz. 

horizontal-linearity control —In a television 
receiver, the control for adjusting the width at the left 
side of the screen. 

horizontal line frequency — See line frequency, 1. 

horizontal lock — The circuit that maintains hori- 
zontal synchronization in a television receiver. 

horizontally polarized wave —A linearly polar- 
ized wave with a horizontal electric-field vector. 


Horizontally polarized wave. 


horizontal-output transformer—See flyback 
transformer. 

horizontal parabola control—See phase con- 
trol, 1. . 


horizontal polarization — |. Transmission in which 
the electrostatic field leaves the antenna in a horizontal 
plane. Elements of the transmitting and receiving antennas 
likewise are horizontal. Horizontal polarization is standard 
for television in the United States. 2. Transmission of 
radio waves whose undulations vary horizontally with 
respect to the earth. (Horizontally polarized antennas are 
used mainly for base-to-base transmission.) 

horizontal redundancy checking — See HRC. 

horizontal repetition rate — Also called horizontal 
scanning frequency. The number of horizontal lines per 
second (15,750 hertz in the United States). 

horizontal resolution — Also called horizontal def- 
inition. 1. The number of individual picture elements that 
can be distinguished in a horizontal scanning line. 2. The 
capability of a TV system to resolve detail in a horizon- 
ta] direction across the screen. The higher the resolution 
number, the sharper the picture will be. 3. The number 
of vertical lines that can be displayed in a picture width 
equal to the picture height. This measurement is usually 
done via direct (RGB or Y/C) input in order to bypass lim- 
iting factors such as transmission standards (bandwidth, 
color carrier, etc.). For standard NTSC (60 Hz, 525 lines, 
4:3 aspect ratio) and PAL (50 Hz, 625 lines, 4:3 aspect 
ratio), the picture is in practice the same: 80 lines per 
MHz bandwidth. 

horizontal retrace — 1. The return of the electron 
beam from the right to the left side of a CRT raster after 
the scanning of one line. 2. The line that would be seen 
on a CRT screen while the spot is returning from right to 
left, if retrace blanking were not used. 

horizontal ring-induction furnace — A furnace 
for melting metal. It comprises an open trough or melting 
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channel, a primary inductor winding, and a magnetic core 
that links the melting channel to the primary winding. 

horizontal-scanning frequency — See horizontal 
repetition rate. 

horizontal sweep — Movement of the electron beam 
from left to right across the screen or the scene being 
televised. 

horizontal-sync discriminator—A circuit em- 
ployed in the flywheel method of synchronization to 
compare the phase of the horizontal-sync pulses with that 
of the horizoatal-scanning oscillator. 

horizontal-sync pulse —- The rectangular pulse that 
occurs above the pedestal level between each active 
horizontal line. The pulses Keep the horizontal scanning 
at the receiver in step with that at the transmitter. 

horn — Also called an acoustic horn. 1. A tubular or 
rectangular enclosure for radiating or receiving acous- 
tic waves. 2. A primary element consisting of a sec- 
tion of metal waveguide in which one or both of the 
cross-sectional dimensions increase toward the open end. 
3. Any flared or funnel-shaped passage used to couple 
a speaker efficiently to the air in the environment. It 
also provides control over sound dispersion pattern over a 
specified frequency range. The driver is connected to the 
throat of the horn, and the sound emerges from its mouth. 
See also horn antenna. 

hom antenna — Also called a hom. 1. A tubular or 
rectangular microwave antenna that is wider at the open 
end and through which radio waves are radiated into 
space. 2. A microwave antenna formed by flaring the end 
of a waveguide into the shape of a hom. 
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horn arrester — A lightning arrester that has a spark 
gap with upward-projecting diversion horns of thick wire. 
When the arc is formed, it travels up the gap and is 
extinguished upon reaching the widest part of the gap. 

horn cutoff frequency — A frequency below which 
an exponential hom will not function correctly because it 
fails to provide for proper expansion of the sound waves. 

hom gap—aA type of spark gap with divergent 
electrodes. 

horn-gap switch — A form of air switch with arcing 
homs. 

horn loading—A method of coupling a speaker 
diaphragm to the listening space by an expanding air 
column having a small throat and large mouth. 

horn loudspeaker — A very directional speaker in 
which the driver is fed into a metal horn, whose flare is 
usually an exponential curve. 

horn mouth— An open-ended metallic device for 
concentrating energy from a waveguide and directing this 
energy into space. 

horn speaker — A speaker in which a horn couples 
the radiating element to the medium. 

horn throat — The narrow end of a hom. 
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Some popular and successful organizations—such as Noisebridge (www. noisebridge. net), in San 
Francisco, California, which was incorporated in the state as a “non-profit educational corporation for 
public benefit”—operate almost entirely on a “consensus basis,” sometimes known as “anarchic chaos.” 
Noisebridge’s overriding motto is “Be excellent to each other,” very often shortened to just “Be 
excellent.” Its very real success and sense of community among members is based on what seems to be a 
very local tolerance that is not to be found in many parts of the globe. If you ever get a chance, do stop by 
and prepare to be impressed. It’s an amazing place. 

A good parallel would be to visit your local public library. In the areas that still maintain libraries 
(shockingly, they are on the decline), you will find a finely tuned machine that meshes well with the 
surrounding locality. Are there bars on the windows? If so, you're going to need some bars on your 
windows. Are there metal detectors at the entrance? Oh, dear. Do you see any uniformed security forces 
present? These are not good signs. 

Don’t be completely discouraged, however. Sometimes a community in decline needs a little boost 
of energy and an injection of esprit de corps. This can often be accomplished by introducing some new 
alternatives for people’s spare time. An ancient Muslim saying reads, “Trust in Allah, but tie your camel.” 


A Shared Resource 


Do you have a dedicated space available? If so, you are way ahead of the game. Finding a good location is 
half the battle. If your space is truly dedicated to your pursuits and activities (i.e., a private home, club, 
or makerspace), you have the advantage of being able to leave tools, components, and projects in place, 
returning to them (and finding them still there!) when the opportunity arises. “Truly dedicated” in this 
sense can be equated with having your own key to the door and reasonably free access. While a 24-hour 
facility sounds like a great idea, there are a lot of logistical problems associated, such as security, utility 
costs, scheduling, and parking, just to name a few. 

If your space is not-so-dedicated, such as a school lab or friend’s garage, you can still make it a 
home away from home if you are able to arrange for secure storage of all your shiny toys. This could take 
the form of individual lockers or a storage closet. 

No matter what the logistical arrangements, the main challenge to providing a versatile and 
effective setting for electronic and other kinds of tinkers is basically a social one. Once it’s more than just 
you, it can start to get complicated. 

Luckily, there are some time-tested methods for making these types of things run smoothly. 


Be a Hospitable Host 


If you are taking the lead in arranging a shared work space, please remember that you are responsible for 
extending the appropriate hospitality to your present and future guests. This single factor will greatly 
determine the vibe, feeling, or ambiance of the facility, even more than having the latest and greatest 
tools and gizmos on hand. 

This task may or may not fall entirely on your shoulders. Many hands make light work. If you are 
able to delegate some of the duties of a hospitable host to other members of your group, consider doing 
SO. 

Think of your task in the same light as planning a successful party, even if it’s one that you 
anticipate will last for days on end. These basic ideas are as old as civilized living. Think about fabulous 
parties or memorable events that you have been privileged to attend in the past, and then plan on taking 
it up anotch. 

Try to anticipate the human needs of your attendees as well as their technological expectations. 
People have what seems like an endless list of requirements, some of which you can address, some not. 

Make your location known. Make this information easy to find to those interested, and easy to 
update when the venue changes. A web site is trivial to set up these days, and even a post to a popular 
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horsepower — Abbreviated hp. A unit of power, 
or the capacity of a mechanism to do work. It is the 
equivalert of raising 33,000 pounds 1 foot in 1 minute, 
or 550 pounds | foot in 1 second. One horsepower equals 
746 watts. 

horseshoe magnet— A permanent magnet or elec- 
tromagnet shaped like a horseshoe or U to bring the two 
poles close together. 


Horseshoe 
magnel. 


host-—1. A node computer on a network. The ety- 
mology of the term host may be from the days when a 
computer on a network hosted multiple users and services. 
2. Any computer on a network that is a repository for ser- 
vices available to other computers on the network. It is 
quite cornmon to have one host machine provide several 
services, such as WWW and Usenet. 3. The primary or 
controlling computer in a multiple-part system. 

host computer— 1. In the context of networks, a 
computer that directly provides service to a user. In con- 
trast to a network server, which provides services to 
a user through an intermediary host computer. 2, The 
master or controlling computer in a multicomputer net- 
work. 3. A computer that prepares programs to be run 
on another computer system. 4. A computer that mon- 
itors and controls other computers and programmable 
controllers. 5. The central computer (or one of a col- 
lection of computers) that provides functions such as 
computation, database access, or special programs or pro- 
gramming languages; often shortened to host. 6. The cen- 
tral computer (or one of a collection of computers) in a 
data-communications system, which provides the primary 
data-processing functions such as computation, database 
access, or special programs or programming languages. 

host system— The computer system in which an 
emulation program or accessory card is used to imitate 
another system. 

hot —-1. Connected, alive, energized; pertains to a 
terminal or any ungrounded conductor. 2. Not grounded. 
3. Strongly radioactive. 4. Excited to a relatively high 
energy level. 5. Idiomatic term generally used to describe 
conductors carrying an electrical charge. 

hot-carrier diode — Abbreviated HCD. A diode in 
which a closely controlled metal-semiconductor junction 
provides virtual elimination of charge storage. The device 
has extremely fast turn-on and turn-off times, excellent 
diode forward and reverse characteristics, lower noise 
characteristics, and wider dynamic range. See Schottky 
barrier diode. 

hot carriers — In barrier diodes, carriers that have 
energics greater than those that are in terminal equilibrium 
with the metal. Thus, electrons that cross the junction 
from semiconductor to metal must be energetic enough 
to surmount the barrier. Therefore, electrons that are 
energetic enough to cross the junction are called hot 
electrons. 
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hot cathode — Also called thermionic cathode. 1. A 
cathode that supplies electrons by thermionic emission. 
(As opposed to a cold cathode, which has no heater.) 
2. An electron-tube cathode in which electron emission is 
produced by heat. 

hot-cathode tube— Also called thermionic tube. 
Any electron tube containing a hot cathode. 

hot-cathode X-ray tube — A high-vacuum X-ray 
tube in which a hot rather than cold cathode is used. 

hot electrons — See hot carriers. 

hot-electron triode—A solid-state, evaporated- 
thin-film structure that is directly equivalent to a triode 
vacuum tube. 

hotkey — A single key or a simple key combination 
that can be used to activate a computer program, or a 
function in a program. 

hot line —Communications channel between two 
points available for immediate use without patching or 
switching. 

hot plate — Electrically heated fiat surface, some- 
times combined with auxiliary equipment such as a mag- 
netic stirrer. 

hot spot — The point of maximum temperature on the 
outside of a device or component. 

hot-spot temperature — The maximum tempera- 
ture measured on a resistor due to both internal heating 
and the ambient operating temperature. Maximum hot- 
spot temperature is predicted on thermal limits of the 
materials and the design. The hot-spot temperature is also 
usually established as the top temperature on the derating 
curve at which the resistor is derated to zero power. 

hot stamping — Method of imprinting letters, num- 
bers, and symbols with a heated die. 

hot tin dip — A process of passing a bare wire through 
a bath of molten tin to provide a coating. 

hot-wire ammeter — Also called thermal ammeter. 
An ammeter in which the expansion of a wire moves a 
pointer to indicate the amount of current being measured. 
The current flows through the wire and changes its length 
in proportion to J?. Instability because of wire stretching, 
and the lack of ambient temperature compensation, make 
the hot-wire ammeter commercially unsatisfactory. 
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Hot-wire ammeter. 


hot-wire anemometer — An instrument that mea- 
sures the velocity of wind or a gas by its cooling on an 
electrically heated wire. 

hot-wire instrument— |. An electrothermic instru- 
ment operated by expansion of a wire heated by the 
current it is carrying. 2. A measuring device or trans- 
ducer whose operation depends either on the expansion 
of a wire due to its being heated by an electric current 
or on the change in electrical resistance on the part of a 
wire that is heated or cooled. 

hot-wire microphone—A microphone in which 
the cooling or heating effect of a sound wave changes the 
resistance of a hot wire and thus the current through it. 
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hot-wire relay —-A form of linear-expansion time- 
delay relay in which the longitudinal expansion of a wire, 
when heated, provides the mechanical motion to open 
or close contacts. The time required to heat the wire 
constitutes the delay. 

hot wires — In an electrical system, those wires that 
carry the live current through the electrical system. Hot 
wires are usually black or red. 

hot-wire transducer— A unilateral transducer in 
which the cooling or heating effect of a sound wave 
changes the resistance of a hot wire and thus the current. 

house cables — Conductors inside a building used 
to connect communication equipment to outside lines. 

housekeeping — In a computer routine, those opera- 
tions, such as setting up constants and variables for use in 
the program, that contribute directly to the proper opera- 
tion of the computer but not to the solution of the problem. 

howl — An undesirable prolonged wail produced in a 
speaker by electric or acoustic feedback. 

howler— 1. An electromechanical device that pro- 
duces an audio-frequency tone. 2. A unit by which the 
operator at a telephone test desk may apply a high tone of 
varying loudness to a line to call a subscriber’s attention 
to the fact that his or her receiver is off the hook. 

howling — System instability caused by acoustic feed- 
back from loudspeaker to microphone. 

howl repeater—In the operation of telephone 
repeaters, a condition in which more energy is returned 
than is sent, with the result that an oscillation is set up on 
the circuit. 

hp — Abbreviation for horsepower. 

H-pad— An attenuation network in which the ele- 
ments are arranged in the form of the letter H. 

h-parameters — See hybrid parameters. 

h-particle — The positive hydrogen ion or proton 
resulting from bombardment of the hydrogen atom by 
alpha rays or fast-moving positive ions. 

HPF — Abbreviation for highest probable frequency. 

H-plane — The plane in which the magnetic field of 
an antenna lies. It is perpendicular to the E-plane. The 
principal H-plane of an antenna is the H-plane that also 
contains the direction of maximum radiation. 

H-plane bend — See H-bend. 

H-plane T-junction — Also called shunt T-junction. 
A wavelength T-junction in which the structure changes 
in the plane of the magnetic field. 

HRC — Abbreviation for horizontal redundancy check- 
ing. A validity-checking technique used on data- 
transmission blocks, in which redundant information is 
included with the information to be checked. 

H-scan—-See H-display. 

HTL — Abbreviation for high-threshold logic. 

HTML — Abbreviation for Hypertext Markup Lan- 
guage. The coding language used to create hypertext doc- 
uments for use on the World Wide Web. HTML allows 
a document to contain links to another document, giving 
WWW its hypertext capabilities. 

HTML page—A single file document written in 
HTML. Although this page may require multiple pages of 
paper if printed, it is typically viewed as a single scrolled 
page in a web browser. 

HTTP — Abbreviation for Hypertext Transfer Proto- 
col. A client/server networking protocol for retrieving 
HTML documents on the World Wide Web. The client 
software application used in HTTP transactions is a web 
browser. 

hub — 1. On a contro} panel or plugboard, a socket or 
receptacle into which an electrical lead or plug wire may 
be connected for the purpose of carrying signals. 2. The 
narrow spindle around which the tape is wound on a reel 


354 


or in a cassette. 3. Local distribution center where signals 
from a master feed are relayed to other inputs. 

hue — 1. Often used synonymously with the term 
color, but does not include gray. It is the dominant 
wavclength—1.e., the one that distinguishes a color as 
red, yellow, etc. Varying saturations may have the same 
hue. 2. A more inclusive and more precise identification 
of the optical wavelengths than the commonly used 
word color. Rather than state that the maximum daylight 
sensitivity of the eye is to green-yellow or yellow-green, it 
is technically more rigorous to state that it occurs at a hue 
of 555 nanometers. 3. The perceptual term for that aspect 
of color described by words such as red, yellow, or blue. 
Achromatic colors, such as white, gray, and black, do not 
exhibit hue. 4. In color TV, one of the three characteristics 
of color. Defines color on the basis of its position in 
the frequency spectrum, 1.e., whether red, blue, green, or 
yellow, etc. See also luminance; saturation. 

hue control —On a color television receiver, the 
operating control that changes the hue (color) of the 
picture. 

hull potential — The voltage difference between a 
reference electrode and an immersed metallic hull, or the 
bonded underwater metallic appendages of a nonmetallic 
hull. 

hum — 1. In audio-frequency systems, a low-pitched 
droning noise consisting of several harmonically related 
frequencies. It results from an alternating-current power 
supply, ripple from a direct-current power supply, or 
induction from exposure to a power system. By extension, 
the term is applied in visual systems to interference from 
similar sources. 2. A pattern produced on a facsimile 
record sheet when a signal at the power-line frequency 
or a harmonic of the power-line frequency is mixed with 
or modulates the facsimile signal. 3. A continuous low- 
frequency interference caused by inadvertent pickup of 
60-Hz or 120-Hz energy from nearby ac power sources. 
Most likely to originate in devices (like microphones) 
requiring substantial amplification. 4. A background tone 
caused by improper shielding of audio components or 
inadequate filtering of line voltage entering the equipment. 
5. Electrical disturbance at the power supply frequency or 
harmonics thereof. 

human engineering —1. The science and art of 
developing machines for human use, giving considera- 
tion to the abilities, limitations, habits, and preferences of 
the human operator. 2. The determination of man’s capa- 
bilities and limitations as they relate to the equipment or 
systems he will use, and the application of this knowl- 
edge to the planning, design, and testing of man-machine 
combinations to obtain optimum performance, operability, 
reliability, efficiency, safety, and maintainability. 3. The 
study of the behavioral properties of humans in interaction 
with machines, and of total human-machine systems; the 
structuring of human-machine systems to enhance system 
performance. 

human factors —A body of scientific facts about 
human characteristics. The term covers biomedical and 
psychosocial considerations in the areas of human engi- 
neering, personnel selection, training, life support, job 
performance aid, and human-performance evaluation. 

humanoid — Robot in the form of a person. 

hum-balancing pot—A potentiometer usually 
placed across the heater circuit. Its arm is grounded so 
that the heater voltage is balanced with respect to ground. 

hum bar— A dark band extending across the picture. 
It is caused by excessive 60-Hz hum (or harmonics) in 
the signal applied to the picture-tube input. 

hum bars — Relatively broad horizontal bars, alter- 
nately black and white, that extend over an entire TV 
picture. They may be stationary or may move up and 
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down. Sornetimes referred to as a venetian-blind effect, 
they are caused by an approximate 60-Hz interfering fre- 
quency or one of its harmonic frequencies. 

hum-bucking — The introduction of a small amount 
of voltage, at the power-line frequency, into a circuit to 
cancel unwanted power. 

hum-bucking coil —A coil wound around the field 
coil of a dynamic speaker and connected in series 
opposition with the voice coil. In this way, any hum 
voltage induced in the field coil will be induced in the 
voice coil in the opposite direction and will buck, or 
cancel, the effects of the hum. 

humidity — i. An indication of the water-vapor con- 
tent of a gas mixture. 2. The amount of moisture in the 
alr. Measured in percent relative humidity. 

humidity transducer—A layer of hygroscopic 
(moisture-absorbing) substance deposited between two 
metal electrodes. These electrodes establish electrical 
contact with the hygroscopic chemical, which serves as 
a resistance element. Since the chemical coating tends to 
absorb moisture from the surrounding air, its resistance 
decreases as the humidity increases. In this manner, 
humidity variations are converted to resistance variations. 

hum loop — A condition arising from the connection 
of two or more grounds to an amplifier system whereby 
circulating currents of low value at power-line frequency 
and harmonics are added to the program signals, causing 
hum to appear in the background. 

humming — A sound produced by transformers hav- 
ing loose laminations or by magnetostriction effects in 
iron cores. The frequency of the sound is twice the power- 
line frequency. 

hum modulation — Modulation of an rf signal or 
detected audio-frequency signal by hum. This type of hum 
is heard only when the receiver is tuned to a station. 

hunting — 1. Continuous, cyclical searching by a con- 
‘rol system for a desired or ideal value. Rapid hunting 
usually is termed oscillation; slower cycling is called bird- 
dogging. 2. Movements of a selector from terminal! to 
terminal until an idle one is found. 

HV — Abbreviation for high voltage. 

H-vector— A vector that represents the magnetic 
field of an electromagnetic wave. In free space, it is 
perpendicular to the E-vector and the direction of propa- 
gation. 

H-wave—A mode in which electromagnetic energy 
can be transmitted in a waveguide. An H-wave has an 
electric field perpendicular to the length of the waveguide, 
and a magnetic field parailel as well as perpendicular to 
the length. 

hybrid — i. An electronic circuit that contains both 
vacuum tubes and transistors. 2. A mixture of thin- 
film and discrete integrated circuits. 3. A computer that 
has both analog and digital capabilities. 4. See hybrid 
junction. 5. A transformer or combination of transformers 
or resistors that affords paths to three branches, A, B, and 
C, so arranged that A can send to C, and B can receive 
from C, but A and B are effectively isolated. 6. A mixture 
or combination of two different technologies. 7. Made up 
of several different components. 8. A telephone circuit 
that joins a two-wire line to a four-wire line. Originally, 
hybrids were transformers, but today they are electronic 
circuits. 9. In telecommunications, a circuit that divides 
a signal transmission chanuel into two channels (i.e., one 
for each direction) or, conversely, combines two channels 
into one. 

hybrid arrangement— On a telephone system, the 
use of hybrid-type transforiners with carrier circuits 
or iwo-wire repeaters to amplify conversations in both 
directions without causing feedback or singing effects. 
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hybrid balance — A measure of the degree of bal- 
ance between two impedances connected to two conjugate 
sides of a hybrid set. Given by the formula for return loss. 
The better the balance, the greater is the transhybrid less. 

hybrid circuit — 1. A circuit that combines the thin- 
film and semiconductor technologies. Generally, the pas- 
sive components are made by thin-film techniques, and 
the active components by semiconductor techniques. The 
active devices are attached to the thin-film passive com- 
ponents by a suitable bonding process. 2. Also called 
two-wire—four-wire terminating set. In telephone trans- 
mission circuits, a circuit for interconnecting two-wire 
and four-wire circuits through a differential balance or 
bridge circuit in which the two sides of the four-wire cir- 
cuit form conjugate arms. 3. Any circuit made by using 
a combination of the following component manufactur- 
ing technologies: monolithic IC, thin film, thick film, and 
discrete component. 4. An integrated microelectronic cir- 
cuit in which each component is fabricated on a separate 
chip or substrate, interconnected by means of lead wires 
so that each component can be independently optimized 
for performance. Example: a circuit package composed of 
transistor and diode dice, capacitor chips, and thick-film 
resistors and conductors. 

hybrid coil— Also called bridge transformer. 1. A 
single transformer that has, effectively, three windings 
and that is designed to be connected to four branches 
of a circuit so as to render these branches conjugate in 
pairs. 2. A four-winding transformer used at the junction 
between a two-wire and a four-wire circuit. It effectively 
separates the transmit and receive paths. 3. A hybrid 
consisting of a three-winding tapped transformer used 
with a balancing network to convert a four-wire telephone 
line to a two-wire line. 

hybrid computer — 1. A computer that results from 
the interconnection of an analog computer and a digital 
computer, plus conversion equipment, each contributing 
its special advantages to an assigned part of the solu- 
tion of a class of complex problems. 2. A computer that 
combines both analog and digital equipment for purposes 
of solving problems that cannot be adequately or eco- 
nomically handled by either type of computer operating 
independently. The term does not denote the use of some 
analog equipment to preprocess data that is then converted 
to digital form and subsequently entered into a conven- 
tional digital computer. Rather, there is usually a continual 
flow of data in both directions between analog and digital 
equipment. 3, A computer for data processing in which 
both analog and discrete representations of data are used. 
4. A computer designed with both digitai and analog char- 
acteristics, combining the advantages of analog and digital 
computers when working as a system. 

hybrid electromagnetic wave— Abbreviated 
HEM wave. A wave in the electromagnetic spectrum 
that has both electric and magnetic field vectors in the 
direction of propagation. 

hybrid electromechanical relay —A relay with 
isolated input and output in which electromechanical 
and electronic devices such as a solid-state amplifiers 
are combined to perform a switching function with an 
electromechanical output. 

hybrid integrated circuit— Abbreviated HIC. 
1. An integrated circuit combining parts made by a num- 
ber of techniques, such as diffused monolithic portions, 
thin-film clements, and discrete devices. 2. An arrange- 
ment consisting of one or more integrated circuits in 
combination with one or more discrete passive devices. 
Alternatively, the combination of more than one type 
of integrated circuit into a single integrated component. 
Hybrid ICs offer more circuit complexity than can be 
achieved with present-generation monolithic ICs. 3. A 


hybrid junction — hyperbolic error 


composite of either monolithic integrated circuits or dis- 
crete semiconductor device circuits, in a unit-packaging 
configuration. 4. The physical realization of electronic cir- 
cuits or subsystems from a number of extremely small 
circuit elements electrically and mechanically intercon- 
nected on a substrate. 4. The combination of thin-film 
or thick-film circuitry deposited on a substrate with 
chip transistors, capacitors, and other components. Thin- 
film construction is used for microwave integrated cir- 
cuits (MICs). 

hybrid junction—1. A transformer or waveguide 
circuit having four terminals (or four ports) so arranged 
that a signal entering at onc terminal will divide and 
emerge from the two adjacent terminals but will be 
unable to reach the opposite terminal. Hybrid junctions 
(quadrature hybrids) are widely used in microwave cir- 
cuits as power dividers and combiners (e. g., in balanced 
amplifiers, double-balanced mixers), 2. Also called hybrid 
tee or magic tee. A waveguide arrangement with four 
branches. When they are properly terminated, energy is 
transferred from any one branch into two of the remaining 
three branches. In common usage, this energy is divided 
equally between the two. 3. Any network or device that 
provides a low impedance path and impedance matching 
between adjacent circuits, but maintains a high degree of 
isolation between opposite circuits. Several types are com- 
mon: (a) a three-winding hybrid transformer, (b) a resis- 
tance bridge circuit, and (c) a waveguide device known 
as a hybrid tec. 

hybrid loss — The transmission loss incurred when 
a signal goes through a hybrid coil. This loss is about 
3.6 dB (3 dB because the current divides into two equal 
halves, and 0.6 dB for coil loss). 

hybrid microcircuit—A circuit produced by the 
combination of several different components in a single 
package. Hybrids form a middle ground between boards 
or modules using packaged components and monolithic 
ICs, which may not offer sufficient performance. Hybrids 
are commonly formed from a combination of chip or 
packaged active devices and thin- or thick-film passive 
devices. 

hybrid microelectronics — The entire body of 
electronic art that is connected with or applied to the 
realization of electronic systems using hybrid circuit 
technology. 

hybrid network — A nonhomogeneous communica- 
tion network required to operate with signals of dissimilar 
characteristics (such as analog and digital modes). 

hybrid parameters — Also called h-parameters. The 
resultant parameters of an equivalent transistor circuit 
when the input current and output voltage are selected 
as independent variables. 

hybrid ring— Also called a rat race. A hybrid 
junction commonly used as an equal power divider. It 
consists of a reentrant line (waveguide) to which four side 
arms are connected. The line is of the proper electrical 
length to sustain standing waves. 

hybrids— A particular type of circuit or module 
consisting of a combination of two or more integrated 
circuits, or one integrated circuit and discrete elements. 
See hybrid integrated circuit. 

hybrid set—Two or more transformers intercon- 
nected to form a network having four pairs of accessible 
terminals. Four impedances may be connected to the four 
terminals, so that the branches containing them may be 
made conjugate in pairs. 

hybrid solid-state relay—aA relay with isolated 
input and output in which electromechanical and elec- 
tronic devices are combined to perform switching func- 
tions with a solid-state output. Typically, a reed switch is 
used to trigger a solid-state output device. 
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hybrid tee — See hybrid junction, 2. 

hybrid thin-film circuit — A microcircuit formed by 
attaching discrete components and semiconductor devices 
to networks of passive components and conductors that 
have been vacuum deposited on glazed ceramic, sapphire, 
or glass substrates. 

hybrid transformer — See hybrid coil. 

hybrid-type circuit — See hybrid integrated circuit: 
multichip circuit. 

hydraulic robot — Programmable machine that uses 
hydraulic motors and cylinders much as pneumatic robots 
use pneumonic motors and cylinders. In most cases these 
motors and cylinders are controlled by servo valves, a 
system that permits smooth motion as well as high lifting 
capacity. However, some hydraulic robots control their 
motors and cylinders with mechanical stops. 

hydroelectric— The production of electricity by 
water power. 

hydrogen electrode — A platinum electrode covy- 
ered with platinum black, around which a stream of 
hydrogen is bubbled. The hydrogen electrode furnishes 
a standard against which other electrode potentials can be 
compared. 

hydrogen lamp—A special light source, used in 
some spectrophotometers, that produces invisible light 
energy. It is used in finding the light-energy frequency 
of test solutions. 

hydrogen thyratron — A thyratron containing hydro- 
gen. 

hydrolysis — The chemical decomposition of a sub- 
stance in the presence of water. Usually, it is considered 
in the sense of chemical degradation of insulating materi- 
als under the influence of heat or pressure and in contact 
with moisture (for example, hydrolysis of polyester films 
and coatings). 

hydromagnetics — See magnetohydrodynamic pow- 
er generator. 

hydromagnetic waves— Waves in which the 
energy oscillates between the magnetic field energy and 
kinetic energy of the hydrodynamic motion, the reservoirs 
being the self-inductance of the conductive matter and the 
mass inertia of the moving fluid. 

hydrometer— An instrument for determining the 
specific gravity of liquids, especially of a storage-battery 
electrolyte. It consists of a weighted glass float having 
a graduated stem that sinks into the liquid to a point 
determined by the specific gravity of the liquid. The float 
is usually contained in a glass, and a rubber syringe is 
used to withdraw a sample of the liquid. 

hydrophone — An electoacoustic transducer that res- 
ponds to waterborne sound waves and delivers essentially 
equivalent electric waves. 

hydrostatic pressure — See static pressure. 

hygrometer — An instrument that measures the rela- 
tive humidity of the atmosphere. 

hygroscopic — Readily capable of absorbing and 
retaining moisture from the atmosphere. The opposite 
term is nonhygroscopic. 

hygrostat— A device that closes a pair of contacts 
when the humidity reaches a prescribed level. 

hyperbola— 1. A curve that is the locus of points 
having a constant difference of distance from two fixed 
points. 2. In hyperbolic guidance systems, a path along 
which the difference between the arrival times of pulses 
from two transmitters is constant. See also hyperbolic 
guidance system. 

hyperbolic error—The error in an interferometer 
system arising from the assumption that the directions 
of the wavefronts incident at two antennas of a base 
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line are parallel, whereby the equiphase path is a cone. 
Mathematically the equiphase path 1s a hyperbola. 

hyperbolic grind—A shape of tape playback and 
record heads. lt permits good head contact and better 
vesponse at high frequencies. 

hyperbolic guidance system—A method of 
guidance in which sets of ground stations transmit pulses 
from which a hyperbolic path can be derived to give range 
and course information for steering. See also hyperbola. 
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hyperbolic head — A recording head whose pole- 
piece surfaces (when viewed from the edge of the tape) 
are shaped like the graph of a mathematical hyperbolic 
function. This shape offers a good compromise between 
intimate tape contact at the gap and proximity to the tape 
of the rest of the pole-piece face (the latter is necessary 
for good low-frequency response). 

hyperbolic horn—A hom in which the equivalent 
cross-sectional radius increases according to a hyper- 
bolic law. 

hyperbolic navigation system—A method of 
radionavigation (e.g., loran) in which pulses transmitted 
by two ground stations are received by an aircraft or 
ship. The difference in arrival time from each station is a 
measure of the difference in distance between the aircraft 
or ship and each station. This distance is plotted on one 
of many hyperbolic curves on a map. A second reading 
from another pair of stations (or from the same master and 
a different slave) establishes another point on a different 
hyperbolic curve. The intersection of the two curves gives 
the position of the aircraft or ship. 

hyperbolvidal subrefiector—The secondary 
reflector used in a Cassegrain antenna system. The surface 
has a hyperbolic shape. 

HyperCard — A software tool introduced by Apple 
computer in 1987 to provide new ways to organize, 
display. and navigate through data that broadened the 
capability of the Macintosh computer so noncomputer 
programmers could design and write their own computer 
applications. 
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hyperfocal distance —That object distance at 
which a camera must be focused so that the far depth of 
field just extends to infinity. The near limit of the depth of 
field is then half the hyperfocal distance. For normal pho- 
tographic work this distance equals 1000 times the lens 
aperture diameter. 

hyperfrequency waves— Microwaves having 
wavelengths in the range from 1 centimeter to 1 meter. 

hyperlink — On a computer screen, a colored section 
of text (usually blue) that, when clicked, takes one to 
another web page. 

hypersensor— A single-component, reset-table cir- 
cuit breaker that operates as a majority-carrier tunneling 
device. It is used to provide overcurrent or overvoltage 
protection of inlegrated circuits. 

hypersonic — Having five or more times the speed 
of sound. 

hypertext — 1. A concept for organizing information 
made possible by computers, in which keywords or 
phrases not only reference additional resources but also 
serve as software links to these resources. When viewing 
an HTML document with a browser, hypertext links or 
anchors are displayed (usually in blue) as underlined 
text. Clicking on this text immediately establishes a 
network connection to another file (or another place 
in the same file) containing more information on the 
underlined subject, and causes the browser to display 
this information. The other file can be anywhere on 
the Internet, and may contain almost anything including 
text, images, movies, or sounds. 2. A system that allows 
documents to be cross-linked in such a way that the 
reader can explore related documents by clicking on a 
highlighted word or symbol. 3. Generally, any text that 
contains links to other documents — words or phrases 
in the document that, when selected by a reader, cause 
another document to be retrieved and displayed. 

hyspersyn motor — A synchronous motor that com- 
bines the desirable features of the induction. hysteresis, 
and dc-excited synchronous motor, resulting in high effi- 
ciency and power factor. It possesses the vigorous starting 
torque of an induction motor, the synchronization torque 
of a hysteresis motor, and the stiffness of an externally 
dc-excited synchronous motor. 

hysteresigraph— A device for experimentally pre- 
senling or recording the hysteresis loop of a magnetic 
specimen. 

hysteresis — 1. A property of all magnetic materials 
that causes the valuc of magnetic flux density to lag 
behind the change in value of the magnetizing force that 
produces the flux. lt is caused by the reluctance of the 
molecules to change their orientation. Work done to move 
the molecular magnets is a loss and appears in the form 
of heat. 2. A type of oscillator behavior in which multiple 
values of the output power and/or frequency correspond to 
given values of an operating parameter. 3. The temporary 
change in the counting rate-versus-voltage characteristic 
of a radiation-counter tube (caused by previous operation). 
4. The difference between the response of a unil or system 
to an increasing and a decreasing signal. 5. A form of 
nonlinearity in which the response of a circuit to a 
particular set of input conditions depends not only on the 
instantaneous values of those conditions, but also on the 
immediate past (recent history) of the input and output 
signal. Hysteretical behavior is characterized by inability 
to retrace exactly on the reverse swing a particular locus 
of input/output conditions. 6. The Jag in the response 
of an instrument or process when a force acting on it 
changes abruptly. 7. The property of a magnetic material 
by virtue of which the magnetic induction for a given 
magnetizing force depends on the previous conditions of 
magnetization. 8. This term literally means to lag behind. 
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It is quite often used to describe the residual effect that 
remains after the primary effect has been removed, or 
the lag that exists between the responding parameter and 
the changing parameter. lt can be seen in stress-strain 
and magnetizing-force magnetic-field relationships. 9. A 
tendency for a display element to stay in either the on or 
off condition once it has been switched. With hysteresis, 
for example, a sustaining voltage can be applied to a 
display to keep all lighted pixels glowing without lighting 
any that are supposed to be off. 

hysteresis brake — See hysteresis clutch. 

hysteresis clutch — Also called hysteresis brake. 
A proportional torque-control device that employs the 
hysteresis effect in a permanent-magnet rotor to develop 
its output torque. It is capable of synchronous driving 
or continuous slip, provided heat can be removed, with 
almost no torque variation at any slip differential. Its 
control-power requirement is small enough for vacuum- 
tube or transistorized drive. 

hysteresiscope — An instrument used to obtain hys- 
teresis loops on a cathode-ray oscilloscope screen without 
the need for specially prepared ring samples. It is used in 
the inspection of magnetic material. 

hysteresis curve — 1. A curve showing the rela- 
tionship between a magnetizing force and the resultant 
magnetic flux. 2. A graph showing the amount of mag- 
netism imparted to a magnetizable material as the result 
of a varying magnetic field. This coincides with the varia- 
tions of the applied field only through a relatively narrow 
range between zero magnetism and saturation, but the 
addition of a bias allows an audio signal to be recorded 
on a magnetic tape within this linear range, for minimum 
distortion. 

hysteresis distortion —- Distortion of waveforms in 
circuits containing magnetic components. It is due to the 
hysteresis of the magnetic cores. 

hysteresis error —The difference in the reading 
obtained on a measuring instrument containing iron when 
the current is increased to a definite value and when the 
current is reduced from a higher value to the same definite 
value. 

hysteresis heater— An induction device in which 
a charge (or a muffle around the charge) is heated by 
hysteresis losses due to the magnetic flux produced in the 
charge. 

hysteresis loop — 1. A curve (usually with rectan- 
gular coordinates) that shows, for a magnetic material in 
a cyclically magnetized condition, two values of the mag- 
netic induction for each value of the magnetizing force: 
one when the magnetizing force is increasing, the other 
when it is decreasing. 2. The graphical representation of 
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Hysteresis loop. 


relationship between the magnetizing force and the resul- 
tant induced magnetization of a ferromagnetic material 
when the magnetizing field is carried through a complete 
cycle of equal and opposite values under cyclic conditions. 

hysteresis loss — 1. The power expended in a mag- 
netic material as a result of magnetic hysteresis. 2. The 
power dissipated in a ferromagnetic core as a result of its 
hysteresis; proportional to the product of the area of the 
loop, times the frequency, times the volume of the core. 
3. Loss that occurs when a rapidly changing current, such 
as ac, is forced to continually supply energy to an iron 
core that tends to “memorize” previous magnetic states. 
4. The power loss in a magnetic core, such as in a trans- 
former energized by an alternating current, that is due to 
hysteresis, 

hysteresis meter— An instrument for determining 
the hysteresis loss in a ferromagnetic material. It measures 
the torque produced when the test specimen is placed 
in a rotating magnetic field or is rotated in a stationary 
magnetic field. 

hysteresis motor—A synchronous motor without 
salient poles or direct-current excitation. It is started by 
the hysteresis losses induced in its secondary by the 
revolving field. 

hystoroscope — An instrument used to observe, 
measure, and record the magnetic characteristics of both 
easy and hard axes of magnetic materials. 

Hz—Letter symbol for hertz, meaning cycles per 
second (of any periodic phenomenon). 


!— 1. Symbol for current. 2. Abbreviation for lumi- 
nous intensity. 

IACS — Abbreviation for International Annealed Cop- 
per Standard, A standard of copper conductivity by spec- 
ifying resistivity and temperature. 

IBM card—A type of paper card that may have 
information recorded on it by means of punched holes 
and that may be read by a computer. 

IC— 1. Abbreviation for integrated circuit. 2. Abb- 
reviation for internal connection. 

logo — The reverse current that occurs when a specific 
dc voltage is applied in the nonconducting direction to 
the collector junction of a transistor while the emitter is 
open-circuited. 

ICE — Abbreviation for in-circuit emulator and in- 
circuit emulation. 

ice loading —The weight of ice an antenna can 
accumulate without being damaged. 

icon — A small picture displayed on a computer screen 
that represents a command or an object that can be 
manipulated by the user. Usually, the picture shows what 
the icon does. For example, the PRINT icon generally 
looks like a printer. 

iconoscope—A camera tube in which a beam of 
high-velocity electrons scans a photoemissive mosaic 
capable of storing an electrical charge pattern. 

IC socket — Female contact that provides pluggable 
electrical engagement on its inner surface for integrated 
circuit components to achieve interfacing to a printed 
circuit board. 

ICW — Abbreviation for interrupted continuous wave. 

ID — Abbreviation for inside diameter. 

ideal bunching — A theoretical condition in which 
bunching of the electrons in a velocity-modulated tube 
would give an infinitely large current peak during each 
cycle. 

ideal capacitor—A capacitor having a single- 
valued transferred-charge characteristic. 

ideal crystal— A crystal having no mosaic structure 
and capable of X-ray reflection in accordance with the 
Darwin-Ewald-Prins law. 

ideal dielectric—A dielectric in which all the 
energy required to establish an electric field in the dielec- 
tric is returned to the source when the field is removed. 
(A perfect dielectric must have zero conductivity. Also, 
all absorption phenomena must be lacking. Á vacuum is 
the only known perfect dielectric.) 

ideal filter—-Any filter in which the range of fre- 
quencies within a chosen radius suffers no attenuation 
and the range of frequencies outside the radius is entirely 
attenuated. 

ideal-noise diode —A diode that has an infinite 
internal impedance and in which the current exhibits full 
shot-noise fluctuations. 
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ideal transducer — Theoretically, any linear passive 
transducer that—if it dissipated no energy and, when 
connected to a source and load, presented its combined 
impedance to each— would transfer maximum power 
from source to load. | 

ideal transformer—.A hypothetical transformer 
that would neither store nor dissipate energy. Its self- 
inductances would have a finite ratio and unity coefficient 
of coupling, and its self- and mutual impedances would 
be pure inductances of infinitely great value. 

| demodulator — A demodulator circuit whose inputs 
are the chrominance signal and the signal from the local 
3.58-MHz oscillator. The output of this demodulator is 
a video signal representing color in the televised scene. 
The Q demodulator is similar except that its input from 
the local oscillator is shifted 90°. 

identification — 1. In radar, determining the identity 
of a displayed target (i.e., which one of the blips in the 
display represents the target). 2. In a computer, a code 
number or code name that uniquely identifies a record, 
block, file, or other unit of information. 

identification beacon — A code beacon used for 
positively identifying a particular point on the earth’s 
surface. 

identification, friend or foe — Abbreviated IFF. A 
system using radar transmissions to which equipment car- 
ried by friendly forces automatically responds, for exam- 
ple, by emitting pulses, thereby distinguishing themselves 
from enemy forces. It is the primary method of determin- 
ing the friendly or unfriendly character of aircraft and 
ships by other aircraft or ships and by ground forces 
employing radar-detection equipment and associated {FF 
units. 

identifier — 1. A symbol whose purpose is to identify, 
indicate, or name a body of data. 2. A mnemonic code 
used to identify or name an item of data or data format 
in a computer. 

identify —In a computer, to attach a unique code or 
code name to a specific unit of information. 

idiochromatic— Having photoelectric properties 
characteristic of the pure crystal itself and not due to 
foreign matter. 

I-display —In radar, a display in which a target 
appears as a circle when the radar entenna is pointed 
directly at it. The radius of the circle is proportionate 
to the target distance. When the antenna is not pointing at 
the target, only a segment of the circle appears. Its length 
is inversely proportional to the magnitude of the pointing 
error, and the segment points away from the direction of 
error. 

idle characters — Control characters interchanged 
by a synchronized transmitter and receiver to maintain 
synchronization during a nondata period. 

idle noise — |. Noise that exists in a communication 
system when no signals are present. 2. Unwanted, random 
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electrical energy present in a transmission system under 
unmodulated conditions. 

idler— 1. A rubber-tired wheel that transfers power 
from a phonograph motor to the turntable rim. 2. An inter- 
mediate drive wheel, usually with a rubber or neoprene 
“tire.” that transfers rotational energy from a driven wheel 
to a third wheel. Often used for speed reduction between 
a drive motor and capstan shaft. See also pinch roller. 

idler drive—1.A drive system used to rotate a 
turntable, which consists of a drive-shaft that is turned 
by the motor pulley and that drives the inside nm of the 
turntable platter. 2. A system for transferring power from 
a motor to a turntable through a rubber wheel that contacts 
the motor shaft and the inside rim of the platter. 

idler frequency — A sum or difference frequency, 
other than the input, output, or pump frequencies, gen- 
erated within a parametric device and requiring specific 
circuit consideration to achieve the desired performance 
of the device. 

idier pulley—aA pulley used only for tightening a 
belt or changing its direction. The shaft does not drive 
any other part. 

idle time—That portion of available time during 
which the hardware is not in use. 

idle-trunk lamp — A signal lamp that indicates that 
the outgoing trunk with which it is associated is not busy. 

idling current— Also called quiescent current. The 
zero-signal power supply current drawn by a circuit or by 
a complete amplifier. 

IDT — Abbreviation for interdigital transducer. 

IEC — 1. Abbreviation for integrated electronic com- 
ponent. 2. Abbreviation for International Electrotechnical 
Commission. An organization that cooperates with the 
ISO for technology standards. 

IEEE — Abbreviation for Institute of Electrical and 
Electronic Engineers. A professional organization of sci- 
entists and engineers whose purpose is the advancement 
of electrical engineering, electronics, and allied branches 
of engineering and science. (The IEEE resulted from the 
merger of the JRE and the AIEE.) 

IEEE-488 bus — Also known as the general-purpose 
interface bus (GPIB). 1. An interface standard that defines 
digital dala exchange between up to 15 instruments; a 
bus widely used to connect test instrumentation. 2. An 
industry-standard bus that defines a digital interface 
for programmable instrumentation; it uses a byte-serial, 
bit-parallel technique to handle 8-bit-wide data words. 
Published by the IEEE in 1975, revised 1978. 

IEM — Abbreviation for illuminated entry module. An 
electronic convenience control (offered by Ford Motor 
and General Motors) that lights up a car’s interior 
and door keyhole slots for a timed interval of about 
20 seconds while the car owner unlocks the door. 

IF -— Abbreviation for intermediate frequency. 

IF amplifier — See intermediate-frequency amplifier. 

IF bandwidth — The range of frequencies centered 
about the intermediate frequency limited by the —3-dB 
amplitude points. 

IF canceler— In radar, a moving-target-indicator 
canceler operating at intermediate frequencies. 

IFF — See identification, friend or foe. 

IF rejection — The ability of a superheterodyne AM 
or FM tuner’s IF circuits to reject external interference 
at the intermediate frequency. Measured in decibels (the 
higher the better), it is of more significance in AM 
than in FM reception because the lowest broadcast AM 
frequency, now 330 kHz, is so close to the standard AM 
intermediate frequency of 455 kHz. 

IFRU — See interference-rejection unit. 

IF selectivity—The ability of the IF stages of a 
superheterodyne receiver to accept the signal from one 
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station while rejecting the signal of the adjacent stations; 

it is the ratio of desired to undesired signal required for 

30-dB suppression of the undesired signal (IHF standard). 
if statement-—See conditional statement. 

IF strip — See intermediate-frequency strip. 

IF transformer — See intermediate-frequency trans- 
former. 

IGFET — Abbreviation for insulated-gate field-effect 
transistor. Though a less popular term than MOS (metal- 
oxide semiconductor), it more precisely defines devices 
made by various MOS processes. See also metal-oxide 
semiconductor field-effect transistor. 

ignition cable — Cable designed primarily for auto- 
motive ignition systems. 

ignition coil—- 1. An iron-core transformer that con- 
verts a low direct voltage to the 20,000 volts or so 
required to produce an ignition spark in gasoline engines. 
It has an open core, a heavy primary winding connected 
to the battery or other source through a vibrating arma- 
ture contact, and a secondary winding with many turns of 
fine wire. 2. That part of the ignition system which acts 
as a transformer to step up the battery voltage to many 
thousands of volts. The high-voltage surge then produces 
a spark at the spark-plug gap. 
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ignition control— Control of the instant that static 
current begins to flow in the anode circuit of a gas tube. 

ignition interference — Noise produced by sparks 
or other ignition discharges in a car, motor, or furnace 
ignition, or by equipment with loose contacts or connec- 
tions. 

ignition reserve —In a gasoline engine, the dif- 
ference between the available voltage and the required 
ignition voltage. 

ignition system — In an automobile, the system that 
furnishes high-voltage sparks to the engine cylinders to 
fire the compressed air-fuel charges. It consists of battery, 
ignition coil, ignition distributor, ignition switch, wiring, 
and spark plugs. 

ignition terminal — Solderless terminal designed for 
use in automotive ignition work. 

ignition voltage —In a gasoline engine, the peak 
voltage required to produce a spark across the plug 
electrodes. 

ignitor discharge — In switching tubes, a de glow 
discharge between the ignitor electrode and a suitably 
located electrode. It is used to facilitate radio-frequency 
ionization. 

ignitor electrode — An electrode (which is partly 
immersed in the mercury-pool cathode of an ignitron) 
used to initiate conduction at the desired points in each 
cycle. 

ignitor firing time — In switching tubes, the interval 
between application of a dc yoltage to the ignitor electrode 
and start of current flow. 
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ignitor interaction— In a tr, pre-tr, or attenuator 
tube, the difference between the insertion loss measured 
at a specified level of ignitor current and that measured 
at Zero ignitor current. 

ignitor leakage resistance — In a switching tube, 
the insulation resistance measured between the ignitor 
electrode terminal and the adjacent rf electrode in the 
absence of an ignitor discharge. 

ignitor oscillation — A relaxation type of oscillation 
in the ignitor circuit of a tr, pre-tr, or attenuator tube. 

ignitor voltage drop—In switching tubes, the dc 
voltage between the cathode and anode at a specified 
ignitor current. 

ignitron — A type of mercury-pool rectifier that has 
only one anode. The arc is started for each cycle of 
operation by an ignitor that dips into the mercury pool. 
The mercury pool serves as the cathode of the rectifier. 
The ignitron is characterized by the ability to withstand 
tube currents several times as high as rated values for a 
few cycles. 
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ignore — In a computer, a character code indicating 
that no action is to be taken. 

IGY — Abbreviation for international geophysical year. 

IHFM — Abbreviation for Institute of High-Fidelity 
Manufacturers, an association of manufacturers that pub- 
lishes ratiigs and standards for high-fidelity equipment. 

IPL — Abbreviation for integrated injection logic (pro- 
nounced “I-squared L”). 1. A bipolar logic circuit that 
has a much higher packing density than conventional 
transistor-transistor logic or complementary metal-oxide 
semiconductor (CMOS), dissipates low power, and has 
high-speed characteristics. To an extent it combines bipo- 
lar speed, MOS circuit density, and the low-power dissi- 
pation of CMOS. 

IPL? — Abbreviation for isoplanar integrated injection 
logic (Fairchild Camera & Instrument Corp.). 

illegal character —A character or combination of 
bits that does not have validity according to some 
criterion: for example, a character that is not a member 
of a specified alphabet. 

illegal operation — An impossible-to-execute com- 
puter instruction. 

luminance — 1. The density of luminous flux at a 
given distance from the center of a source. It is equal 
to the total flux divided by the surface area over which 
it is uniformly spread. The units of illuminance are 
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lumens/cm?, lumens/ft?, etc. One lumen/ft” is the same as 
a footcandle; one lumen/cm? is the same as one phot; and 
one lumen/m? is equal to one lux, or one meter-candle. 
2. Luminous flux incident per unit area of a surface; 
luminous incidence. (The use of the term illumination for 
this quantity conflicts with its more general meaning.) 

illuminant-C — The reference white of color televi- 
sion—1.e., light that most nearly matches average day- 
light. 

illuminate — 1. To expose to light. 2. In radar. to 
strike with a radar signal so that reflection returns the 
signal to the source for interpretation. 

illuminated — Characteristic of a surface or object 
that has luminous flux incident on it. 

illuminated entry module — See TEM. 

illumination —1. The light flux incident on a unit 
projected area; it is the photometric counterpart of irradi- 
ance and is expressed in footcandles. 2. The density of the 
luminous flux incident on a surface; it is the quotient of 
the luminous flux by the area of the surface, when the lat- 
ter is uniformly illuminated (SI unit = lux or Ix). 3. The 
general term meaning the application of light to a sub- 
ject. Should not be used in place of the specific quantity 
illuminance. 

illumination control—- A photorelay circuit that 
turns on artificial lighting when natural illumination 
decreases below a predetermined level. 

illumination sensitivity —The output current of a 
photosensitive device divided by the incident illumination 
at constant electrode voltages. 

illuminometer — A photometric instrument used to 
measure the illumination falling on a surface. May be 
photoelectric or visual. 

ILO — See injection-locked oscillator. 

ILS — Abbreviation for instrument landing system. A 
radio beacon system forming a straight pencil beam from 
the runway that planes can follow from 5 to 7 miles (8 
to 12 kilometers) away. An alternative is a microwave 
landing system. 

image — 1. The instantaneous illusion of a picture on 
a flat surface. 2. The unused one of the two groups of 
sidebands generated in amplitude modulation. 3. A spa- 
tial distribution of some physical property (e.g., radiation, 
electric charge, conductivity, or reflectivity) made to cor- 
respond with another distribution of the same or another 
physical property. 4. A two-dimensional representation of 
an object or a scene formed by creating a pattern from 
the light received from the scene. 

image admittance —Reciprocal of image impe- 
dance. 

image antenna— The imaginary counterpart of an 
aclual antenna. For mathematical purposes it is assumed 
to be located below the ground and symmetrical with the 
actual antenna. 

image-attenuation constant— The real part of 
the transfer constant. 

image compression — The translation of data in 
any format (such as video or graphics) to a more compact 
form for storage or transmission such that it takes up less 
space in a computer's memory. 

image converter— 1. A solid-state optoelectric 
device capable of changing the spectral characteristics of 
a radiant image. Examples of such changes are infrared- 
to-visible and X-ray-to-visible. 2. An electron tube that 
employs electromagnetic radiation to produce a visual 
replica of an image produced on its cathode. Electrons 
ejected from the photosensitive cathode by the incident 
radiation are accelerated to and focused upon a fluorescent 
phosphor screen, thus forming the visual replica. Image 
converters can be used in the infrared, ultraviolet, and 
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X-ray regions as well as in the visible. An example of an 
infrared-sensitive image converter is the snooperscope. 

image-converter tube — See image tube. 

image dissection — An optical, mechanical, or elec- 
tronic process, or a combination of such processes, in 
which an optical image is divided into discrete segments 
prior to being photographed, recorded, transmitted, or pro- 
cessed in some other way. 

image dissector— 1. A television camera tube in 
which the image is swept past an aperture in a series 
of 525 interlaced lines 30 times per second. Instead of 
a beam scanning the image, the entire image is scanned 
past the aperture, which “dissects” the image — hence the 
name. See also dissector tube. 2. In OCR, a mechanical 
or electronic transducer that detects in sequence the 
light levels in different areas of a completely illuminated 
sample space. 
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Image dissector, 1. 


image dissector tube — An electron tube that is 
used as a camera tube for a television system. When the 
picture to be transmitted is focused on a photosensitive 
surface, electrons are emitted from each section of the 
surface in proportion to the amount of light in that certain 
part of the picture, and are then drawn down the tube in a 
positive anode. However, the electrons are still focused in 
an electric field. The focusing fields are changed regularly 
to sweep the electron picture horizontally and vertically as 
it travels down the tube. The picture then passes through 
an aperture into an electron multiplier, where the output of 
the multiplier yaries with the different parts of the picture. 
This output represents the dissecting of the picture into 
ordered parts. 

image distortion — Failure of the reproduced image 
in a television receiver to resemble the original scene 
scanned by the camera. 

image effect — An effect produced on the field of an 
antenna as the electromagnetic waves are reflected from 
the earth’s surface. 

image enhancement — Also called detail enhance- 
ment. The process by which the image is manipulated to 
increase the information extracted by the human visual 
system. 

image-enhancing equipment— An elaborate 
device, often involving a computer, in which a photograph 
is scanned by a point of light, the amplitude of the 
electrical signal being modified electronically before 
being rerecorded on another film. 

image force —The force on a charge due to that 
charge or polarization which it induces on neighboring 
conductors or dielectrics. 

image frequency — 1. In heterodyne frequency con- 
verters, an undesired input frequency capable of produc- 
ing the selected frequency by selecting one of the two 
sidebands produced by beating. The word image implies 
the mirrorlike symmetry of signal and image frequen- 
cies about the beating oscillator frequency or intermediate 
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frequency, whichever is higher. 2. An undesired signal 
obtained in frequency conversion using a mixing or het- 
erodyning process. 

image-frequency rejection ratio— Of a super- 
heterodyne receiver, the ratio of the response at the 
desired frequency to the response at the image frequency. 

image iconoscope — 1. An iconoscope in which 
preater sensitivity is obtained by separating the function 
of charge storage from that of photoelectric emission. An 
optical image is projected on a continuous photosensitive 
screen, and the electron emission from the back of 
this screen is focused electromagnetically onto a mosaic 
screen that is scanned by an electron beam as the 
original emitron cathode-ray tube. The British term is 
super-emitron. 2. A camera tube similar in design to the 
iconoscope. However, the image formed in the image 
iconoscope is projected on a photocathode that emits 
photoelectrons to be focused on a material, forming the 
charge image. 

image impedance—The impedances that will 
Simultaneously terminate all inputs and outputs of a 
transducer so that at each of its input and outputs the 
impedances in both directions are equal. 

image intensifier—1. A system for increasing the 
sensor response to a radiation pattern or image by 
interposing active elements between the sensor and the 
image, and supplying power to the active element. This is 
normally done by focusing the scene to be imaged on the 
photocathode of the tube, giving rise to a photoelectron 
pattern corresponding to the optical image. This pattern 
1s accelerated and focused onto a phosphor, which emits 
light to reproduce a visual image of the scene. 2. Device 
used in X-ray techniques for brightening the fluoroscopic 
image several hundred times and reducing radiation 
exposure. 3. An electronic tube equipped with a light- 
sensitive electron emitter at one end and a phosphor 
screen at the other end; an electron lens inside the tube 
relays the image. This device is used in astronomy and in 
military and surveillance systems to provide night vision. 

image interference — In a receiver, a response due 
to signals of a frequency removed from the desired signal 
by twice the intermediate frequency. 

image-interference ratio —In a superheterodyne 
receiver, the effectiveness of the preselector in rejecting 
signals at the image frequency. 

image inverter — A fiber-optic device that rotates an 
image through a predetermined angle. 

image orthicon—1.A camera tube in which a 
photoemitting surface produces an electronic image and 
focuses it on one side of a separate storage target. The 
opposite side of the target is then scanned by low-velocity 
electrons to produce the output. 2. A camera tube widely 
used in TV broadcasting. It consists of three sections all 
included in a single vacuum envelope. The three parts are 
as follows: (a) A photosensitive film sometimes called the 
photocathode. The scene to be televised is focused on this 
film by an outside camera lens. (b) The scanning beam 
provided by an electron gun, which scans lines of the 
target film. The gun”s beam is deflected by electromagnets 
within the tube (the whole picture is scanned by the beam 
in 1/30 of a second). (c) A return beam of electrons falls on 
a multiplier section, where an electron current of sufficient 
magnitude is developed to be sent out from the broadcast 
transmitter as a video signal. See Figure on p. 367. 

image phase constant -— The imaginary part of the 
transfer constant. 

image plane holography — A type of holographic 
process in which a lens is used to image the subject in 
the film plane. 


CHAPTER 6 © THE SMALL GROUP LAB AND CLASSROOM 


forum will tend to be accessible via Internet search engines, in time. There’s a new social media outlet 
popping up every third Tuesday, so avail yourself to what makes sense for your audience. Word of 
mouth only goes so far these days. 

Once you've gone to the trouble of publishing your location, go the extra mile and put out some sort 
of actual sign or indicator that your arriving guests have found the right spot. If you have an identifiable 
logo or symbol associated with your group, be sure to proudly wave that flag. People don’t like feeling 
lost, or unsure whether they’re entering a welcoming space or about to trespass on private property. 

Let everyone know when they are expected as well as when they are not expected. Post your regular 
meeting times, if you have them. Alternatively, make known the appropriate hours of operation. It’s 
disappointing to be turned away at the door just because it’s 1:00 a.m. on a school night. 

When possible, welcome your guests. This makes a big impression on both newcomers as well as 
the regulars. Being part of a group is supposed to enhance a feeling of inclusiveness and belonging. We 
are social animals at heart, and even a simple hello is often the prelude to an interesting and productive 
time together. 

Have rules. Make these rules known. A sign on the front door is not out of place, as long as it’s not 
too negative or off-putting. Rules should prevent problems from occurring, and not be enacted as a 
spontaneous reaction when problems inevitably occur. 

Ensure your guests’ comfort when attending. Is there enough room for the largest (and the smallest) 
participant to safely enter and exit the facilities? Is there adequate lighting in the common areas, if they 
exist? Is there a place for everyone to sit? Who has dominion over the thermostat? 

Do you plan on making refreshments available? Will this duty rotate among the membership? Keep 
track of such things, if only to keep from overextending yourself in all the myriad details of hosting a 
successful meeting. While massive banqueting and consumption of yummies make for a festive and 
enjoyable association, these activities are not always aligned with maintaining an effective laboratory. 
Separate the feeding trough from the work areas. Stay focused on what you're trying to accomplish here. 

Will everyone have access to restrooms, and whose job is it to keep these areas tidy? 

And the most important question of all: Who takes out the trash? 


Be a Courteous Guest 


Just as it’s important to play the role of the hospitable host, it is likewise critical to be a courteous guest 
when visiting a facility, whether you are a paid-up member in good standing or an invited guest. Again, 
these guidelines will vary according to the intents and purposes of your lab, but the basics will always 
remain the same. 

If possible, and when appropriate, let your host know if you are planning on attending. This won’t 
apply in a causal, drop-in type of laboratory. Even so, by making your intentions of attending known 
ahead of time, you might influence (one way or the other) the attendance of other potential participants. 
Nothing succeeds like success. A well-attended party has a better potential for awesomeness than a 
sparsely peopled event. 

Arrive on time or within the established time frames set forth by your host. Similarly, unless you 
have been granted special access, plan on leaving at a reasonable time as well. Benjamin Franklin wrote 
in his Poor Richard’s Almanack (1736) that “Fish & Visitors stink in 3 days.” Don’t be a stinker. 

Try to contribute something. Don’t show up empty-handed, expecting to be fed, entertained, and 
enlightened. 
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Image orthicon. 


image ratio — In a heterodyne receiver, the ratio of 
the image-frequency signal input to the desired signal 
input for identical amplitude outputs. 

image redundancy—The multiple storage of a 
single image. 

image rejection— 1. The suppression of image- 
frequency signals in a superheterodyne receiver. 2. The 
rejection by the tuner of a signal at the image (second- 
channel) frequency, corresponding to the tuned (real) 
frequency plus twice the intermediate frequency when the 
iocal oscillator is working above the signal frequency, 
or minus twice the intermediate frequency when the 
local oscillator is working below the signal frequency. 
3, The ability of a superheterodyne receiver to ignore 
signals removed from the desired frequency by twice the 
intermediate frequency (10.7 MHz in home FM receivers, 
455 kHz in home AM receivers). Image response can 
be reduced by using selective tuned stages in the input 
circuits of the tuner. As with most tuner rejection or 
suppression. specifications, it is measured in decibels, with 
higher numbers indicating more suppression. 

image-rejection ratio— The ratio (in decibels) of 
the signal required for a 30-dB signal-to-noise ratio to that 
required for the same ratio but at the image frequency. An 
increase in front-end selectivity increases the ratio. 

image-reject mixer— A combination of two bal- 
anced mixers and associated hybrid circuits designed for 
separation of the image channel from the signal channels 
normally present in a conventional mixer. The arrange- 
ment makes possible image rejection of up to 30 dB 
without the use of filters. 

image response—The response of a heterodyne 
receiver to a signal that is separated by twice the 
intermediate frequency from the frequency to which the 
receiver is tuned. Unless there is some preselection, 
images will cause spurious unwanted responses when the 
spectrum occupied by a signal is greater than twice the 
frequency of the first IF stage of the receiver. 

image retaining panel—A type of electrolumi- 
nescent display that records and maintains an irradiated 
image on its phosphor screen, provided a dc potential is 
appiied to the screen. Used to record X-ray images, the 
display can retain an image for up to 30 minutes if the de 
potential 1s maintained. 

image retention — The vidicon pickup tube’s ten- 
dency to retain an image on its target area after it has 
stopped scanning that image. Extreme umage retention 
results in the image being bumed into the target area. 


image storage panel—A modified form of an 
image retaining panel that can be used in subdued day- 
light. This is achieved by the addition of a layer of zinc 
oxide between the panel’s phosphor layer and its rear elec- 
trode. The zinc oxide cannot be made photoconductive by 
low-intensity daylight, but does become so when exposed 
to X-rays. An electroluminescent image is obtained by 
the application of ac voltage to the panel following its 
exposure to the X-rays. 

image transducer — Any arrangement of a bundle 
of optical fibers that alters the shape of the image. For 
example, by a systematic regulation of the spacing of the 
fibers from the entrance end to the exit end, a distortion 
of the image can occur that may be used to neutralize 
or compensate for the distortion introduced by the lens, 
prism, or mirror components in an optical system. 

image-transfer constant — See transfer constant. 

image tube — Also called an image-converter tube. 
An electron tube that reproduces on its fluorescent screen 
an image of an irradiation pattern incident on its photo- 
sensitive surface. 

image-tube camera — A camera system in which 
the image formed on the fluorescent screen of an image 
converter tube in the system is recorded by photography, 
or direct-contact printing from the face of the tube. 

imaging — The process of creating and manipulating 
data for visual presentation and storage. 

imbedded layer— A conductor layer deposited 
between insulating layers. 

IMD — See intermodulation distortion. 

imitative deception—The transmission of mes- 
sages in the enemy’s communication channels for the 
purpose of deceiving him or her. 

immediate access — The ability of a computer to 
put data in storage or remove it from storage without 
delay. 

immediate-access store —A store whose access 
time is negligible compared with other operating times. 

immediate addressing — 1. In a computer, a mode 
of addressing in which the operand contains the value 
to be operated on, and no address reference is required. 
2. An addressing mode in which the data for an instruction 
is the next sequential byte in the instruction stream. 

immediate data — Data that immediately follows an 
instruction in a memory and is used as an operand by that 
instruction. 

immersion plating — 1. A method of metal deposi- 
tion that depends on a galvanic displacement of the metal 
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being plated by the substrate. Thickness of the plating is 
limited to 10 to 50 microinches (0.254 to 1.27 um). 2. The 
chemical deposition of a thin metallic coating over cer- 
tain base metals by a partial displacement of the base 
metal. 

immersion pyrometer— An instrument for deter- 
mining molten-steel temperature and normally consisting 
of a platinum-platinum rhodium bimetal thermocouple 
junction and a recording device for transposing the milli- 
voltage into degrees of temperature. 

immittance —A term that denotes both impedance 
and admittance. It is commonly applied to transmission 
lines, networks, and certain kinds of measuring instru- 
ments. 

IMOS — See ion-implanted MOS. 

impact excitation — The starting of damped oscil- 
lations by a sudden surge, such as by a spark discharge. 

impact modulator amplifier — A fluidic device in 
which the impact plane position of two opposed streams 
is controlled to alter the output. 

impact predictor — A device that can determine, in 
real time, the point on the earth’s surface where a ballistic 
missile will impact if thrust is instantaneously terminated. 

impact printer— 1. Any type of printer that gener- 
ates characters by using some form of stamping or inking 
through a ribbon by some sort of character slug, ele- 
ment, or hammer-needle. (Daisy-wheel printers are impact 
printers.) 2. Any mechanical imprinting device that forms 
characters by striking characters against a ribbon onto 
paper. 3. A mechanical printer operating at relatively low 
speeds —from 150 lines per minute to 1800 lines per 
minute. Has multiple copy capability and normally is 
capable of producing an original plus three copies. Impact 
printers are identified as letter-quality, dot-matrix, and 
line-printing types. No longer in common use. 
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impact printing — Printing that is produced by the 
impact of a key on an inked ribbon, transferring the 
impression of a character onto the paper located behind 
the ribbon. 

impact resistance — Resistance to fracture under 
shock force. 

IMPATT — Acronym for impact avalanche and transit 
time. 

IMPATT diode — Impact avalanche and transmit 
time diode. 1. A pn-junction diode operated with heavy 
back bias so that avalanche breakdown occurs in the 
active region. To prevent burnout, the device is so 
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constructed that the active region is very close to a good 
heat sink. For the same reason, the bias supply must 
be a constant-current type. 2. A device whose negative 
resistance characteristic is produced by a combination of 
impact avalanche breakdown and charge-carrier transit- 
time effects. Avalanche breakdown occurs when the 
electric field across the diode is high enough for the charge 
carriers (holes or electrons) to create electron-hole pairs. 
With the diode mounted in an appropriate cavity, the field 
patterns and drift distance permit microwave oscillations 
or amplification. 3. A semiconductor microwave diode 
that, when its junction is biased onto avalanche, exhibits a 
negative resistance over a frequency range determined by 
the transit time of charge carriers through the depletion 
region. 
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IMPATT oscillator —An oscillator in which the 
active element is an IMPATT diode operating in a negative 
resistance mode. Dc to rf conversion efficiencies are 
normally less than 20 percent. Present devices operate 
above 5 GHz. 

impedance — 1. The total opposition (i.e., resistance 
and reactance) a circuit offers to the flow of alternating 
current at a given frequency; the ratio of the potential 
difference across a circuit or element of a circuit to the 
current through the circuit or element. It is measured 
in ohms, and its reciprocal is called admittance. Sym- 
bol: Z. 2. The combination of resistance and reactance 
3. Combined opposition to current resulting from resis- 
tance, capacitance, and inductance. 4. The sinusoidal ter- 
minal voltage of a circuit divided by the current through it. 
5. A speaker’s resistance to an alternating current, which 
varies with frequency. A speaker’s rated impedance is 
usually the value measured at 400 Hz. 6. The opposition 
to alternating current in a circuit, generally categorized as 
either high or low, and measured in ohms. 7. The total 
opposition that a circuit offers to the flow of alternating 
current or any other varying current at a particular fre- 
quency. It is a combination of resistance, R, and reactance, 
X, measured in ohms. 

impedance angle — Angle of the impedance vector 
with respect to the resistance vector. Represents the phase 
angle between voltage and current. 

impedance at the intermediate frequency — In 
a mixer semiconductor diode, the impedance measured at 
the output terminals of a mixer circuit when the device is 
driven by a local oscillator under specified conditions. 

impedance bridge— A device for measuring the 
combined resistance and reactance of a component part 
of a circuit. 
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impedance characteristic—A graph of impe- 
dance versus frequency of a circuit or component. 

impedance coil — A coil whose inductive reactance 
is used to hinder the flow of alternating current in or 
between circuits. 

impedance compensator— 1. An electric net- 
work used with a line or another network to give the 
impedance of the combination a certain characteristic over 
a desired frequency range. 2. A circuit that ensures that a 
transmission line is a proper electrical load for its com- 
municating devices. [t is connected in parallel with the 
devices. 

impedance coupling — A method of coupling using 
an impedance as the coupling device common to both the 
primary and secondary circuits. This type of coupling is 
usualiy limited to audio systems, where high gain and 
limited bandpass are required. 

impedance drop — The vector sum of the resistance 
drop and the reactance drop. (For transformers, the 
resistance drop, the reactance drop, and the impedance 
drop are, respectively. the sum of the primary and 
secondary drops reduced to the same terms. They are 
usually expressed in percent of the secondary-terminal 
voltage.) 

impedance ground— An earth connection made 
through an impedance of predetermined value usually 
chosen to limit the current of a short-circuit to ground. 

impedance irregularities — Breaks or abrupt chan- 
ges that occur in an impedance-frequency curve when 
unlike sections of a transmission line are joined together 
or when there are irregularities on the line. 

impedance match—The condition in which the 
impedance of a component or circuit is equal to the 
internal impedance of the source or the surge impedance 
of a transmission line, thereby giving maximum transfer 
of energy from sources to load, minimum reflection, and 
minimum distortion. 

impedance matching — |. The connection across a 
source impedance of another impedance having the same 
magnitude and phase angle. If the source is a transmission 
line, reflection is thereby avoided. 2. The process of 
adjusting the impedances of a load and of its power 
source so that they are equal. This permits the greatest 
possible transfer of power. 3. Making the impedance of a 
terminating device equal to the impedance of the circuit to 
which it is connected in order to achieve optimum signal 
transfer. 

impedance-matching transformer— A trans- 
former used to match the impedance of a source and load. 

impedance plethysmograph— An instrument 
used to detect the increased blood volume in the 
tissues of the body during a contraction of the heart. 
See also elecirical-impedance cephalography; finger 
plethysmograph. 

impedance transformer— A transformer that 
transfers maximum energy from one circuit to another. 

impedance triangle— A diagram consisting of a 
right triangle. The sides are proportional to the resistance 
and reactance in an ac circuit, with the hypotenuse 
representing the impedance. 

imperfect dielectric —A dielectric in which part 
of the energy required to establish its electric field is 
conyerted into heat instead of being returned to the 
electric system when the field is removed. 

imperfection — In a crystalline solid, any deviation 
in structure from an ideal crystal (one that is perfectly 
periodic in structure and contains no foreign atoms). 

implantable pacemaker — A miniature pulse gen- 
erator surgically implanted beneath the skin and provided 
with output leads that connect directly to the heart mus- 
cle. The electrodes may contact either the outer wall of the 
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heart muscle (myocardial electrodes) or the inner surface 
of the heart chamber (endocardiac electrodes). 

implied AND — Also called dot AND or wired AND. 
A logic element in which the combined outputs are true 
if and only if all outputs are true. (Sometimes improperly 
called dot OR or wired OR.) 

implied OR — Also called wired OR. A logic element 
in which the combined outputs are true if one or more of 
the outputs are true. 

implode — The inward bursting of a picture tube due 
to its high vacuum. 

import— To copy data created by one computer 
program or file into another. 

impregnant— 1. A substance, usually a liquid, used 
to saturate the paper dielectric of a capacitor and replace 
the air between its fibers, thereby increasing the dielectric 
strength and the diclectric constant of the capacitor. 2. A 
substance intended to replace the air as dielectric between 
the electrodes of a capacitor. 

impregnate — |. To fill voids and air spaces (of a 
capacitor or transformer) with a material having good 
insulating properties commonly called an impregnant. 
2. To fill the voids and interstices of a material with a 
compound. This does not imply complete fill or complete 
coating of the surfaces by a hole-free flm. 

impregnated coils —Coils that have been perme- 
ated with an electric grade varnish or other protective 
material to protect them from mechanized vibration, han- 
dling, fungus, and moisture. 

impregnating — Complete filling of even the small- 
est voids in a component or closely packed assembly of 
parts. Low-viscosity compounds, usually liquids, are used. 
The process is frequently accomplished by a vacuum pro- 
cess in which all air is removed before introducing the 
impregnating material. Typical examples of impregnating 
are the filling of capacitors or transformer windings. 

impregnation — 1. The process of coating the insides 
of coils and closely packed electronic assemblies by dip- 
ping them into a liquid and letting it solidify. 2. The 
process of completely filling all interstices or a part or 
assembly with a thin, liquid, electrically insulating mate- 
rial. The process is best accomplished by first removing all 
air (creating a vacuum), then introducing the impregnant, 
and finally applying atmospheric or elevated pressures to 
completely force-fill the system. 

impressed voltage—The voltage applied to a 
circuit or device. 

improvement threshold — A characteristic of FM 
radio receivers that determines the minimum rf signal 
power required to overcome the inherent thermal noise. 
For increasing values of rf power above this point, an 
improvement of signal-to-noise ratio 1s obtained. 

impulse — 1. A pulse that begins and ends within 
so short a time that it may be regarded mathematically 
as infinitesimal. The change produced in the medium, 
however, 1s generally of a finite amount. 2. A current 
surge of unidirectional polarity. See also pulse. 

impulse bandwidth—The area divided by the 
height of the voltage-response selectivity as a function 
of frequency. It is used in the calculation of broadband 
interference. 

impulse-driven clock — An electric clock in which 
the hands are moved forward at regular intervals by 
current impulses from a master clock. 

impulse excitation — Also called shock excitation. 
1. A method of producing oscillatory current in which the 
duration of the impressed voltage is relatively short com- 
pared with that of the current produced. 2. The sudden 
application of a momentary steep-wavefront voltage to a 
resonant circuit, resulting in a damped oscillation. 
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impulse frequency — The number of pulse periods 
per second generated by the dial-pulse springs in a 
telephone as they rapidly open and close in response to 
the dialing of a digit. 

impulse generator — Also called surge generator. 
1. An electric apparatus that produces high-voltage surges 
for testing insulators and for other purposes. 2. A device 
that generates a broad energy spectrum by means of a very 
narrow impulse. Usually generated by discharging a short 
coaxial or waveguide transmission line. The pulses are 
discrete and regularly spaced, and are generally variable 
at a repetition rate from a few pulses per second to 
a few thousand pulses per second. The output of an 
impulse generator is specified as the rms equivalent of 
the peak voltage in dB above 1 microvolt per megahertz. 
3. An oscillator circuit that generates electric impulses 
for synchronizing purposes in a television system. 4. A 
circuit, typically using a step-recovery diode, used to 
convert a sinusoidal input to a voltage impulse output. The 
basic circuit block in both step recovery diode multiples 
and comb generators. 

impulse noise — 1. Noise due to disturbances hav- 
ing abrupt changes and of short duration. These noise 
impulses may or may not have systematic phase relation- 
ships. The noise is characterized by nonoverlapping tran- 
sient disturbance. The same source may produce impulse 
noise in one system and random noise in a different sys- 
tem. 2. A type of communication-line interference char- 
acterized by high amplitude and short duration. 3. An 
unwanted signal characterized by a steep wavefront. 

impulse-noise generator — Equipment for gener- 
ating repetitive pulses that provide random noise signals 
uniformly spread over a wide band of frequencies. 

impulse pay-per-view — Abbreviated IPPV. A fea- 
ture of a decoder that allows an authorized subscriber to 
purchase a one-time scrambled program at will. IPPV 
shows are selected by a button on the decoder or its 
remote control. 

impulse period — See pulse period. 

impulse ratio — The ratio of the flashover, sparkover, 
or breakdown voltage of an impulse to the crest value of 
the power-frequency flashover, sparkover, or breakdown 
voltage. 

impulse relay — 1. A relay that stores enough energy 
from a brief impulse to complete its operation after the 
impulse ends. 2. A relay that can distinguish between 
different types of impulses, operating on long or strong 
impulses and not operating on short or weak ones. 3. An 
integrating relay. 

impulse response of a room — The time sequence 
of signals received at some point in a room due to a sound 
pulse generated at some other point in the room. It defines 
the arrival of a sound that has transversed the direct path 
between source and microphone and the arrivals of the 
various reflections. 

impulse sealing—A _ heat-sealing technique in 
which a pulse of intense thermal energy is applied to 
the sealing area for a very short time, followed imme- 
diately by cooling. It is usually accomplished by using 
an rf heated metal bar that is cored for water cooling, 
or is of such a mass that it will cool rapidly at ambient 
temperatures. 

impulse separator — Normally called sync separa- 
tor. In a television receiver, the circuit that separates the 
synchronizing impulses from the video information in the 
received signal. 

impulse sparkover voltage — The highest value of 
spark-gap or gas-discharge tube terminal voltage prior to 
ionization and the flow of discharge current. 
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impulse speed-—The rate at which a telephone 
dial mechanism makes and breaks the circuit to transmit 
pulses. 

impulse strength—A measure of the ability of 
insulation to withstand voltage surges on the order of 
microseconds in duration. 

impulse timer— A timing device electrically pow- 
ered by a synchronous motor, featuring a mechanical 
stepping device that enables it to advance a predetermined 
number of degrees within a predetermined time interval, 
controlling a multiple number of circuits. Said circuits 
are controlled by individual cams, which program their 
activity. 

impulse train — See pulse train. 

impulse transmission — The form of signaling 
used principally to reduce the effects of low-frequency 
interference. Impulses of either or both polarities are 
employed for transmission, to indicate the occurrence of 
transitions in the signals. 

impulse-transmitting relay — A relay in which a 
set of contacts closes briefly when the relay changes from 
the energized to the deenergized position, or vice versa. 

impulse-type  telemeter—A telemeter that 
employs the characteristics of intermittent electric signals, 
other than their frequency, as the translating means. 

impurity — Also called dopant. 1. A material such as 
boron, phosphorus, or arsenic added to a semiconductor 
such as germanium or silicon to produce either p-type 
or n-type material. Impurities that provide free electrons 
are called donors and cause the semiconductor material 
to be n-type. Impurities that accept electrons are called 
acceptors and cause the material to be p-type. 2. A foreign 
material present in a semiconductor material, usually 
in small quantities. Some impurities are unwanted, and 
great pains are taken to extract them from the material. 
Others are intentionally added to semiconductor materials 
as dopants in order to modify their electrical behavior. 
3. In semiconductor technology, a material such as boron, 
phosphorus, or arsenic added in small quantities to a 
crystal to produce an excess of electrons (donor impurity) 
or holes (acceptor impurity). 

impurity density —The amount of impurity material 
diffused into a certain volume of semiconductor material 
used in manufacturing semiconductor devices. 

impurity ions — An alien, electrically charged atomic 
system in a solid; an ion substituted for a constituent atom 
or ion in a crystal lattice, or located in an interstitial site 
in the crystal. 

impurity level —The energy level existing in a 
substance because of impurity atoms. 

inaccuracy — 1. The difference between the input 
quantity applied to a measuring instrument and the output 
quantity indicated by that instrument. The inaccuracy 
of an instrument is equal to the sum of its instrument 
error and its uncertainty. 2. The term sometimes used to 
indicate the deviation from an indicated or recorded value 
or the measure of conformity to an accepted standard. 

inactive leg— Within a transducer, an electrical 
element that does not change its electrical characteristics 
with the applied stimulus. Applied specifically to elements 
that complete a Wheatstone bridge in certain transducers. 

in-band signaling — 1. The transmission of signal- 
ing tones at some frequency or frequencies within the 
channel normally used for voice transmission. 2. A sig- 
naling scheme that uses the same path for both data and 
signaling information. 

in-band spurious transmitter output— A spuri- 
ous transmitter output that lies within the specified band 
of transmission. 

incandescence — 1. The state of a body with such a 
high temperature that it gives off light. 2. The generation 
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of light caused by passing an electric current through a 
wire filament. The resistance of the filament to the current 
causes the filament to heat up and emit radiant energy, 
some of which is in the visible range. 

incandescent lamp — 1. An electric lamp in which 
electric current flowing through a filament of resistance 
inaterial heats the filament until it glows. 2. A lamp that 
emits light when an electric current passes through a 
resistant metallic wire situated in a vacuum tube. 3. An 
electric lighting and signaling device operating on the 
principle of heating a fine metal wire filament to a white 
leat by passing an electric current through it. The filament 
wire has a positive temperature coefficient, which results 
in high inrush currents, up to 10 times the steady-state 
current. 

INCH — Acronym for integrated chopper. It is a device 
designed to operate as a chopper, commutator, modulator, 
demodulator, or mixer, depending on circuit requirements. 

inching — See jogging. 

incidence angle — The angle between an approach- 
ing light ray or emission and the perpendicular (normal) 
to the surface in the path of the ray. 

incidental FM— Also called residual FM. 1. The 
short-term jitter or undesired FM deviation of a local 
oscillator. It limits resolution when it approaches the 
IF bandwicth in magnitude. 2. Peak-to-peak variations 
of a carrier frequency caused by external vanations not 
a part of normal action of the carrier-tuned circuits. 
3. In a klystron, frequency modulation of the fundamental 
frequency due to shot and ion noises, ac heater voltage, 
etc. 

incident field intensity-—The field strength of a 
down-coming sky wave, not including the effects of earth 
reflections at the receiving location. 

incident light— The light that falls directly on an 
object. 

incident-light meter — An exposure meter designed 
to measure the light striking an object and used at a 
suitable location in the scene. 

incident power— The product of the outgoing cur- 
rent and voltage traveling from a transmitter down a 
transmission line to an antenna. 

incident ray— A ray of light that falls on or strikes 
a surface of an object, such as a lens. It is said to be 
incident to the surface. 

incident wave — In a medium of certain propagation 
characteristics, a wave that strikes a gap in the medium 
or strikes a medium having different propagation charac- 
teristics. 

incipient failure — A degradation failure in its begin- 
ning stages. 

in-circuit emulation — Abbreviated ICE. A capabil- 
ity provided on some microcomputer development sys- 
tems that enables a system designer to use the facilities 
cf the development system to debug prototype hardware 
and software. This is accomplished via an umbilical cable 
from the development system that plugs into the micro- 
processor socket in the prototype system. See also emu- 
lation. 

in-circuit emulator — Abbreviated ICE. A micro- 
computer development system that can be plugged into a 
microcomputer system to control, alter, interrogate, and 
debug that system using a known good environment. 

in-circuit tester — Also called a bed-of-nails tester 
or an in-situ tester. A tester that checks the individual 
components on a board using a fixture that provides access 
to each node of each component. Used to test for short 
and open circuits on bare boards, correct values of analog 
components (using a guarding technique), and correct 
functions of individual ICs (using a pulsing technique). 
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inclination — 1. The angle between the orbital plane 
of a satellite and the equatorial plane of the earth. 2. The 
angle that a line, surface, or vector makes with the 
horizontal. 

inclinometer— An instrument for measuring the 
magnetic inclination of the earth’s magnetic field. it uses 
a magnetic needle that pivots vertically to indicate the 
inclination. 

inclusive AND — A logic element whose output is 
true if all inputs are true, all inputs are false, or all inputs 
but one are false. 

inclusive NAND — A logic element whose output is 
true if one and only one of the inputs is false. 

incoherent — Denotes the lack of a fixed phase 
relationship between two waves. If two incoherent waves 
are superposed, interference effects cannot last longer than 
the individual coherent times of the waves. 

incoherent detection—Detection wherein the 
information contained in the phase of the carrier is 
discarded. 

incoherent emitter — A fiber-optic source of radia- 
tion that has been used for short-length optical transmis- 
sion lines. Light-emitting diodes are incoherent emitters. 
See coherent emitter. 

incoherent scattering — The disordered change in 
their direction of propagation that occurs when radio 
waves encounter matter. 

incoherent source — A fiber-optic light source that 
emits wide, diffuse beams of light of many wavelengths. 
The light waves emitted from an incoherent source are 
out of phase. Contrast coherent source. 

incoming — Describing a telecommunication trunk 
that is used only for calls coming in from another office. 

incoming selector — In a telephone central office, a 
selector associated with trunk circuits from another central 
office. 

incomplete sequencer relay—A device that 
returns the equipment to the normal, or off, position 
and locks it out if the normal starting, operating, or 
stopping sequence is not properly completed within a 
predetermined time. 

increductor— A controllable inductor similar to a 
saturable reactor, except that it is capable of operating at 
high frequency (e.g., up to 400 MHz). 
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increment— 1. A small change, either positive or 
negative, in the value of a variable quantity. 2. See step 
angle. 
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incremental compiler — In a computer, a compiler 
capable of compiling additional statements without a 
complete recompilation. 

incremental computer— |. A computer in which 
the use of incremental representation of data is predomi- 
nant. 2. A special-purpose computer designed specifically 
to process changes in the variables as well as absolute 
values of the variables. 

incremental digital-position transducer equal- 
izer — Digital-position transducer that, without absolute 
position reference, produces a digital signal by motion. 

incremental digital recorder-—A magnetic tape 
recorder that advances the tape across the recording head 
step by step, as in a punched-tape recorder. It is used for 
economical and reliable recording of an irregular flow of 
data. 

incremental frequency shift—A method by 
which incremental intelligence may be superimposed on 
other intelligence by shifting the center frequency of an 
oscillator a predetermined amount. 

incremental hysteresis loss —Losses in a mag- 
netic material that has been subjected to a pulsating mag- 
netizing force. 

incremental induction — One-half the algebraic 
difference between the maximum and minimum magnetic 
induction at a point in a material that has been subjected 
simultaneously to a polarizing and a varying magnetizing 
force. 

incremental integrator — A digital integrator mod- 
ified so that the output signal is maximum negative, zero, 
Or maximum positive when the value of the output is 
negative, zero, Or positive, respectively. 

incremental permeability — 1. The ratio of the 
cyclic change in magnetic induction to the corresponding 
cyclic change in magnetizing force when the mean induc- 
tion differs from zero. For small changes in magnetizing 
force, the incremental permeability is approximately equal 
to the slope of the minor hysteresis loop generated. 2. The 
ratio of incremental change in flux density to the incre- 
mental change in magnetizing force at any point on the 
hysteresis loop. 

incremental sensitivity —The smallest change that 
can be detected by a particular instrument in a quantity 
under observation. 

incremental tape — Magnetic tape written one char- 
acter at a time instead of the usual method of continuous 
recording. 

incremental tuner—A television tuner in which 
antenna, rf amplifier, and rf oscillator inductors are 
continuous or in small sections connected in series. Rotary 
switches, connected to taps on the inductors, provide the 
portion of total inductance required for a channel, or short- 
circuit all remaining inductance except that required for 
the channel. 

independent failure — A failure that has no signif- 
icant relationship to other failures in a given device and 
can occur without interaction with other component parts 
in the equipment. 

independent load contacts — Contacts that can 
control electrical loads that must be isolated from the 
timer clutch solenoids and motor circuit. 

independent variable — One of several voltages 
and currents chosen arbitrarily and considered to vary 
independently. 

indeterminacy — The time coincidence uncertainty 
between an external input trigger pulse and an inde- 
pendently clock-derived output pulse from a timing unit 
such as a digital delay generator. It stems from a clock 
pulse versus trigger pulse phase uncertainty and is usually 
expressed in terms of nanoseconds or microseconds. For 
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example, the +!/ clock pulse uncertainty of a 10-MHz 
source would be +50 ns. 

indeterminate state — The unknown logic state (X) 
of a memory element caused by critical races or oscilla- 
tions, or existing after power is applied and before initial- 
ization. Some simulators can model indeterminate states 
and typically assign an X to indicate an indeterminate 
State. 

index counter — An odometer-type cumulative-digit 
indicator for keeping track of the amount of tape that has 
passed through a tape machine. The counter is generally 
driven by the takeup-reel turntable and thus registers 
rotation rather than tape footage, although the accuracy 
is generally good enough to allow for locating specific 
recorded segments according to previously noted index 
counter numbers. 

indexed address — An address that is altered by the 
content of an index register before or during the execution 
of a computer instruction. 

indexed addressing — 1. An addressing mode in 
which a computer finds the address of the desired memory 
location by referring to an index register. By successively 
adding or subtracting | to this index register, the computer 
can be made to step through a list or table. 2. An 
addressing system in which the address of the data is 
expressed as relative to the address stored in an index or 
pointer register. To obtain the absolute address, the offset 
address is added to the pointer address. This system is 
useful in processing tables or matrices of data. 

index hole—A hole punched in a floppy disk to 
indicate the beginning of the first sector. 

indexing —In a computer, a technique of address 
modification that is often implemented by means of index 
registers. 

indexing mechanism — A mechanical device on a 
rotary switch to locate and to maintain each position of 
the rotor. 

indexing slots — See polarizing slots. 

index matching fluid — In fiber optics, a fluid with 
a refractive index the same as a fiber core; used to fill the 
air gap between the fiber ends at connectors. 

index matching materials — Materials used in 
intimate contact between the ends of optical conductors 
to reduce coupling losses by reducing Fresnel loss. 

index of cooperation — In rectilinear scanning or 
recording, the product of the total length of a line and the 
number of lines per unit length. 

index of modulation — The modulation factor. 

index of refraction—1. Ratio of the speeds of 
light or other radiation in two different materials. This 
determines the amount the ray will be refracted or bent 
when passing from one material to the other, such as from 
air to water. The index of refraction of air is generally 
taken as unity. 2. The physical property of a material that 
describes the behavior of optical energy passing through 
it. It is defined as the ratio of the velocity of light in a 
vacuum to the velocity of light in the material. It varies 
with wavelength. 

index register— 1. In a computer, a register that 
holds a quantity that may be used for modifying addresses 
or for other purposes, as directed by the program. 
2. In a computer, a register whose contents can be 
added automatically to an address field contained in 
an instruction, when the indexing mode is specified. 
3. A user-accessible register implicitly used for address 
computation by many instructions that reference main 
memory. 

indicating demand meter— A meter equipped 
with a scale over which a pointer is advanced to indicate 
maximum demand. 
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indicating fuse —A protective device placed in a 
telephone circuit to provide visual and audible indication 
of a fault in the line. It consists of a fuse, pilot lamp, 
relay, and buzzer. When a line fault blows the fuse, the 
lamp lights and the buzzer sounds. 

indicating instrument— An instrument that visu- 
ally indicates only the present value of the quantity being 
measured, 

indicating lamp — A lamp that indicates the position 
of a device or the condition of a circuit. 

indicating meter—A meter that gives a visual 
indication of only the present or short-time average value 
of the measured quantity. 
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indication— The display to the human senses of 
information concerning a quantity being measured. 

indicator— An instrument tbat makes information 
available but does not store it. 

indicator gate—A rectangular voltage waveform 
applied to the grid or cathode circuit of an indicator 
cathode-ray tube to sensitize or desensitize the tube during 
the desired portion of the operating cycle. 

indicator tube — An electron-beam tube that con- 
veys useful information by the variation in cross section 
of the beam at a luminescent target. 

indirect-acting recording instrument— An in- 
strument in which the marking device is actuated by 
raising the level of measurement energy of the primary 
detector. This is done mechanically, electrically, electron- 
ically, photoelectrically, or by some other intermediate 
means. 

indirect address— An address in a computer 
instruction that indicates a location where the address of 
the referenced operand is to be found. 

indirect addressing — 1. A method of computer 
cross reference in which one memory location indicates 
where the correct address of the main fact can be found. 
2. A method of storage addressing in which an addressed 
locaticn contains an address rather than data. Quite often 
several levels of indirect addressing may occur before the 
sought-after data item is obtained. 

indirect light — Light from an object that has no self- 
luminous properties. Instead, it reflects light from another 
source. 

indirect lighting—A system of lighting in which 
all the light is directed to the ceiling or walls, which in 
turn reflect it to the objects to be illuminated. Lighting by 
luminaries distributing 90 to 100 percent of the emitted 
light upward. 

indirectly controlled variable— A variable that 
is related to and influenced by the directly controlled 
variable but is not directly measured for control. 

indirectly heated cathode — Also called equipo- 
tential or unipotential cathode. A cathode that is heated 
by an independent heater. 
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indirectly heated thermistor— A thermistor that 
incorporates, as part of its composite structure, an electri- 
cal heater. A thermistor whose body temperature in use is 
significantly higher than the temperature of its surround- 
ing medium as a result of current passing through its 
heater. 

indirect material —A type of semiconductor mate- 
rial in which electrons do not drop directly from the 
conduction band to the valence band, but drop in steps 
as a result of the trapping levels in the forbidden gap. 

indirect piezoelectricity— The production of a 
mechanical strain in a crystal by applying a voltage to 
it (as opposed to the more common piezoelecíric effect 
of applying a strain to the crystal in order to produce a 
voltage). 

indirect radiative transition — See transition, 1. 

indirect scanning —A television technique used in 
early mechanical systems, and today in the ‘lying-spot 
scanning of films. Á small beam of light is moved across 
the subject and then reflected to a battery of phototubes. 

indirect synthesizer—-A synthesizer employing 
phase-locked loops, digital dividers, and high-Q varactor- 
tuned oscillators. The discrete output frequencies are not 
limited to integer ratios of the reference frequency. Fre- 
quency step size or increments are primarily determined 
by the digital dividers. Switching speed between discrete 
output frequencies is usually limited by the phase-lock 
circuits. Applications include automatic test and satellite 
communications systems. 

indirect wave — A wave reaching a given reception 
point by a path from the transmitting point other than the 
direct-line path between the two (e.g., a sky wave received 
after deflection from the ionosphere layers). 

individual gap azimuth — In a magnetic-tape record 
or reproduce head stack, the angle of an individual gap 
relative to a line perpendicular to the precision-milled 
mounting pads in a plane parallel to the surface of the 
tape. 

individual line — A subscriber line that serves one 
main station and optional additional stations connected 
to the line as extensions; the line is not arranged for 
discriminatory ringing with respect to the stations. 

indoor antenna— Any receiving antenna located 
inside a building but outside the receiver. 

indoor transformer — A transformer that must be 
protected from the weather. 

Indox—The trade name of Indiana Steel Products 
Company’s barium ferrite permanent magnet alloy. 

induced — Produced by the influence of an electric 
or magnetic field. 

induced charge — 1. An electrostatic charge pro- 
duced in one object by the electric fieid surrounding a 
nearby object. 2. An electrostatic charge produced on a 
conducting body when it is brought near to or connected 
to another body that bears an electric charge. 

induced current— 1. The current that flows in a 
conductor that is moved perpendicularly to a magnetic 
field, or which is subjected to a magnetic field of 
varying intensity. The former takes place in an induction- 
motor rotor; the latter, in the secondary winding of a 
transformer. 2. In induction heating, the current that flows 
in a conductor when a varying electromagnetic field is 
applied. 3. The current that results when a conductor is 
cut by magnetic flux lines. 4. Current that flows in a 
conductor because of an induced voltage. 

induced electromotive force — Represented by E; 
proportional to the rate of change of magnetic flux through 
the circuit (4p/dt). 

induced environment-—The temperatures, vibra- 
tions, shocks, accelerations, pressures, and other conditions 
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imposed on a system due to the operation or handling of 
the system. 

induced failure — A failure that is basically caused 
by a condition or phenomenon external to the item that 
fails. 

induced voltage — The voltage produced in a con- 
ductor when the conductor is moved up and down through 
the magnetic field of a second conductor, or when the field 
varies in intensity and cuts across the first conductor. Even 
though there is no mechanical coupling between the two 
conductors, the one producing the field will produce a 
voltage in the other. 

inductance — 1. Property of a circuit that tends to 
oppose any change of current because of a magnetic field 
associated with the current itself. Whenever an electric 
current changes in value—rises or falls —in a circuit, 
its associated magnetic field changes, and when this 
links with the conductor itself, an electromotive force is 
induced that tends to oppose the original current change. 
Self-inductance is the full name for this, but the term 
inductance is usually used. The unit of inductance is the 
henry. When a current changing at the rate of 1 ampere 
per second induces a voltage of 1 volt, the inductance of 
the circuit is 1 henry. 2. See also coil. 3. The property 
of a circuit or circuit element that opposes a change in 
current flow, thus causing current changes to lag behind 
voltage changes. It is measured in henrys. 

inductance bridge —An instrument, similar to a 
Wheatstone bridge, for measuring an unknown inductance 
by comparing it with a known inductance. 

inductance coil-— See inductor. 

inductance-tube modulation—A method of 
modulation employed in frequency-modulated transmit- 
ters. An oscillator control tube acts as a variable induc- 
tance in parallel with the tank circuit of the radio- 
frequency oscillator tube. As a result, the oscillator fre- 
quency varies in step with the audio-frequency voltage 
applied to the grid of the oscillator control tube. 

induction — 1. The establishment of an electric 
charge or a magnetic field in a substance by the proximity 
of an electrified source, a magnet, or a magnetic field. 
2. The setup of an clectromotive force and current in a 
conductor by variation of the magnetic field affecting the 
conductor. 

induction brazing — The electric brazing process in 
which heat is produced by an induced current. 

induction coil— A device for changing direct current 
into high-voltage alternating current. Its primary coil 
contains relatively few turns of heavy wire; its secondary 
coil, wound over the primary, contains many turns of fine 
wire. Interruption of the direct current in the primary by 
a vibrating-contact arrangement induces a high voltage in 
the secondary. 

induction compass—A compass in which the 
indications are produced by the current generated in a 
coil revolving in the magnetic field of the earth. 

induction-conduction heater — A heating device 
through which electric current is conducted but is 
restricted by induction to a preferred path. 

induction density — See flux density. 

induction factor — In an alternating-current circuit, 
the ratio between that element of the current that does no 
work and the total strength of the current. 

induction field — 1. That portion of the electromag- 
netic field of a transmitting antenna that acts as if it were 
permanently associated with the antenna, and into which 
energy is alternately stored and removed. 2. The elec- 
tromagnetic field of a coil carrying alternating current, 
responsible for the voltage induced by that coil in itself or 
in a nearby coil. 3. The magnetic field that is predominant 
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in the near zone of a radio transmitting antenna and that 
is directly proportional to the current in the antenna. 

induction frequency converter—aA slip-ring 
induction machine driven by an external source of 
mechanical power. Its primary circuits are connected to 
a source of electric energy having a fixed frequency. The 
energy delivered by its secondary circuits is proportionate 
in frequency to the relative speed of the primary magnetic 
field and the secondary member. 

induction furnace —A furnace heated by electro- 
magnetic induction. 

induction hardening — The process of hardening 
the surface of a casting by heating it above the transfor- 
mation range by electrical induction, followed by rapid 
cooling. 

induction heating —The method of producing heat 
by subjecting a material to a variable electromagnetic 
field. Internal losses in the material then cause it to heat 
up. 
induction instrument — An instrument operated by 
the reaction between the magnetic flux set up by one or 
more currents in fixed windings and the currents set up by 
electromagnetic induction in movable conductive parts. 

induction loudspeaker — A speaker in which the 
current that reacts with the steady magnetic field is 
induced in the moving member. 

induction motor— 1. An alternating-current motor 
in which the primary winding (usually the stator) is 
connected to the power source and induces a current into a 
polyphase secondary or squirrel-cage secondary winding 
(usually the rotor). Currents, and therefore magnetic poles, 
are induced into the secondary by the rotating primary 
magnetic field; thus, the armature rotates at slightly 
slower than synchronous speed, a condition that is called 
slip. The amount of slip increases with an increase in 
mechanical loading. 2. A motor that runs asynchronously; 
that is, not in step with the alternations of the alternating 
current. 

induction-motor meter-—A meter containing a 
rotor that moves in reaction to a magnetic field and the 
currents induced into il. 

induction noise—-The noise —other than thump, 
flutter, cross fire, or crosstalk —produced when two 
circuits are inductively coupled together. 

induction-resistance welding — Welding in which 
electromagnetic induction alone causes the heating current 
to flow in the parts being welded. 

induction-ring heater—A _ core-type induction 
heater adapted principally for heating round objects. The 
core is open or can be taken off to facilitate linking the 
charge. 

induction soldering— A method of soldering in 
which the solder is reflowed or supplied by preforms. 
If the work is moved slowly through the energy field, the 
induction process may be made continuous. 

induction speaker— A speaker in which the current 
that reacts with the steady magnetic field is induced into 
the moving member. 

induction-voltage regulator —A device having a 
primary winding in shunt and a secondary winding in 
series with a circuit for gradually adjusting the voltage 
or the phase relation of the circuit by changing the 
relative positions of the exciting and series windings of 
the regulator. 

inductive — Pertaining to inductance or to the induc- 
ing of a voltage through mutual or electrostatic induction. 

inductive circuit-—A circuit with more inductive 
than capacilive reactance. A circuit having a net inductive 
reactance; that is, a higher value of inductance reactance 
than of capacitive reactance. 
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inductive coordination — Location, design, con- 
struction, operation, and maintenance of electric supply 
and communication systems in a manner that prevents 
inductive interference. 

inductive coupled circuit—A network with two 
meshes having only mutual inductance in common. 

inductive coupling — 1. The association of one cir- 
cuit with another through inductance common to both. 
When used without modifying words, the term com- 
monly refers to coupling by means of mutual inductance, 
whereas coupling by means of self-inductance common 
to both circuits is called direct inductive coupling. 2. In 
inductive-coordination practice, the interrelation of neigh- 
boring electric supply and communication circuits result- 
ing from electric and/or magnetic induction. 3. Coupling 
that exists between two circuits through a mutual induc- 
tance, such as that in a transformer. 4. Coupling between 
two circuits through an inductance that is common to the 
two circuits; direct inductive coupling. 

inductive feedback — The transfer of energy from 
the output circuit to the input circuit of an amplifying 
device through an inductor or inductive coupling. 

inductive interference — 1. Interference produced 
in communication systems by induced voltages within 
the system. 2. Effect arising from the characteristics and 
inductive relations of electric supply and communication 
systems of such character and magnitude as would 
prevent the communication circuit from rendering service 
satisfactorily and economically if methods of inductive 
coordination were not applied. 

inductive kick — 1. The voltage, many times higher 
than the impressed voltage, produced by the collapsing 
neld in a coil when the current through it is abruptly cut 
off. 2. A voltage surge that is induced in an inductance 
when the current through it is interrupted and the magnetic 
flux collapses suddenly. 

inductive level detector— A level-measuring sys- 
tem incorporating an oscillator and electromagnetic field. 

inductive load — Also called lagging load. A load 
that is predominantly inductive, so that the alternating 
load current tags behind the alternating voltage of the 
load. An electrical load that has a significant inductive 
reactance. 

inductive microphone — See inductor microphone. 

inductive neutralization— Also called shunt or 
coil neutralization. A method of neutralizing an amplifier, 
whereby the equal and opposite susceptance of an induc- 
tor cancels the feedback susceptance caused by interele- 
ment capacitance. 

inductive pickup — Signals generated in a circuit 
or conductor due to mutual inductance between it and a 
disturbing source. 

inductive post—A metal post or screw extended 
across a waveguide parallel to the E field to act as 
inductive susceptance in parallel with the waveguide for 
purposes of tuning or matching. 

inductive reactance — The opposition to the flow 
of alternating or pulsating current by the inductance of 
a circuit. It is measured in ohms, and its symbol is X,. 
It is equal to 27 times the frequency in hertz times the 
inductance in henrys. 

inductive system — An ignition system that stores 
its primary energy in an inductor or coil. 

inductive transducer—A transducer in which 
changes in inductance convey the stimulus information. 

inductive transduction — The conversion of the 
measurand into a change in the self-inductance of a single 
coil. 

inductive tuning — A method of tuning a radio by 
moving a core into and out of a coil to vary the inductance. 
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inductive winding — A coil through which a varying 
current is sent to give it an inductance. 

inductive window — A conducting diaphragm exten- 
ded into a waveguide from one or both sidewalls to act 
as an inductive susceptance in parallel with the waveg- 
uide. 

inductometer — An inductor whose inductance can 
be varied, sometimes by a calibrated amount. 

inductor — Also called inductance or retardation coil. 
l. A conductor used for introducing inductance into an 
electric circuit. The conductor is wound into a spiral, or 
coil, to increase its inductive intensity. 2. A passive fluidic 
clement that, because of fluid inertness, has a pressure 
drop that leads flow by essentially 90°. 3. See coil. 
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inductor microphone— Also called inductive 
microphone. A microphone in which the sound waves 
move a conductor back and forth, cutting magnetic lines 
of force and producing an electrical output of the same 
frequency and proportional to the amplitude of the sound 
waves. 

inductor-type synchronous motor—A type of 
synchronous motor having field magnets that are fixed in 
magnetic position relative to the armature conductors, the 
torques being produced by forces between the stationary 
poles and salient rotor teeth. Such motors usually have 
permanent-magnet field excitation, are built in fractional- 
horsepower frames, and operate at low speeds (300 
revolutions per minute or less). 

Inductosyn — An extremely precise transducer based 
on the magnetic circuit of a conductor deposited on glass 
for stability, and operated at a relatively high frequency. 
Extremely accurate, but requires much auxiliary equip- 
ment (Farrand Controls Inc.). 

industrial-grade IC — Typically, an integrated cir- 
cuit whose performance is guaranteed over the tempera- 
ture range O to 70°C. 

industrial radio services — Radiocommunication 
services essential to, operated by, and for the sole use 
of those enterprises that require radiocommunications in 
order to function efficiently. 

industrial television—The cameras and related 
instrumentation of a closed-circuit television system. Such 
equipment is designed to function in the different environ- 
ments found in industrial processes. Used to monitor areas 
that are hazardous to personnel, such as high-radiation 
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areas, areas that do not require steady supervision, indus- 
trial processes for surveillance or quality control, or areas 
requiring security measures. 

industrial timer—A timing device, impulse or 
constant-speed type, used in industrial applications other 
than the appliance industry. 

industrial tube — A vacuum tube designed for indus- 
trial electronic equipment. 

inelastic collision — Collision resulting in excitation 
of a molecule. 

inertance — Acoustical equivalent of inductance. 

inert gas — See noble gas. 

inertia— 1. The tendency of an object at rest to 
remain at rest, or of a moving object to continue moving in 
the same direction and at the same speed, unless disturbed 
by an outside force. Resulting from mass and inhibiting 
change in velocity. Important in pickup mechanics. 2. The 
resistance to change in speed or velocity. In stepper 
motors, inertia does not affect the maximum stepping rate, 
only the time required to attain it. 

inertial guidance/navigation —A self-contained 
system for navigation in which position can be computed 
by knowing a craft's starting point and where it has been. 
Changes in acceleration are detected by gyroscopes for 
direction and attitude and by accelerometers for velocity. 
These signals are integrated to determine resulting veloc- 
ity and distance. The system needs no outside reference 
and cannot be jammed. 

inertial navigation—1.A guidance technique in 
which airframe acceleration is first measured and then 
integrated twice with respect to time in order to deter- 
mine the distance traveled. External aids such as radio 
and radar are not necessary. The acceleration or decel- 
eration of the airframe is measured continuously with 
accelerometers oriented in some convenient frame of ref- 
erence, usually corresponding to the earth’s north-south, 
east-west coordinates. 2. A form of navigation that uses 
dynamic measurements of acceleration forces acting on 
a gyroscopically stabilized device as a basis for comput- 
ing position and velocity information. This device, which 
is mechanized so as to be completely self-contained, has 
the inherent capability of providing continuously available 
navigation information in terms of conventional, directly 
usable latitude and longitude coordinates. 

inertia relay — A relay having added weights or other 
modifications that increase its moment of inertia and 
either slow it or cause it to continue in motion after the 
energizing force is removed. 

inertia switch — A switch capable of sensing accel- 
eration, shock, or vibration. It is designed to actuate upon 
an abrupt change in velocity. 

inertia welding — A forge-welding process in which 
stored kinetic energy is released as frictional heat when 
two parts are rubbed together under the proper conditions. 

infant mortality —The occurrence of premature 
catastrophic-type failures of a component or cquipment 
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at a rate substantially greater than that observed during 
life prior to wearout. 

infant-mortality period — See early-failure period. 

inferential — The kind of instrumentation, especially 
its signal source, in which there is sampling of an entirely 
different quantity from the one of interest, upon the 
assumption that they vary in perfect proportion. Linearity 
or a perfectly repeatable relationship between the two is 
inferred for the sake of a more convenient signal-source 
arrangement. 

infiltration — The process of filling the pores of a 
sintered compact with a metal or alloy of lower melting 
point. 

infinite — Boundless; having no limits whatsoever. 

infinite baffle—1. An airtight speaker enclosure 
that completely absorbs or dissipates a speaker’s rear 
sound waves. 2. A speaker mounting in which ideally 
there is no path of air between the back and front 
of the speaker diaphragm. An infinite baffle improves 
the forward radiation of sound at low frequencies and 
preferably should be a very large plane surface, like the 
wall of a room or a screen of very rigid material (c.g., 
3/4-inch or 2-cm wood), on which a speaker is mounted. 
(In practice, truly infinite baffles are rarely accomplished 
except in sealed boxes, but these give rise to problems of 
resonance.) 3. An airtight speaker enclosure containing a 
bass speaker with very low open-air resonance, plus a 
sealed midrange speaker and tweeter. 

infinite-baffle speaker system—aA speaker in 
which the bass driver is located in an almost airtight 
enclosure. 

infinite-impedance detector — A detector circuit 
in which the load is a resistor connected in parallel with an 
rf bypass capacitor between the cathode and ground. Since 
the grid is always negative with respect to the cathode, 
the tube presents an infinite impedance to the input. 

infinite line —A transmission line with the same 
characteristics as an ordinary line that is infinitely long. 

infinite resolution — The capability of a device to 
provide continuous output over its entire range. 

infinitesimal — Immeasurably small; approaching 
zero. 

infinity — 1. A hypothetical amount larger than any 
assignable amount. 2. A number larger than any number 
a computer can store in any register. 3. Any distance of a 
subject from a lens for which the image no longer moves 
when the subject moves along the optical axis. 

infinity device— Also called harmonica bug. A 
surreptitious listening device that uses the telephone as 
a sensor. Allows the bugger to listen to sounds near the 
phone while the phone is not in use. Does not allow him 
or her to hear telephone conversations. 

inflection point-—-The point at which a curve 
changes direction. 

infobond— An automated system of point-to-point 
wiring on the back of a two-sided printed wiring board 
(the components are on the front, or other side). The 
No. 38 AWG copper wire used is solder-bonded to 
terminations by an automatic soldering gun. 

information — 1. In computing, the basic data and/or 
program entered into the system. 2. That property of 
a signal or message whereby it conveys something 
meaningful and unpredictable to the recipient, usually 
measured in bits. 3. Data that has been organized into 
a meaningful sequence. 

information bits—In telecommunications, those 
bits originated by the data source and not used for error 
control by the data-transmission system. 

information center —A facility specifically desig- 
ned for storing, processing, and retrieving information 
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Workstations 


Now it's time to talk about your workstations. Even if it’s just you in the lab, having a separate 
workstation for each type of activity is a great idea. For example, you might have one workstation set up 
for programming a computer, another for soldering electronics, and another for working with power 
tools, such as a drill press or a saw. 

Workstations dedicated to a particular task should have everything within easy reach, including 
tooling, supplies, power, and lighting. Don't waste time by forcing people to wander around the lab 
looking for the right drill bit or magnifying glass. Keep everything close so you can find what you need, 
when you need it. 

Having a place for everything ahead of time is the best way to follow the wise adage, “A place for 
everything and everything in its place.” You get to decide where everything lives. It doesn't hurt to go 
ahead and label everything conspicuously so that others can find their way around the lab. 

If you have several people wanting to work on the same kinds of projects at the same time, you're 
going to need multiple, nearly identical workstations. The exact number depends on your available 
space and the number of people you expect to want to participate simultaneously, as well as your 
budget. 

Most indoor-oriented work can often be performed at a work table. Exceptions include giant-scale 
mechatronics, pyrotechnics, and underwater robotics. Some of their constituent bits and pieces, 
however, can be crafted on an adequately prepared work table. 

Make sure each work area has plenty of power outlets available. You're almost guaranteed to run 
short at some point. Take care not to overload your circuits, however. If you anticipate needing a lot 
more power than is presently provisioned, you're going to have to consider the real possibility of having 
your facility expanded by qualified, licensed professionals. These requirements will vary from one 
location to the next. Check with your local building codes to be sure. 

As repeated often in previous chapters, you can never have too much lighting available, especially 
for the more detail-oriented chores. Typical indoor room lighting is just about adequate for finding your 
way out of the room, and that's about all. You'll need area lighting for each workstation, and possible 
additional task lighting, depending on your particular requirements. 

Providing network access to each workstation can be challenging. Wireless networking is a good way 
to accommodate a relatively small number of users at once. More than a handful of computers trying to 
access the Internet at the same time can bring many wireless routers to a slow crawl. Dedicated high- 
speed Ethernet connectivity is more expensive and takes more effort to deploy, but offers much greater 
bandwidth to your lab-folk. 

If you’re especially cramped (or dimensionally constrained) in your lab, you'll need to get inventive. 
For example, a table placed in the center of the room can be approached from multiple sides. There’s no 
reason all the workbenches have to be pushed up against a wall, allowing access from only a single side. 
Get creative! 


Safety Planning 


While it’s tempting to fill up all the available space in a lab with workstations, especially when the budget 
permits it, do try to leave a bit of common area here and there. You always want to be able to walk away 
from a workstation with the same (or sometimes even more) rapidity you approached it with. Fire is an 
excellent example of such a motivator. 
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to be disseminated at regular intervals, on demand, or 
selectively, according to the needs of users. 

information channel — The transmission and inter- 
vening equipment involved in the transfer of information 
in a given direction between two terminals. An informa- 
tion channel includes the modulator and demodulator and 
any error-control equipment irrespective of its location, 
as well as the backward channel, when provided. 

information extraction — An analysis of an image 
to recognize and isolate a specific feature or relationship 
among features. 

information feedback system — In telecommuni- 
cations, an information-transmission system in which an 
echo check is employed to verify the accuracy of the 
transmission. 

information gate — A circuit that permits informa- 
tion or data pulses to pass when the circuit is triggered 
by an external source. 

information handling — The storing and processing 
of information and its transmission from the source to the 
user. Information handling excludes the creation and use 
of information. 

information processing—A term that encom- 
passes both word processing and data processing. It 
describes the entire scope of operations performed by a 
computer. 

information rate —In computers, the minimum 
number of binary digits per second required to specify 
the source messages. 

information rate changer—-A device that speeds 
up the playback of tape-recorded speech without pitch 
change or deterioration of characteristic resonances. This 
is accomplished by rotating the playback head in the 
direction of tape travel. 

information retrieval — 1. A method for cataloging 
vast amounts of data related to one field of interest so 
that any part or all of this data can be called out at any 
time with accuracy and speed. 2. The recovery of data 
that has been stored at a particular address in a memory. 
3. A technique of classifying and indexing useful data in 
mass storage devices in a format amenable to interaction 
with the user(s). 4. The art of storing information so that 
it may be recovered easily. Branches include abstracting, 
locating facts of interest, and language translation. 

information-retrieval system— A system for 
locating and selecting on demand certain documents or 
other graphic records relevant to a given information 
requirement from a file of such material. 

information separator — A control character used 
to identify a logical boundary of information. The name 
of the separator is not necessarily indicative of what it 
separates. 

information superhighway — The concept of a 
high-bandwidth network that links everyone with every- 
one and can transport all media types. The information 
superhighway links the concepts of online services, Inter- 
net, and interactive TV together. 

information system — A group of computer-based 
systems and data required to support the information 
needs of one or more business processes. 

information theory — 1. The branch of learning that 
deals with the likelihood of accurate transmission of 
messages subject to transmission failure, distortion, and 
noise. 2. The mathematical theory that deals with the 
transmission of information and the effects of bandwidth, 
distortion, and noise. 

infra-— Prefix meaning below; beneath; less than. 

infradyne receiver— A superheterodyne receiver 
whose intermediate frequency is made higher than the 
signal frequency in order to obtain high selectivity. 
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infrared — Abbreviated IR. 1. Pertaining to or desig- 
nating those radiations with wavelengths just beyond the 
red end of the visible spectrum, such as those emitted 
by a hot body. These wavelengths are longer than those 
of visible light and shorter than those of radio waves. 
2. That section of the electromagnetic spectrum, invisi- 
ble to the eye, lying between wavelengths of 750 nm and 
about 1 mm. Thermography utilizes waves in this region 
for recording changes in temperature. 3. Part of the elec- 
tromagnetic spectrum between the visible light range and 
the radar range. 4. The electromagnetic wavelength region 
between approximately 0.75 and 1000 micrometers. For 
fiber-optic transmission, the near-infrared region between 
0.75 and 1.3 micrometers is the most relevant region 
because glass, light sources, and detector techniques are 
most nearly matched in this wavelength region. 

infrared alarm systems—A system that uses 
infrared detectors and related instrumentation to deter- 
mine when abnormal amounts of infrared radiation, usu- 
ally in the form of heat, are present in an area; used for 
the detection of fires or the presence of intruders in a 
restricted area. 

infrared binoculars— An instrument, similar in 
design to regular binoculars, that can transmit and enlarge 
infrared images using electronic circuits. 

infrared communications set — The collection of 
components necessary to operate a two-way electronic 
system in which infrared radiation is used to carry 
intelligence. 

infrared counter-countermeasures — Action 
taken to employ infrared radiation equipment and systems 
in spite of enemy measures to counter their use. 

infrared countermeasures — Action taken to 
reduce the effectiveness of enemy equipment employing 
infrared radiation. 

infrared detector— A transducer that is sensitive 
to invisible infrared radiation (wavelengths between 0.75 
and 1000 micrometers), usually using a semiconductor 
(photon), thermocouple bolometer, or pneumatic (pres- 
sure) device to detect the radiation. Also a device used to 
detect radiation from the infrared region. 

infrared emitter — See infrared light-emitting diode. 

infrared-emitting diode— 1. A semiconductor 
device with a semiconductor junction in which infrared 
radiant flux is nonthermally produced when a current 
flows as a result of applied voltage. 2. A pn diode in 
which a fraction of the injected minority carriers recom- 
bine by means of radiative transistors. When the junction 
is forward biased, electrons from the n region are injected 
into the p region, where they recombine with excess holes. 
In the radiative process, energy given up in recombination 
is in the form of photon emission. The generated photons 
travel through the lattice until they are either reabsorbed 
by the crystal or escape from the surface as radiant flux. 

infrared guidance — A system using infrared heat 
resources for reconnaissance of targets or for navigation. 
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infrared homing—A type of missile homing in 
which the guidance system tracks the target from the 
infrared radiation it emits. See heatseeker. 

infrared instruments— Any of the photoelectric 
and thermal detectors, spectrographs and monochroma- 
tors, thermographs, scanners, amplifier tubes, snooper- 
scopes, and related equipment especially developed for 
use with infrared radiation. 

infrared jamming — A countermeasure used against 
heatseeking missiles to reduce their effectiveness. Nor- 
mally it involves the emittance of infrared radiation at a 
level that will overload the missiles’ detectors. 

infrared light — Light rays just below the red end of 
the visible spectrum. 

infrared light-emitting diode — Also called infra- 
red emitter. An optoelectronic device containing a semi- 
conductor pn junction that emits radiant energy in the 
0.75- to 100-micrometer wavelength region when forward 
biased. 

infrared motion detector— A sensor that detects 
changes in the infrared light radiation from parts of the 
protected area. Presence of an intruder in the area changes 
the infrared light intensity from his or her direction. 

infrared optics — Lenses, prisms, and other optical 
elements for use with infrared radiation (radiation with a 
wavelength between 0.75 and 1000 micrometers). 

infrared ovens— Units that dry, cure, and preheat 
parts directly (1.e., without heating the oven air) via 
infrared energy. 

infrared radiation —1. Invisible radiation with 
wavelengths in the range between 7500 angstroms 
(red) and about 1,000,000 angstroms (microwaves). 
2. The electromagnetic wavelength region between 
approximately 0.75 and 1000 micrometers, longer than 
the wavelength of visible light. 

infrared radiation sources — Almost any warm 
thing, from an electric blanket to a living human being, 
that acts as a source for the longer wavelength end of 
the IR range, which generally is regarded as extending 
from 0.75 to 1000 micrometers. Calibrated secondary 
sources are usually a heated cavity (blackbody) or a 
carbon filament lamp rated in wattage output or in ergs 
per second of radiation incident on a surface at a specified 
distance. 

infrared sources— Emitters of radiation with a 
wavelength between 0.75 and 1000 micrometers. 

infrared spectrum — That portion of the electro- 
magnetic spectrum between the wavelengths of 0.75 and 
1000 micrometers. 

infrared thermometer — A temperature-measuring 
device that detects infrared radiation from an object and 
converts that measurement into a reading representing the 
temperature of the object. 

infrared waves — Also called black light. Invisible 
waves longer than the longest visible red light waves but 
shorter than radio-frequency waves. 

infrared window—A region of relatively high 
transmission in the infrared-frequency range. 

infrasonic — Pertaining to frequencies below the 
range of human hearing, hence below about 15 hertz. 
Formerly called subsonic. 

infrasonic frequency—A frequency below the 
audio range. Infrasonic vibrations can be felt but not 
heard. Replaces the obsolete term subsonic frequency. 

inharmonic frequency — A frequency that is not a 
rational multiple of another frequency. 

inherent delay— Delay between the insertion of 
information into a unit and presentation of the information 
at the output. For example, a delay inserted into the CRT 
vertical amplifier of pulse analyzers to allow the leading 
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edge of the signal triggering the sweep to be seen. See 
also insertion delay. 

inherent interference — A type of electromagnetic 
interference generated within a receiver by thermal agita- 
tion, shot effect, and nonlinear impedance. 

inherent reliability — The potential reliability of an 
item present in its design. 

inherited error— In a computer, the error in the 
initial values, especially that error accumulated from prior 
steps in a step-by-step integration. 

inhibit— To prevent an action from taking place or 
data from being accepted by applying an appropriate 
signal (generally a logic O in positive logic) to the proper 
input. 

inhibit gate — A circuit that provides an output only 
when certain signals are present and other signals are not 
present at the inputs. 

inhibiting input— A computer gate input which, if 
in its prescribed state, prevents any output which might 
otherwise occur. 

inhibiting signal — A signal whose presence pre- 
vents an operation from taking place. 

inhibition gate — A gate circuit used as a switch and 
placed in parallel with the circuit it is controlling. 

inhibitor — Also called inhibition gate. In a digital 
computer, a logic circuit that clamps a specified output 
to the zero level when energized. 

inhibit pulse — A computer drive pulse that tends to 
prevent certain drive pulses from reversing the flux of a 
magnetic cell. 

initial actuation time — The time of the first closing 
of a previously open contact of a relay or the first opening 
of a previously closed contact. 

initial contact chatter— That chatter caused by 
vibration produced by opening or closing the contacts in 
a relay themselves, as by contact impact in closure. 
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initial differential capacitance — The differential 
capacitance of a nonlinear capacitor when the capacitor 
voltage 1s zero. 

initial drain — The current supplied at nominal volt- 
age by a cell or battery. 

initial element — See primary detector. 

initial erection — The mode of operation of a vertical 
gyro in which the gyro is being erected or slaved initially. 
The initial erection rate is usually relatively fast. 

initial failure — The first failure that occurs in use. 

initial inverse voltage— Of a rectifier tube, the 
peak inverse anode voltage immediately following the 
conducting period. 

initial ionizing event — Also called primary ionizing 
event. An ionizing event that initiates a tube count. 

initialization — 1. The process in which information 
(memory locations for data and results, tolerances, limits, 
etc.) is supp:ied to a computer prior to the running of a 
program. 2. Applying input patterns to a logic circuit so 
that ali internal memory elements achieve a known logic 
state. 3. A process that takes place whenever the state of 
a device or program must be known at startup. 

initialize — 1. To set counters, switches, and addresses 
to their starting values at the beginning of a computer 
routine or at prescribed points in the routine. 2. To estab- 
lish an initial condition or starting state; for example, to 
set logic elements in a digital circuit or the contents of 
a storage location to a known state so that subsequent 
application of digital test patterns will drive the logic ele- 
ments to another known state. 3. To reset a computer and 
its peripherals to a starting state before beginning a task. 
Done automatically by the disk operating system. 

initializing — 1. The preliminary steps in arranging 
those instructions and data in a computer memory that 
are not to be repeated. 2. Setting flip-flops to known states 
prior to testing. 

initial permeability—The slope of the normal 
induction curve at zero magnetizing force. Permeability 
at a field density approaching zero. 

initial program loader — The procedure that results 
in loading of the initial part of an operating system or 
other program so that the program can then proceed under 
its own control. 

initial reversible capacitance —In a nonlinear 
capacitor, the reversible capacitance at a constant bias 
voltage of zero. 

initial-velocity current—A current that flows 
between an electrode, such as the grid of a vacuum tube, 
and its cathode as a result of electrons thrown off from 
the cathode because of heat alone. Their velocity is suffi- 
cient to allow the electrons to reach the grid unaided by 
an accelerating field. 

injected laser — See diode laser. 

injection grid—A vacuum-tube grid that controls 
the electron stream without causing interaction between 
the screen and control grids. In some superheterodyne 
receivers, the injection grid introduces the oscillator signal 
into the mixer stage. 

injection laser— Also known as a pn junction laser. 
]. An optical oscillator or amplifier that has as its active 
medium a forward-biased semiconductor diode in which 
a population inversion has been established between the 
conduction and valence bands. Radiation is emitted in the 
process of recombination across the bandgap. High fre- 
quency modulation of the output beam can be achieved 
by modulating the input current. Usually, the optical res- 
onator is formed by cleaving or polishing opposite faces 
of the diode crystal. Typical dimensions of the device are 
0.4 mm x C.l mm x 0.5 mm. 2. A semiconductor diode 
carrying a high current in the forward direction. Radia- 
tion is preduced as electrons recombine with holes in the 
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junction region. For coherent emission, the current density 
must exceed a threshold commonly about 10,000 A/cm? 
for gallium arsenide diodes. 3. A solid-state semicon- 
ductor device with at least one pn junction capable of 
emitting coherent or stimulated radiation under specified 
conditions. Incorporates a resonant optical cavity. 4. A 
solid-state laser having at least one pn junction. Its energy 
level transitions are between energy bands of semiconduc- 
tors and it can be tuned in frequency by temperature or 
pressure alterations and by the effect of a magnetic field. 

injection laser diode—1.A_ coherent radiant 
source LED consisting of an extremely flat junction area, 
end mirrors, and direct bandgap semiconductors, having 
a Fabry-Perot optical cavity. 2. In fiber optics, a semicon- 
ductor device in which iasing takes place within the pn 
junction. Light is emitted from the diode edge. 
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injection-locked oscillator — Abbreviated ILO. A 
free-running microwave oscillator that is stabilized by 
injecting a reference signal into the oscillator’s resonant 
circuitry. The required injected signal level is determined 
by the output signal characteristic requirements (1.e., 
noise, stability, etc.) and is typically in the range of 70 to 
30 dB below the output level of the ILO. 

injection luminescent diode — 1. A gallium arse- 
nide diode, operating in either the laser or noncoherent 
mode, that can be used as a source of visible or near 
infrared light for use in triggering such devices as light- 
activated switches. 2. A semiconductor (gallium arsenide) 
diode operating in either a coherent or incoherent mode 
that is used as a near-infrared or visible source in 
triggering light-activated devices. 

injector — An electrode on a spacistor. 

ink — |. One of several conductive materials used for 
chip bonding, electrostatic shielding, corona shielding, 
making connections, repairing on printed circuits, attach- 
ing leads, adhesive work, ignition cable sheath coating, 
and making electrodes, contacts, terminations, and sur- 
faces receptive to plating, etc. 2. Synonymous with com- 
position and paste when relating to screenable thick-film 
materials, usually consisting of glass frit, metals, metal 
oxide, and solvents. 3. In hybrid technology, the con- 
ductive paste used on thick-film materials to form the 
printed conductor pattern. Usually contains metals, metal 
oxide, glass frit, and solvent. 4. In thick film, composi- 
tion of micrometer-size polycrystalline solids suspended 
in a thixotropic vehicle. The solids are chosen for their 
electrical characteristics (i.e., metals for conductives, met- 
als and oxides for resistives, and glasses for glazes and 
dielectrics). 

ink blending — See blending. 
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ink-jet printer—A nonimpact printer that forms 
letters and numbers by electrostatically aiming a jet of 
ink onto the paper. 
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Ink-jet printer. 


ink-jet printing—A nonimpact printing technique 
that utilizes droplets of ink to form copy images. As the 
print head moves across the surface of the copy paper, it 
shoots a stream of tiny, electrostatically charged ink drops 
at the page, placing them precisely to form individual print 
characters. 

ink-mist recording — Also called ink-vapor record- 
ing. In facsimile, electromechanical recording in which 
particles of an ink mist are deposited directly onto the 
record sheet. 

ink recorder-—The ink-filled pen or capillary tube 
that produces a graphic record. 

ink recording—A type of mechanical facsimile 
recording in which an inked helix marks the record sheet. 

ink-vapor recording — See ink-mist recording. 

inleads — Those portions of the electrodes of a device 
that pass through an envelope or housing. 

in-line heads — See stacked heads. 

in-line procedures — 1. In COBOL, the procedural 
instructions that are part of the main sequential and 
controlling flow of the program. 2. Short functions whose 
code is inserted by the compiler at the point of call, 
thereby avoiding the overhead of a normal function call. 

in-line processing— The processing of data in 
random sequence not subject to preliminary sorting or 
editing. 

in-line subroutine — A subroutine that is inserted 
directly into the linear operational sequence. Such a 
subroutine must be recopied at each point in a routine 
where it is needed. 

in-line tuning—The method of tuning the inter- 
mediate-frequency strip of a superheterodyne receiver in 
which all the intermediate-frequency amplifier stages are 
made resonant to the same frequency. 

inorganic electrolyte —A solution that conducts 
electricity due to the presence of ions of substances not 
of organic origin. 

in phase — Two waves of the same frequency that 
pass through their maximum and minimum values of like 
polarity at the same instant are said to be in phase. 

in-phase portion of the chrominance signal — 
That portion of the chrominance signal having the same 
phase as, or exactly the opposite phase from, that of the 
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subcarrier modulated by the I signal. This portion of the 
chrominance signal may lead or lag the quadrature portion 
by 90 electrical degrees. 

input — 1. The current, voltage, power or other driv- 
ing force applied to a circuit or device. 2. The terminals 
or other places where current, voltage, power, or driving 
force may be applied to a circuit or device. 3. Data to 
be processed. 4. The proccss of transferring data from an 
external computer storage to an internal storage. 5. The 
terminals, jack, or receptacle provided for the introduc- 
tion of an electrical signal or electric power into a device 
or system. 

input admittance— 1. The reciprocal of the input 
impedance. 2. The admittance between the input terminals 
with the outputs shorted together. 

input area— In a computer, the area of internal stor- 
age into which data from external storage is transferred. 

input bias current— 1. The current that must be 
supplied to each input of an IC operational amplifier 
to assure proper biasing of the differential-input-stage 
transistors. In specification sheets, this term refers to 
the average of the two input bias currents. 2. One-half 
the sum of the separate currents entering the two input 
terminals of a balanced amplifier. 3. The average of the 
two input currents of an operational amplifier. 

input block — In a computer, a section of the internal 
storage reserved for receiving and processing input data. 

input capacitance — 1. The capacitance at the input 
terminals of a device. 2. The capacitance between gate 
and source terminals of a field-effect transistor at specified 
bias and frequency conditions, with the drain ac short- 
circuited to the source. 

input channel— A channel through which a state is 
impressed on a device or logic element. 

input common-mode range—The maximum 
input that can be applied to either input of an operational 
amplifier without causing damage or abnormal operation. 

input common-mode rejection ratio—1. The 
ratio of the change in input voltage to the corresponding 
change in output voltage, divided by the open-loop 
voltage gain. 2. The ratio of the full differential voltage 
gain to the common-mode voltage gain. 

input common-mode voltage range— The 
range of voltages on the input terminals of an operational 
amplifier for which the amplifier is operational. Note 
that the specifications are not guaranteed over the full 
common-mode voltage range unless specifically stated. 

input device — 1. The device or set of devices 
through which data is brought into another device. 2. A 
device such as a card reader or terminal keyboard that 
converts data from the form in which it has been received 
into electronic signals that can be interpreted by the 
computer. 

input equipment—The equipment that introduces 
information into a computer. 

input error voltage — The error voltage appearing 
across the input terminals of an operational amplifier 
when a feedback loop is applied around the amplifier. 

input extender —.A high-speed diode array used in a 
logic circuit when increased fan-in capability is required. 

input formatting — The technique a system uses to 
put all entered data into a standard (or intelligible) format. 

input gap — Also called buncher gap. In a microwave 
tube, the gap where the initial velocity modulation of the 
electron stream occurs. 

input impedance — 1. The impedance a transducer 
presents to a source. 2. The effective impedance scen 
looking into the input terminals of an amplifier; circuit 
details, signal level, and frequency must be specified. 
3. The impedance that exists between the input terminals 
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of an amplifier or transmission line when the source is 
disconnected. 

input impedance of a transmission line — The 
impedance between the input terminals with the generator 
disconnected. 

input offset current— The difference between the 
input bias currents flowing into each input of an IC 
operational amplifier, when the output of the operational 
amplifier is at zero volts. 

input offset voltage — That voltage which must be 
applied between the input terminals of an operational 
amplifier, through two equal resistances, to obtain zero 
output voltage. 

input/output— Abbreviated I/O. 1. Pertaining to 
devices that accept data for transmission to a computer 
system (input) or that accept data from a computer 
system for transmission to a user or process. Devices 
that perform both functions are known as I/O devices 
(e.g., terminals). 2. A general term for the peripheral 
devices used to communicate with a digital computer, 
and the data involved in the communication. 3. The 
process of transmitting information from an external 
source to an equipment unit, or from an equipment unit 
to an external source. 4. Transferring information from 
an input to an accumulator, or from an accumulator to 
an output. 5. Interface circuits or devices offering access 
between external circuits and the central processing unit 
or memory. 

input-output bound — See input-output limited. 

input/output connector —A mating pair of con- 
nectors used to carry signals into and out of a panel- 
mounted subsystem. An example is a connector pair that 
interconnects the individual back panels in a large array 
of panels. 

input-output limited— Also called input-output 
bound. Pertaining to a system or condition in which the 
time taken by input and output operations exceeds the 
time for other operations. 

input pins—The terminals of the device to which 
input logic signals may be applied. 

input-power rating— Also called coil rating. A 
statement of the allowable voltage, current, or power to 
the actuating element of a relay beyond which unsatisfac- 
tory performances will occur. 

input process— 1. The process in which a device 
receives data. 2. The transmission of data from peripheral 
equipment or external storage to internal storage. 

input recorder — Any device that makes a record of 
an input electrical signal. 

input reflected current— In dc-dc converters, 
the peak-to-peak ac current generated by the switching 
transients. The value of this current should not exceed 1 
percent of the nominal input current. 

input reflected ripple—A dc-dc converter term 
that describes the voltage spike resulting from switching 
generated transient currents as measured at the de input 
source. 

input register— In a computer, the register of 
internal storage able to accept information from outside 
the computer at one speed and supply the information to 
the computer calculating unit at another, usually much 
greater, speed. 

input resistance — Also called differential input 
resistance. The small signal resistance measured between 
the inverting and noninverting inputs of an operational 
amplifier. Input capacitance is the capacitance seen 
between the same two inputs. 

input resonator— The buncher resonator in a 
velocity-modulated tube. It modifies the velocity of the 
electrons in the beam. 


input sensitivity —The input signal level that will 
result in rated output of a piece of amplifying equipment. 
In preamplifiers, it is the signal that gives the rated 
voltage output of the preamplifier; in power amplifiers, the 
signal that gives the rated power output. (In preamplifiers, 
the phono sensitivity is commonly 1 millivolt; high- 
level inputs, such as tape and tuner, are commonly 
250 millivolts. In power amplifiers, common values are 
between 0.5 and 1.0 volt.) 

input transformer— A transformer that transfers 
energy from an alternating-voltage source to the input of a 
circuit or device. It usually provides the correct impedance 
match as well. 

input uncertainty —In an operational amplifier, the 
algebraic sum of all the factors, including environmental 
and time effects. that contribute to the nonideal behavior 
of the input circuit. 

input unit—In a computer, the unit that takes 
information from outside the computer into the computer. 

input voltage drift — The change in output voltage 
of an operational amplifier divided by the open-loop gain, 
the quotient expressed as a function of temperature or 
time. 

input voltage offset— The dc potential difference 
between the two inputs of a differential amplifier when 
the potential difference between the output terminals is 
zero. 

input winding — See signal winding. 

inquiry— 1. The withdrawal of stored information 
from an electronic data processing system by interrogating 
the contents of the storage of a computer. 2. A technique 
for initiating the interrogation of the contents of the 
storage of a computer. 

inquiry station — A remote terminal from which an 
inquiry may be sent over a wire line to a computer. 

inquiry unit— A device used to extract a quick reply 
to a random question regarding information in a computer 
storage. 

inrush — The initial surge of current through a load 
when power is first applied. Lamp loads, inductive motors, 
solenoids, contactors, valves, and capacitive load types 
all have inrush or surge currents higher than the normal 
running or steady-state currents. Resistive loads, such as 
heater elements, have no inrush. 

inrush current— 1. The current in a load cir- 
cuit immediately following turn-on. In capacitive and 
tungsten-lamp loads, this exceeds steady-state current for 
some period following turn-on. 2. In a solenoid or coil, the 
steady-state current drawn from the line with the armature 
in its maximum open position. 

inrush current limiting —Protective circuit in a 
power supply that prevents excessively large currents 
through a rectifier to charge the filter capacitors. To 
prevent unnecessary power loss. the circuit is usually 
inhibited after the capacitors attain full charge. 

insert core — An iron core used generally for adjust- 
ing an inductor to a fixed frequency. It consists of a 
threaded metal insert molded or cemented into one or 
both ends of the core. 

insert earphones — Small earphones that fit par- 
tially inside the ear. 

insertion delay — Also called inherent delay, intrin- 
sic delay, and propagation delay. The interval for a circuit 
or instrument to respond with an output after being trig- 
gered either internally or externally. Jt is usually implied 
that the numerically expressed period is an irreducible 
minimum. 

insertion force— 1. Of a connector, the force 
needed to fully engage a connector plug and receptacle. 
Depending on the number, arrangement, and size of the 
contact pins, in addition to the strength of the springs, 
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their surface finish, and the rigidity of their mountings, 
the required mechanical insertion force will be dictated to 
a great extent by the life expectancy of the connectors, the 
intended use, the speed of insertion, and their immunity 
to shock and vibration. 2. The effort, usually measured in 
ounces, required to engage mating components. 

insertion gain— The gain resulting from the inser- 
tion of a transducer in a transmission system is the ratio 
of the power delivered to that part of the system follow- 
ing the transducer to the power delivered to that same part 
before insertion. (If more than one component is involved 
in the input or output, the particular component used must 
be specified. This ratio is usually expressed in decibels.) 

insertion loss—1.The difference between the 
power received at the load before and after the inser- 
tion of apparatus at some point in the line. 2. The loss 
in load power resulting from the insertion of a compo- 
nent, connector, or device. Insertion loss is expressed in 
decibels as the ratio of power received at the load before 
insertion to the power received at the load after insertion. 
3. Signal-power loss resulting from connecting communi- 
cation equipment with dissimilar impedance values. 4. A 
power loss that results from inserting a component into a 
previously continuous path or creating a splice in it. 

insertion phase shift—The change in phase of 
an electric structure when inserted into a transmission 
system. 

insertion switch — A process by which information 
is inserted into a computer by the manual operation of 
switches. 

insertion tool— A small, hand-held tool used to 
insert contacts into a connector. 

inside lead — See start lead. 

inside spider—A flexible device placed inside a 
voice coil to center it with the pole pieces of a spcaker. 

in-situ tester — See in-circuit tester. 

inspection chamber— In a spectrophotometer, the 
part in which the solution to be tested is placed for 
analysis. 

inspectoscope — An instrument for viewing quartz 
crystals, while they are immersed in oil, to determine 
mechanical faults, the approximate direction of the optical 
axis, and regions of optical twinning. 

instability — 1. The measure of the fluctuations or 
irregularities in the performance of a device, system, or 
parameter. 2. An undesired change that occurs over a 
period of time and that is not related to input, operating 
conditions, or load. 

instantaneous automatic gain control — Abb- 
reviated instantaneous AGC. A portion of a radar system 
that automatically adjusts the gain of an amplifier for 
each pulse so that there is a substantially constant output- 
pulse peak amplitude with different input-pulse peak 
amplitudes. The circuit is capable of acting during the 
time in which a pulse is passed through the amplifier. 

instantaneous companding —Companding that 
varies the effective gain in response to instantaneous 
values of the signal wave. 

instantaneous contacts — Contacts that are actu- 
ated immediately when a starting signal is applied to a 
timer. 

instantaneous disc—-A blank recording disc that 
can be played back on a phonegraph immediately after 
being cut on a recorder. 

instantaneous frequency — The rate at which the 
angle of a wave changes when the wave is a function of 
time. If the angle is measured in radians, the frequency 
in hertz is the rate of change of the angle divided by 2x. 

instantaneous overcurrent relay— Also called 
rate-of-rise relay. A device that functions instantaneously 
on an excessive value of current or on an excessive rate 
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of current rise, thus indicating a fault in the apparatus of 
the circuit being protected. 

instantaneous power— The power at the points 
where an electric circuit enters a region. It is equal to the 
rate at which the circuit is transmitting electrical energy 
into the region. 

instantaneous power output — The rate at which 
energy is delivered to a load at a particular instant. 

instantaneous readout — Readout by a radio trans- 
mitter at the instant the information to be transmitted is 
computed. 

instantaneous recording — A recording intended 
for direct reproduction without further processing. 

instantaneous sampling — The process of obtain- 
ing a sequence of instantaneous values of a wave. These 
values are called instantaneous samples. 

instantaneous sound pressure — The total instan- 
tancous pressure at a certain point, minus the static pressure 
at that point. The most common unit is the microbar. 

instantaneous speech power — The rate at which 
the speaker is radiating sound energy at any given instant. 

instantaneous speed variations — See ISV. 

instantaneous start-stop rate—The maximum 
stepping rate that can be attained by an unloaded stepper 
motor from a standstill without losing synchronism with 
the field and without overshooting to the next step when 
coming to a stop. 

instantaneous value— 1. The magnitude, at any 
particular instant, of a varying value. 2 The value of 
voltage or current at a particular instant. If the selected 
instant is the time when the polarity of the waveform 
changes, this value will be zero. 

instruction — 1. Information that, when properly 
coded and introduced as a unit into a digital computer, 
causes the computer to perform one or more of its 
operations. All instructions commonly include one or 
more addresses. 2. A binary code applied to a logic 
circuit to affect its mode of operation. 3. A statement that 
specifics an operation and the values or locations of its 
operands. In this context, the term instruction is preferable 
to the terms command or order, which are sometimes used 
synonymously. 4. A set of bits that defines a computer 
operation and is a basic command understood by the 
CPU. It may move data, do arithmetic and logic functions, 
control I/O devices, or make decisions as to which 
instructions to execute next. 5. In a computer, a single 
order within a program. This order will be fetched from 
memory, decoded, and executed by the CPU. Instructions 
may be arithmetic or logical, and operate on registers, 
memory, I/O devices, or specify control operations. A 
sequence of instructions is a program. 6. A machine- 
language command executed by the microprocessor in a 
computer system. 

instructional constant— Also called pseudoin- 
struction. In a computer, data stored in the program or 
instructional area that will be used only as a test constant. 

instruction code — The list of symbols, names, and 
definitions of the instructions that are intelligible to a 
given computer or computing system. 

instruction counter—A multiple-bit register that 
keeps track of the address of the current instruction. See 
control counter. 

instruction cycle—The process of fetching an 
instruction from memory and executing it. 

instruction deck — A set of punched cards contain- 
ing a symbolic coded program to be read into a computer. 

instruction fetch — See fetch. 

instruction length — The number of words needed 
to store an instruction. It is one word in most computers, 
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but some will use multiple words to form one instruc- 
tion. Multiple-word instructions have different instruction 
execution times depending on the length of the instruction. 

instruction modification — A change in the opera- 
tion-code portion of a computer instruction or command 
such that, if the routine containing the instruction or 
command is repeated, the computer will perform a 
different operation. 

instruction register — |. in a computer, the register 
that temporarity stores the instruction currently being per- 
formed by the control unit of the computer. 2. A computer 
storage for the binary code for the operation to be per- 
formed. Usually this instruction represents the contents 
of the address just designated by the program counter. 
However, the contents of the instruction register or the 
program counter may be changed by the computations. 
This, of course, represents one of the key ideas of a stored- 
program computer — instructions, as well as data, can be 
operated on and subsequent operations will be determined 
by the results. 

instruction repertoire — The instruction set for a 
computer. 

instruction set— 1. A means of describing com- 
puter capability. It consists of a listing of all the instruc- 
tions the computer can execute. The basic operations that 
can be performed by a CPU. Necessary instructions are 
arithmetic, logical, test and branch, and moves. 2. The 
set of general-purpose instructions available with a given 
computer. In general, different machines have different 
instruction sets. The number of instructions only partially 
indicates the quality of an instruction set. Some instruc- 
tions may only be slightly different from one another; 
others rarely may be used. Instruction sets should be 
compared using benchmark programs typical of the appli- 
cation to determine execution times and memory require- 
ments. 

instruction storage—The storage medium that 
contains basic machining instructions in coded form. 

instruction time— The time required to fetch an 
instruction from memory and then execute it. 

instruction word—A computer word that causes 
the computer to execute a particular operation. See word. 

instrument — A device capable of measuring, record- 
ing, and/or controlling. 

instrument approach—A blind landing —i.e., 
solely by navigational instruments, without visual refer- 
ence to the terrain. 

instrument-approach system — In navigation, a 
system furnishing vertical and horizontal guidance to 
aircraft during descent. Touchdown requires some other 
guidance. 

instrumentation — 1. The use of devices to measure 
the values of varying quantities, usually as part of a 
system for keeping the quantities within prescribed limits. 
2. Adding code to a program for injecting data and 
collecting information, usually for dynamic analysis. 

instrumentation amplifier — High accuracy analog 
amplifier with full differential inputs and gains ranging 
from | to 1000. 

instrumentation bus — A dedicated bus tailored for 
the connection of measurement and control devices. 

instrument chopper— A vibrating switch used for 
modulating, demodulating, and switching de or low- 
frequency ac information in instrumentation. It is driven 
synchronously from an ac or pulsating dc source. The 
driven switching circuit is designed for low-level (0- to 
10-volt) signal information. 

instrument driver — Software module that converts 
the parameters in the object code to the specific instruction 
sequence needed to stimulate an instrument. 
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instrument error—The inaccuracy of an instru- 
ment. 

instrument flight—A blind flight—i.e., one in 
which the pilot controls the path and altitude of the aircraft 
solely by instrument. 

instrument lamp — A lamp that illuminates or irra- 
diates an instrument. 

instrument landing station—A special radio 
station for aiding in landing aircraft. 

instrument landing system — Abbreviated ILS. A 
radionavigation system intended to aid aircraft in land- 
ing. It provides lateral and vertical guidance, including 
distance from the landing point. Consists of four ground 
radio transmitting stations at and in the vicinity of an 
airport, which radiate direction and position signals to 
approaching aircraft that are received on an instrument in 
the aircraft and alert the pilot to any deviation from the 
safe approach path to the correct touchdown point. 

instrument landing system localizer— System 
of horizontal guidance embodied in the instrument landing 
system that indicates the horizontal deviation of the 
aircraft from its optimum path of descent along the axis 
of the runway. 

instrument multiplier— See voltage-range multi- 
plier, 

instrument relay — A relay that operates on the prin- 
ciples employed in such electrical measuring instruments 
as the electrodynamometer, iron-vane, and D'Arsonval 
meters. 

instrument shunt— An internal or extemal resistor 
connected in parallel with the circuit cf an instrument to 
extend its current range. 

instrument switch—A switch disconnecting an 
instrument or transferring it from one circuit or phase 
to another, 

instrument transformer — A transformer that re- 
produces, in its secondary circuit, the primary current 
(or voltage) with its phase relationship substantially 
preserved, suitable for utilization in measurement, control, 
or protective devices. 

instrument-transformer correction factor — 
The factor by which a wattmeter reading must be multi- 
plied to correct for the effect of the instrument-transformer 
ratio correction factor and phase angle. 

instrument zero — The lower end of the measuring 
instrument's scale. Instrument zero may not coincide with 
zero value of the measured variable. Zero error is the error 
at instrument zero. 

insulated — Separated from other conducting sur- 
faces by a nonconductive material offering a high, per- 
manent resistance to the passage of current and disruptive 
discharge. 
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insulated carbon resistor—A carbon resistor 
encased in fiber, plastic, or other insulation. 

insulated clip—A clip terminating in an insulated 
eye through which flexible cords or wires may be run 
and supported. 

insulated enclosure — A special shielded enclosure 
design providing insulation against weather or providing 
maximum temperature stability. Usually prefabricated as 
an exterior building panel in modular construction. 

insulated-gate field-effect transistor — Abbre- 
viated IGFET. In general, any field-effect transistor that 
has an insulated gate regardless of the fabrication process. 
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insulated-substrate monolithic circuit— An 
integrated circuit that may be either an all-diffused device 
or a compatible structure so constructed that the com- 
ponents within the silicon substrate are insulated from 
one another by a layer of silicon dioxide, instead of the 
reverse-biased pn junctions used for isolation in other 
techniques. 

insulated terminals —-Solderless terminals pro- 
vided with an insulated sleeve over the barrel to prevent 
a short circuit, 

insulated wire— A conductor covered with a non- 
conductive material. 

insulating material— 1. A material on or through 
which essentially no current will flow. It is used to confine 
the flow of current within a conductor or to eliminate the 
shock hazard of a bare conductor. 2. Any composition 
primarily adapted for preventing the transfer of electricity 
therethrough, the useful properties of which depend on its 
chemical composition or atomic arrangement. 

insulating sleeve — Tube or tape of insulating mate- 
rial placed around metal-enclosed capacitors to insulate 
the case electrically from other components and wiring. 
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insulating strength — The measure of the ability 
of an insulating material to withstand electrical stress 
without breaking down. It is defined in terms of the 
voltage per unit thickness necessary to initiate a disruptive 
discharge and usually is measured in volts per centimeter. 
See also dielectric strength; electric strength. 

insulating tape — Tape that is wrapped around joints 
in insulated wires or cables. It is impregnated with an 
insulating material and covered with adhesive on one side. 

insulating varnish — A varnish applied to coils and 
windings to improve their insulation (and, at times, their 
mechanical rigidity). 

insulation— 1. A nonconductive material that pre- 
vents the leakage of electricity from a conductor, pro- 
vides mechanical spacing or support, or protects against 
accidental contact. 2. The use of a material that passes 
negligible current to surround or separate a conductor 
to prevent loss of current. 3. A material that offers high 
electric resistance, making it suitable for covering compo- 
nents, terminals, and wires to prevent the possible future 
contact of adjacent conductors resulting in a short cir- 
cuit. 4. Material used to cover electrical wires to prevent 
electrical leakage and short circuiting and to reduce the 
danger of shock. 

insulation displacement termination— A con- 
nector that has insulated wire is forced into a channel 
constructed so that ridges or teeth in the channel cut 
through or displace the insulation and make an air-tight 
contact with the wire. 

insulation piercing— A crimping method in which 
lances pierce wire insulation, enter into the strands, and 
make electrical contact without stripping the wire. 

insulation rating — The dielectric-strength and in- 
sulation-resistance values required to ensure satisfactory 
performance. 

insulation resistance— 1. The resistance offered 
by an insulating material to the flow of current result- 
ing from an impressed dc voltage. 2. The ratio of the 
voltage applied between two electrodes in contact with 
a specific insulator to the total current between the elec- 
trodes. 3. Industrial specifications usually call for a certain 
minimum value (several thousand megohms) determined 
with a specific voltage applied. 4. The direct current resis- 
tance between the two terminals of a capacitor, or between 
either or both of the terminals and the capacitor case. 
5. The ratio of dc voltage impressed across a capacitor 
to the resultant leakage current. For a particular capacitor 
design, the product of insulation resistance and capaci- 
tance (megohm-microfarad) is quite constant. 6. The elec- 
trical resistance of the insulating material (determined 
under specified conditions) between any pair of contacts, 
conductors, or grounding devices in various combina- 
tions. 

insulation resistivity —The insulation resistance 
per unit volume of insulation. 

insulation stress — The molecule separation pres- 
sure caused by a potential difference across an insulator. 
The practical stress on insulation is expressed in volts per 
mil. 

insulation system — All of the insulation materi- 
als used to insulate a particular electrical or electronic 
product. 

insulator— 1. A material in which the outer elec- 
trons are tightly bound to the atom and are not free 
to move, Thus, there is negligible current through the 
material when a voltage is applied. The resistivity is 
greater than 10% ohm-cm and generally decreases when 
the temperature rises. 2. A nonconducting substance such 
as porcelain, plastic, glass, rubber, etc. 3. A material of 
such low electrical conductivity that current through it can 
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usually be neglected. 4. A material of low electrical con- 
ductivity designed for supporting a conductor, physically 
and electrically separating it from another conductor or 
object. 

insulator arcing ring—A circular or oval metal 
part placed at one or both ends of an insulator to prevent 
current from arcing over and damaging it and/or the 
conductor. 

insulator arcover — The flow of power current over 
an insulator in the form of an arc following a surface 
discharge. 

insulazing — See surface insulation. 

insulectrics — The science encompassing insulating 
materials in electrical insulation. 

integer— A whole number, which may be positive, 
negative, or zero. It does not have a fractional part. 
Examples of integers: 1, 2, 48, —136, etc., but not 3.7 
or 3/4. 

integral-cavity, reflex-klystron oscillator— A 
redex-klystron oscillator in which tuning is accomplished 
by changing the physical dimensions of the resonant 
cavity. It is usually referred to as a diaphragm- or grid- 
gap-tuned klystron, since a flexible diaphragm is used to 
change the cavity dimension, ie., the gap between the 
cavity grids. 

integral circuit packages — Microcircuits assem- 
bled from discrete components and all circuits created 
essentiaily in an active or passive substrate. 

integral contact—Current-carrying member of 
jack, switch, or relay. Usually a flat, flexible spring or 
other conducting member having no separate contacts 
attached at point of mating. 

integral-external-cavity reflex oscillator—A 
reflex-klystron oscillator in which a fixed internal cavity is 
tightly coupled to a permanently attached external cavity. 
Tuning is achieved by varying a reactance probe in the 
external cavity. 

integral-horsepower motor—A motor that is 
built into a frame and has a continuous rating of | 
horsepower. 

integral resistor— An internal or external resistor 
preconnected to the electrical element and forming an 
integral part of the cup assembly to provide a desired 
electrical] characteristic of a precision potentiometer. 

integrated — A type of design in which two or more 
basic components or functions are physically, as well as 
electrically, combined — usually on one chassis, such as 
an integrated amplifier. 

integrated amplifier — Also called, occasionally, a 
control amplifier, since it is an amplifier with controls. 
1. An amplifier that embodies in a common housing the 
preamplifier and control section and the power amplifier. 
Some early amplifiers of large power were in two separate 
units, one the control unit with preamplifiers and the other 
the power amplifier. 2. A single component combining 
the functions and circuitry of a power amplifier and 
preamplifier. See also amplifier. 

integrated circuit— Abbreviated IC. Also called 
functional device. 1. An electrical network — active or 
passive — composed of two or more circuit elements inex- 
tricably bound on a single semiconductor substrate. To 
further define the nature of an integrated circuit, additional 
modifiers may be prefixed. Examples: dielectric-isolated 
monolithic integrated circuit, beam-lead monolithic inte- 
grated circuit, or silicon-chip tantalum thin-film hybrid 
integrated circuit. See also film integrated circuit; hybrid 
integrated circuit; monolithic integrated circuit; multichip 
integrated circuit. 2. Any electronic device in which both 
active and passive elements are contained in a single pack- 
age. The term frequently is used for circuits other than 
those containing semiconductors; for example, microwave 
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designers consider many types of waveguide assemblies 
to be integrated circuits. 3. A small chip of solid mate- 
rial (generally a semiconductor) upon which, by various 
techniques, an array of active and/or passive compo- 
nents has been fabricated and interconnected to form a 
functioning circuit. Integrated circuits, which are gener- 
ally encapsulated with only input, output, power supply, 
and control terminals accessible, offer great advantages 
in terms of smal! size, economy, and reltability. 4. The 
physical realization of a number of electrical circuit ele- 
ments inseparably associated on or within a continuous 
body of semiconductor material to perform the function 
of a circuit. 5. An electronic device containing several 
elements, active or passive, that perform all or part of 
a circuit function. 6. An interconnected array of conven- 
tional components — transistors, diodes, capacitors, and 
resistors — fabricated in situ within and on a single crystal 
of semiconductor material with the capability of perform- 
ing a complete electronic circuit function. 7. An electronic 
circuit containing transistors, diodes, resistors, and per- 
haps capacitors and photocells, along with interconnect- 
ing electrical conductors processed and contained entirely 
within a single chip of silicon. 8. Multiple, interconnected 
circuit elements, contained on or in a common substrate, 
that function as a unit and not separately. 

integrated-circuit array — Multiple integrated cir- 
cuits formed on a common substrate and electrically inter- 
connected during fabrication. 

integrated-circuit package—The combined 
mounting and housing for an integrated circuit; the pack- 
age protects the integrated circuit and permits external 
connections to be made to it. 

integrated communication system — Communi- 
cation system on either a unilateral or joint basis in which 
a message can be filed at any communications center in 
that system and be delivered to the addressee(s) by any 
other appropriate communication center in that system 
without reprocessing en route. 

integrated component— A number of electrical 
elements comprising a single structure that cannot be 
divided without destroying its stated electronic function. 

integrated console —Computer control console 
that is capable of controlling the operation cf the switch- 
ing center equiprnent of an integrated communications 
system. 

integrated data processing — A method of trans- 
forming disjointed and repetitive paperwork tasks into a 
correlated and mechanized production of information for 
any purpose. 

integrated electronic component — Abbreviated 
IEC. An assembly that consists of several integrated 
circuits interconnected on a single chip of silicon to 
provide a complete electronic function with a circuit 
content greater than 10 equivalent gates. 

integrated electronics — That portion of electronic 
art and technology in which the interdependence of 
material, device, circuit, and system-design considerations 
is especially significant; more specifically, that portion of 
the art dealing with integrated circuits. 

integrated electronic system— See integrated 
circuit. 

integrated equipment components — Abbre- 
viated IECs. Integrated-circuit chips that contain a com- 
plete logic function. 

integrated injection logic — See PL. 

integrated microcircuit — See integrated circuit. 

integrated morphology — The structural character- 
ization of an electronic component in which the identity 
of the current- or signal-modifying areas, patterns, or vol- 
umes has become lost in the integration of electronic 
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materials, in contrast to an assembly of devices perform- 
ing the same function. 

integrated optical circuit— Abbreviated IOC. 
Also called optical integrated circuit. Á circuit, or group 
of interconnected circuits, consisting of miniature solid- 
state optical components, such as light-emitting diodes, 
optical filters, photodetectors (active and passive), and 
thin-film optical waveguides on semiconductor or dielec- 
tric substrates. 

integrated optics — The interconnection of minia- 
ture optical components via optical waveguides on trans- 
parent dielectric substrates, using optical sources, mod- 
ulators, detectors, filters, couplers, and other elements 
incorporated into circuits analogous to integrated elec- 
tronic circuits, for the execution of various communica- 
tion, switching, and logic functions. 

integrated services digital network — Abbre- 
viated ISDN. A switched network providing end-to- 
end digital connectivity for simultaneous transmission 
of voice and data over multiplexed communications 
channels. See also ISDN. 

integrated software ——An applications software 
package containing programs to perform more than one 
function. 

integrated transducers — Semiconductor compo- 
nents that change the form of energy (e.g., piezoelectric 
devices, photogenerators, thermistors, etc.) and that are 
integrated into multifunction chips. 

integrated voltage regulator — Abbreviated IVR. 
An integrated structure that serves as the reference, error 
amplifier, and shunt elements for shunt voltage regulation. 
A resistive voltage divider connected to its input provides 
adjustment of the output voltage. 

integrating circuit — See integrator, 1. 
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integrating meter—A meter that adds up (inte- 
grates) the electrical energy used over a period of time. 
An ordinary electric watthour meter is an example. 

integrating motor— A motor that maintains a con- 
stant ratio of output-shaft rotational speed to input signal. 
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Thus, the angle of rotation of the shaft is proportional to 
the time integral of the input signal. 

integrating photometer — A photometer that, with 
a Single reading, indicates the average candlepower from 
a source in all directions or at all angles in a single plane. 

integrating relay — A relay that sums up the inputs 
of voltage or current supplied to it and opens or closes its 
contacts in response to the input so intcgrated. 

integrating-sphere densitometer — A photoelec- 
tric instrument that measures the density of motion-picture 
film or its sound track. 

integration time — That time during which all elec- 
trons formed by impinging photons are gathered in a 
potential well under an energized electrode. 

integrator — 1. A device with an output proportion- 
ate to the integral of the input signal. 2. In certain dig- 
ital machines, a device that numerically approximates 
the mathematical process of integration. 3. A device that 
determines on a continuous basis the total value of a 
quantity being measured, usually as a function of time. 
4, Device for summing or totalizing counts, areas under 
curves, etc. 
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intelligence bandwidth— The total audio (or 
video) frequency bandwidths of one or more channels. 

intelligence sample— Pan of a signal taken as 
evidence of the quality of the whole. 

intelligence signal — Any signal thai conveys infor- 
mation (e.g., voice, music, code, or television). 

intelligent controller — Device controller equipped 
with local interpreting functions, such as editing, input 
validity checks, and complex command decoding. 

intelligent instruments — Devices that possess 
capabilities that raise them above the level of instruments 
that merely sense and display analog information. The 
following list presents one instrument intelligence rat- 
ing system, from the lowest order of intelligence to the 
highest: 

l. The ability to sense and display information. 

2. Conversion of analog information into digital. 

3. Mathematical manipulation of digital data. 

4. Interpretation of resulis of mathematical manipu- 
lation. 

5. Making of decisions on the basis of Interpretation. 

intelligent robot— A robot that can make decisions 
by itself through its sensing and recognizing capabilities. 

intelligent terminal — 1. An input/output device in 
which a number of computer processing characteristics 
are physically built into, or attached to, the terminal 
unit. 2. Programmable control terminal that drives other 
terminals, peripherals, floppy disks, machines, program 
counters, etc. 3. A programmable data service, usually 
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Tip Keep a properly selected and maintained fire extinguisher at each workstation, if possible. 


Post emergency procedures prominently, where everyone, including visitors, can see. Have an 
evacuation plan, complete with map and “You are here” indicator posted at each workstation. Hopefully 
you will never need it. 


Presentations 


Are you excited about your latest project? Have you just learned a great new skill? Setting up your lab for 
group presentations is an excellent way to communicate these ideas to your friends, family, and 
coworkers. 

Make your vietims guests comfortable. Have adequate seating for everyone, with plenty of room 
between the rows (if you have more than one row of chairs). Ensure that everyone has a good view of 
what you intend to present. 

Will the attendees be expected to take notes? Then perhaps you should set up tables where they can 
comfortably jot down some of the more spectacular aspects of your presentation. If you will be providing 
a handout or other documentation packages, make sure you have enough for the anticipated demand. 
Will you be entertaining questions or comments either during the presentation or afterward? Then make 
sure that not only can your audience see you, but that you can see them. 

If you're going to be using some sort of projector for your presentation, by all means set aside some 
time to get to know the equipment ahead of time. Nothing ever seems to work just exactly as you 
imagined that it should. This seems to be an invariant law of presentation physics. No one is really sure 
why. 

Your audience’s time is just as valuable as your own. In fact, if there are only two people attending, 
then their collective time is worth approximately twice as much as yours. Think about it. Have all your 
ducks in a row, so to speak. Wasting time figuring out which cable goes where is not a good use of your 
time together. 


Summary 


Wow! You can really go crazy setting up a shared electronics lab, can’t you? 

Before you even flip on the light in your shiny new group lab, you should already have an insightful 
idea of who is going to be using it and why. You should also have some honest expectations of what your 
own expectations are going to be, and how you would like to interact with both the lab itself and its 
population. 

The details, of course, are always going to be specific to your particular situation. Be on guard, 
however, for the future. It’s going to sneak up on you, someday. Not too long ago, for example, it took a 
fairly hefty desk to keep a modern personal computer up off the floor. That kind of computing power 
now fits in a pocket. Think of what better uses you could dream up for that space these days! 

That kind of forward thinking is exactly what turns the dreams of today into the reality of tomorrow. 
It’s forward-thinking people like you, dear reader, that help map out those realities. Take the 
opportunity you have right now to spend some quality time daydreaming about how things could be. 
Then take those steps necessary to make it happen. Your family, your society, and your world expect 
great things from you. You can do it! 
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remote from the main computer, that unburdens the host 
computer by performing preliminary data processing such 
as formatting, verification, or validation. 4. A terminal 
that has editing and block-transmission capabilities, which 
allow manipulation of data in the terminal before trans- 
mission to the host computer. Some intelligent terminals 
can also perform checks on entered data, An intelligent 
terminal’s programmability 1s restricted to formatting data 
on its screen. These formats can be called up through 
the keyboard and can have protected fields that allow 
entering of data (numeric, alphabetic, or alphanumeric) 
in the prescribed format. User programmability distin- 
guishes the intelligent terminal from its less intelligent 
relatives. In addition to this programmability, an intel- 
ligent terminal has editing functions similar to those of 
a smart terminal. 5. An input/output device with built-in 
intelligence in the form of a microprocessor and able to 
perform functions that would otherwise require the central 
computer’s processing power; sometimes called a stand- 
alone terminal. 6. A terminal with local processing power 
whose characteristics can be changed under program con- 
trol. 

intelligent 
ITDM, 

intelligent voice terminal — Intelligent terminal 
operated by the human voice; software resident in the 
terminal is user-programmable. Best for applications 
suiting an intelligent terminal but where hands-free data 
entry is cost advantageous. 

intelligibility — See articulation. 

INTELSAT — Abbreviation for International Telecom- 
munications Satellite Consortium. 1. A series of com- 
mercial communications satellites designed to relay tele- 
phony and television signals among the member INTEL- 
SAT nations. The INTELSAT global network cmploys an 
equatorial orbit above the Atlantic, Pacific, and Indian 
Oceans. Satellites in these three locations are capa- 
ble of linking virtually all the inhabited areas of the 
world, 2. International (primarily noncommunist) satellite 
agency whose member nations lease transponder capacity 
on its satellite system to provide at least some TV in all 
parts of the worid. 
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intensifier electrode — Also called postaccelerating 
electrode. In some types of electrostatic cathode-ray tubes, 
an electrode that permits additional acceleration of the 


electron beam after it has been deflected. This electrode 
emits greater intensity of the trace without materially 
reducing the deflection sensitivity of the tube. 

intensifying screen— A thin fluorescent screen 
placed next to a photographic plate to increase the effect 
of radiation on the plate. 

intensitometer— Also called a dosage meter or 
dosimeter. An instrument that estimates the amcunt of 
X-ray radiation, for determining the duration of exposure 
during X-ray pictures or therapy. 

intensity — 1. The strength of a quantity. 2. The rel- 
ative strength, or amplitude, of electric, magnetic, or 
vibrational energy. 3. The brilliance of an image on the 
screen of a cathode-ray tube. 4. The strength of light or 
other electromagnetic energy being radiated or refiected 
per steradian. 5. The flux per unit solid angle radiating 
(diverging) from a source of finite area. 

intensity control — Used with cathode-ray tubes to 
control the intensity of the electron beam and hence 
the amount of light generated by the fluorescent screen. 
Generally, the grid bias of the tube is regulated. 

intensity level — Ratio of the intensity of the sound 
to a reference intensity of a free plane wave of 1 
microwatt per square centimeter under normal conditions. 
Commonly expressed in decibels. 

intensity modulation — 1. The process and/or effect 
of varying the electron-beam current in a cathode-ray 
tube, resulting in varying brightness or luminance of the 
trace. 2. The process in which the electron beam of a 
cathode-ray tube is varied in intensity in accordance with 
the magnitude of the signals it receives. See also Z-axis 
modulation. 

intensity of radiation — The radiant energy emitted 
in a specified direction per unit time, per untt area of 
surface, per unit solid angle. 

interaction — The effects two or more parts, compo- 
nents, etc., have on each other while each is performing 
a function. 

interaction crosstalk — Crosstalk resulting from 
mutual coupling between two paths by means of a third 
path. For example, if a signal on pair | is coupled to pair 
2, and then coupled from pair 2 to pair 3, where it is 
measured, it is known as interaction crosstalk. 

interaction loss (of a transducer) — Expressed 
in decibels, it equals 20 times the logarithm (to the base 
10) of the scalar value of the reciprocal of the interaction 
factor. 

interaction space— In an eiectronic tube, the 
region where the electrons interact with an alternating 
electromagnetic field. 

interactive — 1. Pertaining to an application in which 
each entry elicits a response. An interactive system 
may also be conversational, implying continuous dialog 
between the user and the system. 2. A program or system 
that can ask questions of the user and then take action 
based on his response. Conversational is often used to 
mean the same thing. 3. Refers to those applications in 
which a user communicates with a computer program via 
a terminal, entering data and recetving responses from 
the computer. 4. Processing of data on a two-way basis, 
with human intervention redirecting the processing in a 
predetermined manner. 

interactive debugger—A computer system soft- 
ware utility that permits a user to examine his or her task 
while it executes by stopping it at given points (usually 
called breakpoints) and displaying and changing mem- 
ory/register contents. 

interactive environment— A situation in which a 
computer continually responds to the user on receipt of 
directives from his or her terminal. 
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interactive graphics — 1. The use of a large-screen, 
high-precision CRT and its associated circuitry — usually 
linked to a large-scale computer system through a small 
control computer—on which both alphanumeric and 
vector data are displayed and manipulated. By using the 
data entry device, two- and three-dimensional geometric 
designs can be created, deleted, and modified in real time 
to achieve desired results. 2. The use of a display terminal 
in a conversational or interaclive mode. 3. Capability to 
perform graphics operations directly on the computer with 
immediate feedback. 

interactive operation — Also called conversational 
mode. Online operation in which there is a give-and-take 
between person and machine. 

interactive system—1. A system in which it is 
possible for the human user or the device serviced by the 
computer to communicate directly with the operating pro- 
gram. For human users, this arrangement is termed a con- 
versational system. 2. A system in which a computer or 
operating program communicates bilaterally with a user. 

interactivity — Computer programs, online services, 
and interactive TV in which the user can make inputs that 
direct subsequent delivery of services. Channel surfing is 
a crude form of interactivity. Internet and online services 
provide simple forms of interactivity, 1.e., point-and-click. 

interaxis error— The deviation from 90° perpendic- 
ularity of one set of resolver windings when excitation is 
applied to one of the other windings. For rotor interaxis 
error, one stator winding is excited; for stator interaxis 
error, one rotor winding is excited. 

interbase current — In a junction tetrode transistor, 
the current that flows from one base connection to the 
other through the base region. 

interbase resistance — Resistance between base 2 
and base 1 of a unijunction transistor measured at a 
specified interbase voltage with Zz = 0. 

interblock space — See IRG. 

intercarrier noise suppression — The means of 
suppressing the noise resulting from increased gain when 
a high-gain receiver with automatic volume control is 
tuned between stations. The suppression circuit automat- 
ically blocks the audio-frequency output of the receiver 
when there is no signal at the second detector. 

intercarrier sound system— A television receiv- 
ing system in which use of the picture carrier and the 
associated sound-channel carrier produces an intermedi- 
ate frequency equal to the difference between the two 
carrier frequencies. This intermediate frequency is fre- 
quency modulated in accordance with the sound signal. 

intercellular massage — The ultrasonic stimulation 
of body cells. Sometimes called micromassage. 

intercepting — Routing of a call or message placed 
for a disconnected or nonexistent destination to an opera- 
tor position or a specially designated terminal or machine 
answering device. 

intercepting trunk — A trunk to which a call made to 
a vacant number, a changed number, or a line out of order 
is connected so that action may be taken by an operator. 

intercept operator— The telephone operator who 
requests the number called, determines the reason for the 
intercept, and relays the information to the calling party. 

intercept receiver — Also called search receiver. A 
specially calibrated receiver that can be tuned over a wide 
frequency range in order to detect and measure enemy rf 
signals. 

intercept service — In a telephone system, a service 
provided to subscribers whereby calls to disconnected 
stations or dead lines are either routed to an intercept 
operator for explanation or the calling party receives 
a distinctive tone signal or recorded announcment to 
indicate that he or she has made such a call. 
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intercept tape — A tape used for temporary storage 
of messages intended for trunk channels and tributary 
stations in which there is equipment or circuit trouble. 

intercept trunk — See intercepting trunk. 

intercharacter space —In telegraphy, the space 
between characters of a word. It is equal to three unit 
lengths. 

intercom — See intercommunication system. 

intercommunication apparatus — Equipment and 
systems for paging and intercommunication within a 
building, including audio, bell systems, pillow systems, 
and pocket page systems. 

intercommunication system — Also called inter- 
com. 1. A two-way communication system without a cen- 
tral switchboard, usually limited to a single vehicle, build- 
ing, or plant area. Stations may or may not be equipped 
to originate a call, but can answer any call. 2. A system 
that permits selective speaker voice communication via 
wires between any pair of several stations, usually in the 
same building. The stations may be either master stations, 
which may initiate calls to any of a group of stations, or 
slave stations, which may initiate calls only to their mas- 
ter station. 3. A communication system that bridges the 
gap between a regular telephone system and the public 
address (PA) system it locates people and permits com- 
munication with them. Most often, it is installed as an 
adjunct to telephone and PA systems. 

intercom wire — Wire used to connect communica- 
tions instruments, telephones, telegraph, etc. 

interconnecting wire—1. Wires used for con- 
nections between subassemblies, panels, chassis, and 
remotely mounted devices. Does not necessarily apply 
to the internal connection of these units. 2. The physical 
wiring between components (outside a module), between 
modules, between units, or between larger portions of a 
system or systems. 

interconnection — |. Also called tie line. A trans- 
mission line connecting two electric systems or networks 
and permitting energy to be transferred in either direction. 
Larger interconnections are often called interties, giant 
ties, or regional interconnections, 2. The conductive path 
required to achieve connection from a circuit element to 
the rest of the circuit. 3. Also called intraconnection. The 
physical wiring between components (outside a module), 
between modules, between units, or between larger por- 
tions of a system or systems, 

interconnection diagram — Diagram showing the 
identity of all units in a piece of electronic equipment and 
the connections between them. 

interconnections (microelectronic) — Those 
conductors and connections that are not in continuous 
integral contact with the substrate or circuit elements of 
an integrated circuit. 

interconnection system — The electrical and mec- 
hanical interconnection of any one or all of the six levels 
of interconnections generally common to electronic equip- 
ment. The six levels of interconnection are intramodule, 
module to motherboard, intramotherboard, motherboard 
to back panel, backpanel wiring, and input/output. 

interdiction — Techniques to prevent nonsubscribers 
access to information/programs on cable or drop cables. 
Interdiction electronics are outside the consumer’s house 
and can be addressable. 

interdigital magnetron — A magnetron with anode 
segments around the cathode. Alternate segments are 
connected together at one end, and remaining segments 
at the opposite end. 

interdigital transducer— Abbreviated IDT. A 
number of interleaved metal electrodes whose width 
and spacing is equal and uniform throughout the 
transducer pattern. When a harmonic voltage is applied 
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to the transducer terminals, the IDT pattern excites a 
periodic electric field that penetrates into the piezoelectric 
substrate. The substrate responds by periodically 
expanding and contracting in unison with these fields. 
With the proper choice of substrate orientation, this 
piezoelectric excitation gives rise to surface acoustic 
waves that propagate in the two directions normal to 
the IDT electrodes. The electric field can be produced 
by applying signals of opposite potential to two parallel 
metal electrodes formed in films deposited on the surface 
of the crystal. As the field is applied, the alternating 
signals send an acoustic wave across its surface; this 
wave is reconverted to an electric signal at a second 
pair of similar eJectrodes at the other end of the crystal. 
In practice, the transducer consists of several pairs of 
interleaved parallel electrodes, which give the transducer 
its name. The fingers, and the space between them, must 
be related to the size of a wave of the frequency desired. 
In certain applications the transducer fingers are less than 
a thousandth of a millimeter wide. 

interelectrode capacitance—The capacitance 
between one electron-tube electrode and the next elec- 
trode toward the anode. The capacitance between the 
electrodes in an electron tube. 

interelectrode coupling—Capacitive feedback 
from the plate of a tube to the grid. In triodes, this limits 
the maximum amplification possible without starting 
oscillation. 

interelectrode leakage—The undesired current 
that flows between elements not normally connected in 
any way. 

interelectrode transit time— The time required 
for an electron to travel between two electrodes. 

interelement capacitance — The capacitance cau- 
sed by the pn junctions between the regions of a transistor 
and measured between the external leads of the transistor. 

interexchange channel—A channel connecting 
two different exchange areas. 

interface — 1. A point or device at which a transi- 
tion between media, power levels, modes of operation, 
etc., 1s made. 2. The two surfaces on the contact sides 
of mating connectors that face each other when mated. 
3, A common boundary between two or more items. May 
be mechanical, electrical, functional, or contractual. 4. A 
common aspect at the boundary between two systems 
involving intersystem communication—e.g., the interac- 
tion between research and development, basic and applied 
science, Or engineering and systems development. 5. The 
physical and space boundary surrounding the system, sub- 
system, equipment, or component, through which all envi- 
ronmental and operationa! stimuli essential to the device 
or affecting its proper operation must propagate or interact 
with other related devices or structures. 6. The hardware 
for linking two units of electronic equipment; for example, 
a hardware component to link a computer with its input 
(or output) device. 7. The means of connection between 
two logic elements, often elements that belong to two dif- 
ferent “families.” 8. The hardware or software required to 
be able to communicate with, sense, or control external 
equipment. 9. A circuit that controls the flow and format 
of data between a computer and a terminal or other periph- 
eral. 10. An electrical connection that permits a peripheral 
device or communications channel to be attached to a 
system. 11. An electronic assembly that ties an external 
device to a computer. 12. A common boundary between 
automatic data-processing systems or parts of a single sys- 
tem. In communications and data systems, it may involve 
code, format, speed, or other changes as required. 13. The 
junction or point of interconnection between two systems 
or equipments with different characteristics. They may 
differ with respect to voltage, frequency, operating speed, 
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type of signal, and/or type of information coding. 14. To 
interconnect different systems to resolve their incompati- 
bilities. 15. A common or shared boundary between two 
or more instruments, devices, or systems, which enables 
exchange of information among interconnecting units or 
systems that may not be directly compatible. 

interface adaptor — Also called device adaptor. A 
unit that provides a mechanical and electrical interconnec- 
tion between the tester and the device under test. It may 
include special stimulus, measurement, load, and switch- 
ing circuitry unique to a device or family of devices but 
which is not provided in the tester. 

interface analysis— Checking the interfaces bet- 
ween program elements (modules) for consistency and 
proper data transfer. 

interface card —A device that converts a computer 
I/O bus into some standard VO configuration (8- or 16-bit 
parallel BCD, RS-232, IEEE 488, etc.). 

interface circuit—1. A circuit that links one type 
of logic family with another or with analog circuitry. 
2. A circuit that allows two or more systems to be readily 
joined or associated. Examples include circuits that link 
linear and digital systems and those that enable commu- 
nication between two circuits through a transmission line. 
3. A circuit that links one type of device with another. 
lts function is to produce the required current and voltage 
levels for the next stage of circuitry from the previous 
stage. 4. An input/output circuit that permits different 
chips to communicate over a bus. 5. Linear or analog cir- 
cuit with the prime function of supporting digital circuitry. 
Employed where the digital circuitry for the world of data 
processing and computation must meet the physical world 
of analog variables. Also used to mix functions from a 
number of digital logic families to obtain performance 
or economic benefits. There are at least nine different 
categories of interface circuits: bus interface, memory 
interface and control, line drivers and receivers, peripheral 
interface, numeric display interface, data converters, volt- 
age reference, voltage comparators, and communications 
interface. 
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interface connection — Also called feedthrough. A 
conductor that connects patterns on opposite sides of a 
printed circuit board. 

interface equipment— Equipment used between 
two other equipments that would otherwise be incompat- 
ible. 

interface resistance — See cathode interface. 

interface system—The device-independent mec- 
hanical, electrical, and functional elements of an interface 
necessary to effect communication among a set of devices. 
Cables, connector, driver and receiver circuits, signal 
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lines, descriptions, timing and control conventions, and 
functional logic circuits are typical interface system 
elements. 

interface unit—A device that translates incoming 
signals that are incompatible with the electrical character- 
istics of the computer without changing the information 
content. Also translates outgoing signals for the benefit of 
associated equipment that is designed to different electn- 
cal standards. 

interfacial bond — An electrical connection between 
the two faces of a substrate. 

interfacial connection — In a printed circuit board, 
a conductor that connects conductive patterns on opposite 
faces of the base. 

interfacial junction—The junction that is formed 
by the faces of the two mating halves of a connector. This 
junction can be tightly compressed or loose, depending on 
the requirements of the application of the connector. 

interfacial seal — Sealing of a mated connector pair 
over the whole area of the interface to provide sealing 
around each contact. This is usually done by providing a 
soft insert material on one or both halves of the connector, 
which are in compression when mated. 

interfacing — 1. The joining of members of a group 
(people, instruments, and so on) in such a way that they 
are able to function in a compatible (synchronized) and 
coordinated fashion. 2. Interconnecting a program counter 
with its application devices and data terminals through 
various modules and cables. Interface modules convert 
program counter logic levels into external signal levels, 
and vice versa. 

interference —-1. Any electrical or electromagnetic 
disturbance, phenomenon, signal, or emission, man-made 
or natural, which causes or can cause undesired response, 
malfunctioning, or degradation of the electrical perfor- 
mance of electrical and electronic equipment. 2. Any 
signal that degrades the accuracy of a system. Interfer- 
ing signals may be separated into two classes: damaging 
and degrading. Damaging signals cause degradation of 
accuracy after the signal is removed (even permanently). 
3. Any undesired electrical signal induced into a con- 
ductor by electrostatic or electromagnetic means. 4. The 
additive process whereby the amplitudes of two or more 
overlapping waves are systematically attenuated and rein- 
forced. 5. The process whereby a given wave is split into 
two or more waves by, for example, reflection and refrac- 
tion of beam splitters, and then possibly brought back 
together to form a single wave. 6. Extraneous energy that 
tends to interfere with the desired signal. 7. Unwanted 
occurrences on communication channels that result from 
natural or human-made noises and signals. 

interference blanker—A device used with two 
or more pieces of radio or radar equipment to permit 
simultaneous operation without confusion of intelligence, 
or used with a single receiver to suppress undesired 
signals. 

interference eliminator— A device designed for 
the purpose of reducing or eliminating interference. 

interference fading — Fading produced by different 
wave components traveling slightly different paths in 
arriving at the receiver. 

interference filter—A device added between a 
source of human-made interference and a radio receiver to 
attenuate or eliminate noise signals. Jt generally contains 
a combination of capacitance and inductance. 

interference guard band — See guard band. 

interference pattern — 1. The resultant space dis- 
tribution of pressure, particle velocity, or energy flux 
when progressive waves of the same frequency and kind 
are superimposed. 2. The pattern produced on a radar 
scope by interference signals. 
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interference prediction — Estimation of the inter- 
ference level of a particular item of equipment with 
respect to its future electromagnetic environment. 

interference-rejection unit— Abbreviated IFRU. 
A tunable filter or wave trap capable of being adjusted to 
reject any frequency within the IF passband of a receiver 
while allowing the remainder of the passband curve to 
remain intact. It is adjusted to reject an interference signal 
and thus constitutes a form of antijamming. 

interference source suppression — Techniques 
applied at or near a source of radiation to reduce its 
emission of undesired signals. 

interference spectrum — The frequency distribu- 
tion of the jamming interference in the propagation 
medium external to the receiver. 

interferometer — An apparatus that shows interfer- 
ence between two or more wave trains coming from the 
same luminous area, and also compares wavelengths with 
observable displacements of reflectors or other parts. 

interferometer homing — A homing guidance sys- 
tem in which the direction of the target is determined by 
comparing the phase of the echo signal as received at 
more than one antenna. 

interferometer system — A method of determining 
the azimuth of a target through use of an interferometer 
to compare the signal phases at the output terminals of 
two antennas receiving a common signal from a distant 
source. 

intergranular corrosion— A localized attack at 
metallic grain boundaries due to the presence of impurities 
and/or mechanical stress. On exposure to corrosive catal- 
ysis, the grain boundaries become anodic and the grains 
cathodic. 

interior label—In a computer, a magnetically 
recorded sequence added to a tape to identify the contents. 

interior-wiring-system ground—The ground 
connection to one of the current-carrying conductors of 
an interior wiring system. 

interlace— 1. In a computer, to assign successive 
storage location numbers to physically separated storage 
locations on a magnetic drum. This serves to reduce 
access time. 2. To transmit different interrogation modes 
on successive sweeps. 

interlaced scanning— Also called line interlace. 
1, A system of scanning whereby the odd- and even- 
numbered lines of a picture are transmitted consecutively 
as two separate fields. These are superimposed to create 
one frame, or complete picture, at the receiver. The 
effect is to double the apparent number of pictures and 
thus reduce flicker. 2. A scanning process in which the 
distance from center to center of successively scanned 
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lines is two or more times the nominal line width, and in 
which the adjacent lines belong to different fields. 

interlace factor—A measure of the degree of 
interlace of normally interlaced fields. 

interlace operation — A type of computer operation 
in which data can be read out of or copied into the mem- 
ory without causing interference to the other activities of 
the computer. See also interrupt; time sharing, 1. 

interlacing — A method of scanning used in televi- 
sion, in which each picture is divided into two or more 
complete sets of interlacing lines to reduce flicker. 

interlayer connection— An electrical connection 
between conductive patterns in different layers of multi- 
layer printed board. See through connection. 

interleave — 1. In a computer, to insert segments 
of one program into another program so that the two 
programs can be executed essentially simultaneously. 
2, See interlace. 

interleaving — 1. Placing between. For example, in 
the transmission of a composite color signal, the bands 
of energy of the chrominance signal are interleaved 
with, or placed between, those of the luminance signal. 
2. Assigning successive memory locations to different 
physical memory modules. 

interlock—A device actuated by the operation of 
some other device with which it is directly associated, 
to govern succeeding operations of the same or allied 
devices. Interlocks may be either electrical or mechanical. 

interlock circuit — A circuit in which a given action 
cannot occur until after one or more other actions have 
taken place. The interlocking action is generally obtained 
through the use of relays. 

interlocking — The forcing of a voltage of one fre- 
quency to be in step with a voltage of another frequency. 

interlock relay—1. A relay in which one armature 
cannot move or its coil be energized unless the other 
armature is in a certain position. 2. A relay with two sets 
of coils and respective armatures and contacts, so arranged 
that movement of one armature or energizing of its coil 
is dependent on the position of the other armature. 

interlock switch —A safety switch that deenergizes 
a high-voltage supply when a door or other access cover 
is opened. 

intermediate code— Machine input in a form 
between source and machine code; for example, pseu- 
docode. 

intermediate current— The range of current (mil- 
liamperes) at which formulation of carbonaceous material 
may significantly affect contact resistance. 

intermediate fluxes— Fluxes consisting of mild 
organic acids and certain of their derivatives, such as 
the hydrohalides. As a class, they are weaker than the 
inorganic salt types. 
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intermediate frequency— Abbreviated IF. 1. A 
frequency to which a signal wave is shifted locally 
as an intermediate step in transmission or reception. 
2. The fixed frequency resulting from heterodyning (i.e., 
beating or modulating to develop the sum or difference 
frequency signal) the incoming signal with a signal 
from the local oscillator. The IF used in FM tuners is 
commonly 10.7 MHz, and in AM tuners is 455 kHz. 
The IF signal is amplified in the IF channel, and it is 
here where most of the selectivity is introduced by tuned 
bandpass transformers and/or crystal or ceramic filters. 
3. In superheterodyne receiving systems, the frequency 
to which all selected signals are converted for additional 
amplification, filtering, and eventual detection. 

intermediate-frequency amplifier — 1. An ampli- 
fier tuned to a fixed frequency, or capable of single-control 
tuning over a range of frequencies, for the purpose of 
selecting one of the frequency components generated in a 
mixer circuit. 2, The central stages of a superheterodyne 
radio receiver that amplify the signals after they have been 
converted to a fixed intermediate frequency by a mixer 
(frequency converter). 

intermediate-frequency harmonic interfer- 
ence — Interference caused in superheterodyne receivers 
by the radio-frequency circuit accepting harmonics of the 
intermediate-frequency signal. 

intermediate-frequency interference ratio— 
See intermediate-frequency response ratio. 

intermediate-frequency jamming—A form of 
jamming in which two cw signals are transmitted at 
frequencies separated by an amount equal to the center 
frequency of the IF amplifier in the radar receiver. 

intermediate-frequency response ratio — Also 
called intermediate-frequency interference ratio. In a 
heterodyne receiver, the ratio of intermediate-frequency 
signal input at the antenna to the desired signal input for 
identical outputs. 

intermediate-frequency strip— Also called IF 
strip. A subassembly containing the intermediate-fre- 
quency stages in a receiver. 

intermediate-frequency transformer — Also 
called IF transformer. A transformer designed for use in 
the intermediate-frequency amplifier of a superheterodyne 
receiver. 

intermediate-frequency transformer-lead 
color code — Transformer leads in many radio receivers 
are identified by the following standard EIA colors: 


Blue: Plate Green: Grid or diode 
Red: B + Black: Grid return 
Green-black: Second diode (full-wave transformers only) 
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intermediate horizon—A screening object (such 
as a hill, mountain, ridge, building, etc.) similar to the 
radar horizon but nearer to the radar site. For example, a 
distant mountain range might be the radar horizon on a 
given azimuth, while a nearer, lower ridge might screen a 
valley between it and the mountain range; the ridge would 
be an intermediate horizon. 

intermediate means — All system elements needed 
to pertorm distinct operations in the measurement seq- 
uence between the primary detector and the end device. 

intermediate repeater—A repeater used other 
than at the end of a trunk or line. 

intermediate state — The partial superconductivity 
that occurs when a magnetic field of appropriate strength 
is applied to a sphere of material below its critical tem- 
perature (i.e., the temperature below which the material 
would superconduct if no magnetic field were present). 

intermediate storage —The portion of the com- 
puter storage facilities in which information in the pro- 
cessing stage usually is stored. 

intermediate subcarrier — A carrier used for mod- 
ulating a carrier or another intermediate subcarrier. It also 
may have been modulated by one or more subcarriers. 

intermediate switching region—-In a relay, an 
area between low level (including dry circuit) and power 
switching (including full rated load) where the contact 
arc does not destroy deposits that are byproducts of the 
switching function. 

intermediate trunk distributing frame—A 
frame in which are mounted terminal blocks for connect- 
ing linefinders and first selectors. 

intermetallic bond — The ohmic contact made when 
two metal conductors are welded or fused together. 

intermetallic compound — A compound of two or 
more metals that has a characteristic crystal structure that 
may have a definite composition corresponding to a solid 
solution, often refractory. 

intermittent — 1. Occurring at intervals. 2. Electrical 
connections when conducting paths alternately open and 
close at some essentially uncontrolled rate. (Intermittents 
are undesirable since continuous connections are normally 
required.) 3. Not continuously present; disappearing and 
reappearing. 

intermittent current — A unidirectional current that 
is interrupted at intervals. 

intermittent defect—A defect that depends on 
variable conditions in a circuit. Hence, it is not present at 
all times. 

intermittent duty — Operation for specified alternate 
intervals of load and no-load; load and rest; or load, no- 
load, and rest. 

intermittent-duty rating —-The output rating of 
a device operated for specified intervals rather than 
continuously. 

intermittent-duty relay— A relay that must be 
deenergized at intervals to avoid excessive temperature, 
or a relay that is energized at regular or irregular intervals, 
as in pulsing. 

intermittent pulsing—The transmission of short 
bursts of radiation at irregular intervals. 

intermittent rating —The permissible output of a 
piece of apparatus when it is operated for alternate periods 
of load and rest that have a definite ratio to each other, or 
when it is run for a stated period of time that is not long 
enough to produce the final temperature. 

intermittent reception—A defect in which the 
receiver operates normally for a while, at regular or 
irregular intervals. 

intermittent scanning -— One or two 360° scans of 
an antenna beam at irregular intervals to make detection 
by intercept receivers more difficult. 
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intermittent-service area — An area still receiving 
the ground wave of a broadcast station, but subject to 
interference and fading. 

intermod — Abbreviation for intermodulation distor- 
tion (IMD). Interference that results when strong signals 
from a nearby transmitter mix with the desired signal in 
a radio receiver. 

intermodulation — Sometimes called intermod. 1. In 
a nonlinear transducer element, the production of fre- 
quencies corresponding to the sums and differences of 
the fundamentals and harmonics of two or more frequen- 
cies transmitted through the transducer. 2. An error form 
that occurs in chopper-stabilized amplifiers when a beat 
component forms between the chopper drive frequency 
and normal signals that have frequencies near that of the 
chopper. 3. Mixing of two radio signals to produce a third 
signal that interferes with the reception of a desired signal. 

intermodulation distortion— Abbreviated IMD. 
1. Nonlinearity characterized by the appearance of fre- 
quencies in the output equal to the sums and differences 
of integral multiples of the component frequencies in the 
input signal. (Harmonics are usually not included.) 2. The 
introduction of unwanted signal energy as the result of 
interaction between two or more simultaneously repro- 
duced tones, causing a smearing or veiling of the sound. 
All recording and amplifying equipment produces a cer- 
tain amount of intermodulation distortion, but it can be 
held to sufficiently low levels to be below the threshold of 
audibility. 3. An analog-line impairment in which two fre- 
quencies interact to create an erroneous frequency, which 
in turn distorts the data-signal representation. 4. The pro- 
duction of spurious frequencies, not present in the original 
sound, that result from the interference or interaction of 
two (or more) sound signals that simultaneously occur in 
the original. These generally are sum and difference fre- 
quencies. For example, a 200-Hz and 75-Hz signal may 
occur at the same instant. If the equipment is prone to 
intermodulation distortion, these two may interact to pro- 
duce a spurious 125-Hz tone. 5. The distortion caused 
by the addition of sum and difference modulation prod- 
ucts when a complex wave (composed of two or more 
sine waves) passes through a nonlinear circuit. (When the 
modulation products are few, distortion is created; when 
they are many, noise is created.) 6. Distortion that results 
when two or more pure tones produce new tones with 
frequencies representing the sum and difference of the 
original tones and their harmonics. 

intermodulation frequencies — The sum and dif- 
ference frequencies generated in a nonlinear element. 

intermodulation interference — The combination- 
frequency tones produced at the output by a nonlinear 
amplifier or network when two or more sinusoidal volt- 
ages are applied at the input. Generally expressed as the 
ratio of the root-mean-square voltage of one or more 
combination frequencies to that of one of the parent fre- 
quencies measured at the output. 

intermodulation noise — Noise introduced in the 
channel of interest by signals being transmitted in other 
channels. 

internal arithmetic — Any computations performed 
by the arithmetic unit of a computer, as distinguished from 
those performed by peripheral equipment. 

internal calibration — Calibration by an internal 
voltage source (provided with the instrument) rather than 
an extemal standard. 

internal connection -— Abbreviated IC. In a vacuum 
tube, a base-pin connection designed not to be used for 
any circuit connections. 

internal correction voltage — The voltage added 
to the composite controlling voltage of an electron tube. 
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It is the voltage equivalent of those effects produced by 
initial electron velocity, contact potential, etc. 

internal graticule —A graticule whose rulings are 
a permanent part of the inner surface of the cathode-ray 
tube faceplate. 

internal input impedance— The actual impedance 
at the input terminals of a device. 

internally caused contact chatter — That chatter 
resulting from the operation or release of the relay. It 
may be classified as initial, armature-impact, armature- 
rebound, or armature-hesitation chatter. 

internally stored program — A sequence of instruc- 
lions (program) stored inside a computer in the same 
storage facilities as the computer data, as opposed to being 
stored externally on punched paper tape, pin boards, etc. 

internal magnetic recording — Storage of infor- 
mation within the material itself, such as used in magnetic 
cores. 

internal memory — Also called internal storage. The 
total memory or storage that is automatically accessible to 
a computer. It is an integral physical part of the computer 
and is directly controlled by it. 

internal node—A junction between internal logic 
elements within an integrated circuit. 

internal output impedance — The actual impe- 
dance at the output terminals of a device. 

internal photoelectric effect—The creation of 
free electrons within a solid by the absorption of a 
sufficient amount of photons. The effect produces an 
increase in the conductivity of the solid. 

internal resistance — 1. The effective series resis- 
tance in a source of voltage. 2. The resistance of a voltage 
source, such as a generator, battery or power supply, 
which acts to reduce the terminal voltage of the source as 
current is drawn. 

intemal storage— Also called main memory and 
core memory. 1. Storage facilities in a computer forming 
an integral physical part of and directly controlled by the 
computer. 2. The total storage automatically available to 
the computer. See also internal memory. 

internal timer—JIn a computer, the internal clock 
equipped with multiple registers that can monitor the 
duration of external events or generate a pulse after a 
fixed time. 

international broadcast statlon — A station licen- 
sed for transmission of broadcast programs for interna- 
tional public reception. By international agreement, 
quencies are allocated between 6000 and 26,600 kHz. 

international call sign — The identifying letters and 
numbers assigned to a radio station in accordance with 
the International Telecommunications Union. The first 
character, or the first two, identify the nationality of the 
station. 

international code signal— A code, adopted by 
many nations for international communication, in which 
combinations of letters are used in lieu of words, phrases, 
and sentences. 

international communication service — A tele- 
communication service between offices or stations (includ- 
ing mobile) belonging to different countries. 

international control station—A fixed station 
in the Fixed Public Control Service, directly associated 
with the International Fixed Public Radio Communication 
Service. 

international coulomb — The quantity of electricity 
passing any section of an electric circuit in 1 second when 
the current is 1 international ampere. One international 
coulomb equals 0.99985 absolute coulomb. 

international farad — The capacitance of a capacitor 
when a charge of 1 international coulomb produces a 
potential difference of 1 international volt between the 
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terminals. One international farad equals 0.99952 absolute 
f 

International Fixed Public Radiocommunica- 
tion Service — A fixed service, the stations of which 
are open to public correspondence, intended to provide 
radiocommunication between the United States or its ter- 
ritories and foreign points. 

international henry — The inductance that produces 
an electromotive force of 1 international volt when the 
current is changing at a rate of 1 international ampere per 
second. One international henry equals 1.00018 absolute 
hentys. 

international joule — The energy required to trans- 
fer 1 international coulomb between two points having a 
potential difference of 1 international volt. One interna- 
tional joule equals 1.00018 absolute joules. 

Intemational Morse code — Also called continen- 
tal code. 1. A system of dot-and-dash signals used chiefly 
for international radio and wire telegraphy. It differs from 
American Morse code in certain code combinations only. 
2. The Morse code that matches the English-language 
alphabet. 

international ohm-—The resistance at 0°C of a 
column of mercury of uniform cross section 106.300 
centimeters in length and with a mass of 14.4521 grams. 
One international ohm equals 1.00048 absolute ohms. 

International Radio Consultative Commi- 
ttee — Abbreviated CCIR. An international committee 
that studies technical operating and tariff questions per- 
taining to radio, broadcast television, and multichannel 
video transmissions and that issues recommendations. It 
reports to the International Telecommunications Union. 

international radio silence — Three-minute peri- 
ods of radio silence, commencing 15 and 45 minutes after 
each hour, on a frequency of 500 kHz only. During this 
time all radio stations are supposed to listen on that fre- 
quency for distress signals of ships and aircraft. 

international system (of electrical and mag- 
netic units)—A system for measuring electrical and 
magnetic quantities by using four fundamental quantities. 
Resistance and current are arbitrary values that corre- 
spond approximately to the absolute ohm and the absolute 
ampere. Length and time are arbitrarily called centimeter 
and second. The international system of electrical units 
was used between 1893 and 1947. By international agree- 
ment, it was discarded on January 1, 1948, in favor of the 
mksa (Giorgi) system. 

international telecommunication service — A 
telecommunication service between offices or stations in 
different states, or between mobile stations that are not in 
the same state or that are subject to regulation by different 
states. 

International Telecommunications Satellite 
Consortium — See AT. 

International Telecommunication Union — The 
United Nations specialized agency that deals with tele- 
communications. Its purpose is to provide standardized 
communications procedures and practices, including fre- 
quency allocation and radio regulations on a worldwide 
basis, 

International Telegraph Consultative Com- 
mittee — Abbreviated CCIT. An international commit- 
tee responsible for studying technical operating and tariff 
questions pertaining to telegraph and facsimile and issuing 
recommendations. It reports to the International Telecom- 
munications Union. 

international telephone address — A code not 
exceeding 12 digits that specifies a unique address for 
any telephone in the world. It consists of (a) a country or 
regional identity code of one, two, or three digits; (b) 
a three-digit numbering plan area code; (c) a two- or 
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three-digit central office code; plus (4) a four-digit station 
number. 

International Telephone Consultative Com- 
mittee — Abbreviated CCIF. An international committee 
responsible for studying and issuing recommendations 
regarding technical operations and tariff questions pertain- 
ing to ordinary telephones; carrier telephones; and music, 
picture, television, and multichannel telegraph transmis- 
sion over wire line. It reports to the International Telecom- 
munication Union. 

international temperature scale—A tempera- 
ture scale adopted in 1948 by international agreement. 
Between the boiling point of oxygen (—182.97°C) and 
630.5°C it 1s based upon the platinum resistance ther- 
mometer. From 630.5°C to 1063.0°C it is based on the 
platinum rhodium thermocouple, and above 1063.0°C on 
the optical pyrometer. 

international volt — The voltage that will produce a 
current of 1 international ampere through a resistance of 1 
international ohm. One international volt equals 1.00033 
absolute volts. 

international watt — The power expended when 1 
international ampere flows between two points having a 
potential difference of 1 international volt. One interna- 
tional watt equals 1.00018 absolute watts. 

Internet — A vast collection of many computer net- 
works that span the entire world and communicate across 
dedicated high-speed phone lines using a single protocol 
family called TCP/IP. The network used for electronic 
mail, file transfers, chat services, and general data com- 
munications. It consists of a backbone connected via gate- 
ways to many smaller networks such as LANs and WANs, 
and thus each network can access every other network. 

Internet gateway — An online service that allows 
access to the Internet. 

Internet protocol — See IP. 

Internet service provider — See ISP. 

internetworking — The technique of connecting indi- 
vidual LANs to form a larger network. 

internode — Communication paths that originate in 
one node and terminate in another. 

interoffice trunk — The telephone channel between 
two central offices. 

interoperability —The ability of computer equip- 
ment from different manufacturers to work together com- 
patibly. 

interphase transformer— An autotransformer or 
a set of mutually coupled reactors used with three-phase 
rectifier transformers to modify current relationships in 
the rectifier system and thereby cause a greater number 
of rectifier tubes to carry current at any instant. 

interphone — A telephone communication system 
wholly contained within an aircraft, ship, or activity. 

interphone system — An intercommunication sys- 
tem like that in an aircraft or other mobile unit. 

interpolate — To estimate the values of a function 
that are intermediate between those already known. 

interpolation — 1. The process of finding a value of 
a function between two known values. Interpolation may 
be performed numerically or graphically. 2. The process 
of determining a reading falling between two adjacent 
gradations on an analog meter scale. 

interpole —A small auxiliary pole placed between 
the main poles of a direct-current generator or motor to 
reduce sparking at the commutator. 

interposition trunk — A trunk connecting two posi- 
tions of a large switchboard so that a line on one position 
can be connected to a line on the other position. 

interpreter—1.A system program that converts 
and executes each instruction of a high-level language 
program into machine code as it runs, before going 


on to the next instruction. An interpreted program is 
slow—as much as 20 times slower than an assembled 
program — but speeds up program development because 
the effect of source changes can be seen immediately. 2. A 
computer executive routine by which a stored program 
expressed in pseudocode is translated into machine code 
as a computation progresses, and the indicated operation 
is performed by means of subroutines as they are trans- 
lated. 3. Programs that translate an assembled program 
into a complete machine-code listing on a line-by-line 
basis. If a statement is used in a program 10 times, it 
will be translated 10 times. 4. In a computer, a language 
translator that accepts high-level language (e.g., BASIC 
or Pascal) input text and translates this text into a spe- 
cial intermediate code that is simulated (interpreted) by 
a system program. Usually this intermediate code can- 
not be directly executed on a general-purpose processor. 
5. A program that calls on subroutines to execute a pro- 
gram. Example: add two numbers, then divide by another 
number. BASIC is usually implemented as an interpreter. 
6. A punch-card machine that will read the information 
conveyed by holes punched in a card and print its transla- 
tion in characters arranged in specified rows and columns 
on the card. 

interpreter code —A computer code that an inter- 
pretive routine can use. 

interpretive programming — The writing of com- 
puter programs in a pseudo machine language, which the 
computer precisely converts into actual machine-language 
instructions before performing them. 

interpretive routine — Computer routine designed 
to transfer each pseudocode and, using function digits, to 
set a branch order that links the appropriate subroutine 
into the main program. 

interrecord gap — Also called interblock space. See 
IRG. 

interrogate -—1. To determine the state of a device 
or circuit. 2. To retrieve information from computer files 
by use of predefined inquiries or unstructured queries 
handled by a high-level retrieval language. 

interrogation — The triggering of one or more trans- 
ponders by transmitting a radio signal or combination of 
signals. 

interrogation signal — A pulsed or cw signal emit- 
ted to initiate a reply signal from a transponder or respon- 
der. 

interrogation suppressed time delay—The 
overall fixed time that elapses between transmission 
of an interrogation and reception of the reply to this 
interrogation at zero distance. 

interrogator — Also called challenger. A radio trans- 
mitter used to trigger a transponder. 

interrogator-responser — A combined radio trans- 
mitter and receiver for interrogating a transponder and 
displaying the replies. 

interrupt—1. A processor feature that allows the 
currently executing program to be deferred in favor 
of servicing another. 2. A special instruction from a 
computer that temporarily disrupts normal operation and 
changes the normal flow of instruction execution. 3. In 
a computer, a break in the normal flow of a system 
or routine such that the flow can be resumed from that 
point at a later time. The source of the interrupt may be 
internal or external. 4. A method of stopping a process 
and identifying that a certain condition exists. In graphic 
systems, interrupts can originate from data entry devices, 
the display list, the host computer, the refresh clock, and 
display error conditions. When an interrupt occurs, the 
host computer and display refresh cease until the interrupt 
is answered and processed. At that time, the host computer 
will restart the refresh — usually from where it was halted. 
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If a new display list is to be presented, the display starts 
at the beginning of the list. 5. To stop a process in such 
a way that it can be resumed. 

interrupted continuous waves — Abbreviated 
ICW. Continuous waves that are interrupted at an audio- 
frequency rate. 

interrupt enable — See interrupt mark. 

interrupter — 1. A magnetically operated device used 
for rapidly and periodically opening and closing an elec- 
tric circuit in doorbells and buzzers and in the primary 
circuit of a transformer supplied from a de source. 2. A 
device used to produce interrupted ringing cycles. It also 
may be employed with the release alarm to start signal 
alarm circuits of the switching equipment and thereby pro- 
vide timed delay in the sounding of a failure alarm. 3. An 
electrical, electronic, or mechanical device that period- 
ically interrupts a continuous current to produce pulses. 
4. A device that produces an electrical output signal when 
an object breaks the light (visible or invisible) between a 
light source and a photodetector. 

interrupter contacts—On a stepping relay, an 
additional set of contacts operated directly by the arma- 
ture. 

interrupting capacity—The maximum power in 
the arc that can be interrupted by a circuit breaker or 
fuse without the occurrence of restrike or violent failure. 
Rated in volt-amperes for ac circuits and in watts for dc 
circuits. 

interrupting rating — 1. Conditions under which the 
contact of a relay must interrupt with a prescribed duty 
cycle and contact life. 2. The amount of current that a 
fuse can interrupt without the fuse cartridge rupturing or 
showing any external sign of damage. 

interrupting time — In a circuit breaker, the interval 
between the energizing of the trip coil and the interruption 
of the circuit, at the rated voltage. 

interrupt latency — The delay between an interrupt 
request and acknowledgment of the request. 

interrupt mark—A mechanism that allows a pro- 
gram to specify whether or not an interrupt request will 
be accepted by the computer (sometimes called interrupt 
enable). 

interrupt request—A signal to a computer that 
temporarily suspends the normal sequence of a routine 
and transfers control to a special routine. Operation can be 
resumed from this point later. Ability to handle interrupts 
is very useful in communication applications, where it 
allows the microprocessor to service many channels, 

Interrupt vector—- 1. Typically, two memory loca- 
tions assigned to an interrupting device and containing 
the starting address and processor status word for its ser- 
vice routine. 2. A function that facilitates fast handling 
of external interrupts by having the hardware supply a 
value corresponding to the device causing the interrupt. 
This value then becomes an index into the interrupt vector 
that contains a pointer to the appropriate interrupt service 
routine. 

interstage — Between stages. 

interstage coupling — Coupling between stages. 

interstage transformer — A transformer that cou- 
ples two stages together. 

interstation noise suppression— Canceling of 
the noise that occurs when a high-gain radio receiver with 
automatic volume control is tuned between stations. 

interstitial site —A position that is inside a crystal 
lattice but is not one of the proper sites ordinarily 
occupied by the atoms of the crystalline material. Impurity 
ions of the proper size can occupy such positions in a 
lattice that is otherwise regular. 

intersymbol interference — 1. In a transmission 
system, extraneous signal energy during one or more 


keying intervals that tends to hinder the reception of the 
signal in another keying interval. 2. The disturbance that 
results from this condition. 

interties — See interconnection, 1. 

intertoll trunk—A trunk linking toll offices in 
different telephone exchanges. 

interval— A period from one event to another. An 
interval timer controls the time a load is energized or 
deenergized. 

interval calibration — See step calibration. 

interval circutt— A circuit that is energized during 
timing only. This can be accomplished by using a timer 
with interval contacts, or by using a timer with delayed 
contacts in series with the start switch, or one with 
instantaneous contacts in series with delayed contacts. 

interval contacts—JIn a timer, contacts that are 
actuated only for the duration of the preset time interval. 

interval timer— 1. A device for measuring the time 
interval between two actions. 2. A timer that switches 
electrical circuits on or off for the duration of the 
preset time interval. 3. A hardware or software clock that 
generates an interrupt after a specified period has elapsed. 

interword space — In telegraphy, the space between 
words or coded groups. It is equal to seven unit lengths. 

intonation—The slight modification of pitch, or 
frequency, that makes a note sound flat or sharp compared 
with the natural frequency of the note played. 

intracardiac — Pertaining to instruments whose pick- 
up element is inserted through a vein directly into the 
heart chambers. 

intraconnections (microelectronics) — 1. Those 
conductors and connections that are in continuous integral 
contact with the substrate or circuit elements of an 
integrated circuit. 2. See interconnection. 

intraoffice trunk— Telephone channel used to inter- 
connect two customer lines within the same central office. 

intrinsically safe — Incapable of releasing sufficient 
electrical energy to ignite a specific atmospheric mixture 
under normal conditions or such abnormal conditions as 
accidental damage to any part of the equipment or wiring 
insulation, failure of electrical components, application 
of overvoltage, or improper adjustment or maintenance 
operations. 

intrinsic-barrier diode— A pin diode in which a 
thin region of intrinsic material separates the n-type and 
p-type regions. 

intrinsic-barrier transistor — A pnip or npin tran- 
sistor in which a thin region of intrinsic material separates 
the collector from the base. 

intrinsic brightness — The luminous intensity mea- 
sured in a given direction per unit of apparent (projected) 
area when viewed from that direction. 

intrinsic characteristics —Characteristics of a 
material that depend on the material itself and do not 
result from impurities. 

intrinsic coercive force — The magnetizing force 
that, when applied to a magnetic material in a direction 
opposite to that of the residual induction, reduces the 
intrinsic induction to zero. 

intrinsic coercivity— The measurement (in oerst- 
eds) of the force required to reduce the intrinsic induction 
of the magnetized material to zero. 

intrinsic concentration — In a semiconductor, the 
number of minority carriers that exceeds the normal 
equilibrium number. 

intrinsic conduction — In an intrinsic semiconduc- 
tor, the conduction associated with the directed movement 
of electron-hole pairs under the influence of an electric 
field. 
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intrinsic contact potential difference — The true 
potential difference between two spotlessly clean metals 
in contact. 

intrinsic delay — See insertion delay. 

intrinsic detector — A photodetector composed of a 
photoconductive material that, when exposed to radiation, 
conducts without the aid of added impurities and does 
not have to be cooled to the level of extrinsic material. 
Examples of intrinsic materials are silicon and cadmium 
sulfide. 

intrinsic electric strength—The characteristic 
electric strength of a material. 

intrinsic flux — The product of the intrinsic flux den- 
sity and the cross-sectional area of a uniformly magne- 
tized sample of material. 

intrinsic flux density —In a sample of magnetic 
material, the excess of the normal flux density over the 
flux density in a vacuum for a given magnetizing field 
strength. In the cgs system, the intrinsic flux density is 
numerically equal to the difference between the ordinary 
flux density and the magnetizing field strength. 

intrinsic hysteresis foop—A curve that shows 
intrinsic flux density as a function of magnetizing field 
strength, where the magnetizing field is cycled between 
equal values of opposite polarity. Hysteresis is indicated 
by the fact that the ascending and descending portions of 
the curve do not coincide. 

intrinsic induction — The excess magnetic induction 
produced in a magnetic material by a given magnetizing 
force, over the induction that would be produced by the 
same magnetizing force in a vacuum. 

intrinsic insulation — Any method of isolating fields 
or current within a semiconductor or other substrate. 
Among these are thermal oxidation, fabrication of an 
isolating layer of intrinsic semiconductor material, and 
creation of one or more back-based functions. 

intrinsic-junction transistor — See intrinsic-region 
transistor. 

intrinsic layering— The method of separating two 
regions of conductive semiconductor by a region of near- 
intrinsic semiconductor material. This material differs 
enough in resistivity from the adjacent regions to serve 
as an insulator, 

intrinsic material— A semiconductor material in 
which there are equal numbers of holes and electrons, 
i.e., NO impurities. 

intrinsic mobility — The mobility of electrons in an 
intrinsic semiconductor or in a semiconductor having a 
very low concentration of impurities. 

intrinsic noise —- Noise that is due to the device or 
transmission path and is independent of modulation. 

intrinsic permeability —Ratio of intrinsic normal 
induction to the corresponding magnetizing forces. 

intrinsic photoconductivity —The absorption of 
a photon raising an electron across the forbidden gap 
from valence to conduction band of the semiconductor, 
whereby conductivity is increased and incident radiation 
may be measured. 

intrinsic photoemission — The photoemission that 
would occur if a crystal were pure and its structure perfect. 

intrinsic properties— The semiconductor proper- 
ties that are characteristic of the pure, ideal crystal. 

intrinsic Q — See unloaded Q (switching tubes). 

intrinsic region — See i region; depletion region. 

intrinsic-region transistor — Also called intrinsic- 
junction transistor. A four-layer transistor with an intrinsic 
region between the base and collector. Examples are npin, 
pnip, npip, and pnin transistors. 

intrinsic reliability — The probability that a device 
will perform its specified function, determined by 


Statistical analysis of the failure rates and other 
characteristics of the parts and components the device 
comprises, 

intrinsic semiconductor — 1. A semiconductor in 
which some hole and electron pairs are created by thermal 
energy at room temperature, even though there are no 
impurities in it. 2. A semiconductor with substantially 
the same electrical properties as those of the ideal 
crystal. 3. An element or compound that has the same 
electron energy band configuration as an insulator, but 
has a forbidden energy gap that is sufficiently narrow to 
permit transfer of electrons from the valence band to the 
conduction bands at normal temperatures. Conduction in 
an intrinsic semiconductor takes place via equal number 
of conduction band electrons and valence band holes. 

intrinsic standoff ratio — In a unijunction transis- 
tor, the difference between the emitter voltage at the peak 
point with a specific interbase voltage and the forward 
voltage drop of the emitter junction, divided by the volt- 
age on base 2 with respect to base 1. 

intrinsic temperature range— The temperature 
range at which impurities or imperfections within the 
crystal do not modify the electrical properties of a 
semiconductor. 

intrusion alarm system—An alarm system for 
signaling the entry or attempted entry of a person or an 
object into the area or volume protected by the system. 

Invar—An alloy containing 63.8 percent iron, 36 
percent nickel, and 0.2 percent carbon. Has a very 
low thermal coefficient of expansion. Used primarily as 
resistance wire in wirewound resistors. 

inverse beta — The transistor gain that results when 
the emitter and collector loads are physically reversed in 
the operation of a circuit. 

inverse common base — Transistor circuit config- 
uration in which the base terminal is common to the input 
circuit and to the output circuit and in which the input ter- 
minal is the collector terminal and the output terminal is 
the emitter terminal. 

inverse common collector— Transistor circuit 
configuration in which the collector terminal is common 
to the input circuit and to the output circuit and in which 
the input terminal is the emitter terminal and the output 
terminal is the base terminal. 

inverse common emitter — Transistor circuit con- 
figuration in which the emitter terminal is common to 
the input circuit and to the output circuit and in which 
the input terminal is the collector terminal and the output 
terminal is the base terminal. 

inverse direction of operation—A mode of 
operating a transistor in which the nominal collector 
region acts as an emitter and in which the net flow of 
minority carriers is from the nominal collector region to 
the base region. 

inverse electrical characteristics — In a transis- 
tor, those characteristics obtained when the collector and 
emitter terminals are interchanged and the transistor is 
then tested in the normal manner. 

inverse electrode current— The current flowing 
through an electrode in the opposite direction from that 
for which the tube was designed. 

inverse feedback — See negative feedback. 

inverse-feedback filter—A tuned circuit at the 
output of a highly selective amplifier having negative 
feedback. The feedback output is zero for the resonant 
frequency, but increases rapidly as the frequency deviates. 

inverse Fourier transform — A mathematical oper- 
ation that synthesizes a time-domain signal from its com- 
plex spectrum components. If a time-domain signal is 
Fourier transformed and then inverse Fourier transformed, 
the original time function is reconstructed. 
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Getting Started with Tool Building 


Once you’ve become comfortable in your lab and have had time to play with a few circuits, you might 
start to notice that some of the “tools” you’ve been using are just simple electronic circuits themselves. 
Good examples are power supplies and meters. These are great tool-building projects because you can 
see useful results early. 

Let’s take a look at building a couple of simple electronic tools that might be of use in your lab. 
Hopefully you will develop a better understanding of how these tools work. Ideally, you will progress 
from the basic question of “Does it work?” to the more involved questions of “How well does it work and 
what can I do to improve it?” 

Please bear in mind that these exercises, while hopefully useful, are to illustrate what needs to go 
into the building of practical, reliable tools. At every stage you should be thinking about what design 
choices you have and which choices will enhance the usefulness of your tool-building process. 


A Very Simple Power Supply 


Almost all electronic projects need electricity to work. Having a good, dependable power supply at your 
disposal on your bench will get you started faster on new projects. You won't have to worry about dead 
batteries and flaky power adapters. See Figure A-1. 
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inverse limiter— A transducer with a constant output 
for inputs of instantaneous values within a specified range. 
Above and below that range, the output is linear or some 
other prescribed function of the input. 

inverse networks— Any two two-terminal net- 
works in which the product of their impedances is inde- 
pendent of frequency within the range of interest. 

inverse neutral telegraph transmission— A 
form of transmission in which zero-current intervals are 
used as marking signals, and current pulses of either 
polarity are used as spacing signals. 

inverse-parallel connection — See back-to-back 
circuit. 

inverse peak voltage — The peak instantaneous 
voltage across a rectifier tube during the nonconducting 
half-cycle. 

inverse photoelectric effect — The transformation 
of the kinetic energy of a moving electron into radiant 
energy, as in the production of X-rays. 

inverse piezoelectric effect— Contraction or 
expansion of a piezoelectric crystal under the influence 
of an electric field. 

inverse ratio —-The seesaw effect whereby one value 
increases as the other decreases or vice versa. 

inverse-square law — |. The strength of a field, or 
the intensity of radiation, decreases in proportion to the 
square of the distance from its source. 2. The law stating 
that the illuminance (or irradiance) from a point source 
varies as the inverse square of the distance between the 
source and the receiver. 

inverse time — A qualifying term applied to a relay, 
indicating that its time of operation decreases as the 
magnitude of the operating quantity increases. 

inverse voltage—The effective voltage across a 
rectifier tube during the half-cycle when current does not 
flow. 

inverse Wiedemann effect— See Wiedemann 
effect. 

inversion — 1. The bending of a radio wave because 
the upper part of the beam is slowed down as it travels 
through denser air. This may occur when a body of cold 
air moves in under a moisture-laden body of air. 2. The 
producing of inverted or scrambled speech by beating an 
audio-frequency signal with a fixed band of the resultant 
beat frequencies. The original low andio frequencies then 
become high frequencies and vice versa. 

inversion layer—A layer of doped semiconductor 
material that has changed to the opposite type, such as 
a p layer at the surface of an un-doped region. Surface 
inversion layers may be the result of surface ions or 
dopant gettering by surface passivation material or the 
action of induced electric fields. See also channel, 6. 

inverted amplifier — An amplifier stage containing 
two vacuum tubes. The control grids are grounded, and 
the driving excitation is applied between the cathodes. The 
grids then serve as a shield between the input and output 
circuits. Thus, the output-circuit capacitance is greatly 
reduced. 

inverted-L antenna — An antenna consisting of one 
or more horizontal wires with a vertical wire connected 
at one end. 

inverted speech — See scrambled speech. 

inverter— 1. A circuit that takes in a positive signal 
and puts out a negative one, or vice versa. 2, A device 
that changes alternating current to direct current or vice 
versa. It frequently is used to change 6-volt or 12-volt 
direct current to 110-volt alternating current. 3. A device 
that accepts an input that is a function of the maximum 
voltage and changes it into an output that is a function of 
both the maximum voltage and time. 4, A circuit with one 
input and one output, and whose function is to invert the 
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Inverted-L antenna. 


input. When the input is high, the output is low, and vice 
versa. The inverter is sometimes called a NOT circuit, 
since it produces the reverse of the input. 5. A device or 
circuit that complements a Boolean function. 
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Inverter, 4. 


inverter circuit — See NOT circuit. 

inverting amplifier— An amplifier in which the 
output polarity is the opposite of the input polarity. 
Such an amplifier obtains negative feedback through a 
connection from the output to the input, and with high 
gain it is widely used as an operational amplifier. 

inverting connection— The closed-loop connec- 
tion of an operational amplifier when the forward gain 
is negative for de signals. A 180° phase shift. 

inverting input— An input terminal of a differential 
amplifier that produces an output signal of opposite phase 
(shifted 180”) than that of the input signal. 

inverting parametric device—A_ parametric 
device whose operation depends essentially upon three 
frequencies: a harmonic of the pump frequency, and two 
signal frequencies, of which the higher signal frequency is 
the difference between the pump harmonic and the lower 
signal frequency. 

invisible file — See hidden file. 

invíster— A high-frequency, high-transconductance 
unipolar structure made by means of lateral diffusion. 

inward-outward dialing system—-A dialing sys- 
tem by means of which calls within the local exchange 
area may be dialed directly to or from base private branch 
exchange telephone stations without the assistance of an 
operator at the base private branch exchange. 

inward WATS — Inward wide area telephone service 
that permits a customer, for a monthly charge, to receive 
incoming station-to-station calls from telephones within 
prescribed service areas or in six interstate bands, without 
charge to the calling party. A telephone service similar to 
WATS but applicable to incoming calls only. 

1/O or i/o—Abbreviation for input/output. 1. The 
components of a computer system’s architecture that 
control the flow of data and instructions to and from 
the CPU. 2. Any equipment that introduces data into or 
extracts data from a data communications system. 

IOC — See integrated optical circuit. 

I/O device— Abbreviation for input/output device. 
1. A disk drive, magnetic tape unit, printer, or similar 
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device that transmits data to or receives data from a 
computer or secondary storage device. 2. A general term 
for equipment used to communicate with a computer. 3. A 
device that supplies data and instructions to the computer 
and receives the computer’s output, or a circuit that 
interfaces with such a device. 4. Input/output equipment 
used to communicate with a system. 

I/O electrical isolation — Separation of the field 
wiring circuits from the logic level circuits of the PC, 
typically done with optical isolation. 

I/O modules — General-purpose circuit modules that 
interface a microprocessor to relays, switches, and trans- 
ducers. Each module contains almost all necessary inter- 
face circuitry in one package either to sense a load, control 
a switch, or condition a transducer signal so that practi- 
cally no other interface design is required. 

ion— |. An atom that has become charged by gaining 
or losing one or more orbiting electrons. A completely 
ionized atom is stripped of all electrons. 2. An atom 
or molecule with an electrostatic charge. 3. The charged 
particle formed when one or more electrons are taken 
from or added to a previously neutral atom or molecule. 
An atom that has gained additional electrons is thus a 
negative ion, whereas an atom that has lost an electron or 
electrons is a positive ion. 

ion charging — In a storage tube, spurious charging 
or discharging caused by ions striking the storage surface. 

ion counter — A tubular chamber for measuring the 
ionization of air. 

ion-exchange electrolyte cell —A fuel cell that 
uses the reaction of hydrogen with oxygen from the air. 
It is similar to the standard hydrogen-oxygen fuel cell, 
except that an ion-exchange membrane replaces the liquid 
electrolyte. Operation is at atmospheric pressure and room 
temperature. 

ionic conductivity — The transit phenomenon that 
occurs as a result of positive and/or negative charge 
movement in an electrolyte when placed in an electric 
field, 

ionic focusing — Focusing the electron beam in a 
cathode-ray tube by varying the filament voltage and 
temperature to change the electrostatic focusing field 
automatically produced by the accumulation of positive 
ions in the tube. 

ionic-heated cathode — A cathode that is heated 
primarily by bombardment with ions. 

ionic-heated cathode tube— An electron tube 
containing an ionic-heated cathode. 

ionic tweeter — A type of speaker in which a varying 
electrostatic field activates a mass of air ionized by a high- 
voltage radio-frequency field. Ionic speakers are capable 
of extremely extended high-frequency response (up to 100 
kHz or so) because of the extreme lightness of the ionic 
“diaphragm.” 

ion implantation — 1. A precise and reproducible 
method of semiconductor doping in which selected 
dopants are ionized and accelerated at high velocity 
to penetrate the semiconductor substrate and become 
deposited below the surface. Charged atoms (ions) of 
elements such as boron, phosphorus, or arsenic are accel- 
erated by an electric field into the semiconductor mate- 
rial. This technique ensures uniform, accurately controlled 
depth of implantation and ionic diffusion in the water. 
2. A processing step by which standard p-channel dif- 
fused MOS devices are made directly compatible with 
TTL/DTL logic. It is a highly controllable process that 
allows the adjusting of gate threshold voltages and also 
allows the fabrication of both enhancement-mode and 
depletion-mode transistors on the same chip. 3. A process 
that uses accelerated atoms to implant source and drain 
regions in metal-oxide semiconductors. It offers higher 
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speed and lower threshold voltages and can also be used 
with PMOS, NMOS, and CMOS. 


fon implantation. 


ion-implanted MOS — Abbreviated IMOS. A 
method for doping substrates with a stream of ionized 
dopant atoms. Ions are electrically shot into the substrate 
instead of diffusing atoms at high temperatures. 

ionization — 1. The dissociation of inert-gas atoms 
into positive and negative ions in an electric field, result- 
ing in the emission of light. 2. The state of an insulator in 
which it facilitates the passage of current because of the 
presence of charged particles (usually induced artificially). 
3. The electrically charged particles produced by high- 
energy radiation (such as light or ultraviolet rays) or by 
the collision of particles during thermal agitation. 4. The 
formation of ions. The process of giving a net charge to 
a neutral atom or molecule by adding or subtracting an 
electron, This can be accomplished by radiation or by a 
strong electric field, 

ionization arcover— |. Formation of an electrical 
arc between terminals or contacts as a result of ionization 
of the adjacent air or gas. 2. Formation of an arc between 
the terminals of a satellite antenna as the satellite passes 
through the ionized regions of the ionosphere. 

ionization chamber — |. An enclosure containing 
two or more electrodes between which an electric current 
may pass when the gas within is ionized. The current is a 
measure of the total number of ions produced in the gas 
by externally induced radiations. 2, A chamber containing 
a gas through which ionizing particles pass. A voltage 
is applied across the chamber so as to collect the ions 
produced and permit the ion current to be measured. 

ionization current — The current resulting from the 
movement of electric charges, under the influence of an 
applied electric field, in an ionized medium. 

ionization energy— Sometimes called ionization 
potential. The minimum amount of energy (usually 
expressed in electronvolts) required to eject an electron 
from a molecule. 

ionization factor — The difference between percent 
power factors of a dielectric at two specified values of 
electrical stress. The lower of the two stresses is usually 
selected so that the effect of ionization on power factor 
at this stress is negligible. 

ionization gage—1.A gage that measures the 
degree of a vacuum in an electron tube by the amount 
of ionization current in the tube. 2. A type of radiation 
detector that depends on the ionization produced in a 
gas by the passage of a charged particle through it. One 
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of the best known is the Geiger-Mueller counter. Cloud 
chambers and spark chambers can also be included in this 
category. 

ionization-gage tube — An electron tube that mea- 
sures low gas pressure by the amount of ionization current 
produced. 

ionization potential — 1. The energy, expressed in 
electronvolts, needed to remove one electron from a 
neutral atom or molecule in its ground state. 2. The 
amount of energy, for a particular kind of atom, required 
to remove an electron from the atom to infinite distance. 
The ionization potential is usually expressed in volts. 

ionization pressure —-An increase in the pressure 
in a gaseous discharge tube due to ionization of the gas. 

ionization resistance — See corona resistance. 

ionization smoke detector— A smoke detector in 
which a small amount of radioactive material ionizes the 
air in the sensing chamber, thus rendering it conductive 
and permitting a current through the air between two 
charged electrodes. This effectively gives the sensing 
chamber an electrical conductance. When smoke particles 
enter the tonization area, they decrease the conductance 
of the air by attaching themselves fo the ions, causing a 
reduction in mobility. When the conductance is less then 
a predetermined level, the detector circuit responds. 

ionization time — 1. The time interval between the 
initiation and the establishment of conduction in a gas 
tube at some stated voltage drop for the tube. 2. The 
elapsed time to achieve normal glow after a voltage 
greater than the breakdown voltage is applied to a glow 
lamp. 

ionization transducer— A transducer in which 
displacement of the force-summing member is sensed by 
the induced changes in differential ion conductivity. 
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ionization vacuum gage— A gage in which the 
operation depends on the positive ions produced in a gas 
by electrons as they accelerate between a hot cathode 
and another electrode in a vacuum. It ordinarily covers a 
pressure range of 10™ to 107}? mm of mercury. 

ionization voltage (corona level) — The minimum 
value of falling rms voltage that sustains electrical dis- 
charge within the vacuous or gas-filled spaces in the cable 
construction or insulation. 

tonize — To free an electron from an atom or molecule 
(e.g., by X-ray bombardment) and thus transform the atom 
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or molecule into a positive ion. The freed electron attaches 
itself to another atom or molecule, which then becomes a 
negative ion. 

ionized layers— Layers of increased ionization 
within the ionosphere. They are responsible for absorp- 
tion and reflection of radio waves and are important for 
communication and for tracking satellites and other space 
vehicles. 

ionizing event— Any interaction by which one or 
more ions are produced. 

ionizing radiation—1. Radiant electromagnetic 
energy and high-energy particles that cause the division 
of a substance into parts carrying positive and negative 
charges. High-energy particles can directly ionize sub- 
stances, whereas electromagnetic radiation sets in motion 
charged particles that then produce ions. 2. Generally, any 
radiation having sufficient energy to dislodge electrons 
from atoms or molecules while traveling through a sub- 
stance, thereby producing ions. 

ion migration— 1. Movement of the ions produced 
in an electrolyte by application of an electric potential 
between electrodes. 2. The movement of free ions within 
a material or across the boundary between two materials 
under the influence of an applied electric field. 

¡onophone — A high-frequency speaker in which the 
audio-frequency signal modulates an rf supply to maintain 
an arc in the mouth of a quartz tube. The resultant 
modulated wave acts directly on the ionized air under 
pressure and thus creates sound waves, 

ionosphere — The part of the earth’s outer atmo- 
sphere where sufficient ions and electrons are present to 
affect the propagation of radio waves. 

ionospheric absorption — The loss of energy of a 
radio wave as it travels through the atmosphere, setting 
particles in motion. The energy needed to create this 
motion is equal to the loss. 

ionospheric disturbance — |. The variation in the 
state of ionization of the ionosphere beyond the normal 
observed random day-to-day variation from the average 
value for the location, date, and time of day under 
consideration. 2. Change in the part of the earth’s outer 
atmosphere (ionosphere) that affects transmission and 
reception of radio signals. 

ionospheric D scatter meteor burst— A phe- 
nomenon in which the penetration of meteors through 
the D region of the ionosphere affects ionospheric scatter 
communications. 

ionospheric error — Also called sky error. In nav- 
igation, the total systematic and random error resulting 
from reception of the navigational signal after it has been 
reflected from the ionosphere. It may be due to variations 
in the transmission path, uneven height of the ionosphere, 
or uneven propagation within the ionosphere. 

ionospheric prediction — The forecasting of iono- 
spheric conditions and the preparation of radio propaga- 
tion data derived from it. 

ionospheric scatter — See forward scatter. 

ionospheric storm— An ionospheric disturbance 
associated with abnormal solar activity and characterized 
by wide variations from normal, including turbulence 
in the F regior. and increases in absorption. Often the 
ionization density is decreased and the virtual height is 
increased. The effects are most marked in high magnetic 
latitudes. 

ionospheric wave — Also called a sky wave. A 
radio wave that is propagated by way of the ionosphere. 

ion sheath— A positive-ion film that forms on or 
near the grid of a gas tube and limits its controi action. 

ion Spot— 1. In camera or image tubes, the spurious 
signal resulting from bombardment of the target or 
photocathode by ions. 2. On a cathode-ray-tube screen, 
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an area where the luminescence has been deteriorated by 
prolonged bombardment with negative ions. 3. A spot 
on the fluorescent surface of a cathode-ray tube that 
is somewhat darker than the surrounding area because 
of bombardment by negative ions, which reduce the 
sensitivity. 

ion trap — Also called a beam bender. 1. An electron- 
gun structure and magnetic field that diverts negative ions 
to prevent their burning a spot in the screen, but permits 
electrons to flow toward the screen. 2. An arrangement of 
magnetic fields and apertures that will allow an electron 
beam to pass through but will obstruct the passage of tons. 
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I/O rack— A chassis that contains I/O modules. 

I/O scan — The time required for the PC processor to 
monitor all inputs and control all outputs. The VO scan 
repeats continuously. 

IP — Abbreviation for Internet Protocol. The Internet 
standard protocol that provides a common layer over 
dissimilar networks, used to move packets among host 
computers and through gateways if necessary. 

Ip — Symbol for the plate current of a vacuum tube. 

I-phase carrier— Also called in-phase carrier. A 
carrier separated in phase by 57° from the color subcarrier. 

ips— Abbreviation for inches per second. Used for 
specifying the speed of a tape traveling past the heads 
of a tape recorder, The most common speeds are 17% ips 
(4.75 cm/s); 3%, ips (9.5 cm/s) and 7!/ ips (19 cm/s). 

IR — 1. Abbreviation for interrogator response. 2. Abb- 
reviation for infrared. 3. Abbreviation for insulation resis- 
tance. That resistance offered by an insulation to an 
impressed dc voltage, tending to produce a leakage current 
through the insulation. 

PR — Power in watts expressed in terms of the current 
(I) and resistance (R). 

IRAC — Acronym for Interdepartmental Radio Advi- 
sory Committee. It is composed of representatives of 
eleven government agencies: The FCC; Army; Navy; Air 
Force; Maritime Commission; and the Treasury, State, 
Commerce, Agriculture, Interior, and Justice Depart- 
ments. 

IR compensation — A control device that compen- 
sates for voltage drop due to current flow. 

IR drop — 1. The voltage produced across a resistance 
(R) when there is a current (7) through the resistor. 2. The 
voltage drop that exists across a resistance when a current 
is flowing through it. 
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IRE — Abbreviation for Institute of Radio Engineers, 
an organization now merged with AIFE. See IEEE. 

IRED — An infrared-emitting diode that emits photons 
in the infrared spectrum when forward biased. See also 
light-emitting diode. 

i region— Abbreviation for intrinsic region. In sili- 
con, a pure region of the group IV element (i.e., having 
neither excess holes or excess electrons, and therefore 
having very high resistivity). 

IRG — Abbreviation for interrecord gap. 1. Erased area 
between records that allows stop/start and speed standard- 
ization when writing or reading data blocks on magnetic 
tape. 2. The space between records on magnetic tape 
caused by delays involved in starting and stopping the 
tape motion. This gap is used to signal that the end of a 
record has been reached. 

iridescence — The rainbow exhibition of colors in a 
body, usually caused by interference of light of differ- 
ent wavelengths reflected from superficial layers in the 
surface of a material. 

iris— Also called diaphragm. 1. In a waveguide, a 
conducting plate (or plates) that is very thin (compared 
with the wavelength) and occupies part of the cross 
section of a waveguide. When only a single mode can be 
supported in the waveguide, an iris appears substantially 
as a shunt admittance. 2. An adjustable aperture built into 
a camera lens to permit control of the amount of light 
passing through the lens. 

iris diaphragm — A simple mechanism used to vary 
the diameter of an aperture. Consists of a number of thin, 
arc-shaped, metal blades that surround the aperture, each 
blade having a lower stud at one end and an upper stud 
at the other end. The lower studs fall into holes in a 
fixed ring surrounding the aperture, while the upper studs 
are held by radial slots in a rotatable control ring. Iris 
openings are measured in f-stops. 

PR loss — The power lost in transformers, generators, 
connecting wires, and other parts of a circuit because of 
the current / through the resistance R of the conductors. 

iron constantan—A combination of metals used 
in thermocouples, thermocouple wires, and thermocouple 
lead wires. Constantan is an alloy of copper, nickel, 
manganese, and iron. The iron wire is the positive, the 
constantan the negative wire. 

iron-core coil —A coil in which iron forms part or 
all of the magnetic circuit, linking its winding. In a choke 
coil, the core is usually built up of laminations of sheet 
iron. 

iron-core transformer— A transformer in which 
iron forms part or all of the magnetic circuit, linking the 
transformer windings. 

ironless rotor motor—-A motor that has a station- 
ary permanent magnet located in the center of the rotor. 
The housing is made of soft steel and provides a retum 
path for magnetic flux. Rotor coils are wound on a non- 
magnetic cage. The rotating member consists only of the 
hollow cage, the winding shaft, and commutator. Advan- 
tages include the elimination of cogging, lower starting 
voltages, and smoother starting and running. The motors 
are lightweight, hence inertia is low, providing a high 
torque-to-inertia ratio and high acceleration. The main 
disadvantage is that the complex construction is more 
expensive. 

iron loss — See core loss. 

iron-vane instrument— An indicating instrument 
whose operating portion consists of two iron bars, one 
fixed, one pivoted, placed parallel to each other inside a 
signal coil. Current through the coil magnetizes the bars 
in the same direction, and they repel each other, causing 
the pointer to pivot against the force of a hairspring. A 
damping vane may be used to slow the movement of the 
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pointer. Deflection is the same for ac or dc; the meter 
does not have polarity. The instrument has a nonlinear 
scale, and readings below !/s scale are extremely difficult 
to make. Because of inductance effects, use of this type 
of meter is limited to power-line frequencies. 
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irradiance — The incident radiated power per unit 
area of a surface; the radiometric counterpart of illumina- 
lion, usually expressed in watts per square centimeter. 

irradiation — 1. The application of X-rays, radium 
rays, or other radiation. 2. The amount of radiant energy 
per unit area reccived during a given time interval. 
This term is used in radiological therapy as well as 
in describing accidental exposure to radiation. It also 
can be used to denote radiant energy that ultimately 
passes through the skin to supply power to implanted 
electronic devices. 3. The exposure of a material to high- 
energy emissions. In insulations, done for the purpose of 
favorably altering the molecular structure. 

irregularity — A change from normal. 

ISA — Abbreviation for Industry Standard Architec- 
ture. The original bus architecture developed by IBM for 
its AT computer and opened up for use by other manu- 
facturers. 

!-scan — A radar display in which a target appears 
as a complete circle when the radar antenna is correctly 
pointed at it, the radius of the circle being proportional to 
the target distance. 

l-scope — See 1-scan. 

ISDN — Abbreviation for integrated services digital 
network. l. A digital telephone service network that 
allows transmission of data, voice, and images over 
one phone line simultaneously. It can provide speeds of 
roughly 128,000 bits per second over regular phone lines. 
In practice, most users are limited to 56,000 or 64,000 bits 
per second. 2. Telephone technology that provides digital 
access to voice and data network services for sending 
speech, data, and video across one line simultaneously. 

ISHM — The International Society of Hybrid Micro- 
electronics. 

i signal — Also called the fine-chrominance primary. 
!. A signal formed by the combination of +.74 of an 
R — Y signal and —0.27 of a B — Y signal. One of the two 
signals used to modulate the chrominance subcarrier, the 
other being the Q signal. 2. Also known as the in-phase 
signal. The color sidebands produced by modulating the 
color subcarrier at a phase 57° removed from the burst 
reference phase. This signal is capable of reproducing the 
range of colors from orange to cyan (bluish-green). 
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ISM equipment — A Federal Communications Com- 
mission designation for industrial, scientific, and medical 
equipment. 

isobar — 1. On meteorological maps, a line denoting 
places having the same atmospheric pressure at a given 
time. 2. One of a group of atoms or elements having the 
Same atomic weights but different atomic numbers. 

isochromatic — Having the same color, as with the 
lines of the same tint in the interference figure of 
anisotropic crystals, 

isochrone — On a map or chart, a line joining points 
associated with a constant time difference in the reception 
of radio signals. 

isochrone determination—A radio location in 
which a position line is determined by the difference in 
transit times of signals along two paths. 

isochronous — 1. Equal in length of time. 2. Occur- 
ring at equal intervals of time. 3. Describes modems, 
terminals, and transmissions in which all bits are of equal 
duration. There are no start or stop bits as in asynchronous 
transmissions, and no clocking signals as in synchronous 
transmissions. 

isochronous circuits — Circuits having the same 
resonant frequency. 

isochronous distortion — A measure of a modem's 
dynamic operation. 

isochronous multiplexer— A multiplexer that can 
interleave two time-independent data streams into one 
higher-speed stream independent of the master timing 
control required by a synchronous multiplexer. 

isoclinic line — See aclinic line. 

isodynamic lines — On a magnetic map, lines pass- 
ing through points of equal strength of the earth’s mag- 
netic field. 

isoelectric — Uniformly electric throughout or hav- 
ing the same electric potential, and therefore producing 
no current. 

isoelectronic — Pertaining to atoms having the same 
number of electrons outside the nucleus of the atom. 

isolated — Utterly cut off; refers to that condition in 
which a conductor, circuit, or device is not cnly insu- 
lated from another (or others), but the two are mutually 
unable to engender current, emf, or magnetic flux in each 
other, As commonly used, insulation is associated pre- 
dominantly with direct current, whereas isolaticn implies 
additionally a bulwark against ac fields. 

isolated amplifier—A differential amplifier in 
which the input-signal lines are conductively isolated 
from the output-signal lines and chassis ground. 

isolated I/O module — A module that has each input 
or output electrically isolated from every other input or 
output on that module, i.e.. each input or output has a 
separate return wire. 

isolating diode — A diode that passes signals in one 
direction through a circuit but blocks signals and voltages 
in the opposite direction. 

isolating switch — A switch intended for isolating 
an electric circuit from the source of power. It has no 
interrupting rating and is intended to be operated only 
after the circuit has been opened by some other means. 

isolation — 1. Electrical or acoustical separation bet- 
ween two locations. 2. The technique for producing a 
high electrical resistance between an integrated-circuit 
component and the substrate in which it is formed. 3. A 
reduction in the ability of a system to respond to an exci- 
tation or to generate an excitation. 4. A method for imple- 
menting electrical independence of devices integrated on 
the same integrated circuit. 

isolation amplifier— Also called buffer amplifier. 
l. An amplifier that is used to minimize the interaction 
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between the circuitry which precedes and that which fol- 
lows. 2. An amplifier designed to have a galvanic discon- 
tinuity between its input and output pins. This discontinu- 
ity (called an isolation barrier) must have high breakdown 
voltage, low de leakage (high barrier resistance), and low 
ac leakage (low barrier capacitance). Three-port isolation 
amplifiers have an additional isolation barrier between 
the power-supply connection and the signal connections 
that allows the user to connect power in common with 
either the amplifier's input or its output. Isolation ampli- 
fiers generally serve the following functions not achiev- 
able with operational or instrumentation amps: sensing 
small signals in the presence of very high (10 volts) 
or unknown common-mode voltages, protecting patients 
undergoing medical monitoring or diagnostic measure- 
ments, and completely breaking ground loops. The iso- 
lation amplifier, as well as offering isolation, increases 
accuracy because of its floating input. In contrast to the 
instrumentation amplifier, it not only eliminates ground 
loop errors but further reduces the total system error, 
because its isolation-mode rejection ratio is generally one 
or two orders of magnitude higher than the common-mode 
rejection of an instrumentation amplifier. 3. An amplifier 
with input circuitry and output circuitry designed to elim- 
inate the effects of changes made at either on the other. 
4. An amplificr that has an input circuit that is galvani- 
cally (no ohmic connection) isolated from the output stage 
and the powcr-supply terminals. This isolation is provided 
by magnetic, optical, or mechanical coupling techniques. 
Isolation amplifiers are used in applications that require 
accurate and safe measurement of dc and low-frequency 
signals. 5. A circuit that amplifies a signal without need- 
ing a galvanic path between its input and output terminal. 
The circuit can be used to protect individuals and equip- 
ment from high voltages and to break ground loops in 
mcasurement systems. The high resistance and low capac- 
itance of the isolation region permit little current leakage 
across its barrier and it withstands a specified high voltage 
without breakdowns or arcs. 

isolation barrier — See isolation amplifier. 

isolation diffusion — 1. A technique for separation 
of the individual componcnts within a monolithic silicon 
n structure; p diffused isolation zones are used to form pn 
Junctions that act as reverse-biased diodes. The transistors 
are double diffused; that is, they are processed by 
two diffusion steps after the isolation diffusion. 2. In 
monolithic integrated circuit technology, the diffusion 
step that generates back-to-back junctions to isolate active 
devices from one another. 

isolation network—A network inserted into a 
Circuit or transmission line to prevent interaction between 
circuits on each side of the insertion point. 

isolation transformer — A transformer designed to 
provide magnetic coupling (flux coupling) between one 
or more pairs of isolated circuits, without introducing sig- 
nificant coupling of any other kind between them — i.e., 
without introducing either significant conductive (ohmic) 
or significant electrostatic (capacitive) coupling. 

isolator — 1. A device that permits microwave energy 
to pass in one direction while providing high isolation to 
reflected energy in the reverse direction. Used primarily at 
the input of communications-band microwave amplifiers 
to provide good reverse isolation and minimize VSWR. 
Consists of microwave circulator with one port (port 3) 
terminated in the characteristic impedance. 2. A device 
that acts as a one-way valve for microwave signals 
to prevent stray receiver signals from leaking out past 
the LNA onto the antenna. 3. A device that allows the 
transmission of signals in one direction while blocking or 
attenuating them in the othcr. 
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isolator ferrite — A microwave device that allows rf 
energy to pass through in one direction with very little 
loss but that absorbs rf power in the other direction. 

isolith — An integrated circuit of components formed 
on a Single silicon slice, but with the various components 
interconnected by beam leads and with circuit parts 
isolated by removal of the silicon between them. 

isomer — One of two or more substances composcd 
of molecules having the same kinds of atoms in the same 
proportions but arranged differently. Hence, the physical 
and chemical properties are different. 

isoplanar—-A bipolar fabrication process that re- 
places conventional planar p+ isolation diffusion with 
an insulating oxide to provide isolation betwecn active 
elements of a silicon integrated circuit. Circuit clements 
can be fabricated in less space than conventional isolation 
techniques with improved speed and power performance. 

isopulse system — In adaptive communications, a 
pulse coding system in which special inserted pulses indi- 
cate the number of information pulses that are transmitted. 

isostatic — Being subjected to equal pressure from 
every side. 

isothermal region — The stratosphere considered as 
a region of uniform temperature. 

isotones— A group of atoms whose nuclei have the 
same number of neutrons. 

Isotope —A species of matter whose atoms contain 
the same number of protons as some other species, but 
a different number of neutrons. The atomic numbers of 
isotopes are identical, but the mass numbers (atomic 
weights) differ. See radioisotope. 

isotropic — 1. Having properties with the same val- 
ues along axes in all directions. 2. Term applicd to sub- 
Stances having certain properties that are manifest in every 
direction, e.g., electrical conductivity in metals. 3. The 
ability to react the same regardless of direction of mca- 
surement. Isotropic materials will react consistently even 
if stress is applied in different directions. Stress/strength 
ratio is uniform throughout material. 

isotropic antenna— Also called unipole. A hypo- 
thetical antenna radiating or receiving equally in all direc- 
tions. A pulsating sphere is a unipole for sound waves. In 
the case of electromagnetic waves, unipoles do not cxist 
physically, but represent convenient reference antennas 
for expressing directive properties of actual antennas. 

isotropic gain of an antenna — See absolute gain 
of an antenna. 

isotropic magnet— A magnetic material having no 
preferred axis of magnetic characteristics. 

isotropic material— 1. A material having the same 
magnetic characteristics along any axis. 2. A substance 
whose properties are similar when tested in any direction. 

isotropic radiator— A radiator that sends out equal 
amounts of energy in all directions. 

ISP — Abbreviation for Internct service provider. A 
general term for any company that provides a connection 
to the Internet for individuals or businesses. 

ISV — Abbreviation for instantaneous speed variations. 
Short-term speed changes resulting from nonuniform cap- 
stan speed, tension changes caused by start/stop acceler- 
ations, and longitudinal vibrations that are caused by a 
magnctic tape’s sliding over the heads and tape guides. 

ITDM -— Abbreviation for intelligent time-division 
multiplexer. Also called a statistical multiplexcr. A 
multiplexer that assigns time slots on demand rather than 
on a fixed subchannel-scanning basis. 

ttem—1.A general term denoting one of a number 
of similar units, assemblies, objects, ctc. 2. Any unique 
manufactured or purchased part or assembly. that is, 
end product, assembly, subassembly, component, or raw 
material. 
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iterations per second —The number of approxi- 
mations per second in iterative division in a computer; 
the number of times a cycle of operation can be repeated 
in One second. 

iterative — 1. Recurring an infinite number of times. 
2. Characteristic of a network with an infinite number of 
identical sections, or of the impedance looking into such 
a network. 

iterative array— In a computer, a large number 
of identical, interconnected processing modules used, 
with appropriate driver and control circuits, to perform 
simultaneous parallel operations. 

iterative division —In computers, a method of per- 
forming division by use of addition, subtraction, and mul- 
tiplication operations. A quotient of specified precision is 
cbtained by a series of progressively closer approxima- 
tions. 

iterative filter — A four-terminal filter that provides 
iterative impedance. 

iterative impedance — 1. An impedance that, when 
connected to one pair of terminals of a four-terminal 
transducer, causes the same value of impedance to appear 
between the other two terminals. The iterative impedance 
of a uniform transmission line is equal to the characteristic 
impedance of the line. In a symmetrical four-terminal 
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transducer, the iterative impedances for the two pairs of 
terminals are equal and the same as the image impedances 
and the characteristic impedance. 2. The impedance that 
will terminate the output of a line or network such that 
the impedance then measured at the input of the line 
or network will be equal to the (iterative) terminating 
impedance. 

iterative process— The calculating of a desired 
result by means of a repeating cycle of operations that 
comes closer and closer to the desired result. 

iterative routine — A computer routine composed of 
repetitive computations, so that the output of every step 
becomes the input of the succeeding step. 

ITU — Abbreviation for International Telecommunica- 
tion Union. 

iTV — Abbreviation for industrial television. 

i-type — Intrinsic semiconductor. 

i-type semiconductor material— A semiconduc- 
tor material in which the electron and hole densities are 
effectively equal under conditions of thermal equilibrium. 

IVR — Abbreviation for integrated voltage regulator. 

IWW — Abbreviation for intermittent windshield wiper 
(General Motors, Ford Motor, and Chrysler Corp.). In 
an automobile, electronic control of the windshield wiper 
motor to vary the time interval between wipes. 


J —Letter symbol for joule. 

jack— 1. A socket to which the wires of a circuit 
aye connected at one end, and into which a plug is 
inserted at the other end. 2. A type of two-way, or more, 
concentric contact socket for carrying audio signals. 3. A 
receptacle into which a mating connector may be plugged. 
4. The receptacle that accepts a plug, specifically a phone 
plug. 5. A plug-in type terminal widely used in electronic 
apparatus for temporary connections or those requiring 
frequent connections and disconnections. A connection 
is made to a jack simply by plugging a probe or plug 
attached to a flexible insulated wire or cable into the 
jack. 6. Receptacle for a plug connector leading to the 
input or output circuit of a tape recorder or other piece of 
equipment. A jack matches a specific plug. 

jack bay -— Also called patch bay. A panel containing 
a number of signal jacks (usually standard phone jacks or 
mini phone jacks), commonly used in studio recording 
consoles and in equipment racks to provide flexibility 
in rerouting signals (beyond that provided by normal 
switches or controls). The jack bay also offers conve- 
nience when temporarily connecting ceriain equipment to 
a system. or troubleshooting and aligning equipment. 

jacket — 1. Pertaining to wire and cable, the outer 
sheath that protects against environment and may also 
provide additional insulation. 2. An outer, nonmetallic, 
protective covering applied over an insulated wire or 
cable. 

jack panel — An assembly composed of a number of 
jacks mounted on a board or panel. 

jackscrew — A screw attached to one half of a two- 
piece, multiple-contact connector and used to draw both 
halves together and to separate them. 

jaff—Slang for the combination of electronic and 
chaff jamming. 

jag —In facsimile, distortion caused in the received 
copy by a momentary lapse in synchronism between the 
scanner and recorder. 

jaggies — Irregular edges on something that should 
look smooth, a byproduct of the method of searching a 
scene and of too coarse a bit map. 

Jam — 1. In punch-card machines, a condition in the 
card feed that interferes with the normal travel of the 
punch cards through the machine. 2. To interfere elec- 
tronically with the reception of radio signals. 

jam input— The presetting or loading of a counter, 
using inputs provided for the purpose. Also, the establish- 
ment of a desired logic state or logic line by the direct 
application of the appropriate voltage level to the line, 
regardless of the outputs of other devices connected to it. 

jammer — An electronic device for intentionally intro- 
ducing unwanted signals into radar sets to render them 
ineffective. 

jammer band — The radio-frequency band where the 
jammer output is concentrated. It is usually the band 
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between the points where the intensity is 3 dB down from 
maximum. 

jammer finder— Also called burnthrough. Radar 
that attempts to obtain the range of the target by training 
a highly directional pencil beam on a jamming source. 

jammers tracked by azimuth crossings — Semi- 
automatic strobe processing and tracking that permits 
automatic detection and tracking on the basis of azimuth 
information obtained from the jamming signals emanating 
from an airborne vchicle. 

jamming — Also called active electronic countermea- 
sures. 1. The intentional transmission of radio signals 
in order to interfere with the reception of signals from 
another station. 2. Interference with hostile radio or radar 
signals for the purpose of deceiving or confusing the oper- 
ator. It may be accomplished by saturating a receiver with 
sufficient noise to prevent detection and location of a 
target, or by deceiving the operator with intentionally mis- 
leading signals or false echoes without his knowing that 
such signals are present. 3. The deliberate radiation, rera- 
diation, or reflection of electromagnetic energy to impair 
the use of electronic devices, equipment, or systems by 
the enemy. Equipment may consist of rudimentary cw 
or noise transmitters, broadband transmitters, or complex 
systems that generate deceptive signals. 

jamming effectiveness — The jamming-to-signal 
ratio, that is, the percentage of information incorrectly 
received in a test message. 

JAN specification — Joint Army-Navy specifica- 
tion. The forerunner of present military specifications; 
generally superseded by the designation MIL. 

J-antenna— A half-wave antenna fed at one end by 
a parallel-wire, quarter-wave section having the configu- 
ration of a J. 

Java—A platform-independent programming lan- 
guage invented by Sun Microsystems that is specifically 
designed for writing programs that can be safely down- 
loaded to a computer through the Internet and immedi- 
ately run without fear of viruses or other harm to the 
computer or to files. Using small Java programs (called 
applets), web pages can include functions such as anima- 
tions, calculators, and other fancy tricks. 

J-carrier system — A broadband carrier system that 
provides 12 telephone channels and utilizes frequencies 
up to about 140 kilohertz by means of four-wire trans- 
mission on a single open-wire pair. 

J-display — Also called J-scan. In radar, a modified 
A-display in which the time base is a circle and the target 
signal appears as a radial deflection from it. 

JEDEC — Acronym for Joint Electron Device Engi- 
neering Council. Án industry-sponsored organization 
whose function is to provide a means of standardization 
for the industry. This encompasses numbering systems, 
testing methods and techniques, specifications uniformity, 
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and similar attempts on the part of the component manu- 
facturers to assist the users of electronic components, In 
addition, JEDEC attempts to establish a code of ethics for 
the industry and to offer a set of standards for nonmilitary 
parts, 

JETEG -— Acronym for Joint Electron Tube Engineer- 
ing Council. 

jewel bearing — A natural or synthetic jewel, usually 
sapphire, used as a bearing for a pivot or other moving 
parts of a delicate instrument. 

jezebel —A system for the detection and classifica- 
tion of submarines. 

JFET -— Abbreviation for junction field-effect transis- 
tor. A semiconductor device that operates by altering the 
conductivity of a region of the semiconductor (the chan- 
nel) between two contacts (source and drain) by applica- 
tion of a voltage to a third terminal (gate). The current 
flow between source and drain 1s controlled by the gate 
voltage. In a JFET device, the gate voltage is applied 
to the channel across a pn junction, in contrast to its 
application across an insulator in a conventional MOS- 
FET. JFETs are of two types: p channel and n channel, 
depending on whether the channel is n type or p type. 

JHG— Abbreviation for Joule heat gradient. 

jitter — 1. Instability of a signal in either its amplitude 
or its phase, or both, due to mechanical disturbances or 
to changes in supply voltage, component characteristics, 
etc. 2. In relation to cathode-ray tube displays, error 
in the signal amplitude, phase, or both that results 
in small, rapid abberations in size or position of the 
image. 3. Error of synchronization between a facsimile’s 
transmitter and receiver characterized by a raggedness 
in the copy. 4. An aberration of a repetitive display, 
indicating instability of the signal or of the oscilloscope. 
May be random or periodic, and is usually associated 
with the time axis. 5. A loss of synchronization caused 
by electrical or mechanical malfunctions. 6. Type of 
analog-communication-line distortion caused by a signal’s 
variation from its reference timing position, which can 
cause data-transmission errors, particularly at high speeds. 
This variation can be in amplitude, time, frequency or 
phase. See flicker, 3; fortuitous telegraph distortion. 

jittered pulse recurrence frequency — The ran- 
dom variation of the pulse-repetition period. Provides a 
discrimination capability against repeater-type jammers. 

J-K flip-flop—A flip-flop with two conditioning 
inputs (J and K) and one clock input. If both conditioning 
inputs are disabled prior to a clock pulse, the flip-flop does 
not change condition when a clock pulse occurs. If the 
J input is enabled and the K input is disabled, the flip-flop 
wiil assume the 1 condition upon arrival of a clock pulse. 
If the K input is enabled and the J input is disabled, the 
flip-flop will assume the 0 condition when a clock pulse 
arrives. If both the J and K inputs are enabled prior to the 
arrival of a clock pulse, the flip-flop will complement, or 
assume the opposite state, when the clock pulse occurs. 
The J-K flip-flop is a refinement of the R-S flip-flop with 
the advantage that it has a determinate state when signals 


JETEC — joined actuator 


appear on both input terminals; it changes state when all 
inputs are activated. J and K have no particular meaning, 
but were selected to avoid conflict with other commonly 
used symbols. 


J-K flip-flop. 


job-—1. A group of tasks specified as a unit of work 
for a computer. Usually by extension, a job includes all 
necessary programs, linkages, files, and instructions for 
the operating system. 2. In a computer, a collection of 
tasks, grouped and run together in order to perform a 
specific function. 

job control language — A special computer com- 
mand language designed for use in batch systems to 
inform the systems software and computer operator of 
unique requirements for the running of a computer pro- 
gram. 

job library —A related series of user-identified, par- 
titioned data sets that serve as the primary source of load 
modules for a given job, 

job statement— A control statement that identifies 
the start of a series of job control statements for a single 
job. 

job step— The carrying out of a computer program 
explicitly identified by a job control statement. The 
execution of several job steps may be specified by a job. 

jogging — Also called inching. Quick and repeated 
opening and closing of a motor Starting circuit to produce 
slight movements of the motor. 

Johnson counter— Also called Mobius counter 
or twisted-ring counter. A counter composed of an N- 
stage shift register with the complement of the last stage 
returned to the input. It normally has 2N states through 
which it cycles. It has the distinguishing characteristic 
that only one stage changes state at each count. See ring 
counter, 2. 

Johnson noise -— Also called thermal noise. 1. The 
noise generated by any resistor at a temperature above 
absolute zero. It is proportionate to the absolute tem- 
perature and the bandwidth according to the following 
formula: 

N = KTB 


where 


N is the noise power in watts 

K is Boltzmann’s constant, or 1.38047 x 1072 
T is he absolute temperature in kelvins 

B is he bandwidth in hertz 


2. A frying or sizzling sound produced by thermal agi- 
tation voltages generated in amplifier circuits. It usually 
occurs in the input circuit (or front end) of an amplifier. 
Discovered by J. B. Johnson in the late 1920s, this ther- 
mal noise may be generated by a resistor at a temperature 
above absolute zero. It is random noise engendered by 
thermal agitation. 

joined actuator—A multiple breaker such that 
when one pole trips, all trip, but whereas the faulted pole 
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is tripíree, the other poles may be kept maintained by a 
restraining actuator. 

joint— A connection between two or more conduc- 
tors, or the connecting point of two conductors. 

joint circuit — A communication link in which there 
is participation by the elements of more than one service, 
through control, operations, management, etc. 

joint communications — The common use of com- 
munication facilities by two or more services of the same 
country. 

Joint electron device Engineering Council — 
See JEDEC. 

Joint electron tube Engineering Council — See 
JETEC. 

joint pole —Pole used in common by two or more 
utility companies. 

joint use — The simultaneous use of pole, line, or 
plant facilities by two or more kinds of utilities. 

Jones plug — A type of polarized connector designed 
in the form of a receptacle and having several contacts. 

Josephson effect — 1. The phenomenon described 
by Brian Josephson to explain the action of currents 
through and voltages across hairlike gaps in supercon- 
ductors. On the basis of theoretical considerations, it is 
predicted that if two superconductors would be brought 
close enough together, a current could be made to flow 
across the gap between them. Under certain conditions, a 
voltage appears across the gap, and high-frequency radi- 
ation emanates from it. This predicted radiation would 
have a frequcncy precisely equal to 2eV/h, where V is 
the measured voltage across the gap. 2. Characteristic of 
radiation detectors that produce energy that is similar to 
the energy of superconductive gaps when interacting with 
photons. 

joule — 1. The work done by a force of 1 newton 
acting through a distance of 1 meter. The joule is the 
unit of work and energy in the mksa system. 2. The 
energy required to transport 1 coulomb between two 
points having a potential difference of 1 volt. The joule 
is 10’ ergs. The kilowatt-hour is 3.6 x 10° joules. 3. A 
unit of energy of work CV*/2 equal to 1 wattsecond. 
Energy stored in a capacitor is equal to CV*/2 joules or 
waltseconds, where C is capacitance in farads and V is 
voltage in volts at the capacitor’s terminals. The letter 
symbol for joule is J. 

Joule effect—In a circuit, electrical energy is 
converted into heat by an amount equal to /°R. Half of 
this heat flows to the hot junction and the other half to 
the cold junction. 

Joule heat — The thermal energy produced as a result 
of the Joule effect. 

Joule heat gradient— Abbreviated JHG. The rate 
at which the thermal heat produced by the Joule effect 
increases or decreases. 

Joule’s law of electric heating—The amount 
of heat produced in a conductor is proportional to the 
resistance of the conductor, the square of the current, and 
the time. 

joystick —1. A control device consisting of a handle 
with freedom of motion in all directions of a plane, 
connected to potentiometers or other control devices 
through suitable linkage permitting natural human input 
of positioning or other information. The term is derived 
from the joystick of aircraft. 2. A data-entry device used 
to manually enter coordinate values in special X-, Y-, 
and Z-input registers. The device consists of a vertically 
mounted stick or column that can be moved and twisted. 
When it is moved backward or forward or sideways, 
coordinate values are stored in the X- and Y-input 
registers. The Z-input register is varied whenever the 
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joystick is twisted clockwise and counterclockwise. These 
registers must be scanned by the host computer since 
joysticks normally do not generate interrupts when they 
are activated. Usually the joystick is used to move a 
cursor and/or tracking symbol on the face of the CRT 
screen. Used mainly for computer games. 3. A type of 
four-channel pan potentiometer that has a shaft with a 
handle that can be moved forward and back, left and right, 
or anywhere in between to direct a single input signal to 
any of four output channels. 

J-scan — See J-display. 

J-scope — Also called class J oscilloscope. A cathode- 
ray oscilloscope that presents a J-display. 

J/S ratio— A ratio, normally expressed in dB, of the 
total interference power to the signal-carrier power in the 
transmission medium at the receiver. | 

juice — Slang for electric current. 

jump — 1. To cause the next instruction to be selected 
from a specific storage location in a computer. 2. A 
departure from the normal one-step incrementing of the 
program counter. By forcing a new value (address) into 
the program counter, the next instruction can be fetched 
from an arbitrary location (either further ahead or back). 
For example, a program jump can be used to go from 
the main program to a subroutine, from a subroutine back 
to the main program, or from the end of a short routine 
back to the beginning of the same routine to form a loop. 
3. Transfer of program logic flow by bypassing a number 
of instructions. The jump can be forward over a positive 
number of bytes or backward by expressing a negative 
number of bytes. The jump can be conditional on the 
status of the accumulator or other registers. 

jumper— 1. A short length of wire used to complete 
a circuit temporarily or to bypass a circuit. 2. A direct 
electrical connection, which is not a portion of the 
conductive pattern, between two points in a printed 
circuit. 3. An electrical connection between two points 
on a printed board added after the intended conductive 
pattern is formed. 4. A short length of cable used to make 
electric connections within, between, among, and around 
circuits and their associated equipment. 5. A length of 
conductor used to establish connections (often temporary) 
between two points or to provide a path around a break in 
a circuit. A jumper can interconnect board to connector, 
board to board, or power supply to black box unit. 6. A 
direct electrical connection between two points on a film 
circuit. Jumpers are usually portions of bare or insulated 
wire mounted on the component side of the substrate. 
7. A patch cable or wire used to establish a circuit, often 
temporarily, for testing or diagnostics. 

jumper cable— A short flat cable interconnecting 
two printed wiring boards or devices. 

junction— 1. A connection between two or more 
conductors or two or more sections of a transmission line. 
2. A contact between two dissimilar metals or materials 
(e.g., in a rectifier or thermocouple). 3. A region of 
transition between p- and n-type semiconductor material. 
The controllable resultant asymmetrical properties are 
exploited in semiconductor devices. There are diffused, 
alloy, grown, and electrochemical junctions. 4. A joining 
of two different semiconductors or of semiconductor and 
metal. 5. Optical interface. 

junction barrier — The opposition to the diffusion of 
Majority carriers across a pn junction due to the charge 
of the fixed donor and acceptor ions. 

junction battery—A nuclear type of battery in 
which radioactive strontium 90 irradiates a silicon pn 
junction. 

junction box — 1. A box for joining different runs of 
raceway or cable, plus space for connecting and branching 
the enclosed conductors. 2. An enclosed distribution panel 
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Figure A-1. A professional bench power supply. This device allows both the voltage and the maximum 
current to be adjusted. It provides two dedicated meters to show how much power is flowing: one for 
voltage and the other for current. It also provides a modular set of plugs (banana plugs) for easily 
connecting and disconnecting power leads. 


A bench power supply such as the one shown in Figure A-1 has many features and includes extra 
circuitry to make it safe and easy to use. It will also set you back a good chunk of change (i.e., cost 
money). We're going to build something a bit simpler to start. Feel free to add more bells and whistles as 
your needs arise. 


Caution Anything plugged into the wall has the potential to shock, burn, or kill you. Do not defeat their safety 
features! 
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for connecting or branching one or more corresponding 
electric circuits without the use of permanent splices. 
junction capacitance —The total small-signal 
capacitance between the contacts of an uninstalled semi- 
conductor die. 
junction capacitor— A capacitor in which the 
capacitance is that of a reverse-biased pn junction. 
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Junction capacitor. 


junction diode — 1. A two-terminal device contain- 
ing a single crystal of semiconducting material that ranges 
from p type at one terminal to n type at the other. Jt con- 
ducts current more easily in one direction than in the 
other and is a basic element of the junction transistor. 
Such a diode is the basic part of an injection laser; the 
region near the junction acts as a source of emitted light. 
When fabricated in a suitable geometrical form, the junc- 
tion diode can be used as a solar cell. 2. A pn junction 
characterized by slower switching speed and higher oper- 
ating voltage and temperature than the Schottky diode. 
The fast recovery version of the junction diode turns off 
faster than the conventional pn junction diode, usually in 
hundredths of a nanosecond. 3. A semiconductor diode 
having the property of conducting current more easily in 
one direction than the other. This device may be made 
by diffusion of an impurity into a semiconductor crystal 
to form a junction. Such diodes are the basic elements of 
an injection laser. Light is emitted from the area near the 
junction. 


PLUG GLASS BODY DUMET PLUG 


SILICON DIFFUSED WAFER 


Junction diode assembly. 


junction FET— A field-effect transistor haying one 
or more gates that form pn junctions with the channel. 
See also junction field-effect transistor. 

junction field-effect transistor— Abbreviated 
JFET. i. A transistor made up of a gate region dif- 
fused into a channel region. The gate element is a 
region of semiconductor material (ordinarily, the sub- 
strate) insulated by a pn junction from the channel, which 
is material of opposite polarity. When a control volt- 
age is applied to the gate, the channel is depleted or 
enhanced, and the current between source and drain is 
thereby controlled. There is no current when the chan- 
nel is pinched off. 2. A field-controlled majority carrier 
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device where the conductance in the channel between the 
source and the drain is modulated by a transyerse elec- 
tric field. The field is controlled by a combination of 
gate-source bias voltage, Vos, and the net drain-source 
voltage, Vos. 
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Junction field-effect transistor. 


junction filter — A combination of a high-pass and a 
low-pass filter that is used to separate frequency bands for 
transmission over separate paths. For example, junction 
filters are used to separate voice and carrier frequencies 
at the junction between open-wire and cable so that the 
carrier frequencies and voice frequencies can be sent over 
nonloaded and VF-loaded cable pairs, respectively. 

junction-gate field-effect transistor— A field- 
effect transistor having one or more gate regions that form 
pn junction(s) with the channel. 

junction loss — 1. In telephone circuits, that part of 
the repetition equivalent that can be assigned to interactive 
effects originating at trunk terminals. 2. The transmission 
loss due to the mismatch of impedance between two types 
of transmission facilities. See repetition equivalent. 

junction point — See node, 1. 

junction pole— Pole at the end of a transposition 
section of an open-wire line or the pole common to two 
adjacent transposition sections. 

junction station— A microwave relay station that 
joins a microwave radio leg or legs to the main, or 
through, route. 

junction transistor—A transistor having three 
alternate sections of p-type or n-type semiconductor mate- 
rial. See also npn transistor; pnp transistor. 

junction transposition — Transposition located at 
the junction pole between transposition sections of an 
open-wire line. 

junctor —In crossbar systems, a circuit extending 
between frames of a switching unit and terminated in a 
switching device on each frame. 

justification — 1. The act of adjusting, arranging, or 
shifting digits to the left or right so that they conform to 
a prescribed pattern. 2. The automatic inserting of blank 
spaces within text to make the right margin even on a 


page. 


justify — jute-protected cable 


justify —To align data about a particular reference or 
to produce a text with flush left and right margins (a more 
printlike appearance). 

just-operate value— Also called dropout value. 
The measured functioning value at which a particular 
relay operates. Contrast just-release value. 

just-release value— The measured functioning 
value at which a particular relay releases. 
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just scale — A musical scale formed by three con- 
secutive triads (those in which the highest note of one is 
the lowest note of the other), each having the ratio 4:5:6 
or 10:12:15, 

jute — Cordage fiber (such as hemp) saturated with tar 
and used as a protective layer over cable. 

jute-protected cable — A cable having its sheath 
covered by a wrapping of tarred jute or other fiber. 


K— 1. Symbol for cathode or dielectric constant. 
2. Letter symbol for kelvin or kilo. 3. Abbreviation for 
luminosity factor. 4. In a calculator, a fixed number (a 
constant) that can be used repetitively. 4. Symbol for 10°. 
When referring to bits or words, K = 1024. A 4 K chip 
is a 4 K-bit chip. A 4 K memory is a 4 K-word mem- 
ory (typically 4 K bytes). 5. When referring to memory 
storage capacity, 21%; in decimal notation, 1024. 

k— Letter symbol for kilo-. 

kA — Letter symbol for kiloampere. 

Ka band — The frequency band from 18 to 31 GHz. 

Karnaugh map — A display of a truth table in a way 
such that reduction (simplification) of a Boolean expres- 
sion is facilitated. It consists of a rectangular or square 
array (depending on the number of variables) of “loca- 
tions” whose coordinates correspond to truth-table inputs. 

KB or Kb— Abbreviation for kilobyte. 1024 bytes 
(8192 bits). 

K-band — A radio frequency band extending from 11 
to 36 GHz and having wavelengths of 2.73 to 0.83 cm. 

Kbps-— Abbreviation for kilobits per second. A 
standard measurement of data rate and transmission 
capacity. One Kbps equals 1024 bits per second. 

ke — Abbreviation for kilocycle. Now obsolete. Re- 
placed by kHz. 

K-carrier system — A broadband carrier system that 
provides 12 telephone channels and utilizes frequencies 
up to about 60 kHz by means of four-wire transmission 
on cable facilities. 

K-display — Also called K-scan. Modification of a 
type-A scan, used for aiming a double-lobe system in 
bearing or elevation. The entire range scale is displaced 
toward the antenna lobe in use. One signal appears as a 
double deflection from the range and relative scales. The 
relative amplitudes of these two pips indicate the amount 
of error in aiming the antenna. 

keep-alive anode— An auxiliary electrode that 
maintains a dc discharge in a mercury-pool tube. It has the 
disadvantage of reducing the peak inverse voltage rating. 

keep-alive circuit — In a tr or anti-tr switch, a circuit 
for producing residual ionization in order to reduce the 
time for full ionization when the transmitter fires. 

keep-alive voltage—A dc voltage that maintains 
a small glow discharge within one of the gap electrodes 
of a tr tube. This allows the tube to ionize more rapidly 
when the transmitter fires, thus preventing damage to the 
receiver. 

keeper — A magnetic conductor, placed over the ends 
of a permanent magnet, used to complete the magnet 
circuit of a permanent magnet to protect it against 
demagnetizing influences. 
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Kel-f — Polymonochlorotrifluoroethylene—a__ plastic 
used as a high-temperature insulation (—55°C to +135°C). 

kelvin — Formerly degree Kelvin. A unit of absolute 
temperature equal to 1/273.16 of the Kelvin scale temper- 
ature of the triple point of water. Letter symbol: K. 

Kelvin balance — An instrument for measuring cur- 
rent. This is done by sending a current through a fixed 
and a movable coil attached to one arm of a balance. The 
resultant force between the coils is then compared with 
the force of gravity acting on a known weight at the other 
end of the balance arm. 

Kelvin bridge — Also called a double or Thompson 
bridge. A seven-arm bridge for comparing the resistances 
of two 4-terminal resistors or networks. Their adjacent 
potential terminals are spanned by a pair of auxiliary 
resistance arms of known ratio, and they are connected 
in series by a conductor joining their adjacent current 
terminals. 


SOURCE 
Kelvin bridge. 


Kelvin scale —Also called absolute scale. A tem- 
perature scale using the same divisions as the Celsius 
scale, but with the zero point established at absolute 
zero (—273°C or —459°F), theoreticaliy the lowest pos- 
sible temperature (the temperature at which all molecular 
motion stops). 

Kendall effect — A spurious pattern or other dis- 
tortion in a facsimile record. It is caused by unwanted 
modulation produced by transmission of a carrier sig- 
nal. Such modulation appears as a rectified baseband that 
interferes with the lower sideband of the carrier. 

Kennelly-Heaviside layer — See Heaviside layer. 

kenopliotron— A diode-triode vacuum tube within 
one envelope. The anode of the diode alsc serves as the 
cathode of the triode. 

kenotron — Also called a value tube. 1. A term used 
primarily in industrial and X-ray fields for a hot-cathode 
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vacuum tube. 2. A high-vacuum, high-voltage thermionic 
diode, used primarily as a high-voltage rectifier. 

Keplerian elements (Keps) —A collection of data 
relating to the position of a satellite in its orbit at any 
given time. This information is interpreted by satellite 
tracking programs to predict time and duration of satellite 
passes and directions in which to point antennas. Named 
for the 19th-century scientist Johannes Kepler. 

keraunophone — A radio circuit device for audibly 
demonstrating the occurrence of distant lightning flashes. 

kerf— The slit or channel or “L” cut in a resistor 
during trimming by a laser beam or abrasive jet. 

kernel— 1. A line within a current-carrying conduc- 
tor along which the magnetic intensity due to the current 
is zero. 2. The most basic portion of an operating system, 
usually supporting only task synchronization, scheduling, 
communication, and the most rudimentary of memory 
allocation capabilities. It implements software processes 
and furnishes the means of interprocess communication; 
usually written in assembly language. 3. The central por- 
tion of a program, containing the bulk of its calculations, 
that consumes the most execution time. 

Kerr cell —A container filled with a transparent 
material that, when subjected to a strong electric field, 
exhibits double refraction. Because the two polarized 
components of an incident light beam have different phase 
velocities in the medium, this device can rotate the plane 
of polarization. When placed between crossed polarizers, 
the Kerr cell, usually containing nitrobenzene, can act as 
an extremely high-speed shutter for light beams. 

Kerr effect—1. An electro-optical effect in which 
certain transparent substances become double refracting 
when subjected to an electric field perpendicular to a 
beam of light. 2. The conversion of plane into elliptically 
polarized light when refiected from the polished end of a 
magnet. 

Kettering ignition system — Inductive system 
commonly used for internal combustion engines. Employs 
induction coil, breaker contacts, capacitor, and a suitable 
power supply, such as a battery. 

keV — Letter symbol for kiloelectronvolt. 

key — |. A hand-operated switching device for switch- 
ing one or more parts of a circuit. It ordinarily consists 
of concealed spring contacts and an exposed handle or 
push button. 2. A projection that slides into a mating slot 
or groove so as to guide two parts being assembled and 
assure proper polarization. 

keyboard— 1. In a calculator, keys for digits 0 
through 9, plus additional keys for various functions, 
such as add, multiply, divide, subtract, clear, memory, 
etc. 2. That portion of a terminal used to generate the 
character stream to the computer or other communications 
device. 3. An array of push-button switches with related 
functions. Keyboards use standard push-button contact 
switches, Hall-effect switches, capacitive switches, and 
many others. Any type of momentary-contact switch 
suitable in terms of size, current switching capacity, etc., 
may be used. The electrical signal generated by switch 
closure is routed to the appropriate circuitry where the 
action indicated by closure of the keyboard switch is 
initiated. 4. A series of switches, usually in the form of 
a typewriter keyboard, that a computer operator uses to 
communicate with the computer. 

keyboard computer— A computer whose input 
employs a keyboard, e.g., an electric typewriter. 

keyboarding — Entering information (to a word pro- 
cessor) via a keyboard. 

keyboard-operated transmission — See KOX. 

keyboard perforator — A mechanism that punches 
a paper tape from which messages are automatically 
transmitted by a transmitter distributor. The keyboard is 
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similar to that of a typewriter and can be operated by any 
trained typist after a few hours’ instruction. As each key 
is depressed, the tape is punched with corresponding code 
symbols. 

keyboard send/receive — A combination teletype- 
writer transmitter and receiver with transmission capabil- 
ity from a keyboard only. See KSR. 

key cabinet—A case installed on a customer’s 


premises and providing facilities so that different lines to 


the control office can be connected to various telephone 
stations. It has signals that indicate originating calls and 
busy lines. 

key click—A transient signal sometimes produced 
when the key of a radiotelegraph transmitter is opened or 
closed. The transient is heard in a speaker or headphone 
as a click. 

key-click filter— Also called a click filter. A filter 
that attenuates the surges produced each time the keying 
circuit of a transmitter is opened or closed. 

keyed adapter — A device that detects a modulated 
signal and produces a dc output signal whose amplitude 
varies in accordance with the modulation. In radio facsim- 
ile transmission, it is used to provide the keying signal for 
a frequency-shift exciter unit. 

keyed AGC — Abbreviation for keyed automatic gain 
control. 

keyed automatic gain control — Abbreviated 
keyed AGC. A television automatic gain control in which 
the AGC tube is kept cut off except when the peaks of the 
positive horizontal-sync pulse act on its grid. The AGC 
voltage is therefore not affected by noise pulses occurring 
between the sync pulses. 

keyed clamp—aA clamping circuit in which a 
control signal determines the time of clamping. 

keyed interval —In a periodically keyed transmis- 
sion system, an interval that starts from a change in 
state and has a length equal to the shortest tume between 
changes in state. 

keyed rainbow generator—A color television 
test instrument that displays the individual colors of the 
spectrum, separated by black bars, on the picture tube. 

keyed rainbow signal— A 3.563795-MHz (3.56- 
MHz) continuous sine-wave signal from a color-bar 
generator that is pulsed on and off. This signal creates 
a series of different color bars on the screen of the color 
picture tube. A typical pulse rate (for 10 color bars) is 12 
times per 1 horizontal line. 

keyer— 1. In telegraphy, a device that breaks up the 
output of a transmitter or other device into the dots and 
dashes that are used in the code. 2. A radar modulator. 

keying — 1. The forming of signals, such as those 
employed in a telegraph transmission, by an abrupt modu- 
lation of the output of a director by an alternating-current 
source (e.g., by interrupting it or by suddenly changing 
its amplitude, frequency, or some other characteristic). 
2. Mechanical arrangement of guide pins and sockets, 
keying plugs, contacts, bosses, slots, keyways, inserts, 
or grooves in a connector housing, shell, or insert that 
allows connectors of the same size and type to be lined 
up without the danger of making a wrong connection. 

keying chirps— Sounds accompanying code signals 
when the transmitter is unstable and shifts slightly in 
frequency each time the sending key is closed. 

keying frequency—lIn facsimile, the maximum 
number of times a second a black-line signal occurs while 
scanning the subject copy. 

keying plug contact — A component that is inserted 
into a cavity of a connector housing or insert to ensure 
engagement of identically matched components. 

keying wave—Also called marking wave. The 
emission that takes place in telegraphic communication 
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while the information portion of the code characters is 
being transmitted. 

keyless ringing—A type of machine ringing on 
a manual switchboard. Ringing is started automatically 
when the calling plug is inserted into the jack of the called 
line. 

keypad — Device with a matrix of keys enabling a 
user to input (usually numeric) information into another 
device, as in dialing a touch-tone telephone. 

key pulse — A telephone signaling system in which 
numbered keys are depressed instead of a dial being 
turned, 

key pulsing—A switchboard arrangement using a 
nonlocking keyset for the transmission of pulse signals 
corresponding to the key depressions. 

key-pulsing signal—The signal that indicates a 
circuit 1s ready for pulsing, in multifrequency and direct- 
current key pulsing. 

keypunch — A keyboard-operated device that punches 
holes in punch cards to represent data to be input to a 
computer by a card reader. 

keyshelf—A shelf on which are mounted the keys 
by means of which the operator of a manual telephone 
switchboard performs switching of one or more of the 
switchboard circuits. 

key signal— A pseudorandom sequence of two-level 
pulses used to accomplish enciphering or deciphering 
processes, 

key station—The master station from which a 
network radio or television program originates. 

keystone distortion— The distortion produced 
when a plane target area not normal to the average direc- 
tion of the beam is scanned rectilinearly with constant- 
amplitude sawtooth waves. 


Keystone distortion. 


keystone shaped — Wider at the top than at the 
bottom, or vice versa. 

keystoning — The keystone-shaped scanning pattern 
produced when the electron beam in the television camera 
tube is at an angle with the principal axis of the tube. See 
also keystone shaped. 

keyswitch — In an organ, the switch that is closed to 
allow a tone from the tone generator to sound when a key 
is depressed. 

key telephone— Also called key telephone set. 
Telephone set having six button keys and used with 
relay equipment to provide call holding, multiline pickup, 
signaling, intercommunication, and conference services. 

key telephone set-—A desk telephone with six 
(illuminated) push-button keys across the set below the 
dial. The keys may be connected to hold, pick up a central 
office line, or pick up an intercom line. 

key telephone system_— A versatile station switch- 
ing system located on a customer’s premises, consisting 
of one or more multibutton telephone sets and associated 
equipment. Permits mutual access and control of a num- 
ber of central office lines, as well as pickup, hold, signal, 
and intercommunication capability. 
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key up —To turn on a repeater by transmitting on its 
input frequency. 

keyway — The mating slot or groove in which a key 
slides. 

keyword — 1. Characteristic word in a computer file 
used to retrieve its contents. 2. A word (with a special 
meaning) that is recognized by the computer or program. 

kHz — Abbreviation for kilohertz. A unit of frequency 
measurement equivalent to 1000 cycles per second; for- 
merly expressed as kilocycles per second, or kc/s. 

kickback — The voltage developed across an induc- 
tance by the sudden collapse of the magnetic field when 
the current through the inductance is cut off. 

kickback power supply —See flyback power 
supply. 

kick-sorter — British term for pulse-height analyzer. 

kidney joint—A flexible joint, or air-gap coupling, 
located in the waveguide and near the transmitting- 
recelving position of certain radars. 

Kikuchi lines—A series of spectral lines obtained 
by the scattering of electrons when an electron beam is 
directed against a crystalline solid. The pattern may be 
interpreted to yield information on the structure of the 
crystal and its mechanical perfection. 

killer circuit— 1. The vacuum tube or tubes and 
associated circuits in which are generated the blanking 
pulses used to temporarily disable a radar set. 2. In a 
transponder, a logic circuit that kills replies to side-lobe 
interrogations. 

killer pulse — See suppression pulse. 

kilo--—A prefix representing 10°, or 1000. Letter 
symbol: k. 

kiloampere — 1000 amperes. Letter symbol: kA. 

kilobaud — Abbreviated kBd. One thousand baud. 

kilobit — 1024 bits. 

kilobyte — 1. A standard quantity measurement for 
disk and diskette storage and semiconductor circuit capac- 
ity: | kilobyte of memory equals 1024 bytes (8-bit char- 
acters) of computer memory. 2. 2!°, or 1024, bytes. Com- 
monly thought of as 1000 bytes. Abbreviated K and used 
as a suffix to describe memory size. 

kilocycle (kc)— 1000 cycles. Generally interpreted 
as meaning 1000 cycles per second. Obsolete term; 
replaced by kilohertz (kHz). 

kiloelectronvolt — 1000 electron volts. The energy 
acquired by an electron that has been accelerated through 
a voltage difference of 1000 volts. Letter symbol: keV. 

kilogauss — 1000 gauss. 

kilogram — Unit of mass. The mass of a particular 
cylinder of platinum-iridium alloy, called the international 
prototype kilogram, that is preserved in a vault at Sevres, 
France, by the International Bureau of Weights and 
Measures. Letter symbol: kg. 

kilohertz — 1000 hertz. Letter symbol: kHz. 

kilohm — 1000 ohms. Abbreviated k or kohm. 

kilohmmeter—A meter designed for measuring 
resistance in kilohms. 

kilomega (kM)—-Obsolete prefix for giga- (G), 
representing 10? or 1,000,000,000. 

kilomegacycle — Now called gigahertz. One billion 
cycles per second. 

kilometer —One thousand meters, or approximately 
3280 feet. 

kilometric waves — British term for electromag- 
netic waves between 1000 and 10,000 meters in length. 

kilosecond — 1000 seconds. 

kilovar — One reactive kilovoltampere, or 1000 reac- 
tive voltamperes. Letter symbol: kvar. 

kilovar-hour—- 1000 reactive volt-amperehours. 

kilovolt — 1000 volts. Letter symbol: kV. 
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Klydonograph gradient recorder. 


kilovoltampere — 1000 voltamperes. Letter symbol: 
KVA. 

kilovoltmeter — A voltmeter that reads thousands of 
volts. 

kilowatt— 1000 watts. Letter symbol: kW. 

kilowatthour — The equivalent energy supplied by a 
power of 1000 watts for 1 hour. Letter symbol: kWh. 

kine — Slang term for kinescope recording. 

kine-klydonograph — An instrument that records 
the current-time characteristics of a lightning stroke. The 
instrument records a series of Lichtenberg figures in a 
manner similar to that of the field gradient recorder. 

kinescope — 1. A cathode-ray tube that serves as a 
picture tube in a television receiver. The signal represent- 
ing the picture intensity is transmitted to the electron gun 
grid so that the beam intensity varies with the intensity 
of the original scene. Deflecting voltages sweep the beam 
horizontally and vertically until it is synchronized with 
the scanning of the camera tube. The electron beam then 
strikes the fluorescent end screen of the tube and the scene 
is reproduced. 2. A film recording made from a television 
program on a picture tube and used as a permanent record 
or for subsequent rebroadcasting. 
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Kinescope, 1. 


kinescope gun — The electron gun in the kinescope. 

kinescope recorder — A camera that photographs 
television images directly from the picture tube onto 
motion-picture film. 

kinetic energy — Energy that a system possesses by 
virtue of its motion. 

Kirchhoff’s laws — 1. The current flowing to a given 
point in a circuit is equal to the current flowing away from 
that point. 2. The algebraic sum of the voltage drops in 


any closed path in a circuit is equal to the algebraic sum 
of the electromotive forces in that path. (Laws 1 and 2 
are also called laws of electric networks.) 3. At a given 
temperature, the emissive power of a body is the same as 
its radiation-absorbing power for all surfaces. 

kit— A prepared package of parts with instructions for 
assembly and/or wiring a component or chassis (also a 
small accessory item). 

klydonograph —A ficld gradient recording instru- 
ment that registers voltages on photographic film in the 
form of Lichtenberg figures. 

klystron — An electron tube used as an oscillator or 
amplifier at ultrahigh frequencies. The electron beam is 
velocity modulated (periodically bunched) to accomplish 
the desired results. 
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klystron control grid— An electrode that controls 
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klystron frequency multiplier—A_ two-cavity 
klystron that has the output cavity tuned to a multiple 
of the fundamental frequency. 

klystron generator — A klystron tube used as a gen- 
erator. lts cavity feeds energy directly into a waveguide. 

klystron oscillator— An oscillator employing a 
klystron tube to generate radio-frequency power. 

klystron repeater — A klystron tube operated as an 
amplifier and inserted directly into a waveguide in such a 
way that incoming waves velocity-modulate the electron 
stream emitted from a heated cathode. A second cavity 
converts the energy of the electron clusters into waves of 
a much higher amplitude and feeds them into the outgoing 
guide. 

kM — Abbreviation for kilomega (an obsolete term). 
Replaced by giga. 

kMc — Abbreviation for kilomegacycle. Now replaced 
by gigahertz. 

knee — 1. An abrupt change in direction between two 
relatively straight segments of a curve, such as the region 
of a magnetization curve near saturation or the top bend of 
a vacuum-tube characteristic curve. 2. A section between 
two comparatively straight segments of a curve in which 
the magnitude of curvature, although of the same sign, is 
relatively high. 3. The region of maximum curvature. 

knife-edge diffraction —In radio-wave propaga- 
tion, an effect by which the atmospheric attenuation of a 
signal is reduced when the signal is diffracted as it passes 
over a sharp obstacle such as a mountain ridge. 

knife-edge pointer (of a meter)—A pointer 
whose end is flattened and tumed edgewise so the smallest 
dimension or edge is seen. Usually used with mirror- 
backed scales to eliminate parallax and increase the 
accuracy cf reading. 

knife switch — 1. A form of air switch in which a 
moving element is sandwiched between two contact clips. 
The moving element is usually a hinged blade; when it 
is not, it is removable. 2. A form of switch in which 
the moving element, usually a hinged blade, enters or 
embraces stationary contact clips. 

knob-—A round, polygonal, or pointer-shaped part 
that is fastened to one end of a control shaft so that 
the shaft can be turned more easily. The knob sometimes 
indicates the degree of rotation also. 

knocker — A term used with some fire-control radars 
to indicate a subassembly comprising synchronizing and 
triggering circuits. It drives the rf pulse-generating equip- 
ment in the transmitter and also synchronizes the cycle 
of cperation with the transmitted pulse in range units and 
indicators. 

knockout — A removable portion in the side of a box 
or cabinet. During installation it can be readily taken out 
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with a hammer, screwdriver, or pliers so the raceway, 
cables, or fittings can be attached. 

knot — One nautical mile (6,080.20 feet, 1852 meters, 
or 1.15 statute miles) per hour. 

Kooman antenna—A vertical array of horizontal 
full-wave dipoles that are driven by transposed two- 
conductor line and backed by a parasitic reflecting curtain 
or horizontal dipoles. 

Kovar — An iron-nickel-cobalt alloy with a coefficient 
of expansion similar to that of glass and silicon and 
thermal characteristics similar to those of alumina. It 
is used as a material for headers and in glass-to-metal 
seals. Kovar/glass packages are used extensively in hybrid 
construction to preserve hermetic sealing. 

KOX — Acronym for keyboard-operated transmission. 
A station equipped with a KOX system can turn on the 
transmitter and turn off the receiver simply by typing on 
the station’s keyboard. When the operator ceases typing, 
the transmitter automatically turns off, and the receiver 
tums on after some preset delay. 

kraft paper— Relatively heavy, high-strength sul- 
fate paper used for electrical insulating material. (Capac- 
itor tissue is kraft paper of normal thickness equal to 
0.002 inch, or 50 um, or less.) 

K-scan — See K-display. 

K-series—A series of frequencies in the X-ray 
spectrum of an element. 

KSR — Abbreviation for keyboard send-receive unit. 
A combination transmitter and receiver with transmission 
capability from the keyboard only (teletypewriter term). 
Refers to a terminal device (teletype or similar) having 
only a keyboard for sending and a printer for receiving, 
1.€., NO paper or magnetic tape equipment, but which 
is useful for conversational time-sharing and inquiry- 
response applications. 

Ku band—1.A band of microwave frequencies 
between 11 and 13 GHz. 2. Also called K band. A band of 
frequencies that extends from 11.7 to 12.7 GHz. The band 
is separated into two portions: 11.7 to 12.2 GHz (fixed 
satellite services — intended for point-to-point services) 
and 12.2 to 12.7 GHz (for broadcasting satellite service 
or DBS). 3. The frequency band from 10,9 to 17 GHz. 

kurtosis — The degree of curvature of the peak of a 
probability curve. 

kV — Letter symbol for kilovolt. 

kVA — Letter symbol for kilovoltampere. 

kvar — Letter symbol for kilovar. 

kW — Letter symbol for kilowatt. 

kWh — Letter symbol for kilowatthour. 

kymograph — An instrument for recording wavelike 
oscillations of varying quantities for medical studies. 


L— Symbol for coil, lambert, or inductance. 

label— 1. A code name used to identify or classify a 
name, term, phrase, or document. 2. One or more charac- 
ters that serve to identify an item of data. 3. A numerical 
value or a memory location in the programmable system 
of a computer. The specific absolute address is not neces- 
sary since the intent of the label is a general destination. 
Labels are a requisite for jump and branch instructions. 
4. A number or letter or a name given to a program state- 
ment so that the computer can find it later. 5. A name 
used in source code to identify an instruction or exe- 
cutable statement in computer programs. 6. A block at 
the beginning or at the end of a volume or file that iden- 
tifies, characterizes, and/or delimits that volume or file. A 
label is not considered to be part of a file. 

label group — A collection of continuous label sets 
of the same label type. 

labile oscillator— A local oscillator whose fre- 
quency is remote controlled by a signal received from 
a radio or over a wire. 

laboratory power supply — A regulated de source 
having (a) less than 10-kV output at up to 500 W, 
(b) output adjustable over a wide range, usually down to 
zero, (c) regulation on the order of £0.01 percent static 
line and load. 

labyrinth — Speaker enclosure with absorbing air 
chambers at the rear to eliminate acoustic standing waves. 
A mazelike construction extends the air column. Reso- 
nances are tamed by heavy damping material. 

labyrinth loudspeaker— Loudspeaker mounted in 
an acoustic baffle having air chambers designed to prevent 
acoustic standing waves. 

lacing — A network of fine wire surrounding or cov- 
ering an area to be protected, such as a safe, vault, or 
glass panel, and connected into a closed-circuit system. 
The network of wire is concealed by a shield, such as 
concrete or paneling, in such a manner that an attempt to 
break through the shield breaks the wire and initiates an 
alarm. 

lacing and harnessing — Also called bundling. A 
method of grouping wires by securing them in bundles or 
designated patterns. 

lacing cord or twine—cCord used for lacing 
and tying cable forms, hookup wires, cable ends, cable 
bundles, and wire harness assemblies. Available in various 
materials and impregnants. 

lacing tape— Flexible, flat, fabric tape for tying 
harnesses and wire bundles, securing of sleeves and other 
items, and general lacing and typing applications. 

lacquer disc — Also called cellulose-nitrate disc. A 
mechanical recording disc, usually made of metal, glass, 
or paper and coated with a lacquer compound often 
containing cellulose nitrate. 

lacquer master— See lacquer original. 
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lacquer original — Also called lacquer master. An 
original recording made on a lacquer surface to be used 
as a master. 

lacquer recording— Any recording made on a 
lacquer medium. 

ladder attenuator—A series of symmetrical sec- 
tions used in signal generators and other devices in which 
voltages and currents must be reduced in known ratios. 
They are designed so that the required ratio of voltage loss 
per section is obtained with image-impedance operation. 
The impedance between any junction point and common 
ground in a ladder attenuator is half the image impedance. 


Ladder attenuator. 


ladder diagram — 1. A diagram that shows actual 
component symbols and the basic wiring configuration of 
a relay logic circuit (as opposed to a logic diagram). 2. An 
industry standard for representing control logic relay sys- 
tems. 3. Electrical engineering technique to schemati- 
cally illustrate functions in an electrical circuit (relays, 
switches, timers, etc.) by diagramming them in a vertical 
sequence resembling a ladder. 4. See contact symbology 
diagram. 

ladder network — Also called series-shunt network. 
1. A network composed of H-, L-, T-, or pi networks 
connected in series. 2. A series of film resistors with 
values from the highest to the lowest resistor reduced in 
known ratios. 

LAFOT— Coded weather broadcasts issued by the 
U.S. Weather Bureau for the Great Lakes region. They 
are broadcast every 6 hours by marine radiotelephone 
broadcasting stations on their assigned frequencies. 

lag — 1. The displacement in time, expressed in elec- 
trical degrees, between two waves of the same frequency. 
2. The time between transmission and reception of a sig- 
nal. 3. In a television camera tube, the persistence of the 
electrical-charge image for a time interval equal to a few 
frames. 4. A time difference between the occurrence of 
two events. 
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Lag, 1. 


lagged-demand meter — A meter in which there is 
a characteristic time lag, by either mechanical or thermal 
means, before maximum demand is indicated. 

lagging current — The current flowing in a circuit 
that is mostly inductive. If the circuit contains only 
inductance, the current lags the applied voltage by 90°. 
Because of the characteristics of an inductance, the current 
does not change direction until after the corresponding 
voltage does. 

lagging load—A predominantly inductive load — 
i.e., one in which the current lags the voltage. 

lag-lead— Also called lead-lag. A circuit whose 
response includes lag components and their derivatives. 

lambda— Greek letter A, used to designate wave- 
length measured in meters. 

lambda diode — A simple two-terminal device con- 
sisting of a pair of complementary depletion-mode junc- 
tion field-effect transistors that can be fabricated more 
easily than conventional negative-resistance devices. It 
can be integrated on a single chip or with bipolar and 
MOS devices on the same chip. Unlike tunnel diodes, 
which are limited to a narrow negative-resistance range, 
jambda diodes can be produced with a wide range of 
characteristics. 

lambda wave-—An electromagnetic wave propa- 
gated over the surface of a solid that has a thickness 
comparable to the wavelength of the wave. 

lambert — A unit of luminance (photometric bright- 
ness) equal to l/m candela per square centimeter and, 
therefore, equal to the uniform luminance of a perfectly 
diffusing surface emitting or reflecting light at the rate of 
| lumen per square centimeter. The lambert also is the 
average luminance of any surface emitting or reflecting 
light at the rate of 1 lumen per square centimeter. For the 
general case, the average must take account of variation 
of luminance with angle observation, also of its varia- 
tion from point to point on the surface considered. Letter 
symbol: L. 

lambertian — A radiance distribution that is uniform 
in all directions of observation. 

Lambert's law of illumination — The illumination 
of a surface on which the light falls normally from a 
point source is inversely proportional to the square of the 
distance of the surface from the source. If the normal to 
the surface makes an angle with the direction of the rays, 
the illumination is proportional to the cosine of that angle. 

laminar flow—A directed stream of filtered air 
moved constantly across a clean work station, usually 
parallel to the workbench surface. 

laminate — A product made by bonding together two 
or more layers of material. 

laminated — Made of layers. 

laminated contact — A switch contact made up of 
a number of laminations, each making contact with an 
opposite conducting surface. 

laminated core— An iron core for a coil, trans- 
former, armature, etc. It is built up from laminations to 
minimize the effect of eddy currents. The sheet iron or 
steel laminations are insulated from each other by surface 
oxides or by oxides and varnish. 
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laminated record—A_ mechanical recording 
medium composed of several layers of material (normally 
a thin face of material on each side of a core). 

lamination — A single stamping of sheet material 
used in building up a laminated object such as the core 
of a power transformer. 

Lamont's law-— The permeability of steel at any 
flux density is proportional to the difference between the 
saturation value of the flux density and its value at the 
point in question. This law is only approximately accurate 
and is not true for the initial part of the magnetization 
curve. 

lamp — 1. A generic term for a human-made source 
of light. By extension, the term is also used to denote 
sources that radiate in regions of the spectrum adjacent to 
the visible range. 2. A device for producing light. 

lamp bank — An arrangement of incandescent lamps 
commonly used as a resistance load during electrical tests. 

lamp cord— 1. A twin conductor, either twisted or 
parallel, used for connecting floor lamps and other electric 
appliances to wall outlets. 2. Flexible stranded conductor 
cord, rubber or plastic insulated, used in wiring of lamps, 
household fans, and similar appliances. Not subject to 
hard usage. | 

lamp holder — A lamp socket. 

lamp housing —A device designed to concentrate 
and direct a light source by enclosing the scurce in it and 
using a concave reflector to direct the light through its 
only opening. 

lamp jack—Special electronic electromechanical 
component having a frame that holds a lamp and has the 
contact springs and terminals for applying power to the 
lamp. Used extensively in jack panels and other types of 
telephone equipment as a visual-indicating signal device. 

Lampkin oscillator—A variation of the Hartley 
oscillator. lts distinguishing feature is that an approximate 
impedance match is effected between the tank and grid- 
cathode circuits. 

lamp receptacle — A device that supports an elec- 
tric lamp and connects it to a power line. 

LAN — Abbreviation for local area network. 1. A data 
communications network spanning a limited geographical 
area, such as an office, an entire building, or industrial 
park. It provides communication between computers and 
peripherals. 3. A baseband or broadband interactive bidi- 
rectional communication system for voice, video, or data 
use on a common cable medium. The network uses some 
type of switching technology and does not use common- 
carrier circuits, although it may have gateways or bridges 
to other public or private networks. 

land — 1. The surface between two adjacent grooves 
of a recording disc. 2. Also called boss, pad, terminal 
point, blivet, tab, spot, donut. In a printed circuit board, 
the conductive area to which components or separate cir- 
cuits are atlached. It usually surrounds a hole through 
the conductive material and the base material. 3. A por- 
tion of a conductive pattern usually, but not exclusively, 
used for the connection and/or attachment of components. 
4. Widened conductor area on the major substrate used as 
an attachment point for wire bonds or the bonding of chip 
devices. 

Landau damping — The damping of a space-charge 
wave by electrons moving at the phase velocity of the 
wave. 

landing beacon — The radio transmitter that pro- 
duces a landing beam for aircraft. See also landing beam. 

landing beam—A highly directive radio signal 
projected upward from an airport to guide aircraft in 
making a landing during poor visibility. 

landless hole— A plated-through hole without a 
land(s). 
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landline — A telegraph or telephone line passing over 
land, as opposed to submarine cables. 

landline facilities — Domestic communications 
common-carrier’s facilities that are within the continental 
United States. 

landmark beacon— Any beacon other than an 
airport or airway beacon. 

land mobile service—A radio service in which 
communication is between a base station and land mobile 
stations or between land mobile stations. 

land mobile station— A two-way mobile station 
that operates solely on land. 

land radio positioning station — A station in the 
radio positioning service, not intended to be operated 
while in motion. 

land return — Radiation reflected from nearby land 
masses and returned to a radar set as an echo. 

lands — Bonding points used in the manufacture of 
microelectronic circuits. 

landscape— In word processing, printing a page 
horizontally across the width of the paper. 

land station — A permanent, or fixed, station. 

land transportation radio services— Radio- 
communication services whose transmitting facilities 
include fixed, land, or mobile stations, operated by and 
for the sole use of certain land transportation carriers. 

Langevin ion — An electrified particle produced in a 
gas by an accumulation of ions on dust particles or other 
nuclei. 

Langmuir dark space— The nonluminous region 
surrounding a negatively charged probe inserted into the 
positive column of a glow or arc discharge. 

language — |. A set of computer symbols, with rules 
for their combination. They form a code to express 
information with fewer symbols and rules than there are 
distinct expressible meanings. 2. A format for computer 
programs. Ultimately, computers receive their instructions 
in machine language, binary codes whose meanings are 
specific to each computer. Machine codes are usually 
written in hex or octal for easier use by humans. High- 
level languages, such as BASIC, allow programs to be 
written in fairly human terms (such as PRINT “NOW IS 
THE TIME”) that are then translated into a sequence of 
machine codes. 3. A system for representing information 
and communicating it between people, or between people 
and machines. 4. A definition of the elements and syntax 
within which a computer program must be encoded. 
5. The means by which people communicate with a 
computer. 

language converter—A data-processing device 
designed to change one form of data, 1.e., microfilm, strip 
chart, etc., into another (punch card, paper tape, etc.). 

language translation — The process performed by 
an assembler, compiler, or other routine that accepts state- 
ments in one language and converts them to equivalent 
statements in another language. 

language translator — A computer system program 
that translates text written in one language to another 
language. Assemblers, interpreters, and compilers are 
examples of language translators. 

L-antenna— An antenna consisting of an elevated 
horizontal wire to which a vertical lead is connected at 
one end. 

lanyard — A device that is attached to certain quick- 
disconnect connectors and that permits uncoupling and 
separation of connector halves by a pull on a wire or 
cable. 

lap — 1. A rotation plate covered with liquid abrasive, 
used for grinding quartz crystals. 2. A fire-resistant, 
untwisted, ribbonlike form of asbestos felt made from 


slivers of asbestos fiber blended with cotton or other 
organic fibers. Used as a wrapping on wire and cable. 

LAP — Abbreviation for Link Access Protocol. The 
data link layer protocol that is used in X.25-based 
networks in setting up channels between data termination 
equipment and data communication equipment. 

lap computer — A battery-operated computer, small 
and light enough to be operated on the user’s lap. 

lap dissolve— In motion pictures or television, 
simultaneous transition in which one scene is faded down 
and out while the next scene is faded up and in. 

lapel microphone — A microphone worn on the 
user’s clothing. 

lap joint—The connecting of two conductors by 
placing them side by side so that they overlap. 

Laplace’s law — The strength of the magnetic field at 
any given point due to any element of a current-carrying 
conductor is directly proportional to the strength of the 
current and the projected length of the element, and is 
inversely proportional to the square of the distance of the 
element from the point in question. 

Laplace transform — A mathematical substitution 
whose use permits the solution of a certain type of 
differential equation by algebraic means. 

lapping — |. Bringing quartz crystal plates up to their 
final frequency by moving them over a flat plate over 
which a liquid abrasive has been poured. 2. Grinding and 
polishing such products as semiconductor blanks in order 
to obtain precise thicknesses or extremely smooth, flat, 
polished surfaces. 

laptop — A small portable computer. Sometimes dis- 
tinguished as larger than a notebook computer, but some- 
times also used as a synonym for notebook computer. 

lap winding — An armature winding in which oppo- 
site ends of each coil are connected to adjoining segments 
of the commutator so that the windings overlap. 

lap wrap—Tape wrapped around an object in an 
overlapping condition. 

large-scale integrated circuit— An integrated 
circuit that contains 100 gates or more in a single chip, 
resulting in an increase in the scope of the function 
performed by a single device. 

large-scale integration — Abbreviated LSI. 1. The 
simultaneous achievement of large-area circuit chips and 
optimum density of component packaging for the express 
purpose of cost reduction by maximization of the num- 
ber of system interconnections made at the chip level. 
2. Monolithic integrated circuits of very high density. 
Such circuits typically have on a single chip the equiv- 
alent of about 200 to thousands of simple logic circuits. 
The term sometimes describes hybrid ICs built with a 
number of MSI or LSI chips. 3. A classification of ICs by 
size, applicable to chips containing more than 100 gates or 
circuits of equivalent complexity. 4. The technology that 
produces microcircuits with at least 100 active devices 
on a single chip. Functional blocks that include several 
op amps and other devices are examples of LSI devices. 

large-signal characteristics — The characteristics 
of an amplifier when rated (full) output signals are 
produced. 

large-signal dc current gain— The dc output 
current of a transistor with the dc output circuit shorted, 
divided by the dc input current producing the dc output 
current. 

large-signal power gain—The ratio of the ac 
output power to the ac input power under specified large- 
signal conditions. Usually expressed in decibels (dB). 

large-signal short-circuit forward-current 
transfer ratio — In a transistor, the ratio under specified 
test conditions of a change in output current to the 
corresponding change in input current. 


APPENDIX A = GETTING STARTED WITH TOOL BUILDING 


An Easy 2.5 Watts 


You probably have a spare USB charger lying around somewhere. If you don’t already, you more than 
likely will at some point in the near future, as these are becoming more common with smaller electronic 
devices. If not, you can obtain one relatively cheaply if you do some smart shopping. The USB charger 
shown in Figure A-2 was obtained from overseas via eBay for less than $1. You will also need a USB cable 
about 3 or 4 feet long. Again, don’t spend a lot of money on a new cable. If you don’t already have one 
floating around in a drawer somewhere, you probably know someone that does. 


Figure A-2. A USB charger that plugs into the wall and provides a regulated +5V supply. This plug is 
intended for US wiring, but will operate from 110AC to 240VAC at 50 or 60Hz, which pretty much covers 
the whole world, if you have the right adapter plug. 


It doesn't matter what type of USB cable you find, because we're going to cut off the smaller end and 
use the bare wires inside the cable. It just has to have the USB A-style plug shown on the left side of 
Figure A-2. The plug will fit into the socket of the charger. You do not need to open or modify the USB 
charger at all, and you are seriously advised not to do so for any reason. 

Let's take a closer look at the label on the charger to find out exactly what it's supposed to be doing 
for us. See Figure A-3. 
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large-signal voltage gain — The ratio of the output 
voltage swing of an operational amplifier to the change 
in input voltage required to drive the output from zero to 
this voltage. 

Larmor orbit—The path of circular motion of 
a charged particle in a uniform magnetic field. The 
motion of the particle is unimpeded in the direction 
of the magnetic field, but motion perpendicular to the 
direction of the field is always accompanied by a force 
perpendicular to the direction of motion and the field. 

laryngaphone — Also called a throat microphone. 
A microphone applied to the throat of a speaker to 
pick up voice vibrations directly. It is very useful in 
noisy locations because it picks up only the speaker’s 
voice — no outside noises. 

LASCR — Abbreviation for light-activated silicon- 
controlled rectifier. 1. A pnpn device in which incident 
light performs the function of gate current; three of the 
four semiconductor regions are available for circuit con- 
nections. A photoswitch. 2. A semiconductor device that 
is triggered into conduction when the light falling on 
the base-collector photodiode junction exceeds a given 
threshold level. Operation of the LASCR is similar to 
the silicon-controlled rectifier, with the major difference 
being that an external resistance between gate and cathode 
(in addition to bias voltage and current) determines light 
sensitivity. A positive electrical signal applied to the gate 
can be used to trigger the LASCR, as well as to modify 
the light sensitivity. 
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Anode characteristic. 
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LASCS — Abbreviation for light-activated silicon- 
controlled switch. 1. A device similar to an LASCR, 
except that all four semiconductor regions are accessible. 
2. A semiconductor device that combines the LASCR and 
the planar silicon photoswitch (PSPS). Having four termi- 
nals, the LASCS can be triggered by light positive signals 
(at the gate terminal) and negative signals (at the anode 
gate terminal). 

laser— 1. A device for transforming incoherent light 
of various frequencies of vibration into a very narrow, 
intense beam of coherent light. The name is derived from 
the initial letters of “light amplification by stimulated 
emission of radiation.” In the emission of ordinary light, 
the molecules or atoms of the source emit their radiation 
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independently of each other, and consequently there is 
no definite phase relationship among the vibrations in 
the resultant beam. The light is incoherent. The Jaser, by 
means of an optical resonator, forces the atoms of the 
material of the resonator to radiate in phase. The emitted 
radiation is stimulated by the excitation of atoms to a 
higher energy level by means of energy supplicd to the 
device. In the microwave region, the corresponding device 
is called a maser, and hence the laser is also known as a 
light maser. 2. A device for producing light by emission 
of energy stored in a molecular or atomic system when 
stimulated by an input signal. 3. A mechanically designed 
semiconductor junction that will optically pump (amplify 
light) short pulses of high-energy coherent radiation. 4. A 
device that produces a coherent monochromatic (single 
wavelength) collimated beam of concentrated light in 
which the subatomic particles that constitute the beam, 
known as photons, travel on a parallel axis. Scientists 
believe that a beam produced by a 5-megawatt laser would 
be able to melt objects in space at distances exceeding 


5000 miles (8045 km). 
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laser basic mode — The primary or lowest-order 
fundamental transverse propagation mode for the emitted 
light wave of a laser, the emitted energy normally having 
Gaussian (bell-shaped) distribution in space and being in 
a single beam, with no side lobes. 

laser bonding — 1. A process that forms a metal-to- 
metal fastened union, using a laser heat source to join 
conductors. 2. Effecting a metal-to-metal bond of two 
conductors by welding the two materials together using a 
laser beam for a heat source. 

laser cavity—An optically resonant and hence 
mode-selecting low-loss structure in which laser action 
occurs through the buildup of electromagnetic field inten- 
sity upon multiple reflection. 

laser diode — Abbreviated LD. A junction diode, 
consisting of positive and negative carrier regions with a 
pn transition region (junction), that emits electromagnetic 
radiation (quanta of energy at optical frequencies) when 
injected electrons under forward bias recombine with 
holes in the vicinity of the junction. In certain materials, 
such as gallium arsenide, there is a high probability of 
radiative recombination producing emitted light, rather 
than heat, at a frequency suitable for optical waveguides. 
Some light is reflected by the polished ends and is trapped 
to stimulate more emission. See diode laser; injection laser 
diode. 

laser diode coupler—A coupling device that 
enables the coupling of light energy from a laser diode 
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(LD) source to an optical fiber or cable at the transmitting 
end of an optical fiber data link. The coupler may be an 
optical fiber pigtail expoxied to the LD. Synonym: LD 
coupler. 

Laserdisc —A laser-read optical video disc system 
that can hold thousands of video images and hours of 
sound. A 12-inch plastic disc used to store video, audio, 
and other data for playback on a video disc player and 
video monitor. 

laser Doppler velocimeter— A laser device utiliz- 
ing either optical heterodyning or scanning interferometry 
to measure flow velocities by means of the Doppler shift. 

laser drill— A system that uses a laser as the source in 
the evaporation of localized areas as small as 0.00025 cm 
in diameter of hard materials such as gemstones and 
tungsten. A pulsed ruby laser is most commonly used 
in this type of system. 

laser dyes — Class of organic dyes that emit coherent 
radiation Over a wide spectral range. 

laser fiber-optic transmission system—A 
system consisting of one or more laser transmitters and 
associated fiber-optic cables. During normal operation the 
laser radiation is limited to the cable. 

laser head—A module containing the active laser 
medium, resonant cavity, and other components within 
one enclosure, not necessarily including a power supply. 

laser holographic camera — A camera system that 
has a laser, usually of the pulsed ruby type, as a light 
source; holographic optics; a plate; and a plate holder. It 
is used often in the laboratory or in production areas for 
analysis and detection. The laser’s nanosecond exposure 
time is most efficient in freezing moving particles in a 
permanent hologram for convenient analysis. 

laser linewidth —In the operation of a laser, the 
frequency range over which most of the laser beam's 
energy is distributed. 

laser printer —A printer whose images are formed 
by laser light impinging on a light-sensitive drum like 
that of a photocopy machine; where the light strikes the 
drum, it will hold xerographic ink for transfer to a sheet 
of paper. 

laser protective housing — A protective housing 
for a laser to prevent human exposure to laser radiation 
in excess of an allowable established or statutory emission 
limit for the appropriate class. Parts of the housing that 
can be removed or displayed and not interlocked may be 
secured in such a way that removal or displacement of 
the parts requires the use of special tools. 

laser pulse length — Also called laser pulse width. 
The time duration of the burst of electromagnetic energy 
emitted by a pulsed laser. It is usually measured at the 
half-power points, i.e., on a plot of pulse power developed 
versus time, the time interval between the points that are 
at 0.5 of the peak of the power curve. 

laser pulse width — See laser pulse length. 

laser rangefinder — A portable instrument that mea- 
sures the distance between itself and its target by deter- 
mining the amount of time it takes for a pulsed laser 
beam to travel to the target and be reflected back to the 
instrument. A telescope is used to aim the beam, and a 
photomultiplier detects the reflected pulse. 

laser ranger—A device similar to conven- 
tional radar but using high-intensity light rather than 
microwaves. 

laser soldering — A selective soldering technique 
employing a programmable laser system. The system 
automatically makes and places solder preforms on one 
panel while simultaneously laser soldering pins on a 
second panel. The laser soldering system is effective for 
high-volume selective soldering of wire-wrapping pins to 
backplanes, power planes, and PCBs. 
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laser trim—The adjustment (upward in resistance) 
of a film resistor value by applying heat from a focused 
laser source to remove material, i.e., to cut a kerf. 

laser trimming—An IC trimming technique that 
involves focusing a laser on the die to disconnect resistors. 

laser welder — A system, similar to a laser drill, that 
uses the heat from a pulsed laser to weld metals. Because 
of the rapidity and localization with which the welding 
takes place, metals of vastly dissimilar melting points can 
be welded with this system. 

laser welding — Process in which thermal energy 
released by a laser impinging on the surface of a metal 
is conducted into the bulk of the metal workpiece by 
thermal conduction, bonding component leads to highly 
conductive materials, such as copper printed circuitry. 

lasing — 1. The phenomenon that occurs when reso- 
nant frequency controlled energy is coupled to a specially 
prepared material, such as a uniformly doped semiconduc- 
tor crystal that has free-moving or highly mobile, loosely 
coupled electrons. As a result of resonance and the impart- 
ing of energy by collision or close approach, electrons are 
raised to highly excited energy states; when they move to 
lower states, they cause quanta of high-energy electro- 
magnetic radiation to be released as coherent light waves. 
This action takes place in a laser. 2. A unique mode 
of light production by stimulated emission from excited 
atoms. The uniqueness of the lasing process is that the 
light thereby generated tends to be a single frequency, 
coherent in time and space. 

lasing condition or state—The condition of an 
injection laser corresponding to the emission of predom- 
inantly coherent or stimulated radiation. 

latch —1.A feedback loop used in a symmetrical 
digital circuit (such as a flip-flop) to retain a state. 
2. A simple logic storage element. The most basic form 
consists of two cross-coupled logic gates that store a pulse 
applied to one logic input until a pulse is applied to the 
other input; thus, the complementary information is stored 
in the latch. 3. A name commonly used to refer to a flip- 
flop (usually a D type) when used for data storage, as 
opposed to counting and logic functions. 4. To lock into 
a certain location or state. 

latching — A technique for storing an event such as 
the momentary breaking of a perimeter circuit. The fact 
that the event has occurred will be available until the 
latched circuit has been reset. See alarm hold. 

latching current— The minimum value of principal 
current required to maintain a thyristor in the on state after 
switching from the off state to the on state has occurred 
and the trigger signal has been removed. 

latching relay— Also called bistable relay. 1. A 
relay with contacts that lock in either the energized or 
deenergized position, or both, until reset either manually 
or electrically. 2. A relay with two separate coils, one 
of which must be energized to change the state of the 
relay, which will remain in either state without the need 
for external power. 3. A relay that includes a means of 
holding the state of the relay in the last or latched position. 
In effect, the relay has a memory, because the contacts 
remain open or closed when the coil is not actuated. To 
change state, the latching relay coil must be reenergized. 

latching sensor— A solid-state Hall-effect sensor 
that has a plus (south pole) maximum and minimum 
operate point, and a minus (north pole) maximum and 
minimum release point. Thus, when the sensor is operated 
with a south pole, it will stay in the operated condition 
even with removal of the south pole magnet and will 
release only in the presence of a north pole. 

latch-in relay— Also called locking relay. A relay 
with contacts that remain energized or deenergized until 
reset manually or electrically. 
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LOAD BUTTON 
Latch-in relay. 


latch mode — A mode of operation for a storage cir- 
cuit in which all encoder contact closures, even momen- 
tary ones, are latched “on.” 

latch-up— 1. A condition in which the collector 
voltage in a given circuit does not return to the supply 
voltage when a transistor is switched from saturation to 
cutoff. Instead, the collector finds a stable operating point 
in the avalanche region of the collector characteristics. 
2. An unintended stable circuit mode that will not revert 
to a previous intended circuit mode after removal of a 
stimulus such as a spurious signal or radiation. The effect 
is usually caused by parasitic circuit elements. 3. The 
characteristic of some op amps to remain in positive or 
negative saturation after their maximum differential input 
voltage is exceeded. 4. The switching of an electronic 
circuit to an unintended mode by improper voltage 
application. 5. An undesirable phenomenon in which 
either a pnpn or an npnp thyristor-type parasitic structure 
suddenly tums to an on state, thereby bypassing or 
shorting out portions of an IC. 

latch voltage — The effective input voltage at which 
a flip-flop changes states. 

late contacts— In a relay, contacts that open or 
close after other contacts when the relay operates. 

latency — |. In a serial storage computer system, the 
time necessary for the desired storage location to appear 
under the drum heads. 2. In computers, the time required 
to establish communication with a specific storage loca- 
tion, not including transfer time, i.e., access time less word 
time. 3. A state of seeming inactivity, such as that occur- 
ring between the instant of stimulation and the beginning 
of response. 4. A delay encountered in a computer when 
waiting for a specific response. Latency is caused by prop- 
agation delays and the queuing of disks or tapes when 
randomly addressed. 

latency time—The time required to shift to any 
given bit (word) in a serial memory, such as in CCDs 
and bubble memories. 

latent image — A stored image (e.g., the one con- 
tained in the charged mosaic capacitance in an icono- 
cope). 

lateral chromatic aberration— Aberration that 
affects the sharpness of images off the axis. This occurs 
because different colors produce different magnifications. 

lateral compliance — The force required to move 
the reproducing stylus from side to side as it follows the 
modulation on a laterally recorded record. 

lateral-correction magnet— In a three-gun pic- 
ture tube, an auxiliary component used for positioning 
the blue beam horizontally so that beam convergence will 
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be obtained. It operates on the principle of magnetic con- 
vergence and is used in conjunction with a set of pole 
pieces mounted on the focus element of the blue gun. 

lateral forced-air cooling—A method of heat 
transfer that employs a blower to produce side to side 
circulation of air through or across the heat dissipators. 

lateral loss — A power loss, expressed in decibels, 
due to the deviation from optimum coaxial alignment of 
the ends of separable optical conductors. 

lateral recording—A mechanical recording in 
which the groove modulation is perpendicular to the direc- 
tion of motion of the recording medium and parallel to 
its surface. 

latex — Rubber material used for insulation of wire. 

lattice —1.In navigation, a pattern of identifiable 
intersection lines placed in fixed positions with respect 
to the transmitters that establish them. 2. The geometrical 
arrangement of atoms in a crystalline material. 

lattice network—A network composed of four 
branches connected in series to form a mesh. Two 
nonadjacent junction points serve as iuput terminals, and 
the remaining two as output terminals. 

lattice structure — In a crystal, a stable arrangement 
of atoms and their electron-pair bonds. 

lattice-wound coil — See honeycomb coil. 

launch angle —In an optical fiber or fiber bundle, 
the angle between the input radiation vector, i.e., the input 
light chief ray, and the axis of the fiber radiation vector, 
Le., the axis of the fiber or fiber bundle. If the ends of 
the fibers are perpendicular to the axis of the fibers, the 
launch angle is equal to the angle of incidence when the 
ray is external and the angle of refraction when initially 
inside the fiber. 

launch complex — The entire launch, control, and 
support system required for launching rockets. 

launching — The transferring of energy from a coax- 
ial cable or shielded paired cable in a waveguide. 

lavalier microphone — A microphone with acous- 
tical and vibration-isolation properties suiting it to use 
for speech pickup from a position on the speaker’s chest. 
Lavalier mikes are fitted with a band or strap for hanging 
around the neck, and are frequently used when it is impor- 
tant that the mike not be conspicuously visible (as to a 
TV audience). The use of this mike frees the speaker’s 
hands and allows a certain amount of freedom to move 
about. 

lawn mower— |. In facsimile, a term often used 
when referring to a helix-type recorder mechanism. 2. A 
type of rf preamplifier used with a radar receiver. 

law of electric charges—Like charges repel; 
unlike charges attract, See also Coulomb’s law. 

law of electromagnetic induction— See Fara- 
day’s laws, 3. 

law of electromagnetic systems — Every elec- 
tromagnetic system tends to change its configuration so 
that the flux of magnetic induction will be a maximum. 

law of electrostatic attraction — See Coulomb’s 
law. 

law of magnetism — Like poles repel; unlike poles 
attract. 

law of normal distribution—The Gaussian law 
of the frequency distribution of any normal, repetitive 
function. It describes the probability of the occurrence 
of deviants from the average. 

law of reflection — The angle of refiection is equal 
to the angle of incidence—i.e., the incident, reflected, 
and normal rays all lie in the same plane. 

laws of electric networks — See Kirchhoff s laws, 
l and 2. 

lay — 1. Pertaining to wire and cable, the axial dis- 
tance requured for one cable conductor or conductor strand 
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to complete one revolution about the axis around which 
it is cabled. 2. The distance between successive points 
where the same strand (or insulated conductor) when 
twisted with one or more strands (or insulated conduc- 
tors) presents itself in the same position. 3. The length 
measured along the axis of a wire or cable required for a 
single strand (in stranded wire) or conductor (in cable) to 
make one complete turn about the axis of the conductor 
or cable. 

layer— 1. The consecutive turns of a coil lying in a 
single plane. 2. One of several films in a multiple-film 
structure on a substrate. 

layer-to-layer adhesion — The tendency for adja- 
cent layers of recording tape in a roll to adhere, partic- 


ularly after prolonged storage under conditions of high 


temperature and/or humidity. 
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layer-to-layer signal transfer— The magnetiza- 
tion of a layer of tape in a roll by the field from a nearby 
recorded layer. The magnitude of the induced signal tends 
to increase with storage time and temperature, and to 
decrease after the tape is unwound. These changes are 
a function of the magnetic instability of the oxide. 
layer-to-layer spacing — The thickness of dielec- 
tric material between adjacent layers of conductive cir- 
cuitry in a multilayer printed board. 
layer winding — A coil-winding method in which 
adjacent turns are placed side by side and touch each 
other. Additional layers may be wound over the first and 
are usually separated by sheets of insulation. 
layout — 1. Diagram indicating the positions of parts 
on a chassis or panel. 2. The actual positions of the parts 
themselves. 3. The topological arrangement of conductors 
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and components in the design of integrated circuits. It 
precedes the artwork. 4. A visual representation of a 
complete physical entity, usually to scale. 

layout wiring drawing — A type of circuit diagram, 
made to show explicitly each wire, its gage, color coding, 
and terminations. 

lay-up—The technique of registering and stacking 
layers of a multilayer board before the laminating cycle. 

L-band — 1. Microwave band in which the wave- 
lengths are at or near 23.5 cm. 2. A radio-frequency band 
of 390 to 1550 MHz and corresponding wavelengths of 
77 to 19 cm. Used for mobile communications. 

L-carrier system-—A telephone carrier system 
employed on coaxial-cable systems and microwave line- 
of-sight and tropospheric-scatter radio systems. It occu- 
pies a frequency band extending from 68 kHz to over 
3 MHz. 

LCC — Abbreviation for leadless chip carrier. A 
surface-mounted package having metallized contacts 
(terminals) at its periphery. Usually made of ceramic 
material. 

LCD — Abbreviation for liquid crystal display. 1. A 
seven-segment (typically) display device consisting basi- 
cally of a liquid crystal hermetically sealed between 
two glass plaies. One type of LCD (dynamic scattering) 
depends on ambient light for its operation, while a sec- 
ond type depends on a backlighting source. The readout 
is elther dark characters on a dull white background or 
white on a dull black background. LCDs have very low 
power requirements. 2. A display whose segments or ele- 
ments consist of transparent electrodes etched on glass 
separated by a liquid that has some crystalline properties, 
including orderly molecular alignment. Voltage applied 
to opposing electrodes alters the alignment in the liquid 
between them, affecting the passage of light through the 
region (reflected or transmitted), rendering the segments 
visible by contrast. 3. An optically passive device, in that 
it does not generate light to produce contrast, whose oper- 
ation depends on the ability of the liquid crystal to rotate 
plane-polarized light relative to a pair of crossed polariz- 
ers attached to the outside of the display. Rotation of the 
plane of polarization is a function of the applied field and 
decreases with increasing field or voltage. 

LC product — Inductance (L) in henrys multiplied by 
capacitance (C) in farads. See figure on p. 416. 

L/C ratio — Inductance in henrys divided by capaci- 
tance in farads. 

LCS — Abbreviation for loudness-contour selector. 

L cut-— A trim notch in a film resistor that is created 
by the cut starting perpendicular to the resistor length and 
turning 90° to complete the trim parallel to the resistor 
axis, thereby creating an L-shaped cut. 

LD — See laser diode. 

LD coupler— See laser diode coupler. 

LDCS — Abbreviation for long-distance control sys- 
tem. A computer-based communication management sys- 
tem (Datapoint Corporation) that routes long-distance 
calls over least-cost lines and maintains accounting data 
on calls. 

L-display— Also called L-scan. A radar display in 
which the target indication appears as two horizontal 
blips, one extending to the right and one to the left from 
a vertical time base. Azimuth pointing error is indicated 
by relative blip amplitude, and range is indicated by the 
position of the signal along the base line. 

leaching — The process of dissolving and removing 
impurities and soluble components from plated items, tank 
materials, and the like. 

lead — 1. A wire to or from a circuit element. 2. To 
precede (the opposite of lag). 3. A wire, with or without 
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terminals, that connects two points in a circuit. 4. A 
conductive path that is usually self-supporting. 
lead-acid cell— Also called lead cell. A cell in an 
ordinary storage battery. It consists of electrodes (plates) 
immersed in an electrolyte of dilute sulfuric acid. The 
electrodes contain certain lead oxides that change their 
composition as the cell is charged or discharged. 
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lead-acid storage cell —A storage cell in which 
both plates are lead-antimony or lead-calcium grids filled 
with spongy lead for the negative plate and lead peroxide 
for the positive plate. During discharge, the material in 
both plates is converted to lead sulfide. The electrolyte 
is a solution of sulfuric acid with a specific gravity of 
1.200. The cell voltage is nominally 2 volts but rises to 
2.15 volts on float and drops to 1.85 volts on discharge. 

lead cell— See lead-acid cell. 

lead-covered cable —A cable with a lead sheath. 
The sheath offers protection from the weather and 
mechanical damage to the wires contained therein. 

lead dress— The placement or routing of wire and 
component leads in an electrical circuit. 

leader — 1. Special nonmagnetic tape that can be 
spliced to either end of a magnetic tape to prevent 
damage and possible loss of recorded material and to 
indicate visually where the recorded portion of the tape 
begins and ends. 2. Tough, nonmagnetic tape spliced 
ahead of the recorded material on a tape that is expected 
to receive rough or frequent handling. Usually has one 
matte-finished surface for writing on, and often available 
in a variety of colors for coding purposes. 

leader cable — A navigational aid in which the path 
to be followed is defined by a magnetic field around a 
cable. 

leader tape — Also called timing tape. Plain non- 
magnetic tape for splicing to either end of magnetic tape 
to facilitate threading and preserve recorded material, or 
for splicing between recorded tapes to separate selections 
or provide pauses. 

lead frame — 1. A metal frame that holds the leads 
of a plastic encapsulated package (DIP) in place before 
encapsulation and is cut away after encapsulation. 2. The 
metal part of a solid-state device package that achieves 
electrical connection between the die and other parts of 
the system of which the IC is a component. Large-scale 
integrated circuits are welded onto lead frames in such 
a way that leads are available to facilitate making 
connections to and from the various solid-state devices 
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to the packages. 3. The metallic portion of the device 
package that completes the electrical connection path 
from the die or dice and from ancillary hybrid circuit 
elements to external circuits. 

lead-in — The conductor that provides the path for 
rf energy between the antenna and the radio/television 
receiver or transmitter. 

leading blacks — Also called edge effect. In a tele- 
vision picture, the condition in which the edge preceding 
a white object is overshaded toward black (1.e., the object 
appears to have a preceding, or leading, black border). 

leading current — |. Current that reaches maximum 
before the voltage that produces it does. A leading current 
flows in any predominantly capacitive circuit. 2. In an 
alternating-current circuit in which the net reactance is 
Capacitive, a current wave that precedes in phase the 
voltage wave that produces it. 
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leading edge— That transition of a pulse which 
occurs first. 

leading-edge pulse time — The time required by a 
pulse to rise from its instantaneous amplitude to a stated 
fraction of its peak amplitude. 

leading ghost — A twin image appearing to the left 
of the original in a televised picture. 

leading load — A predominantly capacitive load — 
i.e., one in which the current leads the voltage. 

lead-in groove — Also called a lead-in spiral. A 
blank spiral groove around the outside of the record. Its 
pitch is usually much greater than the other grooves and 
is used to quickly lead the needle into the beginning of 
the recorded groove. 

leading whites — Also called edge effect. In a tele- 
vision picture, the condition in which the edge preceding 
a black object is shaded toward white (i.e., the object 
appears to have a preceding, or leading, white border). 

leading zeros — Zeros placed in front of a number 
to use up all blanks spaces in a data field. 

lead-in insulator—A tubular insulator through 
which cables or wires are brought inside a building. 

lead-in spiral — See lead-in groove. 

lead-in wireS— Wires that carry current into a 
building (e.g., from an antenna). See down lead. 
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lead-length compensation — In dc ammeters for 
use with external shunts, the leads that connect to the 
shunt become an integral part of the total instrument. An 
adjustable resistor is often included to compensate for the 
resistance of the leads and to improve overall accuracy. 

leadless chip carrier — See LCC. 

leadless inverted device — Abbreviated LID. A 
shaped metallized ceramic form used as an intermediate 
carrier for semiconductor chip devices, especially adapted 
for attachment to conductor lands of a thick- or thin-film 
network by reflow solder bonding. 
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lead network — A network, either ac or dc, designed 
to provide error-rate damping in the controlling device of 
a servo system. 

lead-out groove — Also called a throw-out spiral. A 
blank spiral groove on the inside of a recording disc, next 
to the label. It is generally much deeper than the recording 
groove and is connected to either the locked or eccentric 
groove. 

lead-over groove — Also called a crossover spiral. 
On disc records containing several selections, the groove 
in which the needle travels as it crosses from one selection 
to the next. 

lead polarity of transformer — Also called polar- 
ity. A designation of the relative instantaneous directions 
of currents in the leads of the transformer. Primary and 
secondary leads are said to have the same polarity when, 
at a given instant, the current enters the primary lead in 
question and leaves the secondary lead in question in the 
same direction as though the two leads formed a contin- 
uous circuit. 

lead screw — |. In a recording, a threaded road that 
guides the cutter or reproducer across the surface of a disc. 
2. In facsimile, a threaded shaft that moves the scanning 
mechanism or drum lengthwise. 

lead selenide (PbSe) cell — A thin-film photocon- 
ductive cell that is sensitive to the infrared region. The 
photosensitive material of the cell is composed of lead 
selenide, and the cell is used in the detection of infrared 
radiation. 

lead sulfide (PbS) cell—A photoconductive cell 
having its greatest sensitivity in the infrared region. The 
photosensitive material of the cell is lead sulfide, which 
is deposited on a glass plate. 

lead time—In the display of a random sampling 
oscilloscope, the interval represented that occurs imme- 
diately before trigger recognition. 

lead wires — Wire conductors for intraconnections or 
input/output leads. 
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leaf insulator — Leaf-spring-shaped insulator located 
in a switch stack adjacent to a contact spring or actuator 
spring to keep that spring from making electrical contact 
with an adjacent spring or other metallic surface. 

leak — A condition that causes current to be shunted 
away from its destination through a low resistance. 

leakage — |. Undesired flow of electricity over or 
through an insulator. 2. The portion not utilized most 
effectively in a magnetic field (e.g., at the end pieces of 
an electromagnet). 

leakage coefficient— Ratio of total to useful flux 
produced in the neutral section of a magnet. 

leakage current— 1. An undesirable small-value 
stray current that flows through (or across the surface 
of) an insulator or the dielectric of a capacitor. 2. A cur- 
rent that flows between two or more electrodes in a tube 
other than across the interelectrode space. 3. Current prior 
to switching at a specified voltage. 4. Undesirable flow of 
current through or over a surface of an insulating material 
or insulator. 5. All currents, including capacitively cou- 
pled currents, that may be conveyed between energized 
parts of a circuit and ground or other parts. 6. The con- 
duction current through a capacitor when a direct voltage 
is applied. 

leakage flux— The flux that does not pass through 
the air gap, or useful part, of the magnetic circuit. 

leakage inductance — A self-inductance due to the 
leakage flux generated in the winding of a transformer. 

leakage power— In tr and pre-tr tubes, the radio- 
frequency power transmitted through a fired tube. 

leakage radiation — Spurious radiation in a trans- 
mitting system — i.e., radiation from other than the system 
itse:f. 

leakage rate—A laboratory procedure used to 
determine the amount and duration of resistance of an 
article to a specific set of destructive forces or conditions. 

leakage reactance — 1. The reactance represented 
by the difference in value between two mutually cou- 
pled inductances when their fields are aiding and then 
opposing. 2. That portion of the reactance of a transformer 
primary which is due only to leakage flux. 

leakage resistance — The normally high resistance 
of the path over which leakage current flows. 

ieakance — The reciprocal of insulation resistance. 

leaktight — See hermetic. 

leaky — Usually applied to a capacitor in which the 
resistance has dropped so far below normal that objec- 
tionably high leakage current flows. 

leaky waveguide—A waveguide with a narrow 
longitudinal slot, permitting a continuous energy leak. 

leaky waveguide antenna—An antenna con- 
structed from a iong waveguide with radiating elements 
along tts length. It has a very sharp pattern. 

leapfrogging — The process of phasing, or delaying, 
the ranging pulse of a tracking radar in order to move 
or shift (on the scope presentation) the tracking gate (at 
target blip) past the target blip from another radar. 

leapfrog test— A computer check routine using a 
program that calls for performing a series of arithmetical 
or logical operations on one section of memory locations, 
transferring to another section, checking correctness of 
transfer, and repeating the series of operations. Eventu- 
ally, all storage positions are checked by this process. 

learning curve — The improvement that occurs in 
manufacturing processes with experience. 

leased fine — Also called dedicated or private line. 
A semipermanent leased telephone circuit that connects 
two or more points and is continuously available to the 
subscriber. See also dedicated line. 
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least maximum deviation — A manner of express- 
ing nonlinearity as a deviation from a straight line for 
which the deviations for proportional or normal linearity 
are minimized. 

least mechanical equivalent of light — The radi- 
ant power that is contained in 1 lumen at the wavelength 
of maximum visibility. It is equal to 1.46 milliwatts at a 
wavelength of 555 nanometers. 

least significant bit— Abbreviated LSB. 1. In a 
system in which a numerical magnitude is represented 
by a series of binary (i.e., two-valued) digits, that digit 
(or bit) that carries the smallest value or weight; usually 
the rightmost bit. 2. The lowest-order bit or the bit with 
the least weight. Binary digit having a weight of 2°, or 
1. 3. 3. Smallest value that can be digitized; lowest-order 
digital output. 

least significant digit — Abbreviated LSD. 1. The 
digit that has the lowest place value in a number; usually 
the rightmost digit. 2. Number at the extreme right of a 
group of numbers. Example: 6937. Digit 7 is the LSD. 

least voltage coincidence detection — Abbre- 
viated LYCD. A system that provides protection against 
interfering signals by blocking all signals except those 
having a pulse-repetition frequency the same as or some 
exact multiple of the radar-set pulse-repetition frequency. 

Lecher line — See Lecher wire. 

Lecher oscillator— A device for producing stand- 
ing waves on two parallel wires called Lecher wires. 
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Lecher wire— |. A type of transmission line used 
to measure wavelength, consisting of a pair of wires 
whose electrical length is adjustable. If a source of radio 
frequency is coupled to one end of the line and the line 
is adjusted until a set of standing waves is formed, the 
wavelength may be determined by measurement of the 
distance between adjacent nodes. 2. Two parallel wires 
with a movable shunt that are connected to the output of 
a radio-frequency source and are used mainly to measure 
wavelengths shorter than about 10 meters. 

Leclanche cell —1. Type of dry cell comprising a 
positive carbon pole contained in a porous vessel filled 
with manganese dioxide, the whole assembly standing 
in a container of an ammonium chloride solution that 
also contains the negative zinc pole. The electromotive 
force generated by a cell of this type is approximately 
1.5 volts. 2. An ordinary dry cell. It is a primary cell with 
a positive electrode of carbon and a negative electrode of 
zinc in an electrolyte of sal ammoniac and a depolarizer 
of manganese dioxide. 

LED — Abbreviation for light-emitting diode. 1. A pn 
junction semiconductor device specifically designed to 
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emit light when forward biased. This light can be one of 
several visible colors — red, amber yellow, or green — or 
it may be infrared and thus invisible. Electrically, a 
LED is similar to a conventional diode in that it has 
a relatively low forward voltage threshold. Once this 
threshold is exceeded, the junction has a low impedance 
and conducts current readily. This current must be limited 
by an external circuit, usually a resistor. The amount of 
light emitted by a LED is proportional to the forward 
current over a broad range, thus it is easily controlled, 
either linearly or by pulsing. The LED is extremely 
fast in its light output response after the application 
of forward current. Typically, the rise and fall times 
are measured in nanoseconds. LEDs are constructed in 
either a multisegment (typically seven segments) display 
format or a dot-matrix display format. Red is used most 
often because of its lower cost. 2. A diode that operates 
similar to a laser diode, with the same output power 
level, the same output limiting modulation rate, and 
the same operational current densities, i.e., thousands of 
amperes per square centimeter, which causes catastrophic 
and graceful degradation, but with greater simplicity, 
tolerance, and ruggedness and about ten times the spectral 
width of its radiation. 
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ledger balance—A facility used with message 
switching equipment to ensure that no messages are lost 
within the center. It involves comparing the number 
of addresses received with the number of addresses 
transmitted, 

left-handed polarized wave — Also called counter- 
clockwise-polarized wave. An elliptically polarized trans- 
verse electromagnetic wave in which the electric intensity 
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vector rotates counterclockwise (looking in the direction 
of propagation). 

left-hand rule — See Fleming’s rule, 1. 

left-hand taper—The greater resistance in the 
counterclockwise half of the operating range of a rheostat 
or potentiometer than in the clockwise half (looking from 
the shaft end). 

left (or right) signal —The electrical output of a 
microphone or combination of microphones placed so 
as to convey the intensity, time, and location of sound 
Originating predominantly to the listener’s left (or right) 
of the center of the performing area. 

left (or right) stereophonic channel — The left 
(or right) signal as electrically reproduced in the reception 
of FM stereophonic broadcasts. 

leg — A section or branch of a component or system 
(e.g., one of the windings of a transformer). 

legend —A table of symbols or other data placed 
on a map, chart, or diagram to assist the reader in 
interpreting it. 

Lenard rays—Cathode rays that emerge from a 
special vacuum tube through a thin glass window or 
metallic foil. 

Lenard tube — An electron tube in which the beam 
can be taken through a section of the wall of the evacuated 
enclosure. 

length of a scanning fine —1. The length of 
the path traced by the scanning or recording spot as it 
moves from line to line. 2. On drum-type equipment, the 
circumference of the drum. 3. The spot speed divided by 
the scanning-line frequency. 

lens— 1. An optical device that focuses light 
by refraction. 2. An electrical device that focuses 
microwaves by refraction or diffraction. 3. An acoustic 
device that concentrates sound waves by refraction. 4. An 
electronic optical device that focuses electrons. 5. A 
transparent optical component consisting of one or more 
pieces of optical glass with surfaces so curved (usually 
spherical) that they serve to converge or diverge the 
transmitted rays of an object, thus forming a real or virtual 
image of that object. 

lens antenna— A microwave antenna with a dielec- 
tric lens placed in front of the dipole or horn radiator 
so that the radiated energy is concentrated into a narrow 
beam. 

lens disc—A television scanning disc having a 
number of openings arranged in a spiral, with a lens set 
into each opening. 

lens speed—Refers to the ability of a lens to 
transmit light, represented as the ratio of the focal length 
to the diameter of the lens. A fast lens would be rated 
f/l.2; a much slower lens might be designated as f/8. The 
larger the f-number, the slower the lens. 

lens turret—On a camera, an arrangement that 
accommodates several lenses and can be rotated to 
facilitate their rapid interchange. 

Lenz’s law — The current induced in a circuit due to 
a change in the magnetic flux through it or to its motion in 
a magnetic field is so directed as to oppose the change in 
flux or to exert a mechanical force opposing the motion. 
If a constant current flows in a primary circuit A and if, 
by motion of A or the secondary circuit B, a current is 
induced in B, the direction of the induced current will be 
such that, by its electromagnetic action on A, it tends to 
oppose the relative motion of the circuits. 

LEO — Abbreviation for low earth orbit. Any orbit 
around the earth substantially below the geostationary 
satellite orbit, generally within several hundred kilometers 
above the earth’s surface and usually inclined to the 
equatorial plane. 
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Lepel discharger— A quenched spark gap used 
in early radiotelegraph transmitters employing shock 
excitation. 

letter quality —Resembling the output of a type- 
writer. 

letter-quality printer—.A machine that prints like 
a typewriter, by pressing complete characters through a 
ribbon onto paper. 

letters shift — In the Baudot code, a control character 
following which all characters are interpreted as being in 
the group containing letters (lower case). 

let-through current— The current that actually 
passes through a circuit breaker under short-circuit con- 
ditions. 

level — i. The magnitude of a quantity in relation to 
an arbitrary reference value. Level normally is stated 
in the same units as the quantity being measured (e.g., 
volts, ohms, etc.). However, it may be stated in units 
“hat express the ratio to a reference value (e.g., decibels). 
2. A voltage that remains constant over a long period of 
time. 3. In describing codes or characters, a bit or element. 
4. The intensity of an electrical signal. 

level above threshold — Also called sensation 
aevel. The pressure level of a sound in decibels above 
its threshold of audibility for the individual listener. 

level compensator — 1. An automatic gain control 
that minimizes the effect of amplitude variations in the 
received signal. 2, A device that automatically controls 
the gain in telegraph-receiving equipment. 

level indicator — A device for showing visually the 
level of the audio signal, as a means of establishing the 
optimum amount of signal being fed to the tape. 

level shifting—The process of changing a differ- 
ential signal input to a single-ended output within an 
operational amplifier. 

level translator — A circuit that accepts digital input 
signals at one pair of voltage levels and delivers output 
signals at a different pair of voltage levels. For example, 
a circuit to translate the —0.8-V “zero” and 1.6-V “one” 
of ECL to the —0.8-V “zero” and —4.2-V “one” suitable 
for COS/MOS. 

level-triggered flip-flop — A flip-flop that responds 
to the voltage level rather than the rate of change of an 
input signal. 

lever switch—Commonly referred to as a key 
lever or lever key. 1. A hand-operated switch for rapidly 
opening and closing a circuit. 2. A switch having a 
lever (toggle), whose movement results either directly or 
indirectly in the connection or disconnection of the switch 
terminations in a specified manner. 

Lewis antenna—A microwave scanning antenna 
consisting of a lensed flat horn that tapers to a narrow 
rectangular opening across which a waveguide feed can 
be moved to scan the beam. The horn is folded by 
the incorporation of a 45° reflecting strip, and the thin 
rectangular end is formed into a circular annulus, around 
which the feed can be rotated. The deformed parallel-plate 
region that results has a conical shape with the feed circle 
as base. 

Leyden jar—The original capacitor. It consists of 
inetal foil sheets on the inside and outside of a glass jar. 
The foil serves as the plates and the glass as the dielectric. 

LF — Abbreviation for low frequency (i.e., between 30 
and 300 kHz). 

LFM—A VHF fan-type marker. It is low powered 
(5 watts) and has a range of only 10 miles or less. 

librarian — A system program that is responsible for 
creating, editing, and deleting software libraries. 

library — 1. A collection, usually stored on magnetic 
tape, of computer programs or subroutines for special pur- 
poses. 2. A group of standard, proven computer routines 
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that can be incorporated into larger routines. 3. A collec- 
tion of system and/or user tasks that may be executed by 
other tasks in the system. The major reason for libraries 
is to prevent software redesign each time a function is 
needed by a task. 4. A set of frequently used programs or 
program pieces. 

LIC — Abbreviation for linear integrated circuit. 

Lichtenberg figure camera— Also called kly- 
donograph or surge-voltage recorder. A device for indicat- 
ing the polarity and approximate crest value of a voltage 
surge by the appearance and dimensions of the Lichten- 
berg figure produced on a photographic plate or film. The 
emulsion coating of the plate or film contacts a small elec- 
trode coupled to the circuit in which the surge occurs. The 
film is backed by an extended plane electrode. 

LID — See leadless inverted device. 

lie detector — Also called a polygraph. An electronic 
instrument that measures the blood pressure, temperature, 
heart action, breathing, and skin moisture of the human 
body. Abrupt or violent changes in these variables are 
said to indicate that the subject is not telling the truth. 

LIF connector— Abbreviation for low insertion 
force connector. Type of printed circuit board connector 
unit in which mating and unmating forces are reduced 
70 to 90 percent. Typical engaging and separating forces 
in these devices are 0.5 oz/contact, contrasted with the 8 
to 16 oz required for conventional printed circuit board 
connectors. 

life — 1. The expected number of full excursions over 
which a transducer would operate within the limits of the 
applicable specification. 2. The number of performance 
hours, days, years, or actual operations an item is desig- 
nated to meet. 

life aging — |. Burn-in test that moderates the eleva- 
tion of temperature and extends the time period in order 
to test the overall device quality as opposed to infant mor- 
tality. 2. Long-period operation of items, components, or 
devices to test the consistency of device finality. 

life cycle — A test that indicates the time span before 
failure; the test occurs in a controlled, usually accelerated 
environment. 

life test — The test of a component or unit under the 
conditions that approximate, or simulate by acceleration, a 
normal lifetime of use. The test is performed to determine 
life expectancy or reliability throughout a predetermined 
life expectancy. 

lifetime — 1. The average time interval between the 
introduction and recombination of minority carriers in a 
semiconductor. 2. The time it takes a thermally generated 
or photogenerated electron-hole pair to recombine. 
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LIFO— Last in, first out; method of storing and 
retrieving data in a stack, table, or list. Compare FIFO. 

lifter — In a tape recorder, a movable rod or guide that 
draws the tape away from the heads during fast-forward 
or rewind modes to eliminate needless head wear. Lifters 
work automatically on most machines in either high-speed 
mode. 

lifting magnet— A powerful clectromagnet used on 
the end of a crane to lift iron and steel objects, which can 
be dropped instantly by merely cutting off the current. 

light — 1. Radiant energy within the wavelength limits 
perceptible by the average human eye (roughly, between 
400 and 700 nanometers). Although ultraviolet and 
infrared emissions will excite some types of photocells, 
they are usually not considered light. 2. In combination 
with other terms, a device used as a source of luminous 
energy (e.g., a pilot light). 3. Radiant energy transmitted 
by wave motion with wavelengths from about 0.3 um 
to 30 um; this includes visible wavelengths (0.38 um to 
0.78 um and those wavelengths such as ultraviolet and 
infrared, which can be handled by optical techniques used 
for the visible region. In more restricted usage, radiant 
energy within the limits of the visual spectrum. 
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light-activated silicon-controlled rectifier — 
See LASCR. 
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light-activated silicon-controlled switch — See 
LASCS. 

light-activated switch—A semiconductor diode 
that is triggered into conduction by light irradiation of 
a light-sensitive part of the semiconductor pellet. 

light amplifier — A device that serves to emit light 
of the same wavelength as the input light, only with 
an increase in intensity. It may be a solid-state device 
comprised of photoconductive and luminescent layers 
contained between two electrodes. 

light-beam  cathode-ray-tube recorder— 
Recorder using an electron beam to make multiple traces 
on a CRT screen. Traces are reflected from a fixed plane 
mirror onto moving photosensitive paper via an optical 
system. 

light-beam galvanometer—A modified form of 
the D’Arsonval meter movement in which a small mirror 
is cemented to a moving coil mounted in the field of a 
permanent magnet. Current through the coil causes the 
coil to be deflected angularly, and the mirror reflects a 
beam of light onto a moving strip of photographic paper. 
The developed chart shows the waveform of the current 
through the coil. 

light-beam instrument— An instrument in which 
a beam of light is the indicator. 

light-beam oscillograph— Recorder using a mir- 
ror on a galvanometer to achieve recording response to 
5 kHz. 
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light-beam pickup—A phonograph pickup utiliz- 
ing a beam of light as a coupling element of the trans- 
ducer. 

light chopper—aA device for interrupting a light 
beam. It is frequently used to facilitate amplification of 
the output of a phototube on which the beam strikes. 

light current — The current that flows through a pho- 
tosensitive device, such as a phototransistor or a photodi- 
ode, when it is exposed to illumination or irradiance. 

light-dimming control—aA circuit, often employ- 
ing a saturable reactor, used to control the brightness of 
the lights in theaters, auditoriums, etc. 

light-emitting diode — Abbreviated LED. A pn 
junction that emits light when biased in the forward 
direction. See LED. 

light-emitting diode coupler— Abbreviated LED 
coupler. A coupling device that enables the coupling of 
light energy from a light-cmitting diode (LED) source 
to an optical fiber or cable at the transmitting end of an 
optical fiber data link. The coupler may be an optical fiber 
pigtail epoxied to the LED. 
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Figure A-3. The label of the USB charger tells us that it accepts anything from 110VAC to 240VAC at either 
50Hz or 60Hz. This wide range of input power allows the same internal electronic design to be used 
worldwide. Only the prongs that plug into the wall vary from location to location. The label also tells us 
that the USB charger will output +5V at up to 500mA. That's 2.5W! 


The “OUTPUT: 5.0V = 500mA” marking tells us what we need to know about the flavor of the power 
coming out of the adapter. The “5.0V” is the measure of the voltage. This is a very useful voltage level for 
small projects. Many digital chips require a 5V supply, although 3.3V is also becoming quite popular. 

The = symbol represents direct current (DC) voltage. The symbol for AC (alternating current) 
voltage is the tilde, or wavy line symbol -. The “500mA” is the maximum current that can be supplied by 
this charger (500 milliamps, or 0.54), although you are cautioned not to expect a low-cost item such as 
this one to produce 100 percent of its rated power 100 percent of the time. 

While this USB charger will most likely work for our intended purposes, it’s best to keep those 
expectations in check. Note that “Model:” is misspelled (“Mode:”); and also note the absence of the 
magic letters USB or the USB logo. Also, there is a complete lack of any safety certifications present on 
this humble device, as befits its cheap economically optimized provenance. Compare this with the 
veritable constellation of safety certifications on the name-brand laptop charger shown in Figure A-4. 
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light flux— See luminous flux, 1. 

light guide —1. An assembly of optical fibers and 
other optical elements mounted and finished in a com- 
ponent that is used to transmit light. 2. A conduit made 
up of fibers randomly collected or bunched in a group; it 
conducts light and images. 

light gun—A photoelectric cell used by computer 
operators to take specific actions in assisting and directing 
computer operation. So called because of its gun-like case. 

lighthouse tube — An ultrahigh-frequency electron 
tube shaped like a lighthouse and having disc-sealed 
planar elements. See also disc-seal tube. 
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lighting outlet — An outlet for direct connection of a 
lamp holder, lighting fixture, or pendant cord termination 
in a lamp holder. 

light intensity cutoff—In a photoelectric alarm 
system, the percent reduction of light that initiates an 
alarm signal at the photoelectric receiver unit. 

light level —The amount of (or intensity of) light 
falling upon a subject. 

light load — A fraction of the total load the device is 
designed to handle. 

light meter — An electron device that contains a pho- 
tosensitive cell and calibrated meter for the measurement 
of light levels. 

light microsecond — The unit for expressing elec- 
trical distance. It is the distance over which light travels 
in free space in | microsecond (1.e., about 983 feet, or 
300 meters). 

light modualtion— Variation in the intensity of 
light, usually at audio frequencies, for communications 
cr motion-picture sound purposes. 

light modulator—The device for producing the 
sound track on a motion-picture film. It consists of a 
source of light, an appropriate optical system, and a 
means for varying the resulting light beam (such as a 
galvanometer or light valve). 

light negative — Having a negative photoconductiv- 
ity when subjected to light. 

lightning arrester—A device to prevent damage 
to electrical equipment by transient overvoltages whether 
trom lightning or switching. Spark gaps that can only be 
bridged by voltages above those used in the equipment 
allow the higher voltages to be discharged to ground. 

lightning generator — A generator of high-voltage 
surge (e.g., for testing insulators). 
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lightning rod— A pointed metal rod carried above 
the highest point of a pole or building, and connected 
to earth by a heavy copper conductor, for the purpose 
of carrying a direct lightning discharge directly to earth 
without damage to the protected structure. 

lightning surge—A transient disturbance in an 
electric circuit caused by lightning. 

lightning switch— A switch for connecting a radio 
antenna to ground during electrical storms. 

light pen— 1. A light-sensitive device used with a 
computer-operated CRT display for selecting a portion of 
the display for action by the computer. 2. A photosensor 
placed in the end of a penlike probe. It is used in 
conjunction with a CRT display for drawing, erasing, 
or location characters. Operation is by comparsion of 
the time it senses a light pulse to the scanning time of 
the display. 3. A hand-held data-entry device used only 
with refresh displays. It consists of an optical lens and 
photocell, with associated circuitry, mounted in a wand. 
Most light pens have a switch on the barrel that makes the 
pen sensitive to light from the screen. An activated light 
pen, when pointed at a vector or character on the screen, 
will generate an interrupt. It is then possible tc identify the 
vector or character since the display stopped refreshing 
when the item was drawn that caused the interrupt. The 
most common uses of light pens are light-button selection 
and tracking. 

light pencil—A narrow cone of light rays that 
diverges from a point source or converges to an image 
point. 

light pipe— 1. A bundle of transparent fibers that 
can transmit light around corners with small losses. Each 
fiber transmits a portion of the images through its length, 
reflection being caused by the lower refractive index 
of the surrounding material, usually air. 2. Transparent 
matter that usually is drawn into a cylindrical or conical 
shape through which light is channeled from one end to 
the other by total internal reflections. Optical fibers are 
examples of light pipes. 

light positive—Having positive photoconducti- 
vity —i.e., increasing in conductivity when subjected to 
light. 

light-powered telephone — Technology that relies 
on a highly efficient photodetector that can detect incom- 
ing light signals at one frequency and transmit outgoing 
signals at another, thus permitting the sending and receiv- 
ing of light signals over one fiber with a single device. 

light ray—-1. A very thin beam of light. 2. A line, 
perpendicular to the wavefront of light waves, indicating 
their direction of travel and representing the light wave 
itself. 

light relay—A photoelectric device that opens or 
closes a relay when the intensity of a light beam changes. 

light-sail— A method of spacecraft propulsion using 
a giant sail to catch the solar wind, a nonfictional stream 
of ionized gas particles constantly emitted from the sun 
at speeds of up to 2 million miles an hour (3.2 million 
kilometers per hour). 

light sensitive — Exhibiting a photoelectric effect 
when irradiated (e.g., photoelectric emission, photocon- 
ductivity, and photovoltaic action). 

light-sensitive Darlington amplifier — Two 
stages of transistor amplification in one light-detector 
device. Darlingtons give much higher gain than single 
transistors. 

light-sensitive tube — A vacuum tube that changes 
its electrical characteristics with the amount of illumina- 
tion. 

light source — Any object capable of emitting light. 
(In fiber optics, the light source is normaily either an LED 
or a laser.) 
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light source power— The electrical power used 
to stimulate any light source. Power supplies may be 
step-up or stepdown transformers; rectifiers to convert 
ac to dc; ammeters and voltmeters to observe the input 
to the source; and regulators and variable resistors, for 
maintaining constancy of input. 

light-spot scanner— Also called a flying-spot scan- 
ner. A television camera in which the source of illumina- 
tion is a spot of light that scans the scene to be televised. 
The picture signal is generated in a phototube, which picks 
up light either transmitted through the scene or reflected 
from it. 
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light valve—A device whose light transmission 
can be varied in accordance with an externally applied 
electrical quantity such as voltage, current, an electric or 
magnetic field, or an electron beam. 

lightwave communications — Also called optical 
communications. 1. In fiber optics communications, using 
light, instead of an electric current, to carry the 
information. 2. That aspect of communications and 
telecommunications devoted to the development and use 
of equipment that uses electromagnetic waves in or near 
the visible region of the spectrum for communication 
purposes. Lightwave communication equipment includes 
sources, modulators, transmission media, detectors, 
converters, integrated optic circuits, and related devices, 
used for generating and processing light waves. The 
term optical communications is oriented toward the 
notion of optical equipment, whereas the term lightwave 
communications is oriented toward the signal being 
processed. 

light-year— 1. The distance traveled by light in one 
year, or about 5,880,000,000,000 miles or 9,500,000,000, 
000 km, roughly 6 trillion miles (9.5 trillion kilometers). 
A parsec (parallex second) is equal to 3.26 light-years. 
Both are units of distance, not time. 

limit bridge—A form of Wheatstone bridge used 
for rapid routine production testing. Conformity with 
tolerance limits, rather than exact value, is determined. 

limit cycle— A mode of control system operation 
in which the controlled variable cycles between extreme 
limits, with the average near the desired value. 

limited continuous word/speech — Voice recog- 
nition capability for certain sets of words uttered without 
pause (typically digits such as part numbers or postal 
zip codes), which can be trained into user-programmable 
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voice equipment designed with proper recognition pro- 
cessing algorithms. 

limited signal — In radar, a signal that is intentionally 
limited in amplitude by the dynamic range of the system. 

limited space-charge accumulation — A mode 
of oscillation for gallium arsenide diodes. 

limited space-charge accumulation diode — 
See LSA diode. 

limited stability— The property of a system that 
remains stable only as long as the input signal falls within 
a particular range. 

limiter— 1. A device in which some characteristic of 
the output is automatically prevented from exceeding a 
predetermined value—e.g., a transducer in which the 
output amplitude is substantially linear (with regard to 
the input) up to a predetermined value and substantially 
constant thereafter. 2. A radio-receiver stage or circuit 
that limits the amplitude of the signals and hence keeps 
interfering noise low by removing excessive amplitude 
variations from the signals. 3. A device that reduces the 
intensity of very short duration peaks (transient peaks) 
in the audio signal without audibly affecting dynamic 
range. 4. A feedback element that acts to restrain a 
variable by modifying or replacing the function of the 
primary element when predetermined conditions have 
been reached. 
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limiting — The restricting of the amplitude of a signal 
so that interfering noise can be kept to a minimum. 

limiting resolution — In television, the number of 
TV lines per picture height that can just be resolved by 
visual inspection of a televised pattern. Wedge patterns 
are often used for this subjective test. These charts 
include five areas (center and four corners) for resolution 
measurement. Each area includes two identical sets of 
mutually orthogonal wedge patterns calibrated (up to 16) 
in hundreds of TV lines per picture height. 2. The details 
that can be distinguished on the television screen. Vertical 
resolution refers to the number of horizontal black and 
white lines that can be resolved in the picture height. 
Horizontal resolution refers to the black and white lines 
resolved in a dimension equal to the vertical height and 
may be limited by the video amplifier bandwidth. 

limit of error— An accuracy index that indicates the 
expected maximum deviation of the measured value from 
the true value if all of the factors causing deviations act 
simultaneously and in the same direction. 

limit ratio — The ratio of peak value to limited value. 

limits — The minimum and maximum values specified 
for a quantity. 

limit switch— 1. A mechanically operated contact- 
making or contact-breaking device mounted in the path 
of a moving object and actuated by its passage. 2. An 
electromechanical device that uses changes in mechanical 
motion to control electrical circuits. It functions as the 
interlocking link between a mechanical motion and an 
electrical circuit. 3. A switch that is actuated by some 
part or motion of a machine or equipment to alter the 
electrical circuit associated with it. 
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line — 1. In television, a single trace of the electron 
beam from left to right across the screen. The present 
United States standard is based on 525 lines to a complete 
picture. 2. A conductor of electrical energy. 3, The path 
of the moving spot in a cathode-ray tube. 4. A term 
used interchangeably for maxwell. 5. A row of actual or 
potential holes at right angles to the direction in which a 
punched tape advances. Line width is measured in terms 
of the maximum number of holes permissible, excluding 
the sprocket hole. 6. The interconnection between two 
electrical devices. Usually used with reference to a long 
run of interconnecting cable, as from a microphone to 
its tape-recorder input. 7. In communications, describes 
cables, telephone lines, etc., over which data is transmitted 
to and received from the terminal. 

line advance — Also called line feed. The distance 
between the centers of the scanning lines. 

line amplifier— 1. An amplifier that supplies a pro- 
gram transmission line or system with a signal at a spec- 
ified level. 2. Also called line stretcher. An amplifier, 
usually remotely powered, used in a trunk line in a dis- 
iribution system to increase the strength of the signal in 
order to drive an additional length of cable. 3. Also called 
program amplifier. An amplifier for audio or video signals 
that feeds a transmission line. 4. An audio amplifier that 
is used ta provide preamplification of an audio alarm sig- 
nal before transmission of the signal over an alarm line. 
Use of an amplifier extends the range of signal transmis- 
sion. 5. An amplifier that supplies an audio system or an 
audio long cable with a signal at a specified level, usually 
between —10 and +4 dBv (245 millivolts to 1.23 volts 
rms). 6. An amplifier inserted in any part of the trans- 
mission line following the downconverter to compensate 
signal losses caused by long lengths of coaxial cable or the 
insertion of passive devices such as splitters. Line ampli- 
fiers are also used when the signal must drive a number 
of television receivers. 

line and trunk group — A group consisting of four- 
wire line circuits, incoming trunks from private automatic 
branch exchanges, and intertoll trunk groups. 

linear— 1. Having an output that varies in direct 
proportion to the input. 2. A ratio in which change in 
one of two related quantities is accompanied by a directly 
proportional change in the other. 

linear acceleration — The rate of change in linear 
velocity. 

linear accelerator—A device for speeding up 
charged particles such as protons. It differs from other 
accelerators in that the particles move in a straight line 
instead of in circles or spirals. 

linear accelerometer— A transducer used to 
detect, measure, and record the rate of change in linear 
velocity of accelerative forces. 

linear actuator — An actuator that produces mechan- 
ical motion from electrical energy. 

linear amplification — Amplification in which the 
output is directly proportional to the input. 

linear amplifier— 1. An amplifier that operates on 
the linear portion of its forward transfer characteristic so 
that its output signal is always an amplified replica of 
the input signal. 2. Amplifier whose gain is constant for a 
wide variation in amplitude of input signal — i.e., output 
signal is proportional to input signal. 3. Amplifier that 
has linear control characteristics and negligible response 
time in the active bandwidth, provides a wide speed 
range, and usually requires minimal external circuitry 
to prevent instability caused by phase-shifted feedback 
from reactive loads. Linear amplifiers also generate Little 
electrical noise. 

linear array— 1. An antenna array in which the 
elements are equally spaced and in a straight line. 2. A 
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multielement antenna in which individual dipole elements 
are arranged end to end. 

linear circuit— 1. A circuit in which the output 
voltage is approximately directly proportional to the input 
voltage; this relationship generally exists only over a 
limited range of signal voltages and often over a limited 
range of frequencies. 2. A circuit whose output is a 
continuous amplified version of its input. That is, the 
output is a predetermined variation of its input. 3. A 
circuit in which a proportional, or linear, relationship 
exists between the input and output. In manufacturers’ 
circuit classifications the term often includes all analog 
circuits, both linear and nonlinear. 

linear control —A rheostat or potentiometer having 
uniform distribution of graduated resistance along the 
entire length of its resistance element. 

linear detection— Detection in which the output 
voltage is substantially proportionate to the input voltage 
over the useful range of the detector. 

linear detector— A detector that produces an output 
signal directly proportionate in amplitude to the variations 
in amplitude (for AM transmission) or frequency (for FM 
transmission) of the rf input. 

linear device — An amplifying-type analog device 
with a linear input/output relation, as opposed to a 
nonlinear digital device, which is either completely on 
or completely off over large ranges of input signals. 

linear differential transformer— A type of elec- 
tromechanical transducer that converts physical motion 
into an output voltage, the phase and amplitude of which 
are proportional to position. See also linear motion trans- 
ducer. 

linear distortion— Amplitude distortion in which 
the output and input signal envelopes are not proportion- 
ate, but no alien frequencies are involved. 

linear electrical parameters of a uniform 
line — Frequently called the linear electrical constants. 
The series resistance and inductance, and the shunt 
conductance and capacitance, per length of a line. 

linear electron accelerator— An evacuated metal 
tube in which electrons are accelerated through a series 
of small gaps (usually cavity resonators in the high- 
frequency range). The gaps are so spaced that, at a specific 
excitation frequency, the electrons gain additional energy 
from the electric field as they pass through successive 
gaps. 

linear feedback-control system— A feedback- 
control system in which the relationship between the 
pertinent measure of the system signals is linear. 

linear integrated circuit — Abbreviated LIC. 1. A 
circuit whose output is an amplified, linear version of its 
input or whose output is a predetermined variation of 1ts 
input. A class of integrated circuits that process analog 
information expressed as voltages or currents. 2. An 
integrated circuit whose output remains proportional to 
the input level. Generally the term is taken to mean 
an analog IC, such as a voltage regulator, comparator, 
sense amplifier, driver, etc., as well as a lincar amplifier. 
The operation of the circuit can be made nonlinear 
by connecting the basic linear amplifier to external 
circuit elements that have thresholds or other nonlinear 
characteristics. 

linearity — 1. The relationship existing between two 
quantities when a change in a second quantity is 
directly proportionate to a change in the first quantity. 
2. Deviation from a straight-line response to an input sig- 
nal. 3. The ability of a meter to provide equai angular 
deflections proportional to the applied current. Usually 
expressed as a percent of the full-scale deflection. 4. The 
relationship between the actual electrical energy input 
and the deflection of a meter pointer, as referenced to a 
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theoretical straight line. Linearity is often confused with 
tracking. 5. In a modulator, the ability to generate a mod- 
ulation envelope that reproduces the modulating signal 
without distortion. 6. The state of an output that incre- 
mentally changes directly or proportionally as the input 
changes. 7. The closeness of a calibration curve to a spec- 
ified straight line; the degree to which the output of a 
linear device is proportional to the input. 

linearity control — A control that adjusts the varia- 
tion of scanning speed through the trace interval. 

linearity error — The deviation of a calibration curve 
from a specified straight line. 

linear logarithmic intermediate-frequency 
amplifier — An amplifier used to avoid overload or satu- 
ration as a protection against jamming in a radar receiver. 

linear magnetostriction— Under stated condi- 
tions, the relative change of length of a ferromagnetic 
object in the direction of magnetization when the magne- 
tization of the object is increased from zero to a specified 
value (usually saturation). 

linear mobility—The synchronized incremental 
mobility of functionally transitional electrons in a semi- 
conductor. 

linear modulation — Modulation in which the ampli- 
tude of the modulation envelope (or the deviation from the 
testing frequency) is directly proportional to the amplitude 
of the modulating wave at all audio frequencies. 

linear modulator — A modulator in which the mod- 
ulated characteristic of the output wave is substantially 
linear with respect to the modulating wave for a given 
magnitude. 

linear motion transducer— An instrumentation 
component that translates straightline (linear) mechanical 
motion into an ac analog that is usable as a feedback 
signal for control or display. A transformer-type device 
in which a movable magnetic core is displaced axially by 
the moving component being monitored. When the core 
is moved in one direction from the center of its stroke, 
the output voltage is in phase with the excitation voltage, 
and when the core is moved in the opposite direction 
from the center, the output voltage is 180° out of phase. 
At the center, the output voltage is (virtually) zero. In 
either direction from center, the voltage increases as a 
precise linear function of probe displacement. Thus, the 
output signal has two basic analog components: phase 
relationship with the excitation voltage, indicating the 
direction of travel; and voltage amplitude, indicating the 
length of travel. 
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linear polarization— The polarization of a wave 
radiated by an electric vector that does not rotate but that 
alternates so as to describe a line. Normally the vector is 
oriented either horizontally or vertically. 
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linear polarized wave—At a point in a homo- 
geneous isotropic medium, a transverse electromagnetic 
wave whose electric field vector lies along a fixed line. 

linear power amplifier—A power amplifier in 
which the output voltage is directly proportionate to the 
input voltage. 

linear predictive coding — 1. A method of analyz- 
ing and storing human spccch by determining from spcech 
patterns a description of a time-varying digital filter mod- 
eling the vocal tract. This filter is then excited by the 
proper type of input, depending on the sound to be synthe- 
sized. The output of the filter is passed through a digital- 
to-analog converter whose output is the desired synthetic 
speech. 2. Speech synthesis technique based in the fre- 
quency domain. The quality of the synthesis improves as 
the number of coefficients is increased. With ten coeffi- 
cients, an approximate number of bits per second required 
for speech is 1200. 3. A parameter-encoding technique 
that models the human vocal tract with a digital filter 
whose controlling parameters change with time. Changes 
are based on previous speech samples. 

linear programming — In computers, a mathemati- 
cal method of sharing a group of limited resources among 
a number of competing demands. All decisions are inter- 
locking because they must be made under a common set 
of fixed limitations. 

linear pulse amplifier—A pulse amplifier that 
maintains the peak amplitudes of the input and output 
pulses in proportion. 

linear rectification — The production, in the recti- 
fied current or voltage, of variations that are proportionate 
to variations in the input wave amplitude. 

linear rectifier—A rectifier with the same output 
current or voltage waveshape as that of the impressed 
signal. 

linear regression — A statistical function used when 
handling experimental data. lt is especially used when per- 
forming an experiment to find a mathematical relationship 
between two variables. Linear regression is the name of 
the procedure that is used to find the line that best fits the 
set of data points that have been found experimentally. 
The procedure usually finds the equation of the straight 
line and also a parameter called the correlation coefficient, 
which indicates how well the data fits the line. 

linear scan— A radar beam that traverses only one 
arc or circle. 

linear Scanning — Scanning in which a radar beam 
generates only one arc or circle. 

linear sweep —In a television receiver, the move- 
ment of the spot across the screen at a uniform velocity 
during active scanning intervals. 

Linearsyn —A linear displacement pickoff of the 
differential-transformer type consisting of a coil assembly 
and a movable magnetic core. Linear velocity units of 
high-coercive-force permanent magnetic cores that induce 
sizeable dc voltages while moving concentrically within 
shielded coils; the voltage varies linearly with the core 
velocity (Sanborn Co.). 

line art—A computer-drawn graphic (without half- 
tones) that can be clearly printed. 

linear taper—A potentiometer that changes the 
resistance linearly as it is rotated through its range. 

linear time base — In a cathode-ray tube, the time 
base in which the spot moves at a constant speed along 
the time scale. This type of time base is produced by 
application of a sawtooth waveform to the horizontal- 
deflection plates of a cathode-ray tube. 

linear transducer— 1. A transducer for which the 
pertinent measures of all the waves concerned are related 
by a linear function (e.g., a linear algebraic differential 


427 


or integral equation). 2. A transducer having its output at 
any given frequency proportional to the received input. 

linear variable-differential transformer — See 
differential transformer. 

linear varying parameter network—A linear 
network in which one or more parameters vary with time. 

linear velocity transducer— A transducer that 
produces an output signal proportionate to the velocity 
of single-axis translational motion between two objects. 

line-a-time printing—A type of computer output 
in which an entire horizontal row of characters is printed 
at the same time. See also line printer. 

line balance — 1. The degree to which the conduc- 
tors of a transmission line are alike in their electrical 
characteristics with respect to each other, other conduc- 
tors, and ground. 2. Impedance equal to that of the line 
at all frequencies (e.g., in terminating a two-wire line). 

line-balance converter — A device used at the end 
of a coaxial line to isolate the outer conductor from 
ground. 

line characteristic distortion — Distortion experi- 
enced in teletypewriter transmission when the presence of 
changing current transitions in the wire circuit affects the 
lengths of the received signal impulses. 

line circuit— In a telephone system, the relay equip- 
ment associated with each station connected to a dial or 
manual switchboard, The term is also applied to a circuit 
for interconnecting an individual telephone and a channel 
terminal. 

line coordinate — In a matrix, a symbol (normally 
at the side) identifying a specific row of cells and, in 
conjunction with a column coordinate, a specific cell. 

line cord — Also called a power cord. A two-wire 
cord terminating in a two-prong plug at the end that goes 
to the supply, and connected permanently into a radio 
receiver or other appliance at the other end. 

line-cord resistor— An asbestos-enclosed, wire- 
wound resistance element incorporated into a line cord 
along with the two regular wires. It lowers the line voltage 
to the correct value for the series-connected tube filaments 
aná pilot lamps of a universal ac/dc receiver. 

line diffuser—A circuit used to produce small 
vertical oscillaticns of the spot on the screen of a 
television monitor or receiver to make the line structure 
of the image less noticeable to an observer close to the 
screen. 

line driver—1. An integrated circuit designed for 
transmitting logic information through long lines (nor- 
mally at least several feet in length). 2. A buffer circuit 
with special characteristics (1.e,, high current and/or low 
impedance) suitable for driving logic lines longer than 
normal interconnection length (greater than a few feet). 
lt may have complementary (push-pull) outputs to work 
with the differential inputs of a line receiver. See line 
receiver. 3. A signal converter that conditions a digital 
signal to ensure reliable transmission over an extended 
distance. 
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line drop — A voltage loss occurring between any two 
points in a power or transmission line. Such a loss, or 
drop, is due to the resistance, reactance, or leakage of the 
line. An example is the voltage drop between a power 
source and load when the line supplying the power has 
excessive resistance for the amount of current. 

line-drop signal— A signal associated with a sub- 
scriber line on a manual switchboard. 

line-drop voltmeter compensator— A device 
using a voltmeter to enable it to indicate the voltage at 
some distant point in the circuit. 

line equalizer— An inductance and/or capacitance 
inserted into a transmission line to correct its frequency- 
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line-equipment balancing network—A hybrid 
network designed to balance filters, composite sets, and 
other line equipment. 

line-fault protection—-A means of eliminating or 
reducing the effects of faults that occur on a transmission 
line such as a telephone circuit. Such faults include 
momentary losses of transmission due to signal outages 
and high noise levels. 

line feed — See line advance. 

line fill— The ratio of the number of main telephone 
stations connected to a line to the nominal main-station 
capacity of the same line. 

line filter—1. A device containing one or more 
inductors and capacitors. It is inserted between a trans- 
mitter, receiver, or appliance and the power line to block 
noise signals. In a radio receiver, it prevents power-line 
noise signals from entering the receiver. In other appli- 
ances it prevents their own electrical noises from entering 
the power line. 2. A filter associated with a transmission 
line. In some applications, line filter may imply a filter 
used to separate the speech frequencies. In other applica- 
tions, it may imply directional separation, etc. 

line-filter balance —A network designed to main- 
tain phantom-group balance when one side of the group 
is equipped with a carrier system. Since the network must 
balance the phantom group for voice frequencies only, its 
configuration is much simpler than the filter it balances. 

linefinder — 1. A switching mechanism that locates a 
calling telephone line among a group and connects it to 
a trunk, selector, or connector. 2. An electromechanical 
device that automatically line-feeds the platen of a printer 
to a predetermined line on a printed form. 

linefinder shelf — A group (usually 20) of linefinders 
with the equipment required for routing the dial pulses 
from any of its associated calling telephones to a selector 
or connector. 

linefinder switch — In a telephone system, an auto- 
matic switch for seizing the selector apparatus that pro- 
vides the dial tone transmitted to the calling party. 

line-focus tube — An X-ray tube in which the focal 
spot 1s roughly a line. 

line fonts— Repetitive pattern used to give meaning 
to a line, e.g., solid, dashed, dotted, etc. 
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line frequency — Also called horizontal line fre- 
quency or horizontal frequency. 1. In television, the num- 
ber of times per second the scanning spot crosses a fixed 
vertical line in the picture in one direction, including 
vertical-return intervals. 2. The nominal operating fre- 
quency of the power-line voltage used to supply operating 
power to instruments or equipment. 

line-frequency regulation —The change in output 
(current voltage or power) of a regulated power supply 
for a specified change in line frequency. 

line group —The frequency spectrum occupied by 
a group of carrier channels as they are applied to a 
transmission facility. 

line hit— An electrical interference causing the intro- 
duction of spurious signals on a circuit. 

line hydrophone — A directional hydrophone con- 
sisting of a single straight-line element, an array of adja- 
cent electroacoustic transducing elements in a straight 
line, or the acoustic equivalent of such an array. 

line impedance — The impedance measured across 
the terminals of a transmission line. 

line input— Input channel of an amplifier designed 
to accept signal at a given level from a line at a specific 
impedance, usually 600 ohms. 

line interlace — See interlaced scanning. 

line leakage — Resistance existing through the insu- 
lation between the two wires of a telephone-line loop. 

line lengthener — A device for altering the electrical 
length of a waveguide or transmission line, but not its 
physical length or other electrical characteristics. 

line level— 1. The level of a signal at a certain point 
on a transmission line. Usually expressed in decibels. 
2. Based roughly on the “standardized” signal intensity 
sent over a telephone line, this term refers to any audio 
signal having a maximum intensity of between !⁄ and 
11/ volts. Typically, this is the signal level put out by 
audio components that do not require preamplification 
(tuners, for instance). 

line load — Usually a percentage of maximum circuit 
capability to reflect actual use during a period of time 
(e.g., peak-hour line load). 

line loop — An operation performed over a commu- 
nication line from an input unit at one terminal to output 
units at a remote terminal. 

line loop resistance — Also called loop resistance. 
The metallic resistance of the pair of line wires that extend 
from a subscriber's telephone to the central office (does 
not include the resistance of the telephone). 

line loss — The total of the various energy losses in 
a transmission line. 

line microphone—A directional microphone con- 
sisting of a single straight-line element, an array of adja- 
cent electroacoustic transducing elements in a straight 
line, or the acoustical equivalent of such an array. 

line noise — Noise originating in a transmission line. 

line of force— 1. Used in the description of an 
electric or magnetic field to represent the force starting 
from a positive charge and ending on a negative charge. 
2. In an electric or magnetic field, an imaginary line in 
the same direction as the field intensity at each point. 
Sometimes called a maxwell when used as a unit of 
magnetic flux. 

line of propagation — The path over which a radio 
wave travels through space. 

line of sight— 1. The distance to the horizon from 
an elevated point, including the effects of atmospheric 
refraction. The line-of-sight distance for an antenna at 
zero height is zero. 2. A straight line between an observer 
or radar antenna and a target, 3. An unobstructed, or opti- 
cal, path between two points. 4. The radio-propagation 
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characteristic of a microwave. 5. The optical axis of a 
telescope or other observation system. The straight line 
connecting the object and the objective lens of the view- 
ing device. 


RADIO LINE OF SIGHT 


OPTICAL LINE OF SIGHT 


Line of sight, 3. 


line-of-sight coverage — The maximum distance 
for transmission above the highest usable frequency. 
Radio waves at those frequencies do not follow the 
curvature of the earth and are not reflected from the 
ionosphere, but go off into space and are lost. 

line-of-sight stabilization — In shipboard or air- 
borne radar, compensating for the roll and pitch by auto- 
matically changing the elevation of the antenna in order 
to keep the beam pointed at the horizon. 

line of travel — The path followed by an electromag- 
netic wave from one point to another 

line oscillator — An oscillator in which the resonant 
circuit is a section of transmission line an integral number 
of quarter wavelengths in electrical length. 

line output — Output channel of an amplifier designed 
to deliver signal at a given level to a line at a specific 
impedance, usually 600 ohms. 

line pad—In radio broadcasting, a pad inserted 
between the final program amplifier and the transmitter 
to ensure a constant load on the amplifier. 

line printer —1. In computers, a high-speed printer 
that produces an entire line at one time. All characters 
of the alphabet are contained around the rim of a 
continuously rotated disc, and there are as many discs as 
there are characters in the line. The computer momentarily 
stops the discs at the right characters for each line, and 
stamps out an impression in a fraction of a second. 2. A 
high-speed printer capable of printing simultaneously a 
complete line (80 to 120 characters) at once. It is capable 
of printing as many as 3000 lines a minute. 

line protoco!l— 1. A set of rules used to organize 
and control the flow of information between two or 
more stations connected by a common transmission 
facility. 2. A control program used to perform data- 
communication functions over network lines. Consists of 
both handshaking and line-control functions that move the 
data between transmit and receive locations. 

line pulsing — A method of pulsing a transmitter by 
charging an artificial line over a relatively long period, 
and then discharging it through the transmitter tubes at a 
shorter interval determined by the line characteristics. 

line radiator — A speaker enclosure that has several 
speakers arranged in a straight line to achieve a specific 
directional pattern. 

line receiver — 1. A circuit to receive signals from a 
line, usually driven by a line driver and having features 
such as differential input, Schmitt trigger, and the like. 
2. Used in conjunction with a line driver to detect signals 
at the receiving end of a long line. See also line driver. 

line regulation — 1. The change in output (current, 
voltage, or power) of a regulated power supply for a 
specified change in line voltage. It may be stated as a 
percentage of the specified output and/or as an absolute 
value. 2. Percent change in output voltage at constant 
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junction temperature for a specified change in input 
voltage. This determines output accuracy of a regulator 
for changes in input voltage. 3. The maximum deviation 
of the output voltage of power supply in percent as the 
input voltage is varied from nominal to high line and 
nominal to low line. Output load and ambient temperature 
are held constant. 

line relay — A relay activated by the signals on a line. 

line sensor— A sensor with a detection zone that 
approximates a line or series of lines, such as a photo- 
electric sensor that senses a direct or reflected light beam. 

line-sequential color-television system—A 
color-television system in which the individual lines of 
green, red, and blue are scanned in sequence rather than 
simultaneously. 

line side — 1. The contacts or terminals of an elec- 
trical device, designed to be connected to a conductor 
carrying line voltage from the source; the input side. 
2. The side of equipment that “looks” toward the trans- 
mission path. 

lines of force —In electric and magnetic fields, the 
electric and magnetic forces of repulsion or attraction, 
which are taken to follow certain imaginary lines radiating 
from the electric charge or the magnetic pole. (It is 
assumed that any unit electric charge or unit magnetic 
pole placed in the appropriate field will be acted upon so 
as to move in the direction of these imaginary lines.) 

line spectra— Spectra that originate from atoms; 
they are composed of lines having irregular spacing and 
intensity. 

line spectrum — The spectrum of a periodic, discrete 
signal consisting of one or more frequencies. For example, 
a Square wave is characterized by a fundamental and odd- 
order harmonics. 

line speed— 1. The maximum rate at which signals 
may be sent over a given channel, usually expressed in 
bauds or in bits per second. 2. The rate at which text is 
transmitted over a line, expressed in bits per second. 

line splitter—-An active or passive device that 
divides a signal into two or more signals that contain 
all of the original information. A passive splitter feeds an 
attenuated version of the input signal to the output ports. 
An active splitter amplifies the input signal to overcome 
the splitter loss. 

line-stabilized oscillator — An oscillator in which 
the frequency is controlled by using one section of a line 
as a sharply selective circuit. 

line stretcher— 1. A section of rigid coaxial line 
with telescoping inner and outer conductors that permit 
the section to be conveniently lengthened or shortened. 
2. See line amplifier, 2. 

line supervision—A means of determining that a 
transmission line is functional. Electronic protection of 
an alarm line accomplished by sending a continuous or 
coded signal through the circuit. A change in the circuit 
characteristics, such as a change in impedance due to the 
circuit’s having been tampered with, will be detected by 
a monitor. The monitor initiates an alarm if the change 
exceeds a predetermined amount. 

line switcher— Direct-current power supply that 
directly converts the ac line voltage to a lower dc value 
using switching techniques. Line switchers are highly 
efficient, but require care to contain electrical noise. 

line switching — Also called circuit switching. A 
communications switching system that completes a circuit 
from sender to receiver at the time of transmission, as 
opposed to message switching. 

line transformer— A transformer inserted into a 
system for such purposes as isolation, impedance match- 
ing, or additional circuit derivation. 
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line triggering — Triggering from the power-line 
frequency. 

line unit — An electric device used in sending, receiv- 
ing, and controlling the impulses of a teletypewriter. 

line voltage — 1. The voltage existing in a cable or 
circuit, such as at a wall outlet or other terminals of a 
power line system. The line voltage is usually between 
115 and 120 volts, with 117 as an average, but may vary 
at times as much as 5 volts above or below the 115- and 
120-volt limits. It is also the voltage existing in a cable or 
circuit. 2, The voltage supplied by an electrical power line 
or source, measured at the point of supply or sometimes 
at the point of utilization. 

line-voltage regulator — A device that counteracts 
variations in the power-line voltage and delivers a con- 
stant voltage to the connected load. 

line voltage transient protection — A device, or 
circuit, generally located on the line side of the control, 
that will divert or dissipate the energy contained in an 
abnormal line voltage spike. The purpose of this is to 
prevent possible control damage, especially to solid-state 
components, as a result of excessive voltage surges. 

linguistic — Pertaining to language or its study, 
including its origin, structure, phonetics, etc. 

linguistic variable — Common-language terms used 
to describe a fuzzy set, such as “hot,” “slow,” “very cold,” 
or “medium.” 

link — 1. A transmitter-receiver system connecting two 
locations. 2. In a digital computer, the part of a sub- 
program that connects it with the main program. 3. An 
interconnection. 4. In automatic switching, a path between 
two units of switching apparatus within a central office. 
See channel. 5. A communication channel between two 
adjacent signaling points that provides a path for messages 
to travel. 6. To connect two elements in a data structure 
by using index variables or pointer variables. 

linkage — 1. A measure of the voltage that will be 
induced in a circuit by magnetic fiux. It is equal to 
the flux times the number of turns linked by the flux. 
2. A mechanical arrangement for transferring motion in a 
desired manner. It consists of solid pieces with movable 
joints. 3. In a computer, a technique used to provide 
interconnections for entry and exit of a closed subroutine 
to or from the main routine. 4. The instructions that 
connect one program to another, providing continuily of 
execution between the programs. 

link blowing—An IC trimming technique that 
involves passing current pulses through points on the chip 
to open interconnection links between parallei resistors. 

link circuit— A closed loop used for coupling pur- 
poses. It generally consists of two coils, each having a 
few turns of wire, connected by a twisted pair of wires 
or by other means, with each coil placed over, near, or in 
one of the two coils to be coupled. 

link coupling — Inductive coupling between circuits. 
A coil in one circuit acts as the primary, and a coil in the 
second circuit as the secondary. 


Link coupling. 


linked list—A list formed by tying together (with 
pointers) several items on a disk. 
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linker— 1. A program that connects small sections of 
a program together so they can run as a whole. 2.A 
utility program that ties different software modules into 
one entity. 

link fuse — An unprotected fuse consisting of a short, 
bare wire between two fastenings. 

linking loader— 1. A computer program that takes 
program segments and places them onc aftcr the other in 
memory, adjusting jump and call instruction locations to 
match the new placement in the memory. 2. A routine 
that combines program segments and reassigns addresses 
to reflect the new memory locations. 3. A relocatable 
loader that links various object modules into a single load 
module, resolving external references in the process. This 
lets users load their programs into any memory area. 

link neutralization — Neutralization of a tuned 
radio-frequency amplifier by means of an inductive cou- 
pling loop from the output to the input. 

link transmitter — In broadcasting, a booster for a 
remote pickup or from a studio to main transmitter. 

lin-log receiver—A radar receiver in which the 
amplitude response is linear for small-amplitude signals 
and logarithmic for large ones. 

LION — Abbreviation for lithium-ion. 

lip microphone—.A sensitive microphone that is 
placed in contact with the lip. 

liquid-borne noise— Undesired sound character- 
ized by fluctuations of pressure of a liquid about the static 
pressure as a mean. 

liquid cooling — The use of a circulating liquid 
to cool components or equipment that heat up during 
operation. 

liquid-core fiber— An optical fiber consisting of 
optical glass, quartz, or silica tubing filled with a higher- 
refractive-index liquid, such as tetrachloroethylene. 

liquid-core optical fibers— Multimode straight 
fibers capable of transporting linearly polarized light 
with any incident polarization angle, and in which no 
form of internal stress can develop that could lead to 
birefringence. 

liquid-crystal display — See LCD. 

liquid crystals — Liquids that are doubly refracting 
and that display interference patterns in polarized light. 

liquid-filled capacitor—A capacitor in which a 
liquid impregnant occupies substantially all of the case 
volume not required by the capacitor element and its 
connections. Space may be allowed for the expansion of 
the liquid under temperature variations. 

liquid fuse unit— A fuse unit in which the fuse link 
is immersed in a liquid or the arc is drawn into the liquid 
when the fuse link melts. 

liquid-impregnated capacitor—aA capacitor in 
which a liquid impregnant is dominantly contained with 
the foil and paper winding, but does not occupy substan- 
tially all of the case volume not required by the capacitor 
element and its connections. 

liquid laser— 1. A laser in which the active material 
is in the liquid state. Present types employ a chelated 
rare-earth ion dissolved in an organic liquid. 2. A laser 
whose active medium is in liquid form, such as organic 
dye and inorganic solutions. Dye lasers are commercially 
available; they are often called organic dye or tunable dye 
lasers. 

liquid rheostat— A rheostat consisting of metal 
plates immersed in a conductive liquid. The resistance 
is changed by raising or lowering the plates or the liquid 
level to vary the area of the plates contacting the liquid. 

liquidus — The lowest temperature at which a metal 
or alloy is completely liquid. 
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liser— A microwave oscillator of very high spectrum 
purity. Its emission consists of right circularly polarized 
waves of two different cavity resonant frequencies. 

LISP — Acronym for list processing. A high-level pro- 
gramming language used primarily for list processing, 
symbol manipulation, and recursive operations; it can han- 
dle many different data types, treat programs as data, 
and provide for the self-modification of the program as it 
is executing; generally considered a difficult language to 
learn. 

Lissajous figures — Patterns produced on the screen 
of a cathode-ray tube when sine-wave signal voltages of 
various amplitude and phase relationships are applied to 
the horizontal- and vertical-deflection circuits simultane- 


ously. 
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list — Also called a chained or threaded list. A data 
structure in which each item of information has attached 
to it one or more links or pointers that refer to other items. 

listening angle —The enclosed angle between the 
listener and the two speakers of a stereo reproducing 
system. 
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listening post— The receiving terminus in a bug- 
ging or tapping operation. It may consist of recording 
equipment or a human operator or a combination of both. 

listening sonar — See sonar. 

list-processing language — A programming lan- 
guage that is widely used in artifical-intelligence research 
to manipulate categories or lists of items. 
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lithium — An alkali metal used in the construction of 
photocells and batteries. 

lithium chloride sensor— Also called Dunmore 
cell. A hygroscopic element that has fast response, 
high accuracy, and good long-term stability and whose 
resistance is a function of relative humidity. 

lithium-ion — Abbreviated LiON. A rechargeable bat- 
tery technology that is able to produce considerably more 
charge than comparable size nickel-cadmium or nickel- 
metal hydride batteries. 

lithography—A method of defining patterns for 
semiconductor device processing. Patterns are most fre- 
quently produced in thin films of materials called resists, 
which then resist a subsequent processing step being 
applied to an underlying material in accordance with that 
pattern. In typical semiconductor integrated-circuit fab- 
rication, many different patterns are used to delineate 
features in a sequence of processing steps. 

litz wire — Also called Litzendraht wire. A conductor 
composed of a number of fine, separately insulated strands 
that are woven together so that each strand successively 
takes up all possible positions in the cross section of 
the entire conductor. Litz wire gives reduced skin effect, 
hence, lower resistance to high-frequency currents. 

live —1. A term applied to a circuit through which 
current is flowing. 2. Connected to a source of an 
electrical voltage. 3. Charged to an electrical potential 
different from that of the earth. 4. Reverberant, as a room 
in which there are reflections of sound. 5. A program that 
is transmitted as it happens, with no delay. 

live cable test cap— A protective cap placed over 
the end of a cable to insulate the cable and seal its sheath. 

live end—The end of a radio studio where the 
reflection of sound is greatest. 

live parts — Metallic portions of equipment that are 
at a potential different from that of the earth. 

live room—A room with a minimum of sound- 
absorptive material, such as drapes, upholstered furniture, 
rugs, etc. Because of the many reflecting surfaces, any 
sound produced in the room will have a Jong reverberation 
time. 

LLTV— Also LLLTV and L*TV. Abbreviation for 
low-light television and low-light-level television. A 
CCTV system capable of operating with scene illumina- 


tion less than 0.5 lumen/ft. 

LNA — See low-noise amplifier. 

LNB — Abbreviation for low-noise block downcon- 
verter. A microwave amplifier that converts a block of 
frequencies to a lower frequency. LNBs for satellite TV 
typically convert C- and Ku-band signals to a frequency 
band of 950 to 1450 MHz for input to the receiver. 

LNC — See low-noise converter. 

L-network — A network composed of two impedance 
branches in series. The free ends are connected to one pair 
of terminals, and the junction point and one free end are 
connected to another pair. 

LO — See local oscillator. 

load— 1. The power consumed by a machine or 
circuit in performing its function. 2. A resistor or other 
impedance that can replace some circuit element. 3. The 
power delivered by a machine. 4. A device that absorbs 
power and converts it into the desired form. 5. The 
impedance to which energy is being supplied. 6. Also 
called work. The material heated by a dielectric or 
induction heater. 7. In a computer, to fill the internal 
storage with information obtained from auxiliary or 
external storage. 8. The resistance or impedance that 
the input of one device offers to the output of another 
device to which it is connected. See input impedance; 
termination, 1. 9. The circuit or transducer (e.g., speaker) 
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connected to the output of an amplifier. The source (e.g., 
pickup) is loaded by the amplifier's input impedance. 
10. The electrical demand placed on a circuit or a 
system by the utilization equipment connected to it. 
Also, any piece of electrical utilization equipment of any 
given rating so connected. 11. To feed a program into 
a computer system. A common means of loading the 
program is via a form of magnetic media. The media is 
inserted into the media drive and the orogram read into 
the system’s memory. 

load and go—In a computer, an operation and 
compiling technique in which the pseudo language is 
converted directly to machine language and the program 
is then run without the creation of an output machine- 
language program. 

load balance — See load division. 

loadbreak connector—A connector designed to 
close and interrupt current on energized circuits. 

load cell—1. Transducer that measures an applied 
load by a change in its properties, such as a change 
in resistance (strain-gage load cell), pressure (hydraulic 
load cell), etc. 2. A device that produces an output signal 
proportional to the applied weight or force. 

load circuit— The complete circuit required to trans- 
fer power from a source to a load (e.g., an electron tube). 

load-circuit efficiency —In a load circuit, the ratio 
between its input power and the power it delivers to the 
load. 

load-circuit power input — The power delivered 
to the load circuit. It is the product of the alternating 
component of the voltage across the load circuit and the 
current passing through it (both root-mean-square values), 
times their power factor. 

load coil—Also called a work coil. In induction 
heaters, a coil that, when energized with an alternating 
current, induces energy into the item being heated. 

load curve — A curve of power versus time —i.e., 
the value of a specified load for each unit of the period 
covered. 

load divider — A device for distributing power. 

load division — Also called load balance. A control 
function that divides the load in a prescribed manner 
between two or more power sources supplying the same 
load. 

loaded antenna—1. An antenna to which extra 
inductance or capacitance has been added to change its 
electrical (but not its physical) length. 2. An antenna 
employing a loading coil at its base or above its base 
to achieve the required electrical length using physically 
shorter elements. 
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loaded applicator impedance— In dielectric 
heating, the complex impedance measured at the point 
of application with the load material properly positioned 
for heating and at the specified frequency. 
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loaded impedance — In a transducer, the impedance 
at the input when the output is connected to its normal load. 

loaded line— 1. A telephone line equipped with 
loading coils to add inductance in order to minimize 
amplitude distortion. 2, A transmission line that has 
lumped elements (inductance or capacitance) added at 
uniformly spaced intervals. Loading is used to provide 
a given set of characteristics to a transmission line. 

loaded motional impedance— See motional 
impedance. 

loaded Q— Also called the working Q. 1. The Q of 
an electric impedance when coupled or connected under 
working conditions. 2. In bandpass filters, a quantity that 
defines the percentages of 3-dB bandwidths. Numerically, 
it is equal to the center frequency divided by the 3-dB 
bandwidth. 

loader— 1. A program in a minicomputer that takes a 
program from some input or storage device and places it 
in memory at some address. Programs loaded by a loader 
are then ready to run. 2. A program that places a binary 
(machine language) program into successive core memory 
locations for execution. Some can replace relocatable 
addresses with absolute addresses. 3. A program that 
accepts input from an external device and places it in 
memory. The simplest loaders do no more than this. Other 
loaders include relocating loaders, linking loaders, and 
bootstrap loaders. 5. A program that controls peripheral 
device operation when reading programs for execution 
into system memory. 6. A program that transfers the 
object program from an external medium, such as paper 
tape, to the microcomputer random-access memory. Some 
loaders also convert a relocatable version of the object 
program to a loadable version. A program might originally 
be assembled to reside in the microcomputer memory 
starting at address zero. If the compiler or assembler 
has allowed the object program to be relocatable, the 
programmer can specify to the loader the program’s new 
base address and the loader will modify all addresses 
accordingly in the object program. Another feature that is 
sometimes available is linkage editing, which establishes 
the linkages between different object programs that make 
reference to one another. Linkage editing requires both 
a compiler or assembler and a loader program that can 
communicate the appropriate information. 

load factor— The ratio of average power demand, 
over a stipulated period of time, to the peak or maximum 
demand for that same interval. 

load impedance —The impedance that the load 
presents to a transducer. 

loading — 1. In communication practice, the insertion 
of reactance into a circuit to improve its transmission 
characteristics. 2. Placing some material at the front or 
rear of a speaker so as to change its acoustic impedance 
and thus alter its radiation pattern. 

loading coil— An inductor inserted into a circuit to 
increase its inductance and thereby improve its transmis- 
sion characteristics. 

loading-coil spacing — The line distance between 
the successive loading coils of a line. 

loading disc—A metal disc placed on top of a 
vertical antenna to increase its natural wavelength. 

loading error—The error introduced when more 
than negligible current is drawn from the output of a 
device. 

loading factor—A number that represents the rel- 
ative capacity of a gate for driving other gates or the 
relative load presented by a gate to the gate that drives it. 

loading noise— Any unwanted signal caused by 
fluctuating contact resistance between the slider and the 
wire or film in a potentiometric transducer when current 
is drawn from the instrument. 
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loading routine —In a computer, a routine that, 
when in the memory, is able to read other information 
into the memory from external devices, tape, etc. 

load isolator — A waveguide or coaxial device (usu- 
ally ferrite) that provides a good energy path from a signal 
source to a load, but provides a poor energy path for 
reflections from a mismatched load back to the signal 
source. 

load life —The ability of a device to withstand its 
full power rating over an extended period of time, usually 
expressed in hours. 

load line — 1. A straight line drawn across a series 
of plate-current plate-voltage characteristic curves on a 
graph to show how plate current changes with grid voltage 
when a specified plate-load resistance is used. 2. A line 
drawn on the collector characteristic curves of a transistor 
on which the operating point of the transistor moves as the 
collector current changes. Called a load line because the 
slope of the line depends on the value of the collector load 
resistance. 3. The line used to locate the operating point 
of the permanent magnet on the demagnetization curve. 
The slope of the shearing line is equal to the permeance 
coefficient. 

load matching — In induction and dielectric heaters, 
adjustment of the load-circuit impedance so that the 
desired energy will be transferred from the power source 
to the load. 

load-matching network — An electrical impedance 
network inserted between the source and the load to pro- 
vide for maximum transfer of energy. 

load-matching switch —In induction and dielec- 
tric heaters, a switch used in the load-matching network to 
alter its characteristics and thereby compensate for a sud- 
den change in the load characteristics (such as in passing 
through the Curie point). 

load mode — In some variable-word-length comput- 
ers, data transmission in which certain delimiters are 
moved with the data (in contrast with move mode). 

load point— Sometimes called BOT (beginning of 
tape). The point on a magnetic tape at which writing and 
reading begin. It is indicated by a reflective marker placed 
on the tape. 

load regulation — 1. For a constant-current supply, 
the change in the steady-state value of the output de 
current due to a change in load resistance from a short- 
circuit current (zero resistance) to a value that results 
in the maximum rated output voltage. 2. For a constant- 
voltage supply, the change in the steady-state value of the 
output de voltage due to a change in load resistance from 
an open-circuit condition (infinite resistance) to a value 
that results in the maximum rated output current. 3. The 
maximum deviation of the output voltage of a power 
supply in percent as the load is changed from minimum 
to maximum rated load. Input voltage is nominal value 
and ambient temperature is constant. 

load resistor — A resistor connected in parallel with 
a high-impedance load so that the output circuit driving 
the load can provide at least the minimum current required 
for proper operation. 

load sharing — A scheduling technique in multipro- 
cessing systems whereby a task is executed by the next 
available processor. In order to make this technique oper- 
ate successfully, all processors must be identical and have 
identical memory addressing capabilities. 

load side — The contacts or terminals of an electrical 
device designed to be connected to conductors carrying 
voltage away from the device to the utilization equipment, 
or load, or another device; the output side. 

loadstone — See lodestone. 
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Figure A-4. A name-brand laptop charger with several international safety certifications. Every one of 
these certifications costs money to obtain, and shows that the device was demonstrated to be safe for use in 
a typical home or business application. 


Next we adapt the USB cable to our needs. In the words of the Red Queen, “Off with his head!” 


Caution Make sure the USB charger is not plugged into the wall or a power strip when making modifications to 
the cable. 


First, plug the USB cable into the USB charger. Now cut off the other end of the cable. See 
Figure A-5. 
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load-transfer switch— A switch for connecting 
either a generator or a power source to one load circuit 
or another. 

lobe — Also called directional, radiation, or antenna 
lobe. One of the areas of greater transmission in the 
pattem of a directional antenna. Its size and shape are 
determined by plotting the signal strength in various 
directions. The area with the greatest signal strength is 
known as the major lobe, and all others are called minor 
lobes. 

lobe frequency—The number of times a lobing 
pattern is repeated per second. 

lobe front — The major lobe of a directional antenna. 
The lobe in the direction of preferred reception or 
transmission, 

lobe half-power width-—In a plane containing 
the direction of the maximum energy of the lobe, the 
angle between the two directions in that plane about the 
maximum in which the radiation intensity is one-half the 
maximum value of the lobe. 

lobe penetration — The penetration of the radar 
coverage of a station that is not limited by the pulse- 
repetition frequency, scope limitations, or the screening 
angle at the azimuth of penetration. 

lobe switching — A form of scanning in which the 
maximum radiation or reception is periodically switched 
to each of two or more directions in turn. 

lobing — The formation of maxima and minima at 
various angles of the vertical-plane antenna pattem by 
the reflection of energy from the surface surrounding the 
radar antenna. These reflections reinforce the main beam 
at some angles and tend to cancel it at other angles, 
producing fingers of energy. 

local action—JIn a battery, the loss of otherwise 
usable chemical energy by currents that flow within 
regardless of its connections to an external circuit. 

local alarm — An alarm that when activated makes a 
loud noise at or near the protected area or floods the site 
with light, or both. 

local alarm system— An alarm system that when 
activated produces an audible or visible signal in the 
immediate vicinity of the protected premises or object. 
This term usually applies to systems designed to provide 
only a local warning of intrusion and not to transmit to a 
remote monitoring station. However, local alarm systems 
are sometimes used in conjunction with a remote alarm. 

local area network — Abbreviated LAN. A data- 
communications system, usually owned by a single orga- 
nization, that allows similar or dissimilar digital devices to 
talk to each other over a common transmission medium. 
Communications can also take place among diverse 
equipment types: mainframes, minicomputers, microcom- 
puters, work processors, personal computers, intelligent 
terminals, workstations, printers, and disk drives. A local 
network provides such communications over a limited 
geographical area: a floor, a section of a building, an entire 
building or a cluster of buildings, or in a multistory build- 
ing or factory complex. Distances can vary from a few 
hundred feet to several miles. 

local battery— 1. A battery made of single dry 
cells located at the subscriber’s station. 2. A battery that 
actuates the recording instruments at a telegraph station 
(as distinguished from the battery that furnishes current 
to the line). 3, A telephone circuit power source, usually 
in the form of dry cells, located at the customer’s end of 
the line. 

local-battery telephone set—A telephone set 
that obtains transmitter current from a battery or other 
current supply circuit individual to the telephone set. The 
signaling current may be obtained from a local hand- 
operated generator or from a central power source. 


load-transfer switch — local program 


local cable—A handmade cable form for circuit 
terminations at an attendant’s switchboard, at unit equip- 
ment, and at other locations where wiring is routed inside 
the section or unit. 

local central office — A central office arranged for 
termination of subscriber lines and provided with trunks 
for making connections to and from other central offices. 

local channel — 1. In private line services, that por- 
tion of a through channel within an exchange that is 
provided to connect the main station with an interex- 
change channel. 2. A standard broadcast channel in which 
several stations, with powers not in excess of 1000 watts 
daytime or 250 watts nighttime, may operate. 3. A chan- 
nel connecting a communications subscriber to a central 
office. 

local control — Also referred to as manual control. 
L. Control of a radio transmitter directly at the transmitter, 
as opposed to remote control. 2. Manual control of a 
transmitter, with the control operator monitoring the 
operation on duty at the control point located at a station 
transmitter with the associated Operating adjustments 
directly accessible. (Direct mechanical control, or direct 
wire control of a transmitter from a control point located 
on board an aircraft, vessel, or on the same premises on 
which the transmitter is located, is also considered local 
control.) 3. A method whereby a device is programmable 
by means of its local (front or rear panel) controls in order 
to enable the device to perform different tasks. 

localizer— A radio facility that provides signals for 
guiding aircraft onto the center line of a runway. 

localizer on-course line —A vertical line passing 
through a localizer. Indications of opposite sense are 
received on either side of the line. 

localizer station — A ground radionavigation station 
that provides signals for the lateral guidance of aircraft 
with respect to the center line of a runway. 

local loop— 1. The access line from either a user 
terminal or a computer port to the firsi telephone office 
along the line path. 2. The teletype circuit containing 
a power source, the selector magnets, and a keyboard. 
This connection allows local copy on the teleprinter. 
3. A telephone circuit that connects a subscriber’s station 
equipment to the switching equipment in the telephone 
company local office. 

local memory — Also called buffer RAM or sequence 
processor. A high-speed random-access memory used to 
store sequential data patterns that cannot be generated by a 
hardware pattern generator. Local memory often includes 
the capability to process data stores in RAM as if they were 
instructions, thereby modifying data in the buffer. 

local oscillator — Abbreviated LO. Also called beat 
oscillator. 1. An oscillator used in a superheterodyne 
circuit to reproduce a sum or difference frequency equal 
to the intermediate frequency of the receiver. This is done 
by mixing its output with the received signal. 2. The 
oscillator whose output is mixed with the incoming signal 
in superheterodyne receivers to produce an intermediate 
frequency for signal processing (i.e., filtering, amplifying, 
detecting, etc.). 

local-oscillator injection — An adjustment used to 
vary the magnitude of the local-oscillator signai that is 
coupled into the mixer. 

local-oscillator radiation — Radiation of the fun- 
damental or harmonics of the local oscillator of a super- 
heterodyne receiver. 

local-oscillator tube — The vacuum tube that pro- 
vides the local-oscillator signal in a superheterodyne 
receiver. 

local program—A program originating at and 
released through only one broadcast station. 
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local side — The connections from a data terminal to 
input-output devices. 

local trunk—A trunk between local and long- 
distance switchboards, or a trunk between local and 
private branch exchange switchboards. 

location — |. A unit-storage position in the main or 
secondary storage of a computer. 2. A storage position in 
memory. 

location counter—In the control section of a 
computer, a register that contains the address of the 
instruction currently being executed. 

lock — 1. To terminate the processing of a magnetic 
tape in a manner such that the contents of the tape 
are no longer accessible. 2. To synchronize or become 
synchronized with; follow or control precisely, as in 
frequency, phase, motion, etc., used with on, onto, in, etc. 

lock byte — An entity used to represent a resource in 
synchronization schemes; also termed a semaphore. 

locked groove — Also called concentric groove. The 
blank and continuous groove in the center, near the label, 
of a disc record. It prevents the needle from traveling 
farther inward, onto the label. 

locked-rotor current— In a motor, the steady-state 
current taken from the line while the rotor is locked and 
the rated voltage (and frequency in alternating-current 
motors) is applied to the motor. 

locked-rotor torque — Also called static torque. 
1. The minimum torque a motor will develop at rest, for 
all angular positions of the rotor, when the rated voltage is 
applied at rated frequency. 2. Motor torque at zero speed. 

lock-in — |. The term used when a sweep oscillator 
is in synchronism with the applied sync pulse. 2. The 
shifting and automatic holding of one or both of the 
frequencies of two oscillating systems that are coupled 
together, so that the two frequencies have the ratio of two 
integral numbers. 

lock-in amplifier— A form of synchronous detector 
having a balanced amplifier in which the signal is applied 
to the grids of two tubes as the control signal is applied to 
their plates or another grid. The difference of their output 
currents is then measured. 

locking — 1. Controlling the frequency of an oscilla- 
tor by means of an applied signal of constant frequency. 
2. Automatic following of a target by a radar antenna. 
3. Pertaining to code extension characters that indicate a 
change in the interpretation of an unspecified number of 
subsequent characters. 

locking circuit— See holding circuit. 

locking-in —In two oscillators that are coupled 
together, the shifting and automatic holding of one or 
both of their frequencies so that the two frequencies are in 
synchronism (i.e., have the ratio of two integral numbers). 

locking-out relay — An electrically operated hand- 
reset or electrically reset device that functions to shut 
down and hold an equipment out of service on the 
occurrence of abnormal conditions. 

locking relay — See latch-in relay. 

lock-in range — See tracking range. 

lock-on— 1. The instant at which radar begins to 
track a target automatically. 2. Signifies that a tracking or 
target-seeking system is continuously and automatically 
tracking a target in one or more coordinates. 

lock-on range — The range from a radar to its target 
at the instant when lock-on occurs. 

lockout— 1. In a telephone circuit controlled by 
two voice-operated devices, a condition in which exces- 
sive local circuit noise or continuous speech from 
either or both subscribers results in the inability of 
one or both subscribers to get through. 2. See recciver 
lockout system. 3. Mechanical function whereby not 
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more than one switch station can be fully depressed 
simultaneously — for switches with interlock, nonlock, or 
pushlock/push-release mechanical functions. 

lock range— The range of frequencies over which 
a phase-locked loop will remain locked on. The related 
tracking, or hold-in, range refers to how much the loop 
frequency can deviate from the center frequency, and is 
one-half the lock range. 

lock shaft—A mechanical locking arrangement to 
prevent rotation of an adjustment after it has once 
been set. 

lockup — Electromechanical function whereby switch 
stations are immobilized by operation (either actuating or 
releasing) of a solenoid (sometimes manually). Actuated 
switch stations cannot be released, and unactuated switch 
stations cannot be actuated until lockup is released. 
Lockup release can be accomplished locally or remotely. 

lock-up relay — A relay that is locked in the ener- 
gized position magnetically or electrically rather then 
mechanically. 

loctal base — See loktal base. 

lodar — Also called lorad. A direction finder that com- 
pensates for night effect by observing the distinguishable 
ground- and sky-wave loran signals on a cathode-ray 
oscilloscope and positioning a loop antenna to obtain a 
null indication of the more suitable components. 

lodestone — Also spelled loadstone. A natural mag- 
net consisting chiefly of a magnetic oxide of iron called 
magnetite. 

lodex— A Hitachi trade name for permanent magnets 
that consist of elongated, single-domain iron cobalt parti- 
cles dispersed in a lead matrix. The fine-particle magnets 
and binder are mixed in powder form and then pressed to 
final shape. 

Lodge antenna — A counterpoise antenna that con- 
sists of a vertical dipole provided with horizontal top and 
bottom plates or screens, the lower plate or screen being 
spaced from the ground. Other versions include the bow- 
tie antenna, in which two narrow triangular plates are 
connected at their smaller ends by a coil, and the umbrella 
antenna, in which the end plates are conical and made up 
of wires. 

Loftin-White circuit—A type of direct-coupled 
amplifier. 

log— 1. A listing of radio stations and their frequency, 
power, location, and other pertinent data. 2. A record 
of the station with which a radio station has been in 
communication. Amateur radio operators, aS well as all 
commercial operators, are required by law to keep a 
log. 3. At a broadcast station, a detailed record of all 
programs broadcast by the station. 4. At a broadcast 
transmitter, a record of the meter readings and other 
measurements required by law to be taken at regular 
intervals. 5. Abbreviation for logarithm. 

logarithmic amplifier — An amplifier whose output 
is a logarithmic (as opposed to linear) function of its input. 

logarithmic converter — A device designed to con- 
vert linear change in the light state at input to logarithmic 
data at output. 

logarithmic curve — A curve on which one coordi- 
nate of any point varies in accordance with the logarithm 
of the other coordinate of the point. 

logarithmic decrement— 1. For an exponentially 
damped alternating current, the natural logarithm of 
the ratio of the first to the second of two successive 
amplitudes having the same polarity. 2. See damping 
ratio, 2, 

logarithmic fast time constant — A constant false 
alarm rate system in which a logarithmic intermediate- 
frequency amplifier is followed by a fast time constant 
circuit. 
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logarithmic horn— A horn whose diameter varies 
logarithmically with the length. 

logarithmic scale —A scale on which the various 
points are plotted according to the logarithm of the 
number with which the point is labeled. 

logarithmic scale meter — A meter having deflec- 
tion proportional to the logarithms of the applied energies. 

logger — An instrument that automatically scans cer- 
tain quantities in a controlled process and records readings 
of the values of these quantities for future record. 

logging — Recording data, such as error events or 
transactions, for future reference. 

logic — Also called symbolic logic. 1. The science 
dealing with the basic principles and applications of truth 
tables, switching, gating, etc. See logical design. 2. A 
mathematical approach to the solution of complex situa- 
tions by the use of symbols to define basic concepts. The 
three basic logic symbols are AND, OR, and NOT. When 
used in Boolean algebra, these symbols are somewhat 
analogous to addition and multiplication. 3. In comput- 
ers and information-processing networks, the systematic 
method that governs the operations performed on the 
information, usually with each step influencing the one 
that follows, 4. The systematic plan that defines the inter- 
actions of signals in the design of a system for automatic 
data processing. 5. Circuitry designed to enhance sepa- 
ration between a matrix disc’s recovered channels in a 
quadraphonic sound system. Such circuits monitor the 
four decoded channels and adjust the decoder dynamically 
to favor the main, or dominant, channel, 6. A mathemat- 
ical arrangement using symbols to represent relationships 
and quantities, handled in a microelectronic network of 
switching circuits, or gates, which perform certain func- 
tions; also, the type of gate structure used in part of a data 
processing system. 

logical choice — In a computer, the correct decision 
where alternatives or different possibilities are open. 

logical comparison — In computers, the considera- 
tion of two items to obtain a yes (1) if they are the same 
with regard to some characteristic, or a no (0) if they are 
not. 

logical decision—-1. In a computer, the operation 
by which alternative paths of flow are selected depending 
on intermediate program data. 2. The ability of a com- 
puter to make a choice between alternatives; basically, 
the ability to answer yes or no to certain fundamental 
questions concerning equality and relative magnitude. 

logical design — 1. The preplanning of a computer 
or data-processing system prior to its detailed engineering 
design. 2. The synthesizing of a network of logical 
elements to perform a specified function. 3. The resuit of 
1 and 2 above, frequently called the logic of the system, 
machine, or network. 

logical diagram —In logical design, a diagram 
that represents logical elements and the interconnection 
between them, without necessarily including construction 
or engineering details. 

logical element— In a computer or data-processing 
system, the smallest building blocks that operators can 
represent in an appropriate system of symbolic logic. 
Typical logical elements are the AND gate and the flip- 
flop. 

logical flowchart — A detailed, graphical presenta- 
tion of workflow in its logic sequence; often, the built-in 
operations and characteristics of a given machine, with 
types of operations indicated by symbols. 

logically equivalent circuits — Logic circuits that 
perform the same function even though details of the 
circuits differ, 
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logical manipulation — Performing functions of 
AND, OR, exclusive OR, complementing, or rotating data 
in registers or in memory. 

logical 1— The opposite of logical 0. 

logical operations — Those operations considered 
to be nonarithmetical, such as selecting, searching, sort- 
ing, matching, and comparing. 

logical state — Signal levels in logic devices are 
characterized by two stable states—the logical 1 state 
and the logical O state. The designation of the two 
States is chosen arbitrarily. Commonly the logical 1 state 
represents an on signal and the O state represents an off 
signal. 

logical threshold voltage — At the output of a 
logic device, the voltage level at which the following logic 
device switches states. 

logical 0— One of the two values of a binary digit 
signal. If the signal is a voltage, logical O usually is the 
lower of the two voltage levels. 

logic analyzer—1.An instrument tc monitor 
a number of test points to aid in troubleshooting. 
2. An instrument that displays data or timing diagrams 
for designing, debugging, and troubleshooting digital 
equipment. 3. Equipment that displays program timing 
and response signals. The trigger is normally a match 
with a specified bit pattern, or a signal that fills the logic 
analyzer’s buffer. Individual probes that can be attached 
to any desired signal line greatly enhance the analyzer’s 
power. 4. An instrument that checks levels and/or timing 
of digital data. 

logic array— An integrated device in which 50 
or more circuits are integral to a single silicon chip. 
In addition, the circuits are interconnected on the chip 
to form some electronic function at a higher level 
of organization than a single circuit. Logic arrays are 
constructed by the unit cell method, in which a simple 
circuit (or function) is repeated many times on a slice. 
The interconnection pattern for converting groups of cells 
into large functions is determined after cell probe tests are 
completed. Each interconnection pattern may be unique 
to a single slice. In general, logic arrays are characterized 
by multiple levels of metallization to effect the large-scale 
function. 

logic circuit—1. A circuit (usually electronic) that 
provides an input-output relationship corresponding to a 
Boolean-algebra logic function. 2. An electronic device or 
devices used lo govem a particular sequence of operations 
in a given system. 

logic devices— Digital components that perform 
logic functions. They can gate or inhibit signal trans- 
mission in accordance with the application, removal, or 
combination of input signals. 

logic diagram— 1. In logical design, a diagram 
representing the logical elements and their interconnec- 
tions, but not necessarily their constructicn or engineer- 
ing details. 2. A pictorial representation of interconnected 
logic elements using standard symbols to represent the 
detailed functioning of electronic logic circuits. The logic 
symbols in no way represent the types of electronic com- 
ponents used, but represent only their functions, 3. A 
drawing that depicts the multistate device implementation 
of logic functions with logic symbols and supplementary 
notation, showing details of signal flow and control, but 
not necessarily the point-to-point wiring. 4. A drawing 
that represents the logic functions AND, OR, NOT, etc. 

logic element—1. A device that performs a logic 
function; a gate or flip-flop, or in some cases a combina- 
tion of these devices treated as a single entity. 2. Symbol 
that has logical meaning. May also be called a logic sym- 
bol, e.g., gate, flip-flop, etc. 
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Logic diagram. 


logic family —Group of digital integrated circuits 
sharing a basic circuit design with standardized input- 
output characteristics. 

logic function— 1. A means of expression of a 
definite state or condition in a magnetic amplifier, relay, or 
computer circuit. 2. One of the Boolean algebra functions 
AND, OR, and NOT, or a combination of these. 

logic ground— A level that is used as a reference 
for digital signals in a system. Not necessarily at the same 
potential as earth or safety ground. 

logic instruction — An instruction for execution of 
an operation defined in symbolic logic, such as AND, OR, 
NOR, or NAND. 

logic level —1. One of two possible states, zero or 
one. 2. The voltage magnitude associated with signal 
pulses representing logical 1s and Qs in binary compu- 
tation. 

logic module — Circuit element comprising logic 
gates (AND, OR, NOT) and variations (NAND, NOR). 
Used in the design of binary arithmetic circuits, Boolean 
logic arrangements, etc. 

logic-state analyzer—1.A test instrument that 
synchronously captures and displays data valid at a 
system’s clock edge. It traces the flow of digital data 
and, hence, is said to work in the data domain. 2. An 
instrument used to track state flow and record state 
sequences occurring during program execution. It can 
reveal errors in software execution. 

logic swing — The difference in voltage between the 
voltage levels for 0 and 1 in a binary logic circuit. 

logic switch—A diode matrix or other switching 
arrangement that can direct an input signal to a selected 
one of several outputs. 

logic symbol — A symbol used to represent a logical 
element on a graph. 

logic system —1. A group of interconnected logic 
elements that act in combination to perform a relatively 
complex logic function. 2. Programming-recording sys- 
tem constructed of solid-state modules based on series of 
binary logic (go/no go) components. 

logic timing analyzer—A test instrument that 
captures information that is asynchronous to a system’s 
clock and displays the relative timing relationships of the 
traditional time domain. (Some logic analyzers display 
both data and timing diagrams.) 

login — 1. The account name used to gain access to 
a computer system. The account name (in contrast to 
the password) is not secret. 2. The act of entering into 
a computer system. 

log/linear preamplifier—A preamplifier whose 
electrical output is proportional to the common logarithm 
of the input, but which can be switched to a different 
mode wherein the output is proportional to the input. Any 
amplifier whose transfer characteristic or calibration curve 
can be arbitrarily switched from the y = A log x form to 
the form y = Ax (where y is the output and x is the input). 

log on— A mechanism by which a computer system 
user identifies himself or herself and gains access to 
system facilities. 

log-periodic antenna—A type of directional 
antenna that achieves its wideband properties by 
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geometric iteration. The radiating elements and the 
spacing between elements have dimensions that increase 
logarithmically from one end of the array to the other so 
that the ratio of element length to element spacing remains 
constant. 

log receiver — A receiver in which the output ampli- 
tude is proportional to the logarithm of the input ampli- 
tude. 

log scan—A spectrum display in which the fre- 
quency axis is calibrated logarithmically. 

loktal base — Also spelled loctal. An eight-pin base 
for small vacuum tubes. It is designed so that it locks the 
tube firmly in a corresponding eight-hole socket. Unlike 
in other tubes, the pins are sealed directly into the glass 
envelope. 

loktal tube— Also spelled loctal. A vacuum tube 
with a loktal base. 

long base-line system—A system in which the 
distance separating ground stations approximates the 
distance to the target being tracked. 

long-distance loop — A line that connects a sub- 
scriber’s station directly to a long-distance switchboard. 

long-distance navigational aid — A navigational 
aid usable beyond radio line of sight. 

long-distance xerography— A facsimile system 
at the receiving terminal of which a lens projects a 
cathode-ray image onto the selenium-coated drum of a 
xerographic copying machine; a cathode-ray scanner is 
employed at the microwave transmitting terminal. 

longevity — The normal operating lifetime of a piece 
of equipment, usually considered to be the period in which 
its failure rate is acceptably low and essentially constant. 

longitudinal chromatic aberration— A lack of 
sharpness in the image because different colors come to 
a focus at different distances from the lens. 

longitudinal circuit— A circuit in which one con- 
ductor is a telephone wire (or two or more wires in 
parallel) and the return is through the earth or any other 
conductors except those taken with the original wire or 
wires to form a metallic telephone circuit. 

longitudinal coils— The coils that are used in 
transmission lines to suppress longitudinal currents. 

longitudinal current— A current that flows in the 
same direction in both wires of a parallel pair. The earth 
is its return path. 

longitudinal magnetization — In magnetic record- 
ing, magnetization of the recording medium in a direction 
essentially parallel to the line of travel. 

longitudinal parity— Parity associated with bits 
recorded on one track in a data block to indicate whether 
there is an even or odd number of bits in the block. 

longitudinal redundance — In a computer, a con- 
dition in which the bits in each track or row of a record do 
not total an even (or odd) number. The term is generally 
used to refer to records on magnetic tape, and a system 
can have either odd or even longitudinal parity. 

longitudinal wave — A wave in which the direction 
of displacement at each point in the medium is perpendic- 
ular to the wavefront, as, for example, in a sound wave 
propagated in air. 

long line—A communication line spanning a long 
distance relative to the local loop. 

long-line effect— An effect that occurs when an 
oscillator is coupled to a transmission line with a serious 
mismatch. Oscillation may be possible at two or more 
frequencies, and the oscillator jumps from one side of 
these frequencies to another as its load changes. 

long-lines engineering—Engineering with the 
objective of developing, modernizing, or expanding long- 
haul, point-to-point communications facilities that use 
radio, microwave, fiber optics, or wire circuits. 
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iong-nose pliers — Pliers with long, narrow holding 
jaws suitable for wrapping wire around closely spaced 
terminals. 

long-persistence screen—A _ fluorescent and 
phosphorescent screen in which the light intensity of its 
spots does not immediately die out after the beam has 
moved on. The generation of light at the instant the 
electron beam strikes the screen is due to fluorescence; 
the light that persists after the beam has moved on is due 
to phosphorescence. The time of persistence varies with 
the type of tube employed and the coating of the screen. 

long-play record— Abbreviated LP record. Also 
called a microgroove record. A 10- or 12-inch (25.4- or 
30.5-cm) record or transcription with finely cut grooves 
that give it a long playing time. 

long-pull magnet— An electromagnet designed to 
exert a practically uniform pull for an extended range 
of armature movement. It consists of a conical plunger 
moving up and down inside a hollow core. 

long-range navigation — See loran. 

long-range radar— A radar installation capable of 
detecting targets 200 or more miles (320 km) away. 

long-reach mike — See shotgun mike. 

long shunt—A shunt field connected across the 
series field and the armature, instead of directly across 
the armature alone, of a motor or generator. 

long-tailed pair—A two-tube circuit in which 
decreased plate current through one tube results in 
increased plate current through the other tube, and vice 
versa. 

long-term stability (or long-term instability) — 
The slow changes in average frequency arising from 
changes in an oscillator. Statements of long-term stability 
for quartz oscillators often term this characteristic aging 
rate and specify it as parts per day (fractional frequency 
change over 24 hours). For cesium standards, this term 
commonly refers to the total fractional frequency drift for 
the life of the cesium beam tube. 

long throw — A method of speaker design in which 
the woofer moves freely through long excursions, provid- 
ing excellent low-frequency response with low distortion. 

long wave— Wavelengths longer than about 1000 
meters, They correspond to frequencies above 300 kHz. 

long-wire antenna—1. An antenna that has a 
length greater than one-half wavelength at the operating 
frequency. 2. A directional antenna consisting of a single 
straight wire whose length is several times greater than 
its operating wavelength. 

look ahead — 1. A feature of the CPU of a computer 
that allows the machine to mask an interrupt request until 
the following instruction has been completed. 2. A feature 
of adder circuits and ALUs that allows these devices to 
look ahead to see that all carrys generated are available 
for addition. 

lookthrough — |. In jamming, sporadic interruption 
of the emission for extremely short periods in order to 
monitor the victim signal. 2. When a set is being jammed, 
the monitoring of the desired signal during lulls in the 
jamming signals. 

loom— A flexible nonmetallic tubing placed around 
insulated wire for protection. 

loop—1.A complete electrical circuit. 2. In a 
computer, a series Of instructions that are carried out 
repeatedly until a terminal condition prevails, e.g., until 
a predetermined count or other test is satisfied. 3. In 
automatic control, the path followed by command signals, 
which direct the actions to be performed, and feedback 
signals, which are returned to the command point to 
indicate what is actually happening. See also closed 
loop. 4. See mesh. 5. A length of tape having its ends 
spliced together to form an endless loop. Frequently used 
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by film and radio/TV sound departments for prolonged 
backgrounds of continual or repetitive sound effects. The 
loop is the basis of the 8-track cartridge format. 6. A 
combination of one or more interconnected instruments 
arranged to measure or control a process variable, or both. 
7. The two-wire circuit formed by a customer’s telephone 
set, cable pair, and other conductors that connect it to the 
central office equipment. 8. An electric circuit consisting 
of several elements, usually switches, connected in series. 
9. The curve or arc made by the wire between the 
attachment points at each end of a wire bond. 10. See 
antinodes. 

loop actuating signal — The signal derived from 
mixing the loop input and loop feedback signals. 

loop antenna—l. An antenna used in radio 
direction-finding apparatus and in some radio receivers. 
It consists of one or more loops of wire. 2. An antenna 
consisting of several turns of wire in the same plane so 
arranged that it encloses an area in the electromagnetic 
field. 
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loopback— A diagnostic procedure used for trans- 
mission devices. A test message is sent to a device being 
tested. The message is then sent back to the originator 
and compared with the original transmission. Loopback 
testing may be performed with a locally attached device 
or conducted remotely over a communications circuit. 

loopback test— A test in which signals are looped 
from a test center through a data set or loopback switch 
and back to the test center for measurement. See also 
busback. 

loop circuit—A communication circuit that more 
than two parties share. In teletypewriter application, all 
machines print all data entered on the loop. 

loop control— The maintaining of a specified loop 
of material between two sections of a machine by 
automatically adjusting the speed of at least one of the 
driven sections. 

loop counter — In a computer, a register used to 
implement high-speed loop branching, including simple 
instruction loops (test and decrement must also be per- 
formed in the same instruction). 

loop current— Flow of dc in the local loop of a 
telephone circuit. Indicates that a telephone is in use. 

loop dialing — A return-path dialing method in which 
pulses are sent out over one side of the interconnecting 
line or trunk and returned over the other side. This 
arrangement is limited to short-haul traffic. 

loop difference signal— The ovtput signal from a 
summing point of a feedback control loop. It is a specific 
type of loop actuating signal produced by a particular loop 
input signal applied to that summing point. 

loop disconnect dialer — A circuit used to convert 
ten-digit push-button telephone inputs to an output series 
of dialing pulses. This enables a push-button telephone to 
be connected into a telephone system that was designed 
to accept inputs from rotary-dial telephones only. 

loop error — The desired value minus the actual value 
of the loop output signal. 
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loop error signal — The loop actuating signal, when 
it is the loop error. | 

loop feedback signal —The signal derived from 
the loop output signal and fed back to the mixing point 
for control purposes. 

loop feeder— A feeder that follows along a circuit 
and distributes the voltage more evenly at different points. 

loop gain—1. The total usable power gain of a 
carrier terminal or two-wire repeater. Because any closed 
system tends to sing (oscillate), its usable gain may be 
less than the sum of the enclosed amplifier gains. The 
maximum usable gain is determined by—and cannot 
exceed — the losses in the closed path. 2. The increase 
in gain observed when the feedback path of an amplifier 
is opened, but with all circuit loads intact. 3. In an 
operational amplifier circuit, the product of the transfer 
characteristics of all of the elements (active or passive) 
encountered in a complete trip around the loop, starting 
at any point and retuming to that point. 

loop height — A measure of the deviation of the wire 
loop from the straight line between the attachment points 
of a wire bond. Usually it is the maximum perpendicular 
distance from this line to the wire loop. 

looping — Repetition of instructions at delayed speeds 
until a final value is determined (as in a weight scale 
indication). The looped repetitions are usually frozen into 
a ROM memory location and then jumped when needed. 
Looping also occurs when the CPU of a computer is in a 
wait condition. See also loop through. 

looping-in — Wiring method that avoids tee joints by 
carrying the conductor or cable to and from the point to 
be supplied. 

loop input signal — An external signal applied to a 
feedback control loop. 

loop-mile — The length of wire in a mile of two-wire 
line. 

loop noise bandwidth—A phase-locked loop 
property related to damping and natural frequency that 
describes the effective bandwidth of the received signal. 
Noise and signal components outside this band are highly 
attenuated. 

loop output signal — The controlled signal extracted 
from a feedback control loop. 

loop pulsing — Also called dial pulsing. The regular, 
momentary interruption of the direct-current path at the 
sending end of a transmission line. 

loop resistance — The total resistance of two con- 
ductors measured at one end (conductor and shield, 
twisted pair, conductor and armor, etc.). See also line 
loop resistance. 

loop return signal —The signal returned, via a 
feedback control loop, to a summing point in response 
to a loop input signal applied to that summing point. The 
loop return signal is a specified type of loop input signal 
and is subtracted from it. 

loopstick antenna — See ferrite-rod antenna. 

loop test—A method of locating a fault in the 
insulation of a conductor when the conductor can be 
arranged to form part of a closed circuit. 

loop through— Also called looping. The method 
of feeding a series of high-impedance circuits (such 
as multiple monitor displays in parallel) from a pulse 
or video source with a coaxial transmission line in 
such a manner that the line is bridged (with minimum 
length stubs) and that the last unit properly terminates 
the line in its characteristic impedance. This minimizes 
discontinuities or reflections on the transmission line. 

loop transfer function— The transfer function 
of the transmission path. It is formed by opening and 
properly terminating a feedback loop. See also transfer 
function. 
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loose coupler — An obsolete tuning system consist- 
ing of two coils, one inside the other. Coupling was varied 
over a wide range by sliding one coil over the other. 

loose coupling — Also called weak coupling. 1. In 
resonant systems, a degree of coupling that is considerably 
less than critical coupling. Hence, there is very little 
transfer of energy. 2. Coupling between two circuits so 
that (a) little power is transferred from one to the other 
and (b) an impedance change in one circuit has little effect 
on the other circuit. 

LORAC — A trademark of Seismograph Service Corp. 
for a specific navigation system that determines a position 
fix by the intersection of lines of position. Each line is 
defined by the phase angle between two heterodyne beat- 
frequency waves. One wave is the beat frequency between 
two cw signals from two widely spaced transmitters. The 
other is a reference wave of the same frequency and is 
obtained by deriving the heterodyne beat of the same 
two cw signals at a fixed location and transmitting it, via 
a second radio-frequency channel, to the receiver being 
located. 

lorad — See lodar. 

loran— A contraction of long-range navigation. 1. A 
navigation aid sending out pulses at radio frequencies 
between 1800 and 2000 kHz. It defines lines of position 
that are based on the differences in travel time between 
radio waves from a master and a slave station. Airborne 
equipment utilizes a picture tube and measuring circuits 
to determine the time differences and relate them to time- 
difference lines drawn on a map. A navigation fix is 
established by the intersection of two of more lines of 
position. 2. A long-range electronic navigation system 
that uses the time divergence of pulse-type transmission 
from two or more fixed stations. 

loran C —A hyperbolic navigation system that relies 
on the stability of electromagnetic propagational charac- 
teristics at a frequency of 100 kHz. Each loran-C station 
operates in a pulse mode in such a way that no two 
stations can be received simultaneously. During the trans- 
mission period of the master station, both slave stations 
remain silent. After a fixed delay time, slave X will trans- 
mit a similar pulse. After a second delay, slave Y will 
transmit a pulse. 

loran D—A tactical loran system that employs the 
coordinate converter of loran C and can be operated 
in conjunction with inertial systems on board aircraft, 
without dependence on ground facilities and without 
radiation of rf energy that could reveal the location of 
the aircraft. 

loran line — A line of position on a loran chart where 
each line is the locus of points, the distances from two 
fixed stations of which differ by a constant amount. 

loran station—A radionavigational land station 
transmitting synchronized pulses. 

loran tables— Tables giving terrestrial coordinates 
(latitude and longitude) of loran lines of position and 
values of the skywave correction. 

Lorentz force —The force exerted by an electric 
field and a magnetic field on a moving electric charge. 

Lorentz force equation—An equation relating 
the force on a charged particle to its motion in an 
electromagnetic field. 

loss— 1. A decrease in power suffered by a signal 
as it is transmitted from one point to another. It is usu- 
ally expressed in decibels. 2. Energy dissipated without 
accomplishing useful work. 3. A reduction in signal level 
or strength, usually expressed in decibels. 

loss angle — The complement of the phase angle of 
an insulating material. 

losser— A circuit having less power in the output as 
compared with the power applied to the input. This term 
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is particularly applicable to mixers; a crystal mixer is a 
losser. 

losser circuit— A resonant circuit having sufficient 
high-frequency resistance to prevent sustained oscillation 
at the resonant frequency. 

Lossev effect — The resultant radiation when charge 
carriers recombine after being injected into a forward- 
biased pn or pin junction. 

loss factor — See loss index. 

loss index — Also called loss factor. 1. The product 
of the dielectric constant and the loss tangent. It is a mea- 
sure of the power loss per cycle and reccives extensive use 
in microwave and dielectric heating applications. 2. The 
product of the power factor and the dielectric constant. 
3. The characteristic that determines the rate at which heat 
is generated in an insulating material. lt is equal to the 
dielectric constant times the power factor. 

lossless line —A theoretically perfect line —i.e., 
one that has no loss and hence transmits all the energy 
fed to it. 

loss modulation — See absorption modulation. 

loss tangent— Also called dielectric dissipation 
factor. The decimal ratio of the irrecoverable to the 
recoverable part of the electrical energy introduced into 
an insulating material by the establishment of an electric 
field in the material. 

lossy — |. Insulating material that dissipates more 
than the usual energy. 2. Of, like, or made of an insulating 
material capable of damping out an unwanted mode of 
oscillation while having little effect on a desired mode. 

lossy attenuator—A length of waveguide made 
from some dissipative material and used to deliberately 
introduce transmission loss. 

lossy cable —A single-circuit cable (frequently of 
coaxial construction) deliberately constructed to have high 
transmission loss so that it can be used as an attenuator, 
an artificial load, or a termination. 

lossy line— 1. A transmission line designed with 
high attenuation. 2. A transmission line, usually a coaxial 
cable, designed to have a very high transmission loss per 
unit length. 

lot—-A group of similar components that have been 
either all manufactured in a continuous production run 
from homogeneous raw materials under constant process 
conditions or assembled from more than one production 
run and submitted for random sampling and acceptance 
testing. Specifically, a quantity of material all of which 
was manufactured under identical conditions and assigned 
an identifying lot number. 

lot tolerance percent defective — Abbreviated 
LTPD. A statistically defined quality level, in percent 
defective that is rejected on an average 90 percent of 
the time. Thus, a iot that is truly 5 percent defective is 
rejected 90 percent of the time when a 5-percent LTPD is 
used. 

Lotus 1-2-3—A flexible, easy to use spreadsheet 
program for IBM PCs and compatibles. It combines 
graphics, spreadsheet functions, and data management. 

loudness — 1. A measure of the sensitivity of human 
hearing to the strength of sound. Scaled in sones, it is an 
overall single evaluation resulting from calculations based 
on several individual band-index values. 2. Generally 
synonymous with volume, which is the intensity of 
perceived sound. 

loudness compensation — 1. A variety of equal- 
ization applied to a signal according to its volume in order 
to compensate for the tendency of the ear to change fre- 
quency responses at different listening levels. 2. A form of 
equalization, coupled with the volume control, that pro- 
gressively emphasizes low frequencies (and sometimes 
also high frequencies) relative to the middle frequencies 
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as the volume is reduced. Intended to correct for the 
human ear’s natural loss of hearing sensitivity at the fre- 
quency extremes when sound level is reduced, and thus 
to preserve proper frequency balance at different listening 
volume levels. 

loudness contour—A curve showing the sound 
pressure required at each frequency to produce a given 
loudness sensation to a typical listener. 

loudness-contour selector— Abbreviated LCS. 
A circuit that alters the frequency response of an amplifier 
so that the characteristics of the amplifier will more 
closely match the requirements of the human ear. 

loudness control — Also called compensated vol- 
ume control. A combined volume and tone control that 
boosts the bass frequencies at low volume to compensate 
for the inability of the car to respond to them. Some loud- 
ness controls provide similar compensation at the treble 
frequencies. 

loudness level—The sound-pressure level of a 
1000-Hz tone judged by a listener to be as loud as the 
sound under consideration. It is measured in decibels 
relative to 0.0002 microbar. 

loudspeaker — See speaker. 

loudspeaker dividing network— See dividing 
network. 

loudspeaker impedance — See speaker impedance. 

loudspeaker system — See speaker system. 

loudspeaker voice coil — See speaker voice coil. 

louver — The grille of a speaker. 

love wave—aA dispersive or frequency-sensitive 
surface effect that also decays exponentiaily with depth. 
Love waves consist of particle motion in the plane of the 
surface and normal to the direction of wave propagation. 
These are generated when a substrate is covered with 
a film of solid material whose thickness is considerably 
smaller than the wavelength. 

low-angle radiation — Radiation that proceeds at 
low angles above the ground. 

low band — Television channels 2 through 6, cover- 
ing frequencies between 54 and 88 MHz. 

low-capacitance contacts—A type of contact 
construction providing small capacitance between con- 
tacts. 

low-capacitance probe — A test probe with very 
low capacitance. It is connected between the input of an 
oscilloscope and the circuit under observation. 
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Low-capacitance probe circuit. 


low-corner frequency— The frequency at which 
the output of a resolver is 3 dB below the midfrequency 
value and the phase shift is 45°. 

low-definition television—A television system 
employing less than 200 scanning lines per frame. 

low earth orbit— See LEO. 

low-energy circuit— Also called a dry circuit. A 
circuit application that functions at low voltage (1.e., 
approximately 10 volts or less) and low current (Le., 
approximately 1 mA or less). 
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low-energy criterion — See Von Hippel breakdown 
theory. 

low-energy material — See soft magnetic material. 

lower pitch limit—The minimum frequency at 
which a sinusoidal sound wave will produce a pitch 
sensation. 

lower sideband — 1. The lower of two frequencies 
or groups of frequencies produced by the amplitude- 
modulation process. 2. In carrier transmission, the band 
of frequencies that is lower than the carrier frequency. It 
is the difference between the instantaneous values of the 
carrier frequency and the modulating frequency. 

lowest effective power — The minimum product of 
the antenna input power in kilowatts and the antenna gain 
required for satisfactory communication over a particular 
radio route. 

lowest useful frequency — Abbreviated LUF. The 
lowest frequency in the high-frequency radio band that 
can be used at a particular time of day for ionospheric 
propagation between two specified points. 

lowest useful high frequency — In radio transmis- 
sion, the lowest frequency effective at a specified time for 
ionospheric propagation of radio waves between any two 
points, excluding frequencies below several megahertz. 
It is determined by such factors as absorption, transmit- 
ter power, antenna gain, receiver characteristics, type of 
service, and noise conditions. 

low filter — An audio circuit designed to remove low- 
frequency noises from the program material. Such noises 
include turntable rumble, tonearm resonance, etc. 

low frequency— Abbreviated LF. The band of 
frequencies extending from 30 to 300 kHz (10,000 to 
1000 meters). 

low-frequency compensation — A technique for 
extending the low-frequency response of a broadband 
amplifier. 

low-frequency distortion — Distortion effects that 
occur at low frequency. In television, generally considered 
as any frequency below the 15.75-kHz line frequency. 

low-frequency impedance corrector— An elec- 
tric network designed to be connected to a basic network, 
or to a basic network and a building network, so that 
the combination will simulate, at low frequencies, the 
sending-end impedance, including the dissipation, of a 
line. 

low-frequency induction heater or furnace — 
A heater or furnace in which the charge is heated by 
inducing a current at the power-line frequency through it. 

low-frequency loran — Also called hertz-matching 
loran. A modification of standard loran, with operation in 
the frequency range of approximately 100 to 200 kHz, for 
increased range over land and during daytime. Whereas 
the envelopes of the pulses are matched to obtain a line of 
position with ordinary loran, the hertz within the pulses 
are matched to provide a much more accurate fix with 
low-frequency loran. 

low-frequency padder—In a superheterodyne 
receiver, a small adjustable capacitor connected in series 
with the oscillator tuning coil. During alignment it is 
adjusted to obtain correct calibration of the circuit at the 
low-frequency end of the tuning range. 

low insertion force connector— See LIF connec- 
tor. 

low level— In digital logic, the more negative of 
the two binary-system logic levels. See also high level; 
negative logic; positive logic. 

low-level contacts — Contacts that control only 
the flow of relatively small currents in relatively low- 
voltage circuits —e.g., alternating currents and voltages 
encountered in voice or tone circuits, direct current on the 
order of microamperes, and voltages below the softening 
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voltages on record for various contact materials (that is, 
0.080 volt for gold, 0.25 volt for platinum, and the like). 
Also defined as the range of contact electrical loading 
where there can be no electrical (arc transfer) or thermal 
effects and where only mechanical forces can change the 
conditions of the contact interface. In general, loads below 
5 volts de and 10 milliamperes are considered low level. 

low-level crossover network — A crossover net- 
work designed to operate at line levels and which is placed 
before the power amplifier(s); used in biamplified or tri- 
amplified speaker systems. 

low-level modulation— 1. The modulation pro- 
duced in a system when the power level at a certain point 
is lower than it is at the output. 2. Modulation introduced 
at a low-level point in a system, before amplification. 

low-level radio-frequency signal (tr, atr, and 
pre-tr tubes)— A radio-frequency signal with insuffi- 
cient power to fire the tube. 

low-level signal — Very small amplitudes serving to 
convey information or other intelligence. Variations in 
signal amplitude are frequently expressed in microvolts. 

low-loss dielectric — An insulating material, such 
as polyethylene, that has a relatively low dielectric loss, 
making it suitable for transmission of radio frequency. 

low-loss insulator— An insulator with high radio- 
frequency resistance and hence slight absorption of 
energy. 

low-loss line —A transmission line with relatively 
low losses. 

low-noise amplifier — Abbreviated LNA. A device 
that receives and amplifies the weak satellite signal 
reflected by a dish via a feed. C-band LNAs typically have 
noise characteristics quoted as noise temperatures rated in 
degrees Kelvin. Ku-band LNA noise characteristics are 
usually expressed as a noise figure in decibels. 

low-noise block downconverter — Abbreviated 
LNB. A low-noise microwave amplifier and converter 
that downconverts a block or range of frequencies at 
once to an intermediate frequency range, such as 950 to 
1450 MHz, 950 to 1750 MHz, or 950 to 2050 MHz. 

low-noise cable—Cable configuration specially 
constructed to eliminate spurious clectrical disturbances 
caused by capacitance changes of self-generated noise 
induced by either physical abuse or adjacent circuitry. 

low-noise converter — Abbreviated LNC. A com- 
bination low-noise amplifier and remote downconverter 
housed in one weatherproof box. 

low-noise tape — Magnetic tape with a signal-to- 
noise ratio 3 to 5 dB better than conventional tapes, 
making it possible to record sound — especially music 
with a wide frequency range —at reduced tape speeds 
without incurring objectionable background noise (hiss) 
and with little compromise of fidelity. 

low order— The least significant half of a word. 
Usually bits 0-7 of a 16-bit word. 

low-pass filter— 1. A filter network that passes 
all frequencies below a specified frequency with little 
or no loss but discriminates strongly against higher 
frequencies. 2. Wave filter having a single transmission 
band extending from zero frequency up to some critical 
or cutoff frequency not infinite. 3. Filter that passes all 
frequencies below a certain cutoff point and attenuates all 
frequencies above that point. 
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Low-pass filter. 
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low-power Schottky TTL (LS-TTL) circuit — A 
relatively high speed and low-power transistor-transitor 
logic (TTL) circuit using metal/semiconductor diodes 
(Schottky diodes) to prevent transistors from saturating. 

low print-through tape — Special magnetic record- 
ing tape significantly less susceptible to print-through (the 
transfer of signal from one layer to another), which results 
when tape is stored for long periods of time. These tapes 
are especially useful for speech master recording (making 
an original recording from which copies will be made) on 
professional-quality equipment. 

low-rate discharge — The withdrawal of a small 
current from a cell or battery for long periods of time. 

low-speed data rate — Transmission of data at any 
speed up to 150 bauds. 

low state — The relatively less positive signal level 
used to assert a specific message content associated with 
one of two binary logic states. 

low tension — British term for low voltage. Gener- 
ally refers to the heater or filament voltage. 

low-velocity scanning —The scanning of a target 
with electrons having a velocity below the minimum 
required to give a secondary-emission ratio of unity. 

low-voltage protection — See undervoltage protec- 
tion. 

L-pad—A volume control that has practically the 
same impedance at all settings. It consists essentially 
of an L-network in which both elements are adjusted 
simultaneously. 

L+R, L — R—The sum and difference signals of 
the two stereo channels; the L+R signal combines the 
signals of both channels in phase; the L—R signal 
combines them out of phase. By combining in suitable 
circuitry, L+R and L—R can be added to obtain 2L, 
the signal from one channel; L—R can be subtracted 
from L+R to obtain 2R, the signal from the other 
channel. 

LP record — Abbreviation for long-playing record. 

LSA diode—Limited space-charge accumulation 
diode. A microwave diode similar to the Gunn diode 
except that by avoiding the formation of charge bunches 
or domains, it achieves higher output power at frequen- 
cies determined by a microwave cavily that are several 
times greater than the transit-time frequency. 

LSB — Abbreviation for least significant bit. 

L-scan— See L-display. 

LSD -— Abbreviation for least significant digit. 

LSI— Abbreviation for large-scale integration. Inte- 
grated circuits containing between 100 and 5000 gate 
equivalents, or 1000 to 16,000 bits of memory. Over 
the years, integration levels have progressed from SSI 
(small-scale integration), MSI (medium-scale integration), 
and LSI to today’s ULSI (ultra large scale integra- 
tion). 


Integration levels 


Integration Chip area No. of Memory 
type (Sq-mils} gates (bits) 
SSI <10 K <10 — 
MSI 10-25 K 10-100 <1000 
LSI 25-100 K 100-5000 1-16 K 
VLSI >100 K >5000 >16 K 
ULSI >1000 K > 50,000 >256 K 


LTPD — Abbreviation for lot 
defective. 

LUF — Abbreviation for lowest useful frequency. 

lug— 1. A device soldered or crimped to the end of 
a wire lead to provide an eye or fork that can be placed 
under the head of a binding screw. 2. A wire terminal. 
3. An earlike projection of a terminal, to which an 
electrical connection can be made by soldering, crimping, 
or wrapping. 

lumen — Letter symbol: Im. 1. The unit of luminous 
flux. It is equal to the flux through a unit solid angle 
(steradian) from a uniform point source of i candela 
(candle) or to the flux on a unit surface all points of 
which are at unit distance from a uniform point source 
of 1 candela. 2. A unit of light emitted from a point light 
source of 1 candle through a unit solid angle. All lamps 
are rated in their output in lumens of light. 

lumen/ft? — A unit of incident light. It is the illumi- 
nance on a surface 1 square foot in area on which a flux 
of 1 lumen is uniformly distributed, or the illuminance at 
a surface all points of which are ai a distance of | foot 
from a uniform source of | candela. 

lumen-hour — A unit of the quantity of light deliv- 
ered in 1 hour by a flux of 1 lumen. 

lumen-second — The unit quantity of light equal to 
1 lumen of luminous flux emitted for 1 second. 

luminaire — 1. A complete lighting unit comprising 
a lamp or lamps and the parts required to distribute the 
light, position and protect the lamps, and connect the 
lamps to the power supply. 2. A complete unit containing 
a light source, globe, reflector, housing, socket, and other 
necessary components for lighting. 

luminaire efficiency —The ratio of luminous flux 
(lumens) emitted by a luminaire to that emitted by the 
lamp or lamps used therein. 

luminance — 1. The luminous flux emitted, reflected, 
or transmitted from the source. Usual units are the lumen 
per steradian per square meter, candle per square foot, 
meterlambert, millilambert, and footlambert. Formerly 
known as brightness. 2. In color television, the pho- 
tometric quantity of light radiation. 3. The amount of 
light emitted or scattered by a surface, usually mea- 
sured in footlamberts. One footcandle falling upon a 
perfectly diffusing white surface with no loss would pro- 
duce | footlambert. 4. The luminous flux per unit solid 
angle emitted per unit projected area of a source. 5. The 
photometric equivalent of brightness. It is based on mea- 
surements made with a sensor having a spectral sensi- 
tivity curve corrected to that of the average human eye. 
The SI (international metric standard) units for luminance 
are candelas per meter squared, but the English foot- 
lamberts are still used extensively in the United States. 
One footlambert = 3.4263 candelas/m?. 6. Luminous flux 
per unit solid angle and per unit area measured normal to 
the direction of propagation of the flux. 

luminance channel — In a color television system, 
any path intended to carry the luminance signal. The 
luminance channel may also carry other signals such as 
the color carrier, which may or may not be used. 

luminance channel bandwidth — The bandwidth 
of the path intended to carry the luminance signal. 

luminance contrast— The observed brightness of 
a light-emitting element compared to the brightness of the 
surround, an integral part of the device and inseparable 
from it. 

luminance factor— Ratio of the luminance of the 
specimen to that of a perfect reflecting or transmitting 
diffuser identically illuminated. 

luminance flicker — The flicker resulting from fluc- 
tuation of the luminance only. 


tolerance percent 


luminance meter — lumped impedance 


luminance meter — A type of photometer calibrated 
in luminance units (candelas per square unit, or lamberts). 
In photography, an exposure meter contains a luminance 
meter to record the average luminance of a scene. 

luminance primary — The one of three transmission 
primaries whose amount determines the luminance of a 
color. 

luminance range— An objective measure of an 
object’s brightness that is derived from the ratio of the 
luminances of its lightest and darkest sections. 

luminance ratio — The ratio between the luminances 
(photometric brightness) of any two areas in the visual 
field. 

luminance signal— Also called Y signal. 1. The 
signal in which the amplitude varies with the luminance 
values of a televised scene. It is part of the composite 
color signal and is made up of 0.30 red, 0.59 green, and 
0.11 blue. The luminance signal is capable of producing 
a complete monochromatic picture. 2. That portion of 
the NTSC color television signal which contains the 
luminance or brightness information. 

luminescence — 1. The absorption of energy by 
matter, and its subsequent emission as light. If the light is 
emitted within 107% second after the energy is absorbed, 
the process is known as fluorescence. If the emission takes 
longer, the process is called phosphorescence. 2. The 
emission of light of certain wavelengths or limited regions 
of the spectrum in excess of that due to incandescence 
and the emissivity of the surface. This property is not 
exhibited by all materials 3. Emission of light due to any 
other cause than high temperature (incandescence). 4. A 
general term that is applied to the production of light, 
either visible or infrared, by the direct conversion of some 
other form of energy. The general term is then subdi- 
vided to denote the particular energy conversion involved 
(i.e., thermoluminescence, cathodoluminescence, photo- 
luminescence, and electroluminescence). Luminescence 
includes both fluorescence and phosphorescence. Not to 
be confused with luminance (brightness). 

luminescence threshold —Also called threshold 
of luminescence. The lowest radiation frequency that will 
excite a luminescent material. 

luminescent — Any material that will give off light 
but not heat when energized by an external source such 
as a stream of electrons or radiant energy. 

luminescent screen — A screen that becomes lumi- 
nous in those spots excited by an electron beam. The 
screen of a cathode-ray tube is the best-known example. 

luminosity — Ratio of luminous flux to the corre- 
sponding radiant flux at a particular wavelength. It is 
expressed in lumens per watt. 

luminosity coefficients — The constant multipliers 
for the respective tristimulus values of any color. The sum 
of three products is the luminance of the color. 

luminosity curve—A distribution curve showing 
luminous flux per element of wavelength as a function 
of wavelength. 

luminosity factor — Abbreviated K. For radiation of 
a particular wavelength, the ratio of the luminous flux at 
that wavelength to the corresponding radiant flux. It is 
expressed in lumens per watt. 

luminous — 1. An adjective used to indicate the pro- 
duction of light, e.g., “luminous source,” to distinguish 
from electrical sources, etc. It is sometimes used before 
“intensity” or “flux.” 2. Pertaining to electromagnetic 
radiation as perceived by the eye. 

luminous efficiency — The ratio of luminous flux 
to radiant flux. It is usually expressed in lumens per watt 
of radiant flux and should not be confused with the term 
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efficiency when applied to a practical source of light. The 
latter is based on the power supplied to the source — not 
the radiant flux from the source. For energy radiated at 
a single wavelength, luminous efficiency is synonymous 
with luminosity. 

luminous emittance — The luminous flux emitted 
per unit area of the source; normal units of measurement 
are the lumen/cm? and the lumen/ft?. 

luminous energy — A measure of the time-integrated 
amount of flux. It has units of lumenseconds and could be 
used to describe such things as the radiant energy that the 
eye would receive from a photographic flash. 

luminous flux— Also called light flux. 1. Time rate 
of flow of light (the total visible energy produced by 
a source per unit time). Usually measured in lumens. 
2. Radiant power weighted at each wavelength in accor- 
dance with the ability of the eye to perceive it. 3. Radiant 
flux of wavelength within the band of visible light. 
4, The radiant power of visible light modified by the eye 
response. It is the measure of the flow of visible light 
energy past any given point in space in a given period, 
and is defined as the amount of flux radiated by a source 
of 1 candela into a solid angle of | steradian. 

luminous flux density (illuminance) — Radiation 
flux density of wavelength within the band of visible 
light. Measured in lumens per square foot or footcandles. 
At the wavelength of peak response of the human eye, 
0.555 um, | watt of radiative power is equivalent to 
680 lumens. 

luminous flux intensity —Luminous flux per unit 
solid angle (steradian). 

luminous intensity—The ratio of luminous flux 
emitted by a source to the solid angle in which the flux 
is emitted. It is normally measured in terms of the lumen 
per steradian, which is the same as | candela. 

luminous sensitivity — 1. In a phototube, the output 
current divided by the incident luminous flux at a constant 
electrode voltage. (The term “output current” here does 
not include the dark current.) 2. The sensitivity of an 
object to light from a tungsten-filament lamp operating 
at a color temperature of 2870 K. This definition is 
permissible, since luminous sensitivity is not an absolute 
characteristic but depends on the spectral distribution of 
the incident flux. 

luminous transmittance — The ratio of the lumi- 
nous flux transmitted by an object to the incident luminous 
flux. 

lumped — Concentrated in single, discrete elements 
rather than being distributed throughout a system. 

lumped constant—1. The single quantity of a 
circuit property that is electrically equivalent to the total 
of that property distributed in a coil or circuit. 2. A 
resistance, inductance, or capacitance that is connected at 
a point, rather than being distributed uniformly throughout 
the circuit. 

lumped-constant elements — Distinct electrical 
units smaller than a wavelength. They are calibrated 
and used, in conjunction with other electrical/electronic 
equipment, for controlling voltage and current. 

lumped-constant  oscillator—A microwave 
power-generation circuit that is realized by using discrete 
circuit elements such as inductors and capacitors. 

lumped-constant tuned heterodyne-frequency 
meter — A device for measuring frequency. Its operation 
depends on the use of a tuned electrical circuit consisting 
of lumped inductance and capacitance. 

lumped impedance — Impedance concentrated in a 
component, as distinguished from impedance due to stray 
or distributed effects. 
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Figure A-5. Cut off the device end of the USB cable. If you cut off the wrong end, you're not going to be able 
to plug it back into the charger, at least not without a considerable amount of effort. To ensure you cut the 
correct end, plug the host end of the cable into the USB charger before snipping, and then cut off the other 
end. 


Now carefully strip off about an inch of the cable’s insulating jacket. Do your best to not nick the 
insulation on the wires inside. Within the jacket you should find four wires. Two of these wires carry the 
+5V and ground from the power supply. The other two wires carry the data on the USB connection. 
Since we're only interested in the power, we can ignore the other two wires for now. See Figure A-6. 
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lumped inductance — Inductance concentrated in a 
component, as opposed to stray or distributed inductance. 

lumped loading—lInserting uniformly spaced 
inductance coils along the line, since continuous loading 
is impractical. 

lumped parameter— Any circuit parameter 
which—- for purposes of analysis —can be considered to 
represent a single inductance, capacitance, resistance, etc., 
throughout the frequency range of interest. 

Luneberg lens—A type of lens used to focus 
radiated UHF electromagnetic energy to increase the gain 
of an antenna. 

lux—-Letter symbol: lx. 1. A practical unit of illu- 
mination in the metric system. It is equivalent to the 
metercandle and is the illumination on a | square-meter 


lumped inductance — Ix 


area on which there is a uniformly distributed flux of 
| lumen. 2. International system (SI) unit of illumination 
in which the meter is the unit of length. One lux equals 
1 lumen per square meter. 

Luxemburg effect — A nonlinear effect in the iono- 
sphere. As a result, the modulation on a strong carrier 
wave will be transferred to another carrier passing through 
the same region. 

luxmeter—1.A type of illumination photometer 
employing a variable aperture and the contrast principle. 
2. An illuminometer designed to measure illumination in 
terms of lux. 

LVCD — Abbreviation for least voltage coincidence 
detection. 

Ix — Letter symbol for lux. 


m — Letter symbol for the prefix milli-. 

M—- 1. Symbol for mutual inductance. 2. Letter sym- 
bol for the prefix mega-, or meg-, meaning one million. 

mA — Letter symbol for milliampere. 

MA — Letter symbol for megampere. 

MAC-B— An acronym for mixed analog component 
signals, system B. It refers to placing TV sound into the 
horizontal line-blanking period and then separating the 
color and luminance for periods of 20 to 40 microseconds 
each during horizontal scan. In the process, luminance 
and chroma are compressed during transmission and 
expanded during reception, enlarging their bandwidths 
considerably. Transmitted via satellite as FM, this system 
provides considerably better TV definition and resolution. 
Its present parameters are within the existing NTSC 
format. 

mach — Unit of speed measurement equal to speed of 
sound. Sound travels 759 mph (1221 km/hr) at sea level; 
it decreases about 2 percent for every thousand feet of 
altitude. 

machine — A term that is often used as a synonym 
for computer, workstation, or host. 

machine-available time — In a computer, power- 
on time less maintenance time. 

machine code — 1. Code that is acceptable to the 
computing device on which the software is to be executed 
without further modification. 2. Commands for a com- 
puter or microprocessor system, often written in binary or 
hexadecimal format. Machine code is often referred to as 
machine language or object code. See also machine lan- 
guage. 3. In process planning, an alphanumeric code that 
identifies important machine-tool characteristics such as 
capacity, size, function, or capability. This number code 
can also be used in sorting routines to find similar machine 
types. 

machine cycle — 1. The shortest complete process 
or action that is repeated in order. The minimum length 
of time in which the foregoing can be performed. 2. The 
basic CPU cycle. In one machine cycle an address may be 
sent to memory and one word (data or instruction) read 
or written, or in one machine cycle a fetched instruction 
can be executed. 

machine error — A deviation from the correct result 
in computer-processed data as a result of equipment 
failure. 

machine hardware — Circuits contained in the five 
parts of the computer: input, output, control, storage, and 
arithmetic sections; any other circuit is offline. 

machine independent— 1. Pertaining to proce- 
dures or programs created without regard to the actual 
devices with which they will be used. 2. A term used 
to indicate that a program is developed in terms of the 
problem rather than in terms of the characteristics of the 
computer system. 
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machine instruction — An instruction that can be 
recognized and executed by a machine. 

machine language— Also called object code, 
object language, or computer code. 1. A set of sym- 
bols, characters, or signs and the rules for combin- 
ing them to convey instructions or data to a computer. 
2. Programming language form directly executable by a 
computer. This language is nearly always expressed in 
numeric form, usually binary, octal, or hexadecimal. 3. A 
series of bits written as such for instruction of comput- 
ers. The first level of computer language. See assembly 
language (second level); compiler language (third level). 
4, Sets of numeric instructions that control the function- 
ing of a computer. These numeric instructions execute 
the logic functions of the computer’s logic circuits. For 
example, the instructions 010110 might tell the computer 
to clear the A register. To overcome the problems inher- 
ent in working with long strings of numbers, computer 
programs are more often written in assembly language. 

machine learning—The ability of equipment to 
modify performance based on past experience stored in 
memory. Related to artificial intelligence. 

machine ringing — Telephone ringing that is started 
either mechanically or by an operator and that continues 
automatically until the call is either answered or aban- 
doned. 

machine run—-In a computer, the performance of 
one or more machine routines that are linked to form one 
operating unit. 

machine sensible — Information in a form such that 
it can be read by a specific machine. 

machine thermal relay— A device that functions 
when the temperature of an ac machine armature, or of the 
armature or other load-carrying winding or clement of a 
dc machine, or converter, power rectifier, or power trans- 
former (including a power-rectifier transformer), exceeds 
a predetermined value. 

machine vision—The ability of an automated 
system to perform certain visual tasks normally associated 
with human vision, including sensing image formation, 
image analysis, and image interpretation or decision 
making, 

machine word— See computer word. 

macro—1.A single pseudoinstruction that, when 
encountered by software or hardware, invokes the exe- 
cution of a number of real instructions. 2. A stored 
set Of keystrokes. They allow for quick execution of 
often repeated tasks, such as setting margins or tabs that 
are uniform to a particular business. 3. A symbol that 
the assembler expands into one or more machine lan- 
guage instructions, relieving the programmer of having 
to write out frequently occurring instruction sequences. 
4. An instruction in an assembly language that is imple- 
mented in machine language by more than one machine 
language instruction. 
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macroassembler — 1. An assembler that facilitates 
definition of macros for frequently used code segments. 
Macroassemblers simplify program coding; however, 
unlike subroutine calls, they generate in-line code for each 
reference. 2. A computer assembly program that translates 
alphanumeric language into machine language. 

macrocode — 1. A coding system that assembles 
groups of computer instructions into single code words 
and which therefore requires interpretation or translation 
so that an automatic computer can follow it. 2. An 
instruction in a source language that is equivalent to a 
specified sequence of machine instructions. 

macrocommand—A computer program entity 
formed by a string of standard, but related, commands that 
are put into effect by means of a single macrocommand. 
Any group of frequently used commands can be combined 
into a macrocommand. The many become one. 

macroelement— An ordered set of two or more 
elements used as one data element with one data use 
identifier. For example, the macroelement date could be 
the ordered set of the data elements year, month, or day. 

macroinstruction— 1. In a computer, a source- 
language instruction that is equivalent to a specified 
sequence of machine instructions. 2. Either a conven- 
tional computer instruction (e.g., ADD MEMORY TO 
REGISTER, INCREMENT, SKIP) or device controller 
command (e.g., seek, read). 

macroprogram — A computer program in the form 
of a sequence of instructions written in a source language. 

macroprogramming — In a computer, the writing 
of machine-procedure statements in terms of macrocode 
instructions. 

macros — Computers that have a throughput of 
2 gigabits (2 x 10? bits) per second and a memory size 
of 2 megabytes. 

macroscopic — Large enough to be observed by the 
unaided eye. 

macrosonics — The utilization of high-amplitude 
sound waves for performing functions such as cleaning, 
drilling, emulsification, etc. 

madistor— A semiconductor device that makes use 
of the effects of a magnetic field on a plasma current. The 
strength of a magnetic field determines the conductivity 
of the madistor material. A small change in the magnetic 
field produces a larger change in the madistor current. 

MADT— Abbreviation for microalloy diffused-base 
transistor. 

magarnp — Abbreviation for magnetic amplifier. 

magic eye — See clectron-ray tube. 

magic tee — See hybrid junction, 1. 

magnaflux—A magnetic method of determining 
surface and subsurface defects in metals. 

magnal base — An 11-pin base used on cathode-ray 
tubes. 

magnal socket-—An 11-pin socket used with 
catbode-ray tubes. 

magnesium — An alkaline metal whose compounds 
are sometimes used for cathodes. 

magnesium anode — A bar of magnesium, buried 
in the earth, connected to an underground cable to prevent 
cable corrosion due to electrolysis. 

magnesium cell —A primary cell whose negative 
electrode is made of magnesium or one of its alloys. 

magnesium-copper sulfide rectifier— A dry 
disc rectifier consisting of magnesium in contact with 
copper sulfide. 

magnesium-silver chloride cell —A reserve pri- 
mary cell that becomes activated when water is added. 

Magnesyn — Trade name for a device made by 
Bendix Aviation Corp. It is a portion of a repeater unit 
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consisting of a two-pole permanent-magnet rotor within 
a three-phase, two-pole, delta-connected stator. The rotor 
carries the indicating pointer and is free to rotate in any 
direction. 

magnet— A body that has the property of attracting 
or repelling magnetic materials. In its natural form it is 
called a lodestone. It may also be produced by perma- 
nently magnetizing a piece of iron or steel. A temporary 
magnet — called an electromagnet — 1s produced by pass- 
ing a current through a coil surrounding a piece of iron or 
steel; the magnetism persists only while current is flow- 
ing. When suspended freely, a magnet will tum and align 
its poles with the north and south magnetic poles of the 
earth. See also electromagnet: permanent magnet. 

magnet brake — A friction brake controlled electro- 
magnetically. 

magnetic — Pertaining to magnetism. 

magnetic aging—The normal change in the met- 
allurgical change in the material. The term also applies 
when the metallurgical changes are accelerated by an 
increase or decrease in temperature. When used in ref- 
erence to core loss, this term, unless otherwise modified, 
implies an increase in loss. When used in reference to 
permeability or remanence, the term, in a positive sense, 
indicates a decrease in these quantities. 

magnetic air gap —The air space, or nonmagnetic 
portion, of a magnetic circuit. 

magnetic alarm system— An alarm system that 
will initiate an alarm when it detects changes in the local 
magnetic field. The changes could be caused by motion of 
ferrous objects, such as guns or tools, near the magnetic 
sensor. 

magnetically damped—A form of damping 
achieved by moving a metal vane through a magnetic 
field. This motion induces currents in the vane that 
set up magnetic fields opposing those of the stationary 
magnets, thus tending to bring the pointer to rest. This 
type of damping is found in many quality moying-iron 
and dynamometer-type instruments. 

magnetically hard — A rather loose term not always 
synonymous with “hard” metallurgically. Used to desig- 
nate a permanent-type magnetic material, i.e., an alloy 
having a high coercive force and residual induction. 

magnetically isotropic—A material having the 
same magnetic characteristics along any axis or orien- 
tation. Could be considered the antonym of anisotropic. 

magnetically polarized — The magnetic orientation 
of molecules in a piece of iron or other magnetizable 
material placed in a magnetic field, whereby the tiny 
internal magnets tend to line up with magnetic lines of 
force. 

magnetically soft — A rather loose term not always 
synonymous with “soft” metallurgically. Used to desig- 
nate a ferromagnetic material having a low coercive force. 

magnetic amplifier— Often called magamp. 1. A 
device in which one or more saturable reactors are used, 
either alone or with other circuit elements, to obtain power 
gain. 2. A device in which a control signal applied to 
a system of saturable reactors modulaies the flow of an 
alternating current in a power circuit. 

magnetic analysis — The separation of a stream of 
electrified particles by a magnetic field in accordance with 
their mass, charge, or speed. This is the principle of the 
mass spectrograph. 

magnetic anisotropy—The dependence of the 
magnetic properties of some materials on direction. 

magnetic-armature speaker— Also called a 
magnetic-armature loudspeaker or magnetic speaker. A 
speaker comprising a ferromagnetic armature actuated by 
magnetic attraction. 
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magnetic azimuth — Azimuth measured from mag- 
netic north. 

magnetic bearing—The position in which an 
object is pointing with respect to the earth’s magnetic 
north pole. It is expressed in degrees clockwise from that 
pole. 

magnetic bias —A steady magnetic field applied to 
the magnetic circuit of a relay. 

magnetic biasing — The superimposing of another 
magnetic field on the signal magnetic field of a tape while 
a magnetic recording is being made. 

magnetic bipolar sensor — Solid-state Hall-effect 
sensor that has a plus (south pole) maximum operate 
point and a minus (north pole) minimum release point. 
Because the operate and release points can be both 
positive or both negative, latching cannot be guaranteed. 
The sensor usually used in ring magnet applications. 
Compare latching sensor. 

magnetic blowout— A magnet for establishing a 
field where an electrical circuit is broken. The field 
lengthens the arc and thus helps to extinguish it. 

magnetic blowout switch — A switch that contains 
a small permanent magnet that provides a means of 
switching high dc loads. The magnet deflects the arc to 
quench it. 

magnetic braking — Application of the brakes by 
magnetic force. The current for exciting the electromag- 
nets is derived either from the traction motors acting as 
generators or from an independent source. 

magnetic bremsstrahlung — See 
radiation. 

magnetic brush—JIn the electrostatic process, a 
device used to transport toner particles to the surface 
of the photoconductor. A brush is mounted on a roller 
mechanism. As it turns, its magnetic pull attracts toner 
particles and carries them to the drum surface, where they 
are deposited. See electrostatic process. 

magnetic brush development— A type of deyel- 
opment in which the material that forms the image is 
carried to the field of the electrostatic image by ferro- 
magnetic particles that act as Carriers under the influence 
of a magnetic field. 


synchrotron 
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magnetic bubble—1.A_ cylindrical magnetic 
domain with a polarization opposite to that of the thin 
magnetic film in which it is embedded. Domains form 
in a crystalline magnetic material in such a way as 
to minimize the total magnetic energy of the crystal. 
2. Small, cylindrical domain formed in single-crystal thin 
films of synthetic ferrites or garnets, or in thin, amorphous 
magnetic-metal films when a stationary external magnetic 
bias field is applied perpendicularly to the plane of the 
films. These domains are mobile in the presence of a 
magnetic field gradient, and their direction of movement 
can be controlled by special structures deposited on top of 
the film and by a moving magnetic field. As the bias field 
increases in strength toward its optimum value, randomly 
distributed serpentine domains in the film layer shrink 
until they form the cylindrical domains, or bubbles. Once 
the bubbles are formed, they can be moved along a path 
defined by a deposited layer of metal on the surface of 
the magnetic film. The presence of a bubble corresponds 
to a logical 1 and absence to a logical 0. 

magnetic bubble film—An amorphous film in 
which cylindrical bubbles of reverse magnetization can be 
formed to follow circuit paths usually made by depositing 
magnetic metal strips on the film surface. They are used in 
magneto-optic storage and processing of computer data. 

magnetic bubble memory — A type of memory 
made of cylindrically shaped magnetic domains, called 
magnetic bubbles, formed in a thin-film layer of single- 
crystal synthetic ferrite or garnet when a magnetic field 
is applied perpendicular to the film’s surface. A separate, 
rotating, magnetic field moves the bubbles through the 
film in shift register fashion. The presence of a bubble 
represents a digital | and the absence of a bubble, a 
digital 0. The basic bubble memory consists of a bubble 
memory chip, magnetic field coils that produce the 
rotating magnetic field, and two permanent magnets that 
maintain the magnetic bubble domains and nonvolatility. 

magnetic bubble memory controller— A high- 
level interface between a microprocessor and a bubble 
memory. The controller performs parallel-to-serial con- 
version from the microprocessor to the bubble memory, 
and serial-to-parallel conversion from the bubble memory 
to the microprocessor. The controller's primary functions 
are to stop and start bubble movement, maintain page 
position, and raise or lower flags for such bubble memory 
functions as generate, swap, block replicate, and redun- 
dancy replicate. Control signals from the bubble memory 
controller are sent to the function timing generator—a 
monolithic IC that provides the precise timing signals nec- 
essary to operate the function driver, coil driver, and sense 
amplifier during each field cycle. (Obsolete technology). 

magnetic card — A card on which data can be stored 
by selective magnetization of portions of a flat magnetic 
Strip such as that found on credit cards. 

magnetic card reader — A device that can retrieve 
information stored in a magnetic strip. 

magnetic cartridge — See variable-reluctance 
pickup. 

magnetic character— A character imprinted with 
ink having magnetic properties. These characters are 
unique in that they can be read directly by both humans 
and machines. 

magnetic circuit— The path of the flux as it travels 
from the north pole, through the circuit components, and 
back to the north pole. In a generator, the magnetic-circuit 
components include the field yoke, field pole pieces, air 
gap, and armature core. The magnetic circuit may be 
compared to an electrical circuit, with magnetomotive 
force corresponding to voltage, flux lines to current, and 
reluctance to resistance. 
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magnetic circuit breaker— 1. A circuit breaker 
that depends on the response of an electromagnetic coil 
for operation, 2. In their simplest form, a latching relay 
with normally closed contacts. When enough current 
flows through the coil, the armature is pulled in, trans- 
ferring the contacts, which latch in their open position. 
In a magnetic breaker, the coil is wound so that the field 
generated by the rated current is not quite strong enough 
to pull in the armature. Any increase in current above the 
rated level increases the field strength enough to transfer 
the contacts and open the circuit. 

magnetic coated disc—-A magnetic disc- 
recording medium consisting of a coat of magnetizable 
material over a nonmagnetic base. 

magnetic coating thickness—~Sce coating 
thickness. 

magnetic coil — The winding of an electromagnet. 

magnetic compass — A device for indicating direc- 
tion. It consists of a magnetic needle that pivots freely and 
points toward the earth’s north magnetic pole. 

magnetic conduction current — The rate of flow 
of magnetism through a magnetized body. 

magnetic contactor—A contactor actuated elec- 
tromagnetically. 

magnetic controller— An electric controller that 
contains devices operated by means of electromagnets. 

magnetic-convergence principle — The obtain- 
ing of beam convergence through the use of a magnetic 
field. 

magnetic core—1.A configuration of magnetic 
material that is, or is intended to be, placed in a rigid 
special relationship to current-carrying conductors, and 
the magnetic properties of which are essential to its use. 
For example, it may be used to concentrate an induced 
magnetic field, as in a transformer, induction coil, or 
armature; to retain a magnetic polarization for the purpose 
of storing data; or for its nonlinear properties, as in a logic 
element. It may be made of such material as iron, iron 
oxide, or ferrite in such shapes as wires, tapes, toroids, 
or thin film. 2. The ferrous material in the center of an 
electromagnet. 

magnetic core storage — A type of computer stor- 
age that employs a core of magnetic material surrounded 
by a coil of wire. The core can be magnetized to represent 
a binary 1 or 0. (Obsolete technology). 

magnetic course — A course in which the reference 
line is magnetic north. 

magnetic cutter — A cutter in which the mechanical 
displacement of the recording stylus is produced by the 
action of magnetic fields. 

magnetic cycle —The sequence of changes in the 
magnetization of an object corresponding to one cycle of 
the alternating current producing the magnetization. 

magnetic damping — 1. The damping of a mechan- 
ical motion by means of the reaction between a magnetic 
field and the current generated in a conductor moving 
through that field. The resistance of this conductor con- 
verts excess kinetic energy to heat. 2. The slowing down 
of mechanicai motion by the reaction between two mag- 
netic fields. A common example is the metal disc that 
rotates between the poles of a permanent magnet in a 
watt-hour meter. 

magnetic deflection — The moving of the electron 
beam by means of a magnetic field produced by a coil 
around the neck of the cathode-ray tube. Linear motion is 
produced by a sawtooth current through the coil. 

magnetic delay line—A computer delay line 
in which magnetic energy is propagated, consisting in 
essence of a metallic medium along which the velocity of 
propagation of magnetic energy is small when compared 
with the speed of light. The storage of information, 
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which is usually in a binary form, is accomplished by 
recirculation of wave patterns. 

magnetic density — The number of lines of mag- 
netic force passing through a magnet or magnetic field 
per unit area of cross section. 

magnetic detecting device — A device for detect- 
ing cracks in iron or steel. This is done by introducing 
magnetic particles, which are attracted to the opposing 
magnetic poles created at the break. 

magnetic device— Any device actuated electro- 
magnetically. 

magnetic digital versatile disc — Abbreviated M- 
DVD. 

magnetic diode — A magnetism-sensitive semicon- 
ductor device that (like indium-antimony devices) has an 
internal resistance that varies as a function of an exter- 
nal magnetic field. Electrical signals may be obtained 
through alternation of the magnetic field, and, hence, 
nonelectrical quantities can be converted into electrical 
quantities. 

magnetic dip— Also called magnetic inclination. 
The angle of the magnetic field of the earth with the 
horizontal at a particular location. 

magnetic dipole —A pair of equal-strength north 
and south magnetic poles spaced close together, and 
so small that its directive properties are independent of 
its size and shape. It is the magnetic equivalent of an 
electrical dipole. 

magnetic dipole antenna — A loop antenna that 
radiates an electromagnetic wave when elecíric current 
circulates in the loop. 

magnetic direction § indicator— Abbreviated 
MDI. An instrument that provides a compass indication, 
which it obtains electrically from a remote gyrostabilized 
magnetic compass (or its equivalent). 

magnetic disc — Also disk. 1. A flat circular plate 
with a magnetic surface on which data can be stored by 
selective magnetization of portions of the flat surface. 
2. A metal or plastic (floppy) disk looking something like 
a phonograph record whose surface can store data in the 
form of magnetized spots. 

magnetic disk storage — |. A device or system in 
which information is stored in the form of magnetic spots 
arranged on the surfaces of magnetically coated disks to 
represent binary data. 2. A storage device or system made 
up of magnetically coated meta] disks. 

magnetic disk unit— A device used to read and 
write data on thin magnetic disks, the surfaces of which 
have been coated with a magnetizable material. 

magnetic displacement— Magnetic flux density 
or magnetic induction. 
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magnetic domain— A volume within a magnetic 
material where the direction of magnetization is every- 
where the same. 

magnetic drum—1.A storage device consisting 
of a rapidly rotating cylinder whose surface can be 
easily magnetized and that will retain the magnetization. 
Information is stored in the form of magnetized spots 
(or no spots) on the drum surface. 2. A right circular 
cylinder with a magnetic surface on which information 
can be stored by selective magnetization of parts of the 
curved surface. 

magnetic-drum receiving equipment— Radar 
developed for detection of targets beyond line of sight 
using ionospheric reflection and very low power. To 
distinguish radar signals from ground noise, a noise- 
free standard system is employed whereby the amplitude 
and characteristics are reproduced and preserved for 
comparison with returned signals. Fluctuations in the 
amplitude of the returned signals indicate the position 
and velocity of the target accurately to within 10 miles 
(16 km). 

magnetic drum storage — A device or system that 
uses a magnetic drum to store information. 

magnetic drum unit—A device used to read and 
write data on a cylinder, the surface of which is covered 
with a magnetizable material. 

magnetic electron multiplier — One type of elec- 
tron multiplier in which the paths of the emitted secondary 
electrons are controlled by an externally applied magnetic 
field. 

magnetic-energy product curve — The graphical 
representation of the energy per unit volume produced by 
a magnet. It is the product of the flux density and demag- 
netizing field as shown on the normal demagnetization 
curve. The maximum of this product as shown on such a 
curve is known as B¿H ¿ max. 

magnetic field — An area where magnetic forces can 
be detected around a permanent magnet, natural magnet, 
or electromagnet. 


Magnetic field. 


magnetic field strength — See magnetizing force. 

magnetic figures — A pattern showing the distribu- 
tion of a magnetic field. lt is made by sprinkling iron 
filings on a nonmagnetic surface in the field. 

magnetic flip-flop — A bistable amplifier using one 
or more magnetic amplifiers. The two stable output levels 
are determined by appropriate changes in the control 
voltage or current. 

magnetic fluid — A fluid having three components: 
a carrier fluid, magnetite particles suspended by Brownian 
motion, and a stabilizer to prevent agglomeration of these 
fine particles. It is characterized by its viscosity and 
saturation magnetization value. 

magnetic flux— 1. The magnetic induction in a 
material. An electromotive force will be induced in 
a conductor placed in a magnetic field whenever the 
magnitude of the flux changes. 2. A condition in a 
medium produced by a magnetomotive force such that, 
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when altered in magnitude, a voltage is induced in an 
electric circuit linked with the flux. The cgs unit of 
magnetic flux 1s called the maxwell. 

magnetic flux density — See magnetic induction. 

magnetic focusing — The focusing of an electron 
beam by the action of a magnetic field. 

magnetic freezing— In a relay, sticking of the 
armature to the core due to residual magnetism. 

magnetic fusion—A fusion process that occurs 
when a buming plasma is confined by externally imposed 
magnetic fields. 

magnetic gap — The nonmagnetic part of a magnetic 
circuit. 

magnetic gate —A gate circuit used in a magnetic 
amplifier. 

magnetic head —-In magnetic recording, a trans- 
ducer that converts electric variations into magnetic vari- 
ations for storage on magnetic media or for reconverting 
such stored energy into electric energy. Stored energy can 
also be erased by this method. 

magnetic heading — The heading of an aircraft with 
reference to magnetic north. 

magnetic hysteresis — In a magnetic material, the 
property by virtue of which the magnetic induction 
for a given magnetizing force depends on the previous 
conditions of magnetization. 

magnetic hysteresis loop — A closed curve that 
shows the induction of magnetization in a magnetic 
substance as a function of the magnetization force for 
a complete cycle of the magnetization force. 

magnetic hysteresis loss — The power expended 
in a magnetic material as a result of magnetic hysteresis 
when the magnetic induction is cyclic. 

magnetic inclination — See magnetic dip. 

magnetic induction — Also called magnetic flux 
density (B). The flux per unit area (A) perpendicular to 
the direction of the flux (@). The cgs unit of induction is 
called the gauss (plural, gausses) and is defined by the 
equation B = d@/dA. 

magnetic ink— Visible ink containing magnetic 
particles. When printed on a document (e.g., a bank 
check), the ink can be read by a magnetic character sensor 
and also by humans. 

magnetic-ink character recognition — Abbre- 
viated MICR. 1. Machine recognition of characters 
printed with magnetic ink. (Contrast with OCR.) 2. A 
system of coding in which numeric and special characters 
are printed with magnetizable ink. 3. A mechanized 
method of data collection involving the electronic reading 
of data that has been printed in magnetic ink. Most checks 
have the bank transit number imprinted in magnetic ink 
at the lower-left part of the check. 

magnetic instability — The property of a magnetic 
material that leads to variations in the residual flux density 
of a recording tape with time, mechanical flexing, or 
changes in temperature. 

magnetic integrated circuit — An integrated com- 
ponent that utilizes one or more magnetic elements insep- 
arably associated to perform all or at least a major portion 
of its intended function. 

magnetic-latch relay—See polarized double- 
biased relay. 

magnetic leakage — Passage of magnetic flux out- 
side the path along which it can do useful work. 

magnetic lens — 1. An apparatus that uses a nonuni- 
form magnetic field to focus beams of rapidly moving 
electrons or ions in a cathode-ray or other tube. 2. An 
arranged series of coils, magnets, or electromagnets dis- 
posed in such a way that the resulting magnetic fields are 
used to focus beams of rapidly moving electrons or ions. 
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magnetic line of force —In a magnetic field, an 
imaginary line that has the direction of the magnetic flux 
at every point. 

magnetic materials — Materials that show mag- 
netic properties. Ferromagnetic materials are more 
strongly magnetic than paramagnetic materials. 

magnetic medium — Any data-storage medium and 
related technology, including disks, diskettes, and tapes, 
in which different patterns of magnetization are used to 
represent bit values. 

magnetic memory — A computer memory (or any 
portion) in which information is stored in the form of 
magnetism, 

magnetic memory disk — A mass-memory storage 
element that is a large and rigid rotating circular plate 
coated with magnetic material, such as iron oxide. Data 
is written (stored) and read (retrieved) by fixed or movable 
read/write heads positioned over data tracks on the surface 
of the disk. Addressable portions are selectable for read 
and write operations. 

magnetic memory plate—A magnetic memory 
that consists of a ferrite plate containing a grid of small 
holes through which the read-in and read-out wires are 
threaded. Printed wiring applied directly to the plate may 
replace conventionally threaded wires, making possible 
mass production of plates with a high storage capacity. 

magnetic microphone — See variable-reluctance 
microphone. 

magnetic mine — An underwater mine that deto- 
nates when near the steel hull of a ship. This 1s accom- 
plished by relays that redistribute the magnetic field in 
the mine when it is near the ship. 

magnetic modulator— Also called a magnettor. 
A modulator employing a magnetic amplifier as the 
modulating element. 

magnetic moment — Ratio of the maximum torque 
exerted on a magnet to the magnetizing force of the field 
in which the magnet is situated. 

magnetic needle — The magnetized needle used in 
a compass. When freely suspended, it will point to the 
earth’s magnetic north and south poles. 

magnetic north—The direction indicated by the 
north-seeking end of the needle in a magnetic compass. 

magnetic phase modulator — A ferrite-core delay 
line in which the delay is varied by an external magnetic 
fiezd. 

magnetic pickup — See variable-reluctance pickup. 

magnetic-plated wire —. A wire with a nonmag- 
netic core and a plated surface of ferromagnetic material. 

magnetic poles—Those portions of a magnet 
toward which the lines of flux converge. All magnets have 
two poles, called north and south, or north-seeking and 
south-seeking, poles. 


Magnetic poles. 
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magnetic pole strength— The magnetic moment 
of a magnetized body divided by the distance between the 
poles. 

magnetic potential difference — The line integral 
of magnetizing force between two points in a magnetic 
field. 

magnetic-powder-coated tape— Also called 
coated tape. A tape consisting of a coating of uniformly 
dispersed powdered ferromagnetic material on a nonmag- 
netic base. 

magnetic printing — Also called magnetic transfer 
or crosstalk. The permanent transfer of a recorded signal 
from a section of one magnetic recording medium to 
another section of the same or a different medium when 
they are brought near each other. 

magnetic probe — A loop-type conductor for detect- 
ing the presence of static, audio, or rf magnetic fields. 

magnetic radio bearing — See radio bearing. 

magnetic recorder — Equipment incorporating an 
electromagnetic transducer and a means for moving a 
magnetic recording medium past the transducer. Electric 
signals are recorded in the medium as magnetic variations. 
See also magnetic recording. 

magnetic recording — Recording audio frequencies 
by magnetizing areas of a tape or wire. The magnetized 
tape or wire is played back by passing it through 
a reproducing head. Here the magnetized areas are 
reconverted into electrical energy, which headphones or 
speakers then change back into sound. 

magnetic recording head — In magnetic record- 
ing, a magnetic head that transforms electric varia- 
tions into magnetic variations for storage on a magnetic 
medium such as tape or disks. 

magnetic recording medium—A wire, tape, 
cylinder, disk, or other magnetizable material that retains 
the magnetic variations imparted to it during magnetic 
recording. 

magnetic reproducer — Equipment that picks up 
the magnetic variations on magnetic recording media and 
converts them into electrical variations. 

magnetic reproducing head—In magnetic 
recording, the head that converts the magnetic variations 
into electric variations. 

magnetic rod— A square-loop switching and stor- 
age element for digital systems. It consists of a silver- 
coated glass rod upon which a thin layer of iron and nickel 
is deposited. Conductors are wound around the rod for the 
drive, sense, enable, and inhibit currents, 
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magnetics — The branch of science concerned with 
the laws of magnetic phenomena. 

magnetic saturation — |. In an iron core, the point 
at which application of a further increase in magnetizing 
force will produce little or no increase in the magnetic 
lines of force. 2. The condition under which all elemen- 
tary moments have become oriented in one direction. 


magnetic separator — magnetizing field 


magnetic separator — An apparatus for separating 
powdered magnetic ores from nonmagnetic ores, or iron 
filings and other small iron objects from nonmagnetic 
materials. An electromagnet is employed, which deflects 
the magnetic materials from the path taken by the 
nonmagnetic materials. 

magnetic shield — A shect or core of iron enclosing 
instruments of radio parts to protect them from stray 
magnetic fields. The shield provides a convenient path for 
the magnetic lines of force and thus diverts them from the 
component being protected. 

magnetic shielding — Iron, steel, nickel, mu-metal, 
or other magnetic material used to exclude unwanted 
electromagnetic fields from circuitry, transformers, or 
conductors. 

magnetic shift register— A register in which 
magnetic cores are used as binary storage elements. By 
means of pulses, the pattern of binary digital information 
can be shifted one position to the left or right in the 
register. 

magnetic shunt—A piece of iron used during 
instrument calibration to divert a portion of the magnetic 
lines of force passing through an air gap in the instrument. 

magnetic sound — Sound recording in which mag- 
netic impulses are stored in a ferric emulsion bonded to 
plastic or film. 

magnetic speaker— A speaker in which acoustic 
waves are produced by mechanical forces resulting from 
magnetic reaction. 

magnetic starter— A starter actuated electromag- 
netically. 

magnetic storage— Any storage system such as 
tape, diskette, or other form of magnetic media that 
makes use of the magnetic properties of materials to store 
information. 

magnetic storm—A disturbance in the earth’s 
magnetic field. It is associated with abnormal solar 
activily and is capable of disrupting both radio and wire 
transmission. 

magnetic strain gage— Also spelled gauge. An 
instrument for measuring strain in rails or other structural 
members that bend only microscopically under a normal 
load. It does this by determining the change in reluctance 
of a magnetic circuit having a movable armature. 

magnetic strip — Sheet or foil aluminum (cither bare 
or insulated) used as a conductor in electric windings. 
Copper is also used sometimes. 

magnetic susceptibility — Ratio of the intensity of 
magnetization to the corresponding value of the magne- 
tizing force. 

magnetic switch—A switch that consists of two 
separate units: a magnetically actuated switch and a 
magnet. The switch is usually mounted in a fixed position 
(door jamb or window frame) opposing the magnet, which 
is fastened to a hinged or sliding door, window, etc. When 
the movable section is opened, the magnet moves with it, 
actuating the switch. 

magnetic tape — 1. The recording medium used in 
tape recorders. A paper or plastic tape on which a mag- 
netic emulsion (usually ferric oxide) has been deposited. 
The most common width for home recorders is !/¿ inch 
(6.35 mm). Some tapes are made of a magnetic material 
and hence need no magnetic-emulsion coating. 2. Tape 
made of plastic and coated with magnetic material; used 
to store information. 

magnetic tape core—A toroidal core made by 
winding a strip of thin magnetic-core material around a 
form. A toroidal winder is then used to wind coils around 
the core. 
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magnetic tape reader— A computer device capa- 
ble of converting the information recorded on magnetic 
tape into corresponding electric pulses. 

magnetic tape storage — A storage system based 
on the use of magnetic spots (bits) on metal or coated- 
plastic tape; the spots are arranged so that the desired code 
is read out as the tape travels past the read-write head. 

magnetic tape unit—A device used to read and 
write data in the form of magnetic spots on reels of tape 
coated with a magnetizable material. 

magnetic test coil — Also called search or exploring 
coil. 1. A coil that is connected to a suitable device to 
measure a Change in the magnetic flux linked with it. The 
flux linkage may be changed by either moving the coil 
or varying the magnitude of the flux. 2. The coil used 
with a ballistic galvanometer or flux meter to measure 
the magnetic flux. 

magnetic thin film — A layer of magnetic material, 
usually less than 10,000 angstroms thick. In electronic 
computers, magnetic thin films may be used for logic or 
storage elements. 

magnetic transducer— See variable-reluctance 
transducer. 

magnetic transfer — See magnetic printing. 

magnetic transition temperature — Also called 
the Curie point. In a ferromagnetic material, the point at 
which its transition to paramagnetic seems to be complete 
as its temperature is raised. 

magnetic tubes of flux— Region in space whose 
sides are everywhere tangent to the magnetic induction 
and whose ends may meet to form closed rings. 

magnetic units— Ampere-turn, gauss, gilbert, line 
of force, maxwell, oersted, and unit magnetic pole are 
examples of magnetic units —i.e., those used in measur- 
ing magnetic quantities. 

magnetic-vane meter— Also called a moving- 
vane meter. A meter for measuring alternating current. It 
contains a metal vane that pivots inside a coil. Alternating 
current flows through the coil and sets up magnetic forces 
that rotate the vane and attached pointer in proportion to 
the value of the current. 

magnetic variometer — An instrument for measur- 
ing the difference in a magnetic field with respect to space 
or time. 

magnetic vector— A term denoting the amplitude 
and direction of the magnetic ficld associated with an 
electromagnetic wave. 

magnetism — A property possessed by certain mate- 
rials by which these materials can exert mechanical force 
on neighboring masses of magnetic materials and can 
cause voltages to be inducted in conducting bodies mov- 
ing relative to the magnetized bodies. 

magnetite — A mineral that exists in a magnetized 
condition in its natural stale. It consists chiefly of a 
magnetic oxide of iron. 

magnetization curve — A curve plotted on a graph 
to show successive states during magnetization of a 
ferromagnetic material. A normal magnetization curve 
is a portion of a symmetrical hysteresis loop. A virgin 
magnetization curve shows what happens to the material 
the first time it is magnetized. 

magnetization intensity — At any point in a mag- 
netized body, the ratio between the magnetic moment 
of the element of volume surrounding the point and an 
infinitesimal volume. 

magnetize — To make magnetic. 

magnetizing current— Also called exciting cur- 
rent. The current through the field windings of a generator. 

magnetizing field —The magnetomotive force per 
unil length at any given point in the magnetic circuit. In 
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the cgs system the unit is the oersted. It is defined by the 
quotient 


magnetomotive force in gilberts 


length in centimeters 


magnet keeper—A bar of iron or steel placed 
across the poles of a horseshoe magnet when the magnet is 
not in use. The keeper prevents the magnet from becoming 
demagnetized, by completing the magnetic circuit to keep 
the flux from leaking off. 


Magnet keeper. 


magnet meter — Also called a magnet tester. An 
instrument for measuring the magnetic flux produced 
by a permanent magnet. It usually comprises a torque- 
coil or moving-magnet magnetometer with a particular 
arrangement of pole pieces. 

magneto — |. An ac generator for producing ringing 
signals. 2. An ac generator for producing the ignition 
voltage in some gasoline engines. 3. An engine-driven 
unit that generates high voltage to fire the spark plugs. It 
needs no outside source of power such as a battery. 

magnetodiode — A high-sensitivity magnetosensi- 
tive semiconductor that operates on the principle of 
controlled lifetime of injected carriers by an external 
magnetic field. 

magnetoelastic coupling—Energy transfer be- 
iween elastic and spin-wave modes of propagation. The 
strength of the effect varies with the material used. 

magnetoelastic energy — In a crystal, energy of 
interaction between elastic (or lattice) strains and applied 
magnetization. lf a ferromagnetic crystal is placed in a 
magnetic field, or if a magnetic field is varied about the 
crystal, the lattice structure of the crystal is distorted 
(magnetostriction occurs) and changes the amount of 
potential energy in the lattice. The energy associated with 
this change is magnetoelastic. 

magnetoelastic wave—A hybrid of spin and 
elastic waves. 

magnetoelectric generator — An electric genera- 
tor with permanent-magnet field poles. 

magnetoelectric surface waves — Extensions of 
bulk magnetoelastic waves phenomena, which combine 
acoustic and spin wave properties. The spin waves, cre- 
ated by oscillations of the angle between adjacent atomic 
moments in a ferromagnetic solid, have high dispersive 
characteristics that depend on a dc magnetic field. A strain 
of a crystal lattice can affect the magnetic movements, 
resuliing in a coupling between acoustic and spin waves. 
This coupling is most effective when wavelengths and 
frequencies of the two waves are comparable. 

magnetoelectric transducer— A transducer that 
measures the emf generated by the movement of a 
conductor relative to a magnetic field. 

magnetofluid dynamics — See magnetohydrody- 
namics. 


magnet keeper — magnetoresistance 


magnetofluidmechanics — See magnetohydrody- 
namics. 

magnetogas dynamics — See magnetohydrody- 
namics. 

magnetograph — A magnetometer that provides a 
continuous record of the changes occurring in the earth's 
magnetic field. 

magnetohydrodynamic power generation — 
Also called hydromagnetic power generation. The 
generation of electric current by the motion of an ionized 
gas. 
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Magnetohydrodynamic generator. 


magnetohydrodynamics —The study and appli- 
cation of the effects of electric and magnetic fields on 
conducting fluids and superheated ionized gases. 

magnetoionic — Pertaining to the combined effect 
of atmospheric ionization and the magnetic field of the 
earth on electromagnetic wave propagation. 

magnetoionic duct—A duct along the geomag- 
netic lines of force that exhibits waveguide characteristics 
for radio-wave propagation between conjugate points on 
the earth’s surface. 

magnetoionic wave component— Either of the 
two elliptically polarized wave components into which a 
linearly polarized wave in the ionosphere is separated by 
the earth’s magnetic field. 

magnetometer — An instrument for measuring the 
intensity or direction (or both) of a magnetic field or of a 
component of a magnetic field in a particular direction. 

magnetomotive force—The force by which a 
magnetic field is produced, either by a current flowing 
through a coil of wire or by the proximity of a magnetized 
body. The amount of magnetism produced in the first 
method is proportional to the current through the coil and 
the number of turns in it. The cgs unit of magnetomotive 
force 1s called the gilbert. 

magneto-optical switch — A device used for dig- 
ital modulation that consists of a magnetic film deposited 
on a Substrate. A small digital voltage impressed on the 
film creates a magnetic field in the film that polarizes 
light passing through the film. The polarized light beam 
can then be sent through a polarizing filter that, depend- 
ing on the direction of the light polarization, will either 
pass or block the light beam. 

magnetoplasmadynamic generator -— A device 
that generates an electric current by shooting an ionized 
gas (plasma) through a magnetic field. 

magnetoresistance — The change in electrical con- 
ductivity of a material when a magnetic field is applied. 
This change is quite pronounced in materials with a high 
carrier mobility. 
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Magnetoresistor. 


magnetoresistor—A semiconductor device in 
which the electrical resistance is a function of the applied 
magnetic field. 

magnetosphere—A 900-mile thick belt in the 
upper atmosphere, composed primarily of helium gas. 

magnetostatic field—A magnetic field that is 
neither moving nor changing direction. Such a field could 
be produced by a stationary magnetic pole or by a constant 
current flowing in a stationary conductor. 

magnetostriction— That property of certain ferro- 
magnetic metals, such as nickel, iron, cobalt, and man- 
ganese alloys, which causes them to shrink or expand 
when placed in a magnetic field. Conversely, if sub- 
jected to compression or tension, the magnetic reluctance 
changes, thus making it possible for a magnetostrictive 
wire or rod to vary a magnetic field in which it may 
be placed. This is true for lateral as well as longitudinal 
strains. 

magnetostriction microphone—A microphone 
in which the deformation of a magnetostrictive material 
generates the required voltages. 

magnetostriction oscillator— An oscillator in 
which the frequency is determined by the characteristics 
of the magnetostrictive element that inductively couples 
the plate circuit to the grid circuit. 

magnetostriction speaker — A speaker in which 
the mechanical displacement is derived from the defor- 
mation of a magnetostrictive material. 

magnetostriction transducer—A transducer 
comprising an element of magnetostrictive material inside 
a coil, and a force-summing member attached to one end 
of the element. Current flows through the coil, and the 
magnetic field around it expands and contracts the element 
to move the member back and forth. 
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Magnetostriction transducer. 


magnetostrictive delay line — A delay line made 
of nickel or certain other materials that become shorter 
when placed in a magnetic field. 


452 


magnetostrictive filter — A filter network that uses 
the magnetostrictive phenomenon to form high-pass, low- 
pass, bandpass, or band-elimination filters. The impedance 
characteristic is the inverse of that of a crystal. 

magnetostrictive oscillator— An oscillator in 
which a magnetostrictive element controls the frequency. 

magnetostrictive relay— A relay that functions 
because of dimensional changes occurring in a magnetic 
material under the influence of a magnetic field. 

magnetostrictive resonator—A ferromagnetic 
rod that can be excited magnetically so that it will resonate 
(vibrate) at one or more desired frequencies. 

magnetostrictive transducer — Sensor using con- 
traction or expansion of an iron or nickel rod due to 
a magnetic field. Magnetostrictive elements are used in 
magnetostriction oscillators. 

magneto switchboard exchange—A manual 
telephone exchange arranged so that calling and clearing 
by the subscribers and operators are done by means of 
magnetoelectric generators. 

magneto telephone — A telephone equipped with a 
magneto (a hand-driven, two-pole, ringing-signal genera- 
tor). Although obsolete for home and business telephones, 
it is still used in many field applications. 

magnetron — An electric tube used to generate high 
power output in the UHF and SHF bands. The basis 
of its operation is the interaction of electrons with the 
electric field of a circuit element in crossed steady electric 
and magnetic fields to generate alternating-current power 
output. 
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Magnetron. 


magnetron effect —In a thermionic vacuum tube, 
the reduced electron emission due to the magnetic field 
of the filament current. 

magnetron oscillator — An electron tube in which 
electrons are accelerated by a radial electric field between 
the cathode and one or more anodes and by an axial 
magnetic field that provides a high-energy electron stream 
to excite the tank circuits. 

magnetron pulling — A shift in the frequency of a 
magnetron due to a change in the standing waves on the 
rf lines. 

magnetron pushing — The shift in the frequency of 
a magnetron caused by faulty modulator operation. 

magnetron rectifier — A gas-tube rectifier in which 
the electron stream is controlled by an optical element or 
instrument instead of by heated electrodes. 

magnet steel —A special steel used in permanent 
magnets because of its high retentivity. In addition to 


APPENDIX A = GETTING STARTED WITH TOOL BUILDING 


Figure A-6. The four internal wires within the USB cable. From left to right they are red (VBUS or +5V), 
black (ground), green (USB D+), and white (USB D-). Use the red and black wires to pull a regulated +5V 
from the charger. 


The USB standard specifies every little detail about how to build and mark USB cables, even down 
to the colors of the internal wires in the cable that you’re not ever supposed to see! That’s dedication. 


Note Apple violates the USB standard by not having a raised USB symbol molded into its cables. 


However, sometimes cable manufacturers fudge a bit and use whatever four-conductor cable they 
happen to have lying around. A very common substitute cable uses red, blue, yellow, and brown wires 
internally. See Table A-1 for a list of which wires go where. 
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steel, it also contains tungsten, cobalt, chromium, and 
manganese. 

magnet tester — See magnet meter. 

magnettor — See magnetic modulator. 

magnet wire — 1. An insulated copper wire used for 
winding the coils of electromagnets. 2. Soft, insulated 
copper wire in the range of sizes used for winding relay 
and transformer coils. Usually has enamel insulation. 

magnification ratio — The ratio of the size of an 
image produced by a lens to the size of the source. 

magnified sweep—In an oscilloscope, a sweep 
whose time per division has been decreased by ampli- 
fication of the sweep waveform rather than by changing 
the time constants used to generate it. 

Magnistor — A saturable reactor for controlling clec- 
trical pulses or sine waves having frequencies of 100 kHz 
to 30 MHz and power levels ranging from microwatts to 
tens of watts. 

magnitude — 1. Size; the quantity assigned to one 
unit so that it may be compared with other units of the 
same class (i.e., the ratio of one quantity to another). 
2. The size of a quantity irrespective of its sign. For 
exemple, +10 and —10 have the same magnitude. 

magnitude-controlled rectifier — A type of recti- 
fier circuit in which a thyratron is used as the rectifying 
element. The load current is controlled by varying the 
basis on the grid of the thyratron. 

mag-slip —A British term for synchro (i.e., a syn- 
chronous device such as the selsyn, autosyn, motortorque, 
and generator). 

mailbomb — Sending a large amount of e-mail to a 
person’s mailbox with the intent of harassing the person. 

mailbox — 1. A computer location in a RAM stor- 
age area reserved for data addressed to specific peripheral 
devices as well as other microprocessors in the immedi- 
ate environment. (Such an arrangement enables the coor- 
dinator CPU and the supplementary microprocessors to 
transfer data among themselves in an orderly fashion with 
minimal hardware.) 2. A system data structure that han- 
dles task communication. Tasks send messages to and 
receive messages from mailboxes. 3. A disk storage area 
assigned to a network user for receipt of e-mail messages. 

mailer -— A cassette or very small reel of tape sold in 
a cardboard box printed with name and address blanks, 
for sending through the mail. 

mailer-daemon—An automated program that 
returns Internet mail if it is undeliverable for one rea- 
son or another. Usually, returned mail is the result of 
addressing the mail incorrectly. 

mail merge — Taking information from a database 
and inserting it in a word processing document. Fre- 
quently used to create “personalized” form letters from 
mailing lists. 

main anode—The anode that conducts the load 
current. 

main bang — The transmitted pulse of a radar system. 

main bonding jumper— The connection between 
the grounded circuit conductor and the equipment ground- 
ing conductor at the service. 

main control unit — Transmitter or receiver controls 
for energizing, adjustment, etc., of the transmitter or 
receiver, but not for operating it while on the air. 

main disconnect— The means provided in an elec- 
trical system to disconnect all conductors in a building 
from the service-entrance conductors. The means may 
consist of one or more, but not to exceed six, closely 
grouped switches or circuit breakers. 

main distributing frame —In a telephone central 
office, a distributing frame, on one section of which 
terminate permanent outside lines, and on another section 
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of which terminate the subscriber-line multipie cabling, 
trunk multiple cabling, etc., used for associating an 
outside line with any desired terminal in such a multiple or 
with any other outside line. The main distributing frame 
usually carries the central-office protective devices and 
serves as a test point between line and office. 

main entrance panel — A single enclosure housing 
the main disconnect, main overcurrent protection devices, 
branch circuit overcurrent devices, and branch circuit and 
feeder distribution means. 

main-exciter — An exciter that supplies energy for 
the field excitation of another exciter. 

mainframe — Also called central processing unit. 
l. The central processor of the computer system. It 
contains the main storage, arithmetic unit, and special 
register groups. 2. The CPU of a computer plus the 
input/output unit and memory. As distinguished from 
peripheral equipment. 3. The main part of a computer 
system. 4. A large computer that stores information and 
distributes it to a network of micro- or minicomputers. 
Mainframes have largely given way to workstations, 
which serye fewer users and usually have the CPU and 
the terminal at the same location, but can be accessed 
remotely, 

main gap — The conduction path between the princi- 
pal cathode and anode. 

main memory — See internal storage, 1. 

main power — Power supplied to a complete system 
from a line. 

mains — Interior wires extending from the service 
switch, generator bus, or converter bus to the main 
distribution center. 

main service panel —The main electrical switch or 
circuit breaker and the circuit panel box that houses the 
circuit breakers or fuses for a branch circuit. 

mains line — British word for ac power line. 

main station — 1. A telephone station that has a dis- 
tinct call number and a direct connection to a central 
office. 2. With respect to leased lines for customer equip- 
ment, the main point of interfacing of such equipment 
with the logic loop. 

main storage — Usually the fastest storage device 
of a computer and the one from which instructions are 
executed. 

main sweep — The longest-range scale available on 
some fire-control radars. 

maintainability— A characteristic of design and 
installation expressed as the probability that an item will 
be retained in or restored to a specified condition within a 
given period when the maintenance is performed in accor- 
dance with prescribed procedures and resources. 

maintained contact — Switch actuator that remains 
in a given position until it is actuated to another position, 
which is also maintained until further action. 

maintained contact switch—-A_ switch that 
remains in a given condition until actuated to another 
condition, which is also maintained until further actuation. 

maintained switch — A switch that remains at the 
operated circuit condition when the actuating force is 
removed. It returns to the normal circuit condition, or 
moves to another position, when actuated a second time. 

maintaining voltage —The voltage across a glow 
lamp after breakdown occurs. 

maintenance — 1. All procedures necessary to keep 
an item in, or restoring it to, a serviceable condition, 
including servicing, repair, modification, modernization, 
overhaul, inspection, ctc. 2. See file maintenance. 

maintenance time — Time used for preventive and 
corrective maintenance of hardware. 

major-apex face —In a natural quartz crystal, any 
one of the three larger sloping faces extending to the apex 
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(pointed) end. The other three are called the minor-apex 
faces. 

major cycle—1.In a memory device that pro- 
vides serial access to storage positions, the time interval 
between successive appearances of a given storage posi- 
tion. 2. A number of minor cycles. 

major defect— A defect that could result in failure 
or significantly reduce the usability of a unit for its 
intended purpose. 

major face — Any one of the three larger sides of a 
hexagonal quartz crystal. 

major failure— 1. A noncritical failure that can 
degrade the system performance due to cumulative tol- 
erance buildup. 2. A malfunction in a system that, while 
not causing complete breakdown, causes it to function 
uselessly. 

major items — Items and components of communica- 
tions electronics equipment that are designed to perform 
a specific function (e.g., radio, radar sets, transmitters, 
receivers, modulators, amplifiers, and assemblies) and for 
which the procurement and supply lead times are such 
that the items must be programmed and procured to be 
available at a given time. A programming term. 

majority — A logical operator with the property that 
if P, Q, R, etc, are statements, the majority of P, Q, R, 

. is true if more than half the statements are true, and 
false if half or fewer are true. 

majority carrier—The predominant carrier in a 
semiconductor. Electrons are the majority carrier in n- 
type semiconductors, since there are more electrons than 
holes. Likewise, holes are the majority carrier in p-type 
semiconductors, since they outnumber the electrons. 

majority-carrier contact— An electrical contact 
across which the ratio of majority-carrier current to 
applied voltage is substantially independent of the voltage 
polarity but the ratio of minority-carrier current to applied 
voltage is not. 

majority emitter—The transistor electrode from 
which the majority carriers flow into the interelectrode 
region. 

majority gate — A logic element whose output is true 
if more than half of the inputs are true, but whose output 
is false for other input conditions. 

major lobe — 1. The antenna lobe in the direction of 
maximum energy radiation or reception. 2. The largest 
of the several lobes, or three-dimensional petals, that 
represent the radiation pattern of a directional antenna. 
The lobe in the direction of preferred reception or 
transmission. 

major loop — A continuous network composed of all 
the forward clements and the primary feedback elements 
of a feedback control system. 

major relay station—A tape relay station to 
which two or more trunk circuits are connected in 
order to provide an alternate route or to meet command 
requirements. 

make — 1. The closing of a relay, key, or other 
contact. 2. A closed circuit or off-hook condition as 
determined by the dial of a telephone set. 

make-before-break— The action of closing a 
switching circuit before opening another associated 
circuit. 

make-before-break contacts — 1. Double-throw 
contacts so arranged that the moving contact establishes 
a new circuit before disrupting the old one. 2. Movable 
contact that makes the next circuit before breaking the 
first circuit. 3. A set of three contacts on a key or relay, 
so arranged that contact A makes with contact C before 
breaking from contact B. 

make-before-break switch — See shorting switch. 
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make-break contacts— Also called continuity- 
transfer contact. A contact form of a relay, in which 
one contact closes connection to another contact and then 
opens its prior connection to a third contact. 

make-break electrode—In a mercury switch, 
that electrode which serves the function of making and 
breaking contact with the mercury pool to close or open 
the electrical circuit. 

make contact—1. A contact that closes a circuit 
upon operation of the device of which the contact is a part. 
2. Contact that closes when a key or relay is operated. See 
also normally open contact. 

make percent — In pulse testing, the length of time, 
in comparison with the duration of the test signal, that a 
circuit stands closed. 

make-up time — That portion of available time used 
for reruns made necessary by malfunctions or mistakes 
that occurred during a previous operating time. 

male — Adapted so as to fit into a matching hollow 
part. 
male contact— A contact located in the insert or 
body of a connector in such a way that the mating portion 
of the contact extends into the female contact. It is similar 
in function to a pin contact. 

malfunction— Any incorrect functioning within 
electronic, electrical, or mechanical hardware. See also 
error, 3; fault. 

malware — Malicious software, such as worms, 
viruses, and trojan horses. 

Manchester encoding—A coding scheme used 
with several LANS. Manchester encoding has a logic 
transition in the center of each bit. A positive transition 
indicates a logical 1, and a negative transition indicates a 
logical 0. 

mandrel— Also called an arbor. Shaft on which 
wound capacitors are wound. 

mandrel test— A test used to determine the flexi- 
bility of insulation. In it a wire, with or without previous 
stretch, is wrapped around a mandrel. 

manganin — An alloy wire used in precision wire- 
wound resistors because of its low temperature coefficient 
of resistance. 

manipulated variable — The one variable (condi- 
tion, quantity, etc.) of a process that is being controlled. 
The process can be controlled through manipulations of 
this variable. 

man-made interference —A type of electromag- 
netic interference generated by electric motors, commu- 
nication and broadcast transmitters, fluorescent lighting, 
and other electrical and electronic systems that radiate 
spurious signals. 

man-made noise — 1. High-frequency noise signals 
caused by sparking in an electric circuit. 2. Noise created 
by voltages that result from the use of machinery, such 
as electric motors and intemal-combustion engines. 

man-made static— High-frequency noise signals 
created by sparking in an electric circuit. When picked up 
by radio receivers, it causes buzzing and crashing sounds 
from the speaker. 

manpack — Also called packset. A portable radio- 
transmitting/receiving device that can be carried easily 
in a harness by a man. 

man-rem— The absorbed dose of 1 rem by one 
human; also, the measure of population dosage, calculated 
by adding the doses received by each member of the 
population. 

manual — 1. Hand operated. 2. In an organ, a group 
of keys played with the hand. In two-manual organs the 
upper manual, also referred to as the solo or swell manual, 
is normally used to play the melody. The lower manual, 
also referred to as the accompaniment manual or great 
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manual, is normally used to play the accompaniment. 
3. Operated by mechanical force applied directly by 
human intervention. 

manual analysis — Also called manual test pro- 
gramming. The generation of input and output test pat- 
terns by a test engineer or technicians who study the 
function or structure of a logic circuit. 

manual central office—A central office of a 
manual telephone system. 

manual control — 1. The opening or closing of 
switches by hand. 2. The direction of a computer by 
means of manually operated switches. 

manual controller — An electric controller in which 
all but its basic functions are performed by hand. 

manual dimmer — A dimmer in which the only link- 
age between the control lever and the moving electrical 
contact that conducts the electrical power is mechanical. 

manual direction finder—A radio compass that 
uses a rotatable loop that is operated manually. 

manual exchange—A telephone exchange in 
which the fines are connected to a switchboard and inter- 
connections are controlled by an operator. 

manual input— 1. The entry of data into a system 
by hand at the time of processing. 2. Direct computer 
entry by means of manual intervention, or drum entry of 
manual data through card machines. 

manual operation — Data processing in a system by 
means of direct manual techniques. 

manual preset timer—A manual start timer, the 
cycle of which is initiated by turning a pointer to the 
desired setting. 

manual rate-aided tracking — Radar tracking of 
individual targets by means of circuits that compute the 
velocity from manually inserted position fixes. 

manual reset— A qualifying term used to indicate 
that a relay may be reset manually after an operation. 

manual ringing — A method of ringing a telephone. 
The key must be held down for the ringing to continue. 
Nor does tt stop when the receiver is lifted off the hook, 
unless the caller releases the key. 

manual single play—A turntable operation in 
which records are played one at a time, and the arm is 
placed on the record and removed again manually. 

manual start timer— An interval timer on which 
cach cycle must be manually started at the timer. 

manual switch —A switch that is actuated by an 
operator. 

manual switchboard—A telephone switchboard 
in which the operator makes connections manually with 
plugs and jacks or with keys. 

manual switching—A characteristic of a circuit 
breaker permitting manual opening and closing of the 
circuit by operation of the actuator. 

manual telegraphy — Telegraphy in which an oper- 
ator forms the individual characters of the alphabet in 
code. 

manual telephone—A telephone without push 
button or rotary dial that rings the attendant automatically 
when the receiver is lifted. 

manuai telephone set— A set not equipped with a 
dial for securing the number to be called. Instead, lifting 
the receiver alerts the switchboard operator, who then 
connects the caller to the person being called. 

manual telephone system— A system in which 
telephone connections between customers are ordinarily 
established manually by telephone operators, in accor- 
dance with orders given verbally by the calling parties. 

manual test programming — See manual analysis. 

manual tuning — Rotation by hand of a knob on a 
radio receiver to tune in a desired station. 
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manufacturing holes — See pilot holes. 

manuscript—A form of storage medium, such as 
programming charts, in which is contained raw informa- 
tion in a sequential form suitable for translation. 

MAR — Abbreviation for memory address register. 

Marconi antenna— An antenna system in which 
one end of the signal source is connected to a radiating 
element and the other end is connected to ground. 
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margin — 1. The difference between an actual oper- 
ating point and the point or condition where a failure to 
operate properly will occur. 2. Also called range or print- 
ing range. In telegraphy, the interval between limits on 
a scale, usually arbitrary, in which printing is error-free. 
3. The distance that the electrode foil is indented from the 
edge of the dielectric when a capacitor is wound. 

marginal — Operating at the border of permissible 
limits of voltage, current, distortion, etc. When operation 
is marginal, a very small impairment can cause the device 
or system to fail. 

marginal checking — Also called marginal testing. 
Preventive maintenance in which certain operating condi- 
tions (e.g., supply voltage or frequency) are varied from 
normal in order to locate defects before they become seri- 
ous, 

marginal relay—A relay with a small margin 
between its nonoperative current value (maximum current 
applicable without operation) and its operative value 
(minimum current that operates the relay). 

marginal testing — See marginal checking. 

margin-punched card—.A card in which holes 
representing data are punched only on the border, with 
the center left free for written or printed information. 

marine broadcast station — A coastal station that 
regularly broadcasts the time and meteorological and 
hydrographic information. 

marine radiobeacon station — A radionavigation 
land station whose emissions are used to determine the 
bearing or direction of a ship in relation to the marine 
radiobeacon station. 

maritime mobile service —The radio service in 
which ships communicate with each other or with coastal 
and other land stations on specified frequencies. 

maritime radionavigation service — A radio ser- 
vice intended to be used for the navigation of ships. 
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mark — 1. In telegraphy, the closed-circuit condition, 
l.e., the signal that closes the circuit at the receiver to 
produce a click of the sounder or to print a character on a 
teletypewriter. 2. The presence of signal. A mark impulse 
is equivalent to a binary 1. 3. A term that originated with 
telegraphy to indicate a closed key condition. Present 
usage implies the presence of current or carrier on a circuit 
or the idle condition of a teletypewriter. It also indicates 
the binary digit 1 in computer language. See flag. 4. In 
RTTY applications, the mark is one of two states. The 
mark is the condition characterized by a closed circuit. 
The space, the other state, is characterized by an open- 
circuit condition. 

mark and space impulses — In neutral operation 
of a teletypewriter system, the mark impulse is the closed- 
circuit signal, and the space impulse is the open-circuit 
signal. In other than neutral operation, the mark impulse 
is the circuit condition that produces the same result in 
the terminal equipment that a mark impulse produces 
in neutral operation. Similarly, the space impulse is the 
circuit condition that produces the same result in the 
terminal equipment that a space impulse produces in 
neutral operation. 

marker—- Also called marker beacon. A radio navi- 
gational aid consisting of a transmitter that sends a signal 
to designate the small area around and above it. 

marker antenna—The transmitting antenna for a 
marker beacon. 

marker beacon — See marker. 

marker generator — An rf generator that injects one 
or more pips of specific frequency onto the response curve 
of a tuned circuit being displayed on the screen of a 
cathode-ray oscilloscope. 

marker pip—The inverted V (A) or spot of light 
used as a frequency index mark in cathode-ray oscil- 
loscopes for alignment of TV sets. It is produced by 
coupling a fixed-frequency oscillator to the output of a 
sweep-driven signal generator. 

marker thread — A colored thread laid parallel and 
adjacent to the strands of an insulated conductor that iden- 
tifies the wire manufacturer and often the specification 
under which the wire was constructed. 

marking-and-spacing intervals — In telegraphy, 
the interyals corresponding to the closed and open posi- 
tions, respectively, of the originating transmitting con- 
tacts. 

marking bias— Bias that affects the results in the 
same direction they are affected by marking current. 

marking current— The magnitude and polarity of 
line current when the receiving mechanism is in the 
operated condition. 

marking pulse —The signal interval during which 
the selector unit of a teletypewriter is operated. 

marking wave — Also called keying wave. In teleg- 
raphy, the emission while the active portions of the code 
characters are being transmitted. 

mark sense — 1. To mark a position on a punch card, 
using a special pencil that leaves an electrically conduc- 
tive deposit for later conversion to machine punching. 
2. A mechanized technique of punching data into com- 
puter cards. A graphite line positioned on the card is read 
electronically and converted into holes by special equip- 
ment. 

mark-sense card —A card designed to permit data 
to be entered on it with an electrographic pencil. 

mark sensing—A technique for detecting special 
pencil marks entered in special places on a card and 
automatically translating the marks into punched holes. 

mark-to-space transition—The change from a 
marking impulse to a spacing impulse. 

marshalling sequence — See collating sequence, 1. 
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maser— Acronym for microwave amplification by 
stimulated emission of radiation. 1.A low-noise 
microwave amplifier in which a signal is boosted by 
changing the energy level of a gas or crystal (commonly, 
ammonia or ruby, respectively). 2. A means of focusing a 
stream of particles, which concentrates only on the high- 
energy particles. These are passed into a resonator that is 
resonating at thc radiation frequency of the particles. The 
particles are raised to a strong oscillation in this state and 
can be used for control purposes. By reducing the flow of 
particles to the resonator to maintain oscillations, it can be 
used as an amplifier. (There are many other applications.) 
3. Device for amplifying a microwave frequency signal 
by stimulated emission of radiation—1.e., the weak 
microwave signal causes electrons in an atom to change 
orbit in such a manner as to emit an amplified signal of the 
same frequency as the weak signal. 4. Amplification by 
a low-noise radio-frequency amplifier in which an input 
signal stimulates emission of energy stored in a molecular 
or alomic system by a microwave power supply. 

mask — 1. A frame mounted in front of a television 
picture tube to limit the viewing area of the screen. 2. A 
device (usually a thin sheet of metal that contains an open 
pattern) used to shield selected portions of a base during 
a deposition process. 3. A device used to shield selected 
portions of a photosensitive material during photographic 
processing. 4. A logical technique in which certain bits 
of a word are blanked out or inhibited. 5. Template 
used to etch circuit patterns on semiconductor wafers. 
Images of the circuit patterns are produced on glass or 
metal photographically. The mask is then used to control 
the diffusion process, plus metallization. 6. A transparent 
(glass or quartz) plate covered with an array of patterns 
used in making integrated circuits, Each pattern consists 
of opaque and transparent areas that define the size and 
shape of all circuit and device elements. The mask is 
used to expose selected areas of photoresist, which define 
areas to be etched. Masks may use emulsion, chrome, iron 
oxide, silicon, or other material to produce the opaque 
areas. 7. Thin metals or other materials with an open 
pattern designed to mask off or shield selected portions 
of semiconductors or other surfaces during deposition 
processes. There also are photomasks or optical masks 
for contact or projection printing of wafers; these may 
use an extremely flat glass substrate with iron oxide, 
chrome, or emulsion coating. There also are thick-film 
screen masks. 8. The photographic negative that serves 
as the master for making thick-film screens and thin- 
film patterns. 9. The pattern, usually “printed” on glass, 
used to define areas of the chip or wafer. Masks are 
used for the diffusion, oxidation, and metallization steps 
used in manufacturing of semiconductors. 10. To hide, to 
obscure, to make less noticeable. For example, as noise 
masks crosstalk. 11. A material applied to enable selective 
etching, etching, plating, or the application of solder to 
a printed board. Also, the surface on which the master 
artwork of the circuit pattern is projected. 12. A thin steel 
arrangement with fine holes (shadow mask) or stripes (slot 
mask) that concentrates the electron beam at points on 
the CRT. 

masked diffusion-—The use of a mask pattern to 
obtain selective impregnation of portions of a semicon- 
ductor material with impurity atoms. 

masked ROM-—A regular read-only memory 
(ROM) produced by the usual masking process. 
(Contrasted with a PROM.) 

masking — The process by which a sound is made 
audible by the addition of a second sound called the 


masking sound. The unit of measurement is usually the 
decibel. 
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masking audiogram — A graphical representation 
of the amount of masking by a noise. It is plotted in 
decibels as a function of the frequency of the masked 
tone. 

mask microphone — A microphone designed for 
use inside an oxygen or other respiratory mask. 

mask-programmed—A_ semiconductor device, 
most often a read-only memory, that is permanently 
programmed as a step in its manufacture. In contrast, 
field-programmed applies to memory devices that are 
programmed after manufacture. 

mask set—A set of plates, usually glass, that are 
used to transfer a device topology in sequence to a wafer 
during fabrication. 

Masonite — Trade name of the Masonite Corp. Fiber- 
board made from steam-exploded wood fiber. Its highly 
compressed forms are used for panels in electrical equip- 
ment. 

mass — l. The quantity of matter in an object. It is 
equal to the weight of a body divided by the acceleration 
duc to gravity. 2. The bulk of matter, though not nec- 
essarily equal to its weight. 3. A mechanical unit whose 
electrical analog is inductance. 

mass data— A larger amount of data than can be 
stored in the central processing unit of a computer at any 
one time. 

mass-memory unit— A drum or disk memory that 
provides rapid-access bulk storage for messages being 
held until outgoing channels are available. 

mass properties — Calculation of physical engi- 
neering information about a part, e.g., perimeter, area, 
volume, weight, and moments of inertia. 

mass radiator—aA spark radiator that generates a 
low-level broadband signal extending into and above the 
EHF band. Arcing occurs between fine metal particles 
suspended in a liquid dielectric. 

mass spectrometer — An instrument that permits 
rapid analysis of chemical compounds. It consists of 
a vacuum tube into which a small amount of the gas 
to be studied is admitted. The gas is ionized by the 
electrons emitted from the cathode and speeded up by an 
accelerating grid. An electric field draws the ions out of 
the ionizing chamber. They are then sent through clectric 
and magnetic fields that sort them according to their ratios 
of mass to charge. 

mass spectrum —The spectrum obtained by 
deflecting a beam of electrons with an electric or magnetic 
fielá as they emerge from a tube containing a small 
quautity of the gas being investigated. The amount a 
particle is deflected depends on the ratio of its mass to its 
atomic charge. Hence, every element has a characteristic 
mass-spectrum line. 

mass storage — |. Refers to hardware devices pro- 
viding massive amounts of online secondary storage, gen- 
erally using strips of inexpensive magnetic media that 
can be accessed randomly, but with slower access times 
than those of conventional tape or disk devices. 2. Refers 
to peripheral devices into which programs and data are 
stored for immediate action. 3. In a computer, secondary, 
slower memory for bulky files. Mostly floppy disk, cas- 
sette, or tape. 

mass storage device — Any device used to provide 
relatively inexpensive storage for large amounts of data. 

mass termination — The simultaneous termination 
of several or all conductors of a cable. This process 
generally uses terminals that pierce the insulation without 
stripping to cold-flow mate with the conductors and 
form a gas-tight metal-to-metal joint. See insulation 
displacement connector. 

mast— The pole on which an antenna is mounted. 
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master— 1. The mold from which other disc record- 
ings are cast. It is made by electroforming from a disc 
recording, and is a negative of the disc (i.e., has ridges 
instead of grooves). 2. An original, or first special copy, 
of a recorded performance from which other copies may 
be made. 3. An original recording, made directly from 
recording microphones. A disc master is the lacquer orig- 
inal, usually cut from a tape from which stampers are 
made for vinyl pressings. 4. An element of a system that 
controls or initiates the action or responses of the other 
elements of the system. 

master antenna television — Abbreviated MATV. 
l. An antenna system that serves a concentration of 
television sets, such as in apartment buildings, hotels, 
or motels. 2. Broadcast receiving stations that use one 
or more high-quality centrally located UHF and/or VHF 
antennas that relay their signals to many televisions in a 
local apartment/condo or group-housing complex. 

master brightness control — In a color television 
receiver, a variable resistor that adjusts the bias level on 
all three guns in the picture tube at the same time. 

master clock — 1. In a computer, the primary source 
of timing signals. 2. A very accurate timer with an 
absolute time reference, providing controlled power to 
drive slave or auxiliary timers and display units. May 
also provide correcting pulses for slave devices. 

master contactor— A device that is generally 
controlled by a master element or equivalent, and the 
necessary permissive and protective devices, and which 
serves to make and break the necessary control circuits 
to place an equipment into operation under the desired 
conditions and to take it out of operation under other or 
abnormal conditions. 

master control—1.In a studio, a central point 
from which sound or television programs are switched 
to one or more destinations. 2. An application-oriented 
routine usually applied to the highest level of a subroutine 
hierarchy. 

master die —A substrate that contains unconnected 
active and passive elements in a predetermined pattern. 
Connection pads for each element and subelement are 
provided, and a variety of circuits may be obtained by 
appropriate choices of intraconnection patterns. 

master drawing — A drawing showing the dimen- 
sional limits or grid locations applicable to any or all 
parts of a printed circuit, including the base. 

master drive — A drive that determines the reference 
input for one or more follower drives. 

master element— The initiating device, such as 
a control switch, voltage relay, float switch, etc., that 
serves either directly or through such permissive devices 
as protective and time-delay relays to place an equipment 
in or out of operation. 

master file—In a computer, a file of relatively 
more permanent information that is usually updated 
periodically. 

master gain control — 1. An amplifier control that 
permits adjusting the gain of two or more channels simul- 
taneously. 2. Control of overall gain of an amplifying 
system as opposed to varying the gain of several indi- 
vidual inputs. 

master instruction tape—A computer inagnetic 
tape on which are recorded all programs for a system of 
runs. 

master layout — The original layout of a circuit. 

master mask—A chrome mask of a complete 
wafer’s multiple images. It is used either in projection 
printing on a wafer or to contact-print additional masks. 

master oscillator — 1. In a transmitter, the oscillator 
that establishes the carrier frequency of the output. 
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2. An oscillator that controls or provides modulator drive 
frequencies for a number of channels or channel groups. 

master-oscillator power amplifier — Abbrevia- 
ted MOPA. An oscillator followed by a radio-frequency 
buffer-amplifier stage. 

master pattern — An accurately scaled pattern that 
is used to produce the printed circuit within the accuracy 
specified in the master drawing. 

master plates — See photomask, 4. 

master processor—The main processor in a 
master-slave configuration. 

master reticle — A reticle plate properly aligned in 
a reticle frame and sealed in place. The master reticle 
is inserted into a photorepeater to make the final-sized 
photomask. Used in the production of monolithic circuits. 

master routine — See subroutine, 2. 

master scheduler — The control-program function 
that responds to operator commands, initiates requested 
actions, and returns information that is requested or 
required; the overriding medium for control of the use 
of the computing system. 

master-slave — 1. A binary element consisting of 
two independent storage stages arranged with a definite 
separation of the clock function to enter information to 
the master stage and to transfer it to the slave stage. 2. A 
configuration in which one system, the master, always has 
control over another system, the slave. 

master-slave flip-flop — A circuit that contains two 
flip-flops, a master and a slave. The master flip-flop 
receives information on the leading edge of a clock pulse, 
and the slave (output) flip-flop receives information on the 
trailing edge of the clock pulse. 
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master slice—A silicon wafer containing 30 or 
more groups of components. The elements can be inter- 
connected with paths of aluminum to form desired cir- 
cuits. The wafer is then diced into single devices. 

master stamper— A master from which phono- 
graph records are pressed. 

master station— 1. The radio station to which the 
emission of other stations of a synchronized group are 
referred 2. In a hyperbolic navigation system, the one of a 
pair of transmitting stations that controls the transmission 
of the other (slave) station in the pair and maintains the 
time relationship between the pulses emitted from the 
two stations. 3. The device that controls all other devices 
for the purpose of organizing communications over a 
transmission line. 

master switch — A switch located electrically ahead 
of a number of other switches. 

master synchronization pulse — A pulse distin- 
guished from other telemetering pulses by its different 
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amplitude and/or duration and used to indicate the end of 
a sequence of pulses. 

master TV system — A combination of components 
for providing multiple TV set operation from one antenna. 

master wafer— A processed semiconductor wafer 
with unconnected active and passive circuit elements 
located in a standardized pattern. Different integrated cir- 
cuits may be synthesized by using various interconnection 
paths. 

MAT — Acronym for microalloy transistor. 

match — |. The similarity or equality of one thing to 
another. 2. To compare two or more items of data for 
identity. 

matched filter — An optimum filter for separating a 
waveform of known shape from random perturbing noise. 

matched impedance — The condition that exists 
when two coupled circuits are adjusted so that the 
impedance of one circuit equals the impedance of the 
other. 

matched load—A device used to terminate a 
transmission line or waveguide so that all the energy from 
the signal source will be absorbed. 

matched power gain— That power gain which is 
obtained when the impedance of the load is matched to 
the effective output impedance of the amplifier to which 
the load is connected. 

matched pulse intercepting — Technique used 
in intercepting calls on party lines in a terminal-per- 
line office. A ground pulse is matched in time with the 
particular ringing frequency of the intercepted station. 

matched symmetrical transistor—A_ special 
case of the bidirectional transistor in which not only are 
the requirements for a symmetrical transistor met, but 
actual matching specifications are also given. See also 
symmetrical transistor. 

matched termination — A termination that causes 
no reflected wave at any transverse section of the trans- 
mission line, Its impedance is equal to the characteristic 
impedance of the line. 

matched transmission line — A transmission line 
along which there is no wave reflection. 

matched waveguide —A waveguide along which 
there is no reflected wave. 

matching — 1. Connecting two circuits or parts 
together with a coupling device in such a way that 
the maximum transfer of energy occurs between the 
two circuits, and the impedance of either circuit will 
be terminated in its image. 2. The connection of a 
component’s output to an input that provides the 
recommended value of load, or termination impedance. 
3. Obtaining like impedances to provide a reflection-free 
transfer of signal. 

matching diaphragm — A window consisting of an 
aperture (slit) in a thin piece of metal, placed transversely 
across a waveguide; used as a matching device. The 
orientation of the slit (whether parallel to the long or 
short dimensions of the waveguide) determines whether 
it is respectively capacitive or inductive. 

matching impedance — The impedance value that 
must be connected to the terminals of a signal-voltage 
source for proper matching. 

matching plate — In waveguides, a diaphragm used 
for matching. 

matching stub— A device placed on a radio- 
frequency transmission line to vary its electrical length 
and hence its impedance. 

matching transformer—A transformer used for 
matching impedances. 

mate — Joining of two connector halves, or of a cable 
to a connector. 
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material dispersion — Broadening of light impulses 
arising from wavelength-dependent differential delay of 
light in a waveguide material. 

material system — The designation of the number 
of basic metals (e.g., silver-antimony-telluride) making 
up thermoelectric materials. 

math coprocessor—. A special chip that is added 
to a computer to handle advanced mathematic functions, 
thereby freeing up the processing power of the main CPU. 

mathematical check—A check making use of 
mathematical identities or other properties. 

mathematical logic — Also called symbolic logic. 
Exact reasoning concerning nonnumerical relations by 
using symbols that are efficient in calculation. 

mathematical model— 1. The general characteri- 
zation of a process, object, or concept in terms of mathe- 
matics that enables the relatively simple manipulation of 
variables to be accomplished in order to determine how 
the process or concept would behave in different situa- 
tions. 2. A mathematical representation that simulates the 
behavior of a process, device, or concept. 3. A mathemat- 
ical equation that can be used to numerically compute a 
system’s response to a particular input. 

mating face — See interface. 

matrices — Plural of matrix. 

matrix — 1. A coding network or system in a com- 
puter. When signals representing a certain code are 
applied to the inputs, the output signals are in a differ- 
ent code. 2. In electronic computers, any logical network 
whose configuration is a rectangular array of intersections 
of its input-output leads, with logic elements connected 
at some of these intersections. The network usually func- 
tions as an encoder or decoder. 3. A computer network 
or system in which only one input is excited at a time 
and produces a combination of outputs. 4. In a color TV 
circuit, the section that combines the I, Q, and Y signals 
and transforms them into individual red, green, and blue 
signals that are applied to the picture-tube grids. 5. A 
rectangular array of scalar quantitics, usually numbers 
or letters used to represent numbers. Rectangular array 
means that the elements are arranged into definite rows 
and columns. 6. An orderly two-dimensional array. An 
arrangement of circuit elements, such as wires, relays, 
diodes, etc., that can transform a digital code from one 
type to another. 7. The terminology applied to the several 
methods for encoding four channels onto two channels 
for later recovery back to four channels. Also referred to 
as 4-2-4. The actual electronics used to encode into two 
channels cr decode back to four are known as matrix- 
ing electronics. 8. A rectangular array of elements, in 
cross-match fashion. Used to describe memory organi- 
zation, character formation, diode layouts, and so forth. 
9. A general process whereby several signals can be added 
together for recording or transmission on fewer chan- 
nels, and later retrieved through a complementary process. 
10. A mathematical array haying height, width, and some- 
times depth, into which collections of data may be stored 
and processed. 

matrixer — Also called matrix unit. A device that 
transforms the color coordinates, usually by electrical or 
optical means. 

matrixing electronics — See matrix, 7. 

matrix life test — A test in which each test condition 
has two components. For example, in transistor matrix 
life testing each life-test condition is represented by an 
ambient temperature and a power dissipation. At each 
stress level of temperature, there are several dissipations; 
and at each stress level of dissipation, there are several 
temperatures. The test conditions are placed into blocks 
or groups. 


matrix line printer—A printer in which each 
character is composed of a matrix of dots. 

matrix printer—A printer that uses an impact 
process in which the desired character is created from 
small dots. 

matrix storage — Storage in which the elements are 
arranged in such a way thal access to any location requires 
the use of two or more coordinates, as, for example, in 
cathode-ray-tube storage and core storage. 

matrix switcher— A combination or array of elec- 
tromechanical or electronic switches that routes a number 
of signal sources to one or more designations. 

matrix unit — See matrixer. 

mat switch — A flat area switch used on open floors 
or under carpeting. It may be sensitive over an area of a 
few feet or several square yards. | 

matter — Any physical entity —i.e., having mass. 

Matteucci effect—tThe ability of a twisted ferro- 
magnetic wire to generate a voltage as its magnetization 
changes. 

MATV — Abbreviation for master antenna television 
system, 

max — Abbreviation for maximum. 

maxima/minima—In radar, regions of maximum 
and minimum return from the transmitted pulse caused 
by additive and subtractive combinations of the direct and 
reflected wave. A plot of this data is usually known as a 
null pattern or fade chart. 

maximize —In a Windows program, enlarging a 
window to its largest size, usually filling the entire screen. 

maximum — Abbreviated max. The highest value 
occurring during a stated period. 

maximum average power output — In television, 
the maximum radio-frequency output power, averaged 
over the longest repetitive modulation cycle. 

maximum deviation sensitivity— Under maxi- 
mum system deviation, the smallest signal input for which 
the output distortion does not exceed a specified limit. 

maximum dissipation— The maximum average 
power a device can dissipate during operation while still 
remaining within published life specifications. 

maximum frequency of oscillation—The max- 
imum frequency at which a vacuum tube or transistor 
can be made to oscillate under specified conditions. This 
approximates to the frequency at which the maximum 
available power gain has decreased to unity. 

maximum keying frequency—JIn a facsimile 
system, the frequency (in hertz) equal to half the number 
of critical areas of the subject copy scanned per second. 

maximum luminous efficiency —The greatest 
luminosity possible for a specified chromaticity. 

maximum luminous reflectance — The greatest 
luminous reflectance possible for a specified chromaticity. 

maximum luminous transmittance — The great- 
est luminous transmittance possible for a specified chro- 
maticity. 

maximum modulating frequency — In a facsim- 
lle system, the maximum scanning frequency process that 
can be transmitted without degrading the recorded copy. 

maximum output—The highest average output 
power into a rated load, regardless of distortion. 

maximum overshoot— The maximum amplitude 
deviation from the average of the steady-state values that 
exist immediately before and after the transient. 

maximum peak plate current—The highest 
instantaneous plate current a tube can safely carry. 

maximum percentage modulation-—-The high- 
est percentage of modulation permitted in a transmitter 
without producing excessive harmonics in the modulating 
frequency. 
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maximum permeability —The highest permeabil- 
ity reached as induction or magnetization is increased. 

maximum power transfer theorem — The max- 
imum power will be absorbed by one network from 
another joined to it at two terminals, when the impedance 
of the receiving network is varied, if the impedances 
(looking into the two networks at the junction) are con- 
jugates of each other. 

maximum record level —In direct recording, the 
amount of record-head current required to produce 3- 
percent third-harmonic distortion of the reproduced signal 
at the record-level set frequency. Such distortion must 
result from magnetic-tape saturation, not from electronic 
circuitry. 

maximum response speed — The maximum pulse 
frequency that can be applied to a stepper motor at random 
and result in synchronized steps. The motor must not miss 
in step while operating within this range. 

maximum retention time—The maximum time 
interval between writing into a storage element of a charge 
storage tube and reading an acceptable output. 

maximum saturation — The highest value of satu- 
ration possible for a specified hue. 

maximum sensitivity —The smallest signal input 
that produces a specified output. 

maximum signal level—-In an amplitude- 
modulated system, the level corresponding to copy black 
or copy White — whichever has the higher amplitude. 

maximum sound pressure — For any given cycle 
of a periodic wave, the maximum absolute value of the 
instantaneous sound pressure. The most common unit is 
the microbar. 

maximum storage time— In a storage tube, the 
length of time after writing during which an acceptable 
output can be read. See also maximum usable viewing 
time. 

maximum system deviation— In a frequency- 
modulation system, the greatest permissible deviation in 
frequency. 

maximum torque — See pull-out torque. 

maximum undistorted output — Also called max- 
imum useful output. The maximum power an amplifier 
can deliver without producing excessive harmonics. 

maximum usable frequency — Abbreviated MUF. 
l. In radio transmission by ionospheric reflection, the 
highest frequency that can be transmitted by reflection 
from regular ionized layers. 2. The highest frequency 
at which the ionosphere reflects signals to earth. Any 
signals of higher frequency than the MUF penetrate the 
ionosphere and enter space. 

maximum usable viewing time— Also called 
maximum storage time. The length of time during which 
the visible output of a storage tube can be viewed, without 
rewriting, before a specified decay occurs. 

maximum useful output— See maximum undis- 
torted output. 

maximum working voltage — The maximum volt- 
age stress (dc or ac) that may be applied to a component 
under specified conditions of use. 

maximum writing rate — The maximum spot speed 
that produces a line of specified density on a photographic 
negative or on the screen of a cathode-ray tube. 

maxterm form — A function expanded into a product 
of sums, such as (A + B) (C — D) (E+ F). 

maxwell — The cgs electromagnetic unit of magnetic 
flux, equal to 1 gauss per square centimeter, or one 
magnetic line of force. 

Maxwell bridge —-A four-arm ac bridge normally 
used for measuring inductance in terms of resistance 
and capacitance (or capacitance in terms of resistance 
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and inductance). One arm has an inductor in series 
with a resistor, and the opposite arm has a capacitor 
in parallel with a resistor. The other two arms normally 
are nonreactive resistors. The balance is independent of 
frequency. 


AC GENERATOR 
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Maxwell bridge. 


Maxwell inductance bridge—A four-arm ac 
bridge for comparing inductances. Two adjacent arms 
have inductors, and the other two arms usually have 
nonreactive resistors. The balance is independent of 
frequency. 

Maxwell mutual-inductance bridge— A four- 
arm ac bridge for measuring mutual inductance in terms 
of self-inductance. Mutual inductance is present between 
the supply circuit and the arm that includes one coil 
of the mutual inductor. The other three arms normally 
are nonreactive resistors. The balance is independent of 
frequency. 

Maxwell’s equations— Fundamental equations, 
developed by J. C. Maxwell, for expressing radiation 
mathematically and describing the condition at any point 
under the influence of varying electric and magnetic ficlds. 

Maxwell’s law — A movable portion of a circuit will 
always travel in the direction that gives maximum flux 
linkages through the circuit. 

Maxwell triangle — A graph that defines the chro- 
maticity values of a color in terms of three coordinates. 

maxwell-turn — A unit of magnetic linkage equal to 
one magnetic line of force passing through one turn of a 
circuit. 

mayday — International distress call for radiotele- 
phone communication. It is derived from the French 
m'aidez, meaning “help me.” 

Mbps — Millions of bits per second (bps). 

me — Abbreviation for megacycle — an obsolete term 
superseded by MHz (megahertz). 

MCM — 1. Abbreviation for multichip module. An 
electronic package containing several chips on a single 
substrate. 2. See Monte Carlo method. 

McNally tube — A velocity-modulated vacuum tube 
that produces low-power UHF oscillations. lt is used as a 
local oscillator in some radar receivers. 

MCW — Abbreviation for modulated continuous wave. 

MD — Abbreviation for mini-disc. 

m-derived filter—A type of constant-k filter in 
which the constant-k elements are multiplied by the 
factor m or a function of m. Generally, the m-derived 
filter has more elements and provides sharper cutoff 
and more uniform attenuation in the pass region. It 
may provide high-pass, low-pass, bandpass, or band-stop 
filtering action. 
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m-derived L-section filter — A reactance network 
derived from the prototype L-section filter, so that the 
image-transfer coefficient and one image impedance are 
changed, but the other image impedance is left unchanged. 

MDI -— Abbreviation for magnetic direction indicator. 

M-display — See M-scan. 

MDS — Abbreviation for microcomputer development 
system. 

M-DVD — Abbreviation for magnetic digital versatile 
disc. A 3.5-inch removable storage medium with 2.1 giga- 
bytes of capacity which is achieved by using magneto- 
resistive technology. 

Meacham-bridge oscillator— A crystal oscillator 
in which the crystal forms one arm in a bridge so as 
to obtain effective multiplication of the actual Q of the 
crystal. 

meaconing — 1. The interception and rebroadcast of 
beacon signals. They are rebroadcast on the received 
frequency to confuse enemy navigation. As a result, 
aircraft or ground stations are given inaccurate bearings. 
2. The clandestine generation or retransmission of a 
radionavigation signal in order to confuse navigation. 

mean — 1. The arithmetic middle point of a range of 
values, obtained by adding the smallest value to the largest 
value and dividing that sum by two. 2. The arithmetic 
average of a group of values. 

mean absolute deviation— Abbreviated MAD. 
The average of the absolute values of the deviations of 
some observed value from some expected value. MAD 
can be calculated based on observations and the arithmetic 
mean of those observations. 

mean carrier frequency—The average carrier 
frequency of a transmitter (corresponding to the resting 
frequency in a frequency-modulated system). 

mean charge — The arithmetic mean of the trans- 
ferred charges corresponding to a given capacitor voltage, 
as determined from a specified alternating-charge charac- 
teristic curve. 

mean charge characteristic — The function giv- 
ing the relation of mean charge to capacitor voltage. 

meander line —A transmission-line-matching sec- 
tion whose electrical length is dependent on frequency. 
The characteristics of a meander line are determined pri- 
marily by the width of the structure, the spacing between 
adjacent turns, and the angle of the line with respect to 
the ground plane. If the turns have sufficient separation 
that there is no space coupling between adjacent turns, 
the meander line becomes a simple length of transmission 
line. 

mean free path—1. The average distance that 
sound waves travel between successive reflections in an 
enclosure. 2. The average distance between collisions of 
atomic particles, which may be further specified according 
to type of collision (e.g., clastic, inelastic). 

mean life —Also called average life. 1. In a semi- 
conductor, the time taken by injected excess carriers to 
recombine with others of the opposite sign. 2. A measure 
of the probability that a part or equipment will function 
satisfactorily during its constant-failure-rate period. It is 
unrelated to longevity. 

mean power of a radio transmitter— Power 
supplied to the antenna transmission line by a transmitter 
during normal operation, averaged over a time sufficiently 
long compared with the period of the lowest frequency 
encountered in the modulation. A time of 0.1 second 
during which the mean power is greatest will be selected 
normally. 

mean pulse time—tThe arithmetic mean of the 
leading-edge and trailing-edge pulse times. 

means of communications — The medium (ie., 
electromagnetic or sound waves, visual messenger) by 


which a message is conveyed from one person or place 
to another. 

mean time between  failures— Abbreviated 
MTBF. 1. The average length of time between succes- 
sive system failures. It is the reciprocal of the sum of 
the failure rates of all components and connections in the 
system. 2. The average time between failures of a con- 
tinuously operating device, circuit, or system. 3. For a 
particular interval, the total functioning life of a popula- 
tion of an item divided by the total number of failures 
within the population during the measurement involved. 

mean time between maintenance — Abbreviated 
MTBM. The mean of the distribution of the time intervals 
between maintenance actions (preventive, corrective, or 
both). 

mean time to failure— Abbreviated MTTF. In a 
piece of equipment, its measured operating time divided 
by its total number of failures during that time. Normally 
this measurement is made between the early-life and 
wearout failures. 

mean time to first failure — Abbreviated MTTFF. 
A special case of MTBF, where T is the accumulated 
operating time to first failure of a number of devices 
(failures). 

mean time to repair— Abbreviated MTTR. 1. The 
total effective maintenance time during a given time inter- 
val divided by the total number of failures during the 
interval. 2. The arithmetic average of time required to 
complete a repair activity. 3. The total corrective main- 
tenance time divided by the total number of corrective 
maintenance actions during a given period. 

measurand— Also called stimulus. The physical 
quantity, force, property, or condition measured by an 
instrument. 

measured pickup — The value of current or voltage 
at or below which the contacts of a relay must assume 
their fully operated position. 

measured service — A type of telephone service for 
which a charge is made in accordance with the number 
of calls or message units during the billing period. 

measurement— 1. The determination of the exis- 
tence or magnitude of a variable. Measuring instruments 
include all devices used directly or indirectly for this pur- 
pose. 2. The act of determining the magnitude of some- 
thing, in terms of a recognized standard. 

measurement component — Those parts or sub- 
assemblies used primarily for the construction of measure- 
ment apparatus, excluding screws, nuts, insulated wire, or 
other stable materials. 

measurement device— An assembly of one or 
more basic elements with other components needed to 
form a self-contained unit for performing one or more 
measurement operations. Included are the protecting, 
supporting, and connecting as well as functioning parts. 

measurement energy -— The energy required to 
operate a measurement device or system. Normally it is 
obtained from the measurand or the primary detector. 

measurement equipment— Any assemblage of 
measurement components, devices, apparatus, or systems. 

measurement inverter— See measuring modu- 
lator. 

measurement range of an instrument — That 
part of the total range of measurement through which the 
accuracy requirements are to be met. 

measurement voltage divider — Also called volt- 
age ratio or volt box. A combination of two or more 
resistors, capacitors, or other elements arranged in series 
so that the voltage across any one is a definite, known 
fraction of the voltage applied to the combination (pro- 
vided the current drain at the tap point is negligible or 
taken into account). The term volt box is usually limited 
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to resistance voltage dividers intended for extending the 
range of direct-current potentiometers. 

measuring modulator — Also called measurement 
inverter or chopper. An intermediate means of modulat- 
ing a direct-current or low-frequency alternating-current 
input in a measurement system to give a proportion- 
ate alternating-current output, usually as a preliminary to 
amplification. 

mechanical bail—Switch action in which, upon 
actuation of one station, the switch changes the contact 
position, mechanically locks the switch in that position, 
and releases any station previously actuated. 

mechanical bandspread — A vernier tuning dial 
or other mechanical means of lengthening the rotation 
of a control knob. This permits more precise tuning in 
crowded shortwave bands. 

mechanical bias—A mechanical force tending to 
move the armature of a relay toward a given position. 

mechanical compliance — The displacement of 
a mechanical element per unit of force, expressed in 
centimeters per dyne. It is the reciprocal of stiffness and 
is analogous to capacitance. 

mechanical coupling — See acoustic coupling. 

mechanical differential analyzer—A form of 
analog computer in which interconnected mechanical 
surfaces are used for solving differential equations. 

mechanical drum programmer— A sequencer 
that operates switches by means of pins placed on a 
rotating drum. The switch sequence may be altered by 
changing the pin pattern. 

mechanical filter — 1. See mechanical wave filter. 
2. Mechanical resonators coupled by mechanical means. 
Piezoelectric or magnetostrictive transducers are used to 
convert electrical and mechanical energy at input and 
output. Resonators are bars, discs, or electrode pairs; 
coupling elements are rods, wires, or nonelectroded 
regions. See monolithic filter. 

mechanical impedance — The complex ratio of 
the effective force acting on a specified area of an acoustic 
medium or mechanical device to the resulting effective 
linear velocity through or of that area, respectively, The 
unit is newton-s/m or the mks mechanical ohm. (In the 
cgs system, the unit is the dyne-s/cm or the mechanical 
ohm.) 

mechanical joint—A joint made by clamping 
cables or other conductors together mechanically rather 
than by soldering them. 

mechanical life —The maximum number of com- 
plete cycles through which a device may be actuated 
without electrical or mechanical failure. 

mechanically timed relay—A relay that is 
mechanically timed by such means as a clockwork, 
escapement, bellows, or dash-pot. 

mechanically tuned oscillator— Any oscillator 
that is specifically designed for frequency tuning by 
mechanical means. Typically a cavity or discrete element. 

mechanical ohm — The magnitude of a mechanical 
resistance, reactance, or impedance for which a force of 
1 dyne produces a linear velocity of 1 centimeter per 
second (dyn-s/cm). When expressed in newton-seconds 
per meter it is called the mks mechanical ohm. 

mechanical overtravel — The shaft travel of a pre- 
cision potentiometer between each end point (or limit of 
theoretical electrical travel) and its adjacent corresponding 
limit of total mechanical travel. 

mechanical phonograph — A phonograph whose 
playback stylus drives the diaphragm of an acoustic 
pickup that radiates acoustic energy without any further 
amplification. 

mechanical phonograph recorder — Also called 
mechanical recorder. Equipment that converts electric 
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or acoustic signals into mechanical motion and cuts or 
embosses it into a medium. 

mechanical reactance — The magnitude (size) of 
the imaginary component of mechanical impedance. 

mechanical reader— A reader that senses charac- 
ters on a perforated tape by means of a contact closure 
caused by each hole. 

mechanical recorder— See mechanical phono- 
graph recorder. 

mechanical recording head — See cutter. 

mechanical rectifier—A rectifier in which its 
action is done mechanically (e.g., by making and breaking 
the electrical circuit at the correct times with a rotating 
wheel or vibrating reed). 

mechanical register— An electromechanical dev- 
ice that records or indicates a count. 

mechanical reproducer — See phonograph pickup. 

mechanical resistance —The real part of the 
mechanical impedance. The cgs unit is the mechanical 
ohm. The mks unit is the mks mechanical ohm. 

mechanical scanning — An obsolete type of scan- 
ning in which a rotating device, such as a disc or mirror, 
breaks up a scene into a rapid succession of narrow lines 
for conversion into electrical impulses. 

mechanical shock — Shock that occurs when the 
position of a system is significantly changed in a relatively 
short time in a nonperiodic manner. It is characterized 
by suddenness and large displacements which develop 
significant intemal displacements within the system. 

mechanical switch — 1. Bringing together or sep- 
arating the surfaces of two or more metallic contacts. 
Mechanical switches are operated manually or electro- 
magnetically, as in relays. 2. A switch in which the con- 
tacts are opened and closed by means of a depressible 
plunger or button. 

mechanical television system— A television 
system that uses mechanical scanning. 

mechanical tilt—1. Tilt of the mechanical axis of 
an antenna. 2. The angle of this tilt is shown by the tilt 
indicator dial. 

mechanical timer—A timer that does not require 
electrical power to run or reset. Usually spring wound. 

mechanicaltransducer— A device that transforms 
mechanical energy directly into acoustical energy. 

mechanical transmission system_—-—An assem- 
bly of gears, etc., for transmitting mechanical power. 

mechanical tuning range — The frequency range 
of oscillation of a klystron that is obtainable by tuning 
mechanically while keeping the reflector voltage opti- 
mized for the peak of the reflector-voltage mode. 

mechanical tuning rate —In a klystron, the fre- 
quency change per degree of rotation of the tuning appa- 
ratus while oscillation is maintained on the peak of the 
reflector-voltage mode. 

mechanical wave filter — Also called mechanical 
filter. A filter that separates mechanical waves of different 
frequencies. 

mechanical waveform synthesizer— A device 
that mechanically generates an electrical signal with the 
desired waveform. 

mechanism of failure — See failure mode, 1. 

mechanized assembly — The joining together of 
elements by operators using semiautomatic equipment as 
contrasted to fully automatic assembly. | 

media — Communications channels over which LANs 
operate. These include coaxial cable, twisted-pair tele- 
phone wiring, and fiber optic cabling. 

median — 1. The middle, or average, value in a series 
(e.g., in the series 1, 2, 3, 4, and 5, the median is 3). 2. The 
middle value in a set of measured values when the items 
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Table A-1. Standard USB Wire Colors and Their Functions, Along with Popular Alternate Colors 


Function — | Pin Number Standard USB Color | Alternate Color 
ees) eae 
CO ae 
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Now is the time to verify the wiring before we get much further. Even if your cable has the official 
wire colors within the insulating jacket, you are strongly advised to double-check both the voltage and 
the polarity coming out of the charger before connecting it to your tender, sensitive circuits. Minimize 
your assumptions about the compliance of others. Testing proves testing works! 

Strip about 1/4 inch of the insulation from the ends of the red and black wires. Get out your meter 
and set it up to read voltage at or above the 5V range. If your fancy meter has autoranging, then just set it 
to read DC voltage. Plug the USB cable into the charger, if it’s not already installed. Make sure the red 
and black wires are not touching, and then plug the charger into the wall or a convenient power strip. 

Now measure the voltage between the red and black wires. Hopefully you should see a reading at or 
near 5.0V. The USB standard specifies a tolerance of +10 percent, so anything between 4.5V and 5.5V is 
considered OK. See Figure A-7. 
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are arranged in order of magnitude. If there is no middle 
value, the median is the average of the two middle values. 
Compare mode and mean. 

medical amplifier — Amplifier designed for receiv- 
ing medical and biological signals (EEG, ECG, etc.) and 
increasing their magnitude. 

medical diathermy— The production of heat in 
body tissues for therapeutic purposes by high-frequency 
currents that are insufficiently intense to damage tissues 
or to impair their vitality. Diathermy has been used in 
treating chronic arthritis, bursitis, fractures, gynecologic 
diseases, sinusitis, and other conditions. 

medical electronics — 1. The branch of electronics 
concerned with its iherapeutic or diagnostic applications 
in the field of medicine. 2. The application of the tools, 
techniques, and methods of electronic technology to the 
problems of medicine. 

medical sonic applicator — An electromechanical 
transducer designed for the local application of sound 
for therapeutic purposes, for example, in the treatment 
of muscular ailments. 

medium-— Anything used for the propagation or 
transmission of signals, usually in the form of electrons 
or modulated radio, light, or acoustic waves; examples 
include optical fiber, cable, wire, dielectric slab, water, 
air, or free space. 

medium error — Semiconductor memory condition 
in which the cell or cells will properly store data under 
some conditions or operations (voltage, temperature, and 
pattern) but will make errors under other conditions of 
operation. 

medium frequency —The band of frequencies 
between 300 kHz and 3 MHz (100 to 1000 meters). 

medium-power silicon rectifiers — Rectifiers 
with maximum continuous rating of 1 to 50 average 
amperes per section in a single-phase, half-wave circuit. 

medium-scale integration — Abbreviated MSI. 
1. Integrated circuits that function as simple, self- 
contained logic systems, such as decade counters or 5- 
bit shift registers. Such chips may contain up to 100 
gates. 2. The accumulation of several circuits (usually 
less than 100) on a single chip of semiconductor. 3. The 
physical realization of a microelectronic circuit fabricated 
from a single semiconductor integrated circuit having 
circuitry equivalent to more than 10 individual gates or 
active circuit functions. 4. The technology that produces 
microcircuits with 15 or more active devices on a single 
chip. Most op amps are MSI devices. 5. A classification 
of ICs by size, applicable to chips containing between 12 
and 100 gates or circuits of equivalent complexity. 6. A 
class of integrated circuits baving a density between those 
of large-scale integration and small-scale integration. 

medium speed data rate — Data transmission at a 
rate between 151 and 2400 bauds. 

medium wave — The band of frequencies found on 
a regular AM radio dial, 540 to 1600 kHz. 

meg — Abbreviation for megohm. 

mega-— Prefix denoting 10° (one million). Letter 
symbol: M. 

megabar— The absolute unit of pressure; equal to 
one million bars. 

megabit — Abbreviated Mb or Mbit. 1,000,000 bits 
or, exactly, 1,048,576 bits; used in describing data trans- 
fer rates as a function of time (Mbps). See bit. 

megabyte — Abbreviated Mbyte, MB, Meg, or M. 
1,048.576 bytes, equal to 1024 kilobytes or 8,388,608 
bits; basic unit of measurement of mass storage. See byte. 

megacycle —One million cycles —obsolete term 
replaced by megahertz (MHz). 

megaflop — Abbreviated Mflops. One million float- 
ing-point operations per second. 
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megaflops per second — Millions of floating- 
point operations per second; a measure of a computers 
processing capability. 

megahertz—One million hertz. Letter symbol: 
MHz. 

megampere— One million amperes. Letter sym- 
bol: MA. 

megarad—A unit for measuring radiation dosage. 
Equal to one million or 10° rads. 

megatron — A tube having a high power output at 
high frequencies, but very low interelectrode capacitances 
because its electrodes are arranged in paraliel layers. See 
also disc-seal tube. 

megavolt— One million volts. Letter symbol: MV. 

megavoltampere — One million voltamperes. Let- 
ter symbol: MVA. 

megawatt — Abbreviated MW. One million watts. 

megawatthour— One million watt-hours. Letter 
symbol: MWh. 

Megger— A high-range ohmmeter having a built-in 
hand-driven generator as a direct voltage source, used 
for measuring insulation resistance values and other high 
resistances. Also used for continuity, ground, and short- 
circuit testing in general electrical power work. 

megohm — Abbreviated meg. One million ohms. 

megohm-farads — See megohm-microfarad. 

megohm-microfarad — A term used to indicate the 
insulation resistance of capacitors. It 1s equal to the 
product of the insulation resistance in megohms and 
the capacitance in microfarads. For larger high-voltage 
capacitors, megohm-farads are used. 

megohm sensitivity — The resistance in megohms 
that must be placed in series with a galvanometer in order 
that an applied emf of 1 volt shall produce the standard 
deflection. If the resistance of the galvanometer coil 
itself is neglected, the number representing the megohm 
sensitivity is equal to the reciprocal of the number 
representing the current sensitivity. 

Meissner effect— The sudden loss of magnctism 
in superconductors as they are cooled below the tem- 
perature required for superconductivity. As a result, they 
become diamagnetic — i.e., the self-induced magnetiza- 
tion opposes the applied magnetic field to such an extent 
that there is no longer a magnetic field. 

Meissner oscillator— An oscillator in which the 
grid and plate circuits are inductively coupled through an 
independent tank circuit, which determines the frequency. 

mel—A unit of pitch. A simple 1000-hertz tone, 
40 dB above a listener’s threshold, produces a pitch of 
1000 mels. The pitch of any sound that is judged by the 
listener to be n times that of a 1-mel tone is n mels. 

melodeon— A broadband, panoramic countermea- 
sures receiver. It displays all types of received eiectromag- 
netic radiation as vertical pips on a frequency-calibrated 
CRT indicator. 

melt — Molten semiconductor material from which are 
drawn the basic single-crystal ingots. 

meltback process — The making of junctions by 
melting a correctly doped semiconductor and allowing it 
to refreeze. 

meltback transistor— A grown transistor produced 
by melting the tip of a double-doped pellet. Junctions are 
formed when the tip recrystallizes. 

melting channel—The restricted portion of the 
charge in a submerged horizontal ring-induction furnace. 
The induced currents are concentrated here to effect high 
energy absorption and thereby melt the charge. 

melting current — The minimum current that causes 
a fuse to melt before the end of a given period. 
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melt-quench transistor—A junction transistor 
made by quickly cooling a meltback region. 

membrane potential —The electric potential that 
exists across the two sides of a membrane. 

membrane switch—1.A thin, flat, lightweight 
panel containing one or more individual touch-activated 
switches. An upper membrane with a flexible, conductive 
material on the lower side is separated by a shimlike 
spacer from a lower substrate that contains one or more 
sets of switch contact points. Depressing the membrane 
touches the conductive surfaces on the lower side of the 
membrane to the contact points to close the circuit. When 
the switch is released, the flexible membrane returns 
to its original position and breaks contact. 2. Contacts 
and interconnections deposited on two outside layers 
separated by a third layer that acts as a spacer and 
maintains the contact gap. A decorative graphic overlay 
is generally secured to the top layer of the switch with 
adhesive. The flexible top layer acts as a key cap. The 
bottom layer can be made of the same flexible material, 
or it can be a rigid printed circuit board that provides 
mechanical support. 3. A sandwich of three polyester 
films. The front layer is the membrane, with a moving 
contact on its inner surface. Stationary contacts are on the 
front surface of the rear layer or base. The middle layer 
contains openings that expose the moving contacts to the 
stationary ones. Pushing the front sheet over a cut-out 
area flexes the membrane toward the rear layer, closing 
the contacts. Only a few thousandths of an inch movement 
and a few ounces of pressure are required to make contact. 
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memistor—A nonmagnetic memory device com- 
posed of a resistive substrate in an electrolyte. When the 
device is used in an adaptive system, a de signal deposits 
copper from an anode on the substrate, thus reducing the 
resistance of the substrate. Reversing the current reverses 
the process, increasing the resistance of the substrate. 

memory — 1. The equipment and media used to hold 
machine-language information in electrical or magnetic 
form. Usually, the word memory means storage within 
a control system, whereas storage is used to refer 
to magnetic drums, MOS devices, disks, cores, tapes, 
punched cards, etc., external to the control system. Either 
term means collecting and holding pertinent information 
until it is needed by the computer. 2. The tendency of a 
material to return to its original shape after having been 
deformed. 3. Any device or circuit capable of storing a 
digital word or words. 4. The component of a computer, 
control system, guidance system, instrumented satellite, 
or the like designed to provide ready access to data or 
instructions previously recorded so as to make them bear 
upon an immediate problem. 5. That part of a computer 
that holds data and instructions. Each instruction or datum 
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is assigned a unique address that is used by the CPU 
when fetching or storing the information. 6. The storage 
capability or location in a computer system that receives 
and holds information for later use. Also, the storage 
arrangement, such as RAM or other type. 
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memory addressing modes—The method of 
specifying the memory location and an operand. Common 
addressing modes are direct, immediate, relative, indexed, 
and indirect. (These modes are important factors in 
program efficiency.) 

memory address register — 1. The CPU register 
in a computer, which holds the address of the memory 
location being accessed. 2. A multiple-bit register that 
keeps track of where instructions are stored in the main 
memory. 

memory allocation — In a computer, a technique of 
allocating memory to processes or devices. 

memory array— In a computer, the memory cells 
arranged in a rectangular geometric pattern on a chip and 
organized in rows and columns. 

memory buffer register — In a computer, a register 
in which a word is stored as it comes from memory 
(reading) or just prior to its entering memory (writing). 

memory bus—A dedicated bus through which 
a central processing unit accesses the memory of a 
computer system. 

memory capacity — See storage capacity. 

memory cell —A single storage element of a mem- 
ory, together with the associated circuits for inserting and 
removing one bit of information. 

memory circuit —A circuit that, having been placed 
in a particular state by an input signal, will remain in that 
state after the removal of the input signal. 

memory counter— Also called rewind. A system 
that allows recording tape to be rewound automatically to 
any predetermined point on the tape. 

memory cycle—-1.In a computer, an operation 
consisting of reading from and writing into memory. 
2. The operations required for addressing, reading, writ- 
ing, and/or reading and writing data in memory. 

memory dump—- 1. In a computer, a process of 
writing the contents of memory consecutively in such a 
form that it can be examined for computer or program 
errors. 2. A computer printout showing the contents of 
memory. 
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memory expansion — Expansion of the horizontal 
and/or vertical memory contents in a digital scope for easy 
viewing of critical parts of a stored waveform. Typically, 
front-panel scope controls provide expansion over a l x 
to 10 x range. 

memory fill — In a computer, the placing of a pattern 
of characters in the memory registers not in use in a 
particular problem to stop the computer if the program, 
through error, seeks instructions taken from forbidden 
registers. 

memory hierarchy —A set of computer memories 
with differing sizes and speeds and usually having dif- 
ferent cost-performance ratios. A hierarchy might con- 
sist of a very high-speed, small semiconductor memory, 
a medium-speed core memory, and a large, slow-speed 
core. 

memory integrated circuit— In a computer, an 
integrated circuit consisting of memory cells and usually 
including associated circuits such as those for address 
selection and amplification. A class of ICs that store 
digital information being expressed in binary numbers. 
Examples of memory ICs are ROMs, dynamic and static 
RAMs, EPROMs, and EEPROMs. 

memory light—JIn a calculator, indicates there is a 
number in the memory. 

memory map— A listing of addresses or symbolic 
representations of addresses that defines the boundaries 
of the memory address space occupied by a program or 
a series of programs. Memory maps can be produced by 
a high-level language such as FORTRAN. 

memory-mapped |I/O— Operations performed by 
reading and writing to memory locations dedicated to a 
device. 

memory module — A processor module consisting 
of memory storage and capable of storing a finite number 
of words (e.g., 4096 words in a 4 K memory module). 
Storage capacity is usually rounded off and abbreviated, 
with K representing each 1024 words. 

memory + and — keys— In a computer, direct 
access to the memory for storing numbers. On machines 
without these, the memory has to be addressed first and 
the working register + and — keys used to store a number 
in the memory. 

memory protection — 1. The mechanism used to 
prevent accidental writing into a computer memory loca- 
tion or area. 2. A method of ensuring that the contents of 
main memory within certain variable limits are not altered 
or inadvertently destroyed. See storage protection. 

memory register— Also called high-speed bus, 
distributor, or exchange register. 1. In some computers, a 
register used in all data and instruction transfers between 
the memory, the arithmetic unit, and the control register. 
2. A register in a calculator in which the contents can 
be added to or subtracted from without being recalled, or 
which can be recalled for other operations. The contents 
are available for repeated recall until the register is 
cleared. 

memory relay —A relay in which each of two or 
more coils may operate independent sets of contacts, and 
another set of contacts remains in a position determined 
by the coil last energized. The term is sometimes erro- 
neously used for polarized relay. 

memory timer— A timing device wherein the cycle 
duration is infinitely variable within the specified overall 
cycle time and having the ability, once the cycle is 
selected, to repeat this cycle any number of times by a 
simple mechanical actuation of the time shaft. 

memory typewriter — A typewriter that is capable 
of storing keyboarded material and playing it back auto- 
matically. Memory typewriters generally also have some 
text input features. 
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memory unit— That part of a digital computer in 
which information is stored in machine language, using 
electrical or magnetic techniques. 

meniscus lens— A thin lens with one convex and 
one concave surface. The surface with the greatest radius 
of curvature is the convex surface for a positive lens and 
the concave one for a negative lens. 

menu — 1. The list of available software functions 
available to the user of a computer software program, 
displayed on the computer screen and chosen by moving 
the cursor or entering an appropriate command. 2. A list 
of options or functions that is displayed on a CRY. The 
items in the menu are composed of light buttons for 
light-pen selection and/or of character strings that are 
alphanumeric key and/or function key selectable. 3. A 
display on a terminal device that lists options a user may 
choose. 4. Input device consisting of command squares on 
a digitizing surface. It eliminates the need for keyboard 
input for common commands. 5. A list of all the computer 
programs that can be used (within a package) or a list of 
all the tasks that can be performed by a program. The 
menu is displayed on the screen, and a letter or number 
represents each option. The option is selected by pressing 
the appropriate key. 

mercuric-oxide-cadmium celi—A primary-cell 
electrochemical system. Its primary advantage is its long 
shelf life in the fully charged condition and its operation 
at low temperatures, far below 0°C. Nominal cell voltage 
is about 0.9 volt. 

mercury — A silver-white metal that becomes a liquid 
above —38.87°C. In addition to thermometers, it is used in 
switches and many electronic tubes. When it is vaporized, 
mercury ionizes readily and conducts electricity. 

mercury arc—A cold-cathode arc through ion- 
ized mercury vapor. A very bright bluish-green glow is 
given off. 

mercury-arc converter—A frequency converter 
using a mercury-vapor tube. 

mercury-arc rectifier — Also called mercury-vapor 
or simply mercury rectifier. A diode rectifier tube con- 
taining mercury vapor. The mercury vapor is ionized by 
the voltage across the tube, and a much greater current 
can flow. There is only a small voltage drop in the tube 
during conduction. 

mercury barometer — An instrument for measuring 
atmospheric pressure. 

mercury battery — A type of battery characterized 
by extremely uniform output throughout its life. Employs 
a zinc-powder anode; the cathode is mercuric oxide 
powder and graphite powder. 

mercury cell —Í. A primary cell with a zinc anode 
and a mercuric oxide cathode in a potassium hydroxide 
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electrolyte. This cell offers a higher capacity than the 
alkaline or zinc-carbon cells and a much flatter voltage- 
discharge characteristic. 2. A small dry cell that provides 
a constant voltage of 1.35 volts. Used in hearing aids, 
watches, and calculators. 

mercury-contact relay—A relay in which the 
contacts are mercury. 

mercury delay line — See mercury memory. 

mercury displacement relay — A relay in which 
the displacement of mercury, such as caused by 
a solenoid-actuated plunger, results in a mercury-to- 
mercury electrical contact. 

mercury fence alarm— A type of mercury switch 
that is sensitive to the vibration caused by an intruder 
climbing on a fence. 

mercury-hydrogen spark-gap converter— A 
spark-gap generator in which the source of radio- 
frequency power is the oscillatory discharge of a capacitor 
through an inductor and a spark gap. The latter comprises 
a solid electrode and a pool of mercury in hydrogen. 

mercury-jet scanning switch —A commutating 
switch in which a stream of mercury performs the 
switching between the common circuit and those to be 
sampled. (Not in common use). 
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mercury lamp— An electric discharge lamp in 
which the major portion of the radiation is produced by 
the excitation of mercury atoms. 

mercury memory— Also called mercury storage 
and mercury delay line. Delay lines using mercury as 
the medium for storage of a circulating train of waves 
or pulses. 

mercury motor meter — A motor meter in which a 
portion of the rotor is immersed in mercury, which directs 
the current through conducting portions of the rotor. 

mercury-pool cathode — The cathode of a gas tube 
consisting of a pool of mercury. Án arc spot on the pool 
emits electrons. 

mercury rectifier — See mercury-arc rectifier. 

mercury relay—aA relay in which the energized 
coil pulls a magnetic plunger into a tube containing 
mercury. The plunger moves the mercury in order to make 
connection between the contacts. 

mercury storage — See mercury memory. 

mercury switch — 1. An electric switch comprising 
a large globule of mercury in a metal or glass tube. Tilting 
the tube causes the mercury to move toward or away from 
the electrodes to make or break the circuit. 2. A switch 
operated by tilting or vibrating that causes an enclosed 
pool of mercury to move, making or breaking physical 
and electrical contact with conductors. It is used on tilting 
doors and windows and on fences. 
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mercury tank— In a computer, a container of mer- 
cury holding one or more delay lines for storing informa- 
tion. 

mercury-vapor lamp—A glow lamp in which 
mercury vapor is ionized by the electric current, producing 
a bluish-green luminous discharge. 

mercury-vapor rectifier — See mercury-arc recti- 
fier. 

mercury-vapor tube — A tube containing mercury 
vapor, which when ionized allows conduction and pro- 
duces a luminous glow. 

mercury-wetted contact relay —A special form 
of reed relay. It consists of a glass-encapsulated reed with 
its base mounted in a pool of mercury and the other end 
arranged so as to move between two sets of stationary 
contacts. By capillary action, the mercury flows up the 
reed to coat the movable and stationary contact surfaces, 
thus assuring mercury-to-mercury contact during make. 

merge— 1. To produce a single sequence of items 
ordered according to some rule (i.e., arranged in some 
orderly sequence) from two or more sequences previously 
ordered according to the same rule, without changing 
the size, structure, or total number of the items. 2. To 
combine two or more files of data into one file in a 
predetermined sequence. 3. To combine two files into one 
while keeping the original order. 4. Also called a mail 
merge. Incorporating two individual documents to create 
a third. 

merged technology switch—A means to inter- 
connect two or more circuits using a series of analog and 
digital switching stages. 

merging — Action of combining two computer files 
into a simple, ordered one. 

meridial rays —Thce rays of light that propagate by 
passing through the axis of the fiber and that travel in one 
plane. 

mesa — In certain transistors, the raised area (some- 
what resembling a geological mesa) left when semicon- 
ductor material is etched away to allow access to the base 
and collector regions. 

mesa diffusion— Technique used to manufacture 
semiconductors having diffused pn junctions. Á single 
base region is diffused over the entire wafer, and an acid 
is used to etch a mesa configuration for the transistor 
elements. 

mesa isolation—A process for isolating ICs in 
which transistors, resistors, and other components are 
fabricated before isolation. 

mesa structure — A semiconductor whose structure 
is moundlike. During processing, material is etched away 
from the onginal chip in order to produce the final shape. 

mesa transistor— A transistor that is produced by 
chemically etching away a transistor chip formed by either 
a double-diffused or diffused-alloy process. When the 
etching process is complete, the base and emitter regions 
appear as plateaus above the collector region. One result 
of the mesa construction is a reduction in the collector- 
base capacitance as a result of lowering the junction area. 

MESFET — Abbreviation for metal epitaxial semicon- 
ductor field-effect transistor. A type of FET in which the 
channel is formed directly beneath a metal gate, which 
itself is in intimate contact with the semiconductor. Com- 
pare with MOSFET, in which the gate is separated from 
the semiconductor by a thin insulating oxide layer. See 
also gallium arsenide field-effect transistor. 

mesh — Sometimes called a loop. A set of branches 
forming a closed path in a network — provided that if any 
branch is omitted, the remaining branches do not form a 
closed path. 

mesh beat— See moiré, 1. 
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mesh current —The current assumed to exist over 
all cross sections of a closed path in a network, It may 
be the total current in a branch included in the path, or a 
partial current that, when combined with the others, forms 
the total current. 

message — 1. An ordered selection of an agreed set 
of symbols for the purpose of communicating information. 
2. The original modulating wave in a communication 
system. 3. An arbitrary amount of information whose 
beginning and end are defined or implied. 4. One or more 
blocks of data that contain the total information to be 
transmitted. 5. A group of characters that have a meaning 
when taken together and that always are handled as a 
group. 

message center — Communication agency charged 
with the responsibility for acceptance, preparation for 
transmission, receipt, and delivery of messages. 

message circuit —A long-distance telephone circuit 
used in providing regular long-distance or toll service to 
the general public, as opposed to a circuit used for private- 
line service. 

message exchange —A service used between a 
communications line and a computer to perform certain 
communications functions and free the computer for other 
tasks. 

message interpolation — Insertion of data between 
syllables or during speech pauses on a busy voice channel 
without noticeably affecting the voice transmission. 

message precedence — Designations employed to 
indicate the relative order in which a message of one 
precedence designation is handled with respect to all other 
precedence designations. 

message switching— 1. The technique of data 
transmission in which data may be received, stored until 
the proper line is available, then retransmitted. No direct 
connection is set up between the originator of the data 
and its destination. 2. Routing messages between three 
or more locations by store-and-forward techniques in a 
computer. 

message unit — 1. A unit of measurement used in 
charging for local telephone messages, based on time and 
distance between the parties. 2. Call measurement for a 
call within a local service area for which charges are 
accrued. 

message-waiting lamp — A small lamp on a tele- 
phone set that can be lighted (or flashed) from the switch- 
board (or call waiting panel) to notify a hotel or motel 
guest that a message is being held for him or her. 

metadyne — British term for amplidyne. A direct- 
current machine used for voltage regulation or transfor- 
mation. It has more than two brushes for each pair of 
holes. 

metal —A material that has high electrical and ther- 
mal conductivity at normal temperatures. 

metal-base transistor— A transistor with a base 
of a thin metal film sandwiched between two n-type 
semiconductors, with the emitter doped more heavily than 
the base to give it a high electron-current-to-hole-current 
ratio. 

metal detector— Also called metal locator. An 
electronic device for detecting concealed metal objects. 

metal-etched mask—A mask formed by chemi- 
cally etching openings in a metal film or plate where it 1s 
not protected by photoresist or other chemically resistant 
material. 

metal film resistor— An electronic component in 
which the resistive element is an extremely thin layer of 
metal alloy vacuum-deposited on a substrate. 

metal foil capacitor— A capacitor in which the 
electrodes consist of metal foils separated by a dielectric 
consisting of plastic film or paper. 
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metal gate — Refers to the use of aluminum as the 
gate conductor instead of silicon or refractory metals. 

metal halide lamp—A discharge lamp in which 
the light 1s produced by the radiation from a mixture of 
metallic vapor (for example, mercury) and the products 
of the disassociation of halides (for example, halides of 
thallium, indium, or sodium). 

metal-insulator silicon — See MIS. 

metallic circuit — A circuit in which the earth itself 
is not used as ground. 

metallic insulator — A shorted quarter-wave section 
of transmission line, which acts as an electrical insulator 
at the transmitted frequency. 

metallic noise — Weighted noise current in a metal- 
lic circuit at a given point when the circuit is terminated 
at that point in the nominal characteristic impedance of 
the circuit. 

metallic rectifier— A rectifier in which the asym- 
metrical junction between dissimilar solid conductors 
presents a high resistance to current flow in one direction 
and a low resistance in the opposite direction. 

metallic rectifier cell— An elementary rectifying 
device having only one positive electrode, negative elec- 
trode, and rectifying junction. 

metallic-rectifier stack — A single structure made 
up of one or more metallic rectifier cells. 

metallization — |. The deposition of a thin-film pat- 
tern of conductive material onto a substrate to provide 
interconnection of electronic components or to provide 
conductive contacts (pads) for interconnections. 2. A 
film pattern (single or multilayer) of conductive material 
deposited on a substrate to interconnect electronic compo- 
nents, or the metal film on the bonding area of a substrate 
that becomes a part of the bond and performs both electn- 
cal and mechanical functions. 3. The selective deposition 
of metal film on a substrate to form conductive intercon- 
nection between IC elements and points for connections 
with the outside world. 

metallized capacitor— A capacitor that is made 
with dielectric film that has had metal vacuum-deposited 
on it. This thin metallization restricts the maximum 
current capacity, but at the same time provides a very 
high volumetric efficiency and a unique self-healing 
property. Any internal arcover (which could be triggered 
by a transient voltage spike) will usually clear itself by 
vaporizing the deposited metal film in the immediate area, 
thus extending the arc path beyond the sustaining gap 
length limit. Foil capacitors cannot clear in this manner 
and may therefore sustain the arcovers and short out. 

metallized resistor — A fixed resistor in which the 
resistance element is a thin film of metal deposited on the 
surface of a glass or ceramic substrate. 

metallizing — Applying a thin coating of metal to 
a nonmetallic surface. This may be done by chemical 
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deposition or by exposing the surface to vaporized metal 
in a vacuum chamber. 

metal locator — See metal detector. 

metal mask (screens) —A screen made not from 
wire or nylon thread but from a solid sheet of metal 
in which holes have been etched in the desired circuit 
pattern. Useful for precision and/or fine printing and for 
solder cream printing. 

metal master—-See original master. 

metal negative — See original master. 

metal-nitride-oxide  semiconductor— Abbre- 
viated MNOS. An MOS structure with a layer of silicon 
nitride added between the metal gate contact and the 
oxide protective layer to offset the permeability of 
silicon dioxide by contaminating sodium ions. In suitably 
fabricated devices, it is possible to generate a relatively 
nonvolatile memory clement by charge storage at the 
nitride-oxide interface. 

metal-on-glass mask — An optical mask compris- 
ing a glass substrate selectively covered by a thin opaque 
metal layer; a type of photomask. 

metal-oxide resistor— A type of film resistor in 
which the material deposited on the substrate is tin oxide, 
which provides good stability. 

metal-oxide semiconductor — Abbreviated MOS. 
i. A field-effect transistor in which the gate electrode is 
isolated from the channel by an oxide film. 2. A capacitor 
in which semiconductor material forms one plate, alu- 
minum forms the other plate, and an oxide forms the 
dielectric. 3. A circuit in which the active region is a 
metal-oxide semiconductor sandwich. The oxide acts as 
the dielectric insulator between the metal and the semi- 
conductor. 4. A process that results in a structure of metal 
over silicon oxide over silicon. By appropriate topol- 
ogy this generates field-effect transistors, capacitors, or 
resistors. 5. Referring to a field-effect transistor (MOS- 
FET) that has a metal gate insulated by an oxide layer 
from the semiconductor channel. A MOSFET is either 
enhancement-type (normally turned off) or depletion-type 
(normally turned on). MOS also refers to integrated cir- 
cults that use MOSFETs (virtually all enhancement-type). 
6. Technology that employs field-effect transistors having 
a metal or conductive electrode that is insulated from the 
semiconductor material by an oxide layer of the substrate 
material. Whereas, bipolar devices permit current in only 
one direction, MOS devices permit bidirectional current. 
7. A metal over silicon oxide over silicon arrangement 
that produces circuit components such as transistors. Elec- 
trical characteristics are similar to vacuum tubes. 8. A 
transistor whose characteristics are high packing density, 
low power dissipation, slow speed, and high input resis- 
tance. 


metal-oxide semiconductor field-effect tran- 
sistor — Abbreviated MOSFET. 1. A device consisting 
of diffused source and drain regions on either side of 
a p or n channel region, and a gate electrode insulated 
from the channel by silicon oxide. When a control voltage 
is applied to the gate, the channel is converted to the 
same type of semiconductor as the source and drain. This 
eliminates part of the pn junction and permits current to 
be established between the source and drain. Functionally, 
the main difference between a MOSFET and a bipolar 
transistor is that the source and drain of the MOSFET 
are interchangeable, unlike the emitter and collector of 
the bipolar transistor. 2. An insulated-gate field-effect 
transistor in which the insulating layer between each gate 
electrode and the channel is oxide material. 3. A class 
of voltage-driven devices that do not require the large 
input drive currents of bipolar devices. MOSFETs are a 
type of field-effect transistor that operates and functions 
similar to a junction field-effect transistor. The difference 
is that in the MOS device the controlling gate voltage is 
applied to the channel region across an oxide insulating 
material, rather than across a pn junction. The term can be 
applied either to transistors in an IC or to discrete power 
devices. The major advantage of a MOSFET 1s low power 
requirement due to its insulation from source and drain. 
Other advantages are its process simplicity, savings in 
chip real estate, and the ease of interconnection on chip. 
MOSFETs are of both p-channel and n-channel types. 
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metal-tank mercury-arc rectifier— A mercury- 
arc rectifier in which its anodes and mercury cathode are 
enclosed in a metal chamber. 

metal-thick-nitride semiconductor —A device 
similar to an MTOS device except that a thick layer of 
silicon nitride or silicon nitride-oxide is used instead of a 
layer of oxide. 
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metal-thick-oxide  semiconductor— Abbrev- 
lated MTOS. A device in which the oxide outside the 
desired active gate area 1s made much thicker so that 
problems with unwanted parasitic devices are reduced. 

metal tube —A vacuum tube with a metal envelope. 
The electrode leads pass through glass beads fused into 
the metal housing. 

metamers — Lights of the same color but of different 
spectral energy distribution. 

meteorological aids service — A radio service in 
which emissions consist of special signals intended solely 
for meteorological uses. 

meteorological radar station — A station, operat- 
ing in the meteorological aids service, that employs radar 
and is not intended for operation while in motion. 

meter— i. Any measuring device; specifically, any 
electrical or electronic measuring instrument. 2. The basic 
unit of linear measurement in the metric system. Orig- 
inally based on the distance from the equator to the 
geographic north pole (10° meters). One meter is equal 
to 39.37 inches, 3.281 feel, or 1.094 yards. Letter sym- 
bol: m. 

meterampere — A measure of the strength of a radio 
transmitter. It is equal to the antenna height in meters 
times the maximum antenna current in amperes. 

metercandle — See lux. 

meter-correction factor — The factor by which a 
meter reading must be multiplied to compensate for meter 
errors in order to obtain the true reading. 

meter display — A display in which one or more 
pointer instruments give the indications. 

meter-kilogram-second-ampere system of 
units — See mksa electromagnetic system of units. 

meter rating — A manufacturer's designation used 
to indicate the operating limitations of the meter. The 
full-scale marking on a meter scale does not necessarily 
correspond to the rating of the meter. 

meter resistance —The resistance of a meter as 
measured at the terminals at a given reference tempera- 
ture. When applied to rectifier-type meters, the frequency 
and waveshape of the applied energy, as well as the indi- 
cated value at which the measurement is to be made, must 
be specified. 

meter-type relay —A meter movement in which 
the armature function is performed by a contact-bearing 
pointer. 

metrechon —A storage tube used in scanning con- 
verters (e.s., in radar and industrial TV). 

metric—A measure for hardware or software per- 
formance, or of the extent to which a program exhibits 
certain Characteristics. 

metric system — The decimal system of weights and 
measures, used extensively by scientists. 

metric waves — Waves with lengths between | and 
10 meters (corresponding to frequencies between 300 and 
30 MHz, respectively). 

MeV — Usually pronounced M-E-V. Letter symbol 
for million electronvolts. 1 MeV equals 4.45 x 
107% kilowatthours, or 1.6020 x 107* erg. 

MEW — Abbreviation for microwaye carly warning. 

MF — |. Abbreviation for medium frequency. 2. Abb- 
reviation for multifrequency. 

mf — Alternate abbreviation for microfarad. 

mfd — Alternate abbreviation for microfarad. 

mH — Letter symbol for millihenry. 

MHD — Abbreviation for magnetohydrodynamics. 

mho— The unit of conductance of a conductor when 
a potential difference of 1 volt between its ends maintains 
an unvarying current of 1 ampere. The mho was the unit 
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of conductance in the mksa system. This term has now 
been replaced by siemens. 

MHz— Letter symbol for megahertz. 

MIC — |. Abbreviation for monolithic integrated cir- 
cuit. 2. See microwaye integrated circuit. 

mica — |. A transparent mineral that can be split into 
thin sheets. Because of its excellent insulating and heat- 
resisting qualities, it is used to separate the plates of 
capacitors and to insulate electrode elements in vacuum 
tubes. 2. A silicate that separates into layers and has 
high insulation resistance, dielectric strength, and heat 
resistance. It 1s used as an insulation wrap in wires 
and cables to a limited degree where radiation resistance 
requirements are severe and for high-temperature work 
demanding good heat resistance. 

mica capacitor — 1. A fixed capacitor employing 
mica sheets as the dielectric material between adjacent 
plates. The complete units are usually encased in molded 
Bakelite. 2. A capacitor with a dielectric consisting of 
mica. 

MiCamp— Abbreviation for microwave integrated 
circuit amplifier 

MICR — Abbreviation for magnetic-ink character 
recognition. 

micro-— 1. In the metric system, a prefix meaning 
one millionth (1/1,000,000). 2. A prefix meaning some- 
thing very small. 

microalloy diffused transistor— Abbreviated 
MADT. A transistor fabricated by etching emitter and 
collector pits into heavily doped germanium, depositing 
epitaxial layers of intrinsic germanium on both sides of 
the wafer, and adding electrodes that are plated and elec- 
trolayered in the pits. 

microalloy transistor — Abbreviated MAT. A high- 
frequency transistor in which the emitter and collector 
are alloyed to a slight depth on opposite sides of the 
germanium base material by an electrochemical process. 

microammeter— A meter having a scale that reads 
in microamperes, for measuring extremely small currents. 

microampere — One millionth of an ampere. 

microbar—A unit of pressure commonly used in 
acoustics. One microbar is equal to one dyne per square 
centimeter. (Originally the term bar denoted dyne per 
square centimeter. Therefore, to avoid confusion it is 
preferable to use microbar or dynes per square centimeter 
when speaking of sound pressures.) 

micro B-display—A B-scope in which range and 
azimuth data are so expanded that only a small portion of 
the area under surveillance is presented, and, because of 
the degree of expansion, distortion of tne presentation is 
negligible, 

microbond— The realization of a very small fas- 
tened joint between conductors or between a conductor 
and a microelectronic chip device. 

microcassette — A miniature cassette system origi- 
nated by Olympus, allowing 30 minutes of recording per 
side on a capstan-driven tape, !/ inch (3.63 mm) wide, 
running at 15/5 ips (2.38 cm/s). 

microcircuit—i.A small circuit with a high 
equivalent-circuit-element density, and considered as 
a single part, composed of interconnected elements 
on or within a single substrate, that performs an 
electronic-circuit function. (According to this definition, 
such structures as printed wiring boards, circuit card 
assemblies, and modules composed exclusively of discrete 
electronic parts are not considered to be microcircuits.) 
2. An integrated circuit. 3. The physical realization of 
a (hybrid or monolithic) interconnected array of very 
small active and passive electronic elements. 4. A term 
used to describe the miniaturization of solid-state discrete 
components onto a continuous substrate. 
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microcircuit module — An assembly of microcir- 
cuits or of microcircuits and discrete parts, designed to 
perform an electronic-circuit function or functions and 
constructed in such a manner that it is considered to be 
a single entity for the purposes of specification, testing, 
commerce, and maintenance. 

microcircuit wafer—. A microwafer carrying one 
or more circuit functions such as a flip-flop or gate. 
Integrated-circuit chips may be bonded to deposited 
conductors. 

microcode—1. A computer-coding system that 
includes suboperations, such as multiplication and 
division, that ordinarily are inaccessible in programming. 
A list of very small program steps. 2. A set of control 
functions performed by the instruction decoding and 
execution logic of a computer that defines the instruction 
repertoire of that computer. Microcode is not generally 
accessible by the programmer. 3. Sequences of low- 
level steps, making up machine instructions, that are 
built into a microprocessor that directly control the 
interaction of the processor's computing elements — that 
is, machine instructions wired into the hardware that 
is being controlled. 4. Permanent basic subcommands, 
built into a computer, that are executed directly by 
the computer. Generally, these commands define the 
instruction set of a microprogrammable computer, 

microcoding — In a computer, a system of coding 
that uses suboperations not ordinarily accessible in pro- 
gramming. 

microcomponents — 1. Those components smaller 
than existing components by several orders of magnitude. 
2. An assembly of very small, interconnected discrete 
components —active or passive— that forms an elec- 
tronic circuit. Interconnection of the various leads is by 
soldering or welding. Microcomponents use no substrates. 

microcomputer — 1. A general-purpose computer 
composed of standard LSI components built around a 
central processing unit (CPU). The CPU (or micropro- 
cessor) is program-controlled, featuring arithmetic and 
logical instructions and a general-purpose parallel I/O bus. 
The CPU is generally contained on a single chip. Gen- 
erally intended for dedicated applications, the microcom- 
puter also includes any number of ROMs and RAMs (for 
instruction and data storage) and, in some cases, one or 
more I/O devices. The simplest microcomputer consists of 
one CPU chip and one ROM. 2. A computer whose major 
sections — CPU, control, timing, and memory —are each 
contained on a single integrated-circuit chip, or, at most, 
a few chips. An LSI computer. 3. A computer that has 
a single or multichip LSI CPU, as distinguished from a 
minicomputer. 4. A class of computer having all major 
central processor functions contained on a single printed 
circuit board constituting a stand-alone module, 5. A com- 
puter whose central processing unit is a microprocessor. 
A microcomputer includes microprocessor, memory, and 
input/output controllers. 6. A device consisting of a cen- 
tral processor (usually a microprocessor, but sometimes 
a custom LSI chip set or a bit-slice processor) combined 
with a memory and input/output. 

microcomputer development system — Abb- 
reviated MDS. Also called expandable breadboarding 
system. 1. A key tool used in the development phase of 
microprocessor-based computers. It provides an efficient 
means of program coding, subprogram testing, and final 
testing for the completed program in a simulated operating 
condition without the use of the hardware that is contained 
in the final end product. The elements of the MDS 
combine to make up a complete microprocessor-based 
computer, which is composed of the central processing 
unit or microprocessor unit; a mass-storage memory 
section; either a floppy disk or tape cassette, complete 
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with associated drive and control circuits; a CRT terminal 
(video readout), a keyboard; and, as there is in most 
systems, a printer. In addition, an emulator module is 
part of the system and is used to test the operation of the 
developed system under defined conditions without the 
use of final hardware. 2. A system designed exclusively 
to aid in the development of microprocessor systems. 
Microcomputer development systems enable a designer 
to develop software and hardware as if many standard 
operating system utilities were present in his or her final 
design. These utilitics, however, actually reside in the 
development system and therefore do not require costly 
additions to every shipped system. 3. Microcomputer 
equipped with the hardware and software facilities 
required for efficient program development and hardware 
debugging. 

microcontrolier— A complete microprocessor sys- 
tem on a chip. Includes on-chip the CPU, local RAM, 
local ROM or EPROM, clock and control circuits, and 
serial and parallel T/O ports that can be programmed for 
various control functions. See also chip sets. 

microcrack—A thin crack in a substrate or chip 
device, or in thick-film trim-kerf walls, that can only 
be seen under magnification and which can contribute to 
latent failure phenomena. 

microdensitometer— An instrument used in spec- 
troscopy to measure lines in a spectrum by light transmis- 
sion measurement. 

microelectrode— An extremely small electrode. 
Some microelectrodes are small enough to contact a single 
biological cell. 

microelectronic circuit — Discrete electrical com- 
ponents assembled and connected in extremely small and 
compact form. 

microelectronic device—An alternate term for 
integrated circuit. 

microelectronics — Also called microsystems elec- 
tronics. 1. The entire body of electronic art that is con- 
nected with or applied to the realization of electronic 
systems from extremely small electronic parts. 2. See 
integrated circuit. 3. All techniques for the manufacture 
of extremely small electronic circuits, generally including 
all types of silicon integrated circuits, thin-film circuits, 
and thick-film circuits. 4. The physical realization of elec- 
tronic circuits or systems from a number of extremely 
small circuit elements inseparably associated on or within 
a continuous body. Microelectronics has developed along 
two basic technologies: monolithic integrated circuits and 
hybrid integrated circuits. 5. The field that deals with 
techniques for producing miniature circuits, e.g., inte- 
grated circuits, thin-film techniques, and solid-state logic 
modules. 6, The art of electronic equipment design and 
construction that uses microminiaturization schemes. 

microelement— A resistor, capacitor, or transistor, 
diode, inductor, transformer, or other electronic element 
or combination of elements mounted on a small ceramic 
wafer 0.01 inch (or 0.25 mm) thick and about 0.3 inch 
(0.75 mm) square. Individual microelements are stacked, 
interconnected, and potted to form micromodules. 

microelement wafer— A microwafer carrying one 
or more components or a simple network. The network 
can consist, for example, of several thin-film resistors 
deposited directly on the wafer. 

microfarad— One millionth of a farad. Letter sym- 
bol: pF. 

microfaradmeter— See capacitance meter. 

microflash— An extremely short electronic flash, 
having a duration of about 1 x 10°° second. Used in 
photographing rapidly moving subjects. 

microflash lamp—A lamp that emits radiation 
pulses having a duration of approximately 1 microsecond. 
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micrographics — The use of microfilm and micro- 
fiche for filing basic documents that must be retained 
and made available for infrequent use. Special computer 
software can be used to maintain an index of such 
documents and to aid in their retrieval. 

microgroove — In disc recording, the groove width 
of most long-play and 45-rpm records, Normally it is 
0.001 inch (25.4 um), or about half as wide as the groove 
on a 78-rpm record. (No longer manufactured.) 

microgroove record — See long-play record. 

microhenry —One millionth of a henry. 

microhm — One millionth of an ohm. 

microinstruction — Also called elementary opera- 
tion, cycle, or function. 1. A very simple instruction (typ- 
ically a register-to-register copy). 2. A bit pattern that is 
stored in a microprogram memory word and specifies the 
operation of the individual LSI computing elements and 
related subunits, such as main memory and input/output 
interfaces, 

microinstruction sequence —The series of 
microinstructions that the microprogram control unit 
(MCU) selects from the microprogram to execute a single 
macroinstruction or control command. Microinstruction 
sequences can be shared by several macroinstructions. 

microlock—.A phase-lock loop system for trans- 
mitting and receiving information. Because the system 
reduces bandwidth drastically, it is used as a radar beacon 
for tracking, or to provide telemetering data. 

micrologic elements — 1. A group of high-speed, 
low-powered integrated logic building blocks primarily 
intended to be used in building the logic section of 
a digital computer. 2. Semiconductor networks used in 
computer and other critical circuits. 

micromanipulators — Devices that provide means 
for accurately moving miniscule tools over and onto the 
surface of a microscopic object. 

micromassage — See intercellular massage. 

micrometer — One millionth of a meter. 

micromho — One millionth of a mho or of a siemens. 
Replaced by microsiemens. 

micromicro- — An obsoiete prefix meaning one mil- 
lionth of a millionth, or 107'?. Now called pico-. 

micromicrofarad— Obsolete term for 107*? farad. 
Now called picofarad. 

micromicrowatt— Obsolete term for 107? watt. 
Now called picowatt. 

microminiature lamp— Any incandescent lamp, 
usually rated in the milliwatt range, that operates on 
3 volts or less. Diameters range from 0.01 to 0.06 inch, 
or 0.25 to 1.5 mm. 

microminiaturization — 1. The producing of micro- 
miniature electronic circuits from individual miniature 
solid-state and other nonthermionic components. 2. A 
relative degree of miniaturization resulting in an 
equipment or assembly volume an order of magnitude 
smaller than that existing in subminiature equipment. 
3. The technique of packaging a microminiature part of 
an assembly composed of elements radically different in 
shape and form. Electronic parts are replaced by active 
and passive elements through use of fabrication processes 
such as screening, vapor-deposition diffusion, and 
photoetching. 4. The process of packaging an assembly 
of microminiature active and passive electronic elements, 
replacing an assembly of much and different parts. 

micromodule — 1. A tiny ceramic wafer made from 
semiconductive and insulative materials. It 1s capable 
of functioning as either a transistor, resistor, capacitor, 
or other basic component. 2. A microcircuit constructed 
of a number of components (e.g., microwafers) and 
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encapsulated to form a block that is still only a fraction 
of an inch in any dimension. 

micron— 1. An absolute unit of length equal to 
10-6 meter. The term micrometer is now preferred. 2. A 
unit used in the measurement of very low pressures. It is 
equivalent to 0.001 mm (10~° meter) of mercury at 32°F 
or 0"C. 

microphone — 1. An electroacoustic transducer that 
responds to sound waves and delivers essentially equiv- 
alent electric waves. 2. A device for converting sound 
waves or sound-producing vibrations (as from the strings 
of a guitar) into corresponding electrical impulses. Micro- 
phones may use as transducing elements crystal or 
ceramic chips, ribbons, moving coils, or capacitors, and 
different recording applications may cali for different 
transducers as well as for different directional patterns 
and impedances. 

microphone amplifier — Also called a microphone 
preamplifier. An audio-frequency amplifier that boosts the 
output of a microphone before the signal reaches the main 
audio-frequency amplifier. 

microphone boom— A movable crane from which 
a microphone is suspended. 

microphone button — The resistance element of a 
carbon microphone. It is button-shaped and filled with 
carbon particles. 

microphone cable — A shielded cable for connect- 
ing a microphone to an amplifier. 

microphone mixer— An audio mixer that feeds the 
output from two or more microphones into a single input 
to an audio amplifier. The output from each microphone 
is adjustable by individual controls on the mixer. 

microphone  preamplifier—See microphone 
amplifier. 

microphone sensitivity —The voltage that is pro- 
duced by a microphone that is exposed to a specified 
sound pressure level. Usually specified in dBV in a 94 dB 
sound pressure level (spl) or 74 dB spl sound field, mea- 
sured with no load on the microphone. 

microphone stand —A stand that holds a micro- 
phone the desired distance above the ficor or a table. 

microphone transformer— An iron-core trans- 
former used for coupling certain microphones to an ampli- 
fier or transmission line. 

microphonics — 1. The generation of an electrical 
noise signal by mechanical motion of internal parts within 
a device. 2. Electrical disturbance (noise) due to mechan- 
ical disturbances of circuit elements. 3. A form of noise 
interference arising from the tendency for vibrations of 
certain objects to be converted into corresponding electri- 
cal signals. A microphonic device will cause a “bong” or 
“bing” in the signal when subjected to jarring. 4. Audio- 
frequency noise caused by the mechanical vibration of 
elements within a system or component. 3. Microphone 
noise that occurs in lasers when vibrations are transferred 
to the resonator structure. 

microphonism — 1. The production of noise as a 
result of mechanical shock or vibration. 2. The quasiperi- 
odic voltage output of a tube produced by mechanical res- 
onance of its elements as a result of mechanical impulse 
excitation. 3. The periodic voltage output of a tube pro- 
duced by mechanical resonances of its elements as a result 
of sustained mechanical excitation. 4. The output voltage 
of a tube acting as an electrical transducer of mechanical 
energy. 

microphonograph—A device that amplifies and 
records weak sounds; used in training the deaf to speak. 

microphonoscope — A binaural stethoscope using 
a membrane in the chest piece to accentuate the sound. 


microphotograph — microwatt 


microphotograph — A small picture of a large sub- 
ject. The microfilming of a check or other document 
produces a microphotograph. 

microprobe — Au extremely sharp and small explor- 
ing tool head attached to a positioning handle. Used for 
testing microelectronic circuits by establishing ohmic con- 
tact. 

microprocessor— Also called MPU (microproces- 
sor unit). 1. A central processing unit (CPU) fabricated 
on one or more chips, containing the basic arithmetic, 
logic, and control elements of a computer that are required 
for processing data. 2. An integrated circuit that accepts 
coded instructions, executes the instructions received, 
and delivers signals that describe its internal status. The 
instructions may be entered or stored internally, Widely 
used as control devices for household appliances, business 
machines, toys, etc., as well as for microcomputers. 3. An 
electronic integrated circuit, typically a single-chip pack- 
age, capable of receiving and executing coded instruc- 
tions. 

microprocessor development system—A 
combination of hardware and software that acts as a tool 
for micro system design and debugging from concept to 
final production release. It contains assembler, compiler, 
and editor programs to assist with the original program 
writing. It also can simulate the system, both at the 
concept stage and duting the final integration. The 
larger memory available makes it practical to document 
programs, that is, to add remarks within the program 
that will be ignored by the microprocessor and that will 
indicate to a subsequent user the purposes of specific 
instructions. These remarks do not, of course, go into 
the final ROM. The development system is also able to 
transfer the debugged program that it is already using into 
PROM or EROM. 

microprocessor emulator — A software routine or 
device that imitates the functions of a specific micropro- 
Cessor, 

microprogram— 1. A computer program written in 
the most basic instructions or subcommands that can be 
executed by the computer. Frequently, it is stored in 
a read-only memory. See also firmware. 2. Á special- 
purpose program, stored in a fixed memory, that is initi- 
ated by a single instruction in a system's main program. 
For example, one instruction in the main program may ini- 
tiate a stored microprogram of six or seven instructions 
needed to execute the single main program instruction. 
3. In a computer, a subelement of a conventional pro- 
gram built up of a sequence of even smaller operations 
called microinstructions. Each microinstruction is further 
subdivided into a collection of microoperations carried 
out in one basic machine cycle. (For example, the com- 
puter program consists of a sequence of instructions that 
are carried out in a specific order. Each instruction con- 
sists of a routine of one or more steps. This sequence 
of computer machine cycles necessary to execute a sin- 
gle instruction is called a microprogram.) 4. A sequence 
of instructions held in the control store that determines 
what operations the processor performs for each command 
given to it by the main memory. 5. A type of program that 
directly controls the operation of each function element 
in a microprocessor. 6. Stored routines in CPU control 
memory that define machine instructions as a series of 
elemental steps to be executed by the processor’s control 
section. 7. A special computer program that sequences 
the control unit of a processor. It implements sequen- 
tial instruction fetch, plus decoding and execution, by 
providing the appropriate signals to the required gates. 
Most MPUs are internally microprogrammed and can be 
microprogrammed by the user. Bit-slices are user micro- 
programmable. 8. A machine-executable description of 
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the elementary steps that are executed in the course of 
what the software sees as an instruction. 

microprogrammable computer— A computer in 
which the internal CPU contro] sequence for perform- 
ing instructions is generated from a read-only memory 
(ROM). By changing the ROM contents, the instruction 
set can be changed (as contrasted with a fixed-instruction 
computer). 

microprogramming— 1. The setting up of basic 
suboperations for a computer to handle, after which 
the programmer combines them, and they are presented 
to the computer again in a higher-level program. For 
example, if a computer has only basic instructions for 
addition, subtraction, and multiplication, the instruction 
for division would be defined by microprogramming. 
2. A method of operating the control part of a computer 
in which each instruction is broken into several small 
steps (microsteps) that form part of a microprogram. 
3. A method of organizing a general-purpose computer 
to perform desired functions, using instructions stored in 
a control array. 

microprogram store — See control store. 

microradiometer — Also called a radio micrometer. 
A thermosensitive detector of radiant power. It consists 
of a thermopile supported on and connected directly to 
the moving coil of a galvanometer. 

microsecond — One millionth of a second: 1 x 10~° 
or 0.000001 second. Letter symbol: us. 

Microsoft Windows — An operating environment 
for IBM PCs and compatibles that features icons, pull- 
down menus, desk accessories, and the ability to easily 
move text and graphics from one program to another via 
a clipboard. It can also operate more than one program at 
a time. 

microstrip — Also called stripline. 1. A microwave 
transmission component in which a single conductor 
is supported above a ground plane. 2. Printed-wiring 
LC resonant circuits or transmission lines. Conduc- 
tive patterns form inductors. Capacitance is developed 
between the inductive patterns and the ground plane. 
3. (Microstripline) A transmission line consisting of a 
metallized strip and a solid ground plane metallization 
separated by a thin, solid dielectric. This transmission 
line configuration permits accurate fabrication of 50-ohm 
transmission line elements on a ceramic or printed circuit 
board substrate. 

microsyn— A precise and sensitive pickoff device 
for converting angular displacement within a small range 
to an electrical signal. 

microsystems electronics—See microelectro- 
nics. 

microvolt— One millionth of a volt. Letter sym- 
bol: uV. 

microvoltmeter— A highly sensitive voltmeter that 
measures millionths of a volt. 

microvolts per meter— The potential difference 
in microvolts developed between an antenna system and 
ground, divided by the distance in meters between the two 
points. 

microvolts/meter/mile— One method of stating 
the field strength of a radiated field. Radiation from 
industrial heating equipment, for example, must be sup- 
pressed so that the radiated field strength does not 
exceed 10 microvolts per meter at a distance of 1 mile 
(1.609 km) from the source. 

microwafer— A basic microcircuit building block 
generally made of beryllia, alumina, or glass. Termina- 
tions on the edges are usually of gold on top of chromium, 
with a heavy nickel overlay for welding. 

microwatt— One millionth of a watt. Letter symbol: 
uW. 


APPENDIX A = GETTING STARTED WITH TOOL BUILDING 


Figure A-7. Measure the voltage coming from the USB charger before connecting it to any of your circuits. 
This one reads 5V on the dot! This is a much safer method than trial by fire (i.e., plugging it into your 
circuit and looking for a fire). 


Now that you've confirmed that the red and black wires do indeed carry the regulated +5V from the 
USB charger, you can clip off the unused green and white wires. At this point you can either use the bare, 
stripped wires of the USB cable or solder on a more robust connector. Since this power supply is 
destined to be used with a solderless breadboard, a small, two-pin connector with the appropriate 
spacing will be attached. See Figure A-8. 
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microwave— 1. A term applied to waves in the fre- 
quency range of 1000 megahertz and upward. Generally 
defines operations in the region where distributed con- 
stant circuits enclosed by conducting boundaries are used 
instead of the conventional lumped-constant circuit com- 
ponents. 2. An electromagnetic wavelength in (or near) 
the span of 1-100 cm. 

microwave alarm system — An alarm system that 
employs radio-frequency motion detectors operating in 
the microwave frequency region of the electromagnetic 
spectrum. 

microwave amplification by stimulated emis- 
sion of radiation — See maser. 

microwave diode — A two-terminal device that is 
responsive in the microwave region of the electromagnetic 
spectrum, commonly regarded as extending from | to 
300 GHz. 

microwave discriminator— A tuned cavity that 
converts a frequency-modulated microwave signal into an 
audio or video signal. 

microwave early warning — Abbreviated MEW. 
A high-power, long-range, early-warning radar. It has 
numerous indicators that give high resolutions and large 
traffic-handling capacity. 

microwave filter —A filter built into a microwave 
transmission line to pass desired frequencies but reject or 
absorb all other frequencies. 

microwave frequency — Any of the ultrahigh fre- 
quencies (approximately 1000 MHz and above) suitable 
for line-of-sight radiocommunication. 

microwave holography — The holographic record- 
ing of the pattern formed by two sets of coherent 
microwaves that interfere at a scanning plane, A scan- 
ning device converts the microwave interference pattern 
into a light pattern that is recorded by a suitable camera. 

microwave integrated circuit— Abbreviated 
MIC. 1. An electronic circuit fabricated by microelec- 
tronic techniques and capable of operating at frequencies 
above 1 gigahertz. Either hybrid or monolithic integrated 
circuit technology may be employed. 2. A hybrid type 
of construction in which thick- or thin-film technology is 
used to lay out a pattern of conducting lines on a ceramic 
substrate, and uncased active devices are then bonded to 
the conductor pattern. 3. A miniature microwave circuit 
usually using hybrid circuit technology to form the con- 
ductors and attach the chip devices. 4. In the microwave 
industry, a hybrid using thin- or thick-film conductors and 
passive components on a ceramic substrate combined with 
chip-form active and passive components. 

microwave intruder detector—A radio-fre- 
quency device employing a Doppler frequency shift 
principle of detection. Microwave energy is generated 
in a resonant cavity and transmitted into the protection 
area. Objects within the protected area partially reflect 
the microwave energy back to the detector. If all objects 
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within the range are stationary, the reflected waves return 
at the same frequency; if they strike a moving object, 
they return at a different frequency. The difference in 
the transmitted and received frequency appears as a low- 
frequency signal, which is amplified and used to trip an 
alarm relay. The shape of the protection area is determined 
by the shape of the antenna. Range is controlled by 
adjusting the gain of the amplifier. 

microwave level detector— A noncontacting level 
detector incorporating a microwave transmitter, oscillator, 
directional antenna, and receiver, 

microwave mapping — The pattern of microwave 
field intensity that can be obtained by detecting the minute 
expansion of a microwave absorber slab when heated by 
the microwave field, accompanied by moiré interference 
of a set of optical fringe patterns on the slab surface pre- 
and post-deformation. 

microwave phototube—A device designed to 
detect microwave modulation and to mix modulated and 
unmodulated laser beams. It consists of a photosensitive 
cathode and a microwave-electron-tube structure that 
amplifies, detects, and removes the modulation placed on 
the electron beam by the incident light beam signal. 

microwave power transmission — A method of 
transmitting power through space from a microwave 
transmitting antenna to a remotely located receiving 
antenna. 

microwave radio relay — The relaying of long- 
distance telephone calls and television broadcast programs 
by means of highly directional high-frequency radio 
waves that are received and sent on from one booster 
Station to another. 

microwave refractometer — A device for measur- 
ing the refractive index of the atmosphere at microwave 
frequencies, usually in the 3-cm region. 

microwave region — The portion of the electromag- 
netic spectrum between the far infrared and conventional 
radio-frequency portion. Commonly regarded as extend- 
ing from 1000 (30 cm) to 300,000 (1 mm) megahertz. 

microwave relay system — A series of ultrahigh- 
frequency radio transmitters and receivers comprising 
a system for handling communications (usually multi- 
channel). 

microwave repeater—A repeater station in a 
microwave radio relay system. Repeaters are spaced 20 
to 35 miles (32 to 56 km) apart in a typical microwave 
system. 

microwave routes — Communications pathways in 
which microwave towers beam signals to and from each 
other as messages travel to telephones, data terminals, 
and the like. About 70 percent of interstate telephone 
messages travel this way. 

microwaves — 1. Radio frequencies with such short 
wavelengths that they exhibit some of the properties 
of light. Their frequency range is from 1000 MHz up. 
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(Microwaves are preferred in point-to-point communica- 
tions because they are easily concentrated into a beam.) 
2. Short electromagnetic waves located between the tele- 
vision transmission and infrared frequency regions. For 
communication purposes, microwaves offer considerable 
appeal as they can be focused and directed like light and 
can be manipulated like electricity, providing a practical 
means of transmitting information great distances without 
the use of wires. 

microwave spectrum-— The spectrum of fre- 
quencies suitable for microwave radio communication 
(300 MHz to 300 GHz). 

microwave tube — The source of power for gener- 
ating microwave frequencies. Primary microwave gener- 
ating tubes are klystrons, magnetrons, and traveling wave 
tubes. Other microwave devices include masers, paramet- 
ric amplifiers, and backward-wave oscillators. 

micro-Winchester drive — Also called microdisk 
drive. A memory storage device for personal computers 
that uses a 51/4-inch (13.3-cm) metal memory disk. 

mid-band — The part of the frequency band that 
lies between television channels 6 and 7, reserved by 
the FCC for air, maritime, and land mobile units; FM 
radio; and aeronautical and maritime navigation. Mid- 
band frequencies, 108 to 174 MHz, can also be used to 
provide additional channels on cable television systems. 

middle marker— In an instrument landing system, a 
marker located on a localizer course line, about 3500 feet 
(1067 m) from the approach end of the runway. 

middle-side  system-—- See mitte-scite 
system. 

MIDI — Abbreviation for musical instrument digital 
interface. A standard protocol that allows electronic 
instruments to communicate with each other and with 
computers. 

midrange — The frequency range between bass and 
treble, from approximately 500 to 4000 Hz. This most 
important audio-frequency region includes all the frequen- 
cies necessary for intelligibility. Speaker systems often 
use a midrange unit that typically operates between about 
400 and 3000 Hz. 

migration — The movement of some metals, notably 
silver, from one location to another as a result of a plating 
action that takes place in the presence of moisture and an 
electrical potential. 

mike — Slang for microphone. 

MIL — Abbreviation for military. Pertains to a nation’s 
armed forces, including its army, navy, and air force. 
Specifically, the Armed Forces of the United States. 

mil —One thousandth of an inch. Used in the United 
States for measuring wire diameter and tape thickness. 

mileage — Monthly user charges by a telephone com- 
pany for line mileage based on the class of service the 
customer has and the air line distance from the base rate 
area. 

military-grade IC — Typically, an integrated circuit 
whose performance is guaranteed over the temperature 
range from —55°C to +125°C. 

military radio station— An amateur radio station 
licensed to the person in charge of a station at a land 
location provided for the recreational use of amateur radio 
operators under military auspices of the Armed Forces of 
the United States. 

military specifications — Documents issued by the 
Department of Defense that define materials, products, or 
services used only or predominately by military activities. 

military standardization handbooks — Detailed 
handbooks describing a specific subject that is critical to 
military design. The title is comprised of the prefix letters 
MIL-HDBK followed by an assigned serial number. For 
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example, MIL-HDBK-241 is the design guide for EMI 
reduction in power supplies. 

military standards — Procedures for design, draw- 
ing, Writing, and testing of components or equipment 
rather than giving a particular specification. 

military temperature range— From —55°C to 
+125°C, 

Miller bridge — A type of bridge circuit for measur- 
ing the amplification factor of vacuum tubes. 

Miller capacitance — Feedback capacitance caused 
by gate metal overlapping source and drain regions. 

Miller effect —The increase in the effective grid-to- 
cathode capacitance of a vacuum tube because the plate 
induces a charge electrostatically on the grid through grid- 
to-plate capacitance. 

Miller oscillator— A crystal-controlled oscillator 
in which the crystal oscillates at its parallel resonant 
frequency due to the connection of negative resistance 
across its plates. 

milli-— Prefix meaning one thousandth (1/1000, or 
1073). 2. One-thousandth part of a whole. Letter sym- 
bol: m. 

milliammeter— An electric current meter calibrated 
in milliamperes. 

milliampere— One one-thousandth -(.001) of an 
ampere. Letter symbol: mA. 

millinhenry— One one-thousandth (.001) of a henry. 
Letter symbol: mH. 

millilambert— A unit of brightness equal to one one- 
thousandth (.001) of a lambert. 

millimaxwell— One one-thousandth of a maxwell. 

millimeter waves — Electromagnetic radiation in the 
frequency range of 30 to 500 gigahertz, with correspond- 
ing wavelengths of 10 millimeters to 0.6 millimeter. 

millimicro-— Obsolete prefix for nano-, represent- 
ing 107”, 

millimicrometer— A unit of length equal to one 
ten-millionth of a centimeter (10? cm), or one one- 
thousandth of a micrometer. 

milliohm — One-thousandth of an ohm. Letter sym- 
bol: mÊ. 

millisecond — One-thousandth of a second: 107* or 
0.001 second. Letter symbol: ms. 

millitorr— One-thousandth of a torr. 

millivolt— Abbreviated mV. One-thousandth of a 
volt. 

millivoltmeter— A sensitive voltmeter calibrated in 
millivolts. 

millivolts per meter —The potential difference in 
millivolts developed between an antenna system and 
ground, divided by the distance in meters between the 
two points. 

milliwatt — Abbreviated mW. One one-thousandth of 
a watt. The reference level used for dB measurements. 

Mills antenna — A combination of two independent 
fan-beam antennas placed at right angles in a cross 
formation, with a common center and common pencil- 
beam volume of low gain. Antennas are combined by 
switching from output phase addition to phase opposition 
at a constant rate to secure the angular resolution of the 
pencil-beam components. 

MIL-STD-883B — The basic military standard for 
reliable semiconductors. Three classes are defined: A 
(aerospace), B (avionics), and C (ground). 

mine detector — Also called electronic mine detec- 
tor. An electronic device that indicates the presence of 
metallic or nonmetallic explosive mines under the ground 
or under water. 

miniature lamp— 1. A small, filament-type lamp 
with an operating voltage less than 60 volts. 2. Very small 
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tungsten lamps that are used where space is limited, as 
in surgical instruments such as cystoscopes. They are 
sometimes called grain-of-wheat lamps. 

miniature sealed relay — A miniature hermetically 
sealed relay used in applications where space is at a 
premium and where high reliability is a requirement. 

miniature tube—A small electron tube usually 
having a 7- or 9-pin base. 

miniature wire —Insulated conductors of approxi- 
mately 20 to 34 AWG with small overall diameters. 

miniaturization — The process of reducing the min- 
imum volume required by equipments or parts in order to 
perform their required functions. 

minicassette — A miniature cassette system origi- 
nated by Philips, allowing 15 minutes of recording per 
side on a narrow tape. 

minicomputer — 1. A loosely used term for describ- 
ing any small general-purpose digital computer in the low- 
to-moderate price range. The approximate ceiling price 
used to define a minicomputer is subject to wide interpre- 
tation. 2. A machine developed primarily for the process- 
ing of a single application or the processing of a number 
of small applications. For example, in a distributed pro- 
cessing network, a minicomputer could perform a specific 
operation and send the volume processing through com- 
munication lines to a large mainframe. 3. A class of small, 
digital process-control computers sized generally around 
a 32-bit word, with stored programs and various mem- 
ory options for data acquisition and monitoring, supervi- 
sory, or direct digital control in systems having no more 
than 20 or 30 control loops. 4. A small- or medium-scale 
computer (also called a mini), usually operated with inter- 
active dumb terminals. A mini can operate as a single 
powerful workstation or as a multiuser system. 

mini-disc — Abbreviated MD. A 2.5-inch optical 
recording and playback system that approaches the sound 
quality of a compact disc. 

minidisk — See floppy disk. 

minifloppy handshake — A system of transferring 
data from one device to another. Device A will signal 
that it has data ready; device B will accept that data and 
signal that 11 has it to device A, which is now released to 
collect more data. In the meantime device B will set an 
indicator that will show that it is busy with the last data 
until this data has been processed. The action of setting 
and checking these various indicators is referred to as 
handshaking. 

minigroove— A recording having more lines per 
inch than the average 78-rpm phonograph record but 
not as many as the extended-play, long-playing, or 
microgroove records. 

minirmmm-access programming— Also called 
minimum-latency programming, or forced coding. Pro- 
gramming a digital computer so information is obtained 
from the memory in the minimum waiting time. 

minimum-access routine—A computer routine 
coded in a way such that the actual waiting time to obtain 
information from a serial memory is much less than the 
expected random-access waiting time. 

minimum detectable signal —The signal level 
that just exceeds the threshold. 

minimum discernible signal — Abbreviated MDS. 
In a receiver, the smallest input signal that will produce 
a discernible signal at the output. The smaller the signal 
required, the more sensitive the receiver. 

minimum firing power—The lowest radio- 
frequency power that will initiate a radio-frequency 
discharge in a switching tube at a specified ignitor current. 

minimum flashover voltage — The crest value of 
the lowest voltage impulse of a given waveshape and 
polarity that causes flashover. 


miniature sealed relay — minor lobe 

minimum-latency programming — See mini- 
mum-access programming. 

minimum-phase network — A network for which 
the phase shift at each frequency equals the minimum 
value determined solely by the attenuation-frequency 
characteristic. 

minimum reject number— Abbreviated MRN. A 
number that defines the maximum number of rejects 
allowed for each sample given for each LTPD (lot 
tolerance percent defective). 

minimum reliable current— As applied to relay 
contacts, the range at which there is insufficient energy 
under arcing conditions at a mating contact surface to 
ensure good contacting for the kind of contact material, 
shape, and forces employed. 

minimum resistance — The resistance of a preci- 
sion potentiometer measured between the wiper terminal 
and any terminal with the shaft positioned to give a min- 
imum value. 

minimum shift frequency—The minimum fre- 
quency at which a flip-flop can be operated in a shift- 
register application. 

minimum-signal level—In facsimile, the level 
corresponding to the copy white or copy black signal, 
whichever is the lower. 

minimum starting voltage — The minimum volt- 
age of rated frequency applied to the control-voltage 
winding of a servomotor necessary to start the rotor turn- 
ing at no-load conditions with rated voltage and frequency 
on the fixed-voltage winding. 

minimum toggle frequency — The minimum fre- 
quency at which a flip-flop can be toggled. In a typical 
device, the maximum toggle frequency usually is about 
20 percent higher. 

minis —Computers that have a throughput of 
32 megabits per second, and a memory size of 256 bytes 
of real addressable memory. 

minitrack — A satellite tracking system that uses a 
miniature pulse-type telemeter and a precise directional 
antenna system, with phase-comparison tracking tech- 
niques. 

minor apex face —In a quartz crystal, any one of 
the three smaller sloping faces near but not touching the 
apex (pointed end). The other three are called the major 
apex faces. 

minor bend — A rectangular waveguide bent so that 
one of its longitudinal axes is parallel to its narrow side 
throughout the length of the bend. 

minor cycle — Also called word time. In a digital 
computer using serial transmission, the time required to 
transmit one word or space between words. 

minor defect — A defect that is not likely to reduce 
the usability of a unit for its intended purpose. It may be a 
departure from established standards having no significant 
bearing on the effective use or operation of the unit. 

minor face—One of the three smaller sides of a 
hexagonal quartz crystal. 

minor failure—A failure that has no significant 
effect on the satisfactory performance of a system. 

minority carrier—-The less predominant carrier 
in a semiconductor. Conduction-band electrons are the 
minority carriers in p-type semiconductors, since there 
are fewer electrons than holes. Likewise, valence-band 
holes are the minority carriers in n types, since they are 
outnumbered by the electrons. 

minority emitter — An electrode from which minor- 
ily carriers flow into the interelectrode region. 

minor lobe— Any of the lobes, except the major 
lobe, that represent the radiation pattern of a directional 
antenna. 
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minor loop— å continuous network composed of 
both forward and feedback elements, which is only part 
of the overall feedback system. 

minor relay station— A tape relay station that has 
tape relay responsibility but does not provide an alternate 
route. 

Minter stereo system— A stereo recording tech- 
niquc for producing the right and left channels. The two 
program channels are combined additively and recorded 
with a monophonic cutter. A 25-kHz note is also recorded 
and is frequency-modulated by the two channels com- 
bined subtractively. The sum and difference signals are 
then matrixed (combined) to produce the right and left 
channels. 

MIPS — Abbreviation for millions of instructions per 
second. A measurement of data transmissions capacity. 
The more MIPS a computer has, the more powerful it is. 

mirror galvanometer— A suspended-coil instru- 
ment that, instead of using a pointer to indicate the read- 
ing, employs a light beam reflected from a mirror attached 
to the moving coil. 

mirror galvanometer oscillograph — An instru- 
ment that photographs the deflection of a light spot from 
a mirror attached to a moving coil. Used for recording 
small current variations. 

mirror-reflection  echoes —Multiple-reflection 
echoes produced when a radar beam is reflected from a 
large, flat surface (such as the side of an aircraft carrier) 
and strikes ncarby targets. 

mirror scale — Meter scale with a mirror arc used to 
align the eyeball perpendicular to the scale when taking 
a reading. By eliminating this human error in reading, 
accuracy can be improved by half. 

MIS — Abbreviation for metal-insulator-silicon. Tech- 
nology whercin a silicon dioxide layer is formed on a 
single crystal silicon substrate, and a polysilicon conduc- 
tive is formed on the oxide. This layer is etched to form 
the electrode pattern and then doped with phosphorus to 
create the desired conductivity. 

misfire — Failure of a mercury-pool cathode to estab- 
lish an arc between the main anode and cathode during a 
scheduled conducting period. 

mismatch—1.A condition whereby the coupled 
impedances inhibit optimum power transference or the 
source or output signal fails to match the amplifier 
sensitivity or the load’s (¡.e., speaker’s) power capacity. 
2. The condition in which the impedance of a load does 
not match the impedance of the source to which it is 
connected. 

mismatch factor — See reflection factor, 1. 

mismatch loss— The ratio between the power a 
device would absorb if it were perfectly matched to the 
source and the power it actually does absorb. 

missile site radar-— Phased-array radar located at 
a missile launch area to provide a guidance link with 
interceptor missiles enroute to their targets. 

mission time — That element of uptime during which 
the item is performing its designated mission. 


mistake — See error. 

mistor—A miagnetic-field sensing device whose 
resistance increases with an increase in magnetic-ficld 
intensity. 

mitte-seite stereo system — German for middle- 
side stereo system. A technique of stereo pickup in which 
two directional microphones, placed close together and at 
right angles to each other, are oriented so that one picks 
up sound from directly ahead, and the other from the two 
sides, with maximum intensity. 
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mix—To combine two or more input signals in a 
transducer so aS to produce a single output. If the 
transducer is linear, the output consists of a superposition 
of the input signals. If the transducer is nonlinear, the 
output consists of the heterodyne products of the input 
signals. 
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mixed analog component (MAC) transmis- 
sions — An innovative television transmission method 
that separates the data, chrominance, and luminance 
components and compresses them for sequential relay 
over one television scanline. There are presently five 
systems being designed: A-MAC; B-MAC; C-MAC; D- 
MAC; and E-MAC. 

mixed-base notation — A number system in which 
a single base, such as 10 in the decimal system, is replaced 
by two number bases, such as 2 and 5, used alternately. 

mixed calculation—JIn a calculator, calculation 
involving more than one arithmetic mode. Saves time by 
permitting calculations to be handled as a single problem. 

mixed dielectric capacitor— Also called bifilm 
capacitor. A capacitor with a dielectric consisting of a 
combination of plastic film and paper. 

mixed highs—lIn color television, the method of 
reproducing very fine picture detail by transmitting high- 
frequency components as part of the luminance signal for 
achromatic reproduction. 

mixer —1. In a sound transmission, recording, or 
reproducing system, a device having two or more inputs 
(usually adjustable) and a common output. The device 
combines the separate input signals linearly in the desired 
proportion to produce an output signal. 2. A circuit 
that generates output frequencies equal to the sum and 
difference of two input frequencies. 3. A device for 
blending two or more signals for special effects. 4. An 
audio control unit whose basic function is to combine 
two or more audio signals into a single, composite signal. 

mixer diode—A diode, often associated with 
microwave circuits, that combines rf signals at two 
frequencies to generate an rf signal at a third frequency. 

mixer ports — The input/output terminals of a mixer, 
identified as RF, LO, and IF. In most double balanced 
mixers, the LO and RF are either transformer or transmis- 
sion line-coupled to the mixer diodes, and therefore have 
a limited low-frequency response, whereas the IF port is 
usually direct-coupled with an essentially unlimited low 
frequency response. In upconverting applications, the low 
frequency input signal is often applied to the IF port, with 
the higher-frequency output signal being taken from the 
RE port. 

mixer tube —An electron tube that, when supplied 
with voltage or power from an external oscillator, per- 
forms the frequency-conversion function of a heterodyne 
conversion transducer. 

mixing — 1. Combining two or more signals — e.g., 
the outputs of several microphones, or the received and 
local-oscillator signals in a superheterodyne receiver. 
2. Blending of two or more signals for special effects, 
while exercising individual control over the volume of 
each. 3. Generating output frequencies that are the sum 
and difference of two input frequencies. 

mixing amplifier — An amplifier that combines sev- 
eral signals, each with a different amplitude and wave- 
shape, into a composite signal. 

mixing point— In a block diagram of a feedback 
controi loop, a symbol indicating that the output is a 
function of the inputs at any instant. 

mksa — Meter-kilogram-second-ampere. 

mksa electromagnetic system of units — Also 
called the Giorgi system. A system in which the funda- 
mental units are the meter, kilogram, second, and ampere. 

MLM — See multilayer metallization. 

MLS — Abbreviation for microwave landing system. 
A microwave system that creates a fan-shaped beam over 
a wide volume of airspace so planes can use various 
approaches to a runway during bad weather. 

mm — Letter symbol for millimeter. 


mmf or mmfd— Abbreviation for micromicrofarad; 
this term is obsolete and has been replaced by picofarad. 

mm Hg— Millimeters of mercury. A measure of 
absolute pressure, being the height of a column of mercury 
that the air or other gas will support. Standard atmospheric 
pressure will support a mercury column 760 millimeters 
high (760 mm Hg). Any value less than this represents 
some degree of vacuum. 

MMIC — Abbreviation for monolithic microwave inte- 
grated circuit. A combination of active elements (diodes 
and transistors) and passive elements (resistors, capaci- 
tors, inductors, and transmission lines} on a single GaAs 
(gallium arsenide) substrate, MMICs replace conventional 
“chip and wire” microwave circuits. As amplifiers, attenu- 
ators, or switches at microwave frequencies, MMICs offer 
benefits of reduced size, lower unit cost, and higher reli- 
ability. An integrated circuit design. 

mnemonic — 1. A term describing something used 
to assist the human memory. 2. A method of expressing 
complicated words, names, or phrases so as to render 
them easy to remember, usually by using the first letter 
or letters of each major syllable of the original. 3. The art 
of improving the efficiency of the memory (in computer 
storage). Abbreviation of instructions used in computer 
language programming. 4. An abbreviation or word that 
stands for another word or phrase. 

mnemonic code — 1. Computer instructions written 
in a form the programmer can remember easily, but which 
must be converted into machine language later. 2. A 
memory jogger. 3. Computer instructions written in brief, 
easy-to-learn, symbolic or abbreviated form. Mnemonic 
code is also recognizable by the assembly program. For 
example, ADD, SUB, CLR, and MOV are mnemonic 
codes for instructions that will be executed as machine 
code. 

mnemonic language — A programming language 
that is based on easily remembered symbols and that can 
be assembled into machine language by the computer. 

mnemonic operation codes — Computer instruc- 
tions that are written in a meaningful notation, for exam- 
ple: ADD, MPY, STO. 

mnemonic symbol— A symbol chosen so that it 
assists the human memory; for example, the abbreviation 
MPY used for “multiply.” 

MNOS — Abbreviation for metal-nitride-oxide semi- 
conductor. 

mobile operation— Radiocommunication con- 
ducted while in motion or during halts at unspecified 
locations. 

mobile radio service— Radio service between a 
fixed location and one or more mobile radio stations, or 
between mobile stations. 

mobile radiotelephone — System providing tele- 
phone service to a station located in a mobile vehicle, 
using radio circuits to a base station that is connected to 
a central telephone office. 

mobile receiver — The radio receiver in an automo- 
bile, truck, or other vehicle. 

mobile-relay station—A type of base station in 
which the base-station receiver automatically turns on the 
base-station transmitter that then retransmits all signals 
received by the base-station receiver. Such a station is 
used to extend the range of mobile units and requires two 
frequencies for operation. 

mobile service — A radiocommunication service 
between mobile and fixed stations, or between mobile 
stations. Depending on whether one or more of the earth 
stations are on land, sea, or air, the service is called land 
mobile, maritime mobile, or aeronautical mobile. 
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mobile station— A radio station intended for use 
while in motion or during halts at unspecified points. 
Included are hand- and pack-carried units. 

mobile telemetering — Electric telemetering be- 
tween moving objects, where interconnecting wires 
cannot be used. 

mobile telephone service — |. Telephone service 
between a fixed base station and several mobile stations 
in vehicles. 2. Telephone service from mobile stations 
into the commercial telephone system. 3. Radiotelephone 
service provided to motor vehicles, railroad trains, and 
airplanes. 

mobile transmitter— A radio transmitter installed 
and operated in a vessel, land vehicle, or aircraft. 

mobility — Symbolized by the Greek letter mu (x). 
], The ease with which carriers move through a semi- 
conductor when they are subjected to electric forces. In 
general, electrons and holes do not have the same mobility 
in a given semiconductor. Also, their mobility is higher in 
germanium than in silicon. Normally expressed in terms 
of the average drift velocity attained by the type of carrier 
concerned per unit electric field intensity. 2. The veloc- 
ity of a charged particle attained under the action of an 
applied electric field. Units are cm*/V-Sec. 

mobius counter — See Johnson counter. 

modal dispersion — A fiber bandwidth-limiting fac- 
tor caused by differences in the propagation characteristics 
of the various modes in a multimode fiber. 

mod/demod — Abbreviated form of modulating and 
demodulating. 

mode — 1. One of several types of electromagnetic 
wave oscillation that may be sustained in a given resonant 
system. Each type of vibration is designated as a particular 
mode and has its own particular electric- and magnetic- 
field configurations. 2. One of several methods of exciting 
a resonant system. The term has also been used to describe 
the existence of a number of different input voltages 
that allow operation of a klystron at the same frequency. 
3. A computer system of data representations (e.g., the 
binary mode). 4. The most frequent value in a series 
of measurements or operations. 5. The characteristic of 
a quantity being suitable for integer or floating-point 
computation. 6. The most common or frequent value in a 
group of values. 7. The pattern of an electromagnetic field 
within an optical fiber. A fiber that can propagate only one 
field pattern is referred to as a single-mode fiber; a fiber 
propagating more than one field pattern in a multimode 
fiber. 

mode coupling — The interaction or exchange of 
energy between similar modes. 

mode filter — A waveguide filter designed to separate 
waves of the same frequency but of different transmission 
modes. 
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mode hopping — The random shifting of laser out- 
put energy from one mode to another for short durations, 
usually in the microsecond range. The modes are gener- 
ally closely spaced. 

mode jump—aA change in the mode of magnetron 
Operation from one pulse to the next. Each mode repre- 
sents a different frequency and power level. 

model— 1. An approximate representation of a pro- 
cess or system that tries to relate (usually mathematically) 
a part or all of the variables in the system so that a better 
understanding of the system is attained. 2. A geometri- 
cally accurate and complete representation of a real object 
stored in a CAD/CAM data base. 

mode-locked laser—A laser that functions by 
modulation of the energy content of each mode internally 
to give rise selectively to energy bursts of high-peak 
power and short duration. 

modem — Acronym for modulator/demodulator, also 
known as a data set. 1. A device that transforms a typical 
two-level computer signal into a form suitable for trans- 
mission over the telephone network (for example, conver- 
sion of a two-level signal into a two-frequency sequence 
of signals). 2. A device that modulates and demodulates 
signals transmitted over communication facilities. 3. A 
device that performs modulation in the form of signal 
conversion, interfacing computers or computer peripheral 
equipment to the telephone line. Instead of trying to send 
a logic 0 or 1 dc voltage level over phone lines where 
voltage transients or noise pulses could be interpreted as 
false signals at the other end of the line and where trans- 
former coupling is used, the modem changes the logic 
O or 1 into pulse audio tones. The tones travel over the 
phone line and enter a companion modem at the other end 
of the line and are converted back into 1s and Os to prop- 
erly interface and communicate with a computer or com- 
puter peripheral equipment. 4. A modulator-demodulator, 
whose primary function is to convert input digital data 
to a form compatible with basically analog transmission 
lines. Modulation is the digital-to-analog conversion pro- 
cess; demodulation is the reverse, whereby transmitted 
analog signals are reconverted to digital data compatible 
with the receiving data-handling equipment. In the process 
of carrying out this primary function, the modem must be 
compatible with the data communications equipment at its 
digital interface as well as with the telephone line at its 
analog interface. 5. A device that converts electrical sig- 
nals to telephone tones and back again. The conversion 
occurs through acoustic coupling (placing speakers near 
the phone) or direct coupling to the line, which provides 
superior frequency response. Most modems use the RS- 
232C interface standard. 6. A device that converts signals 
from digital to analog and vice versa. The word modem 
is a contraction of the two main functions of the unit: 
modulator (converts digital to analog) and demodulator 
(converts analog to digital). 7. A device that modulates 
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and demodulates signals transmitted over communications 
facilities; that is, a device used to convert digital signals 
into analog (voice-like) signals for transmission over a 
telephone line. At the other end of the line another modem 
converts the analog signals back into digital form. 

mode number— 1. In a reflex klystron, the number 
of whole cycles that a mean-speed electron remains 
in the drift space. 2. The number of radians of phase 
shift resulting from going once around the anode of a 
magnetron divided by 27. 

mode of failure — See failure mode. 

mode of resonance—A form of natural electro- 
magnetic oscillation in a resonator. It is characterized by 
an unvarying field pattern. 

mode of transmission propagation — 1. A form 
of guided-wave propagation characterized by a particular 
field pattern that intersects the direction of propagation. 
The field pattern is independent of its position along 
the waveguide. For a uniconductor waveguide, it also is 
independent of frequency. 2. In a vibrating system, the 
state that corresponds to one of the resonant frequencies. 

mode of vibration— The pattern formed by the 
movement of the individual particles in a vibrating body 
(e.g., piezoelectric crystal), This pattern is determined by 
the stresses applied to the body, the properties of the body, 
and the boundary conditions. The three common modes 
of vibration are flexural, extensional, and shear. 

mode purity—The freedom of an atr tube from 
undesirable mode conversion while the tube is in its 
mount. 

mode separation —In an oscillator, the difference 
in frequency between resonator modes of oscillation. 

mode shift—In a magnetron, the change in mode 
during a pulse. 

mode skip— Failure of a magnetron to fire during 
each successive pulse. 

mode transducer — Also called mode transformer. 
A device that transforms an electromagnetic wave from 
one mode of propagation to another. 

mode transformer — See mode transducer. 

modification — The physical alteration of a system, 
suosystem, etc., for the purpose of changing its designed 
capabilities or characteristics. 

modified constant-voltage charge — The charg- 
ing of a storage battery in which the voltage of the 
charging circuit is held substantially constant, but a fixed 
resistance is inserted in the battery circuit, producing a 
rising voltage characteristic at the battery terminals as the 
charge progresses. 

modified index of refraction— Also called mod- 
ified refractive index. In the troposphere, the index of 
refraction at any height increased by h/a, where h is the 
height above sea level and a is the mean geometrical 
radius of the earth. When the index of refraction in the 
troposphere is horizontally stratified, propagation over a 
hypothetical flat earth through an atmosphere with the 
modified index of refraction is substantially equivalent to 
propagation over a curved earth through the real atmo- 
sphere. 

modified refractive index — See modified index of 
refraction. 

modifier— A device that alters an instruction but 
does not change the form of energy (for example, the 
changing of electrical input signals into electrical output 
signals). 

moding — A defect of magnetron oscillation in which 
the magnetron oscillates in one or more undesired modes. 

modular — 1. Made up of modules. 2. Dimensioned 
according to a prescribed set of size increments. 3. A 
partitioning scheme for a family of single-board micro- 
computer family circuit cards wherein system and I/O 
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functions of various types are grouped and organized into 
modules (a memory module, for example). Each of the 
modular circuit board elements also includes a bus inter- 
face to allow intercommunication. The benefit to the sys- 
tem designer is that various functions can be included only 
to the degree needed for a specific application. 4. Having 
dimensions which are integral multiples of a unit of length 
called a module. 5. Composed of subunits. Computer sys- 
tems and programs are made this way to make them easier 
to change or expand. 6. A design technique that permits 
a device or system to be assembled from interchangeable 
components; such a system or device can be expanded or 
modified simply by adding another module. 

modular connector — A connector in which similar 
or identical sections can be assembled together to provide 
the best connector type or size for the application. 

modulate —To vary the amplitude, frequency, or 
phase of a wave by impressing one wave on another wave 
of constant properties. 

modulated amplifier — In a transmitter, the ampli- 
fier stage where the modulating signal is introduced and 
modulates the carrier. 

modulated-beam photoelectric system— An 
intrusion-detector system that provides reliable beam 
ranges of several thousand feet. This is done by interrupt- 
ing the light beam at the source with a rotating punched or 
slotted disc. In this way, the phototube output is converted 
to an ac signal, which can then be easily amplified. 

modulated carrier-——A radio-frequency carrier in 
which the amplitude or frequency has been varied by, 
and in accordance with, the intelligence to be conveyed. 

modulated continuous wave— Abbreviated 
MCW. A wave in which the carrier is modulated by a 
constant audio-frequency tone. In telegraphy service, the 
carrier is keyed to produce the modulation. 

modulated light— Light whose intensity has been 
made to vary in accordance with variations in an audio- 
frequency or code signal. 

modulated oscillator — An oscillator whose output 
frequency is varied by an input signal. 

modulated photoelectric alarm system—A 
photoelectric alarm system in which the transmitted light 
beam is modulated in a predetermined manner and in 
which the receiving equipment will signal an alarm unless 
it receives the properly modulated light. 

modulated signal generator— A device that 
produces an output signal that may be changed in 
amplitude and/or frequency according to a desired pattern. 
It is calibrated in units of both power (or voltage) and 
frequency. 

modulated stage—The radio-frequency stage to 
which the modulator is coupled and in which the con- 
tinuous wave (carrier wave) is modulated in accordance 
with the system of modulation and the characteristics of 
the modulating wave. 

modulated wave—aA carrier wave in which the 
amplitude, frequency, or phase varies in accordance with 
intelligence signal being transmitted. 

modulating amplifier using variable reac- 
tance — A very-high-frequency electron-beam paramet- 
ric amplifier with bandpass characteristics that are 
independent of gain, and which is unconditionally stable. 

modulating electrode —In a cathode-ray tube, an 
electrode to which a potential is applied to control the 
magnitude of the beam current. 

modulating signal — See modulating wave. 

modulating wave — Also called modulating signal, 
or simply signal. A wave that varies some characteristic 
(i.e., frequency, amplitude, phase) of the carrier. 

modulation — 1. The process of modifying some 
characteristic of a wave (called a carrier) so that it varies 
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in step with the instantaneous value of another wave 
(called a modulating wave or signal). The carricr can 
be a direct current, an alternating current (provided its 
frequency is above the highest frequency component in 
the modulating wave), or a series of regularly repeating, 
uniform pulses called a pulse chain (provided their 
repetition rate is at least twice that of the highest 
frequency to be transmitted). 2. The controlled variation 
of frequency, phase, and/or amplitude of a carrier wave of 
any frequency in order to transmit a message. 3. In fiber 
optics, the manner in which information is coded into 
light for transmission through a fiber. The modulation 
method may be either pulse modulation (digital) or 
intensity modulation (analog). 4. The process of varying 
one signal with another. 5. The imposing of a signal 
on some type of transmission or storage medium, such 
as a radio carrier or magnetic tape. 6. The process, or 
results of the process, whereby some characteristic of 
one signal is varied in accordance with another signal. 
The modulated signal is called the carrier and may 
be modulated in three fundamental ways: by varying 
the amplitude (amplitude modulation) by varying the 
frequency (frequency modulation) or by varying the 
phase (phase modulation). 7. The process by which some 
characteristic of a higher frequency wave is varied in 
accordance with the amplitude of a lower frequency wave. 

modulation capability — The maximum percentage 
of modulation possible without objectionable distortion. 

modulation code — A code used to cause variations 
in a Signal in accordance with a predetermined scheme; 
normally used to alter or modulate a carrier wave to 
transmit data. 

modulation distortion — Distortion occurring in 
the radio-frequency amplifier tube of a receiver when the 
Operating point is at the bend of the grid-voltage/plate- 
current characteristic curve. As a result, the plate-current 
changes are greater on positive than on negative half- 
cycles. The effect is equivalent to an increase in the 
percentage of modulation. 

modulation envelope — A curve, drawn through 
the peaks of a graph, showing how the waveform of a 
modulated carrier represents the waveform of the intelli- 
gence carried by the signal. The modulation envelope is 
the intelligence waveform. 
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modulation factor—In an amplitude-modulated 
wave, the ratio of half the difference between the maxi- 
mum and minimum amplitudes to the average amplitude. 
This ratio is multiplied by 100 to obtain the percentage 
of modulation. 

modulation frequency — That signal which causes 
the output frequency of an oscillator to be modulated. 
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modulation index— 1. In frequency modulation 
with a sinusoidal modulating wave, the ratio of the 
frequency deviation to the frequency of the modulating 
wave. 2. A measure of the degree of modulation. 

modulation indicator— A relative indicator that 
glows brighter and brighter as the modulation level 
approaches 100 percent. It gives the operator some idea 
of how fully he or she is modulating the carrier. 

modulation meter—An instrument that measures 
the modulation percentage of an amplitude modulated 
signal and displays the results on a scale or dial. 

modulation monitor— See modulation meter. 

modulation noise — Also called noise behind the 
signal. 1. The noise caused by the signal, but not including 
the signal. 2. The noise produced on playback of a tape 
that is a function of the instantaneous amplitude of the 
signal. It is caused by poor particle dispersion and surface 
irregularities. 

modulation percentage — The modulation factor 
multiplied by 100. 

modulation plan —- The arrangement by which the 
individual channels or groups of channels are modulated 
to a final frequency allocation. 

modulation ratio — For an electrically modulated 
source, the number obtained by dividing the percentage 
of radiation modulation by the percentage of current 
modulation. 

modulation rise — An increase in the modulation 
percentage. It is caused by a nonlinear tuned amplifier, 
usually the last intermediate-frequency stage of a receiver. 

modulation transfer function— Abbreviated 
MTF. Also called sine-wave response, and contrast trans- 
fer function. 1. The ratio of input modulation to output 
modulation. 2. A plot of the video output amplitude as a 
function of TV line number for a sine-wave- modulated 
input, i.e., a bar pattern with sine-wave density variation 
serving as the object for the TV camera. The output video 
amplitude, measured by an oscilloscope, is calibrated at 
100 percent for small line numbers (wide lines). 3. The 
function, usually a graph, describing the modulation of the 
image of a sinusoidal object as the frequency increases. 
The ratio of the modulation in the image to that in the 
object. 

modulator— 1. A device that effects the process 
of modulation. 2. In radar, a device for generating a 
succession of short energy pulses that cause a transmitter 
tube to oscillate during each pulse. 3. An electrode in a 
spacistor. 

modulator crystal —A crystal that is used to mod- 
ulate a polarized light beam by the use of Pockel's effect. 
Useful as a modulator in laser systems. 

modulator driver— A transmitter circuit that pro- 
duces a pulse to be delivered to the control grid of the 
modulator stage. 

modulator glow tube—A cold-cathode recorder 
tube used for facsimile and sound-on-film recording. 
It provides a modulated, high-intensity, point-of-light 
source. 

modulator stage — The last stage through which the 
signal that modulates the radio-frequency wave is passed. 

module — 1. A unit in a packaging scheme display- 
ing regularity and separable repetition. It may or may 
not be separate from other modules after initial assembly. 
Usually all major dimensions are in accordance with a 
prescribed series of dimensions. 2. A packaging concept 
in which identical forms are used. 3. A complete sub- 
assembly of a larger system combined in a single package. 
4. An interchangeable plug-in item containing electronic 
components, which may be combined with other inter- 
changeable items to form a complete unit. 5. A collec- 
tion of modules or a collection of software items in any 
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combination in computer software. 6. A section of soft- 
ware that has well-defined inputs and outputs and may be 
tested independently of other software. 7. Án encapsu- 
lated ali-solid-state control circuit. 8. An equipment unit 
capable of being combined with other similar units to 
form a larger unit. 9, Any assembly of interconnected 
components that constitutes an identifiable item, device, 
instrument, or piece of equipment. 

modulo—A term used to express the maximum 
number of states for a counter; this term is used to 
describe several packet-switched network parameters, 
such as packet number (usually set to modulo 8, counted 
from 0 to 7). When the maximum count is exceeded, the 
counter is reset to Q. 

modulo-n counter—A counter with # unique 
states. See also programmable counter. 

modulus — Abbreviated mod. 1. An integer desig- 
nating the number of states through which a counter 
sequences during each cycle. 2. The number of distinct 
states that a counter has. For example, the modulo-10 
counter has a modulus of 10 and therefore has 10 distinct 
states. 

moiré — 1. A wavy or satiny effect produced by the 
convergence of lines. Usually appears as a curving of the 
lines in the horizontal wedges of the test pattern and is 
most pronounced near the center, where the lines forming 
the wedges converge. A moiré pattern 1s a natural optical 
effect when converging lines in the picture are nearly 
parallel to the scanning lines. To a degree this effect 
is sometimes due to the characteristics of color picture 
tubes and of image-orthicon pickup tubes (in the latter, 
it is termed mesh beat), 2. A coarse pattern of shading 
that occurs in a facsimile system when half-tone material 
is scanned. 3. In television, the spurious pattern in the 
picture resulting from interference beats between two sets 
oí periodic structures in the image. 

moire effect—A fringe pattern arising from the 
interference between two superimposed line patterns. 
In a monitor it comes from the interference between 
the shadow mask pattern and the video information 
(video moiré) or between the shadow mask pattern 
and the horizontal line pattern (scan moiré). Autoscan 
(MultiSync) monitors, which operate over a range of 
scanning frequencies, may sometimes exhibit moiré in 
certain video modes. 

moisture absorption — The amount of moisture (in 
percentage) that an insulation will absorb. The figure 
should be as low as possible when the insulation is to 
be used in a moist environment. 

moisture repellent— Having properties such that 
moisture will not penetrate. 

moisture resistance — The ability of a material not 
to absorb moisture, either from the air or from being 
immersed in water. 

moisture resistant— Having characteristics such 
that exposure to a moist atmosphere will not readily lead 
to a malfunction. 

mol — Abbreviation for molecular weight. 

mold — In disc recording, a metal part derived from a 
master by electroforming. It is a positive of the recording 
(i.e., it has grooves similar to those of a recording and 
thus can be played). 

molded capacitor— A capacitor that has been 
encased in a molded plastic insulation. 

molded carbon potentiometer — A potentiometer 
in which a carbon resistance element and all other parts 
of the potentiometer are molded together. 

molding — A process using pressure to apply accu- 
rately dimensional, specifically shaped jackets to parts 
or assemblies. This process usually uses costly heavy- 
machined meta! molds. 
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molectronics — Abbreviation for molecular elec- 
tronics. 

molecular circuit—1. See monolithic integrated 
circuit. 2. An electronic circuit demonstrating a measur- 
able input and output, where the portions performing 
various functions such as resistance or capacitance are 
indistinguishable as discrete areas. | 

molecular circuitry — See morphological circuitry. 

molecular clock — A device for time measurement 
based on an electromagnetic oscillation of extremely 
stable frequency from a beam of the rotation spectrum, 
the vibration or inversion of a particuiar molecule, and a 
counting device. 

molecular electronics — Abbreviated molectron- 
ics. 1. The science of making a single block of matter 
perform the function of a complete circuit. This is done 
by merging the function with a material, using solid-state 
functional blocks. 2. Electronics on a molecular scale, 
dealing with the production of complex circuitry in semi- 
conductor devices with integral elements processed by 
growing multizoned crystals in a furnace for the ultimate 
performance of clectrical functions. 

molecular integrated circuit— An integrated cir- 
cuit such that the identity and location of specific electric 
elements cannot be determined even by microscopic dis- 
assembly of the material of which the circuit is formed. 
In contrast to a conventional microelectronic circuit, the 
molecular integrated circuit can be defined only by func- 
tion, which in turn can be described only by mathematical 
models and incremental circuit representation. 

molecular technique — A practice method of caus- 
ing a single piece of material or a crystal to provide a 
complete circuit function. 

molecular weight — Abbreviated mol. Also known 
as relative molecular mass. The sum of the weights of all 
the atoms in a molecule, expressed relative to !/¡2 of the 
mass of a carbon-12 atom. 

molecule — In any substance, the smallest particle 
that still retains the physical and chemical characteristics 
of that substance. A molecule consists of one or more 
atoms of one or more elements. Sometimes two entirely 
different substances may have similar chemical elements, 
but their atoms will be arranged in a different order. 

molybdenum— A metallic element (chemical sym- 
bol, Mo; atomic number, 42; atomic weight, 95.95) some- 
times used for the grid and plate electrodes of vacuum 
tubes. 

momentary contact— Closure of a normally open 
switch for a brief period. 

momentary contact switch—A mercury switch 
designed to make contact for only a brief transitory 
interval while the mercury moves from one extreme 
position to another. 

momentary loss of power— A short interruption 
of power to the total equipment. 

momentary start— An electrical signal for starting 
a timer that is of any duration shorter than the time setting. 

momentary switch— 1. A switch that returns to 
its normal circuit condition when the actuating force is 
removed. 2. A spring-loaded contact that, when pressed, 
closes two contacts. When pressure is removed, contacts 
open. 

monaural— Describing sound reproduction using 
only one source of sound and giving a monophonic effect. 
See monophonic. 

monaural channel unbalance — The ratio of the 
outputs from the right and left channels with a monaural 
signal applied to the input. 

monaural recorder— Literally, a tape recorder 
intended for listening with one ear only; however, in 
popular usage refers to single-channel] recorders, as 


monitor — monofilament 


distinguished from multichannel (stereophonic, binaural, 
etc.) types. More correctly but less universally called 
monophonic recorder. 

monitor— 1. To listen to a communication service, 
without disturbing it, to determine its freedom from 
trouble or interference. 2. A device (e.g., a recelver, 
oscilloscope, teleprinter, etc.) used for checking signals. 
3. A software package or a hardware device that can 
be used to measure the performance of a system or 
the utilization of specific devices, 4. Any device used 
to observe or measure a parameter. 5. Any device for 
listening incidentally to an audio signal that is primarily 
directed to some other purpose at that moment. A monitor 
loudspeaker is used for auditioning a recording or radio 
program incidentally to its committal to tape or its 
broadcast. 6. The operator of a television monitoring 
system who selects one out of several camera images 
for broadcasting. 7. A TV set without a tuner used 
to directly display the composite video signal from a 
camera, videotape recorder, or special-effects generator. 
8. A controller of the operation of the various programs 
available, the monitor can access the editor, assembler, or 
other programs. 9. A program that controls a computer’s 
basic operation, telling it how and where to acquire the 
programs and data, where to store them, and how to run 
them. 10. A device for video viewing connected directly 
to the camera output. Á true monitor does not incorporate 
channel selector components or audio components. 

monitored fast forward — A feature in a cartridge 
deck whereby the playback amplifier is left on at low 
volume during fast forward so the user can hear the 
program running through at the faster speed, to spot or 
cue up to the desired program. 

monitor head— A playback head that is separated 
from the record head, enabling the recordist to listen 
to what is coming off the tape a fraction of a second 
after it has been recorded and while the recording is 
still in progress. Without a monitor head, a tape must be 
recorded to its end and then rewound and replayed before 
the recordist can cvaluate the tape. On some cassette 
decks with monitor capability, the monitor head 1s not 
completely separate, but is built into the same shell as the 
record head. 

monitoring — 1. Observing the characteristics of 
transmitted signals as they are being transmitted. 
2. Listening to a communication service without 
disturbing it to determine its quality or freedom from 
trouble or interference. 

monitoring amplifier—A power amplifier used 
primarily for evaluation and supervision of a program. 

monitoring key—A key that, when operated, per- 
mits an attendant or operator to listen on a telephone 
circuit without causing appreciable impairment of trans- 
mission on the circuit. 

monitoring radio receiver— A radio receiver for 
checking the operation of a transmitting station. 

monitors — Programs that control the operation of an 
entire computer system. They often contain routines that 
tell the computer how to communicate with the outside 
world and how to allocate resources. 

monitor systems — Programs that supervise other 
programs and keep computers functioning efficiently with 
a minimum of assistance from human operators. 

monkey chatter— Garbled speech or music heard 
along with a desired program. This interference occurs 
when the side frequencies of an adjacent-channel station 
beat with the signal from the desired station. 

monoboard microcomputer— See single-board 
microcomputer. 
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monobrid— A method of manufacturing an inte- 
grated circuit by using more than one monolithic chip 
within the same package. 

monobrid circuit— An integrated circuit using a 
combination of monolithic and multichip techniques by 
means of which a number of monolithic circuits or a 
monolithic device in combination with separate diffused 
or thin-film components are interconnected in a single 
package. 

monochromatic — 1. Pertaining to or consisting of 
a single color. 2. Radiation of a single wavelength. 

monochromatic emissivity — See total emissivity. 

monochromaticity — The degree of response to one 
color. 

monochromatic light — Light consisting of just one 
wavelength. No light is completely monochromatic. The 
closest approach is particular lines in the mercury 198 
spectrum excited in a discharge tube with no electrodes. 

monochromatic sensitivity— The response of a 
device to light of a given color only. 

monochromator— An instrument used to isolate 
narrow portions of the spectrum by making use of the 
dispersion of light into its component colors. 

monochrome— Also called black-and-white in 
referring to television. 1. Having only one chromati- 
city— usually achromatic, or black and white and all 
shades of gray. 2. Black and white with all shades of 
gray. 

monochrome channel — In a color television sys- 
tem, any path intended to carry the monochrome signal 
(although it may carry other signals also). 

monochrome channel bandwidth — The band- 
width of the path that carries the monochrome signal. 

monochrome signal—1.In a monochrome TV 
transmission, the signal wave that controls the luminance 
values in the picture. 2. In a color-television transmission 
signal wave, the portion with major control of luminance, 
whether displayed in color or monochrome. 

monochrome television — Also called black-and- 
white television. Television in which the final reproduced 
picture is monochrome. That is, it has only shades of gray 
between black and white. 

monochrome transmission — Also called black- 
and-white transmission. 1. In television, the transmission 
of a signal wave that represents the brightness (luminance) 
values in the picture, but not the color (chrominance) 
values. 

monoclinic — A crystal structure in which two of the 
three axes are perpendicular to the third, but not to each 
other. 

monocord switchboard—A local-battery tele- 
phone switchboard in which each line terminates in a 
single jack and plug. 

monocrystal— A crystal of material that has a 
continuous lattice structure and orientation throughout 
its volume, in contrast with the multigrain structure 
of a polycrystal. Almost all semiconductor devices are 
fabricated from monocrystalline material. 

monocrystalline — Material made up of a single 
continuous crystal. 

monoergic — A type of emission in which the parti- 
cles or radiations are produced with a small energy spread 
(i.e., a “line spectrum”). 

monofier — A complete master oscillator and power 
amplifier system contained in a single evacuated envelope. 
It is equivalent electrically to a stable low-noise oscillator, 
an isolator, and a two- or three-cavity klystron amplifier. 

monofilament— A single-strand filament, as opp- 
osed to a braided or twisted filament. 
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Figure A-8. A gold-plated pin connector is soldered to the modified USB cable. The red and black 
insulation is left visible to be a polarity indicator when installing the cable to the solderless breadboard. 
Another happy LED! 


Adding Features 


This power supply works just fine for most projects. If your requirements are, “Translate AC power from 
the wall into regulated DC power I can use for small projects, without spending a lot of money,” then this 
contraption fits the bill precisely. 

You can see for yourself in Figure A-8 that it does indeed work as advertised. Looking back at Figure 
A-7, you can see that the charger itself has a power-on indicator LED built into the housing. What it 
doesn’t have is a power control or a switch. The power to the circuit is controlled by the switch on the 
power strip. This works just fine as long as you don’t mind turning on and off everything else that 
happens to be plugged into the same power strip. 
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monogroove stereo— Also called single-groove 
stereo. Á stereo recording in which both channels are 
contained in one groove, 

monolithic — |. Existing as one large, undifferen- 
tiated whole. 2. Refers to the single slice of silicon 
substrate on which an integrated circuit is built; hence, 
monolithic integrated circuit. 3. Elements or circuits 
formed within a single semiconductor substrate. 

monolithic ceramic capacitor — An electrostatic 
capacitor that is constructed by cofiring alternate layers 
of metal (electrodes) with carefully selected ceramic 
(dielectric) materials. 
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Monolithic ceramic capacitor. 


monolithic circuit—A monolithic semiconductor 
integrated circuit has all circuit components manufactured 
in or on top of a single crystal semiconductor material. 
Interconnections between the component parts within a 
given circuit are made by means of metallization patterns, 
and the individual parts are not separable from the 
complete circuit. Hence, the monolithic circuit is often 
referred to as a fully integrated circuit. 

monolithic filter—A filter whose operations are 
based on the use of deposited electrode pairs acting as 
shear or thickness-mode resonators separated by nonelec- 
trode regions that act as acoustic coupling elements. The 
entire filter is on a single quartz or ccramic substrate. 

monolithic hybrid — Hybrid circuit built on a mul- 
tilayer semiconductor substrate. Semiconductor elements 
are actually formed within the substrate ín a process much 
like that used to build a monolithic IC. Additional com- 
ponents can be soldered or chemically bonded to the 
substrate, but components usually are fabricated within 
the substrate. 

monolithic IC — See monolithic integrated circuit. 

monolithic integrated circuit — Abbreviated MIC. 
1. An integrated circuit whose elements are formed in 
situ upon or within a semiconductor substrate, with at 
least one of the elements formed within the substrate. See 
also integrated circuit, 1. To further define the nature of 
a monolithic integrated circuit, additional modifiers may 
be prefixed. Examples: pn junction-isolated monolithic 
integrated circuit, dielectric-isolated monolithic integrated 
circuit, or beamlead monolithic integrated circuit. 2. The 
physical realization of electronic circuits or subsystems 
from a number of extremely small circuit elements 
inseparably associated on or within a continuous body 
or a thin film of semiconductor material. 3. An integrated 
circuit that is fabricated completely on a single chip and 
which contains no thin film or discrete components. (As 
opposed to hybrid IC.) 4. A complete electronic circuit 
fabricated as an inseparable assembly of circuit elements 
in a single small structure. It cannot be divided without 
permanently destroying its intended electronic function. 


5. An integrated circuit in which all components are 
created by pn junctions grown on a single chip of silicon 
crystal. 6. An electronic circuit formed within a single 
small chip of crystalline semiconductor material, usually 
silicon. Typically the chip is contained in a plastic or 
ceramic package. Electrical connection to package leads 
is made by fine wire, which is welded to metal pads on 
the chip and to the package leads. The advantages of 
integrated circuits include small size and extremely high 
reliability. 

monolithic microcircuit— See monolithic inte- 
grated circuit. 

monolithic microwave integrated circuit — See 
MMIC. 

monolythic™ capacitor—A trademark of the 
Sprague Electric Company for a muitilayer monolithic 
ceramic capacitor. 

monomer—A single molecule that can join with 
another monomer or molecule to form a polymer or 
molecular chain. 

monomode _ fiber— An optical fiber used for 
extremely long distance needs, with a core se tiny that 
all of the photons essentially have to travel in a straight 
line. These fibers may be used in transatlantic cable, with 
repeaters located at 12-mile (19-km) intervals. Since the 
photons have little chance to disperse, the light pulses fed 
into the fiber can in theory be so very rapid — 100 billion 
bits a second — that a single fiber could carry the digital 
equivalent of tens of thousands of voices simultaneously. 
(However, no laser now known can flash fast enough to 
exploit fully the capacity of a monomode fiber.) 

monophonic — Also called by the older term 
monaural. 1. Pertaining to audio information on one 
channel (1.¢., as opposed to binaural or stereophonic). 
Monophonic and monaural are usually, although not 
necessarily, associated with a one-speaker system. 
2. Single-channel sound. 

monophonic recorder — See monaural recorder. 

monopinch — Antijam application of the monopulse 
technique in which the error signal is used to provide 
discrimination against jamming signals. 

monopole — A stub antenna fed against a ground 
plane. 

monopole antenna—aA vertical antenna with a 
voltage node at the lower end and a current node at the 
top that 1s 0.25 wavelength at the operating frequency. 

monopulse — A method of determining azimuth and 
elevation angles simultaneously. 

monopulse radar — Radar using a receiving antenna 
system having two or more partially overlapping lobes in 
the radiation pattern. Sum and difference channels in the 
receiver compare the amplitudes or phases of the antenna 
outputs. 

monopulse tracking — A form of telemetry track- 
ing that compares the phase of the carrier received simul- 
taneously at four points on a plane (two elevation and two 
azimuth references) and positions the antenna so that all 
four signals are in phase, or equidistant from the source of 
radiation. A variation of the monopulse tracking technique 
is the scan-coded or single-channel monopulse tracking 
system. 

monorange speaker — A speaker that provides the 
full spectrum of audio frequencies. 

monoscope — Also called phasmajector or mono- 
tron. An electron-beam tube in which the picture signal is 
generated by scanning an electrode, parts of which have 
different secondary-emission characteristics. 

monoscope cathode-ray tube—A character- 
generator CRT that functions on the principle of sec- 
ondary emission. The target holds a set of aluminum 
characters, select characters being scanned by the electron 
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beam. The secondary emission from the target is gath- 
ered by the collector and becomes a video signal to be 
transmitted to and converted in other cathode-ray tubes. 

monospacing — Method of printing in which each 
character printed takes up the same amount of space 
horizontally, irrespective of the size of the character. 

monostable — Also called single-shot or one-shot. 
1. A term used to describe a circuit that has one perma- 
nently stable state and one quasi-stable state. An external 
trigger causes the circuit to undergo a rapid transition from 
the stable state to the quasi-stable state, where it remains 
for a time and then spontaneously returns to the stable 
state. 2. A type of multivibrator that has one stable state. 
The integrated-circuit version usually includes input gat- 
ing and sometimes a Schmitt trigger. 3. A system that has 
an at-rest bias causing one output condition consistently 
until appropriate input signaling occurs. 

monostable circuit—A circuit capable of two 
States of operation in which only one such state is stable; 
i.e., if triggered into the unstable state, the circuit will 
(after a controllable time interval) return to the stable state 
without external intervention. 

monostable multivibrator — Also called one-shot 
multivibrator, single-shot multivibrator, or start-stop mul- 
tivibrator, 1. A circuit having only one stable state, from 
which it can be triggered to change the state, but only for 
a predetermined interval, after which it returns to the orig- 
inal state. 2. A multivibrator having one stable and one 
semistable condition. A trigger is used to drive the unit 
into the semistable state, where it remains for a predeter- 
mined time before returning to the stable condition. 3. A 
half-analog/half-digital circuit that produces a pulse on 
its output in response to a trigger signal at its input. The 
output pulse width is determined by a resistor-capacitor 
network. 4. A multivibrator that delivers one output pulse, 
of adjustable width, for each input pulse received. 


Circuit. 
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Monostable multivibrator. 


monostatic reflectivity —The characteristic of a 
reflector that reflects energy only along the line of the 
incident ray (e.g., a corner reflector). 

monotone — A single musical tone unvaried in pitch. 
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monotonic DAC—A digital-to-analog converter 
that has an analog output that is a continuously increasing 
function of the input. 

monotonicity — 1. A measure of the ability of a 
converter (either d/a or a/d) to produce an output in 
response to a continuously increasing input signal (a/d) 
or count (d/a) without decreasing in value or skipping 
codes. 2. Parameter for a d/a converter. It means that there 
is always an increase in the output level for each increase 
in digital input. If the output decreases, the converter 
is nonmonotonic and can seldom be used to its full 
resolution. 3. In a d/a converter, if the output analog signal 
either increases or stays the same for an increase in input 
digital code, it is termed monotonic. In an a/d converter, 
if the output digital code increases or stays the same for a 
1-Isb increase in input voltage, it is termed monotonic. 
If a data converter’s differential linearity lies within 
+1 Isb, the device will be monotonic. Monotonicity is 
especially important in control loops where convergence 
is necessary. 4. In analog-to-digital conversion, indicates 
that the digital output never exhibits a decrease between 
one conversion and the next, as the analog input increases 
steadily from zero to rated maximum. 

monotron — See monoscope. 

Monte Carlo analysis — A mathematical technique 
that, by randomly changing component values, predicts 
the effect of statistical variations on circuit performance. 

Monte Carlo method — Abbreviated MCM. 1. A 
computer technique in which a number of possible models 
under study are mathematically constructed from con- 
stituents selected at random from representative popula- 
tions. 2. Any procedure that involves statistical sampling 
techniques in order to obtain an approximate solution of 
a mathematical or physical problem. 

Monte Carlo simulation — A subset of digital sim- 
ulation models based on random or stochastic processes. 

MOPA — Acronym for master oscillator-power ampli- 
fier. 

morphological circuitry— Also called molecular 
circuitry. A circuit made from a material in which the 
molecular structure has been arranged to perform a certain 
electrical function. 

Morse code—A system of dot-and-dash signals 
developed by Samuel F. B. Morse and now used chiefly 
in wire telegraphy. 
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Morse sounder— 1. A telegraph receiving instru- 
ment that produces a sound at the beginning and end of 
each dot and dash. From these sounds, a trained operator 
can interpret the message. 2. A device consisting of an 
electromagnet with a spring-loaded armature that is used 
for the reception of Morse coded signals. The start of a 
mark signal produces a sharp “click” sound, and the end 
of the signal a “clack” sound. 

Morse telegraphy — Telegraphy in which the Morse 
code or its derivative is used — specifically, the Interna- 
tional (also called continental) or American Morse code. 

MOS — Abbreviation for metal-oxide semiconductor. 

mosaic — The light-sensitive surface of an icono- 
scope or other television camera tube. In one form, it 
consists of millions of tiny silver globules on a sheet of 
ruby mica. Each globule is treated with cesium vapor to 
make it sensitive to light. The globules retain a positive 
charge when bombarded with light and absorb electrons 
from a Scanning beam in proportion to the amount of light 
they have received. 

mosaic detector— A device in which a number of 
active elements are arranged in an array. It is generally 
used as an imaging device. 

mosaic-lamp display — A form of display made up 
of seven straight line segments that can be used to form 
all digits, An individual lamp behind each segment lights 
to form each digit. 

MOS capacitor— A capacitor in which a silicon- 
oxide dielectric layer and a metal top electrode are 
deposited on a conducting semiconductor region that acts 
as the bottom electrode. 

MOS device — Semiconductor component (typically, 
in an IC) formed by metal-oxide semiconductor process. 
In an MOS device, current can flow in either of two 
directions, whereas in a bipolar semiconductor current 
flows in only one direction. 

MOSFET — Abbreviation for metal-oxide semicon- 
ductor field-effect transistor. Sometimes called insulated- 
gate field-effect transistor (IGFET). 
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MOS insulated-gate field-effect transistor — A 
semiconductor device consisting of two electrodes (source 
and drain) diffused into a silicon substrate and separated 
by a finite space, thus forming a majority-carrier conduct- 
ing channel. A metal electrode (gate) is placed above and 
insulated from the channel. 

MOS monolithic IC — A single-chip integrated cir- 
cuit, consisting largely of interconnected unipolar active- 
device elements or MOS field-effect devices. This class 
of circuits results in higher equivalent parts density. 

most significant bit— Abbreviated MSB. 1. The 
highest-order bit or the bit with the greatest weight. 2. The 
bit in the leftmost position. 

most significant digit— Abbreviated MSD. 
1. Number at the extreme left of a group of numbers. 
Example, 6937. Digit 6 is the MSD. Does not apply 
to number 0 when in the MSD position. 2. In a binary 
number, it is the digit with the highest weighting. 

mother —In disc recording, a mold electroformed 
from the master. 

motherboard — i. The main board in a computer, 
into which the circuits are plugged. 2. The main board 
in a computer that holds the CPU chip, the ROM, the 
RAM, and sometimes coprocessors. 3. A circuit board 
that accommodates plug-in cards or daughterboards and 
makes appropriate interconnecting terminations between 
them. 4. A printed circuit board to which one or more 
other circuit boards may be assembled and connected. 
5. The main printed circuit board equipped with female 
connectors in which all functional boards are inserted. It 
carries the system buses. See also backplane. 

mother crystal— The quartz crystal found in nature. 
It has the characteristic geometric design of a crystal (i.e., 
flat faces at definite angles to each other), but all or some 
of the faces may be worn because of abrasion with stones 
or other objects. 

motional feedback— Correction of a speaker's 
response by feeding information about its motion back to 
the amplifier. The amplifier then compares the speaker’s 
motions with its own output and changes this output 
so as to counteract any changes (distortions) created by 
the speaker. Such speakers usually have special servo 
amplifiers built in, though a few can be used with other 
amplifiers if these are modified. 

motional impedance — Also called loaded moti- 
onal impedance. The complex remainder after the blocked 
impedance of a transducer has been subtracted from the 
loaded impedance. 

motion detector— A device used in security sys- 
tems that reacts to any movement on a CCTV monitor 
by automatically setting off an alarm when the monitor is 
not manned. 

motion frequency — 1. The natural frequency of a 
servo system. 2. The frequency at which a given servo 
tends to oscillate. 

motion-picture pickup — A television camera or 
technique for televising scenes directly from motion- 
picture film. 

motion-sensing — A type of tape transport in which 
certain actions that could break or spill the tape are 
prevented or delayed until the instant the tape has come 
to a stop or reached a speed that allows the action to take 
place safely. 

motion sensor—A sensor that responds to the 
motion of an intruder. See also infrared motion detector; 
radio-frequency motion detector; sonic motion detector; 
ultrasonic motion detector. 

motor—1.A device that moves an object. Specif- 
ically, a machine that converts electric energy into 
mechanical energy. 2. A device that converts continuous 
electric current into a regular rotary motion. 
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motor board— Also called tape-transport mecha- 
nism. The platform or assembly of a tape recorder on 
which the motor (or motors), reels, heads, and controls 
are mounted. It includes parts of the recorder other than 
the amplifier, preamplifier, speaker, and case. 

motorboating— 1. Interference heard as the char- 
acteristic “putt-putt” made by a motorboat. It is due to 
self-oscillation, usually pulsating, in an amplifier below 
or at a low audio frequency. 2. A generally periodic, 
relatively low-frequency pulse disturbance of the output 
voltage of a regulated power supply, frequently line- or 
load-dependent, unstable, and significantly large, as in the 
case of oscillations. 

motor circuit switch — See disconnect switch. 

motor controiler— A device or group of devices 
that serves to govern, in a predetermined manner, the 
electrical power delivered to a motor, 

motor converter — A device for converting an alter- 
nating current to a pulsating direct current. It consists of 
an induction motor to which an ac supply is connected. 
The armature of the induction motor is linked mechani- 
cally to the armature of a synchronous converter, which 
is connected to a dc circuit. 

motor-driven relay — A relay in which the contacts 
are actuated by the rotation of a motor shaft. 

motor effect—-The repulsion force exerted between 
adjacent conductors carrying currents in the opposite 
direction. 

motor element— That portion of an electroacoustic 
receiver that converts energy from the electrical system 
into mechanical energy. 

motor-field control — The method of controlling 
the speed of a motor by changing the magnitude of its 
field current. 

motor field-failure relay— Also called field loss 
relay. A relay that functions to disconnect the motor 
armature from the line in the event of loss of field 
excitation. 

motor field induction heater— An induction 
heater in which the inducing winding typifies that of a 
rotary or linear induction motor. 

motor-generator set— A motor-generator combi- 
nation for converting one kind of electric power to another 
(e.g., alternating current to direct current). The two are 
mounted on a common base and their shafts are coupled 
together 

motorized lens — A camera lens fitted with a small 
electric motor that can focus the lens, open the diaphragm, 
or, in the case of a zoom lens, change the focal length, 
all by remote control. 

motor junction (conduit) box— An enclosure on 
a motor for the purpose of terminating a conduit run and 
joining the motor to power conductors. 
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motor lead wire— Wire that connects to the 
usually fragile and easily damaged magnet wire found 
in coils, transformers, and stator or field windings. 
General requirements are abrasion resistance, toughness, 
flexibility, dielectric strength, thermal resistance, and low 
percentage of extractables (where applicable, such as in 
hermetic wires). 

motor meter— A meter comprising a rotor, one or 
more stators, and a retarding element that makes the speed 
of the rotor proportionate to the quantity being measured 
(e.g., power or current). A register, connected to the rotor 
by suitable gearing, counts the revolutions of the rotor in 
terms of the total. 

motor-operated sequence switch—A multi- 
contact switch that fixes the operating sequence (or the 
major devices) during starting and stopping, or during 
other sequential switching operations. 

motor-run capacitor—A capacitor that is left in 
the auxiliary motor winding, and which is in parallel with 
the main winding to obtain a higher power factor and 
efficiency. 

motor-start capacitor— A capacitor that is in 
the circuit only during the starting period of a motor. 
The capacitor and its auxiliary winding are disconnected 
automatically by a centrifugal switch or other device when 
the motor reaches a predetermined speed, after which the 
motor runs as an induction motor. 

motor starter — A device arranged to start an electric 
motor and accelerate it to normal speed; a motor starter 
has no running position other than fully on. It is a 
combination of all the switching means required to start 
and stop the motor, and it incorporates suitable overload 
protection. 

mount—The flange or other means by which a 
switching tube, or a tube and cavity, are connected to 
a waveguide. 

mount structure—The essential elements of a 
vacuum tube except the envelope. 

mouse — A cigarette-pack-size hemispherical or rect- 
angular input device moved with one hand on a horizontal 
surface that causes corresponding movements of a cursor 
on a computer’s monitor. A mouse will usually have one 
or more finger-operated switches so that it can generate 
both on-off and positional input. The mouse may be con- 
nected to the computer by a cord or it may be wireless. 

mousepad — A pad used under a mouse to provide 
more traction for the mouse ball. 

mouth of a horn— The end having the larger cross 
section. 

M-out-of-N code —A type of fixed-binary code in 
which M of the N digits are always in the same state. 

MOV — Abbreviation for metal-oxide varistor. A 
varistor having a sintered zinc-oxide element and a 
symmetrical voltage-current characteristic. Such devices 
provide bidirectional transient suppression capability, 
enabling them to protect circuits against transient over- 
voltage occurring from opposite directions. These devices 
absorb very large amounts of energy —up to 10 K joules. 

movable contact— The one of a pair of contacts 
that is moved directly by the actuating system. 

movement differential —The distance or angle 
from the operating position to the releasing position of 
a momentary contact switch. 

move mode-— In some variable-word-length com- 
puters, data transmission in which certain delímiters are 
not moved with the data (as opposed to load mode). 

moving average— An arithmetic average of the 
n most recent observations. As each new observation 
is added, the oldest one is dropped. The value of n, 
the number of periods to use for the average, reflects 
responsiveness versus stability in the same way that 
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the choice of smoothing constant does in exponential 
smoothing. 

moving-coil galvanometer— A galvanometer in 
which the moving element is a suspended or pivoted coil. 

moving-coil meter — A meter in which a coil pivots 
between permanent magnets. 

moving-coil microphone — Also called a dynamic 
microphone. 1. A moving-conductor microphone in 
which the diaphragm is attached to a coil positioned 
in a fixed magnetic field. The sound waves strike the 
diaphragm, moving it, and hence the coil, back and forth. 
An audio-frequency current is induced in the moving coil 
in the magnetic field and coupled to the amplifier. 2. A 
microphone using a permanent magnet and a vibrating 
coil or ribbon as its transducing system. 
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moving-coil pickup — Also called dynamic pickup 
or reproducer. |. A phonograph pickup in which a con- 
ductor or coil produces an electric output as it moves back 
and forth in a magnetic field. 2. A type of magnetic car- 
tridge in which the coils, connected to the stylus, move 
within a stationary magnetic field. Output from such car- 
tridges is low, and the stylus cannot usually be replaced by 
the user, but some users feel the sound quality outweighs 
these inconveniences. 
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moving-coil speaker— Also called a dynamic 
speaker. A speaker in which the moving diaphragm is 
attached to a coil, which is conductively connected to the 
source of electric energy and placed in a constant mag- 
netic field. The current through the coil interacts with the 
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magnetic field, causing the coil and diaphragm to move 
back and forth in step with the current variations through 
the coil. 

moving-conductor microphone — A microphone 
that produces its electric output from the motion of a 
conductor in a magnetic field. 

moving-conductor speaker — A speaker in which 
a conductor is moved back and forth in a steady magnetic 
field. The cone is moved by the reaction between the 
magnetic field and the current in the conducior. 

moving contact — The portion of a relay or switch 
that moves toward or away from a fixed contact. 

moving element — The portion of an instrument that 
moves as a direct result of a variation in the electrical 
quantity being measured by the instrument. One-half the 
weight of the springs (when used) is included in the 
weight of the moving clement. 

moving-head disk—An economical disk drive 
using a single head to access all the tracks. 

moving-iron instrument — An instrument in which 
the current in one or more fixed coils acts on one or more 
pieces of soft iron or magnetically similar material, at 
least one of which is movable. The various forms of this 
instrument (plunger, vane, repulsion, attraction, repulsion- 
attraction) are distinguished chiefly by their mechanical 
construction. Otherwise, the action is the same. 

moving-magnet instrument— An instrument in 
which a movable permanent magnet aligns itself in the 
field produced by another permanent magnet and an 
adjacent coil or coils carrying current, or by two or more 
current-carrying coils. 

moving-magnet magnetometer—A magne- 
tometer in which the torques act on one or more perma- 
nent magnets, which can turn in the field to be measured. 
Some types use auxiliary magnets (gaussian magnetome- 
ter); others use electric coils (sine or tangent galvano- 
meter). 

moving-target indicator — Abbreviated MTI. A 
device that limits the display of radar information pri- 
marily to moving targets. 

moving-vane meter — See magnetic-vane meter. 

moving-vane movement— Also known as mov- 
ing-iron movement. A meter movement consisting of 
fixed and movable iron vanes, surrounded by a field coil. 
A magnetic field produced by current in the field coil 
causes repulsion between the two vanes. Deflection of 
the movable vane is proportional to the current. 

MPC — Abbreviation for multimedia personal com- 
puter. Any workable combination of multimedia techno- 
logies. 

MPU — Abbreviation for microprocessor unit. 

MPX filter — Abbreviation for multiplex filter. 1. A 
circuit to remove 19-kHz tones from a signal to be 
recorded, in order to prevent audible interference between 
a tape recorder’s bias signal and the 19-kHz pilot tone in 
the output signal from a stereo FM tuner or receiver. Some 
receivers and tuners have such filters built in. 2. A circuit 
that removes 19-kHz fm pilot tones from a signal. 

MRN — Abbreviation for minimum reject number. 

mR/min — Abbreviation for milliroentgens per 
minute. 

ms — Letter symbol for millisecond. 

MSB — Abbreviation for most significant bit. 

M-scan— Also called M-display. An A-scan radar 
display in which the target distance is determined by 
moving a pedestal signal along the base line until it 
coincides with the horizontal position of the target- 
signal deflection. The control that moves the pedestal is 
calibrated in distance. 

MSD — Abbreviation for most significant digit. 
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MS-DOS — Abbreviation for Microsoft Disk Operat- 
ing System. The operating system for the IBM PC and 
compatible personal computers. 

msec — Abbreviation for millisecond. 

MSI— Abbreviation for medium-scale integration. A 
term generally applied to integrated circuit chips contain- 
ing 10 or more gate equivalents, but less than 100. Also 
applies to memory devices with fewer than | K (1024) 
bits of memory. 

MSI- or LSI-component processor— A process- 
ing unit built around medium-scale and/or large-scale 
integrated circuits, as opposed to one built around a mono- 
lithic processor, such as a microprocessor. 

MSS — Abbreviation for mobile-satellite service. A 
service that links mobile earth stations with base stations 
and with one another via one or more satellites. 

M-S stereo system — See mitte-seite stereo system. 

MT — Also called MTST. The IBM magnetic tape 
Selectric typewriter. 

MTBF — Abbreviation for mean time between fail- 
ures, 

MTE — Abbreviation for miles to empty. An electronic 
digital dashboard readout that indicates the number of 
miles to drive before the gas tank is empty (Ford Motor). 

MTI— Abbreviation for moving-target indicator. 

MTNS — Abbreviation for metal-thick-nitride semi- 
conductor. 

MTOS — Abbreviation for metal-thick-oxide semicon- 
ductor. 

MTS — Abbreviation for message telecommunications 
service. 1. Services available to the public over the 
nationwide switched network. An interstate call is one 
example. 2. The official name for long-distance or toll 
service. 

MTTF — Abbreviation for mean time to failure. 

MTTFF — Abbreviation for mean time to first failure. 

MTTR — Abbreviation for mean time to repair. Aver- 
age time to repair a failure under the operating conditions 
encountered. 

M-type backward-wave oscillator— A cross- 
field injected-beam oscillator. The electrons in this device 
interact with an rf wave traveling backward or opposite 
to the electron beam. It is efficient, broadband, and can 
be voltage-tuned. It is also insensitive to load variations. 

mu — English spelling for the Greek letter jj. 

jt — Greek letter mu. 1. Symbol for amplification fac- 
tor. 2. Symbol for permeability. 3. Letter symbol for the 
prefix micro- (107°) 

4#A— Letter symbol for microampere. 

mu-circutt —In a feedback amplifier, the circuit that 
amplifies the vector sum of the input signal and the 
feedback portion of the output signal in order to generate 
the output signal. 

MUF — Abbreviation for maximum usable frequency. 

mu-factor—Ratio of the changes between two 
electrode voltages, assuming the current and all other 
electrode voltages are maintained constant—i.e., it is a 
measure of the relative effect that the voltages on two 
electrodes have on the current in the circuit of a specified 
electrode. 

##H — Letter symbol for microhenry. 

muldem — Acronym for multiplexer/demultiplexer. 

Muller tube— A thermionic vacuum tube having an 
auxiliary cathode or grid connected internally to the main 
cathode through a high-value resistor. 

multiaddress — Pertaining to computer instructions 
that specify two or more addresses. 

multianode microchannel array detector— A 
photon-counting array for use in both space-borne and 
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ground-based photometric and spectroscopic instrumen- 
tation. The resulting tubes use opaque photocathodes, 
feedback-free microchannel plates, proximity-focused 
multianode readout arrays, and multilayer ceramic 
headers. 

multianode tank — See multianode tube. 

multianode tube — Also called multianode tank. An 
electron tube having two or more main anodes and a 
single cathode. 

multiaperture reluctance switch— A two- 
aperture ferrite storage core that may be used to provide 
a nondestructive-readout memory for a computer. 

multiband antenna — An antenna usable at more 
than one frequency band. 

multicasting — Broadcasting a stereo program by 
using two FM stations. Two FM receivers are required. 

multicavity magnetron— A magnetron in which 
the circuit has more than one cavity. 

multicellular horn— A cluster of horns with jux- 
taposed mouths lying in a common surface. The cluster 
controls the directional pattem of the radiated energy. 

multichannel radio transmitter — A radio trans- 
mitter having two or more complete radio-frequency por- 
tions capable of operating on different frequencies, either 
individually or simultaneously. 

multichannel R/C — A radio-control installation that 
employs tuned reeds to supply several control functions. 
The basic carrier frequency remains the same, but differ- 
ent tones make possible a number of control channels. 

multichannel sound — A system of stereo sound 
transmission for TV applications. Approved in early 1984 
by the FCC, it is AM double-sideband for stereo L-R and 
operates on a 15,734-Hz pilot carrier, which is doubled 
to 31,468 Hz for stereo. Multichannel sound also contains 
higher-frequency carriers for SAP (second audio program) 
and professional channel(s). 

multichip circuit— A microcircuit in which discrete, 
miniature active electronic elements (transistors and/or 
diode chips) and thin-film or diffused passive components 
or component clusters are interconnected by thermocom- 
pression bonds, alloying, soldering, welding, chemical 
deposition, or metallization. 

multichip integrated circuit—1. An integrated 
circuit whose elements are formed on or within two or 
more semiconductor chips that are separately attached to a 
substrate. See also integrated circuit. 2. Hybrid integrated 
circuit that includes two or more SIC, MSI, or LSI 
chips. 3. An electronic circuit in which two or more 
semiconductor wafers that contain single elements or 
simple circuits are interconnected and encapsulated in a 
single package to give a more complex circuit. 

multichip microcircuit — A microcircuit whose ele- 
ments are formed on or within two or more semiconductor 
chips that are attached separately to a substrate. 

multiconductor — More than one conductor within 
a single cable complex. 

multicoupler— A device for connecting several 
receivers to one antenna and properly matching their 
impedances. 

multidrop — A telephone line configuration in which 
a single transmission facility is shared by several end 
stations. 

multidrop line — Also called a multipoint line. 1. A 
communication system configuration using a single chan- 
nel or line to serve multiple terminals. Use of this type of 
line normally requires some kind of polling mechanism, 
addressing each terminal with a unique identification. 2. A 
communication line with several subsidiary controllers 
sharing time on the line under a central site’s control. 
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multielectrode tube — An electron tube containing 
more than three electrodes associated with a single 
electron stream. 

multielement parasitic array — An antenna con- 
sisting of driven dipoles and parasitic elements arranged 
to produce a highly directive beam. 

multiemitter transistor— A transistor that has 
more than one emitter. Used mainly in logic circuits. 

multifiber (fiber optic)—A coherent bundle of 
fused single fibers that behaves mechanically as a single 
glass fiber. 

multifrequency tones — Telecommunication sig- 
naling code utilizing pairs of frequencies in the 700- to 
1700-Hz range. 

multifrequency transmitter— A radio transmitter 
capable of operating on two or more selectable frequen- 
cies, one at a time, using preset adjustments of a single 
radio-frequency portion. 

multifunction — Pertaining to an integrated device 
containing two or more circuits integral to a single silicon 
chip. In addition, each circuit has all inputs and outputs 
available at terminals for testing and interconnection 
with other packages. Typical multifunction devices are 
quadruple gates and dual flip-flops. 

multifunction array radar— An electronic scan- 
ning radar that will perform target detection and iden- 
tification, tracking, discrimination, and some interceptor 
missile tracking on a large number of targets simultane- 
ously and as a single unit. 

multigun tube—A cathode-ray tube having more 
than one electron gun. Used in color television receivers 
and multiple-presentation oscilloscopes. 

multihop propagation — The bouncing of radio 
waves from the ionosphere to increase their range. 

multilayer — A type of printed-circuit board that has 
several layers of circuit etch or pattern, one over the 
other and interconnected by electroplated holes. Since 
these holes can also receive component leads, a given 
component lead can connect to several circuit points, 
reducing the required dimensions of a printed circuit 
board. 

multilayer board—A high-density printed-wiring 
board that consists of alternating conductive pattern 
layers and insulating layers bonded together. Interlayer 
connections are included as required by means of plate- 
through holes. 

multilayer ceramic capacitor—A miniature 
ceramic Capacitor manufactured by paralleling several 
thin layers or ceramic. The assembly is fired after the 
individual layers have been electroded and assembled. 

multilayer circuit—1. Three or more conductive 
patterns interspersed with layers of insulating base and 
laminated into sandwiches, with interconnection between 
layers provided by plate-through holes. 2. A compos- 
ite circuit consisting of alternate layers of conductive 
circuitry and insulating materials (ceramic or dielectric 
compositions) bonded together with the conductive layers 
interconnected as required. 

multilayer dielectric — A compound including glass 
and ceramic that is applied as an insulating barrier 
between conductors for multilayer and crossover work. 

multilayer interconnection pattern—A tech- 
nique used for the interconnection of arrays performing 
large, complicated electronic functions. This technique 
involves the use of alternating films of insulating and con- 
ducting materials as a precondition for the realization of 
multiple interconnection planes. 

multilayer metallization— Abbreviated MLM. 
1. A method used to increase the component density of 
a particular monolithic integrated circuit. Two or more 
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layers of interconnecting metallization are stacked on top 
of the chip; the layers are separated by a thin dielectric 
(insulating) film except at the desired contact points. 
2. An integrated circuit fabricating technique that makes 
economically feasible more complex monolithic logic 
subsystems or arrays: LSI MLM permits signal paths to 
be routed most efficiently and to cross without interaction. 
As a result, integrated circuit chips can be smaller or can 
contain more circuitry. 

multilayer printed circuit—A type of printed 
circuitry wherein 2 to 14 or more printed circuit layers 
are fabricated as a complete assembly. 

multilayer substrates — Substrates that have buried 
conductors so that complex circuitry can be handled. 
Assembled using processes similar to those used in 
multilayer ceramic capacitors. 

multileaving — A technique for allowing simultane- 
ous use of a communications line by two or more termi- 
nals. 

multimedia or multi-media— 1. Term used to 
describe the use of more than one medium in a program 
or system, such as the use of audio, video, graphics, 
animation, and computer data together for a program. 
Video had been considered separate from audio and 
computers separate from video and audio. Multimedia 
means the joining of any two or more of these. Multimedia 
computers play back high-quality sound and video, as well 
as text and graphics. Multimedia combines multiple forms 
of media in the communication of information between 
users and machines. 2. The presentation of information on 
a computer using video, audio, animation, and graphics 
technologies combined in one interactive package. 

multimedia communications — Communication 
that is made up of a combination of text, graphics, video, 
and audio, 

multimeter— 1. Electronic device for measuring 
resistance and ac or de current and voltage. See also 
circuit analyzer. 2. A portable test instrument that can 
be used to measure voltage, current, and resistance. 3. Á 
meter having multiple scales. Usually means a volt-ohm- 
milliammeter. 

multimode fiber— 1. An optical fiber that supports 
propagation of more than one mode of a given wave- 
length. 2. An optical fiber that propagates optical energy 
in more than one mode. 3. Án optical fiber that transmits 
many modes. 

multimode operation — The operation of a laser 
sufficiently above threshold so as to stimulate more than 
one mode. If the modes are not degenerate, the output 
pattern will contain measurable power at more than one 
frequency. 

multimoding — The simultaneous generation of 
many frequencies instead of one discrete frequency. 

multioffice exchange — A telephone exchange area 
in which there are several central office units. 

multipactor — A high-power, high-speed microwave 
switching device in which an rf electric field drives a thin 
cloud of electrons back and forth between two parallel 
plane surfaces located in a vacuum. The device can 
be used as a switch in a waveguide or for high-speed 
switching of pulses in other microwave systems. 

multipass sort—A computer program for sorting 
more data than can be contained by the internal computer 
storage. Intermediate storage, such as disk, tape, or drum, 
is required. 

multipath — |. The constructive and destructive com- 
bination of two or more out-of-phase versions of an FM 
signal at the receiver. It occurs when a building or sim- 
ilar structure reflects a portion of the signal. When the 
reflected signal arrives at the receiving antenna, its phase 
slightly lags the phase of the signal traveling directly 
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from the transmitting site to the receiving antenna. 2. A 
condition in which a signal reaches the receiving antenna 
over two or more paths of different lengths The resulting 
interference causes distortion in the receiver, as well as 
loss of stereo channel separation. Multipath distortion can 
be minimized by using a directional receiving antenna, 
and by tuners having a low capture ratio and high AM 
suppression. Some tuners also have visual or audible mul- 
tipath indicators that can be used as aids in adjusting the 
antenna for minimum multipath interference. 

multipath cancellation — In effect, complete can- 
cellation of signals because of the relative amplitude and 
phase differences of the components arriving over sepa- 
rate paths. 

multipath delay— A form of phase distortion occur- 
ring most often in high-frequency layer-refracted or 
reflected signals, and also in VHF scattered signals. The 
existence of more than one signal path between transmit- 
ter and receiver causes the signal components to reach 
the receiver at slightly different times, causing echoes or 
ghosting. 

multipath distortion/reception — Owing to ref- 
lection of the VHF FM signal by large buildings, hills, 
etc., a receiver sometimes receives not only the direct 
signal but also a reflected signal slightly later due to 
the greater path distance traveled. This results in high- 
order harmonic distortion and impairment to the stereo 
separation and quality. 

multipath effect— The arrival of radio waves at 
slightly different times because all components do not 
travel the same distance. 

multipath propagation—A transmission path 
anomaly that acts as a time-varying source of signal 
nonlinearity. Multipath propagation can distort or reduce 
a received signal to the point of unreliable reception. In 
television, multipath transmission is manifested as image 
ghosting. 

multipath reception — Reception in which the radio 
signal from the transmitter travels to a receiver antenna by 
more than one route, usually because it is reflected from 
obstacles. The result is seen as ghosts in a TV picture. 

multipath transmission —The phenomenon whe- 
reby signals reach the receiving antenna from two or 
more paths and usually have both amplitude and phase 
differences. It may cause jitter in facsimile (in Europe it 
is called echo). 

multipattern microphone—A microphone that 
can be switch selected to provide two or more pickup 
patterns. 

multiphonic organ — An electronic musical instru- 
ment in which there are only as many generators as notes 
you wish to play at the same time, as distinct from one 
generator for every note on the keyboard, which is the 
case with a polyphonic organ. 

multiple — 1. A group of terminals arranged in paral- 
lel to make a circuit or group of circuits accessible at any 
of several points to which a connection can be made. 2. To 
render a circuit accessible as in (1) above by connecting 
it in parallel with several terminals. 

multiple access —1. The use of a communication 
satellite by more than one pair of ground stations at a 
time. Ideally it lets many independent ground stations 
use an active repeater without interfering with each other. 
2. Pertaining to a computer system in which a number of 
online communication channels provide concurrent access 
to the common system. 

multiple accumulating registers— In a com- 
puter, additional internal storage capacity that can contain 
loading, storing, adding, subtracting, and comparing fac- 
tors up to four computer words in length. 
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multiple-address code— A computer instruction 
code that includes more than one address. 

multiple-address instruction — In a computer, an 
instruction that contains more than one address. 

multiple-aperture core — A magnetic core that has 
two or more holes through which may be passed wires and 
around which there may be magnetic flux. Such cores may 
be used for nondestructive reading. 

multiple array — Two or more antennas mounted on 
the same mast with outputs coupled together. Multiple 
arrays are used to increase gain and directivity. 

multiple-beam laser—A laser having a Q- 
switching method that allows separate parallel volumes of 
the lasing material to act independently of each other. This 
way, it is capable of producing several separate beams and 
is useful in high-speed holographic technology. 

multiple break — In an electrical circuit, an interrup- 
tion at more than one point. 

multiple-break contacts — A contact arrangement 
such that a circuit is opened in two or more places. 

multiple-chip circuit— See hybrid integrated cir- 
cuit. 

multiple-circuit layout— Layout of an array of 
identical circuits on a substrate. 

multiple-conductor cable—A combination of 
two or more conductors cabled together and insulated 
from one another and from sheath or armor where used. 
Special cables are referred to as three-conductor cable, 
seven-conductor cable, fifty-conductor cable, etc. 

multipie-conductor concentric cable — A cable 
composed of an insulated central conductor with one or 
more tubular stranded conductors laid over it concentri- 
cally and insulated from one another. 

multiple-contact switch — A switch in which the 
movable contact can be set to any one of several fixed 
contacts. 

multiple course—One of a number of lines of 
position defined by a navigational system. Any one of 
these lines may be selected as a course line. 

multiple jacks —A series of jacks that appear on 
different panels and that have their tips, rings, and sleeves, 
respectively, connected in parallel. 

multiple-length number — In a computer, a quan- 
lity or expression that occupies two or more registers. 

multiple modulation — Also called compound mod- 
ulation. A succession of modulation processes in which 
the modulated wave from one process becomes the mod- 
ulating wave for the next. 

multiple pileup— Also called multiple stack. An 
arrangement of contact springs composed of two or more 
pileups. 

multiple-precision notation — A technique where- 
by two or more computer words represent a single 
numeric quantity. 

multiple processing — Configuring two or more 
processors in a single system, operating out of a common 
memory. This arrangement permits execution of as many 
programs as there are processors. 

multiple programming—In computer program- 
ming, simultaneous execution of two or more arithmetical 
or logical operations. 

multiple-purpose tester— A single test instrument 
having several ranges, for measuring voltage, current, and 
resistance. 

multiple-reflection echoes— Returned echoes 
that have been reflected from an object in the radar beam. 
Such echoes give a false bearing and range. 

multiple sound track— Two or more sound tracks 
printed side by side on the same medium, containing the 
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same or different material, but meant to be played at the 
same time (e.g., those used for stereophonic recording). 

multiple stack — See multiple pileup. 

multiple switchboard—A manual telephone 
switchboard in which each subscriber line is connected 
to two or more jacks so that they are within reach of 
more than one operator. 

multiple tube counts — Spurious counts induced in 
a radiation counter by previous tube counts. 

multiple-tuned antenna — A low-frequency ante- 
nna with one horizontal section and several tuned vertical 
sections. 

multiple-twin quad — Quad cable in which the four 
conductors are arranged in two twisted pairs, and the two 
pairs are twisted together. 

multiple-unit semiconductor device —A semi- 
conductor device having two or more sets of electrodes 
associated with independent carrier systems. It is implied 
that the device has two or more output functions that 
are independently derived from separate inputs (e.g., a 
duotriode transistor). 

multiple-unit steerable antenna— Abbreviated 
MUSA. An antenna unit composed of a number of 
stationary antennas, the major composite lobe of which 
is electrically steerable.. 

multiple-unit tube — Also called a duodiode, duotri- 
ode, diode-pentode, duodiode-triode, duodiode-pentode 
and triode-pentode. An electron tube containing two or 
more groups of electrodes associated with independent 
electron streams within one envelope. 

multiplex— Abbreviated mux. 1. To carry out several 
functions simultaneously in an independent but related 
manner. 2. To interleave or transmit two or more mes- 
sages simultaneously on a single channel. 3. A tech- 
nique for transmitting two or more signals at the same 
time on the same carrier frequency. See FM stereo. 
4. Transmission of two or more channels on a single car- 
rier so that they may be recovered independently by a 
tuner. In FM stereo, transmission of left-plus-right (sum) 
signal and left-minus-right (difference) signal on main 
cartier and subcarrier, respectively. The multiplex decoder 
in the tuner recovers independent left and right stereo 
channels from the multiplex signal. 5. To combine two 
or more electrical signals into a single, composite sig- 
nal. This may be done on a frequency basis (frequency- 
division multiplexing) or on a time basis (time-division 
multiplexing). 6. The system used to transmit two stereo 
program channels on a single FM carrier in such a form 
that the complete program (left plus right channels) can 
be heard on a mono FM tuner. A multiplex demodulator 
in the tuner converts the composite received program to 
its two-channel form. 

multiplex adapter—aA circuit incorporated in an 
FM tuner or receiver to permit two-channel, or stereo- 
phonic, reception from a station transmitting multiplex 
broadcasts. The other audio channel is produced by 
demodulating the transmitted subcarrier. 

multiplex code transmission — The simultaneous 
transmission of two or more code messages in either or 
both directions over the same transmission path. 

multiplexed line— A data-communication line 
equipped with multiplexers at each end. 

multiplexer— Abbreviated mux. 1. A device for 
accomplishing simultaneous transmission of two or more 
signals over a common transmission medium. 2. An ana- 
log or linear device for selecting one of a number of inputs 
and switching its information to the output; the output 
voltage follows the input voltage with a small error. 3. A 
digital device that can select one of a number of inputs 
and pass the logic level of that input-channel. Selection 
usually is presented to the device in binary weighted form 
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and decoded internally. The device acts as a single-pole 
multiposition switch that passes digital information in one 
direction only. 4. A device that will interleave (time divi- 
sion) or simultancously transmit (frequency division) two 
or more messages on the same communications channel. 
5. A device that uses several communication channels at 
the same time and transmits and receives messages and 
controls the communication lines. This device itself may 
or may not be a stored-program computer. 6. A device 
that can combine several low-speed inputs into one high- 
speed output. Multiplexers can also function in reverse, a 
process called demultiplexing. 7. A decision-making type 
of digital building block that routes data from its one input 
to any one of several outputs. 8. The device or technique 
used to share a resource (usually a memory or a bus). 
9. In television, a specialized optical device that makes it 
possible to use a single television camera in conjunction 
with one or more motion-picture projectors and/or slide 
projectors in a film chain. The camera and projectors are 
in a fixed relationship, and prisms or special (dichroic) 
mirrors are used to provide smooth and instantaneous 
nonmechanical transition from one program source to the 
other. 10. A device for selecting a single signal from one 
of many sources (similar to a multiposition switch). 11. A 
hardware device that ailows the transmission of a number 
of different signals simultaneously over a single channel. 
12. A combination of hardware and software that allows 
simultaneous transmission and reception of two or more 
data streams on a single channel. 

multiplex filter — See MPX filter. 

multiplexing — Abbreviated mux. 1. A method of 
signaling characterized by the simultaneous and/or 
sequential transmission and reception of multiple 
signals over a communication channel with means for 
positively identifying each signal. The signaling may 
be accomplished over a wire path or radio carrier or 
combination of both. 2. The division of a transmission 
facility into two or more channels either by splitting the 
frequency band transmitted by the channel into narrower 
bands, each of which is used to constitute a distinct 
channel (frequency-division multiplexing) or by allotting 
this common channel to several different information 
channels, one at a time (time-division multiplexing). 
3. Combining two or more channels onto one transmission 
facility. 4. The time-shared scanning of a number of 
data lines into a single channel. Only one data line is 
enabled at any instant. 5. The combination of two or more 
measurements for transmission along a single wire, path, 
or carrier. The combination of information signals for 
transmission on one channel. 6. The act of combining a 
number of individual message circuits for transmission 
over a common transmission path. 7. A technique for 
the concurrent transmission of two or more signals in 
either or both directions, over the same wire, carrier, or 
other communication channel. The two basic multiplexing 
techniques are time-division multiplexing and frequency- 
division multiplexing. 

multiplex operation — Simultaneous transmission 
of two or more messages in either or both directions over 
the same transmission path. 

multiplexor— A device used for division of a trans- 
mission facility into two or more subchannels, cither by 
splitting the frequency band into narrower bands (fre- 
quency division) or by allotting a common channel to 
several different transmitting devices one at a time (time 
division). 

multiplex printing telegraphy—The form of 
printing telegraphy that uses a line circuit to transmit one 
character (or one or more pulses of a character) for each 
of two or more independent channels. 
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multiplex radio transmission — The simultaneous 
transmission of two or more signals over a common 
carrier wave. 

multiplex stereo—A system of broadcasting both 
channels to a stereo program on a single carrier. 
This is commonly done by modulating an ultrasonic 
subcarrier — either with the signals of one of the stereo 
channels, or by a different signal composed of the two 
channels combined out of phase, or subtractively. 

multiplex telegraphy — Telegraphy employing mul- 
tiplex code transmission. 

multiplex transmission — The simultaneous trans- 
mission of two or more signals within a single channel. 
Multiplex transmission as applied to FM broadcast sta- 
tions means the transmission of facsimile or other signals 
in addition to the regular broadcast signals. 

multiple x-y recorder—A recorder that plots 
a number of independent charts simultaneously, each 
showing the relation of two variables, neither of which 
is time. 

multiplication point — A mixing point whose output 
is obtained by multiplication of its inputs. 

multiplier— 1. A device in which the output repre- 
sents the product of the magnitudes represented by the two 
or more input signals. 2. A series register placed in a volt- 
meter to increase the voltage range. 3. A fixed resistance, 
connected in series with the moving coil of a voltmeter, 
to enable measurements over a larger voltage range. 

multiplier phototube— Also called photomulti- 
plier. 1. Phototube with one or more dynodes between 
its photocathode and the output electrode. The electron 
stream from the photocathode is reflected off each dynode 
in turn, with secondary emission adding electrons to the 
stream at each reflection. 2. A tube consisting of an evac- 
uated enyelope with a photocathode that emits electrons 
when exposed to light. These electrons are accelerated by 
a positive electrostatic field and fall on a metal surface, 
where they emit secondary electrons that are again accel- 
erated to generate more electrons at the next metal surface, 
and so on. The whole arrangement thus acts as a combi- 
nation of a simple photocell with a high-gain amplifier in 
a self-contained unit. 

multiplier-quotient register—In a computer, a 
register used for operations that involve multiplication and 
division. 

multiplier resistor — See multiplier, 2. 

multiplier traveling-wave photodiode— A 
device in which increased sensitivity 1s obtained by 
combining the construction of a traveling-wave tube with 
that of a multiplier phototube. 

multiplier tube— A vacuum tube in which sequen- 
tial secondary emission from a number of electrodes is 
used to obtain increased output current. The electron 
stream is reflected from the first electrode of the multiplier 
to the second, and so on. 

multiplying factor—-The number by which the 
reading of a meter must be multiplied to obtain the true 
value. 

multipoint — Describes a network configuration in 
which several transmission facilities connect several end 
Stations to a master station. 

multipoint circuit— A circuit interconnecting sev- 
eral locations, wherein information transmitted is avail- 
able at all locations simultaneously. 

multipoint line — See multidrop line. 

multipoint recorder— A data recorder that uses a 
single pen to record the values of several parameters 
by multiplexing of the inputs, that is, by sequentially 
switching the inputs so that one parameter is recorded 
for a brief period, than the next, and so forth. Since 
the curves may cross each other and make identification 
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of parameters a problem, various methods of identifying 
each trace have been developed. 

multipolar — Having more than one pair of magnetic 
poles. 

multiport — Refers to the capability of communica- 
tions equipment to accept more than one input/output data 
line. 

multiposition relay — A relay having more than one 
operate or nonoperate position, e.g., a stepping relay. 

multiprocessing —1. The simultaneous or inter- 
leaved execution of two or more programs or instruction 
sequences by a computer or computer network. It may 
be accomplished by multiprogramming, parallel process- 
ing, or both. 2. The operation of more than one pro- 
cessing unit within a single system. Separate processors 
may take over communications or peripheral control, e.g., 
while the main processor continues program execution. 
3. A complex technique that permits more than one com- 
puter program to be executed simultaneously on more 
than one processor in a shorter period of time than is 
required for the overall sequentially organized task, for 
which time may not be available. 4. The operation of sev- 
eral CPUs or similar programmable processors operating 
relatively independently of one another but sharing com- 
mon resources, such as memory and I/O, over a common 
multiple-processor bus. This arrangement is well suited 
for larger overall processing tasks for which one processor 
is not a cost-effective solution. In general, multiprocessing 
increases system reliability, improves the use of resources, 
and permits greater system performance. Through paral- 
lel action, it often multiplies system performance by the 
number of processors used. Multiprocessing permits sys- 
tem performance to greatly surpass that of a single CPU. 
5. Two or more CPUs operating together either in a tightly 
coupled system, in which all I/O and memory share a 
parallel bus, and access is interleaved cycle by cycle, or 
in a loosely coupled system, in which CPUs have inde- 
pendent memory and I/Os and share parallel or serial bus 
links. 6. Independent and simultaneous processing accom- 
plished by a computer configuration consisting of more 
than one arithmetic and logic unit, each being capable of 
accessing a common memory. 7. Computer operation in 
which two or more similar computers are hooked together. 
The individual computers can work on different parts of 
the same problem simultaneously, or on entirely different 
problems. Or each computer can specialize in a particular 
kind of task, or two computers can work on the same pro- 
gram and check each other. 8. The ability of an operating 
system to support multiple processors. Generally, in order 
to make the operating system task manageable, all pro- 
cessors are equivalent and interchangeable, although this 
is not a requirement. 9. A processing method in which 
program tasks are logically and/or functionally divided 
among a number of independent CPUs, with the program- 
ming tasks being simultaneously executed. 

multiprocessor— 1. A computer capable of execut- 
ing One or more programs simultaneously using two or 
more processing units under integrated control of pro- 
grams or devices. 2. A system architecture that permits 
complex operations, like computation, to be carried on 
simultaneously at different nodes. 

multiprogramming — 1. A method in which many 
programs are interleaved or overlapped so that they can 
be operated on within the same interval of time. This 
technique is the basis for time-shared operation. 2. A 
programming technique in which two or more programs 
are operated on a time-sharing basis, usually under control 
of a monitor that determines when execution of one 
program stops and another begins. 3. The technique of 
utilizing several interleaved programs concurrently in a 
single computer system. 4. Pertaining to the concurrent 
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Various Indicators 


Not all USB chargers have a power indicator, however. Some have both a power indicator LED as well as 
a charge status indicator, which can tell you at a glance if your USB device is fully charged or still 
charging. A charge status indicator is usually implemented by measuring the amount of current being 
drawn from the supply. If more than a preset current is flowing, the power supply assumes a battery is 
still being charged. When that current drops below a certain level, it assumes that the battery has been 
completely (or maybe just mostly) charged. Some chargers use a red or orange LED to indicate charging, 
and a green or blue LED to show that the battery is finished charging. Again, this type of charge status 
display is provided to give the user a quick status update with a single glance. You don’t need to consult 
the product manual to interpret the status code, if you can remember that red means “charging” and 
green means “charged.” 

Let's rearrange some of the parts on the solderless breadboard to make room for some new features. 
See Figure A-9. 


Figure A-9. The regulated power coming from the USB charger is no longer directly connected to the 
breadboard's power rails. Instead, it is routed to some internal tie points and then connected to the power 
rails via two short jumpers. 


Power-On Indicator 


First, we add a local power-on indicator by reinstalling the LED and current-limiting resistor used in the 
previous experiments. While this duplicates the function of any LEDs that might be present on the USB 
charger itself, it brings the indicator closer to the area of interest, which in this case is the circuitry 
onboard the solderless breadboard. 
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execution of two or more programs by a computer. 
The programs operate in an interleaved manner within 
one computer system. 5. A mode of operation in which 
a computer divides its time among several programs, 
working on one for a while, then switching to another. 
6. A word processing system that can simultaneously 
process different applications such as file sorting and text 
editing or even data-processing tasks. 7. Another term for 
multitasking. 

multirate meter— A meter that registers at different 
rates or on different dials at different hours of the day. 

multi-rf-channel transmitter — A radio transmit- 
ter having two or more complete radio-frequency portions 
that may be operated on different frequencies either indi- 
vidually or simultaneously. 

multisegment magnetron — A magnetron with an 
anode divided into more than two segments, usually by 
parallel slots. 

multispeed motor— A motor that can be operated 
at any one of two or more definite speeds, each practically 
independent of the load. 

multistage LNA— Three or more transistor ampli- 
fier stages placed end to end (cascaded) so that the gain 
contribution of each will add up to total gain of approx- 
imately 50 dB. In most low-noise amplifiers (LNAs), the 
first stage (closest to the antenna feed probe) has the best 
noise characteristics needed to minimize the noise propa- 
gated along through the remaining stages. 

multistage tube—An X-ray tube in which the 
cathode rays are accelerated by multiple ring-shaped 
anodes, each at a progressively higher potential. 

multistate noise— Noise consisting of erratic 
switching that is generated within a device at various 
sharply defined levels of applied current. 
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multitasking — See also multiprogramming. 1. The 
capability of a personal computer to run more than 
one software program, or task, by interleaving segments 
of each task. 2. The concurrent execution of two or 
more tasks or applications by a computer. 3. A method 
of achieving concurrency by separating a program or 
programs into two or more interrelated tasks that share 
code, buffers, and files while running. 

multithreading — The running of several processes 
in rapid sequence (multitasking) within a single computer 
program. 

multitrack magnetic system—A magnetic 
recording system in which its medium has two or more 
tracks. 

multitrack recording system— A recording sys- 
tem in which the medium has two or more recording 
paths, which may carry the same or different material 
but are played at the same time. 

multiturn potentiometer— A potentiometer that 
must be rotated more than one turn for the slider to travel 
the complete length of the resistive element. 

multiunit tube — An electron tube containing within 
one glass or metal envelope two or more groups of 
electrodes, each associated with separate electron streams. 

multivibrator — A relaxation oscillator in which the 
in-phase feedback voltage is obtained from two electron 
tubes or transistors. Typically, their outputs are coupled 
through resistive-capacitive elements. The time constants 
of the coupling elements determine the fundamental fre- 
quency, which may be further controlled by an external 
voltage. When such a circuit is normally in a nonoscillat- 
ing state and a trigger signal is required to start a cycle 
of operation, it is called a one-shot, flip-flop, or start-stop 
multivibrator. 


70 
L=> DEFLECTION 
AMPLIFIER 


VOLTAGE WAVE 
ACROSS C, 


Note: A, made variable to adjust oscillator frequency 
so that be held steady by syne pulses. 


Tube circuit. 


+ 


l=- me 


SQUARE WAVE 
DC OUTPUT 


p- SQUARE WAVE 
AC OUTPUT 


SAWTOOTH 


aT -= AC OUTPUT 


FET circuit. 


Multivibrator. 


multivoltage control — mutual impedance 


multivoltage control — A method of controlling the 
voltage of an armature by successive impression of a 
number of substantially fixed voltages on the armature. 
The voltages are usually obtained from multicommutator 
generators common to a group of motors. 

multiwire — A machine-controlled process for plac- 
ing a customized interconnection pattern of insulated 
wires on a prepared epoxy glass laminate substrate. 

MUM — Abbreviation for methodology for unmanned 
manufacturing. A Japanese program established to 
develop an unmanned factory in the early 1980s. A facility 
that depends heavily on robots. 

Mumetal —A metallic alloy with high permeability 
and a low hysteresis loss. It is excellent for magnetic 
shielding. 

Mumetal shield — A cone-shaped covering made of 
Mumetal. Placed over the flared portion of a picture tube, 
it acts as a shield to prevent outside magnetic fields from 
affecting the alignment of the electron beams in the tube. 

¡¿mho — Letter symbol for micromho. 

Munsell Book of Color—aA collection of color 
samples arranged in charts according to equal visually 
spaced steps in Munsell hue, value, and chroma. 

Munsell chroma—Numerical scale of chroma 
devised by A. H. Munsell and exhibited in the Munsell 
Book of Color. 

Munsell color system — A system of surface-color 
specification based on perceptually uniform color scales 
for the three variables: Munsell hue, Munsell value, and 
Munsell chroma. For an observer of normal color vision, 
adapted to daylight, and viewing the specimen when 
illuminated by daylight and surrounded with a middle 
gray to white background, the Munsell hue, value, and 
chroma of the color correlate well with the hue, lightness, 
and saturation of the perceived color. 

Munsell notation — Numerical-alphabetical descrip- 
tion of color according to Munsell hue, value, and chroma. 

Munsell system—A color-specification system 
used principally in photography and color printing. It is 
based on sample cards containing the hue scale in five 
principal and five intermediate hues, and the brilliance 
scale in ten steps ranging from black to white. These rep- 
resent visual, not physical, intervals. 

Munsell value — 1. In the Munsell system of object 
color specification, the dimension that indicates the appar- 
ent luminous transmittance or reflectance of the object on 
a scale having approximately equal perceptual steps under 
the usual conditions of observation. 2. Numerical scale of 
lightness devised by A. H. Munsell and exhibited in the 
Munsell Book of Color. 

uQ -— Letter symbol for micro-ohm. 

Murray loop test— A method of localizing a fault 
in a cable. This is done by replacing two arms of a 
Wheatstone bridge with a loop formed by the cable under 
test and a good cable connected to the far end of the 
defective cable. 

pS — Letter symbol for microsecond. 

MUSA antenna — Acronym for multiple-unit steer- 
able antenna. 

muscle chip— An interface circuit that has high- 
voltage and/or high-current capability to drive relays dis- 
plays, motors, printers, lamps, etc., from inputs provided 
from logic or other low-power signal sources (Sprague 
Electric Co.). 

mush winding—A type of winding in an ac 
machine. The conductors are placed one by one in pre- 
pared slots and the end connections are separately insu- 
lated. 

musical cushion — A musical selection added at the 
end of a program that is running short or over. By playing 
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it slowly or cutting out portions, the program director can 
make the program come out on time. 

musical echo — See flutter echo, 2. 

musical instrument digital interface — See 
MIDI 

musical quality — See timbre. 

music power— Also called dynamic power. |. The 
short-term power available from an amplifier for the 
reproduction of program material. The music power 
output exceeds the rms power rating to a greater or lesser 
extent. Its measurement is standardized by the Institute 
of High Fidelity (HF) and represents a practical means 
of stating the actual capabilities of an amplifier for the 
reproduction of program material. 2. The power that an 
amplifier (with both channels working, when stereo) is 
capable of delivering on a music type signal. Output is 
rated in watts into a specified load value, and the test 
signal is sometimes an interrupted sine-wave signal (Le., 
tone bursts). This method of power expression fails to take 
account of the power supply impedance and regulation 
and the efficiency of the power transistor heat sinks. 
The power obtained is always greater than that measured 
when the test signal is continuous wave (1.e., steady-state 
sine-wave signal) and with both channels driven together. 
3, A measurement of the peak output power capability 
of an amplificr performed either with a signal duration 
sufficiently short that the amplifier power supply does not 
sag during the measurement or with high-quality external 
power supplies. This measurement (an JHF standard) 
assumes that with normal music program material the 
amplifier power supplies will sag insignificantly. 

must-operate value—A specified functioning 
value at which all relays meeting the specification must 
operate. 

must-operate voltage—The minimum control 
voltage at which a relay will always turn on. 

must-release value — The specified operating value 
at which all relays that meet a certain specification must 
release. 

must-release voltage —The maximum control 
voltage at which a relay switches from on to off. 

MUT — Abbreviation for module under test. 

mute — To suppress the audio output of an amplifier 
in response to a command signal even though an input 
may be present. Used in stereo receivers to prevent the 
off-channel spurious response produced from reaching the 
speaker while tuning. 

muting — Muffling or deadening a sound. See also 
quieting. 

muting circuit—1.A circuit that cuts off the 
receiver output when the rf carrier reaching the first detec- 
tor is at or below a predetermined intensity. 2. A circuit 
for making a receiver insensitive while its associated 
transmitter is on. 

muting switch—A switch used with automatic 
tuning systems to silence the receiver while it is being 
tuned. 

mutual capacitance — Capacitance between two 
conductors with all other conductors connected together 
and to a grounded shield. (Does not apply to a shielded 
single conductor.) 

mutual conductance — See transconductance. 

mutual-conductance meter— See transconduc- 
tance meter. 

mutual-conductance tube tester— See trans- 
conductance tube tester. 

mutual exclusion — A process synchronization rule 
that prohibits more than one task from using the same 
resource at the same time. 

mutual impedance — 1. Between any two pairs of 
network terminals (all other terminals being open), the 
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ratio of the open-circuit potential at either one of the 
two pairs to the current applied to the other pair of 
network terminals. 2, The impedance existing between 
the primary and secondary of a transformer. Numerically 
equal to the secondary voltage divided by the primary 
current. 

mutual inductance — The common inductance of 
two coupled electrical circuits that determines, for a given 
rate of change of current in one of the circuits, the 
electromotive force that will be induced in the other. 


Mutual inductance. 


mutual induction — The production of a voltage in 
one circuit by a changing current in a neighboring circuit, 
eyen though no apparent connection exists between the 
two circuits, 

mutual inductor— An inductor for changing the 
mutual inductance between two circuits. 

mutual information — See transinformation. 


mutual inductance — myriametric waves 


mutual interference — Human-made interference 
from two or more electrical or electronic systems that 
affects these systems on a reciprocal basis. 

pV — Letter symbol for microyolt. 

HW — Letter symbol for microwatt (1076 watt). 

mux— l. Abbreviation for multiplex. 2. Abbreviation 
for multiplexer. 3. Abbreviation for multiplexing. 

MV — Letter symbol for megavolt. 

mV — Letter symbol for millivolt. 

MVA — Letter symbol for megavolt-ampere. 

MW — Letter symbol for megawait. 

mW — Letter symbol for milliwatt. 

MWh — Abbreviation for megawatthour. 

Mycalex — Trade name of the Mycalex Corp. for 
mica bonded with glass. Mycalex has a low power factor 
at high temperatures, and it is a good insulator at all 
frequencies. 

Mylar — Trade name of E. I. duPont de Nemours and 
Co., Inc., for a highly durable, transparent plastic film of 
outstanding strength. lt is used as a base for magnetic tape 
and as a dielectric in capacitors. 

Mylar capacitor — A capacitor in which Mylar film, 
either alone or in combination with another film or paper, 
is the dielectric. | 

myocardial electrodes —See implantable pace- 
maker. | 

myoelectric signals — Complex pulse potentials 
of 10 to 1000 microvolts with durations between 1 
and 10 milliseconds as generated by a muscular effort, 
recorded from tne body surface. 

myograph — A recorder of forces of muscular con- 
traction. See also electromyograph. 

myokinesimeter — An apparatus for measuring the 
response of a muscle to stimulation by electric current. 

myophone — An instrument for making audible the 
sound of a muscle when it is contracting. 

myriametric waves— Very-low frequency band; 
3 kHz to 30 kHz (100 km to 10 km). 


n—Letter symbol for the prefix nano- (107°). 

N — Symbol for number of turns, or the north-seeking 
pole of a magnet. 

NA — Abbreviation for numerical aperture. 

nÁ — Letter symbol for nanoampere. 

NAB — Abbreviation for National Association of 
Broadcasters. 

NAB curve — Also called NAB equalization. 1. The 
standard playback equalization curve set by the National 
Association of Broadcasters. 2. In tape recording, this is 
used to describe anything for which standards have been 
established by the National Association of Broadcasters 
to ensure complete interchangeability from one recorder 
to another of the same speed. 

NAB reel, NAB hub—Reels and hubs used in 
professional recording, having a large center hole and 
usually an outer diameter of 101% inches (26.7 cm). 

NAEB — Abbreviation for National Association of 
Education Broadcasters. 

nail-head bond — An alternate term for ball bond. 

nail heading — The flared condition of copper on the 
inner conductor layers of a multilayer board caused by 
hole drilling. 

NAND — A function of A and B that is true if either 
A or B is false. 

NAND circuit— 1. A circuit in which the normal 
output of an AND circuit is inverted; a NOT-AND circuit. 
2. A circuit that has its output in the logical 0 state if and 
only if all of the control (input) signals assume the logical 
l state. 

NAND gate— 1. A combination of a NOT function 
and an AND function in a binary circuit that has two or 
more inputs and one output. The output is logical 0 only if 
all inputs are logical 1; it is logical 1 if any input is logical 
O. With logic of the opposite polarity, this type of gate 
becomes a NOR gate. 2. A multiple-control device that 
evidences the simultaneous appearance of all positive- 
pressure control signals with a single zero-output signal. 
With the loss of one or more control signals, the zero 
NAND output signal ceases. The NAND gate can also be 
defined as a complemented AND or NOT AND device. 
3. An AND circuit that delivers an inverted output signal. 

nano-— Prefix meaning one-billionth (107°). Letter 
symbol: n. 

nanoampere — Onc-thousandth of a microampere 
(107? ampere). Letter symbol: nA 

nanocircuit— An integrated microelectronic circuit 
m which each component 1s fabricated on a separate 
chip or substrate so that independent optimization for 
performance can be achieved. 

nanofarad — One-billionth of a farad, equal to 
107” farad, 0.001 microfarad, or 1000 picofarads. Letter 
symbol: nF. 
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Standard TTL. 
NAND gates. 


nanohenry — One-thousandth of a microhenry, equal 
to 107” henry or 1000 picohenrys. Letter symbol: nH. 

nanometer— A unit of length in the metric system 
equal to 107? meter. Formerly called a millimicron. Letter 
symbol: nm. 

nanosecond — One-billionth of a second (107? 
second). Light travels approximately 1 foot (30.5 cm) in 
1 nanosecond. Letter symbol: ns. 

nanovolt— One-thousandth of a microvolt (107? 
volt). Letter symbol: nV. 

nanovoltmeter—A voltmeter sufficiently sensitive 
to give readings in thousandths of microvolts. 
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Naperian logarithm-——Also called hyperbolic or 
natural logarithm. A logarithm to the base 2.7128. 

napier— See neper. 

narrow band— 1. A band whose width is greater 
than 1 percent of the center frequency and less than one- 
third octave. 2. Pertaining to a communication channel of 
less than voice grade. 

narrow-band amplifier—An amplifier designed 
for opiimum operation over a narrow band of frequencies. 

narrow-band axis—lIn phasor representation of 
the chrominance signal, the direction of the coarse- 
chrominance primary of a color TV system. 

narrow-band FM— See narrow-band frequency 
modulation. 

narrow-band FM adapter— An attachment that 
converts an AM communications receiver to FM. 

narrow-band frequency modulation — Abbre- 
viated NBFM. Frequency modulation that occupies only 
a small portion of the conventional FM bandwidth. Used 
mainly for two-way voice communication by police, fire, 
taxicabs, and amateurs. 

narrow-band  interference —Sharply tunable 
interference, having a spectrum that is small compared 
with the bandwidth of the measuring instrument. (Sine- 
wave carriers both modulated and unmodulated are good 
examples.) 

narrow-sector recorder — A radio direction finder 
with which atmospherics are received from a limited 
sector related to the position of the antenna. The antenna 
is usually rotated continuously, and the bearing of the 
atmospherics recorded automatically. 

NARTB — Abbreviation for National Association of 
Radio and Television Broadcasters, the former name of 
the National Association of Broadcasters. 

n-ary code —A code in which each element can be 
any one of n distinct kinds or values. 

n-ary pulse-code modulation — A type of pulse- 
code modulation in which the code for each element of 
information can consist of any one of n distinct kinds or 
values. 

NASA— Acronym for National Aeronautics and 
Space Administration. The federal agency charged with 
all scientific space missions. 

National Association of Broadcasters — Abbre- 
viated NAB. The official association of the radio and 
television broadcasting industry. Formerly called the 
NARTB. 

National Association of Radio and Television 
Broadcasters — Abbreviated NARTB. A name used 
for a number of years by an association of broadcasters. In 
1958 the name was changed back to National Association 
of Broadcasters, an earlier title. 

National Electrical Code— Abbreviated NEC. 
i. A recognized authority on safe electrical wiring. The 
code is used as a standard by federal, state, and local 
governments in establishing their own laws, ordinances, 
and codes on wiring specifications. 2. A set of regula- 
tions governing construction and installation of electri- 
cal wiring and apparatus, established by the National 
Fire Protection Association and suitable for mandatory 
application by governmental bodies exercising legal juris- 
diction. It is widely used by state and local authorities 
within the United States and is incorporated in OSHA 
regulations. It has the force of law only when enforced 
by municipalities or states. 3. A compendium of articles 
pertaining to the general electrical wiring field, contain- 
ing provisions considered essential for the practical safe- 
guarding of persons and property from hazards arising 
from the use of electricity. 

National Electrical Manufacturers Associa- 
tion— Abbreviated NEMA. 1. An organization of 
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manufacturers of electrical products. 2. An industry 
association that standardizes specifications for cables, 
wires, and electrical components. 

National Electrical Safety Code — A set of safety 
rules for the installation and maintenance of electric 
supply and communication lines, published as National 
Bureau of Standards Handbook and approved by the 
American Standards Association. It has the force of law 
only if enforced by municipalities or states. 

national paging — Paging service provided on a 
national or regional basis, in which subscribers use a 
single pager that can operate in many different areas. 
This is usually achieved with a single frequency available 
nationwide (called nationwide paging) or through a form 
of networking that uses a pager that receives different 
frequencies in different areas. 

National Television System Committee — Abb- 
reviated NTSC. A committee organized in 1940 and 
comprising all United States companies and organizations 
interested in television. Between 1940 and 1941, it 
formulated the black and white television standards; 
between 1950 and 1953, it formulated the color 
television standards that were approved by the Federal 
Communications Commission. 

nationwide  paging-— Method of national or 
regional paging in where a single frequency is used 
throughout the nation (or region) for sending messages 
to a paging system subscriber. 

natural antenna frequency — The lowest resonant 
frequency of an antenna operated without external induc- 
tance or capacitance. 

natural binary — 1. A number system to the base 2, 
in which the 1s and Os have weighted value in accordance 
with their relative position in the binary word. Carries may 
affect many digits. (Contrasted with Gray code, which 
permits only one digit to change state.) 2. The usual 2n 
code with 2,4, 8,16,...,2 progression. An input or 
output high, or 1, is considered a signal, whereas a 0 
is considered an absence of signal. This is a positive-true 
binary signal. Zero scale is then all Os, while full scale is 
all Is. 

natural frequency — 1. The frequency at which a 
system with a single degree of freedom will oscillate 
from the rest position when displaced by a transient 
force. Sometimes used synonymously with damped nat- 
ural frequency. 2. The lowest resonant frequency of a 
circuit or component without adding inductance or capac- 
itance. 

natural frequency of an antenna— The lowest 
resonant frequency of an antenna with no added induc- 
tance or capacitance. 

natural interference — Electromagnetic interfer- 
ence caused by natural terrestrial phenomena (atmo- 
spheric interference) or by natural disturbances outside 
of the atmosphere of the earth (galactic and solar noise). 

natural logarithm — See Naperian logarithm. 

natural magnet— Magnetic ore (e.g., a lodestone) 
that exhibits the property of magnetism in its natural 
state. 

natural period — The period of the free oscillation of 
a body or system. When the period varies with amplitude, 
the natural period is the period when the amplitude 
approaches zero. 

natural radiation — See background radiation. 

natural resonance — See periodic resonance. 

natural wavelength — The wavelength correspond- 
ing to the natural frequency of an antenna or circuit. 

Navaglobe — A long-distance navigational system 
of the continuous-wave, low-frequency type. Bearing 
information is provided by amplitude comparison. 
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navaids — Navigational aids. The electronic facilities 
provided on or in the immediate vicinity of an airport 
so that a pilot using compatible airborne equipment can 
execute the instrument approach or approaches authorized 
for the airport. 

navar — A coordinated series of radar navigation and 
traffic-control aids utilizing transmissions at wavelengths 
of 10 and 60 centimeters. In an aircraft, it provides 
distance and bearing from a given point, display of other 
aircraft in the vicinity, and commands from the ground. 
On the ground, it provides a display of all aircraft in 
the vicinity, as well as their altitudes and identities, plus 
means for transmitting certain commands, 

navarho —A continuous-wave, low-frequency nav- 
igation system that provides simultaneous bearing and 
range information over long distances. 

Navascreen — A system for the display and compu- 
tation of air-traffic-control data based on information from 
radar and other sources. 

navigation — The process of directing an airplane or 
ship toward its destination by determining its position, 
direction, etc. 

navigational parameter — In a navigational aid, a 
visual or aural output having a specific relationship to 
navigational coordinates. 

navigation beacon — A light, radio, or radar beacon 
that provides navigational aid to ships and aircraft. 

NBFM — Abbreviation for narrow-band frequency 
modulation. 

nc— l. Abbreviation for normally closed. 2. Abb- 
reviation for no connection. 

NC — Abbreviation for numerical control. 

nc contacts — Contacts that are normally closed 
when the control circuit is not energized. 

n-channel — A device constructed on a p-type silicon 
substrate whose drain and source components are of n- 
type silicon. 

n-channel FET — A field-effect transistor that has an 
n-type conduction channel. 

n-channel MOS — 1. A metal-oxide semiconductor 
(unipolar) transistor in which the working current consists 
of negative (n) electrical charges. 2. A type of metal-oxide 
silicon field-effect transistor using electrons to conduct 
current in the semiconductor channel. The channel has a 
predominantly negative charge. 


SOURCE GATE BRAIN 


SILICON 
DIDXIDE 


INDUCED 
CHANNEL 


P-TYPE SUBSTRATE 


DRAIN 


GATE 


SOURCE 


N-channel MOSFET. 


498 


n-conductor concentric cable —A cable com- 
posed of an insulated central conducting core with n — | 
tubular stranded conductors laid over it concentrically and 
separated by layers of insulation. 

n-cube — Also called n-dimensional cube or n- 
variable cube. In switching theory, a term used to indicate 
two n — l cubes having corresponding points connected. 

NC value — See noise-criteria value. 

n-dimensional cube — See n-cube. 

N-display — Also called N-scan or N-scope. A radar 
display similar to the K-display. The target appears as 
a pair of vertical deflections (blips) from the horizontal 
time base. Direction is indicated by the related amplitude 
of the vertical deflections. Target distance is determined 
by moving a pedestal signal (the control of which is 
calibrated in distance) along the base line until it coincides 
with the horizontal position of the vertical deflections. 

near-end crosstalk— In a disturbed telephone 
channel, crosstalk propagated in the opposite direction 
from the current in the disturbing channel. The terminal in 
which the near-end crosstalk is present is ordinarily near, 
or coincides with, the energized terminal of the disturbing 
channel. 

near field-—1, The acoustic radiation field close 
to the speaker or some other acoustic source, 2, The 
electromagnetic field within a distance of 1 wavelength 
from a transmitting antenna. 

near infrared—1. Name applied to the spectral 
region primarily comprising wavelengths between 3 and 
30 meters. 2. That nonvisible radiant energy with wave- 
lengths nearest the end of the visible spectrum. 

near space — The space above the earth in which 
communication satellites travel, beginning at an altitude 
of about 120 miles (193 km). 

near-ultraviolet — The longest wavelengths of the 
ultraviolet region, nominally 300 to 400 nanometers. 

near zone — The region very close to a radio trans- 
mitting antenna in which the induction field predominates. 
The intensity of the induction field does not reduce in 
proportion to the square of the distance from the antenna. 

NEC — Abbreviation for National Electrical Code. 
A consensus standard published by the National Fire 
Protection Association (NFPA) and incorporated in OSHA 
regulations. 

necessary bandwidth — For a given class of emis- 
sion, the minimum value of the occupied bandwidth suffi- 
cient to ensure the transmission of information at the rate 
and quality required for the system employed, under spec- 
ified conditions. Emissions useful for the good functioning 
of the receiving equipment for example, the emission cor- 
responding to the carrier of reduced carrier systems are 
included in the necessary bandwidth. 

neck — The narrow tubular part of the envelope of a 
cathode-ray tube; it extends from the funnel to the base 
and houses the electron gun. 

needle — |. A probe used on stacks of punched cards. 
2. See stylus, 1. 

needle chatter — See needle talk. 

needle drag — See stylus drag. 

needle electrode — Small instrument used for sub- 
cutaneous electrical recording and stimulating. 

needle gap — A spark gap having needlepoint elec- 
trodes. 

needle pressure — See stylus force. 

needle scratch — See surface noise. 

needle talk — Audible sounds from a record player 
pickup in the vicinity of the stylus. 

needle test points — Sharp steel probes connected 
to test cords for making contacts with conductors. 

neg — Abbreviation for negative. 
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negate — To invert the value of a function or variable; 
that is, to change it to | if it is O or to O if it is 1. The 
symbol for negation is a superscript bar. 

negated-input OR gate— A gate that has a high 
output when one or both inputs are low. A negated-input 
OR gate is identical with a NAND gate in function. 

negation — The NOT operation in Boolean algebra. 

negative — Abbreviated neg. 1. Less than zero. 
2. The opposite of positive (c.g., negative resistance, 
transmission, feedback, etc.). 3. A terminal or electrode 
having an excess of electrons. Electrons flow out of the 
negative terminai of a voltage source, toward a positive 
source. 4. An artwork, artwork master, or production 
master in which the intended conductive pattern is 
transparent to light, and the areas to be free from 
conductive material are opaque. 

negative acceleration — A relative term often used 
to indicate that, referenced to zero acceleration, a negative 
electrical output will be obtained from a linear accelerom- 
eter when its sensitive axis is oriented normal to the 
surface of the earth and a given minus reference point 
along the center of the seismic mass. 

negative acknowledgement character— Abb- 
reviated NAK. A communication control character 
transmitted from a receiving point as a negative response 
to a sender. It may also be used as an accuracy control 
character. 

negative bias — In a vacuum tube, the voltage that 
makes the control grid more negative than the cathode. 

negative booster— A booster used with a ground- 
return system to reduce the difference of potential between 
two points to the grounded return. It is connected in series 
with a supplementary insulated feeder extending from the 
negative bus of the generating station or substation to a 
distant point on the grounded return. 

negative charge — A condition in a circuit when the 
element in question retains more than its normal quantity 
of electrons. 

negative conductor—A conductor connected to 
the negative terminal of a source of supply. Such a 
conductor is frequently used as an auxiliary return circuit 
in a system of electric traction. 

negative differential conductance reg- 
ion — That part of the characteristic of a tunnel diode 
between the peak and valley points. 

negative-effective-mass amplifiers and gene- 
rators— A class of solid-state devices for broadband 
amplification and generation of microwave energy. 
Operation of these devices is based on the phenomenon 
by which the effective masses of charge carriers in 
semiconductors become negative when their kinetic 
energies are sufficiently high. 

negative electricity —The type of electricity pos- 
sessed by a body that has an excess of electrons. 

negative electrode — The electrode from which the 
forward current flows. 

negative electron — Also called negatron. An elec- 
tron, distinguished from a positive electron or positron. 

negative feedback— Also called degeneration, 
inverse feedback, or stabilized feedback. A process by 
which a part of the output signal of an amplifying cir- 
cuit is fed back to the input circuit. The signal fed back 
is 180° out of phase with the input signal; therefore, the 
amplification is decreased, and distortion reduced. 

negative-feedback amplifier— An amplifier in 
which negative feedback is employed to improve the 
stability or frequency response, or both. 

negative ghost—A ghost that has the opposite 
shading from that of the original image (i.e., is black when 
the image is white, and vice versa). 
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negative glow —The luminous glow between the 
cathode and Faraday dark spaces in a glow-discharge 
cold-cathode tube. See also glow discharge. 

negative-grid generator— A conventional oscilla- 
tor circuit in which oscillation is produced by feedback 
from the plate circuit to a grid that is normally negative 
with respect to the cathode and that is designed to operate 
without drawing grid current at any time. 

negative ground — The negative battery terminal of 
a vehicle is connected to the body and frame. 

negative image — 1. A televised picture in which 
the whites appear black and vice versa. It is due to the 
picture signal having a polarity opposite to that of a 
normal signal. 2. A picture signal having a polarity that is 
opposite to normal polarity and which results in a picture 
in which the white and black area are reversed. 

negative impedance — Also called negative resis- 
tance when there is no inductance or capacitance in 
the circuit. A characteristic of certain electrical devices 
or circuits —instead of increasing, the voltage decreases 
when the current is increased, and vice versa. 

negative ion — An atom with more electrons than the 
normal number. Thus, it has 2 negative charge. 

negative-ion generator — A device that bombards 
air molecules with electrons so that molecules are ionized 
negatively. 

negative light modulation —iIn television, the 
process whereby a decrease in initial light intensity causes 
an increase in the transmitted power. 

negative logic — A form of logic in which the more 
positive voltage level represents logical G and the more 
negative level represents logical 1. 

negative modulation — in an AM television sys- 
tem, that modulation in which an increase in brightness 
corresponds to a decrease in transmitted power. 

negative modulation factor — The maximum neg- 
ative departure of the envelope of an AM wave from its 
average value, expressed as a ratio. This rating is used 
whenever the modulation signal wave has unequal posi- 
tive and negative peaks. 

negative phase-sequence relay— A relay that 
functions in conformance with the negative phase- 
sequence component of the current, voltage, or power of 
the circuit. 

negative picture phase — 1. For a television sig- 
nal, the condition in which an increase in brilliance makes 
the picture-signal voltage swing in a negative direction 
from the zero level. 2. Positioning the composite video 
signal so that the maximum level of the sync pulses is at 
100% amplitude. The brightest picture signals are in the 
opposite, negative direction. 

negative picture transmission — Television trans- 
mission system used in North America and other countries 
in which a decrease in illumination of the original scene 
causes an increase in percentage of modulation of the 
picture carrier. When modulated, signals with a higher 
modulation percentage have more positive voltages. 

negative plate — The grid and active material con- 
nected to the negative terminal of a storage battery. When 
the battery is discharging, electrons flow from this termi- 
nal, through the external circuit, to the positive terminal. 

negative resistance — 1. A resistance that exhibits 
the opposite characteristic from normal — i.e., when the 
voltage is increased across it, the current will decrease 
instead of increase. 2. Á property of some circuits con- 
taining no reactance whereby the current increases as the 
voltage is decreased. 

negative-resistance magnetron—A magnetron 
operated so that it acts as a negative resistance. 

negative-resistance oscillator—An oscillator 
produced by connecting a parallel-tuned resonant circuit 
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to a two-terminal negative-resistance device (one in which 
an increase in voltage results in a decrease in current). 
Dynatron and transitron oscillators are examples. 

negative-resistance  region— That operating 
region in which an increase in applied voltage results in 
a current decrease. 

negative-resistance repeater—A repeater in 
which gain is provided by a series or shunt negative resis- 
tance, or both. 

negative temperature coefficient — The amount 
of reduction in the value of a quantity, such as capacitance 
or resistance, for each degree of increase in temperature. 
See also temperature coefficient. 

negative terminal— In a battery of other voltage 
source, the terminal having an excess of electrons. Elec- 
trons flow from it, through the external circuit, to the 
positive terminal, 

negative torque—A torque developed in opposi- 
tion to the normal torque of a motor. This may occur 
at starting —common to pole motors — or at some speed 
below the nameplate rpm. This causes “cusps” or “sad- 
dies” in the graphed torque curves. 

negative-transconductance oscillator — An 
electron-tube oscillator whose output is coupled back to 
the input without phase shift, the phase condition for oscil- 
lation being satisfied by the negative transconductance of 
the tube. A transitron oscillator is an example. 

negative transmission — The modulation of the 
picture carrier by a picture signal with a polarity such 
that the sync pulses occur in the blacker-than-black region 
and a decrease in initial light intensity increases the 
transmitted power. 

negative-true logic — A logic system in which the 
voltage representing a logical 1 has a lower or more 
negative value than that representing a logical 0. Most 
parallel I/O buses use negatiye-true logic due to the nature 
of commonly available logic circuits. 

negatron— 1. An electron. See also negative elec- 
tron. 2. A four-electrode vacuum tube having a negative- 
resistance characteristic. 3. See dynatron. 

NEMA — Abbreviation for National Electrical Manu- 
facturers Association. 

NEMA standards — Consensus standards for elec- 
trical equipment approved by the majonty of the mem- 
bers of the National Electrical Manufacturers Association 
(NEMA). 

nematic liquid — An organic chemical used in liq- 
uid crystal displays (LCDs) that simultaneously exhibits 
liquid and crystal properties. It 1s transparent until the 
threadlike molecules are disturbed by an electric field; 
then it takes on a milky-white appearance. 

nematic liquid crystal — 1. A liquid crystal in such 
a state that the principal axis of all the molecules is 
aligned in one direction. This state is the result of the 
arrangement of the forces between the molecules and 
the shape of the molecules, keeping the molecules in a 
low-energy static state, aligned on one axis. 2. Ordered 
fluid whose molecules lie parallel to each other with their 
centers of mass randomly distributed. They are organic 
compounds whose molecules are rodlike in overall shape. 
The word nematic comes from the Greek nema, mean- 
ing “threadlike.” A threadlike pattern is observed when 
nematics are viewed through a microscope under polar- 
ized light. 

nematic phase— 1. An arrangement of parallel- 
oriented liquid crystal molecules. The nematic phase is 
turbid but much less viscous than the smectic phase, and 
the molecules are not arranged in layers. 2. A form of the 
liquid crystals with an appearance of moving, threadlike 
structures, particularly visible when obseryed, in thick 
specimens, with polarized light. During this phase the 
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molecules of the crystal are parallel and able to travel past 
each other following the direction of their longitudinal 
axes. This form has one optical axis that occupies the 
direction of an applied magnetic field. 

nemo — See field pickup. 

neon — An inert gas used in neon signs and in some 
electron tubes. It produces a bright red glow when ionized. 
Symbol, Ne; atomic number 10; atomic weight, 20.183. 

neon bulb— A glass envelope filled with neon gas 
and containing two or more insulated electrodes. The tube 
will not conduct until the potential difference between two 
electrodes reaches the firing, or ionization, potential, and 
will remain conductive until the voltage is reduced to the 
extinction level. 


Neon 
bulb. 


neon-bulb oscillator — A simple relaxation oscilla- 
tor in which a capacitor charges to the ionization potential 
of the neon gas within a bulb. Ionization rapidly depletes 
the charge on the capacitor, and a new charge cycle 
begins. 
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neon indicator tube —.A cold-cathode tube con- 
taining neon and designed to visually indicate a potential 
difference or field. 

neon oscillator — See neon-bulb oscillator. 

neon tube — An electron tube containing neon gas 
that uses the transmission of an electric current through 


501 


the gas to ionize the neon and produce a luminous red 
discharge. 

NEP — Abbreviation for noise equivalent power. 

neper — Also called napier. The fundamental division 
of a logarithmic scale for expressing the ratio between 
two currents or voltages. The number of nepers denoting 
such a ratio is the natural (Naperian) logarithm of this 
ratio. One neper equals 0.8686 bels, or 8.686 decibels. 
Expressed as a formula: 


N = log. (E, /E2) 


where N is the number of nepers and E, and E) are the 
two voltages. 

Nernst effect—The effect whereby a potential 
difference is developed across a heated metal strip placed 
perpendicular to a magnetic field. 

Nernst-Ettinghausen effect — A thermomagnetic 
effect that occurs in certain pure crystals, whereby a tem- 
perature difference is produced in a direction perpendicu- 
lar to an applied magnetic field and a longitudinal electric 
current, 

Nernst lamp—aAn electric lamp consisting of a 
shert, slender rod of zirconium oxide that is heated to 
incandescence by a current. 

nest — To enclose a subroutine inside a larger routine, 
but not necessarily make it part of the outer routine. A 
series of looping instructions can be nested within each 
other, 

nested subroutine —In a computer program, the 
subroutine called within another subroutine. 

nesting — 1. A term used to indicate that a subroutine 
in a computer is enclosed inside a larger routine, but 
is not necessarily part of the outer routine. Á series of 
looping instructions may be nested within each other. 2. A 
programming technique in which a segment of a larger 
program is executed iteratively (looping) until a specific 
data condition is detected or until a predetermined number 
of interactions has been performed. The nesting technique 
allows a program segment to be nested within a larger 
segment and that segment to be nested within an even 
larger segment. 3. A programming technique involving 
the embedding of routines within other routines. 

nesting leve! —The number of times nesting can be 
repeated. 

net— 1. Organization of stations capable of direct 
communications on a common channel, often on a definite 
schedule. 2. Also known as a signal. Collection of part 
and connector pins that must be connected. 3. One 
complete circuit connecting at least one output to at least 
one input. Must be some form of conductor, such as a 
wire. 4. The common abbreviation for the Internet. 

net authentification — Identification used on a 
communications network to establish the authenticity of 
several stations. 

net control station — Communications station hav- 
ing the responsibility of clearing traffic and exercising 
circuit discipline within a net. 

net information content — A measure of the essen- 
tial information contained in a message. It is expressed as 
the minimum number of bits or hartleys required to trans- 
mit the message with specified accuracy over a noiseless 
medium. 

netlist — List of names, symbols, and their connection 
points that are logically connected in a net. 

net loss — The algebraic sum of the gains and losses 
between two terminals of a circuit. It 1s equal to the 
difference in the levels at these points. 

net reactance — The difference between the capac- 
ttive and inductive reactance in an ac circuit. 

Netscape —A graphical web browser. 
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Netscape Communications — A company whose 
primary products are a graphical web browser called 
Netscape Navigator (sometimes known simply as 
Netscape) and HTTP server software named Netsite. 

Netscape Navigator — The graphical web browser 
developed by Netscape Communications. 

Netsite — The HTTP server software developed by 
Netscape Communications. 

network — |. A combination of electrical elements. 
2. An interconnected system of transmission lines that 
provides multiple connections between loads and sources 
of generation. 3. An organization of stations with a capa- 
bility for intercommunication, although not necessarily on 
the same channel. 4. Two or more interrelated circuits. 
5. Decentralized computer architecture that retains the 
access-to-information characteristic of a centralized com- 
puter. The key feature of a network is that communication 
between the computers in the network is really commu- 
nication between the programs running on those comput- 
ers. 6. A complex of two or more interconnected com- 
puters. The hardware that supports it generally includes 
multiplexers, line adapters, modems, and computers with 
associated peripherals. Software products used consist of 
modules in the host computer's operating systems, front- 
end processors, and remote processors that handle services 
provided to users. 7. A structured connection of computer 
systems and/or peripheral devices, each remote from the 
others, exchanging data as necessary to perform the spe- 
cific function of the connection. 8. The interconnection of 
a number of points by data communications facilities. 

network analog — The expression and solution of a 
mathematical relationship between variables through the 
use of a circuit or circuits to represent those variables. 

network analysis— 1. The obtaining of the elec- 
trical properties of a network (e.g., its input and trans- 
fer impedances, responses, etc.) from its configuration, 
parameters, and driving forces. 2. The process of creating 
a data model of transfer and/or impedance characteristics 
of a linear network through sine-wave testing over the 
frequency range of interest. 

network analyzer— 1. A group of electric-current 
elements that can readily be connected to form models of 
electric networks. From corresponding measurements on 
the model, it is then possible to infer the electrical quan- 
tities at various points on the prototype system. 2. Also 
called network calculator. An analog device designed pri- 
marily for simulating electrical networks. 3. An instru- 
ment that evaluates the impedance characteristics of linear 
networks over a range of frequencies. 

network architecture — 1. A descriptive phrase for 
the combination of hardware and software that comprises 
a computer network. 2. A set of rules, standards, or 
recommendations through which various computer hard- 
ware, operating systems, and applications software func- 
tion together. 

network calculator — An analog device designed 
primarily for simulating electric networks. 

network constant— Any one of the resistance, 
inductance, mutual-inductance, or capacitance values in 
a circuit or network. When these values are constant, the 
network is said to be linear. 

network filter— 1. A transducer for separating 
waves on the basis of their frequency. 2. A combination 
of electrical elements, e.g., interconnected resistors, coils, 
and Capacitors, that presents relatively small attenuation 
to signals of certain frequency and great attenuation to all 
other frequencies. 

network master relay—A relay that closes 
and trips an alternating-current, low-voliage network 
protector. 
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network phasing relay — A relay that functions in 
conjunction with a master relay to limit closure of the 
network protector to a predetermined relationship between 
the voltage and the network voltage. 

network relay—A form of relay (e.g., voltage, 
power) used in the protection and control of alternating- 
current, low-voltage networks. 

network synthesis — 1. The obtaining of a network 
from prescribed electrical properties such as input and 
transfer impedances, specified responses for a given driv- 
ing force, etc. 2. The process of deriving the configuration 
and component values of a network with given perfor- 
mance specifications. 

network topology — The physical and logical rela- 
tionship of nodes in a computer network; the schematic 
arrangement of the links and nodes of a network; net- 
works typically have a star, ring, tree, or bus topology, or 
some hybrid combination. 

network transfer function— A frequency- 
dependent function, the value of which is the ratio of 
the output to the input voltage. 

network transformer — A transformer suitable for 
use in a vault to feed a variable-capacity system of 
interconnected secondaries. 

Neuman’s law— Mutual inductance is a constant 
for a given relative physical position of coils, and is 
independent of the fact that the current flows in one or 
the other coil, and of frequency, current, and phase. 

neural network — A set of linked microprocessors 
that can form associations and learn like the neurons in a 
human brain. 

neuristor— 1. A two-terminal active device with 
some of the properties of neurons (e.g., propagation that 
suffers no attenuation and has a uniform velocity and a 
refractory period). 2. A device that is essentially an active 
transmission line designed to propagate signals without 
attenuation. It is an electrical analog of a nerve fiber. 

neuroelectricity —The minute electric voltage gen- 
erated by the nervous system. 

neuron — The basic building block of the human 
nervous system. A specialized body cell that can conduct 
and code an electrical pulse. 

neutral —In a normal condition; hence, neither posi- 
tive nor negative. A neutral object has its normal number 
of electrons —1.e., the same number of electrons as pro- 
fons. 

neutral circuit— A teletypewriter circuit in which 
current flows in only one direction. The circuit is closed 
during the marking condition and open during the spacing 
condition. 

neutral conductor — That conductor of a polyphase 
circuit or of a single-phase three-wire circuit that is 
intended to have a potential such that the potential 
differences between it and each of the other conductors 
are approximalely equal in magnitude and are also equally 
spaced in phase. 

neutral density filter— A light filter that reduces 
the intensity of light without changing the spectral distri- 
bution. 

neutral ground — A ground connection to the neutral 
point or points of a circuit, transformer, rotating machine, 
or system. 

neutralization — 1. The nullifying of voltage feed- 
back from the output to the input of an amplifier through 
the intereiectrode impedance of the tube. Its principal use 
is in preventing oscillation in an amplifier. This is done 
by introducing into the input a voltage equal in magni- 
tude but opposite in phase to the feedback through the 
interelectrode capacitance. 2. The process that prevents 
unwanted self-oscillation in an amplifier by feeding back 
part of the amplified signal, out of phase, to the input. 
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neutralize —In an amplifier stage, to balance out 
the feedback voltage due to grid-plate capacitance, thus 
preventing regeneration. 

neutralized radio-frequency stage — A stage in 
which a circuit is added for the purpose of feeding back, 
in the opposite phase, an amount of energy sufficient to 
cancel the energy that would otherwise cause oscillation. 

neutralizing capacitor — A capacitor, usually vari- 
able, employed in a radio receiving or transmitting circuit 
to feed a portion of the signal voltage from the plate 
circuit back to the grid circuit. 


NEUTRALIZING CAPACITOR 
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neutralizing circuit—In an amplifier circuit, the 
portion that provides an intentional feedback path from 
plate to grid. This is done to prevent regeneration. 

neutralizing indicator— An auxiliary device (e.g., 
a lamp or detector coupled to the plate tank circuit of an 
amplifier) for indicating the degree of neutralization in an 
amplifier. 

neutralizing tool — Also called a tuning wand. 1. A 
small screwdriver or socket wrench, partly or entirely 
nonmetallic, for making neutralizing or aligning adjust- 
ments in electronic equipment. See also alignment tool. 
2. A plastic rod having a ferrite plug in one end and a 
brass plug in the other end. Used to check the tuning of 
radio-frequency circuits. When inserted in a coil, the fer- 
rite increases the inductance while the brass decreases the 
inductance. 

neutralizing voltage —The ac voltage fed from 
the grid circuit to the plate circuit (or vice versa). It is 
deliberately made 180° out of phase with and equal in 
amplitude to the ac voltage similarly transferred through 
undesired paths (usually the grid-to-plate interelectrode 
Capacitance). 

neutral operation — The system whereby marking 
signals are formed by current impulses of one polarity, 
either positive or negative, and spacing signals are formed 
by reducing the current to zero or nearly zero. 

neutral point — The point that has the same potential 
as the point of junction of a group of equal nonreactive 
resistances connected at their free ends to the appropriate 
main terminals or lines of the system. 

neutral relay— Also called a nonpolarized relay. 
l. A relay in which the armature movement does not 
depend on the direction of the current in the controlling 
circuit. 2. A relay whose operation depends on the mag- 
nitude of the current through its operating winding, and 
not on the current’s direction. 

neutral section— That section through a magnet 
where the center line would pass. 
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The anode of the LED goes into tie point F-3, with the cathode being installed at tie point F-4. The 
current-limiting resistor spans the gap between tie point I-3 and the right-hand positive (red) power rail. 
A short jumper connects tie point J-4 and the right-hand negative power rail. See Figure A-10. 


Figure A-10. Add an LED and a current-limiting resistor across the power rails of the solderless 
breadboard to give an at-a-glance power indicator, right where the action is taking place. 


Now we have a good power-on indicator, right where we need it. It may or may not be redundant, 
depending on the features of your USB charger. This type of indicator is digital in the sense that it tells us 
that the circuit is either on or off, without giving us a lot of precise information about anything in 
between. For a lot of applications, however, this is more than enough information. 


Power Supply Voltage 


What if you did either want or need more precise information about the power supply? One method 
would be to permanently connect your multimeter to the circuit so that you can see how many volts are 
being delivered. That method assumes that you’re not going to need your multimeter for anything else, 
ever. 

A practical variation of that method, however, it to provide convenient test points in your circuit so 
that you can quickly and easily take a voltage reading when the need arises. Be sure to position the test 
points so that they are easy to access. Having a nice, big, readable label wouldn't hurt, either. Also, try to 
arrange things so that it's not likely that contact with a metal object, such as a tool or your wristwatch, 
will accidentally short out the power supply by touching both test points at the same time. Even simple 
“features” get complicated quickly, it seems! 

If you want an accurate (and permanent) voltage reading on your circuit, consider adding a 
voltmeter. Small panel meters are relatively inexpensive and reasonably accurate. A DC voltmeter has 
two leads, positive and negative, that are attached across the voltage to be measured. See Figure A-11. 
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neutral signals — Signals sent in the form of direct- 
current pulses for marks and an absence of current for 
spaces. 

neutral transmission — Also called unipolar trans- 
mission. Transmission of teletypewriter signals in such a 
way that a mark is represented by current on the line, 
and a space is represented by the absence of current. By 
extension to tone signaling, a method of signaling involv- 
ing two states, one of which represents both a space and 
the absence of signaling. 

neutral zone — A range in the total control zone in 
which a controller does not respond to changes in the 
controlled process; a dead zone, usually in the middle of 
the control range. 

neutrodyne— An amplifier circuit used in early 
tuned radio-frequency receivers. It is neutralized by the 
voltage fed back by a capacitor. 

neutron — One of the three elementary particles (the 
electron and proton are the other two) of an atom. It has 
approximately the same mass as the hydrogen atom, but 
no electric charge. It is one of the constituents of the 
nucleus (the proton is the other one). 

newsgroups — Discussion groups on Usenet. See 
also Usenet 

newton — In the mksa system, the unit of force that 
will impart an acceleration of 1 meter per second to a 
mass of 1 kilogram. Letter symbol: N. 

nF —Letter symbol for nanofarad. 

n-gate thyristor—A thyristor in which the gate 
terminal is connected to the n region nearest the anode and 
which is normally switched to the on state by applying a 
negative signal between the gate and anode terminals. 

nibble — Also nybble. 1. A sequence of 4 bits oper- 
ated upon as a unit. See byte. 2. One half of a byte. 3. The 
first or last half of an 8-bit byte (4 bits). 4. Half of a 
byte (4 bits). Binary coded decimal (BCD) is packed into 
nybbles. 

nibble mode—A form of DRAM addressing in 
which 4 sequential bits (a nibble) are accessed. 

Nichrome — Trade name of Driver-Harris Co. for 
an alloy of nickel and chromium used extensively in 
wirewound resistors and heating elements. 

nick —A small cut or notch in conductor strands or 
insulation. 

nickel —A metal that offers combination of corrosion 
resistance, formability, and tough physical properties. For 
these reasons, nickel is used for alloying purposes and in 
nickel-clad copper wire. 

nickel-cadmium cell —The most widely used 
rechargeable sealed cell, nickel-cadmium gives a flat 
voltage discharge characteristic, nominal cell voltage of 
1.25 volts, and good low-temperature operation. A cell 
with a nickel and oxide positive electrode and a cad- 
mium negative electrode. The plates are wrapped with a 
separator between them, and are immersed in a potassium- 
hydroxide electrolyte. 

nickel-clad copper wire — A wire with a layer of 
nickel on a copper core, where the area of the nickel 
is approximately 30 percent of the conductor area. The 
nickel has been rolled and fused to the copper before 
drawing. 

nickel-metal hydride— Abbreviated NiMH. A 
rechargeable battery technology that largely overcomes 
the “memory loss” problems of nickel-cadmium batteries. 
lt can also store a greater charge than a comparable size 
Nicad baitery. 

nickel-oxide film diode — A solid-state diode made 
of nickel-oxide film. It may be switched from off to on 
by applying a 300-volt low-current pulse for 10 ps, and 
may be switched from on to off by applying a 30-volt 
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high-current pulse for 10 us. In effect it works like a 
dipole flip-flop. 

nickel silver — See German silver. 

NIF — Abbreviation for noise-improvement factor. 

night-vision devices — Devices that use low-level 
visible radiation or infrared radiation to produce a visual 
image of a night scene as it would appear in daylight. 
These devices may rely on the amplification of existing 
visible light by photomultiplier tubes or infrared record- 
ing. 

ni junction — A semiconductor junction between n- 
type and intrinsic materials. 

NiMH — Abbreviation for nickel-metal hydride. 

nines complement— 1. A decimal digit that yields 
9 when added to another decimal digit. 2. Pertaining 
to an arithmetic method of negating a decimal number 
so that subtraction can be performed by using addition 
techniques. The nines-complement negation of a number 
results from subtracting each decimal digit individually 
from 9. End-around carry must be used in performing a 
nines-complement addition. 

Nipkow disc—A round plate used for scanning 
small elementary areas of an image in correct sequence for 
a mechanical television system. It has one or more spirals 
of holes around its outer edge, and successive openings 
are positioned so that rotation of the disc provides the 
scanning. 
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Nipkow disc TV system. 


NIPO — Acronym for negative input, positive output. 
N-ISDN — Abbreviation for narrowband integrated 
services digital network. Opposite of B-ISDN (broadband 
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ISDN). N-ISDN operates at channel speeds less than B- 
ISDN and has less bandwidth for asynchronous transfer 
mode-like transmission. 

nit— 1. In a computer, a choice among events that are 
equally probable. One nit equals 1.44 bits. 2. The unit of 
luminance (photometric brightness) equal to 1 candela per 
square meter. Letter symbol: nt. 

Nixie tube — A glow tube that converts a combination 
of electrical impulses into a visual display. See also 
numerical-readout tube. 

Nixie-tube display — A form of display composed 
of a number of neon-filled tubes, each containing wires in 
the shape of the digits O to 9, with separate wires for each 
digit. On signal, the correct wires are energized, causing 
the neon gas around the wires to glow. 

n-level logic — Pertaining to a collection of gates 
connected in such a way that not more than n gates appear 
in series. 

NMOS — Abbreviation for n-channel metal-oxide 
semiconductor. 1. Pertaining to MOS devices made on 
p-type silicon substrates in which the active carriers 
are electrons that flow between n-type source and drain 
contacts. The opposite of PMOS, where n-type source 
and drain regions are diffused into p-type substrate to 
create an n-channel for conduction. NMOS is from two 
to three times faster than PMOS. 2. N-channel circuits, 
using currents made up of negative charges and producing 
devices at least twice as fast as PMOS and having the 
potential for high-density configurations. 3. A form of 
metal-oxide silicon transistor in which the charge flow 
from source to drain is electrons. 

NMOS silicon-gate technology — A process used 
by National Semiconductor to design and fabricate high- 
density, high-performance microcomputer components. 
The process features scaled-geometry transistors (2-um 
active length), of a variety of threshold voltages, to 
optimize the speed/power performance of the internal 
circuitry. 

n-n junction — In an n-type semiconducting material, 
a region of transition between two regions having different 
properties. 

no — Abbreviation for normally open. 

no-address instruction — An instruction specify- 
ing an operation that the computer can perform without 
having to refer to its storage or memory unit. 

noble — Chemically inert. A term often used to 
describe metals such as gold, platinum, etc. 

noble gas — Also called inert gas or rare gas. One of 
the chemically inert gases, including helium, neon, argon, 
krypton, and xenon. 

noble-metal paste —A soft, moist, smooth com- 
pound made up partially of precious metals such as gold, 
platinum, ruthenium, or others classed as noble metals, 
providing conductors in film circuitry. 

noble system — Thick-film system using conductors 
of gold, platinum, and possibly palladium silver, or certain 
alloys of these precious metals. 

no contacts — Contacts that are normally open when 
the control circuit is not energized. 

noctovision— 1. A television system employing 
invisible rays (usually infrared) for scanning purposes at 
the transmitter. Hence, no visible light is necessary. 2. A 
television system used for seeing in the dark, particularly 
with the use of infrared rays. 

nodal-point keying — Keying an arc transmitter at a 
point that is essentially at ground potential in the antenna 
circuit. | 

nodal points — 1. Two points on the axis of a lens 
such that a ray entering the lens in the direction of one 
leaves as if from the other and parallel to the original 
direction. 2. See node, 2. 
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node — Also called junction point, nodal point, branch 
point, or vertex. 1. A terminal of any branch of a net- 
work, or a terminal common to two or more branches. 
2. The point, line, or surface in a standing-wave system 
where some characteristic of the wave field has essen- 
tially zero amplitude. The appropriate modifier should 
be used with the word node to signify the type that is 
intended (e.g., pressure node). 3. Provides data entry/exit 
point in computers and terminals, and switches or pro- 
cesses data. Smart terminals and smart programmable 
controllers —the ones based on microprocessors —also 
have true processing capability and qualify as nodes. Each 
node is potentially capable of performing application- 
oriented tasks. 4. A junction between interconnected inte- 
grated circuits on a logic board. 5. Any point in a com- 
munications network that is individually addressable, be it 
a terminal, computer, or communications controller. 6. A 
point of interconnection to a network common to two or 
more branches of a network. Normally, a point at which 
a number of terminals are located. 

nodules — Clusters of oxide particles that protrude 
above the surface of magnetic tape. 

noise— 1. Any unwanted disturbance within a 
dynamic electrical or mechanical system (e.g., undesired 
electromagnetic radiation in a transmission channel 
or device). 2. Any unwanted electrical disturbance or 
spurious signal that modifies the transmitting, indicating, 
or recording of desired data. 3. In a computer, extra 
bits or words that have no meaning and must be 
ignored or removed from the data at the time it is 
used. 4. Random electrical variations generated internally 
in electronic components. 5. In acoustics, a potentially 
distracting or distorting sensory pattern. 6. Any sounds 
that are not harmonically related to the signal and are 
added subsequently by recording or playback equipment 
(includes hiss, crackles, hum, rumblings, ticks, pops, 
etc.). Each recording system has its own set of inherent 
noise-producing components. 7. Any unwanted addition 
of frequencies unrelated to the signal that tends to 
obscure the signal information. In audio, noise is usually 
heard as hiss (random noise) or as hum (the power- 
line frequency and its harmonics). Since signals must 
be, in general, stronger than the noise level in order to 
convey information, noise defines the lower limits of a 
component’s dynamic range. (The upper limit is imposed 
by the maximum tolerable distortion.) Noise may be 
defined in terms of absolute levels, but in audio equipment 
it is usually defined in decibels below the maximum 
tolerably distorted signal. 8. Random, unwanted electrical 
signals that can cause unwanted and false output signals 
in a circuit. For example, a random noise pulse might 
trigger a digital circuit, thereby producing a binary 1 at 
the circuit output where a binary 0 should be present. 
9. An unwanted voltage fluctuation generated within a 
resistor. Total noise of a resistor always includes Johnson 
noise, which is dependent only on resistance value and 
temperature of the resistance element. Depending on type 
of element and construction, total noise may also include 
noise caused by current and noise caused by cracked 
bodies and loose end caps or leads. For variable resistors, 
noise may also be caused by jumping of contact over 
turns of wire and by an imperfect electrical path between 
contact and resistance elements. 10. The unwanted and 
unpredictable fluctuations that distort a received signal 
and, hence, tend to obscure the desired message. Noise 
disturbances, which may be generated in the devices 
of a communications system or which may enter the 
system from the outside, limit the range of the system 
and place requirements on the signal power necessary 
to ensure good reception. 11. A communication-line 
impairment inherent in the line design or induced by 
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transient energy bursts. 12. Unwanted components, other 
than distortion, added to a signal or sound, 13. Random 
bursts of electrical energy or interference. In some cases, 
it will produce a salt-and-pepper pattern over a televised 
picture. Heavy noise is sometimes referred to as snow. 
14. Random signals or other interference on a line. 
15. The unpredictable or random difference between the 
observed data and the true proccss. 

noise analysis— Determination of the frequency 
components that make up the noise being studied. 

noise analyzer — An instrument used for determin- 
ing the amplitude versus frequency characteristics of 
noise. 

noise bandwidth—The width of the equivalent 
rectangular power gain versus frequency response of a 
network. It is the width of the rectangle whose area equals 
that of the actual power gain versus frequency response 
and whose height equals the maximum available power 
gain at a reference frequency fo. It does not include any 
spurious responses. Any responses other than those in 
the useful channel are accounted for by a degraded noise 
figure. 

noise behind the signal — See modulation noise. 

noise blanker— |. A circuit used in some receivers 
just before the detector to minimize ignition noise. 
2. Circuit for reducing noise interference. It is usually 
placed in the rf section or at the beginning of the IF 
section of a receiver, before the high-selectivity circuits. 
It squelches the receiver for a very short period (the width 
of the noise spike). Noise blankers are more effective than 
noise limiters, but their circuitry is more complex. 

noise-canceling microphone — A microphone 
that is built in such a way as to minimize transmission 
of any background noise at the transmitting site. See also 
close-talking microphone. 

noise clipper— A circuit that automatically or man- 
ually clips the noise from the output of a receiver. 

noise-criteria value— Also called NC value. A 
measure of background noise; it is a single overall value 
determined from the greatest level of sound pressure of 
several individual frequency bands. Sometimes values are 
stated for each band. 

noise current—The equivalent open-circuit rms 
noise current that occurs at the input of a noiseless 
amplifier due to current at that input. It is measured by 
shunting an impedance across the input terminals and 
comparing this output noise with the output noise obtained 
when the input is shorted. 

noise-current generator — A current generator in 
which the output is a random function of time. 

noise diode—A standard electrical-noise source 
consisting of a diode operated at saturation. The noise 
is due to random emission of electrons. 

noise equivalent bandwidth — The useful band- 
width of a thermistor bolometer for various frequencies 
in the input radiation, equal to !/4¢ (where z is the time 
constant of the bolometer). 

noise equivalent power— Abbreviated NEP. 
1. The value of radiation that produces, in a detector, an 
rms signal-to-noise ratio of unity. It is usually measured 
with a blackbody radiation source at 500K and a 
bandwidth of 1 or 5 hertz. The modulation rate varies 
with the type of detector and is usually between 10 and 
1000 hertz. 2. The minimum detectable signal equal to the 
ratio of total detector and system noise to responsivity. 

noise factor— Also called noise figure. 1. For a 
given bandwidth, the ratio of total noise at the output 
to the noise at the input. 2. A number expressing the 
amount by which a receiver falls short of equaling the 
theoretical optimum performance. 3. The ratio of the 
available signal-to-noise power ratio at the input to the 
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available signal-to-noise power ratio at the output of a 
semiconductor device. 

noise figure — Abbreviated NF. |. The ratio of the 
total noise power at the output of an amplifier to that 
portion of the total output noise power attributable to 
the thermal agitation in the resistance of the signal 
source. See also noise factor. 2. In a network with a 
generator connected to its input terminal, the ratio of 
the available signal-to-noise-power ratio at the signal- 
generator terminals (weighted by the network bandwidth) 
to the available signal-to-noise-power ratio at the output. 
3. The common logarithm of the ratio of the input signal- 
to-noise ratio to the output signal-to-noise ratio. 

noise filter— 1. A combination of electrical compo- 
nents that prevents extraneous signals from passing into 
or through or out of an electronic circuit. 2. Combination 
of one or more coils and capacitors inserted between 
the power cord of a receiver and a wall outlet to block 
noise interference that might otherwise reach the receiver 
through the power line. 

noise floor—The lowest input signal power level 
that will produce a detectable output signal from a 
microwave component, determined by the thermal noise 
generated within the microwave component itself. The 
noise floor limits the ultimate sensitivity to the weak 
signals of the microwave system, since any signal below 
the noise floor will result in an output signal with a signal- 
to-noise ratio of less than 1 and will be more difficult to 
recover. 

noise-free environment—.A space theoretically 
containing neither electrostatic nor electromagnetic radi- 
ation. 

noise generator — An electronic deyice that gener- 
ates wide-band white noise for use in testing. The gen- 
erator output is obtained by amplifying low-level white 
noise obtained from a source such as a photomultiplier. 

noise grade —A number that defines the noise at a 
particular location relative to the noise at other locations 
throughout the world. 

noise immunity — 1. A measure of the insensitivity 
of a logic circuit to spurious or undesired electrical signals 
or noise. 2. See dc noise margin. 3. A measure of a 
receiver’s ability to prevent valid signals from being 
rejected as noise. It is sometimes specified as the ability of 
a receiver to operate under conditions of Gaussian noise. 
4. A device’s ability to discern valid data in the presence 
of noise. 

noise-improvement factor — Abbreviated NIF. In 
a receiver, the ratio of output signal-to-noise ratio to 
the input signal-to-noise ratio. (The term receiver is 
used in the broad sense and is taken to include pulse 
demodulators.) 

noise index— The ratio of the rms current-noise 
voltage (over a 1-decade bandwidth) to the average (dc) 
voltage caused by a specified constant current passed 
through a resistor at a specified hot-spot temperature 
(usually expressed either in microvolts per volt or in 
decibels of voltage ratio). 

noise jamming — See jamming. 

noise killer— An electric network inserted into a 
telegraph circuit (usually at the sending end) to reduce 
interference with other communication circuits. 

noise level— 1. The strength of extraneous audible 
sounds at a given location. 2. The strength of extraneous 
signals in a circuit. Noise level is referred to a specified 
base and usually measured in decibels. 3. A volume of 
noise energy, specified as so many decibels above a 
reference level. 

noise limiter — Also called a serics-gate noise lim- 
iter. 1. A circuit that cuts off all noise peaks stronger than 
the highest peak in the received signal. In this way, the 


noise margin — nonconductor 


effects of strong atmospheric or man-made interference 
are reduced. 2. A circuit that shaves off the noise spikes 
riding on the desired signal. Usually, diodes are used to 
obtain the clipping action. When the circuit operates at a 
predetermined threshold without any user activation, it is 
called an automatic noise limiter, or ANL. These diode 
noise limiters are usually in the intermediate-frequency or 
audio-frequency sections of the receiver. 

noise margin— 1. The extraneous-signal voltage 
amplitude that can be added algebraically to the noise-free 
worst-case input level of a logic circuit before deviation 
of the output voltage from the allowable logic levels 
occurs. In this application, the term input generally refers 
to logic input terminals, ground reference terminals, or 
power supply terminals. 2. The difference between the 
operating voltage and the threshold voltage of a binary 
logic circuit. 

noise-measuring set — See circuit-noise meter. 

noise-modulated jamming — Random electronic 
noise that appears at a radar receiver as background noise 
and tends to mask the desired radar echo or radio signal. 

noise pulse — Also called noise spike. A spurious 
signal of short duration and of a magnitude considerably 
in excess of the average peak value of the ordinary system 
noise. 

noise quieting—The ability, usually expressed in 
decibels, of a receiver to reduce background noise in the 
presence of a desired signal. 

noise ratio — The ratio of the available noise power 
at the output of a circuit to the noise power at the input. 

noise-reducing antenna system — A receiving- 
antenna system so designed that only the antenna proper 
can pick up signals. It is placed high enough to be out 
of the noise-interference zone, and is connected to the 
receiver with a shielded cable or twisted transmission line 
that is incapable of picking up signals. 

noise source—A device employed to generate 
random noise (e.g., photomultiplier and gaseous-discharge 
tubes). 

noise spike — See noise pulse. 

noise suppression— 1. The ability of a radio 
receiver to materially reduce the noise output when no 
carrier is being received. 2. A means of reducing surface 
noise during reproduction of a phonograph record. 

noise suppressor — 1. A circuit that reduces high- 
frequency hiss or noise. It is utilized pnmarily with 
phonograph records. 2. In a receiver circuit, the portion 
that reduces noise automatically when no carrier is being 
received. 3. Any device intended to reduce the audibility 
of background noise. 

noise temperature — 1. At a pair of terminals and 
a specific frequency, the temperature of a passive system 
having an available noise power per unit bandwidth equal 
to that of the actual terminals. 2. The temperature at which 
the thermal noise available from a device cquals the total 
fluctuation noise actually available from the device. 3. A 
measure of the amount of thermal noise present in a 
system or a device. The lower the noise temperature, the 
better the performance. 

noise voltage —The equivalent short-circuit input 
rms noise voltage that occurs at the input of a noiseless 
amplifier if the input terminals are shorted. It is measured 
at the output and divided by the amplifier gain and the 
square root of the bandwidth over which the measurement 
is made to yield units of nanovolts per square root of hertz. 

noise-voltage generator—A voltage generator 
whose output is a random function of time. 

noisy mode — In a computer, a floating-point arith- 
metic procedure associated with normalization. In this 
procedure, digits other than 0 are introduced in the low- 
order positions during the left shift. 
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no-load current— See exciting current, 1. 

no-load losses — The losses in a transformer when 
it is excited at the rated voltage and frequency, but is not 
supplying a load. 

nominal—The identifying value of a measurable 
property in a conductor or component. This standard value 
is halfway between maximum and minimum limits of the 
tolerance range. 

nominal band—In a facsimile-signal wave, the 
frequency band equal to the width between the zero and 
the maximum modulating frequency. 

nominal bandwidth — 1. The difference between 
the nominal upper and lower cutoff frequencies of a filter. 
It may be expressed in octaves, in hertz, or as a percentage 
of the passband center frequency. 2. The maximum band 
of frequencies, inclusive of guard bands, assigned to a 
channel. 

nominal horsepower—The rated power of a 
motor, engine, etc. 

nominal impedance — The impedance of a circuit 
under normal conditions. Usually it is specified at the 
center of the operating-frequency range. 

nominal line pitch—-The average separation 
between the centers of adjacent lines in a raster. 

nominal line width — 1. In television, the reciprocal 
of the number of lines per unit length in the direction 
of line progression. 2, In facsimile transmission, the 
average separation between centers of adjacent scanning 
or recording lines. 

nominal power rating of a resistor — The power 
that a resistor can dissipate continuously at a specified 
ambient temperature and for a stipulated length of time 
without excessive resistance drift. 

nominal value —The stated or specified value, as 
opposed to the actual value. 

nominal voltage — 1. The voltage of a fully charged 
storage cell when delivering rated current. 2. Average 
source voltage. 

nomogram — Also called an alignment chart or 
nomograph. A computational aid consisting of two or 
more scales drawn and arranged so that the results of 
calculations may be found by the linear connection of 
points on them. 

nomograph — See nomogram. 

nomography — A method of representing the rela- 
tion between any number of variables graphically on a 
plane surface such as a piece of paper. 

nonblinking — The ability of a digital meter display 
to appear steady and free of blinking. Usually achieved 
by storing the reading during the same period. 

nonbridging — A contact transfer in which the mov- 
able contact leaves one contact before touching the next. 

nonbridging contacts — A contact arrangement in 
which the opening of one set of contacts occurs before 
the closing of another set. 

noncoherent bundle—An assembly of optical 
fibers that will not transmit coherent images or informa- 
tion because the relationship of the fibers on either end of 
the assembly is different; can be applicd to information 
scrambling. 

noncoherent radiation — Radiation in which the 
waves are out of phase with respect to space and/or time. 

noncombustible — See nonflammable. 

noncomposite video — A video signal containing 
all information except sync. 

nonconductor— 1. An insulating material —1.e., 
one through which no electric current can flow. 2. A 
substance that does not transmit certain forms of energy, 
such as sound, heat, and especially electricity. 
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noncontiguous allocation — An allocation method 
that assigns physically nonadjacent sectors to a file. 

noncorrosive flux—A flux that does not contain 
acid and other substances that might corrode the surfaces 
being soldered. 

nondegenerate amplifier— A parametric ampli- 
fier in which the pumping frequency is considerably 
higher than twice the signal frequency. The output is at 
the input-signal frequency. This type of amplifier has neg- 
ative impedance characteristics, and therefore is capable 
of oscillation. 

nondestructive readout — A type of memory oper- 
ation or device in which reading out does not cause stored 
data to be lost from the memory. Such memories, there- 
fore, do not require a write operation immediately after 
each read operation, as do destructive types. 

nondeviated absorption—1. Absorption that 
occurs without any appreciable slowing up of waves. 
2. Normal sky-wave absorption. 

nondirectional — See omnidirectional. 


nondirectional antenna ——See omnidirectional 
antenna. 
nondirectional microphone —See omnidirec- 


tional microphone. 

nondissipative stub — A lossless length of waveg- 
uide or transmission line coupled into the sides of a 
waveguide, 

nonequivalence element— A logic element hav- 
ing an action that represents the exclusive-OR Boolean 
connective. 

nonerasable storage —In a computer, a storage 
medium that cannot be erased and reused, e.g., punched 
cards, perforated paper tape, or a ROM. 

nonessential loads — Electrical loads that are not 
necessary for plant operation, but may be desirable 
to maintain during longer than commercial power out- 
ages. Such loads include some lighting loads, some air- 
conditioning loads, and equipment used on a part-time 
vasis. 

nonfatal error — An error in a computer program 
that does not substantially affect the progress of the 
program. 

nonferrous — Not made of or containing iron. 

nonflammable — Also called noncombustible. Term 
applied to material that will not burn when exposed to 
“lame or elevated temperatures, e.g., asbestos, ceramics, 
and structural metals. 

nonhoming tuning system—A motor-driven 
automatic tuning system in which the motor starts in the 
direction of the previous rotation. If this direction is incor- 
rect for the new station, the motor reverses, after turning 
to the end of the dial, and then proceeds to the desired 
station. 

nonimpact printer—1.A class of printers that 
forms images on paper without using a form of stamping 
or inking through a ribbon by an element, character slug, 
or hammer-needle. The shapes of the characters are stored 
in the system memory of the printer and are used to drive 
the imaging mechanism. 2. A high-speed printer using 
either thermal, optical, chemical, or electrical techniques. 
The speed of such a printer is from 30 to 21,000 lines 
per minute. Generally requires special paper to convert 
to readable copy. 3. A device that does not rely on 
mechanical fcrce to print data. Methods such as heat or 
electricity are used instead. 

nonimpact printing — Printing processes in which 
characters are transferred to paper by means other than 
physically striking the paper with a key-driven hammer; 
in nonimpact printing, characters are created by ink jets, 
thermal devices, or lasers. 

noninductive — Having practically no inductance. 
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noninductive capacitor— Also called extended 
foil capacitor. A capacitor in which the inductive effects 
at high frequencies are reduced to a minimum. Foil 
layers are offset during winding so that an entire layer 
of foil (projecting at either end) is connected together for 
contact-making purposes. A current then flows laterally 
rather than spirally around the capacitor, and the inductive 
effect is minimized. 

noninductive circuit—A circuit in which the 
inductance is reduced to a minimum or negligible value. 

noninductive load — A load that has no inductance. 
It may consist entirely of resistance or capacitance. 

noninductive resistor—1.A wirewound resistor 
with little or no self-inductance. 2. A resistor constructed 
in such a manner that its inductance is negligible. 

noninductive winding— A winding in which the 
magnetic fields produced by its two parts cancel each 
other and thereby provide a noninductive resistance. 

non-interlaced—A method of sending a video 
image to a monitor that scans each successive video 
line of a picture so a full picture is painted onto the 
screen in one vertical sweep of the electron beam. At 
any given resolution, non-interlaced modes are preferable 
to interlaced modes but are more expensive to generate. 
Standard VGA (640 x 480) and SVGA (800 x 600) are 
always non-interlaced. See interlaced scanning. 

noninverting connection — The closed-loop con- 
nection of an operational amplifier when the forward gain 
is positive for a dc signal (0° phase shift). 

noninverting input— A differential-amplifier input 
terminal for which the output signal has the same phase 
as the input signal. 

noninverting parametric device — A parametric 
device whose operation depends essentially upon three 
frequencies —a harmonic of the pump frequency and 
two signal frequencies —of which one is the sum of the 
other plus the pump harmonics. Such a device can never 
provide gain at either of the signal frequencies. It is said 
to be noninverting because if either of the two signals is 
moved upward in frequency, the other will move upward 
in frequency. 

nonionizing radiation — 1. Radiation that does not 
produce ionization (e.g., infrared, ultraviolet, and visible 
light). 2. Radiation that does not produce free electrons 
and ions, or electrically charged particles. 

nonlinear — 1. Having an output that does not rise or 
fall in direct proportion to the input. 2. Characteristic of 
any device in which the output is not related to the input 
by a simple constant. Not proportional. 

nonlinear capacitor— A capacitor that has a non- 
linear mean-charge characteristic or peak-charge charac- 
teristic or a reversible capacitance that varies with bias 
voltage. 

nonlinear coil — A coil with an easily saturable core. 
Its impedance is high at low or zero current, and is low 
when enough current flows to saturate the core. 

nonlinear distortion— 1. Distortion that occurs 
when the output does not rise and fall directly in propor- 
tion to the input. The input and output values need not be 
of the same quantity —e.g., in a linear detector, these val- 
ues are the signal voltage at the output and the modulation 
envelope at the input. 2. Distortion that occurs because the 
transmission properties of a system are dependent on the 
instantaneous magnitude of the transmitted signal. Note: 
Nonlinearity distortion gives rise to amplitude and har- 
monic distortion intermodulation and to flutter. 3. The 
generation of unwanted signals as a result of nonlinear 
operations on a desired signal or group of signals. (Har- 
monic distortion is one well-known example; if the main 
signal is a sine wave of frequency f, the unwanted signals 
appear as sine waves at 2f, 3f, and so on.) 4. Distortion 


nonlinear feedback control system — nonwirewound trimming potentiometer 508 


in an electrical system in which the ratio of voltage to 
current in the system varies as a function of either the 
voltage or current. 

nonlinear feedback control system — Feedback 
control system in which the relationships between the 
pertinent measures of the system input and output signals 
cannot be adequately described by linear means. 

nonlinearity —The amount by which the measured 
output of a transducer, subjected to any load within its 
capacity, differs from an ideally linear output as defined 
by a straight line. The transducer output is measured on 
increasing load only. 

nonlinear network — A network (circuit) not speci- 
fiable by linear differential equations with time as the 
independent variable. 

nonlinear optical effects — Optical phenomena 
that can be observed only with the use of directional, 
nearly monochromatic light beams, such as those pro- 
duced by a laser. Examples are optical mixing, harmonic 
generation, and the stimulated raman effect. 

nonlinear programming — Similar to linear pro- 
gramming but incorporating a nonlinear objective func- 
tion and linear constraints, or a linear objective function 
and nonlinear constraints, or both a nonlinear objective 
and nonlinear constraints. 

nonloaded Q— Also called basic O. The value of 
the Q of an electric impedance without external coupling 
or connection. 

nonmagnetic — Material that is not attracted by a 
magnet and cannot be magnetized (e.g., paper, plastic, 
tin, glass). In a strict sense, having a permeability equal 
to that of air or 1. 

nonmagnetic steel— A steel alloy that contains 
about 12 percent manganese, and sometimes a small quan- 
tity of nickel. It is practically nonmagnetic at ordinary 
temperatures. 

nonmetallic sheathed cable—Two or more 
rubber- or plastic-covered conductors assembled in an 
outer sheath of nonconducting fibrous material that has 
been treated to make it flame and moisture resistant. 

nonmultiple switchboard—A manual telephone 
switchboard in which each subscriber line is connected to 
only one jack. 

nonnoble system — Thick-film system using con- 
ductors of copper, tungsten, nickel, molybdenum, and 
other nonnoble metals. 

nonphysical primary—A color primary repre- 
sented by a point outside the area of the chromaticity 
diagram enclosed by the spectrum locus and the purple 
boundary. 

nonplanar network—A network that cannot be 
drawn on a plane without crossing branches. 

nonpolar capacitor—See bipolar electrolytic 
capacitors. 

nonpolar crystals— Crystals having the property 
that each lattice point is identical. 

nonpoiar electrolytic capacitor — An electrolytic 
capacitor that can be connected without regard to polarity. 
This is possible because the dielectric film is formed on 
both electrodes. 
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nonpolarized relay — See neutral relay. 

nonrecursive filter — See digital filter. 

nonrenewable fuse unit— A fuse unit that cannot 
be readily restored for service after operation. 

nonreset timer—aA timer that cannot be reset by 
electrical means. 

nonresonant line—A transmission line with a 
neutral resonant frequency different from that of the 
transmitted signal. 

nonreturn-to-zero — A method of writing informa- 
tion on a magnetic surface in which the current through 
the write-head winding does not return to zero after the 
write pulse. 

nonsaturated color—A color that is not 
pure — i.e., one that has been mixed with white or its 
complementary color. 

nonsaturated logic—-A type of logic circuit in 
which short delay times are achieved by preventing 
transistors from saturating. 

nonshorting switch — Switch in which the width 
of the movable contact is less than the distance between 
contact clips so that one circuit is broken before another 
is completed. 

nonsimultaneous transmission — Usually, trans- 
mission in which data can be moved in only one direction 
at a time by a device or facility. 

nonsinusoidal wave — Any wave that is not a sine 
wave. It therefore contains harmonics. 

nonstorage camera tube—A television camera 
tube in which the picture signal is always in proportion 
to the intensity of the illumination on the corresponding 
area of the scene being televised. 

nonswitched line —A communications link that is 
permanently installed between two points. 

nonsynchronous — Not related in frequency, speed, 
or phase to other quantities in a device or circuit. 

nonsynchronous starting torque—The maxi- 
mum load torque with which motors can start. However, 
the motor will not come to a synchronous speed. 

nonsynchronous vibrator— A vibrator that inter- 
rupts a direct-current circuit at a frequency unrelated to 
the other circuit constants. It does not rectify the resulting 
stepped-up alternating voltage. 

nonthermal radiation — The radiation given off by 
energetic particles not in thermal equilibrium. 

nontrip-free circuit breaker — A breaker that can 
be maintained closed by manual override action while a 
tripping condition persists. 

nonuniform field — A field in which the scalar (or 
vector) at that instant does not have the same value at 
every point in a given region. 

nonvolatile memory— 1. A memory whose stored 
data is undisturbed by removal of operating power. 2. A 
type of computer system memory offering preservation 
of data storage during power loss or system shut-down. 
Magnetic-core read/write memory systems are typically 
nonvolatile and therefore do not require reloading to 
restore programs and data when system power is applied. 
See also volatile memory. 

nonvolatile storage — 1. Storage media that retain 
information in the absence of power and that will make 
the information available when power is restored. 2. A 
storage medium that retains its data in the absence of 
power. 

nonwetting—A condition whereby a surface has 
contacted molten solder, but has had none of the solder 
adhere to it. 

nonwirewound trimming potentiometer—A 
trimming potentiometer characterized by the continuous 
nature of the surface area of the resistance element to 
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be contacted. Contact is maintained over a continuous 
unbroken path. The resistance is achieved by using 
material compositions other than wire, such as carbon, 
conductive plastic metal film, and cement. 

no-operation instruction—Also called blank 
instruction. waste instruction, or no-op. Án instruction for 
a computer to do nothing but process the next instruction 
in sequence. See also skip. 

NOR—-1. A function of A and B that is true if both 
A and B are false. 2. Contraction of NOT-OR, the logical 
negation of the OR function. A NOR B is false if either 
A or B is true; true otherwise. 

NOR device— 1. A device that has its output in 
the logical 1 state if and only if all the control signals 
assume the logical O state. 2. An OR circuit that delivers 
an inverted output signal. 

NOR element—A gate circuit having multiple 
inputs and one output that is energized only if all inputs 
are zero. 

NOR gate —An OR gate followed by an inverter to 
form a binary circuit in which the output is logical O if 
any of the inputs is logical 1 and is logical 1 only if all 
the inputs are logical 0. With the opposite logic polarity, 
this type of gate is a NAND gate. 

norm— 1. The mean or average. 2. A customary 
condition or degree. 

normal condition — The deenergized condition of a 
relay. 

normal contact—A contact that in its normal 
position closes a circuit and permits current to flow. 

normal distribution— 1. The most common fre- 
quency distribution in statistics. The probability curve 
is bell-shaped, and the greatest probability occurs at the 
arithmetical average (i.c., at the top of the curve). The 
probability of occurrence of a particular value is shown 
by the areas between two abscissa values on the curve. 
See also Gaussian distribution. 2. A particular statistical 
distribution. For a distribution to be classified as a nor- 
mal distribution, it must be unimodal — that is, most of 
the observations must fall fairly close to one mean — and 
symmetrical; that is to say, a deviation from the mean 
is as likely to be plus as 1t is likely to be minus. When 
graphed, the normal distribution takes the form of a bell- 
shaped curve. 

normal electrode —A standard electrode used for 
measuring electrode potentials. 

normal failure period — That period of time during 
which an essentially constant failure rate exists. 

normal impedance — See free impedance. 

normal induction — The limiting induction, either 
positive or negative, in a magnetic material that is under 
the influence of a magnetizing force that varies between 
two extremes. 

normal induction curve — |. The curve obtained 
by plotting B (induction) against H (magnetizing force), 
starting from a totally demagnetized state. 2. The locus of 
the tips of a series of hysteresis loops, obtained by cycling 
the magnetizing force, H, in successively increasing steps. 
Nearly coincident with the initial magnetization curve. 

normalization — The transforming of signals to a 
common basis —e.g., adjusting two signals, representing 
the same spoken word but differing in loudness, to the 
same loudness. 

normalize — 1. To adjust the representation of a 
quantity so that it lies within a prescribed range. 2. In 
a computer, to shift all digits of a word to the right or left 
to accommodate the maximum number of digits. 3. To 
divide a quantity (e.g., voltage, impedance, frequency) by 
a reference of the same dimension, thereby making the 
result dimensionless. 


no-operation instruction — normal record level 


normalized admittance —The reciprocal of nor- 
malized impedance. 

normalized impedance — An impedance divided 
by the characteristic impedance of a waveguide. 

normalized plateau slope—The slope of the 
substantially straight portion of the counting-rate-versus- 
voltage characteristic of a radiation counter tube, divided 
by the quotient of the counting rate and the voltage at the 
Geiger-Mueller threshold. 

normal linearity — A manner of expressing linearity 
as the deviation from a straight line in terms of a given 
percentage of the output at a certain stimulus value, 
usually the full-scale value. 

normally closed — Symbolized by nc. Designation 
applied to the contacts of a switch or relay when they 
are connected so that the circuit will be completed when 
the switch is not activated or the relay coil is not 
energized. 

normally closed contact— Also called break 
contact. A contact pair that is closed when the coil of 
a relay is not energized. 

normally closed switch — 1. A switch that passes 
current until actuated. 2. A switch in which the contacts 
are closed when no external forces act on the switch. 

normally high — A device in which the output is high 
in voltage in the rest condition. 

normally low — A device in which the output is low 
in voltage in the rest condition. 

normally open—Symbolized by no. Designation 
applied to the contacts of a switch or relay when they 
are connected so that the circuit will be broken when 
the switch is not activated or the relay coil is not 
energized, 

normally open contact—A contact pair that is 
open when the coil of a relay is not energized. 

normally open switch — 1. A switch that must be 
actuated to pass current. 2. A switch in which the contacts 
are open (separated) when no external forces act on the 
switch. 

normal mode —The expected or usual operating 
conditions, such as the voltage that occurs between the 
two input terminals of an amplifier. 

normal-mode interference — Interference that 
appears between the terminals of a measuring circuil. 

normal mode of vibration—A characteristic 
distribution of vibration amplitudes among the parts of the 
system, each part of which is vibrating freely at the same 
frequency. Complex free vibrations are combinations of 
these simple vibration forms. 

normal-mode voltage — 1. The actual signal volt- 
age developed by a transducer. 2. The difference voltage 
between two input-signal lines. 

normal operating period— The time interval 
between debugging and wear-out. 

normal permeability — Ratio of the normal induc- 
tion to the corresponding magnetizing force. In the cgs 
system, the flux density in a vacuum is numerically equal 
to the magnetizing force. 

normal position — The position of the relay contacts 
when the coil is not energized. 

normal propagation — The phenomenon of passing 
radio waves through space when atmospheric and/or 
ionospheric conditions are such as to permit the passage 
with little or no difficulty. 

normal record level—In direct recording, the 
amount of record-head current required to produce 1 
percent third-harmonic distortion of the reproduced signal 
at the record-level set frequency. Such distortion must 
result from magnetic-tape saturation, not from electronic 
circuitry. 


normal-stage punching — npn transistor 


normal-stage punching — In a computer, a card- 
punching system in which only the even-numbered rows 
are punched on the British standard card. 

north pole— 1. The pole of a magnet that points 
toward the north magnetic pole of the earth. (The lines 
of force internal to a magnet are assumed to leave from 
its north pole.) 2. A pole that attracts the south-seeking 
pointer of a field compass. 

Norton’s theorem — The current in any impedance 
Zr, connected to two terminals of a network, is the 
same as though Zp were connected to a constant-current 
generator whose generated current is equal to the current 
that flows through the two terminals when these terminals 
are short-circuited, the constant-current generator being 
in shunt with an impedance equal to the impedance 
of the network, looking back from the terminals in 
question. 

NOT-AND circuit— An AND gating circuit that 
inverts the pulse phase. 

notation—1.A manner of representing numbers. 
Some of the more important notation scales are as follows: 


Base Name 


2 Binary 

3 Ternary 

4 Quaternary, tetral 

5 Quinary 

8 Octonary, octal 

10 Decimal 
12 Duodecimal 
16 Hexadecimal, sexadecimal 


32 Duotricenary 
2.5 Biquinary 


2. The act, process, or method of representing facts or 
quantities by a system or set of marks, signs, figures, or 
characters 

notch — 1. A rectangularly shaped depression that 
extends below the sweep line of the radar indicator 
in some equipment. 2. On a graph (a graph of fre- 
quency response, in particular), a point where a curve 
dips sharply and returns equally sharply to its orginal 
value. 

notch antenna— An antenna that forms a pattern 
by means of a notch or slot in a radiating surface. 
Its characteristics are similar to those of a properly 
proportioned metal antenna and may be evaluated with 
similar techniques. 

notch filter — 1. An arrangement of electronic com- 
ponents designed to attenuate or reject a specific fre- 
quency band with sharp cutoff at either end. See also 
band-reject filter. 2. A band-elimination filter used to pre- 
vent the passage of specific frequencies. 3. A filter that 
attenuates a very narrow portion of the frequency spec- 
trum, but will pass signals on either side. 4. A special 
filter, designed to reject a very narrow band of frequen- 
cies. 

notch gate — The early and late gate display on the 
range CRT. It appears as a negative deflection of the range 
base line equal in width to the early and late gates. 

notching — A term indicating that a predetermined 
number of separate impulses is required to complete 
operation of a relay. 

notching circuit—A control circuit used in a 
cathode-ray oscilloscope to expand portions of the 
displayed image. 

NOT circuit— Also called inverter circuit. A binary 
circuit with a single output that is always the opposite of 
the single input. 
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NOT device —A device that has its output in the 
logical 1 state if and only if the control signal assumes 
the logical 0 state. The NOT device is a single-input NOR 
device. 

note — 1. The pitch, duration, or both of a tone 
sensation. 2. The sensation itself. 3. The vibration causing 
the sensation. 4. The general term when no distinction 
is desired between the symbol, the sensation, and the 
physical stimulus. 5. A single musical tone. The notes 
of the musical scale are referred to by letters running 
alphabetically from A to G for the white keys. A black 
key may be called a sharp of the note below it or a flat 
of the note above it. Each note has a frequency exactly 
one-half that of the corresponding note in the next higher 
octave. 

notebook computer—A personal computer that 
is easily portable and powered by a battery rather than 
an electrical current. Typical dimensions are “8!/, x 11 x 
2 to 4” thick. 

NOT gate — 1. An inhibitory circuit equivalent to the 
logical operation of negation (mathematical complement). 
The output of the circuit is energized only when its single 
input is not energized, and there will be no output if 
the input is energized. 2. A single-control device that 
evidences the appearance of a positive-pressure control 
signal with a single zero output signal. With no positive 
control signal, the zero NOT output signal ceases. A NOR 
gate with a single control connection performs as a NOT 
gate. 

NOT majority — A logic function in which the output 
is false if more than half the number of inputs are true; 
otherwise the output is true. 

noval base — A nine-pin glass base for a miniature 
electron tube. For orientation of the tube into its socket, 
the spacing between pins 1 and 9 is greater than between 
the other pins. 

novar — A beam-power tube that has a nine-pin base. 

novice license—A class of radiocommunication 
amateur license. Its requirements are the easiest of all, 
but novice operation is limited. Transmitters must be 
crystal controlled, and the maximum permissible plate 
input power is 75 watts. Novice licensees are restricted to 
certain frequencies (3.70-3.75, 7.15-7.20, 21.10-21.25, 
and 145-147 MHz, 222-225 MHz, 902-928 MHz, and 
1.27-1.295 GHz). 

NOYS— A measure of perceived noisiness; the noys 
scale is linear. 

npin transistor— An npn transistor with a layer 
of high-purity germanium added between the base and 
collector to extend the frequency range. 

npip transistor— An intrinsic-region transistor in 
which the intrinsic region is located between two p- 
regions. 

n-plus-one address instruction — In a computer, 
a multiple-address instruction in which one address serves 
to specify the location of the next instruction of the normal 
sequence to be executed. 

n+-type material — Heavily doped n-type material, 
formed by introducing donor impurities into a silicon 
substrate. Conduction takes place by the movement of 
free electrons. 

npnp transistor— A hook transistor with a p-type 
base, n-lype emitter, and a hook collector. 

npn semiconductor — Double junction formed by 
sandwiching a thin layer of p-type material between two 
layers of n-type material of a semiconductor. 

npn transistor— A transistor with a p-type base 
and an n-type collector and emitter. In construction, it 
consists of a thin layer of p-type semiconductor material 
sandwiched between two layers of n-type semiconductor 


material. 
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NPO —A commonly used code that is synonymous 
with EIA code COG. Both indicate a temperature charac- 
teristic of +30 ppm/°C or less for a capacitor. 

npo body (negative positive zero)— A designa- 
tion referring to a class of capacitors in the temperature- 
compensating series that have an essentially nonvariant 
dielectric constant over a specified temperature range 
(commonly +25°C to +85°C). 

np semiconductor — Material in a region of transi- 
tion between n- and p-type material. 

N-quadrant— One of the two quadrants where the 
N-signal is heard in an A-N radio range. 

n-region — Also called n-zone. The region where the 
conduction-electron density in a semiconductor exceeds 
the hole density. 

NRZ -— Abbreviation for nonreturn to zero. Data trans- 
mission and recording in which the transition represents 
the data, and the state remains unchanged until the next 
transition transmits more data on that line. 

NRZi— Abbreviation for nonreturn-to-zero inter- 
change. A recording technique using only negative and 
positive magnetic saturation states. Because NRZI does 
not use a neutral or unmagnetized state, usually called 
zero (Q), there is never a return to zero in the record- 
ing. In the most common NRZI mode, a transition from 
one saturation to another coincides with a binary 1. No 
transition coincides with a binary 0. 

ns — Letter symbol for nanosecond (107? s). 

N-scan — See N-display. 

N-scope — See N-display. 

N-signal— A dash-dot signal heard in either a bisig- 
nal zone or an N-quadrant of a radio range. 

NSOS—Same as PSOS (p-channel silican gate 
devices), except it denotes n-channel devices. 

n-terminal network — A network with 7 accessible 
terminals. 

nth harmonic — A harmonic whose frequency is n 
times the frequency of the fundamental component. 

NTSC — Abbreviation for National Television Stan- 
dard Committee. The color system established in the 
United States and North America and adopted by numer- 
ous other countries. The field rate for NTSC is 60 Hz 
with 525 lines per screen, and the subcarrier transmis- 
sion method is a straight phase- and amplitude-modulation 
system for chroma using a subcarrier frequency of 
3.579545 MHz. 

NTSC color bar pattern — The standard television 
test pattern of six adjacent color bars including the three 
primary colors plus their three complementary shades. 

NTSC signal — A 3.579545-MHz (3.58-MHz) signal, 
the phase of which is varied with the instantancous hue of 
the televised color, and the amplitude of which is varied 
with the instantaneous saturation of the color, as specified 
by the National Television System Committee. 

NTSC triangle — 1. On a chromaticity diagram, a tri- 
angle that defines the gamut of color obtainable through 
the use of phosphors. 2. The triangle in a chromaticity 
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diagram joining the chromaticities of the NTSC phos- 
phors, and containing all chromaticities that can be pro- 
duced by additive mixture of their light. 

n-type — 1. Refers to an excess of negative electrical 
charges in a semiconductor material. Natural silicon is 
made to be p-type by the addition of an acceptor impurity. 
2. Semiconductor material whose impurities produce free 
electrons in the compound, leading to conduction. 

n-type conductivity — The conductivity associated 
with conduction electrons in a semiconductor. 

n-type crystal rectifier— A crystal rectifier in 
which forward current flows when the semiconductor is 
more negative that the metal. 

n-type material — 1. A crystal of pure semiconduc- 
tor material to which has been added an impurity (an 
electron donor such as arsenic or phosphorous) so that 
its characteristics are altered and electrons serve as the 
majority charge carriers. 2. A quadrivalent semiconduc- 
tor material, with electrons as the majority charge carriers, 
that is formed by doping with donor atoms. 

n-type region — Portion of semiconductor material 
containing a small number of dopant atoms that have an 
extra (free) electron in their outer orbit. The n-region is a 
source of mobile negative charges. 

n-type semiconductor — 1. An intrinsic semicon- 
ductor in which the conduction-electron density exceeds 
the hole density. By implication, the net ionized impu- 
rity concentration is a donor type. 2. A semiconductor in 
which conduction is aided by the presence of more free 
electrons than holes. 3. Impurity semiconductor material 
containing a predominance of donor dopants, and in which 
conduction-band electrons normally form the principal 
current carriers, 4. A semiconductor material, such as ger- 
manium or silicon, with a small amount of impurity, such 
as antimony, arsenic, or phosphorous, added to increase 
the supply of free electrons. Such a material conducts 
electricity through the movement of electrons. 5. A semi- 
conductor type in which the density of holes in the valence 
band is exceeded by the density of electrons in the con- 
duction band. N-type behavior is induced by the addition 
of donor impurities, such as arsenic or phosphorus, to the 
crystal structure of silicon. 

n-type semiconductor material —An extrinsic 
semiconductor material in which the conduction-electron 
density greatly exceeds the mobile-hole density. 

nuclear battery — Also called an atomic battery. 
1. A battery that converts nuclear energy into electrical 
energy. 2. Direct-conversion secondary cell or battery 
using radioisotopes as the energy source. 

nuclear clock—A clock in which the time base 
is provided by the mean time interval between two 
successive disintegrations in a radioactive source. 

nuciear magnetic resonance — The flipping over 
of a particle, such as a proton, as the result of the 
application of an alternating magnetic field at right angles 
to a steady magnetic field in which the particle is placed. 

nucleation — The occurrence in an existing phase or 
state of a new phase or state. 

nucleonics — The application of nuclear science in 
physics, chemistry, astronomy, biology. industry, and 
other fields. 

nucleus — The core of an atom. It contains most of 
the mass and has a positive charge equal to the number 
of protons it contains. Its diameter is about one ten- 
thousandth that of the atom. Except for the ordinary 
hydrogen atom, the nuclei cf all other atoms consist of 
protons and neutrons tightly locked together. 

nude contact— A contact with a locking member 
that remains in the insert at all times. 

null— 1. A balanced condition that results in zero 
output from a device or system. 2. To oppose an output 
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that differs from zero so that it is returned to zero. 3. The 
minimum output amplitude (ideally, zero) in direction- 
finding systems in which the amplitude is determined 
by the direction from which the signal arrives or by the 
rotation in bearing of the system’s response pattern. 4. In 
a computer, a lack of information, as opposed to a zero 
or blank for the presence of no information. 

null balance —A condition in which two or more 
signals are summed and produce a result that is essentially 
zero. 

null detection — A method of making DF measure- 
ments. The antenna is turned to the point where the 
received signal is weakest. The true bearing of the signal 
is then found by noting the antenna direction and using a 
correction factor. 

null detector— 1. An apparatus that senses the 
complete balance, or zero-output condition, of a system 
or device. 2. A circuit to detect when there is no current 
or when no voltage is present. 

null-detector circuit— A circuit that determines 
when two circuits are in exact electrical balance, i.e., 
having the same voltages or currents. 

null-frequency indicator — A device that indicates 
frequency by heterodyning two electrical signals together 
to give a zero beat indication. 

null indicator— A device that indicates when cur- 
rent, voltage, or power is zero. 

null method — Also called zero method. A method 
of measurement in which the circuit is balanced, to bring 
the pointer of the indicating instrument to zero, before 
a reading is taken (e.g., in a Wheatstone bridge, or in a 
laboratory balance for weighing purposes). 

null modem—A device connecting two asyn- 
chronous adapters, thus enabling communications. 

null-spacing error— In a resolver, the difference 
between 180° and the angle between null positions of the 
output winding with respect to one input winding. 

number— An abstract mathematical symbol for 
expressing a quantity. In this sense, the manner of 
representing the number is immaterial. Take 26, for 
example. This is its decimal form but it could be expressed 
as binary 011010 and still mean the same. Some common 
numbering systems are binary (base 2), quinary (base 5), 
octonary or octal (base 8), and decimal (base 10). 

number crunching — 1. The act of performing com- 
plex numerical operations. 2. Refers to long or complex 
calculations. 3. Traditionally, using a computer for large 
or complex computational tasks; now applied to any task 
involving numbers. 

number of overshoots— The total number of 
times that the transient response goes to a minimum or 
maximum value that is outside a specified range. 

number of scanning lines—The ratio of the 
scanning frequency to the frame frequency. 

number system — Any system for the representation 
of numbers. See also positional notation. 

numeric — In computers, consisting entirely or par- 
tially of digits, as distinguished from alphabetic composi- 
tion. 

numerical analysis— 1. The providing of conve- 
nient methods for finding useful solutions to mathematical 
problems and for obtaining useful information from avail- 
able solutions that are not expressed in easily handled 
forms. 2. Methods for finding useful solutions to problems 
once they have been stated mathematically. Numerical 
analysis also studies errors that arise during calculations 
and how they may be kept within limits. 
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numerical aperture — Abbreviated NA. 1. A mea- 
sure of the light-gathering capability of a fiber. Mathemat- 
ically, it is expressed as the sine of one-half of the accep- 
tance angle. 2. The characteristic of an optic conductor 
in terms of its acceptance of impinging light. Degree of 
openness, light-gathering ability, and angular acceptance 
are terms describing this characteristic. 3. A number that 
indicates a fiber’s ability to accept light and shows how 


much light can be off-axis and still be accepted by the 


fiber. 4. A measure of the maximum acceptance angle for 
light propagation in an optical fiber; at angles larger than 
this there is no longer internal reflection. 


NA = sin@ = 4/ (n? — nî) 


where 


0 = one-half of the input cone angle 
nı = index of refraction of core 
nı = index of refraction of cladding 


numerical control— Abbreviated NC. 1. Descrip- 
tive of systems in which digital computers are used for the 
control of operations, particularly of automatic machines 
(e.g., drilling or boring machines, wherein the operation 
control is applied at a discrete point in the operation 
or process). Contrasted with process control, in which 
control is applied continuously. 2. The technique of con- 
trolling a machine or process through the use of com- 
mand instructions in coded numerical form. 3. Controlling 
a machine or process by means of digitally encoded 
numeric data. The control information can be prerecorded, 
or the equipment can be under the direct control of a 
computer. 4. A technique whereby prerecorded informa- 
tion in symbolic form represents the complete instructions 
for the operation of a machine. 5. The use of a ded- 
icated controller to direct the operations of a machine 
tool. 

numerical control system — A system controlled 
by direct insertion of numerical data at some point. The 
system must automatically interpret at least some portion 
of the data. 

numerical data — Data expressed in terms of a set of 
numbers or symbols that can assume only discrete values 
or configurations. 

numerical-readout tube—A_ gas-filled cold- 
cathode digital-indicator tube having a common anode 
and containing stacked metallic elements in the form of 
numerals. When a negative voltage is applied to one of 
them, the element then becomes the cathode of a simple 
gas-discharge diode. 

numeric coding — 1. A system of abbreviation used 
in the preparation of information for machine acceptance 
in which all information is reduced to numerical quanti- 
ties, in contrast to alphabetic coding. 2. System of coding, 
with digits as code characters, used in preparing informa- 
tion for input to a computer. 

nutating feed—In a tracking radar, an oscillating 
antenna feed that produces an oscillating deflection of the 
beam without changing the plane of polarization. 

nutation field — The time-variant, three-dimensional 
field pattern of a directional or beam-producing antenna 
having a nutating feed. 

nuvistor— An electron tube in which all electrodes 
are cylindrical and are closely spaced, one inside the 
other, in a ceramic envelope. 

nV — Letter symbol for nanovolt. 


APPENDIX A = GETTING STARTED WITH TOOL BUILDING 


Figure A-11. A DC voltmeter is attached to the circuit to accurately measure the supply voltage. The Von 
the meter’s legend stands for voltage. The underline beneath the V indicates that it is designed to measure 


DC voltages, as opposed to AC voltages. 


The panel meter shown in Figure A-11 has a range of 0-30VDC. That's a bit more than we need, 
since our little power supply is only supposed to produce 5.0VDC +10 percent. Since the meter’s range 
does not accurately match the expected range of supply voltages, we lose a bit of precision when 
attempting to read the display. All the action is crowded together on the left side of the meter. 

It might seem that a 0-5VDC meter would be preferable, but that would not allow for any 
overvoltage conditions at all. Remember, the USB standard allows for up to 5.5VDC to be delivered over 
the cable. A 0-6VDC meter, if available, would be more suitable. The meter introduced in Figure A-11, 
however, would be perfect when used with the laptop supply shown in Figure A-4, because its output 
voltage is 19.0V. That leaves a bit of room for overvoltage conditions and gives a wide enough swing of 
the needle to produce fine detail. 
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Nuvistor. 


n-variable cube — See n-cube. 

nW — Letter symbol for nanowatt. 

nybble — See nibble. 

nylons — Family of polymers with outstanding tough- 
ness and wear resistance, low coefficient of friction, excel- 
lent electrical properties, and chemical resistance. 


n-variable cube — n-zone 


Nyquist diagram—-A plot, in rectangular coordi- 
nates, of the real and imaginary parts of factor uf 
for frequencies from zero to infinity in a feedback 
amplifier— where u is the amplification in the absence 
of feedback, and £ is the fraction of the output voltage 
superimposed on the amplifier input. 

Nyquist interval — The maximum separation in time 
that can be given to regularly spaced instantancous sam- 
ples of a wave of a given bandwidth for compicte deter- 
mination of the waveform of the signal. Numerically it is 
equal in seconds to onc-half the bandwidth. 

Nyquist rate —Of a channel, the maximum rate 
at which independent signal values can be transmitted 
over the specified channel without exceeding a specified 
amount of mutual interference. 

Nyquist theorem—A theorem that states that if 
a continuous bandwidth-limited signal contains no fre- 
quency components higher than fC, then the original sig- 
nal can be recovered without distortion if it is sampled 
at a rate of at least 2fC. This theorem applies to A/D 
converter applications as well as data transmission den- 
sity over limited-bandwidth channels. See also sampling 
theorem. 

n-zone — See n-region. 


OAO— Abbreviation for Orbiting Astronomical Obs- 
ervatory. 

object — A data element that provides a well-defined 
external visibility but no insight into its internal structure. 

object code — 1. The output of an assembler or com- 
piler that will execute on the target processor. Linking 
and loading may be required before this code can execute 
directly on the processor. 2. Machine-language instruc- 
tions that are actually executed by a computer system. 
They are produced by a compiler from an application 
program written in a higher-level language. 3. A series of 
binary ls and Os that can be used by a computer directly. 

object computer— The computer of the receiving 
end of a communication attempt such as a fax or modem. 

object language — The computer language in which 
the output from a compiler or assembler is expressed. 

object module —1.A module that serves as the 
output of an assembler or compiler and the input to 
a linkage editor. 2. An object program plus the control 
information a computer needs to load it and combine it 
with other object programs. 

object-oriented programming — A programming 
environment in which symbols called objects communi- 
cate by passing messages. This approach permits the sim- 
ulation of multiple unrelated, but simultaneously occur- 
ring, processes. 

object program — 1. A computer program that is the 
output of an automatic coding system. The object program 
may be a machine-language program ready for execution, 
or it may be in an intermediate language. 2. The binary 
form of a source program produced by an assembler or a 
compiler. The object program is composed of machine- 
coded instructions that the computer can execute. 3. The 
machine-language program that a compiler produces from 
the programmer’s source program in high-level language. 
It is the one program that the computer actually executes. 
4. A set of problem-solving machine-language instruc- 
tions obtained through the compilation or assembly of 
the related source program. 

oblique-incidence transmission — Transmission 
by means of a radio wave that travels obliquely up to the 
ionosphere and down again. 

Oboe — A radar navigation system consisting of two 
ground stations that measure the distance to an airborne 
transponder beacon and relay this information to the 
aircraft. 

obsolescence-free — Not likely to become out- 
dated within a reasonable time. 

occlude — To absorb; e.g., some metals will occlude 
gases, which must be driven out before the metals can be 
used in the electrodes or supports of a vacuum tube. 

occluded contaminants — Contaminants that have 
been absorbed by a material. 
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occluded gas—Gas that has been absorbed by a 
material (e.g., by the electrodes, supports, leads, and 
insulation of a vacuum tube). 

occupied bandwidth— 1. The frequency band- 
width such that, below its lower and above its upper 
frequency limits, the mean powers radiated are each equal 
to 0.5 percent of the total mean power radiated by a given 
emission. 2. The band of frequencies that a given emis- 
sion type uses. 

OCR or ocr— Abbreviation for optical character 
recognition 1. A technology that enables a machine to 
automatically read and convert typewritten, machine- 
printed, mark-sensed, or hand-printed characters into 
electrical impulses for processing by a computer. OCR 
devices are designed to read man-readable data and con- 
vert it directly to a computer language. 2. The machine 
recognition of printed or written characters based on 
inputs from photoelectric transducers. 3. A device or 
scanner that can read printed or typed characters and con- 
vert them into a digital signal for input into a data or 
word processor. OCR units in word processing applica- 
tions usually read special machine-readable type fonts. 
4. A mechanized method of collecting data involving the 
reading of hand-printed or special-character fonts. If hand- 
written, the information must adhere to predefined rules 
of size, format, and location on the form. 

octal — 1. A numbering system based on 8 and using 
the digits O through 7. Since 8 is a power of 2, binary 
programs are easily converted into octal. Binary 11010110 
(decimal 214) is written in octal as 326. 2. See notation. 
3. Pertaining to a characteristic or property involving a 
selection, choice, or condition in which there are eight 
possibilities. 

octal base— An eight-pin tube base (although 
unneeded pins are often omitted without changing the 
position of the remaining pins). An aligning key in the 
center of the base assures correct insertion of the tube 
into the socket. 

octal, binary coded — Pertaining to a binary-coded 
number system with the radix 8, in which the natural 
binary values of 0 through 7 are used to represent octal 
digits with values from 0 to 7. 

octal debugging technique — Also called online 
debugging technique (ODT). A system program designed 
to help the user debug object programs interactively. All 
addresses, registers, and memory location contents are 
expressed in octal notation. Letters and symbols make 
up the command set for ODT. 

octal digit — One of the symbols 0, 1, 2, 3, 4, 5, 6, 
and 7 when used in numbering in the scale of 8. 

octal fraction—A shorthand expression of the 
binary contents of a half word. 

octal fractional—A quantity less than a whole 
number referenced to a numbering system that has the 
radix eight. 
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octal loading program—aA computer utility pro- 
gram with provision for making changes in programs and 
tables that are in core memory and drum storage, read- 
ing in words that are coded in octal notation on punched 
cards or tapes. 

octal numbering system— A numbering system 
based on powers of 8. This system is used extensively in 
computer work because it is derived simply from binary 
numbering. 

octal plug— An eight-pin male connector with a 
locating key for proper orientation. 

octave — |. The interval between two sounds having 
a basic frequency ratio of 2; by extension, the interval 
between any two frequencies having a ratio of 2:1. 
2. A reference point for frequency or pitch; e.g., an 880- 
Hz tone is one octave higher than a 440-Hz tone and 
one octave lower than a 1760-Hz tone. Án increase of 
one octave doubles the frequency. Dropping one octave 
reduces the frequency by one-half. 

octave band—A band of frequencies whose limits 
have the ratio 2:1. 

octave-band pressure level — Also called octave 
pressure level. The pressure level of a sound for the 
frequency band corresponding to a specified octave. 

octave pressure level— See octave-band pressure 
level. 

octode — An eight-electrode electron tube containing 
an anode, a cathode. a control electrode, and five addi- 
tional grids. 

octonary — See notation. 

octonary signaling — A mode of communication in 
which information is represented by the presence and 
absence, or plus and minus variations, of eight discrete 
.evels of a parameter of the signaling medium. 

odd-even check — An automatic computer check in 
which an extra digit is carried along with each word to 
determine whether the total number of 1s in the word is 
odd or even, thus providing a check for proper operation. 
See parity check. 

odd harmonic — Any harmonic whose frequency is 
the fundamental frequency multiplied by an odd number. 
The odd harmonics of 60 Hz are 180 Hz, 300 Hz, 420 Hz, 
etc. 

odd-line interlace — The double-interlace system in 
which, since there are an odd number of lines per frame, 
each field contains a half line. In the 525-line television 
frame used in the United States, each field contains 262.5 
lines. 

odograph — Automatic electronic map tracer used in 
military vehicles for map making and land navigation. 
It automatically plots, on an existing map or on cross- 
sectional paper, the exact course taken by the vehicle. 
This is done by phototubes and thyratrons, which transfer 
the indication of a precision magnetic compass onto a 
plotting unit actuated by the speedometer drive cable. A 
pen then traces the course. 

ODT — See octal debugging technique. 

Oe— Letter symbol for oersted. 

oersted — In the cgs electromagnetic system, the unit 
of magnetizing force equal to 1000/47 ampere-turns per 
meter. At any point in a vacuum, the magnetic intensity 
in oersteds is equal to the force in dynes exerted on a unit 
magnetic pole at that point. Letter symbol: Oe. 

off bond-— Bond that has some portion of the bond 
area extending off the bonding point. 

off-center display — A PPI display whose the center 
does not correspond to the position of the radar antenna. 

off-delay— A circuit that retains an output signal 
some definite time after the input signal is removed. 

off-delay timers — A reset timer that is started by the 
opening of a circuit. Does not reset on power interruption. 
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off-ground — The voltage above or below ground at 
which a device is operated. 

offhook or off-hook— 1. A condition that occurs 
when the telephone handset is lifted from its mounting, 
thus causing the hookswitch to operate (close) and closing 
the loop to the central office. The offhook condition 
indicates a busy condition to incoming calls. 2. The signal 
that is sent to the central office, 1.e., loop closed, current 
flowing as a result of the offhook condition. 3. The 
condition that indicates a closed loop or the active state 
of a telephone customer's line. 4. A modem automatically 
answering a call on the diaj network is said to go off-hook. 
The opposite condition is on-hook. 

offhook service —Priority telephone service in 
which a connection from caller to receiver is afforded 
by removing the phone from its cradle or hook. 

office code — The first three digits of a seven-digit 
telephone number assigned to a subscriber. 

off-limit contacts — Contacts on a stepping relay 
used to indicate that the wiper has reached the limiting 
position on its arc and must be returned to normal before 
the circuit can function again. 

offline — 1. Not physically connected to or using a 
communications medium. 2. The condition in which a 
user, terminal, or other device is not connected to a com- 
puter or is not actively transmitting via a network. Oppo- 
site of online. 3. Pertaining to equipment or devices not 
under direct control of the central processing unit. May 
also be used to describe the terminal equipment that is not 
connected to a transmission line, 4. Describing a commu- 
nication system that has no direct connection between 
the communication line and the device which originates 
the message. 5. Disconnected from the computer system. 
6. Equipment or devices in a system that are not under 
the direct control of the system. 

offline cipher— Method of encryption that is not 
associated with a particular transmission system and in 
which the resulting cryptogram can be transmitted by any 
means. 

offline equipment— Peripheral equipment that is 
not in direct communication with the computer central 
processing unit. 

offline operation — |. A control system in which the 
computer does not respond immediately or directly to the 
events of the controlled process; some time may elapse 
between the occurrence of an event and the reaction of 
the computer to it. 2. In a computer system, operation of 
peripheral equipment independent from the ceniral pro- 
cessor, e.g., the transcribing of magnetic tape information 
to printed form. 3. Operation performed while the com- 
puter is not engaged in monitoring or controlling a process 
or operation. 4. Data-processing operation that is handled 
outside of the regular computer program. For example, the 
computer could generate a magnetic tape, which would 
then be used to generate a report offline while the com- 
puter was doing another job. 

offline system— 1. A kind of teleprocessing sys- 
tem in which there must be human operations between 
the original recording functions and the ultimate data- 
processing function. 2. A system of processing informa- 
tion in which the data is submitted to some intermediate 
step (such as punched cards or magnetic tape) before if is 
processed by the computer. 

offline unit — In a computer, the input/output device 
or auxiliary equipment not under direct control of the 
central processing unit. 

off-normal contacts — Relay contacts that assume 
one condition when the relay is in its normal position and 
the reverse condition for any other position of the relay. 
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off-period — That portion of an operating cycle dur- 
ing which an electron tube or semiconductor 1s noncon- 
ducting. 

offset — 1. The measure of unbalance between halves 
of a symmetrical circuit. Generally caused by differences 
in transistor betas or in values of biasing resistors. 2. The 
change in tnput voltage necessary to cause the output 
voltage in a linear amplifier circuit to be zero. 3. In 
digital circuits, the dc voltage on which a signal is 
impressed. 4. The difference between the desired value 
or condition and the value or condition actually attained. 
5. The voltage that must be applied between the inverting 
and noninverting inputs of an operational amplifier to 
cause the output voltage to go to zero. 6. A number that 
a computer adds to a base address to get a new effective 
address. 7. In a Hall-effect element, the output voltage 
at O gausses. $. The difference between an amateur radio 
repeater's input and output frequencies. The offset on 2 
meters is generally 600 kHz. 

offset angle—In lateral-disc reproduction, the 
smaller of the two angles between the projections, into 
the plane of the disc, of the vibration axis of the pickup 
stylus and the line connecting the vertical pivot (assuming 
a horizontal disc) of the pickup arm with the stylus point. 

offset binary — A natural binary code except that it is 
offset (usually !/⁄ scale) in order to represent negative and 
positive values. Maximum negative scale is represented to 
be all Os while maximum positive scale is represented as 
all 1s. Zero scale (actually center scale) is then represented 
as a leading 1 and all remaining Os. 

offset current— 1. The difference in current into the 
two inputs of an operational amplifier required to bring 
the output voltage to zero. 2. The difference between the 
two bias currents drawn by the inputs of a differential 
input stage of an electronic meter. 

offset error— 1. The error by which the transfer 
function fails to pass through the origin, referred to the 
analog axis. This is adjustable to zero in available analog- 
to-digital converters. 2. The analog value by which the 
transfer function of a D/A or A/D converter fails to pass 
through zero; it is generally specified in millivolts or in 
percent of full scale. 

offset nulling — The adjustment of an external resis- 
tor in an operational amplifier circuit so that the output 
voltage is made zero when both input potentials are zero. 

offset stacker—JIn a computer, a card stacker 
having the ability to stack cards selectively under machine 
control so that they protrude from the balance of the stack, 
thus giving physical identification. 

offset voltage — 1. The difference in voltage at the 
two inputs of an operational amplifier required to bring 
the output voltage to zero. 2. The deviation from zero 
output voltage of an amplifier having zero input voltage. 

off-state — The condition of a thyristor correspond- 
ing to the portion of the principal characteristic between 
the origin and the breakover point or points. 

off-state current— The principal current when a 
thyristor is in the off state. 

off-state voltage — The principal voltage when a 
thyristor is in the off state. 

off-target jamming—Employment of a jammer 
away from the main units of the force. This is done to 
prevent the enemy from monitoring the jamming signals 
and using them to pinpoint the location of the force. 

off-the-line supply— A supply in which raw dc is 
obtained by rectifying the line voltage directly without 
using an isolation transformer. Most switchers are off- 
the-line units. 

OGO — Abbreviation for Orbiting Geophysical Obser- 
vatory. 
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ohm — Symbolized by the Greek letter omega (Q). 
1. The unit of resistance. It 1s defined as the resistance, 
at 0°C, of a uniform column of mercury 106.300 cm long 
and weighing 14.451 grams. 2. The electrical resistance 
between two points of a conductor when a constant 
difference of potential of 1 volt, applied between these 
points, produces in this conductor a current of 1 ampere, 
the conductor not being the source of any electromotive 
force. 

ohmic contact— 1. Between two materials, a con- 
tact across which the potential difference is proportionate 
to the current passing through it. 2. A contact between 
two materials across which the voltage drop is the same 
regardless of the direction of current. 3. An electrical con- 
nection that passes current linearly in both directions. 
4. In the context of semiconductor device design, a con- 
tact to a semiconductor crystal expressly designed so 
that it does not possess any of the unilateral proper- 
ties of a normal metal semiconductor or p-type/n-type 
semiconductor junction. Usually all exterior electrode 
connections to a device chip are made by means of 
ohmic contacts. 

ohmic heating— The energy imparted to charged 
particles as they respond to an electric field and make 
collisions with other particles. The name was chosen due 
to the similarity of this effect to the heat generated in 
an ohmic resistance due to the collisions of the charge 
Carriers in their medium. 

ohmic resistance — Resistance to direct current. 

ohmic value — The resistance in ohms. 

ohmmeter—A direct-reading instrument for mea- 
suring electric resistance. Its scale is usually graduated 
in ohms, megohms, or both. If the scale is graduated in 
megohms, the instrument is called a megohmmeter; if the 
scale is calibrated in kilohms, the instrument is a kilohm- 
meter.) 

ohmmeter zero adjustment—In an ohmmeter, 
a potentiometer or other means of compensating for the 
drop in battery voltage with age. Usually a knob is rotated 
until the meter pointer is at zero on the particular scale 
being used. 

Ohm ’s law — The voltage across an element of a dc 
circuit is equal to the current in amperes through the 
element, multiplied by the resistance of the element in 
ohms. Expressed mathematically as E = IR. The other 
two equations obtained by transposition are / = E/R and 
R=E/I, 


Ohm’s law. 
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ohms per square — Also shown as ohms/square. 
1. A unit of measurement of resistance by topological 
shape. A resistor topology can be considered to consist of 
continuous squares. The value of a resistor is equal to the 
number of squares times the ohms per square. 2. A unit 
of measure for thin- and thick-film resistors. The value of 
a film resistor depends on the sheet resistivity (ohms per 
square) and the aspect ratio (length to width). Resistors of 
different sizes but equal aspect ratios will have the same 
value. 3. The unit of sheet resistance or, more properly, 
of sheet resistivity. 

ohms per square per mil—The unit of sheet 
resistivity. See sheet resistivity. 

ohms per volt—A sensitivity rating for voltage- 
measuring instruments (the higher the rating, the more 
sensitive the meter). On any particular range, it is obtained 
by dividing the input resistance of the instrument (in 
ohms) by the full-scale voltage value of that range. 

oil circuit breaker — A circuit breaker in which the 
Interruption occurs in oil to suppress the arc and prevent 
damage to the contacts. 

oiled paper — Paper that has been treated with oil or 
varnish to improve its insulating qualities. 

oil-filled cable— Paper-insulated, lead sheathed 
cable into which high-grade mineral oil is forced under 
pressure, saturating the insulation. Main object is to pre- 
vent moisture and gases from entering. Also, it is easier 
to detect flaws due to leakage, as the oil is kept under 
constant pressure at all times, 

oil fuse cutout— An enclosed fuse cutout in which 
all or part of the fuse support is mounted in oil. 

oil-immersed forced-oil-cooled transformer 
(class FOA or FOW)— A transformer having its core 
and coils immersed in oil and cooled by the forced 
circulation of its oil through an external heat exchanger. 
If the heat exchanger utilizes forced circulation of air, the 
transformer is class FOA; if it utilizes forced circulation 
of water, the transformer is class FOW. 

oil-immersed  self-cooled/forced-air-cooled 
transformer (class OA/FA)— A transformer having 
its core and coils immersed in oil and having a self- 
cooled rating with cooling obtained by the natural 
circulation of air over the cooling surface (class OA) and 
a forced-air-cooled rating with cooling obtained by the 
forced circulation of air over this same cooling surface 
(class FA). 

oil-immersed self-cooled transformer (class 
OA) — A transformer having its core and coils immersed 
in oil, the cooling being effected by the natural circulation 
of air over the cooling surface. (Smooth tank surfaces 
are generally sufficient to cool small transformers, but 
for about 25 kVA and larger, a supplementary heat- 
dissipating surface is provided in the form of external 
fins, tubes, or tubular radiators.) 

oil-immersed transformer— A transformer whose 
core and coils are immersed in oil. 

oil-immersed water-cooled transformer (class 
OW) — A transformer having its core and coils immersed 
in oil, the cooling being effected by the natural circulation 
of oil over the water-cooled surface. The water-cooled 
surface ts provided by water flowing through copper 
cooling coils immersed in the oil and located inside the 
main transformer tank, through which the oil flows by 
thermosiphon action. 

oil switch— A switch in which the interruption of 
the circuit occurs in oil to suppress the arc and prevent 
damage to the contacts. 

Omega — A long-range hyperbolic navigation system 
that transmits interrupted cw signals from which phase 
differences are extracted. Transmissions occur from two 
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or more locations on a single carrier frequency utilizing 
time-sharing techniques. 

omnibearing — The bearing indicated by a naviga- 
tional receiver on transmissions from an omnirange. 

omnibearing converter— An electromechanical 
device that combines an omnirange signal with aircraft 
heading information to furnish electrical signals for oper- 
ating the pointer of a radio magnetic indicator. See aiso 
omnibearing indicator. 

omnibearing indicator—An omnibearing con- 
verter to which a dial and pointer have been added. 

omnibearing line —One of an infinite number of 
straight, imaginary lines radiating from the geographical 
location of a VHF omnirange. 

omnibearing selector — Instrument capable of 
being set manually to any desired omnibearing or its 
reciprocal in order to control a course-line deviation indi- 
cator. 

omniconstant— A calculator that can add consecu- 
tively in any steps of any predetermined size, raising the 
power of any number in consecutive steps. 

omnidirectional — Also called nondirectional. 1. All- 
directional; not favoring any one direction. Having no 
particular direction of maximum emission or sensitivity. 
An omnidirectional speaker is one that theoretically 
radiates equally in all directions. 2. Responding equally 
to sounds arriving from any direction. 3. Emitting sound 
equally in all directions. Frequently applied to speakers 
that are only “omni” in the forward or upward hemisphere. 

omnidirectional antenna— Also called nondirec- 
tional antenna. 1. An antenna producing essentially the 
same field strength in all horizontal directions and a direc- 
tive vertical radiation pattern. 2. An antenna that radiates 
or receives equally well in all directions in a horizontal 
plane. 

omnidirectional hydrophone— A hydrophone 
having a response that is essentially independent of the 
angle of arrival of the incident sound wave. 

omnidirectional microphone — Also called non- 
directional microphone. 1. A microphone that responds 
to a sound wave from almost any angie of arrival. 2. A 
microphone that picks up sound relatively evenly from all 
directions. 

omnidirectional radio range -— Radio aid to air 
navigation using a transmitter that radiates throughout 
360° azimuth, providing aircraft with a direct indication 
of the bearing of the transmitter. 

omnidirectional range — Also called omnirange. A 
radio facility providing bearing information to or from 
such facilities at all azimuths within its service area. 

omnidirectional range station — In the aeronauti- 
cal radionavigational service, a land station that provides 
a direct indication of the bearing (omnibearing) of that 
station from an aircraft. 

omnigraph — An instrument that produces Morse- 
code messages for instruction purposes. It contains a 
buzzer circuit that is usually actuated by a perforated 
tape. 

omnirange — See omnidirectional range. 

OMR — Abbreviation for optical mark recognition. 

on — Said of an electronic element that is conducting 
current. 

on-board — Located on a circuit board. Most fre- 
quently refers to the motherboard of a computer. 

on-call channels — Similar to allocated channels 
except that full-time exclusive use of the channel is not 
warranted. 

on-course curvature — In navigation, the rate at 
which the indicated course changes with respect to the 
distance along the course path. 
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on-course signal —The monotone radio signal 
that indicates to the pilot that he is neither too far 
to the right nor to the left of the radio beam being 
followed. 

on-delay— A circuit that produces an output signal 
some definite time after an input signal is applied. 

on-demand system—A system from which the 
desired information or service is available at the time of 
request. 

ondograph — An instrument for drawing alternating- 
voltage waveform curves. It employs a capacitor that 
is momentarily charged to the amplitude at a partic- 
ular point on the curve and then discharged through 
a recording galvanometer. This is repeated at inter- 
vals of about once every hundred cycles, with the 
sample taken a little farther along on the waveform 
each time. 

ondoscope—A glow-discharge tube used on an 
insulating rod to indicate the presence of high-frequency 
radiation near a transmitter. The radiation ionizes the gas 
in the tube, and the visible glow indicates the presence of 
radiation, 

one-input terminal — Called the set terminal. The 
terminal which, when triggered, will put a flip-flop in the 
l (opposite of starting) condition. 

one-line unit—In a computer, the input/output 
device or auxiliary equipment under direct control of the 
computer. 

one-many function switch — A function switch in 
which only one input is excited at a time and each input 
produces a combination of outputs. 

one output — See one state. 

one-output terminal — The terminal that produces 
an output of the correct polarity to trigger a following 
circuit when a flip-flop circuit is in the | condition. 

ones complement— 1. Having to do with arith- 
metic that provides a method of negating a binary number 
so that binary subtraction can be performed with the tech- 
niques of addition. The ones complement of a binary 
number is obtained by complementing all bits in that num- 
ber. In ones-complement addition, end-around carry must 
be used. 2. A binary digit that when added to another 
binary digit yields 1; the inverse binary state of any 
given bit. 

ones-complement arithmetic— A binary arith- 
metic system in which negative numbers are created by 
inverting individual bits in the binary representation of 
the positive number. 

one-shot— |. A circuit that produces an output sig- 
nal of fixed duration when an input signal of any duration 
is applied. 2. See monostable. 3. A type of multivibrator 
that provides an output pulse of a specific length wheneyer 
it receives an input pulse. Often used to provide delays 
or stretch or expand pulses that are the wrong length or 
shape. 

one-shot multivibrator — See monostable multivi- 
brator. 

one state— Also called one output. In a mag- 
netic cell, the positive value of the magnetic flux 
through a specified cross-sectional area, determined 
from an arbitrarily specified direction. See also zero 
state. 

one-third-octave band— A frequency band in 
which the ratio of the extreme frequencies is 1.2599, 

one-to-partial-select ratio —In a computer, the 
ratio of a 1 output to a partial-select output. 

one-to-zero ratio — In a computer, the ratio of a 1 
output to the O output. 

O-network—A network composed of four impe- 
dance branches connected in series to form a closed 
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O-network. 


circuit, Two adjacent junction points serve as input 
terminals, and the remaining two as output terminals. 

one-way communication — Applied to certain 
radiocommunication or intercommunications systems in 
which a message is transmitted from one station to one 
or more receiving stations that have no transmitting appa- 
ratus. 

one-way repeater — See repeater. 

on-hook — 1. A condition that exists when the tele- 
phone handset is on its mounting, thus keeping the hook- 
switch open. The on-hook condition opens the dc loop, 
indicating that calls can be accepted. 2. The signal that is 
sent to the central office (1.e., loop open, no current) as a 
result of the on-hook condition. 3. The condition that indi- 
cates the idle state or open loop of a telephone customer’s 
line. A modem not in use is said to be on-hook. 

online — |. Pertaining to a computer that is actively 
monitoring or controlling a process or operation, or to an 
operation performed by such a computer. 2. Pertaining 
to equipment or devices under direct control of the 
central processing unit. 3. Pertaining to a user’s ability 
to interact with a computer. 4. Describes equipment or 
devices that are connected to the communications line. 
5. A word or data processing operation that is performed 
on a local system connected to and sharing the facilities 
of a remote central processor. 6. The condition in which a 
user, terminal, or other device is actively connected with 
the facilities of a communications network or computer; 
opposite of offline. 7. Any equipment or process that 
sends information directly to a computer for immediate 
processing and immediate results is said to be online. 
This is in contrast with storing the information and having 
the computer process it later. 8. Pertaining to peripheral 
equipment or devices in direct communication with the 
central processing unit of a computer. May also be 
used to describe terminal equipment that is connected 
to a transmission line. 9. A direct connection between a 
remote terminal and a central processing site. 10. Refers 
to equipment or devices in a system that are directly 
connected to and under the control of the computer. 
11. Physically connected to and using a communications 
medium or remote computer. 

online computers — Incorporation of calculators or 
small computers into spectroradiometric systems to con- 
trol wavelength intervals, wavelength ranges, and detector 
signals, and to produce computed absolute spectroradio- 
metric values. 

online data reduction — The processing of infor- 
mation as rapidly as the information is received by the 
computing system or as rapidly as it is generated by the 
source. 

online debugging technique — See octal debug- 
ging technique. 

online operation—1. An operation carricd on 
within the main computer system (e.g., computing and 
writing results onto a magnetic tape, printed report, or 
paper tape). 2. Operation in which information concern- 
ing a controlled process is fed directly into a computer, 
and the computer exercises direct control on the basis of 
this information. Since the computer reacts without appre- 
ciable time lag, results are said to be in real time. 3. A type 
of system application in which the input data to the system 
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is fed directly from the measuring devices, and the com- 
puter results are obtained during the process of the event; 
e.g., a computer receives data from wind tunnel measure- 
ments during a run, and the computations of dependent 
variables are performed during the run, enabling a change 
in the conditions so as to produce particularly desirable 
results, 4. Operations in which the programmable con- 
troller is directly controlling the machine or process. 

online processing — A data-processing approach in 
which transactions are entered into the computer directly 
as they occur. 

online system — 1. A teleprocessing system in which 
the input enters the computer directly from the originating 
point and/or in which the output is transmitted directly 
to the point at which it is used. 2. A telegraph system 
that involves transmitting directly into the system. 3. A 
system of processing information in which the input data 
enters the computer directly from, and the output data is 
transmitted directly to, its point of origin. 

on-off control—A simple control system in a 
switch, in which the device being controlled is either fully 
on or fully off and no operating positions are available. 

on-off keying — Keying in which the output of a 
source is alternately transmitted and suppressed to form 
signals. 

on-off ratio — Ratio of the duration (on) of a pulse 
to the space (off) between successive pulses. 

on-off switch — See power switch. 

on-off tests— The switching of various suspected 
interference sources on and off while the victim receiver 
is monitored so that the actual source can be identified. 

on period — That portion of an operating cycle during 
which an electron tube is conducting. 

on state — The condition of a thyristor corresponding 
to the low-resistance low-voltage portion of the principal 
characteristic. 

on-state current— The principal current when a 
thyristor is in the on state. 

on-state voltage —The principal voltage when a 
thyristor is in the on state. 

on the air — Transmitting. 

on-the-fly — Recording techniques in which reading, 
writing, and block spacing require no tape stoppage. 
These techniques require total control over data trans- 
mission. For long-length recording, coordination between 
data supply and tape demand is essential. 

on-the-fly printer—-A high-speed line printer in 
which continuously rotating print wheels and fast-acting 
hammers are used so that the successive letters in a line 
of text are printed so rapidly that they appear to be printed 
simultaneously. 

on voltage — The voltage with respect to ground or 
the minus supply at a switch output when it is in the 
conducting, or on, state. 

opacimeter — Also called turbidimeter. A photoelec- 
tric instrument for measuring the turbidity (amount of 
sediment) of a liquid. It does this by determining the 
amount of light that passes through the liquid. 

opacity—1.The degree of nontransparency of a 
substance —i.¢., its ability to obstruct, by absorption, the 
transmission of radiant energy such as light. Opacity is the 
reciprocal of transmission. 2. The ratio of incident flux 
to transmitted flux. The inverse of transmission factor. 
3. The characteristic of an object that prevents light from 
passing through. 

opal lamp— A tungsten-filament lamp that uses an 
opai glass bulb to diffuse light. 

op amp — Abbreviation for operational amplifier. 

opaque — 1. The optical quality of a substance 
whereby light cannot pass through it. The meaning is 
directly opposite to that of transparent. Thus, steel is 
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opaque to visible light. 2. A term describing a substance 
that is impervious to light; the characteristic of a substance 
that has no luminous transmittance. 

op code — Also opcode. Abbreviation for operation 
code. 

open — 1. A circuit interruption that results in an 
incomplete path for current (e.g., a broken wire, which 
opens the path of the current). 2. A break in the continuity 
of an electrical circuit that prevents current from flowing. 
3. The computer command used to view a document or 
other file. 

open architecture — 1. A system (usually a com- 
puter) whose characteristics comply with industry stan- 
dards and can be connected to other systems that also 
comply with these standards. 2. Computer design prac- 
tices that encourage other manufacturers to develop sup- 
portive peripherals, software, and internal components. 
Compare closed architecture. 

open-center display—A PPI display on which 
zero range corresponds to a ring around the center of 
the display. 

open circuit—1. A circuit that does not provide a 
complete path for the flow of current. See also open. 2. A 
discontinuous electrical path or circuit through which no 
current can flow. 

open-circuit impedance — The driving-point imp- 
edance of a line or four-terminal network when the far 
end is open. 

open-circuit jack—A jack that has its through 
circuit(s) normally open. Circuits are closed by inserting 
mating plugs. 
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open-circuit parameters — The parameters of an 
equivalent circuit of a transistor that are the result 
of selecting the input current and output current as 
independent variables. 

open-circuit signaling— Signaling in which no 
current flows under normal (i.e., inoperative) conditions. 

open-circuit system—A system in which the 
sensors are connected in parallel. When a sensor is 
activated, the circuit is closed, permitting a current that 
activates an alarm signal. 

open-circuit voltage — |. The voltage at the termi- 
nals of a battery or other voltage source when no appre- 
ciable current is flowing. 2. The voltage at the terminals 
of a voltage source when no current is being drawn from 
the source. 3. The voltage of a cell or battery under a 
no-load condition and measured with a high-impedance 
voltmeter. 

open collector — A type of output structure found in 
certain bipolar logic families. The output is characterized 
by an active transistor pulldown for taking the output to 
a low voltage level and no pull-up device. Resistive pull- 
ups are generally added to provide the high-level output 
voltage. Open-collector devices are useful when several 
devices are to be used together on one I/O bus, such as 
the IEEE-488 bus. 

open collector output— A feature of some semi- 
conductor memories and other circuits that permits the 
formation of larger arrays by wiring several units together. 
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open core— A core fitting inside a coil but having 
an external return path. The magnetic circuit thus has a 
long path through air. 

open-delta connection — Two single-phase trans- 
formers connected so that they form only two sides of a 
delta, instead of the three sides with three transformers in 
a regular delta connection. 

open-ended — Pertaining to a system or process that 
is receptive to augmentation. 

open-entry contact— 1. A female contact designed 
for a certain size male pin, but having a spring construc- 
tion that allows use of larger pins. 2. A female-opening 
contact unprotected from possible damage or distortion 
from a test probe or an oversized or misaligned male 
contact. 

open-fuse cutout— An enclosed fuse cutout in 
which the fuse support and fuse holder are exposed. 

open loop — |. Pertaining to a control system that 
does not provide self-correcting action for errors in the 
desired operational condition. 2. Having to do with an 
operational amplifier that does not have feedback. 3. An 
arrangement in which a computer monitors a process or 
device and presents the results in real time so that an 
operator can make adjustments to the process or operation, 
if required. 

open-loop bandwidth— Without feedback, and 
frequency limits at which the voltage gain of the device 
drops off 3 dB below the gain at some reference fre- 
quency. 

open-loop control system — A control system in 
which there is no self-correcting action, as there is in a 
closed-loop system. 

open-loop differential voltage gain — See differ- 
ential voltage gain. 

open-loop gain — The ratio of the (loaded) output 
of an amplifier without any feedback to its net input at 
any frequency. Usually implies voltage gain. 

open-loop output impedance —The complex 
impedance seen looking into the output terminals of an 
operational amplifier with no external feedback and in the 
linear-amplification region. In closed-loop operation, the 
output impedance is equal to the open-loop impedance 
divided by the loop gain. If the open-loop impedance is 
not more than a few hundred ohms and the loop gain 
is high enough for good gain accuracy and stability, the 
closed-loop impedance will be on the order of an ohm or 
less, which can be neglected in most applications. 

open-loop output resistance—The resistance 
looking into the output terminal of an operational 
amplifier operating without feedback and in the linear- 
amplification region. 

open-loop system — A control system that does not 
have a means of comparing input and output for control 
purposes. 

open-loop voltage gain — The ratio of the output 
signal voltage of an operational amplifier to the differ- 
ent input signal voltage producing it with no feedback 
applied. 

open magnetic circuit—A magnet that has no 
closed external ferromagnetic circuit and does not form 
a complete conducting circuit itself (e.g., a permanent 
magnet ring interrupted by an air gap). 

open motor—A motor having ventilating openings 
that permit passage of external cooling air over and 
around the windings of the machine. When such motors 
have an internal fan to aid the movement of ventilating 
air, they may be referred to as self-ventilated. 

open-phase protection —The effect of a device 
operating on the loss of current in one phase of a 
polyphase circuit to cause and maintain the interruption 
of power in the circuit. 
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open-phase relay —A relay that functions when 
one or more phases of a polyphase circuit open and 
sufficient current is flowing in the remaining phase or 
phases. 

open plug — A plug designed to hold jack springs in 
their open position. 

open-reel — Also called reel-to-reel. Used to desig- 
nate any tape format in which the running tape is wound 
onto a separate takeup reel. Ás distinguished from car- 
tridges and cassettes, where the takeup reel is either 
nonexistent (cartridge) or is included in the tape package 
(cassette). 

open relay — A relay not having an enclosure. 

open repeater—A repeater whose access is not 
limited. 

open routine — In a computer, a routine that it is 
possible to insert directly into a larger routine without a 
linkage or calling sequence. 

open subroutine— Also called direct-insert sub- 
routine. 1. A subroutine inserted directly into a larger 
sequence of instructions. Such a subroutine is not entered 
by a jump instruction; hence, it must be recopied at cach 
point where it is needed. 2. In a computer, a separately 
coded sequence of instructions that is inserted in another 
instruction sequence directly in the line of flow. 

open system—A computer processor or set of 
connected processors for which standards are published, 
thus allowing an application running in the system to 
communicate with other applications in the same or other 
systems. 

open temperature pickup — A temperature trans- 
ducer in which its sensing element is directly in contact 
with the medium whose temperature is being measured. 

open wire—1.A conductor separately supported 
above the earth’s surface. 2. Communication lines that 
aren't insulated and formed into cables, but are instead 
mounted on aerial crossarms on utility poles. 

open-wire circuit— A circuit made up of conduc- 
tors separately supported on insulators. 

open-wire loop— The branch line on a main open- 
wire line. 

open-wire transmission line—A transmission 
line formed by two parallel wires. The distance between 
them, and their diameters, determines the surge impedance 
of the transmission line. 

operand — 1. The quantity that is affected, manipu- 
lated, or operated on. It may be a number, a string, an 
address, etc. 2. Any of the quantities arising out of or 
resulting from the execution of a computer instruction. 
An operand can be an argument, a result of computa- 
tion, a constant, a parameter, the address of any of these 
quantities, or the next instruction to be executed, 

operate current — The minimum current required to 
trip all the contact springs of a relay. 

operate time — 1. The time that elapses, after power 
is applied to a relay coil, until the contacts being checked 
have operated (i.e., first opened in a normally closed 
contact, or first closed in a normally open contact). 2. The 
phase of computer operation during which an instruction 
is being executed. 

operate-time characteristic —The relation be- 
tween the operate time of an electromagnetic relay and 
the operate power. 

operating angle — The electrical angle (portion of a 
cycle) during which plate current flows in a amplifier or 
an electronic tube. Class A amplifiers have an operating 
angle of 360°; class B, 180° to 360°; and class C, less 
than 180°. 

operating code— Abbreviated opcode or op code. 
Source statement that generates machine codes after 
assembly. 
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operating conditions — Those conditions, exclud- 
ing the variable measured by the device, to which a device 
is subjected. 

operating cycle —The complete sequence of oper- 
ations required in the normal functioning of an item of 
equipment. 

operating frequency — The rated ac frequency of 
the supply voltage at which a device is designed to 
operate, 

operating life—The minimum length of time over 
which the specified continuous and intermittent rating of 
a device, system, or transducer applies without change in 
performance beyond the specified tolerance. 

operating-mode factor— A failure-rate modifier 
determined by the type of equipment environment, €.g., 
laboratory computer, nose-cone compartment, etc. 

operating overload—The overcurrent to which 
electric apparatus is subjected in the course of the normal 
operating conditions that it may encounter. 

operating point— Also called quiescent point. On 
a family of characteristic curves of a vacuum tube 
or transistor, a point whose coordinates describe the 
instantaneous electrode voltages and currents for the 
operating conditions under consideration. 

operating position — The operator-attended termi- 
nal of a communications channel. It is usually used 
in a singular sense (e.g., a radio-operator’s position, a 
telephone-operator’s position), even when there is no 
more than one operating position. 

operating power—- The power actually reaching a 
transmitting antenna. 

operating range — See receiving margin. 

operating ratio — See availability, 1. 

operating system — Also called a disk operating 
system. 1. Software that controls the carrying out of 
computer programs and that may provide scheduling, 
debugging, input/output control, accounting, compilation, 
storage assignment, data management, and related ser- 
vices. 2. The totality of software that describes the meth- 
ods by which data is processed to obtain a desired result. 
3. A collection of software that schedules jobs; assigns 
resources, such as peripherals; manages all data trans- 
fers between the computer and its peripherals; assigns 
places in memory to programs and data; processes inter- 
rupts; and performs various housekeeping functions. 4. A 
structured set of software routines whose function is to 
control the execution sequence of programs running on 
a computer, supervise the input/output activities of these 
programs, and support the development of new programs 
through such functions as assembly, compilation, edit- 
ing, and debugging. 5. A collection of system software 
that permits user-written tasks to interface to the machine 
hardware and interact with other tasks in a straightfor- 
ward, eificient, and safe manner. 6. An integrated col- 
lection of supervisory routines (usually user-transparent) 
responsible for allocation of system resources among user 
tasks. These routines may include memory management, 
VO handling, logging, storage assignment, operator inter- 
action, and job scheduling. Every operating system is 
different in what services it provides and the way in which 
the services are implemented. Programs written for one 
operating system won’t normally run under other operat- 
ing systems. 

operating temperature—The temperature or 
range of temperatures at or over which a device is 
expected to operate within specified limits of error. 

operating temperature range — The interval of 
temperatures in which a component device or system is 
intended to be used, specified by the limits of this interval. 

operating time — The time period between turn-on 
and turn-off of a system, subsystem, component, or part 


during which the system, etc., functions as specified. Total 
Operating time is the summation of all operating-time 
periods. 

operating voltage — 1. The direct voltage applied 
to the electrodes of a vacuum tube under operating 
conditions. 2. The voltage at which a circuit element 
operates. 3. The voltage of the system on which a device 
is operated. 

operation — |. In mathematics, the determination of 
a quantity from two or more other quantities according 
to some rule. Examples are addition and multiplication in 
conventional arithmetic, and the AND and OR operations 
in Boolean algebra. 2. A specific action that a computer 
will perform whenever an instruction calls for it (e.g., 
addition, division). 

operational amplifier — Also called op amp. 1. An 
amplifier that performs various mathematical operations. 
Application of negative feedback around a high-gain de 
amplifier produces a circuit with a precise gain char- 
acteristic that depends on the feedback used. By the 
proper selection of feedback components, operational 
amplifier circuits can be used to add, subtract, aver- 
age, integrate, and differentiate. An operational amplifier 
can have a single-input-single-output. differential-input- 
single-output, or differential-input-differential-output con- 
figuration. 2. Generally, any high-gain amplifier whose 
gain and response characteristics are determined by 
external components. 3. An exceptionally versatile linear 
amplifier (usually a linear IC) used extensively in control, 
computation, and measurement applications. 4. A stable, 
high-gain, direct-coupled amplifier that depends on exter- 
nal feedback from the output to the input to determine its 
functional characteristics. The term operational is derived 
from the fact that the first op amps were employed to 
perform addition, multiplication, division, integration, and 
differentiation, among other mathematical operations, in 
analog computers. 5. An active device characterized by 
high input impedance and very high voltage gain. Opera- 
tional amplifiers generally have a differential input and 
a single-ended output. 6. A device having power gain 
down to zero frequency, for use in a feedback loop. It 
manipulates an output variable or variables in response 
to a local input variable or variables derived from an 
associated characterizing structure. This is done so as to 
enforce a prescribed functional relationship between one 
such output variable and a set of variables supplied to 
that structure, through reducing the local input variable or 
variables substantially to null or to equality. 7. An active, 
direct-coupled electrical subsystem having power gain, for 
use in a feedback circuit. In response to local input volt- 
ages or currents derived from an associated characterizing 


network, it manipulates an output voltage or current so as 


to enforce a prescribed functional relationship between a 
related output voltage or current and a set of currents or 
voltages supplied to that network, through bringing about 
a substantial balance. 8. A dc amplifier that has high gatn, 
wide bandwidth, low noise, and low output impedance 
that can be combined with a passive network to provide 
an active analog device. 

operational differential amplifier— An opera- 
tional amplifier that utilizes a differential amplifier in the 
first stage. 

operational readiness —The probability that, at 
any point in time and under stated conditions, a system 
will be either operating satisfactorily or ready to be placed 
in operation. 

operational reliability — See achieved reliability. 

operational transconductance amplifier — 
Abbreviated OTA. A device similar to a conventional 
operational amplifier, but with a current output and a 
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means for controlling transconductance with a current 
input. 

operation code — Also called op code, the operation 
part of an instruction, or a command. 1. The part of 
a machine language instruction or assembly language 
instruction specifying the operation to be performed. 
The other segments specify the registers, address, or 
input/output ports. (In the microprocessor world, the op 
code includes the first 8 bits.) 2. The list of operation parts 
occurring in an instruction code, together with the names 
of the corresponding operations (e.g., add, unconditional 
transfer, add and clear, etc.). 3. That part of a computer 
instruction word that designates the function performed 
by a given instruction (e.g., the op codes for arithmetic 
instructions include ADD, SUB, DIV, and MUL). 4. The 
symbols within an instruction that represent the particular 
operation to be performed (e.g., add). 5. The portion 
of an instruction which designates the operation to be 
performed by a computer (e.g., add, subtract, or move). 
6. A code signifying a particular task to be done by the 
computer. 

operation decoder-— In a computer, circuitry that 
interprets the operation-code portion of the machine 
instruction to be executed and sets other circuitry for its 
execution. 

operation number — In a computer, a number that 
designates the position of an operation or its equivalent 
subroutine in the sequence of operations that makes up a 
routine. A number that identifies each step in a program 
stated in symbolic code. 

operation part— In a computer instruction, the part 
that specifies the kind of operation, but not the location 
of the operands. See also instruction code. 

operation register — In a computer, the register that 
stores the operation-code portion of an instruction. 

operations research— 1. The solving of large- 
scale or complicated problems that arise from an operation 
in which a major decision must be based on solutions of 
relationships involving a large number of variables. 2. The 
development and application of quantitative techniques 
to the solution of problems faced by managers of public 
and private organizations. More specifically, theory and 
methodology in mathematics, statistics, and computing 
are adapted and applied to the identification, formula- 
tion, solution, validation, implementation, and control of 
decision-making problems. 

operation time —The amount of time required by 
a Current to reach a stated fraction of its final value 
alter voltages have been applied simultaneously to all 
electrodes. The final value is conventionally taken as that 
reached after a specified length of time. 

operator— 1. Any person who operates, adjusts, and 
maintains equipment — specifically, a computer, radio 
transmitter, or other communications equipment. 2. A 
symbol that designates a mathematical operation, such as 
+, x, ete. 

operator license—The instrument of operator 
authorization, including the class of operator privileges. 

opposition — The phase relationship between two 
periodic functions of the same period when the phase 
difference between them is half of a period. 

optical ammeter— An electrothermic instrument 
for measuring the current in the filament of an incan- 
descent lamp. It normally uses a photoelectric cell and 
indicating instrument to compare the illumination with 
that produced by a current of known magnitude in the 
same filament. 

optical axis— 1. The Z-axis of a crystal. 2. The 
straight line passing through the centers of the curved 
surfaces of a lens or lens system. 
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optical bar-code reader — A device used with the 
data station to read coded information from particular 
documents at the rate of hundreds of characters per 
second. 

optical character— A printed character, frequently 
used in utilities billing, that can be read by a machine 
without the aid of magnetic ink. 

optical character reader— Abbreviated OCR. 
1. A photoelectric device that scans printed or typed copy 
and produces electrical signals that allow recognition 
and/or reproduction of the copy being scanned. 2. A 
photosensitive device used to read numerical data at a 
rate of up to 480 characters per second. 

optical character recognition — Identification of 
printed characters by a machine using light-sensitive 
devices. See also OCR. 

optical communication cable—Fiber with a 
protective jacket around it. A cable may have one or more 
fibers within it. See optical communication fiber. 

optical communication fiber— A term analogous 
to a single strand of electrical wire in that it carries infor- 
mation from point to point. See optical communication 
cable. 

optical communications — 1. Communications 
through the use of beams of visible, infrared, or 
ultraviolet radiation, or, over much longer distances, 
through the use of laser beams. See also coherent light 
communications. 2. The transmission and reception of 
information by optical devices and sensors. See also 
lightwave communications. 

optical conductors — In fiber optics, materials that 
offer a low optical attenuation to transmission of light 
energy. Types of optical conductors include the fol- 
lowing: (a) single fiber—a discrete optical conductor; 
(b) bundle—a number of optical conductors in a ran- 
dom arrangement, grouped together and used as a sin- 
gle transmission medium (channel); (c) single-channel, 
single-bundle cable—a bundle of optical conductors 
with a protective covering; (d) multichannel, single-fiber 
cable— more than one single-fiber cable jacketed; (e) 
single-channel, single-fiber cable — a discrete optical con- 
ductor with a protective covering; (f) multichannel bun- 
dle cable— more than one single-bundle cable jacketed; 
and (g) multichannel cables —a combination of cables. 

optical coupler— Also called optoisolator, optical 
isolator, photocoupler, or optocoupler. A device designed 
to transfer electrical signals by utilizing light waves to 
provide coupling with electrical isolation between input 
and output. A typical optical coupler uses a light-emitting 
diode (LED) to convert the electrical signal of the primary 
circuit into light and a phototransistor in the secondary 
circuit to reconvert the light signal back into an electrical 
signal. 
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Power Supply Current 


Measuring the voltage at any point in a circuit is easy. Just put a voltmeter between two points and voila! 
In our previous example, we measured the VBUS power supply voltage with reference to GND, the 
ground potential of the circuit. Many voltage measurements are made with respect to ground. 

To measure the current flowing through a circuit, we have two options. The first option is the most 
direct route. Install an ammeter (a meter that measures amps of current) inline with the circuit you want 
to measure. This requires that you break the circuit to make room for the meter. Once installed, the 
current flowing in the circuit actually flows through the ammeter as well. 

The second option involves using a bit of trickery and some math. Instead of installing an ammeter 
directly inline with the current flow to be measured, we install a resistor of known resistance and 
measure the voltage that develops across the resistor. 

Since we know that the values of volts, ohms, and amps are always related in any circuit, we can use 
Ohm's Law to determine how much current is flowing through a circuit by measuring the voltage across 
a known resistance. 

To make things very easy, let's use a 1Q resistor in series with the power supply, inserted in the 
circuit between where the positive lead of the power supply arrives at the circuit and where it is 
connected to the rest of the circuitry. 

Unlike our previous use of Ohm’s Law to calculate the missing value based on two known values, we 
only use one known value (the value of the resistor, called a shunt resistor when used in this manner). 
This one known value (resistance) then establishes the relationship between the two other values, 
voltage and current. As the current increases in the circuit, so does the voltage across the resistor. The 
two values will mirror each other—as one increases or decreases, the other will follow. 

Since we used a 1Q resistor in the circuit, this sets the relationship between current through the 
circuit and voltage across the resistor at a 1:1 ratio. For every ampere of current through the circuit, for 
example, 1V will be measured across the resistor. 

Our power supply is only supposed to be able to deliver 0.5A of current, maximum, so we'll be 
dealing with voltages of less than 0.5V, unless something terribly unexpected happens. 

Again, we could permanently attach a multimeter across the leads of a 1Q resistor inserted into the 
circuit, or we could attach a voltmeter that is sensitive enough to give accurately readable information in 
the range we need. The 0-30VDC meter used before is much too large in range to do us any good here. 
We might see a tiny wiggle in the needle, but that's all. 

Instead, we’ll use a different kind of meter entirely. A digital voltmeter contains its own dedicated 
measurement circuitry and a numeric display to indicate the voltage reading. It also requires its own 
separate power supply. See Figure A-12. 
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optica! coupling — Sometimes called crosstalk. In 
fiber optics, light leakage from one fiber to another by 
evanescent boundary wave interaction. 

optical cropper— A mechanical or electrical elec- 
tromagnetic device for passing and then interrupting a 
beam of light for a known brief interval. Examples include 
tuning forks, rotation shutters, and the more sophisticated 
Kerr cells. 

optical damping—A damping ratio slightly less 
than unity in which the overshoot is less than the specified 
uncertainty of the instrument. 

optical data link—A system consisting of a trans- 
mitter (i.e., a light source), a fiber-optic cable, and a 
receiver (i.e., a photodetector), connected together in such 
a manner that light waves from the source can be received 
at the receiver. Light from the transmitter is usually mod- 
ulated by an intelligence-bearing signal. 

optical density—The negative logarithm of the 
percent transmittance (or reflectance) of a transparent (or 
opaque) material. 

optical detector— A device used in optical fiber 
communication systems, such as CATV and data links, 
for optical fiber measurements, to combine or split 
optical signals at desired ratios by insertion into a 
transmission line; for example, a three-port or four- 
port unit with precise connectors at each port to enable 
inputs to be coupled together and transmitted via multiple 
outputs. 

optical disk — A very-high-density information stor- 
age medium that uses light to read and write digital 
information. 

optical distortion — An aberration of spherical sur- 
face optical systems due to the variation in magnification 
with distance from the optical axis. 

optical encoder — A device designed to accurately 
measure linear or rotary motion by detection of the 
movement of markings on a transparent medium past 
a fixed point of light. The encoder has a moving code 
plate, a glass disk with positional or angular information 
on it— generally bit information— and simple geometric 
optics for readout. 
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optical end-finish— The surface condition at the 
face of an optical conducting medium. 

optical fiber — 1. An optical waveguide. 2. A core of 
transparent material surrounded by a transparent cladding 
that has a lower refractive index. Both core and cladding 
are usually made of glass. Because of this arrangement, 
light rays launched into the fiber are restricted by total 
internal reflection and are thus confined within the core. 
3. A single discrete optical transmission element, usually 
consisting of a fiber core and a fiber cladding. As a light- 
guidance system (dielectric waveguide) that is usually 
cylindrical in shape, it consists either of a cylinder of 
transparent dielectrical material of given refractive index 
whose walls are in contact with a second dielectric 
material of a lower refractive index, or of a cylinder 
whose core has a refractive index that gets progressively 
lower away from the center. The length of a fiber is 
usually much greater than its diameter. The fiber relies on 
internal reflection to transmit light along its axial length. 
Light enters one end of the fiber and emerges from the 
opposite end with losses dependent on length, absorption, 
scattering, and other factors. A bundle of fibers has the 
ability to transmit a picture from one of its surfaces to 
another, around curves, and into otherwise inaccessible 
places with an extremely low loss of definition and light, 
by the process of total internal reflection. Each fiber 
transmits only one element of the composite emergent 
image. As the definition in the output image depends 
on the smallness of each element composing it, it is 
desirable to keep the cross section of the individual 
fibers as small as possible. If the spacing of the fibers 
increases toward the output end of the bundle, the 
image is magnified; if spacing is reduced, the image is 
reduced in size. By crossing the fibers systematically or 
randomly, the image is scrambled and can be recovered 
by retransmitting the scrambled image backward through 
the same or equivalent fiber bundle. 4. A cylinder or 
core of transparent dielectric material surrounded by 
a second dielectric. In order to propagate light, the 
refractive index of the core material is greater than that of 
the surrounding cladding material. To obtain satisfactory 
optical isolation of the core, the cladding material has a 
minimum thickness of one or two wavelengths of the light 
transmitted. 

optical fiber bundle — Many optical fibers in a 
single protective sheath or jacket. The Jacket is usualiy 
polyvinyl chloride (PVC). The number of fibers could 
range from a few to several hundred, depending on the 
application and the characteristics of the fibers. 

optical horizon—The locus of points at which 
straight lines extended from a given pcint are tangent to 
the surface of the earth. 

optical isolator — A photon-coupled device in which 
an electrical signal is converted into light that 1s projected 
through an insulating interface and reconverted to an 
electrical signal. See also optical coupler; optoisolator. 


OUTPUT 
SIGNAL 


DECODER 


AMPLIFIER | 


LIGHT DETECTOR 
(RECEIVER) 


HD 


Optical fiber link. 


optical mark recognition — optical twinning 


524 


LEQ-PHOTODIODE 


LED-PHOTOTRANSISTOR 


Af 


LED-PHOTODARLINGTON 


i ' i 

| S | | | 

© LED/LDR NEON/LDR LAMP/LDR 
Optical isolator. 


optical mark recognition— Abbreviated OMR. 
An information-processing technology that converts data 
into another medium for computer input. This is accom- 
plished by the presence of a mark in a given position, 
each position having a value known to the computer 
and which may or may not be understandable to 
humans. 

optical maser — See laser. 

optical memory — The direct storage of data as bits 
in memory using optical systems and properties. The 
memory makes use of a laser beam that is divided by 
a beam splitter and controlled by a modulator and a 
deflector to transpose bits into a given area of storage 
in memory. On the other side of the memory plane, a 
laser and a deflector read the memory, bit by bit, the 
bits being read by a scanning photodetector. Erasure is 
accomplished by writing with the beam at a different 
wavelength. 

optical microphone — Laser-powered telephone 
device for analog communications that employs a vibrat- 
ing plastic membrane as a transmitter to modulate laser 
light piped via optical fibers from a central exchange, 
omitting the need for transducers or modulators. 

optical mode— In a crystal lattice, a mode of 
vibration that produces an oscillating dipole. 

optical mosaic— 1. Grouping of fibers to form a 
cross-section area that will make a light pattern for 
acceptance by a detector or other receiving element. 2. A 
construction in which fibers are grouped and regrouped 
to build up an area, usually with some degree or type 
of imperfection developing at the boundaries of the 
subgroup. When this boundary condition becomes very 
noticeable, it is called whichen wire. 

optical pattern — Also called Christmas-tree pattern. 
In mechanical recording, the pattern observed when the 
surface of the record is illuminated by a light beam of 
essentially parallel rays. 

optical port— An opening through which optical 
energy can pass. 

optical pumping—The process of changing the 
number of atoms or atomic system in a set of energy 
levels as a result of the absorption of light incident on the 
material. This process causes the atoms to be raised from 
certain lower to certain higher energy levels, and it may 
cause a population inversion between certain intermediate 
levels. 

optical pyrometer—A  temperature-measuring 
device comprising a comparison source of illumination, 
together with some convenient arrangement for matching 
this source —either in brightness or in color — against 
the source whose temperature is to be measured. The 
comparison is usually made by the eye. 


optical receiver— An electro-optical module that 
converts an optical input signal to an electrical output 
signal, 

optical repeater— A device in a fiber optics system 
that amplifies the optical signal to overcome previous 
attenuation. 

optical scanner — A computer-system input device 
that reads a line of printed characters and produces a 
corresponding electronic signal for each character. 

optical scanning — A technique for machine recog- 
nition of characters by their images. Compare optical 
character recognition. 

optical sound—A system of recording and repro- 
ducing sound by using modulated light areas at the side 
of motion-picture film. 
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optical spectrometer— An instrument with an 
entrance slit, a dispersing device, and one or more exit 
slits, with which measurements are made at selected 
wavelengths within the spectral range, or by scanning over 
the range. The quantity detected is a function of radiant 
power. 

optical storage — In data processing, the storage of 
information on photographic film in a manner that allows 
it to be retrieved in a nondestructive fashion, usually with 
a photosensing device. 

optical transmitter— An electro-optical module 
that converts an electrical input signal to an optical output 
signal. 

optical twinning—A defect occurring in natural 
quartz crystals. The right quartz and left quartz both occur 
in the same crystal. This generally results in small regions 
of unusable material, which are discarded when the crystal 
is cut up. 
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optical video disc — Abbreviated OVD. A disc on 
the surface of which digital data is recorded at high 
packing densities in concentric circles or in a spiral using 
a laser beam to record spots, which are read by means of a 
reflected laser beam of intensity lower than the recording 
intensity. Up to L0!! bits can be recorded on a single disc, 
which is thus suitable for an hour of TV programming 
playback. 

optical waveguide— 1. A fiber used for optical 
communications. Analogous to a waveguide used for 
microwave communications. 2. An optical fiber with a 
high refractive index clad with a material having a lower 
index of refraction. 

optic-electronic device — See optoelectronic de- 
vice. 

optics — That branch of physical science concerned 
with the nature and properties of the electromagnetic 
radiation known as light, including the infrared, visible, 
and ultraviolet regions. 

optic scrambler — See fiber-optics scrambler. 

optimization — 1. The continual adjustment of a pro- 
cess for the best obtainable set of conditions. 2. Achieving 
the best possible solution to a problem in terms of a spec- 
ified objective function. 

optimize — To arrange instructions or data in com- 
puter storage in such a way that a minimum of machine 
time is required for access when instructions or data are 
called out. 

optimum bunching—The bunching condition 
required for maximum output in a velocity-modulation 
tube. 

optimum coupling — See critical coupling. 

optimum damping—The value of damping that 
permits fast response with some overshoot; this value is 
about 65 percent of critical damping. 

optimum frequency—The most effective fre- 
quency at a specified time for ionospheric propagation 
of radio waves between two specified points. 

optimum load — The value of load impedance that 
will transfer maximum power froin the source to the load. 

optimum plate load—The ideal plate-load 
impedance for a given tube and set of operating 
conditions. 

optimum reliability— The value of reliability that 
yields a minimum total successful mission cost. 

optimum working frequency— The frequency 
at which transmission by ionospheric reflection can be 
expected to be most effectively maintained between two 
specified points and at a certain time of day. (For 
propagation by way of the F, layer, the optimum working 
frequency is often taken as being 15 percent below 
the monthly median value of the F, maximum usable 
frequency for a specified path and time of day.) 

optocoupler— Sometimes referred to as optoisola- 
tor. 1. A light source (input) and a light detector (out- 
put) both housed in a single package, sealed against 
outside light. An electrical signal applied to the light 
source changes the amount of light emitted. The emit- 
ted light falls upon, and is collected by, the detector. 
These input electrical signals are thus coupled to the 
output. From the output, the signals perform normal elec- 
tronic functions, such as driving amplifiers, triggering a 
thyristor power supply, or switching logic levels. 2. A 
device that transmits electrical signals, without electri- 
cal connection, between a light source (input) and a light 
detector (output). The input is generally an LED; the 
output could be a photodiode, phototransistor, a photo- 
Darlington, etc. 

optoelectronic device—Also called opticelec- 
tronic device. 1. A device responsive to electromagnetic 
radiation in the visible, infrared, or ultraviolet spectral 
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regions of the frequency spectrum. it emits or modi- 
fies noncoherent or coherent electromagnetic radiation 
in these same regions, or utilizes such electromagnetic 
radiation for its internal operation. The wavelengths han- 
dled by these devices range from approximately 0.3 to 
30 um. Examples are LEDs, optical couplers, laser diodes, 
and photodetectors. 2. Electronic devices associated with 
light, serving as sources, conductors, or detectors. See also 
light. 

optoelectronic integrated circuit— An inte- 
grated component that uses a combination of electrolu- 
minescence and photoconductivity in the performance of 
all or at least a major portion of its intended function. 

optoelectronics — 1. Technology dealing with the 
coupling of functional electronic blocks by light beams. 
2. Circuitry in which solid-state emitters and detectors of 
light are involved. 3. A term that applies to devices or 
circuits in which light is emitted or detected by a solid- 
state technique. Through usage, however, the term implies 
a close tie with logic-level signals for driving emitters and 
coupling isolated circuits. The three leading technologies 
in the field are light-emitting diode (LED), liquid-crystal 
display (LCD), and neon gas discharge. LED technology 
spans a range of devices: both visible and infrared light- 
emitting lamps, optocouplers or optoisolators, and various 
visible light-emitting displays. 

optoelectronic transistor — A transistor that has 
an electroluminescent emitter, a transparent base, and a 
photoelectric collector. 

optographics — The use of techniques of drafted art- 
work, diamond ruling, high-resolution photoreproduction 
and vacuum deposition to generate and replicate precise 
patterns. In turn, these patterns make up such instruments 
as resolution targets, reticles, code discs, scales, and step 
wedges, which are generally applied to glass, and some- 
times to film, plastic, quartz, or other substrates. 

optoisolator— 1. A coupling device consisting of a 
light sensor. Used for voltage and noise isolation between 
input and output while transferring the desired signal. 
2. Any device that uses a light emitter and a photodetector 
to couple signals without any electrical connection. The 
use of the term is restricted by convention to devices 
employing an LED and semiconductor photodetector. 
3. A small component that converts electrical signals 
to light signals, transmits the light signals across a 
short gap, and converts them back to electrical signals 
on the other side. Since no electrical connection exists 
across the gap, an optoisolator provides immunity to 
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electromagnetic interference and ground-loop problems. 
See also optocoupler. 

optophone— A photoelectric device that converts 
light energy into sound energy. Thus, a blind person 
can “read” by ear by using a selenium cell and a 
circuit for converting the resulting signals into sounds of 
corresponding pitch. 

orange peel—A term applied to the surface of a 
recording blank that resembles an orange peel. Such a 
surface has a high background noise. 

orbit— 1. The path of a body or particle under the 
influence of a gravitational or other force. For instance, 
the orbit of an celestial body is its path relative to another 
body around which it revolves. 2. To go around the earth 
or other body in an orbit. 

orbital electron — An electron that is visualized as 
moving in an orbit around the nucleus of an atom or 
molecule, as opposed to a free electron. 

orbital period — The time that it takes a satellite to 
complete one circumnavigation of its specific orbit. 

OR circuit — See OR gate. 

order — |. In computer terminology, the synonym for 
instruction, command, and— loosely — operation part. 
These three usages, however, are losing favor because 
of the ambiguity between them and the more common 
meanings in mathematics and business. 2. To place in 
sequence according to some rules or standards. 

ordering — In a computer, the process of sorting and 
sequencing. 

orders of logic—A measure of the speed with 
which a signal can propagate through a logic network 
(commonly referred to as orders-of-logic capability). 

order tone — A tone sent over trunks to indicate that 
the trunk is ready to receive an order, and to the receiving 
operator that it is about to arrive. 

OR device — A device whose output is logical 0 if, 
and only if, all the control signals are logical 0. 

ordinary differential equations — Differential 
equations in which there is only one independent vari- 
able. The unknowns are functions of this variable, and 
all derivatives in the equations are with respect to this 
variable. 

ordinary wave — Sometimes called the O-wave. One 
of the two components into which the magnetic field of 
the earth divides a radio wave in the ionosphere, The 
other component is called the extraordinary wave, or X- 
wave. When viewed below the ionosphere in the direction 
of propagation, the ordinary wave has counterclockwise 
or clockwise elliptical polarization, depending on whether 
the magnetic field of the earth has a positive or negative 
component, respectively, in the same direction. 

ordinate — |. The vertical line, or one of the coordi- 
nates drawn parallel to it, on a graph. 2. The vertical scale 
on a graph. 3. A distance along the vertical or y-axis of 
a graph. 

organ — In a computer subassembly, the portion that 
accomplishes some operation or function (e.g., arithmetic 
organ). 

organic dye laser — A laser having a lasing material 
that is a fluorescing organic dye. It can produce, depend- 
ing on the dye used, emission in any part of the visible 
spectrum into the near infrared and ultraviolet, and its 
most important property is continuous tunability over a 
broad spectrum. 

OR gate— Also called an OR circuit. 1. A gate 
that performs the function of logical “inclusive OR.” It 
produces an output whenever any one (or more) of its 
inputs is energized. 2. A logic circuit that requires that 
at least one input be in the on state to drive the output 
into the on state. 3. A digital logic circuit that produces 
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a logical 1 output when any one or all of its outputs are 
logical 1. It produces a logical O output only when all of 
its inputs are logical 0. 
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orient— To position or otherwise adjust with respect 
to some reference point (e.g., to orient an antenna for best 
reception). 

orientation — An adjustment of the time, relative to 
the start transition, that teletypewriter receiving apparatus 
starts selection. 

oriented — In crystallography, a crystal in which the 
axes of its individual grains are aligned so that they have 
directional magnetic properties. 

orifice — An opening or window — specifically, in a 
side or end wall of a waveguide or cavity resonator, an 
opening through which energy is transmitted. 

origin — The point in a coordinate system where the 
axes meet. 

original lacquer— An original disc recording made 
on a lacquer surface for the purpose of producing a master. 

original master — Also called metal master or metal 
negative. In disc recording, the master produced by elec- 
troforming from the face of a wax or lacquer recording. 

O-ring— A circular piece of material with a round 
cross section; it effects a seal under pressure. 

ORION — An acronym for Oak Restricted Information 
and Operational Network. 

orthicon— Also called an orthiconoscope. A camera 
tube in which a beam of low-velocity clectrons scans 
a photoemissive mosaic capable of storing an electrical- 
charge pattern. It is more sensitive than the iconoscope. 

orthiconoscope — See orthicon. 

orthocode — An arrangement of black and white bars 
that resembles a piano keyboard and that can be read by 
an electric eye device. 
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orthocore— A completely closed flux memory 
device designed to almost duplicate the geometry of the 
ferrite core memory, eliminate the wiring of memory 
cores, and provide a plurality of wires through the 
memory element. The concept involves the formation of 
a group of plastic rods around a suitable wiring array. 

orthogonal — A term that signifies that two signals 
(or signal attributes) are mutually transparent and nonin- 
terfering with each other. Frequency and amplitude mod- 
ulation are orthogonal signal attributes. 

orthogonal antennas — A pair of radar transmitting 
and receiving antennas, or a single antenna for trans- 
mitting and receiving, designed to permit detection of 
a difference in polarization between the transmitted and 
returned energy. 

orthogonal axes— Axes that are perpendicular to 
each other. In an instrument, these axes usually coincide 
with its axes of symmetry. 

OS/2— One of the first personal computer operating 
systems to support true multitasking with multiple address 
spaces and processes. Introduced by IBM in 1990, 

OSCAR — Acronym for orbiting satellite carrying 
amateur radio. Acronym describing amateur satellites gen- 
erally; with a number attached (e.g., AMSAT-OSCAR-16, 
or AO-16), the name of a specific ham radio satellite. 

osciducer— A transducer in which information per- 
taining to the stimulus is provided in the form of deviation 
from the center frequency of an oscillator. 

oscillate —To repeat a cycle of motions or to pass 
through a cycle of state with strict periodicity. 

oscillating current— An alternating current; specif- 
ically, one that changes according to some law. 

oscillating quantity—A quantity that alternately 
increases and decreases in value, but always remains 
within finite limits — e.g., the discharge of current from 
a capacitor through an inductive resistance (provided 
the inductance is greater than the capacitance times the 
resistance squared). 

oscillating transducer—A transducer in which 
information pertaining to the stimulus is provided in 
the form of deviation from the center frequency of an 
oscillator. 

oscillation—1. The state of a physical quantity 
when, in the time interval under consideration, the value 
of the quantity is continually changing in such a manner 
that it passes through maxima and minima (e.g., oscillat- 
ing pendulum, oscillating electric current, and oscillating 
electromotive force). 2. Fluctuations in a system or cir- 
cuit. especially those consisting of the flow of electric 
currents alternately in opposite directions; also, the cor- 
responding changes in voltages. 3. See hunting, 1. 4. A 
periodic change in a variable, as in the amplitude of an 
alternating current. 

oscillator— 1. An electronic device that generates 
alternating-current power at a frequency determined by 
the values of certain constants in its circuits. An oscillator 
may be considered an amplifier with positive feedback, 
with circuit parameters that restrict the oscillations of the 
device to a single frequency. 2. Something that oscillates. 
In particular, a self-excited electronic circuit whose output 
voltage or current is a periodic function of time. 3. A 
generator of an alternating signal, continuous, sinusoidal, 
or pulsed. 

oscillator circuit— See oscillator. 

oscillator coil— A radio-frequency transformer that 
provides the feedback required for oscillation in the 
oscillator circuit of a superheterodyne receiver or in other 
oscillator circuits. 

oscillator harmonic interference — Interference 
caused in a superheterodyne receiver by the interaction 
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of incoming signals with harmonics (usually the second 
harmonic) of the local oscillator. 

oscillator-mixer-first-detector— A single stage 
that, in a superheterodyne receiver, combines the func- 
tions of the local oscillator and the mixer-first-detector. 

oscillator padder — An adjustable capacitor placed 
in series with the oscillator tank circuit of a superhetero- 
dyne receiver. It is used to adjust the tracking between 
the oscillator and preselector at the low-frequency end of 
the tuning range. 

oscillator radiation — The amount of voltage avail- 
able across the antenna terminals of a receiver (or at a 
distance) traceable to any oscillators incorporated in the 
receiver. 

oscillatory circuit — A circuit containing inductance 
and/or capacitance and resistance, so arranged or con- 
nected that a voltage impulse will produce a current that 
periodically reverses. 

oscillatory current—A current that periodically 
reverses its direction. 

oscillatory discharge-— Alternating current of 
pradually decreasing amplitude which, under certain 
conditions, flows through a circuit containing inductance, 
Capacitance, and resistance when a voltage is applied. See 
also damped waves. 

oscillatory surge—A surge that includes both 
positive and negative polarity values. 

oscillistor— A semiconductor bar that is subjected 
to a magnetic field and a direct current, and which 
generates oscillations believed to be duc to diffusion of 
ions toward the surface of the semiconductor as a result 
of the magnetic field. 

oscillogram— |. The recorded trace produced by an 
oscillograph. 2. A photograph of the luminous trace or 
image produced by an oscilloscope. 3. A record formed 
when the luminous trace or image produced by an 
oscilloscope is photographed. 

oscillograph— 1. An instrument primarily for pro- 
ducing a record of the instantaneous values of one or 
more rapidly varying electrical quantities as a function 
of time, or of another electrical or mechanical quantity. 
2. An instrument used to record rapidly varying currents 
or voltages. May consist of a CRT oscilloscope with a 
camera attachment, or a mirror galvanometer with a lamp 
and optical system to trace rapid variations of electric cur- 
rent on a moving ribbon of photographic paper. The later 
type of oscillograph is often a multiple unit capable of 
recording 20 or more different current variations side by 
side on the same strip of paper. 

oscillograph recorder—A form of mechanical 
oscillograph in which the waveform is traced on a moving 
strip of paper by a pen. It is used to record parameters 
that vary rapidly with time and can record variations in 
excess of 100 Hz. However, at these higher frequencies, 
the width of the trace is reduced. Typically such a device 
with a 40-mm trace width will record a signal up to 
40 Hz at full trace width. If the maximum excursion of 
the recording pen is limited to 8 mm, it will record signals 
up to 100 Hz faithfully. Above 100 Hz, the signal width 
will be reduced. These recorders are available in multipen 
models to record several parameters on a singie recorder. 

oscillograph tube — See oscilloscope tube. 

oscillography — The art and practice of utilizing the 
oscillograph. 

oscillometer— An instrument for measuring cscilla- 
tions (periodic variations) of any kind. 

oscilloscope — 1. An instrument in which the hor- 
izontal and vertical deflection of the electron beam of 
a cathode-ray tube are, respectively, proportional to a 
pair of applied voltages. In the most usual application 
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of the instrument, the vertical deflection is a signal volt- 
age and the horizontal deflection is a linear time base. 
2. A cathode-ray tube with attendant amplifiers and con- 
trol circuits for measuring and studying the waveforms of 
small currents and voltages. A CRT oscilloscope is partic- 
ularly convenient for studying repetitive phenomena, but 
a tube with a long-delay phosphor can be used to analyze 
a single electrical pulse. An oscilloscope equipped with 
a camera (often of the instant type) becomes an oscillo- 
graph. 3. An electronic window that displays variations of 
voltage at any point in a circuit by displaying in graphic 
form on its screen the actual waveform of voltage plot- 
ted against time. In addition, an oscilloscope serves as 
an accurate ac/dc voltmeter and time-period counter. The 
typical scope is made up of five major interrelated parts: 
vertical amplifier section, horizontal amplifier section, 
sweep and synchronization circuits, picture tube (cathode- 
ray tube or CRT), and power supply. The electron beam 
strikes the fluorescent screen of the cathode-ray tube and 
temporarily produces a visible pattern or waveform of 
some fluctuating electrical quantity such as voltage. The 
pattern is employed to reveal the detailed variations in 
rapidly changing electric currents, potentials, or pulses. 

oscilloscope differential amplifier—A device 
that amplifies and displays the voltage difference that 
exists at every instant between signals applied to its two 
inputs. 

oscilloscope tube — Also called oscillograph tube. 
A cathode-ray tube that produces a visible pattern that 
is the graphical representation of electric signals. The 
pattern is seen as a spot or spots, which change position 
in accordance with the signals. 

OSHA— Acronym for Occupational Safety and 
Health Act. A federal law that specifies the requirements 
an employer must follow in order to guard against 
employee illness and injury. 

OSI— Abbreviation for Open Systems Interconnec- 
tion. A layered architecture designed to permit inter- 
connection between heterogeneous computer systems. 
Also, the international protocol for communications in a 
multiple-vendor environment. 

OSO — Abbreviation for Orbiting Solar Observatory. 

O-type backward-wave oscillator— A wide- 
band, voltage-tunable microwave oscillator that uses a 
fundamental or space harmonic with phase and group 
velocity of different signs. 

outage — 1. Loss of signal in a channel, usually the 
result of a dropout or a hit. 2. Status of equipment when it 
is out of service. Outages are termed forced when due to 
undesired occurrences, and planned when prescheduled, 
as for routine maintenance. 

outconnector— In a flowchart, a connector indicat- 
ing a point at which a flowline is broken to be continued 
at another point. 

outdoor antenna— A receiving antenna located on 
an elevated site outside a building. 


outdoor transformer — A transformer of weather- 
proof construction. 

outer marker — In an instrument landing system, a 
marker located on a localizer course line at a recom- 
mended distance (normally about 4! miles or 7.2 km) 
from the approach end of the runway. 

outgas — The release of gas from a material over a 
period. 

outgassing — 1. A phenomenon in which a sub- 
stance in a vacuum spontaneously releases absorbed and 
occluded constituents as vapors or gases. 2. De-aeration 
or other gaseous emission from a printed board assembly 
(printed board, component, or connector) when exposed 
to a reduced pressure or heat, or both. 

outlet— 1. The point where current is taken from 
a wiring system. 2. Convenience receptacle used for 
supplying power in the home, shop, or laboratory from 
power-company mains. 3. A point on the wiring system 
that can be tapped to provide electrical current for 
appliances or lights. 

outlet box— Metal box that houses a switch or 
receptacle. 

outline drawing—A drawing showing approxi- 
mately overall shape, but no detail. 

out of phase — 1. Two or more waveforms that have 
the same shape, but do not pass through corresponding 
values at the same instant. 2. Relationship between peri- 
odic waves of the same frequency, but which do not pass 
through their maximum and minimum (or other corre- 
sponding) values at the same instant. 

out-of-service jack — A jack, associated with a test 
jack, into which a shorted plug may be inserted to remove 
a circuit from service. 

outphaser— In electronic organs, a circuit that 
changes a sawtooth wave to something approaching a 
square wave by adding to the sawtooth a second saw- 
tooth of twice the frequency and half the amplitude in 
reverse phase, thus canceling the even harmonics. 

outphasing — In electronic organs, a term applied to 
a method sometimes used for producing certain voices. 
Special circuitry, placed between the keying-system out- 
put and the formant filters, either adds or subtracts har- 
monics or subharmonics of the tone-generator signal. 

output— 1. The current, voltage, power, or driving 
force delivered by a circuit or device. 2. The terminals or 
other places where the circuit or device may deliver the 
current, voltage, power, or driving force. 3. Information 
transferred from the internal to the secondary or external 
storage of a computer. 4. The electrical quantity produced 
by a transducer, which is a function of the measurand. 
5. The useful energy delivered by a circuit or device. 6. In 
logic circuits, frequently used to mean a change in con- 
dition between conducting and nonconducting. (It is like 
calling the coil of a relay the input and the contacts the 
output.) 7. The signal level at the output of an amplifier 
or other device. 8. Á port or set of terminals at which a 
system or component delivers useful energy or a useful 
signal. Also the energy or signal delivered. The useful 
signal delivered by a recorder using a particular type of 
tape, usually at an arbitrarily fixed level of harmonic dis- 
tortion (1 or 3 percent) and relative to the performance 
of a tape with standard characteristics. 9. The transfer of 
information from an information process. 10. The act of 
providing information from a device to the outside world. 
Generally accompanied by a device that inputs the infor- 
mation being output by the first device. 

output amplifier—A circuit that energizes high- 
power-level devices upon application of a low-power- 
level input signal. 
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output axis —The axis around which the spinning 
wheel of a gyroscope precesses after the wheel has 
received an input. 

output block— 1. In a computer, a portion of the 
internal storage reserved for holding data that is to be 
transferred out. 2. A block of computer words treated as a 
unit and intended to be transferred from internal storage to 
an external location. 3. A block used as an output buffer. 

output capability —The intensity of the strongest 
signal that a device can put out without exceeding certain 
limits of overload distortion. 

output capacitance — 1. Of an n-terminal electron 
tube, the short-circuit transfer capacitance between the 
output terminal and all other terminals, except the input 
terminal, connected together. 2. The shunt capacitance at 
the output terminal of a device. 

output capacitive loading — The maximum capac- 
itance that can be placed on the output of an operational 
amplifier at unity gain without increasing the phase shift 
to the point of inducing oscillation. The limiting value 
increases in direct proportion to the closed-loop gain. 

output capacity — The number of loads that can be 
driven by the output of a circuit. 

output device — |. The part of a machine that trans- 
lates the electrical impulses representing data processed 
by the machine into permanent results such as printed 
forms, punched cards, and magnetic writing on tape. 
2. Any device, such as a solenoid, motor starter, etc., that 
receives data from a programmable controller. 3. The unit 
of a computer, such as a card punch, that converts electri- 
cal signals into the form used by the output device, such 
as holes punched into cards. 

output equipment — Equipment that provides infor- 
mation in visible, audible, or printed form from a com- 
puter. 

output gap — An interaction gap with which usable 
power can be extracted from an electron stream. 

output impedance — Also called dynamic output 
impedance. 1. The impedance measured at the output 
terminals of a transducer with the load disconnected and 
all impressed driving forces (including those connected to 
the input) taken as zero. 2. The impedance presented by a 
power supply to the load. It is calculated from the ratio of 
the change in output voltage (at the prescribed terminals) 
to the change in load current causing the change. The 
impedance is specified from de to a stated maximum ac. 
3. The impedance a device presents to its load. 

output indicator—A meter or other device that 
indicates variations in the signal strength at the output 
circuits. 

output limit — The maximum output signal available 
when an operational amplifier is operated in the saturation 
region. 

output load current— The maximum current that 
the amplifier will deliver to, or accept from, a load. This 
rating includes the amount, however small, that is caused 
to flow in the feedback loop. 

output meter — An alternating-current voltmeter that 
measures the signal strength at the output of a receiver or 
amplifier. | 

output-meter adapter—A device that can be 
slipped over the plate prong of the output tube of a radio 
receiver to provide a conventional terminal to which an 
output meter can be connected during alignment. 

output offset voltage — 1. The difference between 
the de voltages at the two output terminals (or at the 
output terminal and ground in an amplifier that has one 
output) when both input terminals are grounded. 2. The 
output voitage of a negative-feedback op-amp circuit 
when the input voltage to the circuit is zero. Án ideal 
op amp has zero output offset voltage. 
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output port— In a fluidic device, the port at which 
the output signal appears. 

output power—-¡. The power that a system or 
component delivers to its load. 2. The maximum amount 
of power, limited by clipping or a specified value of 
distortion, that an amplifier is capable of delivering to 
a load of giyen value. 

output resistance — The small-signal ac resistance 
of an operational amplifier seen looking into the output 
with no feedback applied and the output dc voltage near 
zero. 

output saturation voltage —The lowest voltage 
level to which the collector of the output transistor can 
be reduced without degrading circuit performance. 

output stage— The final stage in any electronic 
equipment. In a radio receiver, it feeds the speaker directly 
or through an output transformer. In an audio-frequency 
amplifier, it feeds one or more speakers, the cutting or 
recording head of a sound recorder, a transmission line, 
or any other load. In a transmitter, it feeds the antenna. 

output transformer — A transformer used to couple 
the output stage of an amplifier to a load. 

output tube —A power-amplifier tube designed for 
use in an output stage. 

output unit— 1. A computer unit that transfers data 
from the computer to an external device or from inter- 
nal storage to external storage. 2. A device capable of 
recording data coming from the internal storage unit of 
a computer, e.g., card punch, line printer, CRT display, 
magnetic disk, or teletypewriter. | 

output voltage — The maximum output voltage that 
an amplifier will develop in the linear operating region 
(1.e., before the onset of saturation). 

output voltage swing — The peak output voltage 
swing of an operational amplifier referred to zero that 
can be obtained without clipping. 

output winding —The winding of a saturatable 
reactor, other than a feedback winding, through which 
power is delivered to the load. 

outside lead — See finish lead. 

outward WATS — Outward wide-area telephone ser- 
vice that permits a customer, for a monthly charge, to 
place outgoing station-to-station paid calls to telephones 
within prescribed service areas. 

oven—An enclosure and associated sensors and 
heaters for maintaining components at a controlled tem- 
perature, 

overall bandwidth — The width of a receiver reso- 
nance curve which represents the ratio of signal strength 
required at various frequencies of resonance to the signal 
Strength at resonance in order to give constant output. 

overall electrical efficiency (induction- and 
dielectric-heating usage) — Ratio of the power 
absorbed by the load materia! to the total power drawn 
from the supply lines. 

overall loudness leve! — A measure of the response 
of human hearing to the strength of a sound. it is scaled 
in phons and is an overall single evaluation calculated for 
the levels of sound pressure of several individual bands. 

overall thermoelectric generator efficiency — 
The ratio of electrical power output to thermai power 
input to the thermoelectric generator. 

overall ultrasonic system efficiency— The 
acoustical power output at the point of application, 
divided by the electrical power input into the generator. 

overbiasing —A setup procedure whereby the bias 
current of a tape recorder is adjusted to slightly beyond 
the point that produces maximum or peak output from 
the tape. Overbiasing reduces differences due to imperfect 
uniformity from one tape to another, at the cost of some 
high-frequency response. 
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overbunching — The condition in which the buncher 
voltage of a velocity-modulation tube is higher than 
required for optimum bunching of the electrons. 

overcharging — Continued charging of a battery 
after it has reached a charged condition. This action dam- 
ages the battery and shortens its life. 

overcoat— A thin film of insulating material, cither 
plastic or inorganic (e.g., glass or silicon nitride), applied 
over integral circuit elements for the purposes of mechan- 
ical protection and prevention of contamination. 

overcompounding — In a compound-wound gener- 
ator, use of sufficient series turns to raise the voltage as the 
load increases, in order to compensate for the increased 
line drop. In a motor, overcompounding makes it run 
faster as the load increases. 

overcoupled circuit — A tuned circuit in which the 
coupling is greater than the critical coupling. The result 
is a broadband response characteristic. 
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overcurrent — In a circuit, the current that will cause 
an excessive or even dangerous rise in temperature in the 
conductor or its insulation. 

overcurrent protection — See overload protection. 

overcurrent protective device—1.A device 
operative on excessive current that causes and main- 
tains the interruption of power in the circuit. 2. A device 
designed to open an electric circuit automatically at a 
predetermined overcurrent level. 

overcurrent relay—aA protective device that sep- 
arates one portion of an electric network from another 
when current exceeds a predetermined value. 

overcutting — In disc recording, the cutting through 
of one groove into an adjacent one when the level 
becomes excessive. 

overdamping — Any periodic damping greater than 
the amount required for critical damping. See also aperi- 
odic damping. 

overdriven amplifier — An amplifier stage designed 
to distort the input-signal waveform by permitting the 
driving signal to drive it beyond cutoff or even into 
saturation. 

overflow — 1. The condition occurring whenever the 
result of an arithmetic operation exceeds the capacity of 
the number representation in a digital computer. 2. The 
carry digit arising from (1) above. 3, The generation of a 
quantity that exceeds the capacity of the computer storage 
facility. 4. That portion of the result of an operation that 
exceeds the capacity of the intended unit of storage. 5. In 
a calculator, when a number that is entered, or the answer 
to a calculation, exceeds the capacity of the working 
register, the excess digits overflow the register. In most 
machines, an overflow signal (cither audible or visible) 
indicates when overflow occurs. 

overflow indicator— 1. A bistable trigger that 
changes state on the occurrence of overflow in the com- 
puter register with which it is associated. The overflow 
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indicator may be interrogated and/or restored to the origi- 
nal state. 2. In a calculator, a warning light or illuminated 
letter E to indicate existence of overflow condition. 

overflow position — In a computer, an extra register 
position in which the overflow digit is developed. 

overflow storage — Additional storage provided in 
a store and forward switching center of a computer to 
prevent the loss of messages (or parts of messages) offered 
to a completely filled line store, 

overglaze — 1. A glass coating that is over another 
component or element, normally for physical or electrical 
protection purposes. 2. A glass compound in low-melting, 
vitreous form, used as a coating for passivate thick-film 
resistors and offering mechanical protection. 

overglazed— Coated with a layer of printed and 
fired glass paste. Overglazing may be a solder barrier, a 
protective coating for resistors, or an insulator to prevent 
possible short circuits, as in the case of a wire bond 
crossing over a printed conductor. 

overhang— 1. In terms of printed wiring, the 
inverted shelf of plating formed when conductor material 
is selectively removed from under the plating. The 
measurement between the base copper and the plating 
(generally refers to one side of the conductor only; thus, 
for a conductor width reduction, one must take two times 
the overhang). 2. The critical dimension by which the 
stylus overreaches the center spindle of a turntable when 
an offset tonearm is mounted for minimum tracking error. 

overhead line —A conductor carried on elevated 
poles (e.g., telephone or telegraph wires). 

overinsulation—In a coil, the insulating material 
placed over a wire that is brought from the center over 
the top or bottom wall. 

overlap—1.The amount by which the effective 
height of a scanning facsimile spot exceeds the nomi- 
nal width of the scanning line. When the spot is rect- 
angular, overlap may be expressed as a percentage of 
the nominal width of the scanning line. 2. To perform 
one operation at the same time that another operation is 
being performed; for example, to carry on input/output 
operations at the same time that instructions are being 
executed by the central processing unit. 3. The contact 
area between a film resistor and film conductor. 4. A 
mode of computer operation in which several processes 
take place seemingly simultaneously. In a multiproces- 
sor system, simultaneous operation is truly possible. In 
a single-processor system, processes time-share the pro- 
cessor and appear to happen simultaneously but actually 
they occur in a time-sequential mode. Real time savings 
can be realized in either case, especially when extensive 
I/O to many devices of differing speeds is taking place. 

overlapping contacts — Combinations of two sets 
of contacts actuated by a common means, each set closing 
in one of two positions and so arranged that the contacts 
of one set open after the contacts of the other set have 
been closed. 

overlap radar— Long-range radar that is located in 
one sector but also covers a portion of another sector. 

overlay —1.In a computer, the technique of using 
the same blocks of internal storage for different routines 
during different stages of a problem, c.g., when one 
routine is no longer needed in internal storage, another 
routine can be placed in that storage location. 2. Memory 
management technique in which various routines occupy 
overlapping memory areas in succession, 3. A technique 
used to execute programs that are larger than the available 
memory size in systems without paging or segmentation 
capabilities. To utilize this method a program must be 
manually divided into a number of mutually exclusive 
groups of software modules. 
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overlaying —The technique of repeatedly using the 
same blocks of internal storage during different stages of 
a program, e.g., when one routine is no longer needed, 
another routine can replace all or part of it. 

overlay load module—A computer load mod- 
ule that has been divided into overlay segments and 
has been provided by the linkage editor with infor- 
mation that permits the desired loading of segments 
to be implemented by the overlay supervisor when 
requested. 

overlay supervisor— A routine for control of the 
sequencing and positioning of computer program seg- 
ments in limited storage during their execution. 

overlay transistor — A transistor containing a large 
number of emitters connected in parallel to provide max- 
imum power amplification at extremely high frequencies. 

overlay zone — An area of memory used to contain 
different programs or data at different times during the 
operation of a system. 

overline — In teletypewriter operation, the printing of 
one group of characters over another. 

overload—1.A load greater than that which an 
amplifier, other component, or a whole system is designed 
to handle. It is characterized by waveform distortion or 
overheating. 2. An electrically operated counter that indi- 
cates the number of times all trunks are busy between 
the various telephone office units. 3. In an analog com- 
puter, a condition within a computing element or at 
its output that causes a significant computing error as 
a result of the saturation of one or more parts of the 
computing element. 4. The amount beyond the speci- 
fied maximum magnitude of the measurand which, when 
applied to a transducer, does not cause a change in per- 
formance beyond specified tolerance. 5. Any input that 
causes a meter to read beyond its rated range (full- 
scale range for analog meters or “full” range for digital 
meters). 

overload capacity — The level of current, voltage, 
or power heyond which a device will be ruined. It is 
usually higher than the rated load capacity. 

overload level—The level at which a system, 
component, etc., ceases to operate satisfactorily and 
produces signal distortion, overheating, damage, etc. 

overload margin — In an amplifier, the safety mar- 
gin prior to the onset of overload to avoid clipping on 
transients. This also enhances the reproduction, giving it 
a smoother quality in many cases. 

overload operating time— The length of time a 
system, component, etc., may be safely subjected to a 
specified overload current. 

overload protection — Also called overcurrent pro- 
tection. 1. A device that automatically disconnects the 
circuit whenever the current or voltage becomes exces- 
sive. 2. Effect of a device operative on excessive current, 
but not necessarily on short circuit, to cause and maintain 
the interruption of current flow to the device governed. 
3. A device or circuit that protects a power supply from 
damage due to excessive current demand by the load. 
Some schemes are also designed to protect the load. See 
foldback current limiting. 

overload recovery time —The time required for 
an amplifier to regain its ability to amplify within stated 
specification limits after distortion of the output voltage 
amplitude by the application of a specified input voltage 
exceeding the rated amplitude. 

overload relay — A relay designed to operate when 
its coil current rises above a predetermined value. 

overmodulation — Modulation greater than 100 per- 
cent. Distortion occurs because the carrier is reduced to 
zero during certain portions of the modulating signal. 
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Overmodulation. 


overpotential — Also called overvoltage. A voltage 
greater than the normal operating voltage of a device or 
circuit. 

overpressure — Pressure greater than the full-scale 
rating of a pressure transducer. 

overpunch-—Also called zone punch. A hole 
punched in one of the three top rows of a punch card 
and which, in combination with a second hole in one of 
the nine lower rows, identifies an alphabetic or special 
character. 

overrange — The situation in which the signal being 
measured exceeds the full-scale value of a digital panel 
meter. Digital panel meters are designed to indicate this 
condition with a blinking display or the actuation of an 
appropriate symbol. 

overranging — A feature of a digital panel meter 
or digital voltmeter wherein some indication is given 
(usually by blinking or flashing display) that the quantity 
being measured is too high in value for the range selected. 

override — To manually or otherwise deliberately 
overrule an automatic control system or circuit and 
thereby render it ineffective. 

oversampling — A technology used in CD players 
for noise reduction after digital-to-analog conversion. The 
higher the rate, the lower the noise. An oversampling 
rate of 256x virtually eliminates any noise, even at low 
recording levels. 

overscan—A video-display effect in which the 
image is enlarged, resulting in its edges being off the 
screen. 

overscanning — In a cathode-ray tube, the deflection 
of the electron beam beyond the normai limits of the 
screen. This is the deflection of the beam of the tube 
over an angle that surpasses the angle that subtends the 
suitable area of the screen. 

overscan recovery — A characteristic of differential 
comparators that states the time required for the amplifier 
to recover to within some amount of voltage after a return 
to the screen of a CRT. 

overshoot — 1. The initial transient response, which 
exceeds the steady-state response, to a unidirectional 
change in input. 2. Amplitude of the first maximum 
excursion of a pulse beyond the 100-percent amplitude 
level expressed as a percentage of this 100-percent 
amplitude. 3. A transient rise beyond regulated output 
limits, occurring when the ac power input is turned on 
or off, and for line or load step changes. 4. The amount 
that the indicator travels beyond its final steady deflection 
when a new constant value of the measured quantity is 
suddenly applied to the instrument. The overtravel and 
deflection are determined in angular measure, and the 
overshoot is expressed as a percentage of the change in 


overshoot distortion — ozone 


steady deflection. 5. Reception of microwave signals at 
an unintended location because of an unusual atmospheric 
condition that sets up variations in the index of refraction. 
6. Distance a motor shaft of a stepper motor can rotate 
beyond the step angle before it comes to rest at step-angle 
position. 
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Overshoot, 3. 


overshoot distortion — See overthrow distortion. 

overtemperature protection— A thermal relay 
or other protective device that turns off the power 
automatically in the event of the occurrence of an 
overtemperature condition. 

over-the-horizon radar— A type of high-powered 
radar used to “see” over the horizon by means of scatter 
propagation. 

over-the-horizon transmission — See scatter pro- 
pagation. 

overthrow distortion— Also called overshoot dis- 
tortion. The distortion that occurs in a signal wave when 
the maximum amplitude of the signal wavefront exceeds 
the steady-state amplitude. 

overtone — 1. A component of a complex tone hav- 
ing a pitch higher than that of the fundamental component. 
The term overtone has frequently been used in place of 
harmonic, the nth harmonic being called the (n — 1)st 
overtone. There is, however, ambiguity sometimes in the 
numbering of components of a complex sound when the 
word overtone is employed. Moreover, the word tone has 
many different meanings, so that it is preferable to employ 
terms that do not involve tone whenever possible. 2. A 
tone that is a harmonic of a fundamental tone. 

overtone crystal—A quartz crystal cut so that it 
will operate at a harmonic of its fundamental frequency 
or at two frequencies simultaneously, as in a synthe- 
sizer. 

overtravel— Distance in inches or degrees between 
the electrical operating position and the extreme position 
to which a switch actuator may be moved without switch 
damage. 

overvoltage — 1. The amount by which the applied 
voltage in a radiation-counter tube exceeds the Geiger- 
Mueller threshold. 2. See overpotential. 

overvoltage protection— Also called transient 
suppression. The built-in capability of an electrical cir- 
cuit to dissipate or shunt electrical impulse energy at a 
voltage low enough to ensure the survival of circuit com- 
ponents. 

overvoltage protector— A device or circuit that 
protects the load by automatically shutting down a supply 
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when its output voltage exceeds a preset level. A crowbar 
is one form of overvoltage protection. 

overvoltage relay—A relay designated to operate 
when its coil voltage rises above a predetermined value. 

Ovshinsky effect—The characteristic of a special 
thin-film solid-state switch that has identical response to 
both positive and negative polarities so that current can 
be made to have the same magnitude in both directions. 

O-wave — See ordinary wave. 

Owen bridge—A  four-arm  alternating-current 
bridge for measuring self-inductance in terms of 
capacitance and resistance. One arm, adjacent to the 
unknown inductor, comprises a capacitor and resistor in 
series. The arm opposite the unknown consists of a second 
capacitor, and the fourth arm is a resistor. Usually the 
bridge is balanced by adjusting the resistor in series with 
the first capacitor, and also the resistor in series with the 
inductor. The balance is independent of frequency. 


C,A,=C,R, 
L=C,RA,R, 


Owen bridge. 


oxalizing — See surface insulation. 

oxidation — 1. Commonly known as rust when fer- 
rous material is involved. The increase in oxygen or in an 
acid-forming element or radical in a compound. 2. The 
process of combining with oxygen. More generally, the 
process by which atoms lose valence electrons or begin 
to share them with more electronegative atoms. 3. The 
reaction of oxygen on a compound. Usually detected by 
a change in the appearance or feel of the surface or by a 
change in physical properties or both. 

oxide — In magnetic recording, microscopic parti- 
cles of ferric oxide dispersed in a liquid binder and 
coated on a recording-tape backing. These oxides are 
magnetically hard—i.e., once magnetized, they remain 
so permanently unless exposed to a strong magnetic 
field. 

oxide breakdown voltage— That voltage which 
exceeds gate oxide dielectric breakdown, causing a gate- 
to-substrate short. 

oxide-coated cathode — Also called Wehnelt cath- 
ode. A cathode that has been coated with oxides of 
alkaline earth metals to improve its electron emission at 
moderate temperatures. 

oxide isolation— Electrical isolation of a circuit 
element by a layer of silicon oxide formed between the 
element and the substrate. 

oximeter— An instrument for measuring the oxy- 
genation of the blood, usually by measuring light trans- 
mission through the ear lobe. It uses a photoelectric cell 
and a source of illumination. 

ozone — An extremely reactive form of oxygen, nor- 
mally occurring around electrical discharges and present 
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Figure A-12. A digital voltage meter is used to read the voltage across the shunt resistor installed in the 
circuit. Because the shunt resistor has a 1.02 value, Ohm’s Law dictates that the reading in millivolts on 
the digital meter correspond exactly to the number of milliamps flowing through the circuit. Math is 
useful, sometimes. 


The jumper wire connecting the incoming power supply directly to the power rail has been replaced 
with a 1Q resistor. Leads from both ends of the resistor have been connected to the input terminals of 
the digital voltage meter on the right. The digital meter, unlike the analog meter on the left, requires an 
independent power supply to operate, in this case a 9V battery. 

So now we’ ve added some features to our simple power supply, including a power-on indicator, a 
supply voltage reading, and a supply current reading. 

These are very useful features to have on any power supply. However, at this point in the 
prototyping stage, we’ve just barely covered what the added circuitry is supposed to do. Packaging all 
this up into an easy-to-use and reliable device takes as much if not more thought and effort. 

First, you have to rebuild this entire circuit in a more permanent fashion. Next, you will have to 
wedge all that clever gadgetry into some sort of enclosure to protect the delicate bits while still 
permitting access to the inputs, outputs, and controls, if any. Then you get to label everything so that 
you can remember how to use it in the future. 


Summary 


So now you just might be developing a certain respect for how much work goes into building even the 
simplest tools—tools that are useful, accurate, reliable, and an asset to your toolbox. Remember, every 
tool on your workbench has to earn its place there. This applies to tools you design and build yourself, as 
well. 

Good luck with your tool-building projects. Sometimes it’s just as much fun to work on your tools as 
it is to work with your tools. 
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in the atmosphere in small but active quantities. It ozone-producing radiation —Ultraviolet energy 
is faintly blue and has the odor of weak chlorine. shorter than about 220 nanometers, which decomposes 
In sufficient concentrations, it can break down cer- oxygen (O), thereby producing ozone (03). Some ultravi- 
tain rubber insulations under tension (such as a bent olet sources generate energy at 184.9 nanometers, which 


cable). is particularly effective in producing ozone. 


p— 1. Abbreviation for power (combining form, as in 
pf for power factor), or plate of an electron tube. 2. Letter 
symbol for the prefix pico- (1071), 

P — Symbol for permeance. 

pA — Letter symbol for picoampere. 

PABX or pabx — Abbreviation for private automatic 
branch exchange. 1. A small, local, user-owned automatic 
telephone exchange serving extensions in a business 
complex that accommodates the transmission of calls to 
and from the public telephone network. 2. A private 
branch exchange in which connections are made by 
remote-controlled switches. 

pacemaker— Also called pacer or electronic pace- 
maker. An electronic instrument for starting and/or main- 
taining the heartbeat. The instrument is essentially a pulse 
generator with its output applied either externally to the 
chest or internally to the heart muscle. In cases requiring 
long-term application, the device is surgically implanted 
in the body, and its electrodes contact the heart directly. 

pacer — See pacemaker. 

pack—1. In computer programming, to combine 
several fields of information into one machine word. 2. To 
compress data in a storage medium by taking advantage 
of known characteristics of the data in such a way that the 
original data can be recovered; e.g., to compress data in 
a storage medium by making use of bit or byte locations 
that would otherwise go unused. 

package count — The number of packaged circuits 
in a system or subsystem. 

packaged magnetron — An integral structure com- 
prising a magnetron, its magnetic circuit, and its output 
matching device. 

package lid— A flat cover plate that is used to seal 
a package cavity. 

packaging — The physical process of locating, con- 
necting, and protecting devices, components, etc. 

packaging density — 1. The number of devices or 
equivalent devices per unit volume in a Working system 
or subsystem. 2. In a computer, the number of units of 
information per dimensional unit. 3. Quantity of func- 
tions (components, interconnection devices, mechanical 
devices) per unit volume, usually expressed in qualitative 
terms, such as high, medium, or low. 

packed data — Information that has been com- 
pressed to make optimal use of memory. Four BCD digits 
can be packed into a 16-bit memory location. 

packed decimal — Numerical representation in 
which two or more BCD digits are present in every word. 

packet— 1. A group of binary digits, including data 
and call control signals, that is switched as a compos- 
ite whole. The data call-control signals, possible error- 
control signals, and possible error-control information are 
arranged in a specific format, 2. A group of ASCII char- 
acters (information) surrounded by control signals and 
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error-detection features. The control signals help recog- 
nize the presence of a packet and tell any intervening 
switching equipment where the packet should be sent. 3. 
A digital communications technique involving the trans- 
mission of a short burst of data in a protocol format that 
contains addressing, control, and error-checking informa- 
tion, along with the field information, in each transmission 
burst. Packet can also refer to the fixed-length data unit 
sent over a communications network. A packet contains 
data plus the addresses of the sending and receiving termi- 
nals, control information, and error-checking information. 
4. A unit of data to be routed from a source node to a des- 
tination node. 5. Common short form of “packet radio.” 

packet assembler/disassembler — See PAD. 

packet-mode terminal — Data-terminal equipment 
that can control and format packets and transmit and 
receive them. 

packet radio—1. The time-division multiplexing 
of a radio channel so large numbers of users can share 
one channel without interfering with one another. Users 
don’t know that they are sharing the channel with anyone 
else. The name packet is derived from the fact that each 
message is sent in a package. It has three parts: the address 
and return address, called the header; the data or message 
part; and the trailer, which 1s an error-detection scheme. 
2. A method of communication that encodes information 
digitally and in such a manner as to virtually ensure crror- 
free copy at the receiving station. A packet consists of 
binary data (which might be ASCII, Baudot, or some other 
code), and the modulation techniques may be essentially 
the same as for conventional ASCI or rtty, although the 
exact interpretation of the tones may be different. In a 
packet the individual characters or bytes are run together 
with no space at all between. This eliminates the need 
for both the start and stop bits as well as the dead time 
between characters. The analogs of start and stop bits are 
sent only for the beginning and end of the packet, and the 
transmitter is keyed only while information is actually 
being sent. 3. The most popular form of amateur radio 
digital communications, in which computers hooked to 
radios exchange data in packets. 

packets — Data that is transmitted though networks 
and broken up into small packets (localized in time) rather 
than being sent as a continuous byte stream. This allows 
multiple transmissions to share the same line and also 
facilitates error detection. 

packet-switched network— A data-communica- 
tions network that transmits packets. Packets from differ- 
ent sources are interleaved and sent to their destination 
over virtual circuits. The term includes PDNs and cable- 
based LANs. 

packet switching —1. An efficient way to prevent 
transmission Capacity consumption during the silent pen- 
ods in voice conversation by compressing the conversa- 
tions of a number of speakers onto a smaller number 
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of channels. In one such system, channel capacity is 
allocated only when appropriate hardware detects that a 
subscriber is actively speaking. 2. Transfer of data by 
means of addressed packets, whereby interim point-to- 
point channels are available only during the transmission 
of one packet. The channel then becomes available for 
the transfer of packets from the same or other messages. 
{Contrast with circuit switching, where the data network 
determines the end-to-end routing before the entire mes- 
sage transfer.) 3. The transmission of data by means of 
addressing packets, whereby a transmission channel is 
occupied for the duration of transmission of the packet 
only. The channel is then available for use by packets 
being transferred between different data-terminal equip- 
ment. 4. A method of digital communication in which 
messages are divided into packets of bit size determined 
by the needs of the transmission network, and are trans- 
ferred to their destination in a store-and-forward manner 
over multiole virtual circuits, which are dedicated to the 
connection only for the duration of the packet’s transmis- 
sion. 5. A method of transmitting units of data (called 
packets) through a mesh network. There is no physi- 
cal circuit established between end points; instead, each 
packet 1s individually relayed from one switching node 
to the next. Individual packets may take different routes 
through the switching network. 6. The use of software 
to route messages dynamically from source to destination 
within a communications network. 7. Data transmission 
method that divides messages into standard-sized packets 
for greater efficiency of routing and transport through a 
network. 

packing—Excessive crowding of carbon particles 
in a carbon microphone. The abnormal pressure of the 
particles lowers their resistance. As a result, the current 
increases excessively and fuses some of the particles 
together, further lowering the resistance and raising the 
current. Packing causes the sensitivity of the microphone 
to decrease. 

packing density—1. In a digital computer, the 
number of units of desired information contained within 
a storage or recording medium. 2. The amount of digital 
information recorded along the length of a tape measured 
in bits per inch (bpi). 

packing factor— The number of pulses or bits of 
information that can be written on a given length of 
magnetic surface, 

packing fraction— 1. The fraction of total cross- 
sectional area composed of the fiber cores in a fiber- 
bundle assembly. 2. The ratio of the active core arca of 
a fiber bundle to the total area at its light-emitting or 
receiving end. 

pack unit— A term applied to a compact combination 
radio transmitter/receiver that can be carried or strapped 
on the back. Some pack units are popularly known as 
walkie-talkies. 

PACSAT — Abbreviation for packet satellite. Satellite 
used to store and forward amateur digital (packet radio) 
messages. 

pad — i. A transducer capable of reducing the ampli- 
tude of a wave without introducing appreciable distortion. 
2. A device inserted into a circuit to introduce transmis- 
sion loss or to match impedances. 3. A metal electrode 
that 1s connected to the output of a diathermy machine 
and placed on the body over the region being treated. 
4. In integrated circuit technology, the bonding area. 5. 
Also called land. The portion of the conductive pattern 
on printed circuits designated for mounting or altachment 
of components. 6. A metallized area on the surface of an 
active substrate as an integral portion of the conductive 
interconnection pattern to which bonds or test probes may 
be applied. 7. A passive resistor network that reduces the 
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power level of a signal. A pad may be utilized to match 
unequal input and output impedances for proper interface. 


Pads, 2. 


PAD — Abbreviation for packet assembler/disassem- 
bler. Equipment providing packet assembly and disassem- 
bly facilities. 

pad character — A character introduced to consume 
time while a function (usually mechanical, such as 
carriage return, form eject, etc.) is being accomplished. 

padder— Also called padder capacitor or padding 
capacitor. A relatively high-capacitance trimmer capacitor 
in the oscillator circuit of a superheterodyne receiver that 
permits calibration of the low-frequency end of the tuning 
range so that it tracks with the tuning dial markings. 

padder capacitor — See padder. 

padding — A technique used in digital information 
systems whereby an information block that is only par- 
tially filled is completed by the insertion of dummy data. 

padding capacitor — See padder. 

page — 1. A natural grouping of memory locations 
by higher-order address bits. In an 8-bit microprocessor, 
2% = 256 consecutive bytes often may constitute a page. 
The words on the same page only differ in the lower-order 
8 address bits. 2. A full screen of information. 

page printer— <A high-speed unit that prints charac- 
ters one at a time to full page format. 

pager— Pocket-sized radio receiver that generates 
audible or physical signals when the user is paged. 

page scrolling — The ability of the system to “flip” 
through the pages of a document, usually in both forward 
and backward directions, allowing access to all text of a 
multipage document. 

pagination—The electronic makeup of complete 
page images, including all graphics, for automatic imag- 
ing onto photographic paper, negatives, or offset printing 
plates. 

paging — 1. Methods for locating and exchanging 
segments to and from the main computer memory. 2. To 
summon a particular person over a public address system, 
or by selectively calling him or her on a pocket radio 
receiver that emits an alerting signal. 3. In the case of a 
CRT, switching from one page of information to the next. 
4. In the case of a memory, a logical block of storage used 
for memory management (for example, | K words). An 
address is then specified by a page address (number) and 
a displacement (address within the page). 

paging receiver—Small, lightweight FM radio 
receiver carried by persons who need to be paged when 
they are away from their phones. 

paging system — Communications system for sum- 
moning individuals (doctors, nurses, hospital personnel, 
etc.) or making public announcements. 

paint— 1. Vernacular for a target image on a radar- 
scope. 2. To draw vectors when the beam is unblanked 
3. To shade the interior of a closed graphical image with 
diagonal lines, cross hatch, points, etc. 

pair— In electric transmission, two like conductors 
employed to form an electric circuit. 

paired cable—1. A cable in which all of the 
conductors are arranged in the form of twisted pairs, none 


pairing — paper capacitor 


of which is arranged with others to form quads. 2. Cable 
in which the conductors are combined in pairs. Two wires 
are twisted about each other, and each wire of the pair has 
a distinctive color of insulation. 

pairing — 1. In television, the imperfect interlace of 
lines comprising the two fields of one frame of the 
picture. Instead of being equally spaced, the lines appear 
in groups of two—hence the name. 2. In television, 
an effect in which the lines of one field fail to fall 
exactly within the lines of the following field, both fields 
comprising one frame of the picture. The lines of the 
two fields fall directly over each other when the effect is 
more exaggerated, and the vertical definition is suitably 
decreased by half. 3. A faulty interlace scan in which 
the alternate scanning lines tend to overlap each other. 
The effect is a severe reduction in vertical resolution 
capability. 

PAL — Abbreviation for phase alternating line. 1. Per- 
taining to a color television system in which the subcarrier 
derived from the color burst is inverted in phase from 
one line to the next in order to minimize hue errors 
that may occur in color transmission. 2. The German- 
developed TV color system used in Europe (except for 
France). It features 625 lines per frame and 50 fields per 
second. (Generally, this method gives higher-resolution 
TV pictures than the American NTSC 525-line color 
system.) PAL uses a similar transmission method as 
NTSC, but with the color information switched 180° 
on alternate scan lines. The subcarrier frequency is 
4.43 MHz. 

Palmer scan — A combination of circular and coni- 
cal scans. The beam is swung around the horizon at the 
same time the conical scan is performed. 

PALplus— An enhanced PAL transmission system 
used in Europe. It offers sharper images in wide screen 
format. 

PAM — Abbreviation for pulse-amplitude modulation. 

PAM/FM — Frequency modulation of a carrier by 
pulses that, in turn, are modulated by data. 

PAM/FM/FM — Frequency modulation of a carrier 
by subcarriers modulated by pulses that, in turn, are 
modulated by data. 

pan — |. To move a television or movie camera slowly 
up and down or across a scene to secure a panoramic 
effect. 2. To move the camera up and down, or back 
and forth, in order to kecp it trained on a moving 
object. 

pan and tilt— An accessory upon which a camera is 
mounted to facilitate movement (panning and tilting) by 
the operator or by a remote control unit. 

pancake coil— A coil shaped like a pancake, usually 
with the turns arranged in a flat spiral. 

panel— 1. An electrical switchboard or instrument 
board. 2. A mounted plate of metal or insulation for the 
controls and/or other parts of equipment. 


Panel meter. 
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panel code —Prearranged code designed for visual 
communications between ground units and friendly air- 
craft. 

panel layout—The general physical layout of an 
electrical control panel with all relays, disconnect switch, 
control transformer, terminal strip, etc. 

panning — See pan. 

panoramic adapter— An attachment used with a 
search receiver to provide, on an oscilloscope screen, a 
visual presentation of the frequencies above and below the 
center frequency to which the search receiver is tuned. 
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panoramic display — A display that shows at the 
same time all the signals received at different frequencies. 

panoramic presentation —A presentation of sig- 
nals as intensity pips (vertical deflections) along a line. 
The horizontal distance along the line represents fre- 
quency. 

panoramic radar— A nonscanning radar that trans- 
mits signals omnidirectionally over a wide beam. 

panoramic receiver— A radio receiver that dis- 
plays, on the screen of a cathode-ray tube, the presence 
and relative strength of all signals within a wide fre- 
quency range. Used in communications for monitoring 
a wide band, locating open channels quickly, indicat- 
ing intermittent signals or interference, and monitoring 
a frequency-modulated transmitter. 

panoramic sonic analyzer—A heterodyne-type 
instrument that separates the frequency components 
of a complex waveform and displays them on an 
oscillographic screen, indicating both frequency and 
magnitude. 

pan-pot—A potentiometer used to adjust the stereo 
balance of a monophonic signal, allowing it to be posi- 
tioned anywhere across the stereo range. 

pan-range — Intensity-modulated A-type radar indi- 
cation with slow vertical sweep applied to video. Sta- 
tionary targets give solid vertical deflection, and moving 
targets give broken vertical deflection. 

pantography — A system for transmitting and auto- 
matically recording radar data from an indicator to a 
remote point. 

pantophonic system— See ambisonic reproduc- 
tion. 

paper capacitor—-1. A fixed capacitor consisting of 
two strips of metal foil separated by oiled or waxed paper 
or other insulating material, the whole rolled together into 
a compact roll. The foil strips can be staggered so that one 
strip projects from each end, or tabs can be added. The 
connecting wires are attached to the strips or tabs. 2. A 
capacitor with a dielectric consisting of paper, usually 
impregnated. 
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paper electrophoresis — Analytical instrument for 
a technique in which ions migrate along a strip of porous 
filter paper saturated with an electrolyte when a potential 
gradient is applied across the length of the strip. It is 
used to identify ion types in analysis of serums, proteins, 
biochemicals, inorganic ions, rare earths, etc. 

paper tape— l. A continuous strip of paper into 
which data is recorded as a series of holes along its 
length. Data is read by a paper-tape reader sensing the 
pattern of holes, which represent coded data. 2. One of 
the slowest but oldest and cheapest methods of storing 
archival information in a computer system. Data is stored 
in punched-hole sequences on a strip of tape. 

paper-tape punch— A device that places binary 
characters on a paper tape in the form of holes punched in 
appropriate channels on the tape. A binary 1 is indicated 
by the presence of a hole, and a 0 is indicated by the 
absence of a hole. 

paper-tape reader— 1. A device that senses and 
translates holes punches in a tape into electrical signals. 
2. A device that senses the presence or absence of holes in 
punched paper tape, one character at a time, and produces 
electrical signals suitable for computer input. 

PAR — See precision approach radar. 

parabola — Locus of points equidistant from a fixed 
point and a Straight line. 

parabola controls— Sometimes called vertical- 
amplitude controls. Three controls in a color television 
receiver employing the magnetic-convergence principle. 
They are used for adjusting the amplitude of the parabolic 
voltages applied, at the vertical-scanning frequency, to the 
coils of the magnetic-convergence assembly. 

parabolic antenna — 1. An antenna with a radiat- 
ing element and a parabolic reflector that concentrates 
the radiated power into a beam. 2. A highly directional 
microwave antenna that uses a parabolic reflector. 3, The 
most frequently found satellite TV antenna, which takes 
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its name from the shape of the dish described mathemat- 
ically as a parabola. The function of the parabolic shape 
is to focus the weak microwave signal hitting the surface 
of the dish (antenna) into a single focal point in front of 
the dish, where the feedhorn is usually located. 

parabolic microphone — A microphone positioned 
at the focus of a parabolic sound reflector to give highly 
directional characteristics. 

parabolic reflector— A metallic sheet formed so 
that its cross section is in the shape of a cylindrical 
parabola. The antenna elements are placed along the line 
that runs through the focal point of the parabola, parallel 
to the leading edge of the reflecting sheet. 

parabolic-reflector microphone — A microphone 
employing a parabolic reflector for improved directivity 
and sensitivity. 

parabolic/shotgun mike—A microphone with a 
reflector/director that concentrates sound energy so that 
specific sounds can be heard at a distance with minimum 
interference from other sound sources. 

paraboloid—aA reflecting surface of paraboloidal 
shape (the shape of a surface formed by rotating a 
parabola about its axis of symmetry). 

paraboloidal reflector— A hollow concave reflec- 
tor that is a portion of a paraboloid of revolution. 

paradigm — In programming, an established coding 
model or structure. 

paraffin — A vegetable wax having insulating prop- 
erties. 

paragraphic equalizer—A contraction of para- 
metric and graphic. A graphic equalizer in which the 
center frequency of each band is adjustable. May also 
have adjustable Q. 

parallax — 1. An optical illusion that makes an object 
appear displaced when viewed from a different angle. 
Thus, a meter pointer will seem to be at different positions 
on the scale, depending from which angle it is read. To 
eliminate such errors, the eye should be directly above 
the meter pointer. 2. The apparent displacement of a 
meter pointer from its true position on the scale, when 
the observer's eye is not centered over the pointer. 

parallel — Also called shunt. 1. Connected to the same 
pair of terminals, so that the current can branch out 
over two or more paths. 2. A method of connecting 
an electric circuit whereby each element is connected 
across the other. The addition of all the currents through 
each element equals the total current of the circuit. 3. In 
electronic computers, the simultaneous transmission of, 
storage of, or logical operations on a character or other 
subdivision of a word, using separate facilities for the 
various parts. 4. Indicating a type of computer in which 
several operations are performed on the same or different 
data at once. 5. A type of interface in which all bits of 
data in a given byte are transferred simultaneously, using 
a separate data line for each bit. 

parallel access — Also called simultaneous access. 
The process of taking information from or placing infor- 
mation into computer storage whereby the time required 
for such access depends on simultaneously transferring all 
elements of a word from a given storage location. 

parallel adder— A conventional technique for add- 
ing, in which two multibit numbers are presented and 
added simultaneously in parallel. 

parallel addition— A form of addition in which 
the computer operates simultaneously on each set of 
corresponding digits of two numbers. 

parallel arithmetic unit—In a computer, a unit 
in which separate equipment operates (usually simulta- 
neously) on the digits in each column. 
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parallel buffer — An electronic device (for example, 
magnetic cores or flip-flops) used for temporary parallel 
storage of digital data. 

parallel circuit— 1. A circuit in which all positive 
terminals are connected to a common point, and all 
negative terminals are connected to a second common 
point. The voltage is tbe same across each element in 
the circuit. 2, A circuit in which the current has two 
or more paths to follow. Two electrical elements are in 
parallel if (and only if) both terminals of both elements 
are electrically connected. 

parallel computer — A computer in which the digits 
or data lines are handled at the same time by separate 
units. 

parallel connection—-Also called shunt connec- 
tion. Connection of two or more parts of a circuit to the 
same pair of terminals, so that current divides between the 
parts; as contrasted with a series connection, in which the 
parts are connected end to end so that the same current 
flows through all. 
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parallel cut— A Y-cut in a crystal. 

parallel digital computer— A computer in which 
the digits are handled in parallel. Mixed serial and 
parallel machines are frequently called serial or parallel 
according to the way arithmetic processes are performed. 
For example, a parallel digital computer handles decimal 
digits in parallel, although the bits that comprise a digit 
might be handled either serially or in parallel. 

parallel feed— Also called shunt feed. Application 
of a dc voltage to the plate or grid of a tube in parallel 
with an ac circuit, so that the dc and ac components flow 
in separate paths. 

parallel gap solder—Passing a high current 
through a high-resistance gap between two electrodes to 
remelt solder, thereby forming an electrical connection. 

parallel gap welding — 1. A method of resistance 
welding in which both electrode tips are in close prox- 
imity to each other, being separated by a small gap or 
insulating material, approach the work from the same 
direction, and contact only one of the two materials being 
welded. 2. Type of resistance welding wherein electrodes 
contact the work from one side only. Mechanism by 
which bonding occurs is virtually always fusion. The 
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process is well suited to welding component leads to 
planar surfaces, such as IC leads to printed circuit conduc- 
tors. 3. Passing a high current through a high-resistance 
gap between two electrodes that are applying force to 
two conductors, thereby heating the two work pieces to 
the welding temperature and effecting a welded connec- 
tion. 

paralleling reactor—.A reactor for correcting the 
division of load between parallel-connected transformers 
with unequal impedance voltages. 

parallel interface—1. A multiline channel that 
transfers 8 parallel bits. 2. A port that sends or receives 
the 8 bits in each byte all at one time. Many printers likely 
to be used in homes use a parallel interface to connect to 
the computer. 3. A link between two devices in which all 
the information transferred between them is transmitted 
simultaneously over separate conductors. 

parallel light— See collimated light. 

parallel load — See shift, 2. 

parallelogram distortion—JIn camera or image 
tubes, a form of distortion that amounts to a skewing 
of the reproduced image laterally across the CRT face. 


Parallelogram distortion. 


parallel operation — Also called master/slave oper- 
ation. 1. The connecting of two or more power supplies so 
that their outputs are tied together, permitting the accumu- 
lated current from all units to a common load. In regulated 
power supplies, interconnections other than the output 
terminals themselves may be required. For example, the 
amplifiers of all units but one may be made inoperable, 
and this single amplifier would control all regulating ele- 
ments. 2. Pertaining to the manipulation of information 
within computer circuitry, in which the digits of a word 
are transmitted simultaneously on separate lines. Faster 
than serial operation, but requires more equipment. 3. 
Type of information transfer whereby all digits of a word 
are handled simultaneously. 

parallel output — 1. An output arrangement in which 
two Or more bits, channels, or digits are available simulta- 
neously. 2. Simultaneous availability of two or more bits, 
channels, or digits. 

parallel-plate oscillator— A push-pull, ultrahigh- 
frequency oscillator circuit that uses two parallel plates 
as the main frequency-determining elements. 

parallel-plate waveguide — A pair of parallel con- 
ducting planes for propagating uniform cylindrical waves 
that have their axes normal to the plane. 

parallel port — 1. Interface located on a host adapter 
card used to connect a disk drive or printer to the PC. 2. 
A port on a computer used to send several bits in parallel 
(usually 8 bits). Many printers connect to a parallel port. 
3. A data communication channel that uses one wire for 
each bit in a single byte. 

parallel processing — 1. In a computer, the pro- 
cessing of more than one program at a time through more 
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than one active processor. 2. The simultaneous execution 
of two or more processes in multiple devices, such as 
channels or processing units. 

parallel programming—A _ method of parallel 
operation of two or more power supplies in which the 
feedback terminals (voltage control terminals) of the units 
are also connected in parallel. Often, these terminals are 
connected to a separate programming source. 

parallel recording—A technique in which the 
record heads in a head stack are energized simultaneously 
to record a specific set of bits. 

parallel resonance — In a circuit comprising induc- 
tance and capacitance connected in parallel, the steady- 
state condition that exists when the current entering the 
circuit from the supply line is in phase with the voltage 
across the circuit. 

parallel-resonant circuit— An inductor and capac- 
itor connected in parallel to furnish a high impedance at 
the frequency to which the circuit is resonant. 


Parallel-resonant circuit. 


parallel-rod oscillator— An ultrahigh-frequency 
oscillator circuit in which the tank circuits are formed 
by parallel rods or wires. 

parallel-rod tank circuit— A tank circuit consist- 
ing of two parallel rods connected at their far ends. This 
is done to provide the small values of inductance and 
capacitance in parallel required for ultrahigh-frequency 
circuits. 

parallel-rod tuning— A tuning method sometimes 
used at ultrahigh frequencies. The transmitter, receiver, 
or oscillator is tuned by sliding a shorting bar back and 
forth on two parallel rods. 

parallel search storage—A type of computer 
storage in which one or more parts of all storage locations 
are queried at the same time. See also associative storage. 

parallel-series circuit— Also called shunt-series 
circuit. Two or more parallel circuits connected together 
in series. 

parallel shift — See shift, 2. 

parallel splice—A device in which two or more 
conductors are joined and lie parallel and adjacent to each 
other. 

parallel storage — Computer storage in which char- 
acters, words, or digits are accessed simultaneously. 

parallel-T network— Also called twin-T network. 
A network composed of separate T-networks (usually 
two), the terminals of which are connected in parallel. 

parallel-T oscillator — An RC sine-wave oscillator 
that provides phase inversion at one discrete frequency 
and is so connected that positive feedback results only 
when phase inversion occurs. 

parallel-tracking arm — Pickup system that allows 
phonograph cartridge to track on the true radius of the 
record, as the recording was made, thereby minimizing 
lateral tracking error. 
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parallel transfer — Data transfer in which all char- 
acters of a word are transferred simultaneously over a set 
of lines. 

parallel transmission — 1. In a computer, the sys- 
tem of information transmission in which the characters 
of a word are transmitted (usually simultaneously) over 
separate lines, as contrasted with serial transmission. 2. 
The simultaneous transmission of the bits making up a 
character, via either separate channels or different carrier 
frequencies on one channel. 3. The simultaneous trans- 
mission of a number of signal elements, either as tones 
or as dc pulses. 4. Transmission mode in which a num- 
ber of bits of information are sent simultaneously (usually 
unidirectional) over separate lines (for example, eight bits 
over eight lines). 

parallel-wire line— A transmission line consisting 
of two wires a fixed distance apart. 

parallel-wire resonator— A resonator circuit con- 
sisting of two parallel wires connected at one end to the 
oscillator tube or transistor. The other end is short cir- 
cuited and can be adjusted for the desired frequency. 

Paraloc—A_ phase-shift amplifier whose positive 
feedback results in an oscillation that is frequency mod- 
ulated by the change in a sensed variable. The sensor is 
one arm of a resistance bridge. 

paramagnetic — |. Having a magnetic permeability 
greater than that of a vacuum but less than that of ferro- 
magnetic materials. Unlike the latter, the permeability of 
paramagnetic material is independent of the magnetizing 
force. 2. Characteristic of a substance that is attracted by a 
magnetic field, but which has a permeability only slightly 
greater than 1. 

paramagnetic amplifier— A parametric amplify- 
ing device in which a nonlinear element (varactor diode) 
is pumped at twice the frequency of the signal to be ampli- 
fied. Amplification is obtained because the pumped state 
of the element can be retumed to the normal state by 
an input signal of relatively low power, thus releasing 
the excess energy to an external circuit at the signal fre- 
quency. 

paramagnetic material — A material having a per- 
meability that is slightly greater than that of a vacuum and 
which is approximately independent of the magnetizing 
force, 1.e., the material is broadly considered nonmagnetic. 

paramagnetism— Magnetism that involves a per- 
meability somewhat greater than unity. 

parameter— |. A constant or element, the value of 
which characterizes the behavior of one or more variables 
associated with a given system. 2. A measured value 
that expresses performance. 3. A test variable used as an 
arbitrary constant. 4. A variable that is given a constant 
value for a specific purpose or process. 5. A measurable 
factor that indicates the degree of quality, performance, 
or capability of a device. 6. An element that determines 
the characteristics or behavior of the data communication 
equipment. 

parameter extraction— A technique that reduces 
the bandwidth required to transmit a given data sample by 
means of an information-describing irreversible transfor- 
mation. These transformations are considered irreversible 
in that, while they provide useful descriptions of the input 
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signal, they so distort the signal that it is impossible to 
reconstruct the original waveform. 

parameter format — The structure and significance 
of information that must be assigned values before a 
generic package may be generated. 

parameters —Those indicators of device perfor- 
mance that relate one aspect of its behavior with another. 
Hence, input resistance is a parameter relating input volt- 
age with input current, and current gain is a parameter 
relating output current with input current. 

parameter spread —The inevitable variation in 
value of the parameters of a given device type due to 
manufacturing tolerances. Often expressed in terms of the 
various Statistical distributions. 

parameter tags— Constants used by several pro- 
grams. 

parametric amplification—A means of amplify- 
ing optical waves whereby an intense coherent pump 
wave is made to interact with a nonlinear optical crystal 
to produce amplification at two other optical wavelengths. 

parametric amplifier— 1. A low-noise device for 
amplifying signals in the UHF and microwave regions of 
the electromagnetic spectrum. The essential element of the 
amplifier is a semiconductor crystal (varactor). By its very 
nature the diode contributes very little noise, unlike an 
amplifier utilizing electron tubes, where the random nature 
of the electron emission from the hot cathode produces 
large fluctuations in the current, called shot noise. Thus, 
the signals to be amplified can be of extremely low levels. 
2. A microwave amplifier having a base element whose 
reactance can be varied periodically by an ac voltage at 
a pumping frequency. Operation is at room temperature. 
3. An amplifier that uses a varying parameter, such as 
reactance, to take power from a local source of energy 
to amplify an input signal. (The local source of energy is 
usually a pump oscillator, operating at twice the frequency 
of the signal to be amplified.) 4. A low-noise amplifier that 
depends on a high-frequency source (Gunn-effect pump) 
rather than a dc source to amplify weak input signal. It 
works like a maser. The input signal modulates an electron 
beam, and the pump amplifies it while it travels to the 
output coupler. 

parametric converter — An inverting or noninvert- 
ing parametric device used to convert an input signal at 
one frequency into an output signal at a different fre- 
quency. 

parametric device—A device whose operation 
depends essentially upon the time variation of a char- 
acteristic parameter usually understood to be a reactance. 

parametric down-converter — A parametric con- 
verter in which the output signal 1s at a lower frequency 
than the input signal. An equalizer whose center frequency 
is continuously variable over a given frequency range, and 
whose Q (slope rate) is adjustable. If Q is nonadjustable, 
the equalizer is “quasi-parametric,” “tunable,” or “sweep- 
able.” 

parametric excitation—A term referring to the 
method of exciting and maintaining oscillation in either 
an electrical or mechanical dynamic system, in which 
excitation results from a periodic variation in an energy 
storage element in a system such as a capacitor, inductor, 
or spring constant. 

parametric frequency converter —A frequency 
converter that utilizes the variation of the reactance 
parameter of an energy-storage element for frequency 
conversion. 

parametric modulator — A modulator that utilizes 
the variation in the reactance parameter of an energy- 
storage element to produce modulation. 

parametric oscillator— A device using a paramet- 
ric amplifier inside a resonant optical cavity to generate a 
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frequency-tunable coherent beam of light from an intense 
laser beam of fixed frequency. It is tuned by varying the 
phase-matching properties of the nonlinear material. 

parametric testing — Testing based on reasonably 
precise measurements of voltages or currents. 

parametric tests — Tests that measure dc conditions 
of a chip, such as maximum current, leakage, and output 
drive. 

parametric up-converter—A parametric con- 
verter in which the output signal is at a higher frequency 
than the input signal. 

parametric value —The actual information that is 
assigned to a parameter format. 

parametron — A digital circuit element utilizing the 
principle of parametric excitation. It is essentially a 
resonant circuit with a nonlinear reactive element that 
oscillates at half the driving frequency. The oscillation 
can be made to represent a binary digit by the choice 
between two stationary phases x radians apart. 

paramistor— A digital logic circuit module contain- 
ing several parametron elements. 

paraphase amplifier— An amplifier that converts 
a single input signal into two out-of-phase signals for 
driving a push-pull stage. 

parasite — Current in a circuit due to some uninten- 
tional cause such as inequalities of temperature or of 
composition; particularly troublesome in electrical mea- 
surement. 

parasitic — An undesired low- or high-frequency sig- 
nal in an electronic circuit. 

parasitically excited — Said of an antenna element 
(such as a director or reflector) that is not directly 
connected to a source of rf energy, but instead is energized 
through radiation from a nearby element. 

parasitic antenna— An antenna that is excited by 
radiation from other antennas rather than by electrical 
connection with them. 

parasitic array— An antenna array containing one 
or more elements not connected to the transmission line. 

parasitic components — In a monolithic integrated 
circuit, the capacitors and diodes that are formed between 
the planned circuit elements and the substrate during pro- 
cessing. The circuit design must allow for the functional 
effects of these parasitic components. 

parasitic element — Also called passive element. 1. 
An antenna element (i.e., reflector, director, etc.) not con- 
nected to the transmission line or to any driven element. 
A parasitic element affects the gain and directivity pat- 
tern of an antenna, and also acts on a driven element by 
absorbing and returning energy from it. In a dipole reflec- 
tor combination, the reflector is the parasitic element. 2. 
An element of a directional antenna that has no electrical 
connection to the active element(s) of the antenna, but 
which reflects or directs the radio waves so that they are 
additive along the directional axis. 3. An undesirable but 
inherent element in a circuit, such as wire resistance, core 
losses, winding capacitance, or leakage inductance. 

parasitic field turn-on— See field inversion. 

parasitic oscillation — 1. An undesired self-sustain- 
ing oscillation at a frequency other than the operating 
frequency. Parasitic oscillations occur chiefly in vacuum- 
tube circuits. 2. Any undesired oscillation in an oscillator 
or amplifier stage. 

parasitics — Parasitic oscillations. 

parasitic suppressor—aA parallel resistance, or 
a parallel combination of inductance and resistance, 
inserted into a grid or plate circuit to suppress parasitic 
oscillations. 

paraxial ray— A ray that is parallel, or nearly 
parallel, to an optical axis. 
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PARD or pard — Acronym for periodic and random 
deviation, which replaces the term “ripple and noise.” 1. 
In an electronic power conversion unit, the periodic and 
random deviation of the output dc voltage, current, or 
power from its average value, with all external opera- 
tional and environmental parameters maintained constant. 
The load impedance in particular must be held con- 
stant. Perturbations in the output that are induced by load 
impedance changes are dynamic load regulation or tran- 
sient response. PARD may be defined as rms PARD or 
peak-to-peak PARD. 2, A broadband measurement of net 
ac variations in the de output, usually measured within 
a 10- to 20-MHz bandwidth and expressed in millivolts 
rms. In a few special cases it is expressed as peak-to-peak 
variation, 

parent population — Prototype or initial group of 
the articles under consideration. 

parity—1. A method of checking the accuracy of 
binary numbers used in recorded, transmitted, or received 
data. An extra bit, called a parity bit, is added to a number. 
If even parity is used, the sum of all 1s in the number and 
its corresponding parity bit is always even. If odd parity is 
used, the sum of the ls and the parity bit is always odd. 2. 
The number of Is in a word (may be even or odd). When 
parity Is used, an extra bit is used that indicates whether 
the data word has an odd or even number of ls. ASCII 
uses seven bits for data and one bit for parity. Parity is one 
of the simplest error-detection techniques and will detect 
a single-bit failure. 3. A technique for testing transmitted 
data. Typically, a binary digit is added to the data to make 
the sum of all the digits of the binary data either always 
even (even parity) or always odd (odd parity). If any one 
bit is corrupted, the count will no longer agree and the 
error is detected. 

parity bit — 1. An additional bit used with a computer 
character or electronic channel data processor to provide 
a check for accuracy, 2. A binary digit appended to an 
array of bits to make the sum of all the bits always odd 
or always even. 3. An additional bit added to a memory 
word to make the sum of the number of ls in a word 
always even (even parity) or always odd (odd parity). 4. A 
noninformation bit that is used to ensure that data has been 
transmitted accurately; a receiving device counts the “on” 
bits of every arriving byte; if odd parity is specified, an 
error condition will be flagged any time an even number 
of “on” bits 1s detected. 

parity check — Synonymous with odd-even check. 1. 
An error-checking method that tests whether the number 
of 1s in a group of binary digits is odd or even. If 
a channel uses an odd parity scheme, an odd number 
of Is implies that the data was received correctly, etc. 
2. A technique used by the computer to check on the 
validity of data as it moves from one location to another. 
Parity for a given computer will be either even or odd; 
any data that contains an odd number of bits will be 
given one extra check bit in an even-parity computer. The 
computer can therefore recognize quickly whether any bit 
of information has been dropped or picked up as data has 
been moved. 3. A method of checking the correctness 
of binary data after that data has been transferred from 
or to storage. An additional bit, called the parity bit, is 
appended to the binary word or character to be transferred. 
The parity bit is the single-digit sum of all the binary 
digits in the work or character and its logical state can be 
assigned to represent either an even or an odd number 
of 1s making up the binary word. Parity is checked 
in the same manner in which it is generated. 4. The 
technique of detecting errors in a group of bits by adding 
a noninformation bit that will make the total number of 
ls in the grouping either always even (even parity) or 
always odd (odd parity). 5. A check on the validity of a 
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binary word by determining whether the number of ls in 
the word is odd or even. 

parity checking — An error-detection technique in 
which character bit patterns are forced into parity, so that 
the total number of 1 bits is always odd or always even. 
This is accomplished by the addition of a 1 or O bit to 
each byte, as the byte is transmitted; at the other end of 
the transmission, the receiving device verifies the parity 
(odd or even) and the accuracy of the transmission. 

parity checks and checksums— Methods of 
verifying that short sequences of bits are identical with 
the sequences orignally transmitted. 

parity error — An error occurring when the results of 
the parity calculations at the transmit and receive ends of 
a system don’t agree. 

parity tree — A group of exclusive OR gates that can 
be used to check a number of input bits for either odd 
or even parity. Parity trees are used both to check and 
generate parity wherever a redundant bit is added to a 
word in order to check for error. 

part—1. The smallest subdivision of a system. 2. 
An item that cannot ordinarily be disassembled without 
destruction. 

part failure — A breakdown that cannot be repaired 
and which ends the life of a part. 

part-failure rate — The number of occasions, during 
a specified time period, on which a given quantity of 
identical parts will not function properly. 

partial—1. A physical component of a complex 
tone. 2. A component of a sound sensation that can be 
distinguished as a simple tone that cannot be further 
analyzed by the ear and which contributes to the character 
of the complex sound. 

partial carry— In parallel addition, a technique 
involving temporary storage of some or all of the carries 
instead of allowing them to propagate immediately. 

partial dial tone — A high dial tone that notifies a 
calling party that he or she has not completed dialing 
within a specified period of time, or that not enough digits 
have been dialed. 

partial motor— Also called a shell-type motor. A 
motor sold with rotor and stator only —no end bells and 
no containing frame. 

partial node — The place in a standing-wave system 
at which some characteristic of the wave field has a 
minimum amplitude other than zero. 

partial-read pulse — In a computer, any one of the 
applied currents that cause selection of a core for reading. 

partial-select pulse —In a computer, the voltage 
response of an unselected magnetic cell produced by the 
application of partial-read pulses or partial-write pulses. 

partial-write pulse — In a computer, any one of the 
applied circuits that cause a core to be selected for writing. 

particle — An infinitesimal subdivision of matter — 
e.g., a molecule, atom, or electron. 

particle accelerator— Any device for accelerating 
charged particles to high energies (e.g., cyclotron, beta- 
tron, Van de Graaff generator, linear accelerator). 

particle orientation — The process by which acicu- 
lar particles are positioned so that their longest dimensions 
tend to be parallel. Orientation is accomplished in mag- 
netic tape by the combined effects of the sheer force 
applied during the coating process and a magnetic field 
applied to the coating while it is still fluid. 

particles — Also known as domains. Small bits of 
oxide that are the recording media on magnetic tape. The 
smaller and more uniform they are, the better the tape’s 
frequency response, provided they are evenly dispersed. 

particle velocity — The velocity of a given infinites- 
imal part of a sound wave. The most common unit is 
centimeter per second. 
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partition—A portion of a hard disk with a size 
expressed in the disk sectors. 

partitioning — Also called segmenting. 1. In a com- 
puter, subdividing a large block into smaller, more conve- 
niently handled subunits. 2. Logical grouping of electrical 
functions within a given set of hardware components. 

partition noise —A type of noise that appears in 
multielement vacuum tubes due to the random division 
of cathode current among the different electrodes. It has 
been called pseudoshot noise. It is more pronounced in 
pentodes and tetrodes than in triodes. 

Part 95 rules — FCC rules and regulations governing 
the Citizens Radio Service. 

part programmer — One who translates the physical 
operations for machining a part into a series of mathemat- 
ical steps and then prepares the coded computer instruc- 
tions for those steps. 

parts density—The number of parts in a unit 
volume. 

party line — A telephone line serving more than one 
subscriber, with discriminatory ringing for each. Usually 
either a two-party or a four-party line. Lines serving more 
than four parties are called rural lines. 

Pascal — A block-structured high-level programming 
language in the style of ALGOL. It incorporates the con- 
trol structures of structured programming (e.g., sequence, 
selection, repetition) and data structures (e.g., arrays, 
records, files, sets, and user-defined types). Named for 
the French physicist Blaise Pascal, it is in many ways 
simpler to use than BASIC. Pascal can be made machine- 
dependent or transportable. 

pascal — The SI unit of pressure or stress. One pascal 
equals 1 newton per square meter. Letter symbol: Pa. 

Paschen's law— The sparking potential between 
two terminals in a gas is proportional to the pressure times 
the spark length. For a given voltage, this means the spark 
length is inversely proportional to the pressure. 

pass — One cycle of processing of a body of data. 

passband — 1. The band of frequencies that will pass 
through a filter with essentially no attenuation. 2. The 
frequency range in which a filter is intended to pass 
signals. 

passband filters — Filters used in modem design 
to allow only the frequencies within the communication 
channel to pass, while rejecting all frequencies outside the 
channel. 

passband ripple — In a filter, the difference, in deci- 
bels, between the minimum loss point and the maximum 
loss point in a specified bandwidth. 

pass element— An automatic variable-resistance 
device, either a vacuum tube or power transistor, in series 
with the source of de power. The pass element is driven by 
the amplifier error signal to increase its resistance when 
the output needs to be lowered or to decrease its resistance 
when the output must be raised. See also series regulator. 

passivate — To treat the surface of a semiconductor 
with a relatively inert material in order to protect it from 
contamination. 

passivated region — Any region covered by glass, 
SiO, nitride, or other protective material. 

passivation — 1. The growth of an oxide layer on the 
surface of a semiconductor to provide electrical stability 
by protecting the surface against moisture, contamination, 
particles, and mechanical damage. This reduces reverse- 
current leakage, increases breakdown voltages, and raises 
the power dissipation rating. 2. See glassivation. 3. A 
coating of electrically inert material, such as glass or sil- 
icon dioxide, used to protect semiconductors or resistors 
from environmental contamination. Unpassivated nickel- 
chromium resistors, for example, will open in the presence 
of water and a large applied dc potential. 4. The growth 


542 


of an oxide layer on the surface of a semiconductor to 
provide mechanical protection by isolating the transistor 
surface from electrical, mechanical (scratching of metal), 
and chemical conditions in the environment. 5. The tech- 
nique of providing a semiconductor device chip with an 
isolating layer or “skin” that protects it from contami- 
nation by unwanted impurity atoms or molecules. With 
silicon devices, the isolating layer is usually composed of 
silicon dioxide (quartz) or silicon nitride, grown on the 
chip at a high temperature. 6. Electrolytical treatment of 
a metal or semiconductor to create a chemically bonded 
oxide layer on the surface to protect it from corrosion. 
7. The formation of an insulating layer directly over a 
circuit or circuit element to protect the surface from con- 
taminants, moisture, or particles. 8. Surface oxidation that 
acts as a barrier to further oxidation and corrosion. 

passive — 1. An inert component that may control, 
but does not create or amplify, energy. 2. Pertaining to 
a general class of device that operates on signal power 
alone. 3. Incapable of generating power or amplification. 
A nonpowered device that generally presents some loss to 
a system. 4. Describing a device that does not contribute 
energy to the signal it passes. 

passive acoustic monitoring — The use of micro- 
phones and ancillary equipment to provide surveillance 
by monitoring the sounds in a protected premise. 

passive communication satellite — A communi- 
cation satellite that simply reflects a signal without ampli- 
fication. In essence, it is a radio mirror. It requires a 
large reflecting surface and large, high-powered, complex 
ground stations. 

passive component—1. A nonpowered compo- 
nent generally presenting some loss (expressed in deci- 
bels) to a system. 2. A component that has no gain charac- 
teristics, such as a capacitor or a resistor. 3. An electrical 
component without gain or current-switching capability. 
Commonly used when referring to resistors, capacitors, 
and inductors. 

passive decoder — A device that is set so that only 
one specific reply code will pass a decoder and give an 
output from one decoder for display. 

passive detection — Detection of a target by recep- 
tion of signals emitted by the target rather than by means 
involving a signal source independent of the target. 

Passive device—1. A device that exhibits no 
transistance. lt has no gain or control and does not 
require any input other than a signal to perform its 
function. Examples of passive devices are conductors, 
resistors, and capacitors. 2. A component that does 
not provide rectification, amplification, or switching, but 
reacts to voltage and current; e.g., resistor, capacitor. 3. 
An electronic component that does not require a bias 
voltage, e.g., a resistor, capacitor, or inductor. 

passive electric network—An electric network 
with no source of energy. 

passive element— 1. A parasitic element. 2. A 
circuit element with no source of energy (e.g., a resistor, 
capacitor, inductor). 3. An electronic circuit element that 
displays no gain or control, such as a resistor or capacitor. 

passive film circuit— A thin- or thick-film circuit 
network consisting entirely of passive circuit elements and 
interconnections. 

passive homing system—A guidance system 
based on the sensing of energy radiated by the target. 
See also active homing; homing guidance. 

passive intrusion sensor — A passive sensor in an 
intrusion alarm system that detects an intruder within the 
range of the sensor. Examples are a sound-sensing detec- 
tion system, a vibration detection system, an infrared- 
motion detector, and an E-field sensor. 
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passive network—-—A network with no source of 
energy. 

passive probe—A test probe that is constructed 
entirely of passive components —resistors, capacitors, 
and, in some cases, inductors. 

passive pull-up —A gate output circuit in which the 
charging current for a load capacitance is obtained through 
a resistor. 

passive reflector—A reflector often used on 
microwave relay towers to change the direction of a 
microwave. This permits convenient location of transmit- 
ter, repeater, and receiver equipment on the ground rather 
than at the tops of towers. 

passive repeater— 1. A radio-frequency device 
used to change the direction of a radio beam without 
amplification. 2. A large, flat metal or metal-screen 
surface that acts as a simple radio-frequency mirror. 

passive satellite —A satellite that reflects, without 
amplification, communications signals from one ground 
station to another. 

passive sensor—A sensor that detects natural 
radiation or radiation disturbances, but does not itself emit 
the radiation on which its operation depends. 

passive solar energy — Energy gathered by natural 
convection and heating, rather than by mechanical means. 

passive sonar — See sonar. 

passive substrate— 1. A substrate that may serve 
as a physical support and thermal sink for a thick- or 
thin-film integrated circuit but does not exhibit transis- 
tance, Examples of passive substrates are glass, ceramic, 
alumina, etc. 2. A physical support and a thermal sink for 
circuits. The substrate itself performs no electrical func- 
tion. 

passive system— A system that emits no energy 
and therefore does not reveal its position or existence. 

passive tracking system — Usually a system that 
tracks by reflected radiation from some external source, 
or by the jet emission of the vehicle (e.g., optical systems, 
use of commercial radio or television, reflection and 
infrared systems). 

passive transducer— A transducer that does not 
require any local source of energy other than the received 
energy. 

passive ultrasonic alarm system— An alarm 
system that detects the sounds in the ultrasonic frequency 
range caused by an attempted forcible entry into a pro- 
tected structure. The system consists of microphones, 
a control unit containing an amplifier, filters, an accu- 
mulator, and a power supply. The unit's sensitivity is 
adjustable so that ambient noises or normal sounds will 
not initiate an alarm signal; however, noise above the 
preset level or a sufficient accumulation of impulses will 
initiate an alarm. 

password— 1. A code used to gain access to a 
locked system. Good passwords contain letters and non- 
letters and are not simple combinations. A good password 
might be “Bit@1*6.” 2. A string of characters known 
(supposedly) only to the user of a particular computer 
account, employed to identify that person when he logs 
into the system. 3. A unique string of characters required 
to gain access to a device, data channel, computer, or data 
files. In multiple-user systems, users identify themselves 
with a password, unique to each user, before the computer 
will let them use the system. 

paste — 1. In batteries, the medium, in the form of a 
paste or jelly, containing an electrolyte. It is positioned 
adjacent to the negative electrode of a dry cell. In an 
electrolyte cell, the paste serves as one of the conducting 
plates. 2, Synonymous with composition and ink when 
relating to screenable thick-film materials. 
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paste blending — Mixing resistor pastes of different 
ohms per area value to create a third value in between 
those of the two original materials. 

paste solder — 1. Finely divided particles of solder 
suspended in a flux paste. Used for screening application 
onto a film circuit and reflowed to form connections to 
chip components. 2. A mixture of flux and finely divided 
solder. 

PA system — Abbreviation for public-address system. 

patch— 1. To connect circuits together temporarily 
with a special cord known as a patch cord. 2. In a 
computer, to make a change or correction in the coding 
at a particular location by inserting transfer instructions at 
that location and by adding elsewhere the new instructions 
and the replaced instructions. This procedure is usually 
used during checkout. 3. The section of coding so inserted. 
4. A group of instructions that have been inserted into 
a program to correct an error or deficiency. Patching a 
program rather than rewriting it is poor practice, for a 
program with numerous patches becomes very hard to 
understand. 

patch bay — See jack bay. 

patch board—A board or panel in which circuits 
are terminated in jacks for patch cords. 

patch cable—A cable with plugs or terminals 
on each end of the conductor or conductors, used to 
temporarily connect circuits of equipment together. 

patch cord — Sometimes called an attachment cord. 
l. A short cord with a plug or a pair of clips on one 
end, for conveniently connecting two pieces of sound 
equipment such as a phonograph and tape recorder, an 
amplifier and speaker, etc. 2. A short audio cable with a 
male plug on each end. Commonly used for audio signal 
routing (patching) between nearby electronic devices, or 
between various jacks on a mixer or patch panel (patch 
bay). Patch cords often also route dc control signals as 
well as audio signals in electronic music synthesizers. 
3. Cord, usually braid, with plugs or terminals on each 
end. Used to connect jacks or blocks in switchboards or 
programming systems. It is called a patch cord because it 
is used to temporarily “patch” a circuit. 

patching — Connecting two lines or circuits together 
temporarily by means of a patch cord. 

patching jack — A jack for interconnection of circuit 
elements. 

patch panel — 1. In a computer, a panel that contains 
means for changing circuit configurations; usually, it 
consists of receptacles into which jumpers can be inserted. 
2. A panel where circuits are terminated and facilities 
provided for interconnecting between circuils by means 
of jacks and plugs. 

path — |. In navigation, an imaginary line connecting 
a Series of points in space and constituting a proposed or 
traveled route. 2. See channel, 2, 4, 5, 6, and 7. 

path attenuation — The power Joss between trans- 
mitter and receiver resulting from all causes. 

pathfinding — The process of finding an idle path 
through a switching network, from entrance port to exit 
port. 

path loss — Also known as space loss. The attenua- 
tion of a signal as it travels through space. 

patient monitor—A system of instruments that 
permits remote monitoring at a central location in a 
hospital of such quantities as heart rate, blood pressure, 
temperature, etc. 

pattern— 1. The means of specifying the character 
of a wave in a guide. This is done by showing the loops 
of force existing in the guide for that wave. The pattern 
identifies the order and mode of the wave and the cross- 
sectional shape of the guide. 2. A geometrical figure 
representing the directional qualities of an antenna array. 
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3. The configuration of conductive and nonconductive 
materials on a panel or printed board. Also the circuit 
configuration on related tools, drawings, and masters. 
4. The outline of a collection of circuit conductors and 
resistors that defines the area to be covered by the material 
on a film circuit substrate, 

pattern definition — The accuracy, relative to the 
original artwork, with which pattern edges are reproduced 
in integrated-circuit elements. 

pattern recognition — In a computer, the examina- 
tion of records for certain code-element combinations. 

pattern-sensitive fault —A fault that appears in 
response to some particular data pattern. 

pause control —A feature of some tape recorders 
making it possible to temporarily stop the movement of 
the tape without switching the machine from the play or 
record position. (Essential for a tape recorder used for 
dictation and generally helpful for editing purposes.) 

PAX or pax—Acronym for private automatic 
exchange. 1. An automatic system used exclusively for 
interoffice dial communications and having no trunks to 
the central office. 2. A dial telephone exchange that pro- 
vides private telephone service to an organization. 

pay-per-view — A method of purchasing television 
programming on a per-program basis. 

paystation — A coin-operated telephone. 

pay television — Also called subscription television. 
l. A system whereby viewers must insert coins or 
record cards into a decoding device in order to view a 
television program that has been deliberately scrambled 
to prevent unpaid viewing. 2. A service that provides the 
TV viewer, for an extra monthly fee, with special extra 
programming such as first-run movies, sporting cvents, 
news, and features. 3. Generally refers to additional 
channel service—over and above regular TV-network 
cable service — in exchange for an extra monthly charge. 

P-band— A radio-frequency band extending from 
225 to 390 MHz and having wavelengths from 133.3 to 
76.9 cm. 

PBX or pbx— Abbreviation for private branch 
exchange. 1. A private telecommunications exchange that 
includes access to a public telecommunications exchange. 
2. A telephone exchange, having a switchboard and asso- 
ciated equipment, that serves a single organization and 
usually is located on the customer's premises. It pro- 
vides for switching calls between any two extensions 
served by the exchange or between any extension and the 
national telephone system via a trunk to a central office. 3. 
An intelligent, programmable switch that can route tele- 
phone calls or digital data from computers and terminals 
throughout a building or to an outside line for local or 
long-distance transmission. 

pC— 1. Letter symbol for picocoulomb. 

pc— 1. Abbreviation for program counter. 2. Abbrevi- 
ation for phase corrector. A part of synchronous modems 
that adjusts the local data-clocking signal to match the 
incoming receive data sent by the remote clocking signal. 
3. Abbreviation for printed circuit. 

PC— 1. Abbreviation for personal computer. Usually 
refers to an IBM-compatible microcomputer, but some- 
times also is used to include Macintosh computers. 2. 
Abbreviation for programmable controller. 

pcb— Abbreviation for printed circuit board. 

PC-DOS —IBM’s name for the disk operating system 
used in the IBM Personal Computer. (Similar to MS- 
DOS.) 

p-channel — See PMOS. 

p-channel device — A device constructed on an n- 
type silicon substrate, whose drain and source components 
are of p-type silicon. See also PMOS. 
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p-channel field-effect transistor or p-channel 
FET — A field-effect transistor that has a p-type conduc- 
tion channel. 

p-channel MOS — See PMOS. 

PCM — 1. Abbreviation for pulse-code modulation. 2. 
Abbreviation for punched card machine. 

PCM/FM —Frequency modulation of a carrier by 
pulse-code-modulated information. 

PCM/FM/FM — Frequency modulation of a carrier 
by subcarrier(s) that is (are) frequency modulated by 
pulse-code-modulated information. 

PCM/PM —Phase modulation of a carrier by pulse- 
code-modulated information. 

PCS — Abbreviation for Personal Communication Ser- 
vices. A term for digital low-power mobile telephone 
service. 

PD — Abbreviation for photodetector. 

P-display — See plan-position indicator. 

PDM — Abbreviation for pulse-duration modulation. 

PDM/FM — Frequency modulation of a carrier by 
pulses that are modulated in duration by information. 

PDM/FM/FM —Frequency modulation of a carrier 
by subcarrier(s) that is (are) frequency modulated by 
pulses that are time duration modulated by information. 

PDM/pm — Phase modulation of a carrier by pulses 
that are duration modulated by information. 

PE — Abbreviation for phase encoded. 

peak — Also called crest. 1. A momentary high ampli- 
tude level occurring in electronic equipment. 2, A momen- 
tarily high volume level during a radio program. It causes 
the volume indicator at the studio or transmitter to swing 
upward. 3. The maximum instantaneous value of a quan- 
tity. 4. To increase or sharpen the peaks of a waveform. 
5. To broaden the frequency response of an amplifier 
by including inductors in its coupling networks so as to 
cancel the input and output capacitances of its active ele- 
ments. 

peak alternating gap voltage — In a microwave 
tube, the negative of the line integral of the peak 
alternating electric field, taken along a specified path 
across the gap. 

peak amplitude — The maximum deviation (e.g., of 
a wave) from an average or mean position. 

peak anode current — The maximum instantaneous 
value of an anode current in an electron tube. 

peak-charge characteristic — The function giv- 
ing the relation of one-half the peak-to-peak value of 
transferred charge in the steady state to one-half the peak- 
to-peak value of a specified symmetrical alternating volt- 
age applied to a nonlinear capacitor. 

peak coil current-— The peak current through the 
ignition coil primary winding of an inductive system at 
the instant the contacts open. 

peak current—1. The maximum current during a 
complete cycle. 2. Maximum amplitude of current an 
ionized device can pass without permanent change in 
breakdown ratings or published life specifications. 

peak discharge energy —The maximum amount 
of energy a device can withstand during operation without 
permanent change in breakdown ratings or published life 
specifications. 

peak distortion—The largest total distortion of 
signals noted during a period of observation. 

peak electrode current— The maximum instanta- 
neous current that flows through an electrode. 

peak envelope power — Abbreviated PEP. 1. The 
power contained in the signal at the peak of the modula- 
tion envelope. 2. Of a radio transmitter, the average power 
supplied to the antenna transmission line by a transmit- 
ter during one radio-frequency cycle at the highest crest 
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of the modulation envelope, taken under conditions of 
normal operation. 

peak firing temperature — The maximum temper- 
ature seen by the resistor or conductor paste in the firing 
cycle as defined by the firing profile. 

peak flux density — The maximum flux density in 
a magnetic material. 

peak forward anode voltage—The maximum 
instantaneous anode voltage in the direction a tube is 
designed to pass current. 

peak forward-blocking voltage — The maximum 
instantaneous value of repetitive positive voltage that may 
be applied to the anode of an SCR with its gate circuit 
open. 

peak forward drop — The maximum instantaneous 
voltage drop measured when a tube or rectifier celi is 
conducting forward current, either continuously or during 
transient operation. 

peak indicator — A visual (light) indicator showing 
when transient signal levels exceed a recorder’s ability to 
handle them without distortion. Such indicators are often 
used to supplement recording-level meters, which usually 
indicate average signal levels. 

peaking — |. Adjusting a component so as to increase 
ihe response of a circuit at a desired frequency or band of 
frequencies. 2. To tune a circuit for a very sharp response 
at a particular frequency. 

peaking circuit — A circuit capable of converting an 
input wave into a peaked waveform. 

peaking contro!—In a television receiver, a fixed 
or variable resistor-capacitor circuit that controls the 
negative shape of the pulses originating at the horizontal 
oscillator, This is done to ensure a linear sweep. 

peaking network — A type of interstage coupling 
network used to increase the amplification at the upper 
end of the frequency range. It consists of an inductance 
effectively in series (series peaking network) or shunt 
(shunt peaking network) with a parasitic capacitance. 

peaking resistor— A resistor placed in series with 
the charging capacitor of the vertical sawtooth generator. 
By adding a negative peaking pulse to the sawtooth 
voltage, it creates the waveform required to produce a 
linear sawtooth current in the yoke. 

peaking transformer— A transformer operated in 
such a way that its core 1s saturated in one direction or 
the other for most of a single ac cycle, with the result that 
the secondary voltage waveform is sharply peaked at each 
flux reversal. Sharpness of the peaking is enhanced by an 
approximately rectangular hysteresis loop in the core. 

peak inverse anode volitage—The maximum 
instantaneous anode voitage in the direction opposite from 
that in which the tube is designed to pass current. 

peak inverse voltage — The peak ac voltage that a 
rectifying cell or pn junction will withstand in the reverse 
direction. 

peak level —The maximum instantancous level that 
occurs during a specific lime interval (Le., in acoustics, 
the peak sound pressure level). 

peak limiter — A device that automatically limits the 
magnitude of its output signal to approximate a preset 
maximum value by reducing its amplification when the 
instantaneous signal magnitude exceeds a preset value. 

peak load—The maximum electrical power load 
consumed or produced in a stated period of time. It may be 
the maximum instantaneous load or the maximum average 
load over a designated interval of time. 

peak magnetizing force—The upper or lower 
limiting value of a magnetizing force. 

peak-or-valley readout memory— A circuit in 
which the output remains at the condition corresponding 
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to the most positive (least negative) or vice versa input 
signal since the circuit was set to initial conditions, until 
reset to those conditions. 

peak plate current— The maximum instantaneous 
current passing through the plate circuit of a vacuum tube. 

peak point — The point on the characteristic curve of 
a funnel diode corresponding to the lowest voltage in the 
forward direction for which the differential conductance 
1S Zero. 

peak-point emitter current — The maximum emit- 
ter current that can flow without allowing a UJT to go into 
the negative-resistance region. 

peak power— 1. The mean power supplied to the 
antenna of a radio transmitter during one radio-frequency 
cycle at the highest crest of the modulation envelope. 2. 
The maximum power of the pulse from a radar transmitter. 
Since the resting time of a radar transmitter is longer 
than its operating time, the average power output is much 
lower than the peak power. 3. Maximum instantaneous 
audio power available from a power amplifier. 

peak power output— 1. The output power averaged 
over the radio-frequency cycle haying the maximum peak 
value that can occur under any combination of signals 
transmitted. 2. Maximum instantaneous power output 
from any power amplifier. Usually related to the saturation 
power of the amplifier. 

peak pulse amplitude — The maximum absolute 
peak value of the pulse, excluding unwanted portions such 
as spikes. 

peak pulse power— The maximum power of a 
pulse, excluding spikes. 

peak-reading meter— 1. A type of recording-level 
meter that responds to short transient signals. 2. A type 
of recording-level meter whose needle rises quickiy and 
falls back at moderate speed, permitting the operator to 
judge the levels of transient peak waveforms. 

peak response—The maximum response of a 
system to an input. 

peak signal level — An expression of the maximum 
instantaneous signal power or voltage as measured at any 
point in a facsimile transmission system. This includes 
auxiliary signals. 

peak sound pressure—The maximum absolute 
value of instantaneous sound pressure for any specified 
time interval. The most common unit is the microbar. 

peak spectral emission—The wavelength at 
which the radiation from a lamp has the highest intensity. 

peak speech power — The maximum instantaneous 
speech power over the time interval considered. 

peak to peak— Abbreviated p-p. 1. The algebraic 
difference between the positive and negative maximum 
values of a waveform. 2. The amplitude (voltage) dif- 
ference between the most positive and the most negative 
excursions (peaks) of an electrical signal. 

peak-to-peak amplitude — The amplitude of an 
alternative quantity, measured from positive peak to 
negative peak. The sum of the absolute value of the peak 
positive and the peak negative excursions. 

peak-to-peak output ripple — The periodic varia- 
tions present in the output of a power supply. They have 
little effect on the average dc output but can clutter oper- 
ation of circuits being powered. 

peak-to-peak voltmeter—A voltmeter that indi- 
cates the overall difference between the positive and neg- 
ative voltage peaks. 

peak value — Also called crest value. 1. The max- 
imum instantaneous value of a varying current, voltage, 
or power. For a sine wave, it is equal to 1.414 times the 
effective value of the sine wave. 2. The largest instanta- 
neous amplitude of a waveform. 
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peak voltage —The maximum value present in a 
varying or alternating voltage. This value may be either 
positive or negative. 
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peak voltmeter— A voltmeter that reads peak val- 
ues of an alternating voltage. 

peak wavelength — The wavelength at the peak of 
the radiated spectrum of an emitter. 

pea lamp— An incandescent lamp with a bulb about 
the size of a pea. Its small size makes it ideal for use by 
doctors, on instrument panels, and in small flashlights. 

pedal clavier — In an organ, the pedal keyboard that 
supplies the bass accompaniment for the other manuals. 

pedal keyboard — See pedal clavier. 

pedestal — 1. A substantially flat-topped pulse that 
elevates the base level for another wave. 2. The base of 
a radar antenna. 

pedestal level — See blanking level. 

pedestal pulse—A square-wave pulse or gate 
on which a video signal or sweep voltage may be 
superimposed. 

peek-a-boo — In a computer, a method of determin- 
ing the presence or absence of holes in identical locations 
on punched cards by placing one card on top of another. 
See also Batten system. 

peel strength (peel test) — A measure of adhesion 
between a conductor and the substrate. The test is 
performed by pulling or peeling the conductor off the 
substrate and observing the force required. 

peel-strength adhesion — See bond strength. 

peg-count meters — in telephone practice, meters 
or registers used to indicate the number of trunks tested, 
circuits passed busy, test failures, and repeated tests 
completed. 

pel — Contraction of the phrase picture element; syn- 
onymous with pixcl. 

pellicle — A thin membrane that has the capability 
of splitting beams, polarizing light, and reflecting images 
with few or no optical side effects. 

Peltier coefficient—The quotient of the rate of 
Peltier heat absorption by the junction of two dissimilar 
conductors divided by the current through the junction. 
The Peltier coefficient of a couple is the algebraic 
difference between either the relative or absolute Peltier 
coefficients of the two conductors making up the couple. 

Peltier effect — The production or absorption of heat 
at the junction of two metals when current is passed 
through the junction. Reversing the direction of the 
current changes a production of heat to an absorption, 
and vice versa. 

Peltier electromotive force — 1. The component 
of voltage produced by a thermocouple after being heated 
by the Peltier effect at the junction of the different metals. 
It adds to the Thomson electromotive force to produce the 
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total voltage of the thermocouple. 2. The boundary emfs 
produced across the junctions of two different metals. 
Associated with the heating and cooling effects of the 
two junctions. 

Peltier heat— The thermal energy absorbed or pro- 
duced as a result of the Peltier effect. 

pen centering — An electrical or mechanical adjust- 
ment by which an oscillator pen is positioned to channel 
center. 

pencil beam— A radar beam in which the energy is 
confined to a narrow center. 

pencil-beam antenna—A unidirectional antenna 
in which those cross sections of the major lobe perpendic- 
ular to the maximum radiation are approximately circular. 

pencil tube—A small vacuum tube designed for 
operation in the ultrahigh-frequency band and used as an 
oscillator or rf amplifier. 

pendant — The type of plug and/or receptacle that is 
not mounted in a fixed position or altached to a panel or 
side of equipment. 

pendant station — A push-button station suspended 
from overhead and connected by means of flexible cord 
or conduit, but supported by a separate cable. 

pendulous accelerometer — A device that mea- 
sures linear accelerations by means of a restrained unbal- 
anced mass. Two pivots and jewels support the unbal- 
anced gimbal, and the torsion bar functions as the spring. 

penetrating frequency — See critical frequency. 

penetration depth —1. In induction heating, the 
effective depth of the induced current. The skin effect 
causes this to be nearer the surface with high frequencies 
than with low frequencies. 2. The extent to which an 
external magnetic field penetrates a superconductor. 

Penning discharge — A type of discharge in which 
electrons are forced to oscillate between two opposed 
cathodes and are prevented from going to the surrounding 
anode by the presence of a magnetic field. It is some- 
times referred to as a pig discharge because the device 
producing it was first used as an ionization gage called 
the Penning Ionization Gage. 

Penning lonization Gage— See Penning dis- 
charge. 

pen plotter—A recorder specifically designed for 
computer graphics that may be used online, remote batch, 
or in a time-sharing environment. The plotter will yield 
reproducible records of graphs, charts, and drawings on 
plain paper annotated with alphanumerics. 

pen position — An electrical or mechanical adjust- 
ment by which an oscillograph pen is positioned to any 
desired amplitude grid mark on the chart to represent zero 
signal. 

pent— Abbreviation for pentode. 

Pentaconta switching system — Trade-marked 
designation of an ITT common-controlled electromechan- 
ical telephone switching system that uses relays and cross- 
bar switches. 

pentagrid converter— A pentagrid vacuum tube 
used as a combination oscillator and mixer in a super- 
heterodyne receiver. | 
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pentagrid mixer — A pentagrid vacuum tube used to 
mix the rf and local-oscillator signals in a superheterodyne 
receiver. 

pentagrid tube — An electron tube having five grids, 
plus an anode and a cathode. 

pentatron — A five-electrode vacuum tube that pro- 
vides push-pull amplification with a single tube. It has 
one cathode, two grids, and two anodes. In effect, it is 
two tubes in one. 

pentode— A five-electrode vacuum tube containing 
an anode, a cathode, a control electrode, and two grids. 

pentode field-effect transistor—A_five-lead 
transistor with three gates. It can be connected like a pen- 
tode if each of the gates is supplied from an independent 
bias source. 

pentode transistor— A point-contact transistor in 
which there are four point-contact electrodes; the body 
serves aS a base, and there are three emitters and one 
collector. 

PEP — Abbreviation for peak envelope power. 

perceived noise level — An empirical measure that 
includes allowance for the subjective reaction of people 
to noise in the various frequency ranges. It is expressed 
in decibels (PNdB). 

percentage differential relay—A differential 
relay that functions when the difference between two 
quantities of the same nature exceeds a fixed percentage 
of the smaller quantity. This term includes relays for- 
merly Known as ratio-balance relays, biased relays, and 
ratio-differential relays. 

percentage modulation — See percent of modula- 
tion. 

percentage of meter accuracy — The ratio of the 
actual meter reading to the true reading, expressed as a 
percent. 

percentage ripple — See percent of ripple voltage. 

percentage supervision — A method of line super- 
vision in which the current in, or resistance of, a super- 
vised line is monitored for changes. When the change 
exceeds a selected percentage of the normal operating 
current or resistance in the line, an alarm signal is pro- 
duced. 

percentage sync — Ratio of the amplitude of the 
synchronizing signal to the peak-to-peak amplitude of the 
picture signal between blanking and reference white level, 
expressed in percent. 

percentage timer— A repeat-cycle non-reset timer 
with fixed cycle length, having a dial adjustment of the 
percentage of the cycle time for which the contacts are 
operated. 

nercent break — The period of time, expressed as 
a percentage, that a dial circuit stands open compared to 
the total time of the dial signals. 

percent conductivity — Conductivity of a material 
expressed as a percentage of that of copper. 

percent make — |. In pulse testing, the length of 
time a circuit is closed compared to the duration of the 
test signal. 2. The portion (in percent) of a pulse period 
during which telephone-dial pulse springs make contact. 

percent-modulation meter ----An instrument that 
indicates the modulation percentage of an amplitude- 
modulated signal, either on a meter or a cathode-ray tube. 

percent of deafness — See percent of hearing loss. 

percent of harmonic distortion—A measure of 
the harmonic distortion in a system or component. It is 
equal to 100 times the ratio of the square root of the sum 
of the squares of the rcot-mean-square harmonic voltages 
(or currents) to the root-mean-square voltage (or current) 
of the fundamental. 

percent of hearing—At a given frequency, 
100 minus the percent of hearing loss at that frequency. 
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percent of hearing loss — Also called percent of 
deafness. At a given frequency, 100 times the ratio of the 
hearing loss in decibels to the number of decibels between 
the normal threshold levels of audibility and feeling. 

percent of modulation — 1. In AM, the ratio of 
half the difference between the maximum and minimum 
amplitudes, expressed in percentage. 2. In FM and TV 
audio transmission, the ratio of the actuai frequency swing 
to the frequency swing defined as 100-percent modulation, 
expressed in percentage. For FM broadcast stations, a 
frequency swing of £75 kHz is defined as 100-percent 
modulation. For television, it is £25 kHz. 

percent of ripple voltage — Ratio of the effective 
(root-mean-square) value of the ripple voltage to the 
average value of the total voltage, expressed in percent. 

percent of syllabic articulation — See syllable 
articulation. 

percent ripple (rms)— The ratio of the effective 
(rms) value of the ripple voltage, expressed in percent. 
The new term is PARD. 

perceptron—A system capable —either in theory 
or in practice —of performing knowledgeable functions 
such as recognition, classification, and learning. These 
functions may exist as mathematical analyses, computer 
programs, or hardware. 

percussion — Musical sounds characterized by sud- 
den or sharp transients. Organ percussion is achieved by 
causing the tone to start to decay the instant it is played 
rather than waiting until the key is released. 

percussive arc welding — A process in which the 
surfaces to be welded are held at a fixed gap while rf 
energy is applied. This ionizes the air gap between the 
two surfaces, causing the air gap to become a conductor. 
When the air gap is conductive, a capacitor bank dumps 
a controlled amount of energy into the system for a 
controlled time period. This results in an electric arc that 
scarifies the surfaces to be welded and heats them to 
welding temperature. As the pulse from the capacitor bank 
decays. a mechanical system drives the two hot surfaces 
together, consummating the weld. 

perfect dielectric — Also called ideal dielectric. A 
dielectric in which all the energy required to establish 
the electric field in it is returned to the electric system 
when the field is removed. A perfect dielectric has zero 
conductivity and exhibits no absorption phenomena. A 
vacuum is the only known perfect dielectric. 

perforated tape — See punched tape. 

perforator —In telegraphy, a device that punches 
code signals into paper tape for application to a tape 
transmitter. 

performance — Degree of effectiveness of opera- 
tion. 

performance characteristic — A characteristic 
measurable in terms of some useful denominator — €.g., 
gain, power output, etc. 

perimeter alarm system — Ar alarm system that 
provides perimeter protection. 

perimeter protection — Protection of access to the 
outer limits of a protected area, by means of physical 
barriers, sensors on physical barriers. or exterior sensors 
not associated with a physical barrier. 

period — Sometimes called periodic time. 1. The time 
required for one complete cycle of a regular, repeating 
signal, function, or series of events. 2. The time between 
two consecutive transients of the pointer or indicating 
means of an electrical indicating instrument in the same 
direction through the rest position. 3. The time elapsing 
between two consecutive passages of a satellite through 
a characteristic point on its orbit. 4. Of an underdamped 
instrument, the time required, following an abrupt change 
in the measurand, for the pointer or other indicating means 
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to make two consecutive transits in the same direction 
through the rest position. 

periodic — Repeating itself regularly in time and 
form. 

periodic antenna — An antenna in which the input 
impedance varies as the frequency does (e.g., open-end 
wires and resonant antennas). 

periodic current — Oscillating current, the values of 
which recur at equal time intervals. 

periodic damping —Also called underdamping. 
Damping in which the pointer of an instrument oscillates 
about the final position before coming to rest. The point of 
change between periodic and aperiodic damping is called 
critical damping. 

periodic duty — Intermittent duty in which the load 
conditions recur at regular intervals. 

periodic electromagnetic wave—A wave in 
which the electric field vector is repeated in detail — either 
at a fixed point, after a lapse of time known as the period; 
or at a fixed time, after the addition of a distance known 
as the wavelength. 

periodic electromotive force—An oscillating 
electromotive force that repeats its sequence of values 
over equal intervals of time. 

periodicity — The variations in the insulation diame- 
ter of a transmission cable that result in reflections of a 
signal when its wavelength or a multiple thereof is equal 
to the distance between two diameter variations, 

periodic line —A line consisting of identical, sim- 
ilarly oriented sections, each section having nonuniform 
electrical properties. 

periodic PARD — Pertains to that portion of the total 
PARD in an electronic power supply whose frequency is 
identical or harmonically related to the input frequency 
and/or intentionally internally generated signal frequen- 
cies. This phenomenon is frequently referred to as ripple. 

periodic pulse train—A pulse train made up of 
identical groups of pulses repeated at regular intervals. 

periodic quantity — An oscillating quantity in which 
any value it attains is repeated at equal time intervals. 

periodic rating — The load that can be carried for the 
alternate periods of load and rest specified in the rating 
without exceeding the specified heating limits. 

periodic resonance— Also called natural reso- 
nance. Resonance in which the applied agency maintain- 
ing the oscillation has the same frequency as the natural 
period of oscillation in a system. 

periodic time — See period. 

periodic vibration— 1. A vibration having a regu- 
larly recurring waveform, e.g., sinusoidal vibration. 2. An 
oscillator motion whose amplitude pattern repeats after 
fixed increments of time. 

periodic wave — 1. Wave in which the displacement 
has a periodic variation with time, distance, or both. 2. A 
wave that repeats itself at regular intervals of time. 

peripheral — 1. Having to do with a device by 
means of which a computer communicates to the outside 
world. Auxiliary memories, such as tape, disk, and drum, 
may also be considered to be peripheral devices. 2. 
Any external device used in a computer system. 3. A 
device used to extend the operation of a computer, either 
with regards to functionality or capacity. Peripherals are 
connected to the central processor of a computer system 
by appropriate data paths. 4. Any human interface device 
connected to a computer. 5. A noncomputing input or 
output device, external to the CPU and main memory of 
a computer but connected by the appropriate electrical 
connections, thus allowing the computer to perform 
various external functions. 
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peripheral bus — For a computer, a dedicated bus 
for high-speed transfer of blocks of data between a system 
and its peripherals, including tape and disk drives. 

peripheral control unit — An intermediary control 
device that links a peripheral unit to the central processor, 
or, in the case of offline operation, to another peripheral 
unit. 

peripheral device — 1. Any instrument or machine 
that enables a computer to communicate with the outside 
world or that otherwise aids the operation of the computer, 
but does not form part of the basic installation. 2. A 
general term designating various kinds of machines that 
operate in combination or conjunction with a computer 
but are not physically part of the computer. Peripheral 
devices typically display computer data, store data from 
the computer and return the data to the computer on 
demand, prepare data for human use, or acquire data from 
a source and convert it to a form usable by a computer. 
Peripheral devices include printers, keyboards, graphic 
display terminals, paper tape reader/punches, analog-to- 
digital converters, disks, and tape drives. 3. Any device 
distinct from the computer that can provide input to and/or 
accept output from the computer. 

peripheral electron — Also called a valence elec- 
tron. One of the outer electrons of an atom. Theoretically, 
it is responsible for visible light, thermal radiation, and 
chemical combination. 

peripheral equipment— 1. In a data processing 
system, any unit of equipment, distinct from the central 
processing unit, that may provide the system with outside 
communication. 2. Equipment that is external to and 
not a part of the central processing instrumentation. 
Includes such equipment as tape punches and readers, 
magnetic tape or disk storage units, digital printers, 
graphic recorders, and typewriters. 3. Equipment used 
in connection with or attached to electronic computers. 
This includes typewriters, calculators and accounting 
machines, cash registers, tape readers, and similar devices. 
4. Units that may communicate with the programmable 
controller, but are not part of the programmable controller, 
e.g., Teletype, cassette recorder, CRT terminal. tape 
reader, etc. 5. Equipment that works in conjunction with 
a computer or a communication system but is not a part 
of it. 6. Machines such as card readers, magnetic tape 
units, fast driver scanners, and other equipment bearing 
a similar working relationship to the computing device. 
In general they can be considered a sink and source of 
information external to the information process. 

peripheral processor — A general term for a laser 
computer associated with a large machine. Among the 
functions may be multiplexing, data formatting, concen- 
trating, polling, and the handling of simple routines to 
increase the capacity of a communications channel or 
relieve the main (often called host) computer. 

peripherals — Accessory parts of a computer system 
not considered essential to its operation, such as printers 
and modems. 

peripheral transfer—The transmission of data 
between two peripheral units. 

peripheral units— Equipment that works in con- 
junction with a data terminal or computer but is not a part 
of that unit, such as cards, paper-tape readers, punches, 
or keyboards. 

periphonic system — See ambisonic reproduction. 

Permalloy—A_ high-permeability magnetic alloy 
composed mainly of iron and nickel. 

permanent circuit — An alarm circuit that is capa- 
ble of transmitting an alarm signal whether the alarm 
control is in access mode or secure mode. Used, for 
example, on foil fixed windows, tamper switches, and 
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supervisory lines. See also permanent protection; super- 
vised lines; supervisory alarm system; supervisory circuit. 

permanent echo — Signal received and displayed 
by a radar, indicating reflections from fixed objects. 

permanent-field synchronous motor — A type 
of synchronous motor in which the member carrying 
the secondary laminations and windings also carries 
permanent-magnet field poles that are shielded from the 
alternating magnetic flux by the laminations. It behaves as 
an induction motor when starting but runs at synchronous 
speed. 

permanent magnet — Abbreviated pm. A piece of 
hardened steel or other magnetic material that has been 
so strongly magnetized that it retains the magnetism 
indefinitely. 

permanent-magnet centering — Vertical or hori- 
zontal shifting of a television picture by means of mag- 
netic fields from permanent magnets mounted around the 
neck of the picture tube. 

permanent-magnet focusing —1. Focusing of 
the electron beam in a television picture tube by means 
of one or more permanent magnets located around the 
neck, 2, The focusing of an electron beam by a magnetic 
field that permanently retains the majority of its magnetic 
properties. 

permanent-magnet material — Ferromagnetic 
material that, once having been magnetized, resists exter- 
nal demagnetizing forces (1.e., requires a high coercive 
force to remove the magnetism). 

permanent-magnet motor——A  direct-current 
motor that has a permanent magnet field (stationary 
member) and a wound armature (rotating member). 
Its speed can be changed by varying the armature 
voltage. 

permanent-magnet moving-coil instrument — 
Also called D’Arsonval instrument. An instrument in 
which a reading is produced by the reaction between the 
current in a movable coil or coils and the field of a fixed 
permanent magnet. 


Permanent-magnet moving-coil 
instrument. 


permanent-magnet moving-iron instrument — 
Also called polarized-vane instrument. An instrument in 
which a reading 1s produced by an iron vane as it aligns 
itself in the magnetic field produced by a permanent mag- 
net and by the current in an adjacent coil of the instrument. 

permanent-magnet speaker—A moving-con- 
ductor speaker in which the steady magnetic field is pro- 
duced by a permanent magnet. 
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permanent-magnet stepping motor — A type of 
motor in which a permanent magnet serves as the rotor. 
Current is switched sequentially through different stator 
coils, and the rotor aligns itself with the energized stator 
poles. 

permanent magnistor— A saturable reactor that 
has the properties of memory and the ability to handle 
appreciable power. 

permanent memory — A type of storage device that 
retains data intact when the computer has been shut down. 

permanent-memory computer— A computer in 
which the stored information remains intact even after the 
power has been turned off. 

permanent protection — A system of alarm devi- 
ces, such as foil, burglar alarm pads, or lacings, connected 
in a permanent circuit to provide protection whether the 
control unit is in the access mode or secure mode. 

permanent set — The deformation that remains in a 
specimen after it has been stressed in tension for a definite 
time interval and released for a definite time interval. 

permanent storage — A computer storage device 
that retains the stored data indefinitely. 

permatron— A thermionic gas diode, the discharge 
of which is controlled by an external magnetic field. It is 
used mainly as a controlled rectifier and functions like a 
thyratron. 

permeability — Symbolized by the Greek letter mu 
(u). The measure of how much better a given material 
is than air as a path for magnetic lines of force. (Air 
is assumed to have a permeability of 1.) It is equal to 
the magnetic induction (B) in gausses divided by the 
magnetizing force (H) in oersteds. 

permeability tuning — A method of tuning a circuit 
by moving a magnetic core into or out of a coil to vary 
its inductance. 

permeameter— An apparatus for determining the 
magnetizing force and flux density in a test specimen. 
From these values, the normal induction curves or hys- 
teresis loops can then be plotted and the magnetic perme- 
ability computed. 

permeance — The ratio of the flux through any cross 
section of a tabular portion of a magnetic circuit bounded 
by the lines of force and by two equal potential surfaces 
to the magnetic potential of the difference between the 
surfaces, taken within the portion under consideration. 
Permeance is the reciprocal of reluctance and can be 
considered analogous to electrical conductance. In the 
cgs system it is equal to the magnetic flux (in maxwells) 
divided by the magnetomotive force (in gilberts). 
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permeance coefficient— Also called demagnetiz- 
ing coefficient. Describes operating conditions of a mag- 
net and is the slope of the magnetic load line. 

permissive control device —Generally a two- 
position, manually operated switch that in one position 
permits the closing of a circuit breaker or the placing of 
an equipment into operation, and in the other position 
prevents the circuit breaker or the equipment from being 
operated. 

permittivity —1. See dielectric constant. 2. That 
property of a dielectric which determines the electrostatic 
energy stored per unit volume for a unit potential gradient. 

permutation modulation — Proposed method of 
transmitting digital information by means of additive 
white Gaussian noise. Pulse-code modulation and pulse- 
position modulation are considered simple special cases 
of permutation modulation. 

permutation table — In computers, a table for use 
in the systematic construction of code groups. It may also 
be used in the correction of garbles in groups of code text. 

peroxide of lead — A lead compound that forms the 
principal part of the positive plate in a charged lead-acid 
cell. 

perpendicular magnetization —In magnetic re- 
cording, magnetization that is perpendicular to the line 
of travel and parallel to the smallest cross-sectional 
dimension of the medium. Either single- or double-pole- 
piece magnetic heads may be used. 

persistence — 1. The length of time a phosphor dot 
glows on the screen of a cathode-ray tube before going 
out; i.e., the length of time it takes to decay from initial 
brightness (reached during fluorescence) until it can no 
longer be seen. 2. In a cathode-ray tube, the period that a 
phosphor continues to glow after excitation is removed. 

persistence characteristic (of a luminescent 
screen)— Also called the decay characteristic. The 
relationship (usually shown by a graph) between the time 
a luminescent screen is excited and the time it emits 
radiant power. 

persistence of vision—The physiological phe- 
nomenon whereby the eye retains a perception of an 
image for a short time after the field of vision has disap- 
peared. 

persistent current — A current that is magnetically 
induced and flows undiminished in a superconducting 
material or circuit. 

persistor— A bimetallic circuit used for storage or 
readout in a computer. lt is operated near absolute zero, 
and changes from a resistive to a superconductive state at 
a critical current value. 

persistron — A device in which electroluminescence 
and photoconductivity are combined into a single panel 
capable of producing a steady or persistent display with 
pulsed signal input. 

personal computer — Abbreviated PC. 1. A micro- 
computer that is designed to be used by a single user. 2. 
Self-contained, relatively small computer for individual 
users that contains all the hardware and software neces- 
sary to perform the required task(s). 

persuader— In a storage tube, an element that 
directs secondary emission toward the electron-multiplier 
dynodes. 

PERT — Acronym for program evaluation and review 
technique. A management tool for comparing actual with 
scheduled progress of a program. 

perveance — The space-charge-limited cathode cur- 
rent divided by the three-halves power of the anode volt- 
age in a diode. 

petallized dish — A parabolic satellite signal receiv- 
ing dish that is shipped in sections, or petals, and assem- 
bled at the installation site. 
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petticoat insulator— An insulator having an out- 
ward flaring lower part that is hollow to increase the 
length of the surface leakage path and keep part of the 
path dry at all times. 

pF — Letter symbol for picofarad. 

pg — Abbreviation for power gain. 

p-gate thyristor—A thyristor in which the gate 
terminal is connected to the p-region nearest the cathode 
and which is normally switched to the on state by applying 
a positive signal between the gate and cathode terminals. 

pH — A measure of the degree of acidity or alkalinity 
of a solution. In a neutral solution the pH value is 7. 
In acid solutions it ranges from 0 to 7, and in alkaline 
solutions it ranges from 7 to 14. 

phanastron— An electronic circuit of the multivi- 
brator type that is normally used in the monostable form. 
It 1s a stable trigger generator in this connection and is 
used in radar systems for gating functions and sweep- 
delay functions. 

phanotron—A term used primarily in industrial 
electronis to mean a hot-cathode gas diode. 

phantom—-A signal derived from two sources in 
such a way as lo appear located from a third source. 
Stereo signals “appearing” between speakers are said to 
be phantomed. 

phantom channel — In a stereo system, an electrical 
combination of the left and right channels fed to a third, 
centrally located speaker. 

phantom circuit— A superimposed circuit derived 
from two suitably arranged pairs of wires called side 
circuits. Each pair of wires is a circuit itself, and at the 
same time acts as one conductor of the phantom circuit. 

phantom-circuit loading coil —A loading coil 
that introduces the desired amount of inductance into 
a phantom circuit and a minimum amount into the 
constituent side circuits. 

phantom-circuit repeating coil —A repeating 
coil used at a terminal of a phantom circuit, in the terminal 
circuit extending from the midpoints of the associated 
side-circuit repeating coils. 

phantom coil —A coil originally used in a phantom 
circuit for impedance matching. Most generally, any coil, 
side or phantom, in a phantom circuit. When the term is 
used, the meaning should be made clear. 

phantom group—1. A group of four open-wire 
conductors suitable for the derivation of a phantom circuit. 
2. Three circuits that are derived from simplexing two 
physical circuits to form a phantom circuit. 

phantom OR and AND — See wired OR. 

phantom repeating coil —A side-circuit repeating 
coil or a phantom-circuit repeating coil, when discrimina- 
tion between these two types is not necessary. 

phantom signals — Signals appearing on the screen 
of a cathode-ray-tube indicator; their cause cannot readily 
be determined, and they may be due to circuit fault, 
interference, propagation anomalies, jamming, etc. 

phantom target — See echo box. 

phase — |. The angular relationship between current 
and voltage in alternating-current circuits. 2. The number 
of separate voltage waves in a commercial alternating- 
current supply (e.g., single-phase, three-phase, etc.). Sym- 
bolized by the Greek letter phi (#). 3. In a periodic 
function or wave, the fraction of the period that has 
elapsed, measured from some fixed origin. If the time 
for one period is represented as 360° along a time axis, 
the phase position is called phase angle. 4. The relative 
timing of a signal in relation to another signal; if both sig- 
nals occur at the same instant, they are in phase; if they 
occur at different instants, they are out of phase. 5. That 
part of a period through which the independent variable 


551 


has advanced, as measured from an arbitrary origin. 6. A 
particular stage, or point of advancement, in an electrical 
cycle. The fractional part of the period through which the 
time has advanced, measured from some arbitrary point, 
usually expressed in electrical degrees, where 360° rep- 
resents one cycle. 7. The difference between the zero 
crossing or starting reference point between a standard 
waveform and the measured waveform. Phase is usually 
measured in degrees, 

phase advancer— A phase modifier that supplies 
leading reactive volt-amperes to the system to which it 
is connected. Phase adyancers may be either synchronous 
or nonsynchronous. 

phase angle — 1. Of a periodic function, the angle 
obtained by multiplying the phase by 27 if the angle 
is to be expressed in radians, or 360 for degrees. 2. 
The angle between the vectors representing two periodic 
functions that have the same frequency. 3. The phase 
difference, in degrees, between corresponding stages of 
progress of two cyclic operations. 4. The angle between 
two vectors that represent two simple periodic quantities 
that vary sinusoidally and that have the same frequency. 5. 
A notation for phase position when the period is denoted 
as 360. 

phase-angle correction factor— That factor by 
which the reading of a wattmeter or watthour meter 
operated from the secondary of a current or potential 
transformer, or both, must be multiplied to correct for 
the effective phase displacement of current and voltage 
due to the measuring apparatus. 

phase-angle measuring relay — Also called out- 
of-step protective relay. A device that functions at a 
predetermined phase angle between two voltages or 
currents, or between voltage and current. 

phase-angle meter — See phase meter. 

phase angle of a current transformer— The 
angle between the primary current vector and the sec- 
ondary current vector reversed. This angle is conveniently 
considered as positive when the reyersed secondary cur- 
rent vector leads the primary current vector. 

phase angle of a potential (voltage) trans- 
former — The angle between the primary voltage vector 
and the secondary voltage vector reversed. This angle is 
conveniently considered as positive when the reversed 
secondary voltage vector leads the primary voltage vector. 

phase anomaly — A sudden irregularity in the phase 
of a low-frequency or very low frequency signal. 

phase balance— In a chopper, the phase-angle 
difference between positive and negative halves of the 
square wave; the difference in degrees between 180° and 
the measured angle between square-wave midpoints. 

phase-balance current relay — See reverse-phase 
current relay. 

phase-balance relay —A relay that functions by 
reason of a difference between two quantities associated 
with different phases of a polyphase circuit. 

phase center (center of radiation) — Pertaining 
only to antenna types that have radiation characteristics 
such that while they are radiating energy, one can observe 
the antenna from a distance of many wavelengths and see 
the energy radiating from a point within the antenna array. 
The position of a point-source radiator that would replace 
the antenna and produce the same far-field phase contour. 

phase characteristic—A graph of phase shift 
versus frequency, assuming sinusoidal input and output. 

phase comparator — See phase detector. 

phase-comparison tracking system — A system 
that provides target-trajectory information by the use of 
cw phase-comparison techniques. 
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phase-compensation network — A network used 
to provide closed-loop stability in an operational ampli- 
fier. No greater than 12-dB/octave rollotf of the open-loop 
gain is allowed. 

phase conductors — Those conductors other than 
the neutral conductor of a polyphase circuit. 

phase constant— 1. The imaginary component of 
the propagation constant. For a traveling plane wave at 
a given frequency, the rate in radians per unit length 
at which the phase lag of a field component (for the 
voltage or current) increases linearly in the direction of 
propagation. 2. With respect to a traveling plane wave at a 
known frequency, the space rate of decrease of phase of a 
field component in the direction of propagation, measured 
in radians per unit length. 

phase controlt— Also called horizontal parabola 
control. 1. One of three controls for adjusting the phase 
of a voltage or current in a color television receiver 
employing the magnetic-convergence principle. Each con- 
trol varies the phases of the sinusoidal voltages applied, 
at the horizontal-scanning frequency, to the coils of the 
magnetic-convergence assembly, 2. A technique for pro- 
portional control of an output signal by conduction only 
during certain parts of the cycle of the ac line voltage. 
3. A method of regulating a supply of alternating current 
by use of a switching device such as a thyristor, by vary- 
ing the point in each ac cycle or half-cycle at which the 
device is switched on. 

phase-controlled rectifier — A rectifier circuit in 
which the rectifying element is a thyratron having a 
variable-phase sine-wave grid hias. 

phase correction— The process of keeping syn- 
chronous telegraph mechanisms in substantially correct 
phase relationship. 

phase corrector — |. A network designed to correct 
for phase distortion. 2. See pc, 2. 

phased array—1. A group of simple radiating 
elements arranged over an area called an aperture. A beam 
(or beams) can be formed by superposition of the radiation 
from all the elements, and the direction of the beam can 
be adjusted by varying the relative phase of the signal 
applied to each element or by varying the frequency of 
the main oscillator, 2. An antenna consisting of a plurality 
of individual antennas, called elements, that are arrayed 
in a grid and interconnected so that a specific phase 
relationship exists between them, forming a narrow beam 
pattern for the reception of electromagnetic signals. 3. A 
technique of improving the gain of an antenna system by 
combining the outputs of several similar VHF/UHF/FM 
antennas in an array in such a way that the output signals 
from each one are exactly in phase with one another. 

phase delay — |. In the transfer of 2 single frequency 
wave from one point to another in a system, the delay 
of part of the wave identifying its phase. 2. The insertion 
phase shift (in cycles) divided by the frequency (in cycles 
per second, or hertz). See also delay distortion, 2. 

phase-delay distortion — The difference between 
the phase delay at one frequency and the phase delay at 
a reference frequency. 

phase detector— Also called phase discriminator 
or phase comparator. 1. A TV circuit in which a dc cor- 
rection voltage is derived to maintain a receiver oscillator 
in sync with some characteristic of the transmitted sig- 
nal. 2. A circuit that detects both the magnitude and the 
sign of the phase angle between two sine-wave voltages 
or currents. 3. A circuit that creates an output level which 
is a function of the phase angle between two ac input sig- 
nals. Most phase detectors are also amplitude sensitive. 
4, A circuit that compares the relative phase between two 
inputs and produces an error voitage dependent on the 
difference. This error voltage corrects the VCO frequency 
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during tracking. Sometimes called a phase comparator or 
mixer. 5. In both digital and analog phase-locked loops, a 
circuit that compares the input with the signal from either 
a VCO (analog) or a divide-by-n counter (digital) and 
generates an error voltage based on the phase difference. 
The error signal corrects the VCO frequency (analog) or 
controls the direction of an up/down counter (digital). 

phase-detector gain factor— In analog devices, 
the conversion factor relating the phase detector output 
voltage and the phase difference between the input and 
voltage-controlled oscillator (VCO) signals. In digital 
phase-locked loops, the output of a divide-by-n counter 
is compared with the input signal, since digital chips do 
not use VCOs. 

phase deviation—In phase modulation, the peak 
difference between the instantaneous phase angle of the 
modulated wave and the phase angle of the sine-wave 
carrier, both expressed in radians or degrees. 

phase difference — The time in electrical degrees 
by which one wave leads or lags another. 

phase discriminator — See phase detector. 

phase distortion—The alteration of a complex 
waveform produced as it passes through a network or 
transducer whose phase shift is a function of frequency. 
See also phase-frequency distortion. 

phase-distortion coefficient— In a transmission 
system, the difference between the maximum and mini- 
mum transit times for frequencies within a specified band. 

phase encoded — Abbreviated PE. A method of 
magnetic recording in which the phase of a flux reversal 
determines the binary content. 

phase equalizer— A circuit employed to neutralize 
the effect of phase-frequency distortion in a particular 
range of frequencies. 

phase-frequency distortion — Also called phase 
distortion. Distortion that occurs when the phase shift is 
not directly proportionate to the frequency over the range 
required for transmission, or the effect of such departure 
on a transmilted signal. 

phase hits — Abrupt shifts in the phase of a trans- 
mitted carrier. Excessive phase hits can cause errors in 
high-speed phase-modulated modems. Phase hits gener- 
ally originate in radio carrier systems. 

phase inversion —The condition whereby the out- 
put of a circuit produces a wave of the same shape and 
frequency but 180° out of phase with the input. 

phase inverter— 1. A stage that functions chiefly 
to change the phase of a signal by 180°, usually for 
feeding one side of a following push-pull amplifier. 2. See 
vented baffle. 3. A network or device such as a paraphrase 
amplifier, which produces two output signals that differ 
in phase by half a cycle. 

phase jitter— 1. An analog-line impairment caused 
by power and communication equipment along the line 
that shifts the signal phase relationship back and forth. 
2. Peak-to-peak phase deviation (expressed in degrees) 
of a transmitted carrier signal. An excessive phase jitter 
causes errors in high-speed phase-modulated modems. 
Phase jitter generally originates in frequency-division 
multiplexers in carrier systems. 

phase localizer— An airfield runway localizer in 
which lateral guidance is obtained by comparing the 
phases of two signals. 

phase lock — The technique of making the phase of 
an oscillator signal follow exactly the phase of a reference 
signal by comparing the phases between the two signals 
to adjust the frequency of the reference oscillator. 

phase-locked loop — Abbreviated pll or PLL. 1. 
A communications circuit in which a local oscillator is 
synchronized in phase and frequency with a received sig- 
nal. 2. A closed-loop electronic servomechanism whose 
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output locks onto and tracks a reference signal. Phase 
lock is accomplished by comparing the phases of the out- 
put signal (or a multiple of it) and the reference signal. 
Any phase difference between these signals is converted 
into a correction voltage that causes the phase of the out- 
put signal to change so that it tracks the reference. 3. A 
closed-loop system, consisting of a phase detector, a fil- 
ter, and a voltage-controlled oscillator. The phase detector 
provides an error signal that locks the voltage-controlled 
oscillator to the frequency of an incoming signal. 4. A 
circuit whose output locks onto and tracks a reference 
signal. Phase locking is accomplished by comparing the 
phases of the output signal and the reference signal, and 
then converting any difference into a correction voltage 
that changes the phase of the output so it matches that 
of the reference or input signal. 5. An electronic network 
consisting of a voltage-controlled oscillator, a phase com- 
parator, low-pass filter, and an amplifier. The PLL can be 
used as an FM detector of extreme linearity, as a tunable 
filter, and as an extremely stable oscillator. When com- 
bined with an external reference oscillator it will function 
as a frequency synthesizer, yielding stable outputs at var- 
ious frequencies. 6. A voltage-controlled oscillator and a 
comparator feeding back a control signal forcing the oscil- 
lator to lock onto an input signal. 7. A circuit containing 
a voltage-controlled oscillator whose output phase or fre- 
quency can be steered to keep it in sync with a reference 
source. A PLL circuit 1s generally used to lock onto and 
“up-convert” the frequency of a stable source. 8. A cir- 
cuit for synchronizing a variable local oscillator with the 
phase of a transmitted signal. 
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phase magnet — Also called trip magnet. A magnet- 
ically operated latch used to phase a facsimile transmitter 
or recorder. 

phase margin— 1. A safety factor in phase shift. 
When the loop gain is 1.0 or more and the phase shifts 
total 180°, instability will occur. The amount that the total 
phase shift is less than 180° is called the phase margin. 
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2. The additional amount of phase shift of the output 
signals in an operational amplifier at the open-loop unity- 
gain crossover frequency that would produce instability. 

phase meter — Also called phase-angle meter. An 
instrument for measuring the difference in phase between 
two alternating quantities of the same frequency. 

phase modifier— A device that supplies leading 
or lagging voltamperes to the system to which it is 
connected. 

phase-modulated transmitter—A transmitter 
whose output is a phase-modulated wave. 

phase-modulated wave—A wave whose phase 
angle has been caused to deviate from its original (no- 
signal) angle by an amount proportional to the modulating 
signal amplitude. 

phase modulation — Abbreviated pm. 1. Modula- 
tion in which the angle of a sine-wave carrier deviates 
from the original (no-signal) angle by an amount propor- 
tional to the instantaneous value of the modulating wave. 
Phase and frequency modulation in combination are com- 
monly referred to as frequency modulation. 2. Method of 
modulation in which the amplitude of the modulated wave 
remains constant, while varying in phase with the ampli- 
tude of the modulating signal. A phase-modulated wave is 
electrically identical to a modified frequency-modulated 
wave and vice versa. 3. Variation of the phase of the 
audio-modulating signal in accordance with the superim- 
posed intelligence. Unlike amplitude modulation, in both 
phase modulation and frequency modulation the average 
energies of the modulated signals are the same. 4. Varia- 
tion of an analog signal’s phase in direct relationship to 
digital input information. 

phase modulator— A circuit that modulates the 
phase of a carrier signal. 

phase multiplexing — The process of encoding two 
(or more) information channels on a single tone. 

phase multiplier— A device that multiplies the 
frequency of signals used for phase comparison so that 
phase differences may be measured to a higher degree of 
resolution. 

phase noise—A measure of the random phase 
instability of a signal. 

phase offset — The difference between voltage and 
current in an ac power line with a lagging or leading 
power factor. 

phase-propagation ratio — In wave propagation, 
the propagation ratic divided by its magnitude. Expressed 
as a unit vector of the same angle as the propagation ratio. 

phaser— 1. A device for adjusting facsimile equip- 
ment so that the recorded area bears the same relationship 
to the record sheet as the corresponding transmitted area 
of the scanning line. 2. A microwave ferrite phase shifter 
that employs a longitudinal magnetic field along a rod or 
rods of ferrite in a waveguide. 

phase-recovery time (tr and pre-tr tubes) — The 
time required for a fired tube to deionize to such a level 
that a specified phase shift is produced in the low-level 
radio-frequency signal transmitted through the tube. 

phase resonance — Also called velocity resonance. 
Resonance in which the angular phase difference between 
the fundamental components of the oscillation or vibration 
and the applied agency is 90°. 

phase-response characteristic — The phase dis- 
placement versus frequency properties of a network or 
system. 

phase reversal —A 180° change in phase (or one 
half cycle) such as a wave might undergo upon reflection 
under certain conditions. 

phase-reversal protection —In a polyphase cir- 
cuit, the interruption of power whenever the phase 
sequence of the circuit is reversed. 
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phase-reversal switch — A switch used on a stereo 
amplifier or in a speaker system to shift the phase 180° 
on one channel. 

phase-rotation relay — See phase-sequence relay. 

phase-sensitive  amplifier—A  servoamplifier 
whose output signal polarity or phase is dependent upon 
the polarity or phase relationship between an error (input) 
voltage and a reference voltage. 

phase-sensitive detector—A system that pro- 
duces a de output signal in response to an ac input signal 
of a defined frequency equal to the frequency of ac ref- 
erence signal. The dc output is proportional to both the 
amplitude of the ac input signal and the cosine of its 
phase angle relative to that of the reference signal. Used 
as synchronous rectifiers in chopper de amplifiers and for 
the accurate measurement of small ac signals obscured by 
noise. 
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phase-sequence indicator—A device that indi- 
cates the sequence in which the fundamental components 
of a polyphase set of potential differences or currents 
successively reach some particular value (e.g., their max- 
imum positive value). 

phase-sequence relay— Also called phase-rota- 
tion relay. A relay thal functions according to the order 
in which the phase voltages successively reach their 
maximum positive values. 

phase-sequence voltage relay— A device that 
functions upon a predetermined value of polyphase volt- 
age in the desired phase sequence. 

phase shift — 1. The difference between correspond- 
ing points on input and output signal waveshapes (not 
affected by a magnitude) expressed as degrees lead or 
lag. 2. A change in the phase of a periodic quantity. 3. 
The changing of phase of a signal as it passes through 
a filter. A delay in time of the signal is referred to as 
phase lag; in normal networks, phase lag increases with 
frequency, producing a positive envelope delay. It is pos- 
sible for an output signal to experience a time shift ahead 
of the input signal, which is called phase lead. The phase 
shift is always dependent on frequency. 

phase-shift circuit—A network that shifts the 
phase of one voltage with respect to another voltage of 
the same frequency. 

phase-shift discriminator— A circuit that pro- 
duces an output proportional to the phase difference 
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between two input signals. When used as an FM demodu- 
lator, the input is a set of push-pull signals and a reference 
voltage 90° displaced from each of them. These are taken 
across tuned circuits in such a way that the phase dif- 
ference between the push-pull signals and the reference 
is very nearly proportional to the difference between the 
input frequency and the resonant frequency of the tuned 
circuits. 

phase shifter — A device in which the output voltage 
(or current) may be adjusted to have some desired phase 
relationship with the input voltage (or current). 

phase-shifting transformer — Also called a phas- 
ing transformer. Á transformer connected across the 
phases of a polyphase circuit to provide voltages of the 
proper phase for energizing varmeters, varhour meters, 
or other instruments. See also rotatable phase-adjusting 
transformer. 

phase-shift keying — 1. A form of phase modula- 
tion in which the modulating function shifts the instan- 
taneous phase of the modulation wave between predeter- 
mined discrete values. 2. The encoding of digital informa- 
tion as different phases of signal elements having constant 
amplitude and frequency. 

phase-shift microphone — A microphone whose 
directional properties are provided by phase-shift net- 
works. 

phase-shift oscillator— An oscillator in which a 
network having a phase shift of an odd multiple of 
180° (per stage) at the oscillation frequency is connected 
between the output and input of an amplifier. When the 
phase shift is obtained by resistance-capacitance elements, 
the circuit is called an RC phase-shift oscillator. 
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phase simulator — A precision test instrument that 
generates reference and data signals on the same fre- 
quency but precisely separated in phase. lt is normally 
used to check out the precision phase meters. 

phase splitter— 1. A device that produces, from a 
single input wave, two or more output waves that differ in 
phase from one another. 2. In color television, the stage 
that takes I and Q signals from demodulators, produces 
four signals — positive and negative I and Q —and feeds 
them to the matrix. 3. A circuit that generates out of an 
ac input signal two equal-amplitude outputs, one of which 
is 180° out of phase with the other; i.e., one is the other 
inverted. The dc levels may not be identical. 

phase-tuned tube (tr tubes)—A fixed tuned 
broadband tr tube in which the phase angle through it 
and the reflection it introduces are kept within limits. 

phase undervoltage relay — A relay that is tripped 
by the reduction of one phase voltage in a polyphase 
circuit. 

phase velocity — 1. The velocity at which a point of 
constant phase is propagated in a progressive sinusoidal 
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wave. 2. The velocity with which a point where there 
exists an electromagnetic wave of a certain fixed phase 
moves through space in the direction of propagation of 
the wave. 

phase-versus-frequency response characte- 
ristic —A graph or other tabulation of the phase shift 
occurring, in an electrical transducer, at several frequen- 
cies within a band. 

phasing — 1. Causing two systems or circuits to 
operate in phase or at some desired difference from 
the in-phase condition. 2. Adjusting a facsimile-picture 
position along the scanning line. 3. In stereo application, 
the establishment of the correct relative polarity in the 
connection between amplifier output and speakers so 
that one speaker tends to reinforce rather than cancel 
the output of the other (particularly evident at low 
frequencies). 

phasing capacitor — A capacitor used in a crystal- 
filter circuit for neutralizing the capacitance of the crystal 
holder. 

phasing line — In facsimile, the portion of the scan- 
ning line set aside for the phasing signal. 

phasing pulse —A short pulse or signal employed 
for phasing the recorder with the transmitter in a television 
or facsimile system. 

phasing signal —In facsimile, a signal used for 
adjusting the position of the picture along the scanning 
line. 

phasing transformer— See phase-shifting trans- 
former. 

phasitron— A tube designed to produce a frequency- 
modulated audio signal, which is induced by a varying 
field from a magnet placed around the glass envelope of 
the tube. 

phasmajector — See monoscope. 

phasor— An entity that includes the concepts of 
magnitude and direction in a reference plane. 

pH electrode —Transducer sensitive to hydrogen 
ion concentration. The sensor comprises a thin-walled 
glass membrane (glass electrode) or spongy platinum 
exposed to gaseous hydrogen (hydrogen electrode) or 
platinum exposed to quinhydron (quinhydrone electrode), 
all of which develop an electric force proportional to the 
hydrogen-ion concentration of a solution when immersed 
in the solution. 

phenolic material — Any one of several thermoset- 
ting plastic materials available that may be compounded 
with fillers and reinforcing agents to provide a broad range 
of physical, electrical, chemical, and molding properties. 

phi polarization —In an electromagnetic wave, the 
state in which the E vector of the wave is tangential to 
the lines of latitude of some given spherical frame of 
reference. 

pH meter— An instrument used with a probe to 
determine the alkalinity or acidity of a solution. 

phon — The subjective unit for measuring the appar- 
ent loudness level of a sound. Numerically equal to the 
sound-pressure level, in decibels relative to 0.0002 micro- 
bar, of a 1000-hertz tone that is considered by listeners 
to be equivalent in loudness to the sound under consider- 
ation. 

phone — 1. A telephone. 2. An earphone. 3. A head- 
phone. 

phone jack — Also called telephone jack. 1. A jack 
designed for use with phone plugs. 2. Receptacle having 
two or more through circuits. May also have shunt circuits 
and/or isolated switching circuits. Used for extending 
circuits through mating plugs. Phone jacks are short or 
long types, depending on physical dimensions. 

phonemes — |. The minimal set of shortest segments 
of speech that, if substituted one for another, convert one 
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word to another. Phonemes are the elements on which 
computer speech are based. 2. A class of speech sounds 
that are alike, except as they are modified by the sound of 
adjacent letters. 3. A set of abstract units that can be used 
for writing a language in a systematic and unambiguous 
way. English has about 40 phonemes: 16 vowel phonemes 
and 24 consonent phonemes. 

phone phreak — 1. A person involved in exploring a 
telephone or computer network by routing calls manually. 
2. One who makes telephone calls without paying for 
them. 

phone plug— Also called telephone plug. A plug 
used with headphones, microphones, and other audio 
equipment. It is a male connecting device (almost always 
connected to a cable) that connects with a phone jack. 
Consists usually of finger and handle that comprise the 
through circuit, terminals, insulators, and handle. A cable 
clamp may or may not be part of a phone plug design. 
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phonetic alphabet—A list of standard words, one 
for each letter in the alphabet. It is used for distinguishing 
the letters in a spoken radio or telephone message. The 
list is as follows: 


Alfa November 


Bravo Oscar 
Charlie Papa 
Delta Quebec 
Echo Romeo 
Foxtrot Sierra 
Golf Tango 
Hotel Uniform 
India Victor 
Juliet Whiskey 
Kilo X-ray 
Lima Yankee 


Mike Zulu 


phonocardiogram-—A graphic recording of the 
sounds produced by the heart and its associated parts (e.g., 
its mitral or aortic valves). 

phonocardiograph — An instrument for recording 
sounds of the heart on a strip chart. 

phonocardiography — The recording and interpre- 
tation of the sounds of the heart. A typical instrument 
for this purpose consists of a microphone, an amplifier, a 
cathode-ray tube or strip-chart recorder, and sometimes a 
speaker or headset. 

phono cartridge —The means by which stylus 
movements are converted into an electrical signal. Various 
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versions of magnetic (moving iron, magnet, or coil), 
ceramic-crystal, capacitive (electret), and strain-gauge 
devices are in use. 

phonocatheter— A catheter-microphone combina- 
tion that is inserted through the artery into the heart. It 
picks up inner cardiac sounds. 

phonoelectrocardioscope —A dual-beam oscil- 
loscope that displays both ECG signals and heart-sound 
signals, 

phonograph — An instrument for reproducing sound. 
It consists of a turntable on which the grooved medium 
containing the impressed sound is placed, a needle 
that rides in the groove, and an electrical (formerly 
mechanical) amplifying system for taking the minute 
vibrations of the needle and converting them into 
electrical (formerly mechanical) impulses that drive a 
speaker. 

phonograph oscillator— An rf oscillator circuit 
whose output is modulated by a phonograph pickup and 
sent through space to a receiver. Thus, no wires to the 
receiver are needed. 

phonograph pickup — Also called mechanical re- 
producer, pickup, or phono pickup. A mechanoelectric 
transducer that is actuated by modulations present in the 
groove of a recording medium and that transforms this 
mechanical input into an electrical output. 

phono jack—A jack designed to accept a phono 
plug. Receptacle having two through circuits (coaxial 
oriented) primarily intended for connecting audio signals 
between phonograph and amplifiers. Now widely used for 
many other types of signal, including occasionally ri. 

phonon —1. A lattice vibration with which a dis- 
crete amount (quantum) of energy is associated. Some 
thermal and electrical properties of the lattice are the- 
oretically treated in terms of electron-phonon interac- 
tions. 2. Quantum of thermal energy used to help cal- 
culate the thermal vibration of a crystal lattice. 3. 
Sharply tuned radiation of superhigh-frequency sound 
waves. 

phonons — Packets of sound energy vibrating in a 
solid at ultrahigh frequencies — so high that the energy is 
commonly thought of as heat. 

phono pickup — See phonograph pickup. 

phono plug — A plug used at the end of a shielded 
conductor for feeding audio-frequency signals to a mating 
phono jack on an audio preamplifier or amplifier. 
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phonoselectroscope — A stethoscopic device that 
suppresses low frequencies (characteristic of the normal 
heart function) to permit detection of higher-frequency 
sounds. 

phosphor—1. A layer of luminescent material 
applied to the inner face of a cathode-ray tube. Dur- 
ing bombardment by electrons it fluoresces, and after 
the bombardment, it phosphoresces. 2. A material that 
emits light when excited (energized) by radiant energy. 
3. Generic name for the class of substances deposited on 
the inner surface of television tubes and other cathode- 
ray tubes that exhibit luminescence when stimulated by 
an electron beam. 4. The compound, typically poly- 
crystalline, that produces photons upon stimulation — for 
instance, by high-energy electrons or high electrostatic 
fields. 
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phosphor bronze— A frequently used and easily 
formed connector contact material, with good corrosion 
resistance and fair conductivity. 

phosphor-dot faceplate—1. The glass viewing 
screen on which the trios of color phophor dots are 
mounted in a three-gun picture tube. 2. Á glass plate in a 
tricolor picture tube. May be the front face of the tube or 
a separate internal plate. In either case, its rear surface is 
covered with an orderly array of tricolor lines or tricolor 
phosphor dots. When excited by electron beams in proper 
sequence, the phosphors glow in red, green, and blue to 
produce a full-color picture. 

phosphor dots— Minute particles of phosphor on 
the viewing screen of a picture tube. On a tricolor picture 
tube, the red, green, and blue phosphor dots are placed 
on the viewing screen in a pattern of dot triads—a 
phosphor dot of each color forming one-third of the 
triad. 


Phosphor dots. 


phosphorescence — 1. The emission of light from 
a substance for a long period after excitation has been 
removed. Essentially, it is time of persistence that distin- 
guishes phosphorescence from fluorescence. For example, 
the hands of clocks coated in radium salts glow after expo- 
sure to ordinary light. See also afterglow. 2. The emission 
of light from a source that is delayed by over 107° sec- 
onds following excitation. 3. Luminescence of a material 
that occurs while, and for some time after, the material 
has been stimulated by radiation energy. See also lumi- 
nescence. 

phosphorescence spectroscopy — The spectro- 
scopic study of the radiation emitted in the lifetime of 
phosphorescence. 

phosphors — Chemical substances that exhibit fluo- 
rescence when excited by ultraviolet radiation, X-rays, or 
an electron beam. The amount of visible light is propor- 
tional to the amount of excitation energy. If fluorescence 
decays slowly after the exciting source is removed, the 
substance is said to be phosphorescent. 

phosphor trio—In the phosphor screen of a tri- 
color kinescope, closely spaced triangular groups of three 
phosphor dots accurately deposited in interlaced posi- 
tions. 

phot— Abbreviated pt. The unit of illumination when 
the centimeter is taken as the unit of length; it is equal to 
1 lumen per square centimeter. 

photoacoustic effect — Generation of an acoustical 
signal by a sample exposed to modulated light. 
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photobiology — The study of the effects on living 
matter (or substances derived therefrom) of electromag- 
netic radiation extending from the ultraviolet through the 
visible light spectrum into the infrared. The conversion of 
electromagnetic energy into chemical energy. Photosyn- 
thesis is an important branch of photobiological investi- 
gation. 

photocathode — |. An electrode that releases elec- 
trons when exposed to light or other suitable radiation. 
Used in phototubes, television camera tubes, and other 
light-sensitive devices. 2. An electrode used to release 
photoelectric emission when irradiated, making it then 
the irradiated negative electrode of a phototube. 3. An 
electrode used for obtaining photoelectric emission. 

photocathode luminous sensitivity —The res- 
ponsivity of a photocathode to luminous energy; equal 
to the ratio of the photoelectric emission to the incident 
luminous flux. The measurement is made under specified 
conditions of illumination, usually with radiation from a 
tungsten-filament lamp operated at a color temperature 
of 2870 K. The cathode is usually illuminated by a 
collimated beam at normal incidence. 

photocathode radiant sensitivity — The ratio of 
the photoelectric emission current from the photocathode 
to the incident radiant flux. It is usually measured at a 
given wavelength under specified conditions of irradiation 
with a collimated beam at normal incidence. 

photocathode tube response — The photoemis- 
sion current resulting from a specified luminous flux from 
a tungsten lamp filament at a color temperature of 2870 K 
when the flux is fillered by a specified blue filter. 

photocell — See photoelectric cell. 

photochemical radiation — Energy in the ultravio- 
let, visible, and infrared regions used to produce chemical 
changes in materials. 

photochromic — Pertaining to a single-crystal inor- 
ganic material used as a display and storage element. The 
material can be from one of several families of materi- 
als, such as fluorides or titanates. The display color and 
storage time are determined by the amount and kind of 
doping of the material. 

photoconduction — An increase in the electrical 
conduction capability resulting from the absorption of 
electromagnetic radiation by the material. 

photoconductive cell— Also called photoresistive 
cell and photoresistor. 1. A photoelectric cell whose elec- 
trical resistance varies inversely with the intensity of 
light that strikes its active material. 2. A device for 
detecting or measuring electromagnetic radiation inten- 
sity by variation of the conductivity of a substance 
caused by absorption of the radiation. 3. Photosensor 
normally made of cadmium sulfide (CdS) or cadmium 
selenide (CdSe). Unlike the junction types, it has no junc- 
tion. The entire layer of material changes in resistance 
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when it is illuminated (analogous to a thermistor except 
the heat is replaced by light). 4. See photoconductive 
detector. 

photoconductive detector—A detector used in 
the spectral region from the optical to the far infrared. 
It is based on photoconductive effects in semiconductors 
that are sensitive to photons from light to lower energies 
of microwave quanta. See intrinsic photoconductivity; 
extrinsic photoconductivity. 

photoconductive device—A device that makes 
use of photoconductivity, such as a photoconductive cell. 

photoconductive effect— 1. The change of elec- 
trical conductivity of a material when exposed to vary- 
ing amounts of radiation. 2. The phenomenon in which 
some nonmetallic materials exhibit a marked increase in 
electrical conductivity on absorption of photon energy. 
Photoconductive materials include gases (ionization) as 
well as crystals. They are used in conjunction with 
semiconductor materials that are ordinarily poor conduc- 
tors but become distinctly conducting when subjected 
to photon absorption. The photons excite electrons into 
the conduction band, where they move freely, result- 
ing in good electrical conductivity. The conductivity 
increase is due to the additional free carriers generated 
when photon energies are absorbed in energy transitions. 
The rate at which free carriers are generated and the 
length of time they persist in conducting states (their 
lifetime) determine the amount of conductivity change. 
3. The alteration of electric conductivity produced by the 
absorption of yarying amounts of radiation composed of 
photons. 

photoconductive film — A film of material whose 
electrical current-carrying ability is enhanced when illu- 
minated by clectromagnetic radiation, particularly in the 
visible region of the frequency spectrum. 

photoconductive gain factor — The ratio of the 
number of electrons per second flowing through a circuit 
containing a cube of semiconducting material, whose 
sides are of unit length, to the number of photons per 
second of incident electromagnetic radiation absorbed in 
this volume. 

photoconductive material— Material having a 
high resistance in the dark, and a low resistance when 
exposed to the light. 

photoconductive meter— An exposure meter in 
which a battery supplies power through a photocon- 
ductive cell to an electrical current-measuring device, 
such as a millimeter, to measure the intensity of radi- 
ation, such as light intensity, incident on its active 
surface. 

photoconductive photodetector— A photode- 
tector that makes use of the phenomenon of photo- 
conductivity in its operation. Thus, it detects the pres- 
ence of electromagnetic radiation, particularly in the 
visible region of the frequency spectrum, by changing 
its electrical resistance in accordance with the intensity 
of the incident radiation, thus controlling the current 
from an applied bias voltage power source. Usually 
a source of voltage is needed to drive a current that 
will vary according to the variation in conductivity 
resulting from the variation in incident electromagnetic 
radiation. 

photoconductivity — 1. The greater electrical con- 
ductivity shown by some solids when illuminated. The 
incoming radiation transfers energy to an electron, which 
then takes on a new energy level (in the conduction band) 
and contributes to the electrical conductivity. 2. The abil- 
ity of a material to hold a charge of electricity (insulator) 
in the absence of light yet act as a conductor of electric- 
ity when exposed to light. 3. The increase in electrical 
conductivity displayed by many materials, particularly 


nonmetallic solids, when they absorb electromagnetic 
radiation. 4. Characteristic of a material that produces 
changes in the electrical conductivity of the material as a 
result of absorption of photons. 

photoconductor—1!. A passive, high-impedance 
device composed of thin single-crystal or polycrystalline 
films of compound semiconductor materials. When 
the sensitive surface is illuminated, its resistance 
decreases and, hence, its conductivity increases. 2. A 
light-sensitive resistor whose resistance decreascs with 
increases in light intensity, when illuminated. Consists 
of a thin single crystal or polycrystalline films of 
compound semiconductor substances. 3. A device whose 
electrical resistance varies in relationship with exposure 
to light. 4. A material, usually a nonmetallic solid, 
whose conductivity increases when it is exposed to 
electromagnetic radiation. 5. A metallic substance, such 
as selenium or cadmium sulfide, that is capable of 
conducting and retaining electrical charges. If any portion 
of a photoconductor is exposed to light, that part will 
lose its charge. Photoconductive materials are employed 
in the electrostatic process to retain a latent image (charge) 
of a document, which is subsequently imbued with toner 
particles to create an image. 

photocoupled solid-state relay—A relay in 
which the control signal activates the load circuit 
via a light source and photosensitive semiconductors; 
electrical isolation between input and output is com- 
plete. 

photocurrent — 1. The difference between light cur- 
rent and dark current in a photodetector. 2. See photoelec- 
tric current. 

photo-Darlington— A light-sensitive Darlington- 
connected transistor pair. The photo-Darlington has a very 
high sensitivity to illumination or radiation. 
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photodetector—1.A device that senses incident 
illumination. 2. Any device that utilizes the photoelectric 
effect to detect the presence of light. 3. A device that pro- 
vides an electrical output signal when subjected to radi- 
ation in the visible, infrared, or ultraviolet regions of the 
electromagnetic spectrum. Photodetectors are square-law 
detectors that respond to the intensity of light averaged 
over some time period. Photodiodes, phototransistors, and 
photo-Darlingtons are the most common types of photode- 
tectors. 4. A device capable of extracting the information 
from an optical carrier, i.e., a thermal detector or a pho- 
ton detector, the latter being used for communications 
more than the former. See photoconductive photodetector; 
photoelectromagnetic photodetector; photoemissive pho- 
todetector; photovoltaic photodetector. 

photodetector responsivity — The ratio of the rms 
value of the output current or voltage of a photodetector 
to the rms value of the incident optical power input. 
Note: In most cases, detectors are linear in the sense 
that the responsivity is independent of the intensity of the 
incident radiation. Thus, the detector response in amperes 
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or volts is proportional to incident optical power, watts. 
Differential responsivity applies to small variations in 
optical power. 

photodielectric effect —The effect, present in 
particular phosphors, that is defined as a transformation in 
the dielectric constant and of a material when illuminated. 
The effect is observed only in phosphors that show 
photoconductivity during luminescence. 

photodiffusion effect— 1. See Dember effect. 2. 
The potential difference between two areas of a semicon- 
ductor when one is exposed to light. 

photodiode — 1. A pn semiconductor diode designed 
so that light falling on it greatly increases the reverse 
leakage current, so that the device can switch and reg- 
ulate electric current in response to varying intensity of 
light. 2. A fiber optics receiver that changes light signals 
back to electrical signals. 3. A two-electrode radiation- 
sensitive junction formed in a semiconductor material in 
which the reverse current varies with illumination. 4. A 
junction diode that is responsive to radiant energy. Photo- 
diodes have a high degree of linearity between the input 
radiation and the output current. The resistance across 
the semiconductor junction changes as a function of the 
light falling on it. Photodiodes are very fast in response, 
but limited in sensitivity due to the small area of the 
junction. They have faster switching speeds than photo- 
transistors. 
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photodiode sensor array scanner— A type of 
scanner that employs a stationary configuration of tiny 
photodiodes arranged in a matrix that equals in width one 
lateral scan line of a document. An original is roller fed 
from a flatbed tray and passes by the sensor array one line 
at a time. Light is reflected from each line and focused 
through a lens onto the face of the photodiode array. Each 
diode acts as an independent photosensor in converting a 
small picture element into part of the total electrical signal 
for a scan line. 

photodischarge spectroscopy — Abbreviated 
PDS. A spectroscopic process that detects and ana- 
lyzes the discharge from an extrinsic surface with less 
than band-gap light. This method may determine the 
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extrinsic surface-state energy levels of a semiconductor 
surface. 

photoelasticity — Changes in the optical properties 
of transparent isotropic dielectrics subject to stress. 

photoelectric —Pertaining to the electrical effects 
of light or other radiation — i.e., emission of electrons, 
generation of a voltage, or a change in electrical resistance 
upon exposure to light. 

photoelectric absorption — Conversion of radiant 
energy into photoelectric emission. 

photoelectric alarm system— An alarm system 
that employs a light beam and photoelectric sensor to 
provide a line of protection. Any interruption of the 
beam by an intruder is sensed by the sensor. Mirrors 
may be used to change the direction of the beam. The 
maximum beam length is limited by many factors, some 
of which are the light source intensity, number of mirror 
reflections, detector sensitivity, beam divergence, fog, and 
haze. 

photoelectric beam-type smoke detector— A 
smoke detector that has a light source which projects 
a light beam across the area to be protected onto a 
photoelectric cell. Smoke between the light source and the 
receiving cell reduces the light reaching the cell, causing 
actuation. 

photoelectric cathode — A cathode whose primary 
function is photoelectric emission. 

photoelectric cell — Also called photocell. 1. A 
cell, such as a photovoltaic or photoconductive cell, 
whose electrical properties are affected by illumina- 
tion. The term should not be used for a phototube, 
which is a vacuum tube and not a cell. 2. A resis- 
tive, bulk-effect type of photosensor. Used when it is 
desirable to wire several photoreceivers in series or in 
parallel. 

photoelectric colorimeter— A colorimeter that 
uses a photoelectric cell and a set of color filters to 
determine, by the output current for each filter, the 
chromaticity coordinates of light of a given sample. 

photoelectric conductivity —The increased con- 
ductivity exhibited by certain crystals when struck by light 
(e.g., a selenium cell). 

photoelectric constant— A quantity that, when 
multiplied by the frequency of the radiation causing 
the emission of photoelectrons, gives (in centimeter- 
gram-second units) the voltage absorbed by the escaping 
photoelectron. The constant is equal to A/e, where h is 
Planck’s constant and see is the electron’s charge. 

photoelectric control — 1. The control of a circuit 
or piece of equipment in response to a change in 
incident light impinging on a photosensitive device. 
2. The control of an instrument or electrical circuit by 
the current produced by varying radiation incident to a 
photoelectric cell. 
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photoelectric counter — A device that registers a 
count whenever an object breaks the light beam shining 
on its phototube or photocell. An amplifier then boosts 
the minute energy to register on a mechanical or other 
type of counter. Slow counting rates can be recorded by 
a mechanical counter, but high rates require an electronic 
counter. 

photoelectric current—The stream of electrons 
emitted by a phototube when the cathode is exposed to 
light. 

photoelectric cutoff contro] —A photorelay cir- 
cuit used in machines for cutting long strips of paper, 
cloth, metal, or other material accurately into predeter- 
mined lengths or at predetermined positions. 

photoelectric effect—1. The transfer of energy 
from incident radiation to electrons in a substance. This 
phenomenon includes photoelectric emission of electrons 
from the surface of a metal, the photovoltaic effect, and 
photoconductivity. 2. Interaction between radiation and 
matter resulting in the absorption of photons and the 
consequent generation of mobile charge carriers. 3. The 
changes in material electrical characteristics due to photon 
absorption. 4. The emission of electrons as the result 
of the absorption of photons in a material. This effect 
is the means by which photons may be detected. (The 
photons can be of any energy, and the electrons can 
be released into a vacuum or into a second material. 
The material itself may be solid, liquid, or gas. Thus, 
photoelectromagnetic effects are photoelectric effects.) 

photoelectric electron-multiplier tube — A vac- 
uum phototube that employs secondary emissions to 
amplify the electron stream emitted from the illuminated 
photocathode. 

photoelectric emission — |. Electron emission due 
directly to the incidence of radiant energy on the emitter. 
2. The phenomenon of emission of electrons by certain 
materials on exposure to radiation in and near the visible 
region of the spectrum. 

photoelectric exposure meter—A device con- 
sisting of a microammeter, a photovoltaic cell, and a 
battery. Used for the measurement of scene brightness and 
the determination of correct exposure for photographic 
processes. 

photoelectric flame-fatlure detector — An in- 
dustrial electronic control employing a phototube and 
amplifier to actuate an electromagnetic or other valve that 
cuts off the fuel flow when the fuel-consuming flame is 
extinguished and light no longer falls on the phototube. 

photoelectric inspection — Quality control of a 
product by means of a phototube, light-beam system, and 
associated electronic equipment. 

photoelectric intrusion detector— A burglar- 
alarm system in which interruption of a light beam by 
an intruder reduces the illumination on a phototube, 
phototransistor, or photocell and thereby closes an alarm 
circuit. 

photoelectric liquid-level indicator —A level 
indicator in which the rising liquid interrupts the beam 
of light in a photoelectric control system. 

photoelectric material — Any material that will 
emit electrons when illuminated in a vacuum (e.g., 
barium, cesiuin, lithium, potassium, rubidium, sodium, 
and strontium). 

photoelectric multiplier— A phototube in which 
the primary photcemission current, prior to being extrac- 
ted at the anode, is multiplied many times. 

photoelectric phonograph pickup— A phono- 
graph reproducing device consisting essentially of a light 
source, a jewel stylus to which a very thin mirror is 
attached, and a selenium cell that picks up light reflected 
from the mirror. Sidewise movements of the stylus in the 


record groove cause the amount of reflected light to vary, 
and accordingly the resistance of the selenium cell. The 
light source is fed by a radio-frequency oscillator rather 
than from the power line, to eliminate hum caused by a 
60-hertz flicker from the light beam. 

photoelectric photometer — Also known as elec- 
tronic photometer. A photometer with a photocell, pho- 
totransistor, or phototube for measuring the intensity of 
light. See also electronic photometer. 

photoelectric photometry—The use of photo- 
electric sensors to detect and measure the intensity of a 
light source. This application, as compared with human 
observation, results in higher speeds of operation, a 
greater consistency of results, and superior accuracy in 
certain photometric situations. 

photoelectric pickup—A transducer that trans- 
forms a change in light into an electric signal. 

photoelectric pyrometer— 1. An instrument for 
measuring high temperatures from the intensity of the 
light given off by the heated object, 2. An instrument used 
to measure the temperature of a source through the use 
of photoelectric cells to detect and measure the intensity 
of the light emitted by the source. 

photoelectric reader— A device that reads infor- 
mation stored in the form of holes punched in paper tape 
or cards, by sensing light passed through the holes. 

photoelectric receiver — An instrument that uses a 
photocell to detect and measure the intensity of incident 
light. 

photoelectric recorder— An optical recording 
instrument employing a light source and phototube for 
the basic measuring element. 

photoelectric  reflectometer— A photoelectric 
photometer used to measure the reflectance of a surface. 

photoelectric register control — A photoelectric 
device used for controlling the position of a strip of paper, 
cloth, metal, etc., with respect to the machine through 
which it is being passed. 

photoelectric relay — Also called light relay. 1. A 
relay combined with a phototube (and amplifier, if nec- 
essary), so arranged that changes in incident light on the 
phototube cause the relay contacts to open or close. 2. A 
relay that opens or closes an electrical circuit depending 
on the intensity of the light incident to a photoelectric 
device connected to the relay. 

photoelectric scanner—.A light source, lens sys- 
tem, and one or more phototubes in a single, compact 
housing. It is mounted a few inches above a moving 
surface, where it actuates control equipment when the 
amount of light reflected from the surface changes. 

photoelectric sensitivity — Also called photoelec- 
tric yield. 1. The rate at which electrons are emitted from 
a metal per unit radiant flux at a given frequency. 2. That 
property of a material that determines its ability to release 
electrons when absorbing photons. 

photoelectric sensor — A device that detects a vis- 
ible or invisible beam of light and responds to its complete 
or nearly complete interruption. See also modulated pho- 
toelectric alarm system; photoelectric alarm system. 

photoelectric smoke detector — A photoelectric 
instrument used to measure the density of smoke and to 
sound an alarm when a predetermined smoke density is 
exceeded. 

photoelectric sorter — An industrial-electronic con- 
trol employing a light beam, phototube, and amplifier to 
sort objects according to color, size, shape, or other char- 
acteristics. 

photoelectric spectrophotometer—A system 
consisting of a spectrophotometer with a photoelectric 
detector for measurement of radiant energy. 
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photoelectric spot-type smoke detector—A 
smoke detector that contains a chamber with covers that 
prevent the entrance of light but allow the entrance 
of smoke. The chamber contains a light source and a 
photosensitive cell so placed that light is blocked from 
it. When smoke enters, the smoke particles scatter and 
reflect the light into the photosensitive cell, causing an 
alarm. 

photoelectric threshold—The quantum energy 
just sufficient to release photoelectrons from a given 
surface. The corresponding frequency is the critical, or 
threshold, frequency. 

photoelectric timer — An electronic instrument that 
automatically turns off an X-ray machine or other photo- 
graphic device when the film reaches the correct exposure. 

photoelectric transducer — A transducer that con- 
verts changes in light energy into electrical changes. 

photoelectric tube — See phototube. 

photoelectric work function — The energy requi- 
red to transfer electrons from a given metal to a vacuum or 
other adjacent medium during photoelectric emission. It is 
sometimes expressed as energy in ergs or joules per unit 
of emitted charge, and sometimes as energy per electron 
in electron volts. 

photoelectric yield — See photoelectric sensitivity. 

photoelectromagnetic effect — Also called pho- 
tomagnetoelectric effect. 1. The production of a poten- 
tial difference by virtue of the interaction of a magnetic 
field with a photoconductive material that is subjected to 
incident radiation. (The incident radiation creates hole- 
electron pairs that diffuse into the material. The magnetic 
field causes the pair components to separate, resulting in 
a potential difference across the material. In most appli- 
cations the light is made to fall on a flat surface of an 
intermetallic semiconductor located in a magnetic field 
that is parallel to the surface, excess hole-electron pairs 
are created, and these carriers diffuse in the direction of 
the light but are deflected by the magnetic field to give a 
current through the semiconductor that is at right angles 
to both the light rays and the magnetic field. This is due to 
transverse forces acting on electrons and holes diffusing 
into the semiconductor from the surface.) 2. Interaction 
of a magnetic field with a photoconductive substance 
exposed to light waves to create a potential difference. 
3, See Dember effect. 

photoelectromagnetic photodetector — A pho- 
todetector that makes use of the photoelectromagnetic 
effect; namely, it uses an applied magnetic field. 

photoelectromotive force — |. Electromotive 
force caused by photovoltaic action. 2. The force that 
stimulates the emission of an electric current when photo- 
voltaic action creates a potential difference between two 
points. 

photoelectrons — 1. The electrons emitted from a 
metal in the photoelectric effect. 2. The electrons released 
in photoelectric activity. 

photoemission — See photoelectric emission. 

photoemissive — Capable of emitting electrons 
when under the influence of light or other radiant energy. 

photoemissive cell—1.A device that detects or 
measures radiant energy by measurement of the resulting 
emission of electrons from a surface that has or displays a 
photoemissive effect. 2. See also photoemissive detector. 

photoemissive detector— 1. An electron tube in 
which the anode current varies with the intensity of light 
incident on the cathode. 2. A photosensor that measures 
light by the emission in a vacuum of one electron per 
photon impinging on a metal photocathode. 

photoemissive effect —The emission of electrons 
as a result of incident radiation. 


photoemissive photodetector — A photodetector 
that makes use of the photoemissive effect. Usually an 
applied electric field is necessary to attract or collect the 
emitted electrons. 

photoemissive tube photometer — A photometer 
that uses a tube made of a photoemissive material. It is 
highly accurate, requires electronic amplification, and is 
used mainly in laboratories. 

photoemissivity — The property of a substance that 
causes it to emit electrons when electromagnetic radiation 
in the visible region of the frequency spectrum is incident 
on it. Normally an electric field is applied to collect the 
emitted electrons. 

photofabrication — The production of precise sha- 
pes in metal or other substances by recording a precise 
photographic image on the surface of the substance 
and etching away the unprotected areas by chemical or 
electrical means. 

photoflash — A means of firing expendable flash- 
bulbs with an instantaneous surge of current supplied by 
two or more 1.5-volt single-cell batteries, or by the dis- 
charge of a capacitor that has been charged to full capacity 
by a medium-voltage battery. 

photoflash bulb—1. An oxygen-filled glass bulb 
containing a metal foil or wire. A surge of current heats 
the metal to incandescence, and a brilliant flash of light 
is produced when the wire burns in the oxygen. 2. A 
glass bulb packed with a highly inflammable mixture of 
zirconium, wool, and glass. The mixture is ignited and 
produces an instantaneous flash when a small powder- 
filled primer cap in the base of the bulb is set off by a 
small hammer. 

photoflash tube — See flash tube. 

photoflood lamp — An incandescent lamp employ- 
ing excess voltage to give brilliant illumination. Used in 
television and photography, it has a life of only a few 
hours. 

photogalvanic cell —A cell that generates an elec- 
tromotive force when light falls on either of the electrodes 
immersed in an electrolyte. 

photogalvanometer— An instrument for recording 
the electric variations produced by emotional stresses. 

photogenerator —A semiconductor-junction device 
that emits light when pulsed. 

photoglow tube—A gas-filled phototube used as 
a relay. This is done by making the operating voltage 
so high that ionization and a glow discharge occur, 
accompanied by considerable current, when a certain 
illumination is reached. 

photographic writing speed— A figure of merit 
used to describe the ability of a particular combination 
of camera, film, oscilloscope, and phosphor to record a 
high-speed trace. It expresses the maximum single-event 
spot velocity (usually in centimeters per microsecond) that 
can be recorded on film as an image just discernible to 
the eye. 

photoionization — Ionization occurring in a gas as 
a result of visible light or ultraviolet radiation. 

photoisland grid— A photosensitive surface in the 
storage-type Farnsworth dissector tube used with televi- 
sion cameras. It comprises a thin, finely perforated (about 
400 holes per square inch or 62 per square centimeter) 
sheet of metal. (No longer used in current equipment.) 

photojunction battery — A nuclear-type battery in 
which the radioactive material, promethium 147, irradi- 
ates a phosphor that converts nuclear energy into light. 
The light is then converted to electrical energy by a small 
Silicon junction. 

photolithography — 1. The process whereby pat- 
terns are etched into an oxide or similarly passive layer 
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coating a semiconductor crystal wafer, using a photore- 
sist process followed by an etchant. The remaining oxide 
material thus forms a precisely located miniature mask, 
used to control impurity doping and contact metallization. 
2. The process used to print the masks on the wafer. It 
involves a photosensitive emulsion and selective etching 
analogous to commercial lithography. 
photoluminescence — Luminescence stimulated by 
visible light or ultraviolet radiation. A special case of elec- 
troluminescence that involves a light-to-light conversion, 
the emitted light differing from the stimulating radiation 
in frequency. 
photomagnetic effect — The direct effect of light 
on the magnetic susceptibility of certain substances. 
photomagnetoelectric effect—1. The produc- 
tion in a semiconductor of an electromotive force normal 
to both an applied magnetic field and to a photon flux of 
proper wavelength. 2. See photoelectromagnetic effect. 
photomask—1. A photographic template through 
which images are transferred by light onto a photoresist 
coating. 2. A transparent plate slightly larger than a silicon 
slice, containing numerous tiny opaque spots, used in 
the planar diffusion process as a shadow mask over a 
slice coated with photoresist to expose the surface of the 
slice to acid in desired spots in a later step. 3. A square, 
flat, glass substrate, coated with a photographic emulsion 
or a very thin layer of metal, on which appear several 
hundred circuit patterns (each containing thousands of 
images). The patterns are exposed onto semiconductor 
wafers. 4. A square-shaped glass substrate, coated with 
either an extremely thin metal layer or a photographic 
emulsion, on which hundreds of complex circuit patterns 
have been precisely reproduced. Each circuit pattern 
contains literally thousands of geometric images, some as 
small as 50 millionths of an inch (1.27 um). In much the 
same way as a photograph is made from a conventional 
negative in a darkroom, the patterns on the mask are 
exposed onto a photosensitive wafer surface during each 
step of the semiconductor wafer processing operation. In 
projection printing of wafers, the photomasks used are 
called master plates. In contact printing copies of the 
master plates, called working plates, are used. As many 
as 7 to 10 different photomasks typically are required to 
manufacture a single type of multilayered semiconductor 
device. 
photometer— 1. An instrument for measuring the 
intensity of a light source or the amount of illumination, 
usually by comparison with a standard light source. 
2. A device used to compare the luminous intensities of 
two sources by comparing the illuminance they produce. 
3. See photoemissive tube photometer. 
photometric — Related to measurements of light. 
photometric equipment— Photocells of various 
kinds used to measure photometric quantities, i.e., inten- 
sity, luminance, and illuminance. Meter readings are used 
to express illuminance and, by calibration, to measure 
intensity and luminance. Other photometric quantities 
requiring Measurement include transmission and reflec- 
tion densities in photography, the reflectance of a mirror 
or a screen, and the transmittance of an optical instrument. 
photometry — 1. The techniques for measuring lu- 
minous flux and related quantities (e.g., luminous inten- 
sity, illuminance, luminance, luminosity). 2. The science 
of the measurement of light intensity, where light refers 
to the total integrated range of radiation to which the eye 
is sensitive. It is distinguished from radiometry, in which 
each separate wavelength in the electromagnetic spectrum 
is detected and measured, including the ultraviolet and 
infrared. 3. The science devoted to the measurement of 
the effects of electromagnetic radiation on the eye. Pho- 
tometry is an outgrowth of psychophysical aspects and 
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involves the determination of visual effectiveness by con- 
sidering radiated power and the sensitivity of the eye to 
the frequency in question. 

photomultiplier pulse-height resolution—A 
measure of the smallest change in the number of electrons 
emitted during a pulse from the photocathode that can be 
discerned as a change in output-pulse height. 

photomultiplier tube — See multiplier phototube. 

photon— 1. A quantum of electromagnetic energy. 
The equation is E = hv, where E is the energy, h 
is Planck’s constant and v is the frequency associated 
with the photon. The momentum of the photon in the 
direction of propagation is hv/c, where e is the velocity 
of light. 2. A quantum of light; used to help describe 
characteristics of light in conjunction with the wave 
theory of light. 3. A quantum of electromagnetic cnergy 
carried in a small amount and moving with the speed 
of light. Optical photons have energies corresponding to 
wavelengths between 120 and 1800 nanometers. 4. The 
smallest unit of radiant energy. 5. Particle carrying the 
energy associated with electromagnetic radiation. 6. An 
elementary particle of light. 

photon-coupled isolator — A circuit-coupling de- 
vice consisting of an infrared emitter diode coupled to a 
photon detector over a short shielded light path, which 
provides extremely high circuit isolation. 

photon coupling — Coupling between circuits by a 
beam of light. 

photon detector — A device that responds to inci- 
dent photons. 

photonegative — Having a negative photoconducti- 
vity — hence, decreasing in conductivity (increasing in 
resistance) under the action of light. Selenium sometimes 
exhibits this property. 

photon energy— Planck’s constant times photon 
frequency. 

photon flux— Incident photons per second. The 
product of photon energy and flux is radiant power. 

photonics — The technology of generating and har- 
nessing light and other forms of radiant energy, whose 
unit is the photon. The range of applications of photonics 
extends from energy generation to detection to communi- 
cations and information processing. 

photo-optic memory — A memory that uses an 
optical medium for storage. For example, a laser might 
be used to record on photographic film. 

photo-optics — The combination of an input light 
source and a photoreceiver producing an output signal, 
assembled either separately or in a single package. 

photoparametric diode — A pill-sized device for 
simultaneously detecting and amplifying optical energy 
modulated at microwave frequencies. 

photophone — A device for converting variations in 
light intensity into sound. 

photoplotter— Device used to generate artwork 
photographically for printed circuit boards. 

photopolymer hologram— A holographic plate 
coated by photopolymeric mixtures that are composed 
of one or more monomers and a photoredox catalyst 
sensitized to visible light. The material becomes a plastic 
solid when exposed to ultraviolet light and, thus, produces 
a nonerasable hologram. 

photopolymer material — A photosensitive plastic 
that can be formed optically by photographic methods into 
three-dimensional configurations to reproduce a planar 
image precisely and in depth. 

photopositive — Having a positive photoconducti- 
vity —hence, increasing in conductivity (decreasing in 
resistance) under the action of light. Selenium ordinarily 
has this property. 
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photoradiometer — Instrument for measuring the 
intensity and penetrating power of radiation. 

photoreceiver—A unit consisting of photosensor, 
focusing lens, and protective enclosure. 

photorelay circuit— A form of on-off control actu- 
ated by a change of illumination. 

photoresist— 1. A solution that when exposed to 
ultraviolet light becomes extremely hard and resistant to 
etching solutions that dissolve materials such as silicon 
dioxide. 2. A liquid plastic that hardens into a tough acid- 
resistant solid when exposed to ultraviolet light. 3. A 
chemical substance rendered insoluble by exposure to 
light. By means of a photoresist, a selected pattern can 
be imaged on a metal. The unexposed areas are washed 
away and are then ready for etching by acid or doping to 
make a microcircuit. 4, A material that selectively allows 
etching of a wafer when photographically exposed. With 
a negative resist, the resist film under the clear area of 
a photomask undergoes physical and chemical changes 
that render it insoluble in a developing solution. In a 
positive resist, the same areas after exposure are soluble 
in the developing solution, so they disappear, permitting 
development of the exposed pattern underneath. 5. A 
light-sensitive liquid that is spread as a uniform thin 
film on a wafer or substrate. After baking to solidify the 
liquid, exposure of specific patterns is performed using a 
photomask. Material remaining after development shields 
regions of the wafer from subsequent etch or implant 
operations. 

photoresistive cell — See photoconductive cell. 

photoresistive or photoconductive transduc- 
tion — Conversion of the measurand into a change in the 
resistance of a semiconductor material (by changing the 
illumination incident on the material). 

photoresistor— 1. A semiconductor resistor that, 
when illuminated, drops in resistance. 2. See photocon- 
ductive cell. 

photosensitive — Capable of emitting electrons 
when struck by light rays. 

photosensitive field-effect transistor — A spe- 
cial unipolar field-effect transistor (FET) structure that is 
positioned on a header to receive illumination transmitted 
through a lens in the top of the header can. It combines 
the circuit and device characteristics of a photodiode and 
a high-impedance low-noise amplifier. 

photosensitive recording—Recording by the 
exposure of a photosensitive surface to a signal-controlled 
light beam or spot. 

photosensitive semiconductor — A semiconduc- 
tor material in which light energy controls the current- 
carrier movement. 

photosensitivity — That property of materials deter- 
mining that they react when exposed to light energy. 

photosensor — The light-sensitive device in a pho- 
toelectric control that converts a light signal into an elec- 
tric signal. 

photosphere — The outermost luminous layer of the 
gaseous body of the sun. 

photoswitch — A solid-state device that functions as 
a high-speed power switch activated by incident radiation. 
See also LASCR; LASCS. 

phototelegraphy—In facsimile, the process of 
sending photographs over a wire. 

photothyristor— A thyristor whose switching action 
is controlled by light applied to the thyristor gate. 

phototransistor — 1. A junction transistor with its 
base exposed to light through a lens in the housing. The 
collector current increases as the light intensity increases, 
because of the amplification of the base current by the 
transistor structure. The device may have only collector 
and emitter leads, or it may also have a base lead. 2. A 
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light-sensitive transistor that delivers an electrical output 
proportional to the light intensity at its input. The low- 
level photocurrent that is generated is amplified by the 
current gain of the transistor. The base region (or gate in 
a FET) may or may not be brought out as an external 
terminal. 3. Transistor having a base-collector acting as 
a photodiode. Light generates a base current that tums 
on the working current through the transistor. This gives 
a much larger current than a simple photodiode. 4. A 
transistor whose electrical output current is proportional to 
the intensity and wavelength of a beam of electromagnetic 
radiation applied to its input. 5. A solid-state device 
similar to an ordinary transistor except that incident 
light on the pn junctions regulates the response of this 
device. It has built-in gain and a greater sensitivity than 
that of photodiodes. 6. A type of photosensor, typically 
used where speed of response is critical or ambient 
temperature variations are great. 7. A transistor utilizing 
the photoelectric effect. 
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phototronic cell —1. A type of photovoltaic cell 
in which a voltage is generated in a layer of selenium 
during exposure to visible or other radiation. 2. See 
photovoltaic cell. 

phototronic photocell — See photovoltaic cell. 

phototube — Also called photoelectric tube. An elec- 
tron tube containing a photocathode. Its output depends 
on the total photoelectric emission from the irradiated area 
of the photocathode. 

phototube bridge circuit—A circuit in which 
a phototube is one arm of a bridge circuit. With such 
a circuit, a balanced condition (no signal output) can 
be reached under either a black-signal or white-signal 
condition, depending on the impedance adjustments in the 
other arms. 
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phototube relay— An electrical relay in which 
the action of a beam of light on a phototube operates 
mechanical devices such as counters and safety controls, 

phototypesetting — The setting of type via elec- 
tronic or electromechanical optical systems onto photo- 
graphic paper or film. Input to such devices can be by 
direct kevboard entry, paper tape, or magnetic media. 
Fonts are contained on reduced character matrices through 
which light is flashed and focused to expose the photo- 
graphic medium. 

photovaristor—-A varistor in which the current- 
voltage relation may be modified by illumination. Cad- 
mium sulfide and lead telluride exhibit such properties. 

photovoltaic — Capable of generating a voltage 
when exposed to visible or other light radiation. 

photovoltaic cell— Also called barrier-layer pho- 
tocell, boundary-layer photocell, self-generating cell, 
solar cell, and phototronic photocell. |. A semiconductor 
device that converts light into electrical energy. 2. A pho- 
tosensor that generates a voltage across a pn junction as 
a function of the photons impinging on it. Usually made 
of selenium or silicon. Photosensors require no external 
power supply. 3. A photosensor that converts radiant flux 
directly to electrical current. The self-generating solar cell 
is very similar to an electrical battery. Barrier-layer cells 
are manufactured in large quantities for use in photo- 
graphic exposure meters. The voltage generated by each 
cell is small, but series connection of a large number of 
cells in an array is possible. 4. A device that detects or 
measures radiant energy by the production of a source 
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of voltage proportional to the incident radiation intensity. 
It is possible to operate a photovoltaic cell without an 
additional source of voltage, since it develops a voltage. 
The cell detects or measures electromagnetic radiation 
by generating a potential at a junction (barrier layer) 
between two types of material on absorption of radiant 
energy. 

photovoltaic converter— A device for converting 
light to electric energy by means of the photovoltaic 
effect. 

photovoltaic effect— í. The generation of a volt- 
age (or an electric field) in a material that is illuminated 
with radiation of a suitable wavelength. 2. The produc- 
tion of a voltage across a semiconductor pn junction 
due to the absorption of photon energy. The potential is 
caused by the diffusion of hole-electron pairs (which the 
incident photons cause to shift or increase) across the 
junction potential barrier, leading to direct conversion of 
a part of the absorbed energy into usable electromotive 
force (voltage). Usually the photovoltaic effect involves 
the production of a voltage in a nonhomogeneous semi- 
conductor, such as silicon, or at a junction between two 
types of material. 3. The generation of a difference in 
electric potential between two electrodes when radiation 
is incident to one of them. 

photovoltaic meter — An exposure cell in which a 
photovoltaic cell produces a current proportional to the 
light intensity (or area exposed) falling on the cell. and 
this current is measured by a sensitive current-measuring 
device, such as a microammeter. 

photovoltaic photodetector— A photodetector 
that makes use of the photovoltaic effect. A source 
of voltage is usually not needed for the photovoltaic 
photodetector, since it is its own source of voltage. 

photovoltaic transduction—Conversion of the 
measurand into a change tn the yoltage generated when a 
junction of dissimilar material is illuminated. 

photox cell —A type of photovoltaic cell in which a 
voltage is generated between a copper base and a film 
of cuprous oxide during exposure to visible or other 
radiation. 

photran— A triode pnpn-type switch of the reverse- 
blocking pnpn-type switch class. The photran provides 
optical triggering in addition to standard gate-terminal 
triggering. 

physical configuration — The arrangement of mat- 
erials, components, and wires on a structural assembly 
for physical strength, conservation of size, and minimal 
electrical interaction. 

physical device — An actual peripheral hardware 
device, such as a line printer, terminal, card reader, 
or paper-tape punch, thal is attached to a computer 
system. 

physiological patient monitor——A device for 
automatically measuring and/or recording one or several 
physiological variables and responses of a patient, includ- 
ing heart potential, blood flow, blood pressure, pulse rate, 
respiration rate, temperature, etc. 

pi— The Greek letter 7. It designates the value of 
the ratio of the circumference of a circle to its diameter, 
approximately 3.14159. 

PIC — See position-independent code. 

picket fencing — Rapid flutter of the signal from a 
mobile station. Caused by reflections of the signal from 
trees and telephone poles. 

pickoff—A device that produces a signal output, 
generally a voltage, as a function of the angle between 
two gimbals or between a gimbal and a base. 

pickup — 1. A device that converts a sound, scene, 
or other form of intelligence into corresponding electric 
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signals (e.g., a microphone, television camera, or phono- 
graph pickup). 2, The minimum current, voltage, power, 
or other value that will trip a relay. 3. Interference from 
a nearby circuit or system. 

pickup arm — See tonearm. 

pickup cartridge — The removable portion of a 
pickup arm. It contains the electromechanical transducing 
elements and the reproducing stylus. 


Pickup cartridge. 


pickup current — Also called pull-in current. That 
current at which a magnetically operated device starts to 
operate. 

pickup head — The end of the pickup arm containing 
the cartridge. It is often removable from the arm and is 
usually called the head shell. 

pickup spectral characteristic — In television, 
the spectral response of the camera tube including the 
optical parts. It converts radiation into electric signals, 
which are measured at the output terminals of the pickup 
tube. 

pickup tube—A television camera image pickup 
tubc, 

pickup value (voltage, current, or power) — The 
minimum value that will energize the contacts of a relay. 
See also dropout value; hold current, 

pickup voltage — That voltage at which a magneti- 
cally operated device starts to operate. 

pico-— Prefix meaning 107", (Formerly micromi- 
cro.) Letter symbol: p. 

picoammeter — A sensitive ammeter that indicates 
current values in picoamperes. 

picoampere — One-millionth of a 
(107! ampere). Letter symbol: pA. 

picocoulomb — One-millionth of a microcoulomb 
(107** coulomb). Letter symbol: pC. 

picofarad — One-millionth of a microfarad (107?? 
farad); formerly micromicrofarad. Called puff in England. 
Letter symbol: pF. 

picosecond — A micromicrosecond (107'? second); 
one-thousandth of a nanosecond. Letter symbol: ps. 

picowatt-—One-millionth of a microwatt (107 
watt). Letter symbol: pW. Formerly called micromi- 
crowatt. 

pictorial wiring diagram — A wiring diagram con- 
taining actual sketches of components and clearly show- 
ing all connections between them. 
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picture black — Also called black signal. In facsim- 
ile, the signal produced at any point by the scanning of a 
selected area of subject copy having maximum density. 

picture brightness-—A measure of the brightness 
of the highlights in a television picture, usually measured 
in foot-lamberts. 

picture carrier — Also called luminance carrier. The 
carrier frequency 1.25 MHz above the lower frequency 
limit of a standard NTSC television signal. In color 
television, this carrier is used for transmitting lumi- 
nance information, the chrominance subcarrier, which 1s 
3.579545 MHz higher in frequency, transmits the color 
information. 

picture element— Also called elemental area. criti- 
cal area, scanning spot, or recording spot. |. In facsimile, 
that portion of the subject copy that is seen by the scanner 
at any instant. It can be considered a square area hav- 
ing dimensions equal to the width of the scanning line. 
2. In television, any segment of a scanning line whose 
dimension along the line is exactly equal to the nominal 
line width. The area being explored at any instant in the 
scanning process. 3. See pixel. 

picture freeze — A TV mode that makes it possible 
to “freeze” an image to study specific details at ease. 

picture frequency — The number of complete pic- 
tures scanned per second in a television system. 

Picture-in-Picture — Abbreviated PIP. 

picture line standard — The total number of hori- 
zontal lines in a complete television image. The standard 
in the United States is 525 lines (NTSC standard). 

picture monitor — A cathode-ray tube and its asso- 
ciated circuits arranged for viewing a television pic- 
ture. 

picture signal— In television, the signal resulting 
from the scanning process. 

picture-signal amplitude—The difference be- 
tween the white peak and the blanking level of a video 
signal. 

picture-signal polarity — The polarity of the signal 
voltage that represents a dark area of a scene given with 
respect to the signal voltage representing a light arca. 
Expressed as black negative or black positive. 

picture size — The usable viewing area on the screen 
of a television receiver, measured in square inches. 

picture-synchronizing pulse — See vertical-syn- 
chronizing pulse. 

picture transmission —Electric transmission of a 
shaded (halftone) picture. 

picture transmitter — See visual transmitter. 

picture tube — 1. The cathode-ray tube in a TV 
monitor or receiver on which the picture is produced by 
variation of the beam intensity as the beam scans the 
raster, 2. See kinescope, 1. 

picture-tube brightener— An accessory added to 
an aging picture tube to increase the image brightness 
and thereby extend its useful life. The brightener raises 
the filament voltage and thereby increases the electron 
emission from the cathode. 

PIDD — Acronym for positive identification and detec- 
tion. A passive terminal homing device for identifying 
ships by radar signatures. 

Pierce oscillator— Basically a Colpitts oscillator 
in which a piezoelectric crystal is connected between 
the plate and grid (or collector and base, or drain and 
gate). Voltage division is provided by the interelectrode 
capacitances of the circuit. 

pie winding — A winding constructed from individ- 
ual washer-shaped coils called pies. 

piezodielectric — Pertaining to a change in dielec- 
tric constant under mechanical stress. 
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piezoelectric — 1. The property of certain crystals 
that produce a voltage when subjected to a mechanical 
stress, or undergo mechanical stress when subjected to 
a voltage. (The word is derived from the Greek piezein, 
meaning to squeeze or press.) 2. A speaker drive principle 
using a ceramic element that expands or bends under the 
application of a signal voltage. This deflection generates 
a sound output. Used in some tweeter designs. 3. The 
conversion of mechanical energy, such as mechanical 
stress, to electric energy. 

piezoelectric accelerometer— |. Basically a cry- 
stailine material that, when force is applied, generates a 
charge. Through the incorporation of a mass in direct 
contact with the crystal, an acceleration transducer is 
produced. 2. A transducer that converts dynamic force 
(vibration) into electrical energy, ie., it is a charge 
generator. 

piezoelectric axis — With respect to a crystal, one 
of the paths or axes that will exhibit a piezoelectric charge 
when subject to tension or compression. 

piezoelectric crystal — 1. A piece of natural quartz 
or other crystalline material capable of demonstrating the 
piezoelectric effect. A quartz crystal, when ground to cer- 
tain dimensions, will vibrate at a desired radio frequency 
when placed in an appropriate electric circuit. 2. A sub- 
stance that has the ability to become electrically polarized 
and has strong piezoelectric properties in it, so cut as to 
emphasize the coupling to some distinct mechanical mode 
of the crystal. Used as an electromechanical transducer. 

piezoelectric crystal cut—The orientation of a 
piezoelectric crystal plate with respect to the axes of the 
crystal. It is usually designated by symbols; e.g., GT, AT, 
BT, CT, and DT identify certain quartz-crystal cuts having 
very low temperature coefficients. 

piezoelectric crystal element — A piece of piezo- 
electric material cut and finished to a specified shape and 
orientation with respect to the crystallographic axes of the 
material. 

piezoelectric crystal plate — A piece of piezoelec- 
tric material cut and finished to specified dimensions and 
orientation with respect to the crystallographic axes of the 
material and having two essentially parallel surfaces. 

piezoelectric crystal unit—A complete assem- 
bly comprising a piezoelectric crystal element mounted, 
housed, and adjusted to the desired frequency, with means 
for connecting it into an electric circuit. Such a device is 
commonly employed for frequency control or measure- 
ment, electric wave filtering, or interconversion of electric 
and elastic waves. 

piezoelectric device — A substance that generates 
an electric voltage when bent, squeezed, or twisted. 
Conversely, when a voltage is applied, it will twist, bend, 
expand, or contract. 
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piezoelectric effect — |. The mechanical deformity 
of certain natural and synthetic crystals under the influ- 
ence of an electric field. This effect is used in high- 
precision oscillators and certain high-frequency filters. 
2. The property of certain natural and synthetic crystals 
to produce a voltage when subjected to mechanical stress 
(compression, expansion, twisting, etc.). 3. The interac- 
tion between electrical and mechanical stress-strain fac- 
tors in a material. In particular natural and synthetic crys- 
tals, i.e., those that have no center of symmetry, it is a 
property, and the effect is linear in a field of strength. 
Thus, when a quartz crystal is compressed, an electro- 
Static voltage is generated across it, or when an electric 
field is applied, the crystal may expand or contract in par- 
ticular directions. 4. The property of some crystals such as 
quartz, tourmaline, and Rochelle salt, when compressed in 
certain directions, of showing electric charges of opposite 
polarity on pairs of the crystal face. The charges are pro- 
portional to the pressure, and disappear when the pressure 
is removed. 

piezoelectricity—The phenomenon whereby cer- 
tain crystalline substances, such as barium titanate, gener- 
ate electrical charges when subjected to mechanical defor- 
mation. The effect was first noticed by the Curie brothers 
in the 1880s as a result of extensive study of the symmetry 
of crystalline materials. The reverse effect also occurs. 

piezoelectric loudspeaker— See crystal loud- 
speaker. 

piezoelectric material— A material that generates 
an electrical output when subjected to a mechanical stress. 

piezoelectric microphone — See crystal micro- 
phone. 

piezoelectric oscillator— A crystal-oscillator cir- 
cuit in which the frequency is controlled by a quartz 
crystal. See also Pierce oscillator. 

piezoelectric pickup—- 1. A type of cartridge 
whose generating element is a ceramic, crystal, or electret 
that generates electricity when bent, twisted, or stressed. 
The output of such cartridges can be fairly high. It is also 
proportional to the amplitude of the stylus motion, rather 
than stylus velocity, and so requires no equalization. Both 
these factors allow the use of simpler input circuits, one 
reason why piezoelectric (chiefly ceramic) cartridges are 
used in low-cost equipment. 2. See crystal pickup. 

piezoelectric pressure gage— An apparatus for 
measuring or recording very high pressures. The pressure 
is applied to quartz discs or other piezoelectric crystals. 
The resultant voltage, after amplification, is then mea- 
sured or is recorded with an oscillograph. 

piezoelectric speaker — See crystal speaker. 

piezoelectric transducer— Also called ceramic 
or crystal transducer. A transducer that depends for its 
operation on the interaction between the electric charge 
and the deformation of certain asymmetric crystals having 
piezoelectric properties. 

piezoelectric transduction —The conversion of 
the measurand into a change in the electrostatic charge 
or voltage generated by mechanically stressed crystals. 

piezoid— The finished crystal blank. It may also 
include the electrodes for making contact with the crystal. 

piezo-optical transducer — A structure consisting 
of a thin film of liquid crystal sandwiched between light- 
polarizing filters that have received a surface lubricant. 
Depending on the motion, the transducer acts as a highly 
sensitive detector by virtue of the sensitivity of the liquid 
crystal that is made to float by the lubricant between the 
plates. It produces a readily visible and cclorful optical 
pattern that is dependent on the amount of disturbance. 

piezoresistance — Resistance that changes with 
pressure. 
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piezoresistive transduction—A change in the 
resistance of a conductor or semiconductor caused by a 
change in the mechanical stress applied to it. 

piggyback — See voltage corrector. 

piggyback control — See cascade control. 

piggyback twistor — An electrically alterable, non- 
destructive-readout information-storage device that con- 
sists of a thin, narrow tape of magnetic material wound 
spirally around a fine copper conductor. A second simi- 
lar tape is wrapped on top of the first to sense the stored 
information. A binary digit is stored at the intersection of 
a copper strap and a pair of these twistor wires. 

pigtail—1. Either a wire attached for terminating 
purposes to a shield, or a conductor extending from 
a small component. 2. The termination of a capacitor 
winding to its lead. 3. The disc-shaped head, at the end 
of a lead, that is attached to a capacitor winding. 4. A 
short wire extending from an electric or electronic device 
to serve as a jumper or ground connection. 

pigtail splice — A splice made by tightly twisting the 
bared ends of parallel conductors together. 

pigtail wire —1. Finc-stranded, extra-flexible, rope- 
lay lead wire. 2. A short piece of wire attached to a shield 
for terminating purposes, or the conductor extending from 
a small component. 

pile —1. A nuclear reactor. So called because early 
reactors were piles of graphite blocks and uranium slugs. 
2. (Voltaic) Invented by Volta in 1800, it was the first 
primary battery known to the modern world. The pile 
consisted of an arrangement of pairs of discs of copper 
and zinc, each pair separated by a disc of moistened 
pasteboard. Later Volta arranged a series of cups filled 
with brine, each containing a zinc and copper plate, and 
by connecting these together obtained an electric current. 

pileup — Also called stack. 1. On a relay, a set of 
contact arms, assemblies, or springs fastened one on top 
of the other with layers of insulation separating them. 
2. A departure from the base line because of a rapid 
accumulation of pulses. 

pill— A microwave stripline termination. 

pillbox antenna—A cylindrical parabolic reflector 
enclosed by two plates perpendicular to the cylinder and 
spaced to permit propagation of only one mode in the 
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desired direction of polarization. It is fed on the focal 
line. 

pilot— 1. In a transmission system, a signal wave, 
usually a single frequency, transmitted over the system 
to indicate or control its characteristics. 2. In a tape relay, 
instructions appearing in a routing line, relative to the 
transmission or handling of that message. 

pilot cell —The storage-battery cell selected because 
its temperature, voltage, and specific gravity are assumed 
to be those of the entire battery. 

pilot channel —A very narrow-band channel over 
which a single frequency, the pilot frequency, is transmit- 
ted to operate trouble alarms or automatic level regulators, 
or both. 

pilot contacts — Contacts whose opening, closing, 
or transfer govern an operation of relays or similarly 
controlled devices. 

pilot holes— Also called manufacturing holes or 
fabrication holes. Holes on a printed circuit board used as 
guides during manufacturing operations. Mounting holes 
in a part are sometimes used as pilot holes. 

pilot lamp — A light that indicates whether a circuit 
is energized. 

pilot light — Also known as a monitor light. 1. A light 
that, by means of position or color, indicates whether a 
control is functioning. 2. A light that indicates which of a 
number of normal conditions of a system or device exists. 
It is unlike an alarm light, which indicates an abnormal 
condition. 

pilot regulator—A device for maintaining the 
receiving level of a carrier-derived circuit constant under 
varying attenuation conditions of the transmission line. 

pilot spark — A low-power preliminary spark used in 
a gas-discharge tube to produce an ionized path for the 
large main spark discharge. 

pilot subcarrier— A subcarrier used as a control 
signal in the reception of compatible FM stereophonic 
broadcasts. 

pilot tone — 1. A single frequency sent over a narrow 
channel to cause an alarm or automatic control to operate. 
2. The signal included with the stereo information and 
applied in a subchannel on the FM signal, which is used 
to reform the suppressed subcarrier and synchronize the 
switching of the detectors in the stereo decoder. Pilot-tone 
frequency is 19 kHz (broadcast at the equivalent of 10 
percent FM modulation), and doubling this (38 kHz) gives 
the subcarrier frequency. The pilot tone also activates the 
stereo indicator light. 

pilot-type device—A device used in a circuit 
for control apparatus that carries electrical signals for 
directing the performance but does not carry the main 
power current. 

pilot wire — An auxiliary conductor used with remote 
measuring devices or for operating apparatus at a distance. 

pilot-wire regulator — An automatic device for con- 
trolling adjustable gains or losses associated with trans- 
mission circuits to compensate for transmission changes 
caused by temperature variations, the control usually 
depending on the resistance of a conductor or pilot wire 
having substantially the same temperature conditions as 
the conductors of the circuit being regulated. 

pi mode —A mode of magnetron operation in which 
the fields of successive anode openings facing the inter- 
action space differ in phase by x radians. 

pin — Also called a prong or base pin. A terminal on 
a connector, plug, or tube base. 

pinboard — A perforated board into which pins may 
be inserted manually to control the operation of equip- 
ment. 


567 


pinch effect — 1. The result of an electromechanical 
force that constricts, and sometimes momentarily rup- 
tures, a molten conductor that is carrying a high-density 
current. 2. In the reproduction of lateral recordings, the 
pinching of the reproducing stylus tip twice each cycle 
due to a decrease in the groove angle cut by the record- 
ing stylus during the swing from a negative to a positive 
peak. 3. The self-contraction of a plasma column carrying 
a large current due to the interaction of this current with 
the magnetic field it produces. The current required for 
such an effect is on the order of 105 amperes. If the cur- 
rent is in the form of a short pulse, a radically imploding 
shock wave is generated, 

pinch-off — 1. In a field-effect transistor, a condition 
in which the gate bias causes the depletion region to 
extend completely across the channel, with a resulting 
cessation of drain current. 2. The voltage required to stop 
majority current flow in an FET. 

pinch-off voltage—The gate voltage of a field- 
effect transistor that blocks the current for all source-drain 
voltages below the junction breakdown value. Pinch-off 
occurs when the depletion zone completely fills the area 
of the device. 

pinch resistor—A monolithic silicon resistor deri- 
ved from a p-base diffusion resistor by superimposing an 
n+ emitter diffusion over the resistor. As a result, the 
surface of the p resistor reverts to n-type material, and a 
narrow “pinched” resistor is left under the n+ diffusion. 
A pinch resistor features 10,000 ohms per square, but it 
is limited to low voltages, and it has a high temperature 
coefficient. 
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pinch roller — 1. An idling roller used to press a tape 
against the capstan to cause advance. A friction clamp 
is used with the roller, as a brake to stop perforated 
tape. 2. A rubber or neoprene wheel that presses the tape 
against the capstan during recording or play. 

pinch wheel — 1. See pressure roller. 2. See idler. 

pin connection—Connections made to the base 
of pins in a vacuum tube. They are identified by the 
following abbreviations: NC, no connection; IS, internal 
shield; IC, internal connection (not an electrode connec- 
tion); P, plate; G, grid; SG, screen grid; SU, suppres- 
sor; K, cathode; H, heater; F, filament; RC, ray-control 
electrode; and TA, target. 

pin contact— A male-type contact, usually designed 
to mate with a socket of female contact. It is normally 
connected to the “dead” side of a circuit. 

pincushion distortion — 1. Distortion that results 
in a monotonic increase in radial magnification in the 
reproduced image away from the axis of symmetry of 
the electron optical system. The four sides of the raster 
are curved inward, leaving the corners extending outward. 
2. Distortion in a television picture that makes all sides 
appear to bulge inward. 3. A form of geometrical distor- 
tion in a CRT image that results in the picture resembling 
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a pincushion rather than a well-defined rectangle. Some 
monitors include controls to correct this effect. 


Pincushion 
distortion. 


pincushioning — A video-display defect in which 
the image appears to bend inward toward the middle of 
the screen. 

pin diode or PIN diode—1.A diode made by 
diffusing the semiconductor with p dopant from one side 
and n dopant from the opposite side, with the process so 
controlled that a thin intrinsic (1) region separates the p 
and n regions. The storage time of the pin diode is long 
enough that it cannot rectify at microwave frequencies. 
Instead, it behaves as a variable resistor with its value 
controlled by a dc bias current. Therefore, this type of 
diode is well suited for use as a variable microwave 
attenuator. 2. A pn silicon junction with a layer of 
intrinsic or high-sensitivity silicon between the p and 
n regions. When forward biased, the pin diode behaves 
as a resistance from dc to microwave frequencies. The 
value of the resistance depends on the forward current. 
Under reverse bias, the resistance is very high. The pin 
diode may be used as an electrically variable resistance 
or attenuator. Its uses at microwave frequencies are for 
switching and modulating microwave signals and as an 
electrically variable attenuator. It can perform switching 
in a few nanoseconds and handle peak powers of hundreds 
of watts. 3. A current-controlled resistor at radio and 
microwave frequencies. A silicon semiconductor diode in 
which a high-resistivity intrinsic i-region is sandwiched 
between a p-type and n-type region. When the pin diode 
is forward biased, holes and electrons are injected into 
the i-region. These charges do not immediately annihilate 
each other; instead, they stay alive for an average time 
called the carrier lifetime. This results in an average stored 
charge, Q, that lowers the effective resistance of the i- 
region. When the pin diode is at zero or reverse bias, there 
is no stored charge in the i-region and the diode appears as 
a capacitor, shunted by a parallel resistance. 4. A diode 
that has an undoped semiconductor region, referred to 
as an intrinsic layer, between the n and p doped layers. 
The intrinsic layer provides low junction capacitance that 
changes very little as reverse bias is changed. Used mostly 
as a microwave switch or attenuator. 

pin-diode attenuator— A two-port network con- 
sisting of two or more pin diodes controlled by a driver 
circuit. At microwave frequencies, the diodes act as a 
small value of capacitance shunted by a resistance that 
can be varied over a range of about 2 to 10,000 ohms 
through control of the bias current by the driver circuit. 

pine-tree array—An array of dipole antennas 
aligned vertically (termed the radiating curtain), behind 
which and approximately a quarter wavelength away is 
a parallel array of dipole antennas forming the reflecting 
curtain. 

pi network—1.A network composed of three 
branches, all connected in series with each other to form 
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a mesh. The three junction points form an input termi- 
nal, an output terminal, and a common input and output 
terminal. 2. A network consisting of three impedance ele- 
ments, one bridged across the input, one bridged across 
the output, and the third in series between one input ter- 
minal and one output terminal. 3. A tuned circuit at the 
output stage of a transmitter to match it to the antenna or 
feedline. 
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pinfeed platen — In a computer, a cylindrical platen 
having integral rings of pins that engage perforated holes 
in the paper, thus permitting feeding of the paper. 

ping —A sonic or ultrasonic pulse of predetermined 
width. 

ping-pong—A programming technique in which 
two magnetic tape units are used for multiple-reel files. 
Automatic switching between the two units is carried out 
until the entire file is processed. 

ping-pong-ball effect—The bouncing of sound 
back and forth between the two sides of a stereophonic 
reproducing system. 

pinhole — 1. A small opening, occurring as an imper- 
fection, extending through the thickness of a substance. 
2. A minute hole through a layer or pattern. 3. Small 
hole occurring as an imperfection that penetrates entirely 
through an applied material to the substrate (e.g., holes in 
semiconductor insulating oxides, screened resistors, thin- 
film elements), 

pinhole detector—A photoelectric device that 
detects extremely small holes and other defects in moving 
sheets of material, and often actuates sorting equipment 
that automatically rejects defective sheets. 

pinion — Of two gears that mesh, the one with the 
fewer teeth. 

pin jack—-A single-conductor jack having a small 
opening into which a plug tipped with a metal pin can be 
inserted. 

pink noise — 1. Noise whose amplitude is inversely 
proportional to frequency over a specified range. Equal 
energy distribution occurs in any octave bandwidth within 
that range. Pink noise is very pleasing to the human 
ear. Many people feel relaxed listening to the patter 
of rain (a close approximation of pink noise). Other 
examples include the sound of surf and a shower stream. 
2. A complete mixture of all frequencies in one signal 
characterized by equal energy per octave. This means 
that there is an equal amount of energy between 20 and 
40 Hz, 80 and 160 Hz, or 620 and 1240 Hz. 3. Random 
noise modified to have an equal amount of energy in each 
octave. The octave from 10,000 to 20,000 Hz occupies a 
10,000-Hz bandwidth, whereas the octave from 5000 Hz 
to 10,000 Hz occupies only 5000 Hz bandwidth, but due 
to a 6-dB/octave roll-off, both octaves contain equal levels 
of pink noise energy. 4. Random electrical noise that has 
constant energy per octave. Pink noise can be produced 
from white noise by putting it through a filter that has a 
slope of —3 dB per octave. 

PINO— Acronym for positive input, negative output. 

pinout— 1. A list or diagram that shows how the 
individual wires in a cable or connector are used. 2. A 
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diagram showing connections to an integrated circuit or 
transistor. 

pinouts — The external wires or pins on a module 
(generally having a circuit function). 

pins— The leads emerging from an IC package. 

pin sensing—A process in which a device using 
a punched card generates digital data by sensing the 
opening and closing of switches. 

pip — See blip, 1. 

PIP — Abbreviation for Picture-in-Picture. A feature 
available in some TV receivers that makes it possible to 
watch one picture on the screen, while at the same time 
keeping track of another program in the PIP “window.” 
The two images are readily switched back and forth. 

piped program — A program transmitted over tele- 
phone wires, usually from one studio to another. 

pipeline —A processor design approach whereby 
instruction execution takes place in a series of units 
arranged so that several units can be simultaneously pro- 
cessing the appropriate parts of several instructions. 

pipeline computers — Computers that execute ser- 
ial programs only. 

pipelining — 1. A hardware arrangement that permits 
different sections of a bit-slice processor to work simulta- 
neously instead of sequentially, thus speeding up process- 
ing. 2. Beginning one instruction sequence before another 
has been completed. Once a technique used on super- 
computers, pipelining is now used to speed execution on 
machines of all sizes. 3. A computer design technique 
in which execution of a new task is started before the 
preceding task is completed. 

pip-matching display —A navigational display in 
which the received signal appears as a pair of blips. 
The desired quantity is measured by comparing the 
characteristics. 

pi point — The frequency at which the insertion phase 
shift of an electric structure is 180° or an integral multiple 
of 180°. 

piracy — Illegal copying of diskettes or other copy- 
right material that is then offered for sale. 

Pirani gage — A bolometric vacuum gage for mea- 
suring pressure. Its operation depends on the thermal 
conduction of the gas present. The pressure being mea- 
sured is a function of the resistance of a heated filament, 
ordinarily over a range of 107! to 107* mm Hg. 

pirate— An unlicensed, unauthorized, and illegal 
broadcasting station. 

piston — Also called a plunger. In high-frequency 
communications, a conducting plate that can be moved 
along the inside of an enclosed transmission path to short 
out high-frequency currents. 

piston action — The movement of a speaker cone or 
diaphragm when driven at the bass audio frequencies. 

piston attenuator— An attenuator, generally used 
at microwave frequencies, whose amount of attenuation 
can be varied by moving an output coupling device along 
its longitudinal axis. 

pistonphone— A small chamber equipped with a 
reciprocating piston of measurable displacement. In this 
way, a known sound pressure can be established in the 
chamber. 

PIT — Abbreviation for programmable interval timer. 
An IC chip with a separate clock and several registers, 
used to count time independently of the MPU, for real- 
time applications. At the end of a time period, it sets a 
flag or generates an interrupt, or merely stores the time 
elapsed. 

pitch — 1. That attribute of auditory sensation by 
which sounds may be ordered on a scale extending 
from low to high (e.g., a musical scale). 2. The distance 
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between two adjacent corresponding threads of a screw 
measured parallel to the axis. 3. The distance between the 
peaks of two successive grooves of a disc recording. 4. A 
term applied to a musical tone that is used as a standard 
for tuning, singing. etc. Standard U.S. and European pitch 
is based on A = 440 Hz. When the pitch is raised one 
octave, the frequency is twice the original. 

pitch control— 1. A circuit that permits the speed 
of a tape transport's motor to be varied slightly to raise 
and lower the musical pitch of the recording or to slightly 
lengthen or shorten playing time. 2. A circuit that permits 
a turntable’s speed to be varied slightly to raise and lower 
the musical pitch of the recording being played (hence, 
the name) or to slightly lengthen or shorten playing time. 

pits — 1. Small holes occurring as imperfections that 
do not penetrate entirely through the printed element. 
2. Depressions produced in metal or ceramic surfaces by 
nonuniform deposition. 

pitted contact—An electrical contact that has 
numerous discrete hollows in its surface. 

PIV — Abbreviation for peak inverse voltage. 

pivot— A low-friction bearing in the support of a 
tonearm that allows it freedom of movement in vertical 
and horizontal planes. In lower-priced tonearms, it may 
be a simple point-in-cup pivot. More expensive tonearms 
usually have precision ball bearings or knife-edge pivots. 

pivot and jewel—A method of suspending the 
moving coil or moving iron vane of a meter in a magnetic 
field. A glass jewel and steel pivot. 

PIV rating — See PRY rating. 

pixel — Contraction of picture element. 1. A spatial 
resolution element. It is the smallest distinguishable and 
resoivable area in an image, as, for example, displayed 
on a CRT monitor. It can also describe the smallest 
distinguishable variation over time in a signal sequence. 
(The term pixel is not, strictly speaking, applicable to 
an analog image, but it is sometimes equated to limiting 
resolution. In general, however, actual pixel resolution is 
less than limiting resolution.) 2. The smallest controllable 
picture element in a digital video image. The CRT screen 
is divided into a rectangular grid of pixels of the same size 
and shape. In the vertical direction, the highest picture 
resolution occurs when each pixel is one scan line high. 
Horizontal resolution is typically limited by the speed at 
which the CRT electron gun can switch on and off during 
a horizontal scan. For square pixels, which are normally 
more desirable than horizontally elongated rectangles, the 
smallest possible pixel size is usually determined by this 
horizontal resolution limit. Normally, a square pixel is 
two or more scan lines high. (In North America, the 
standard television picture is normally 525 lines high, 
though partly cropped.) 3. Picture clement or picture cell. 
A term used to describe the information contained in 
one unit of display surface. (For example, a horizontal 
resolution of 1700 pixels per line.) 4. The smallest picture 
element, made up of tricolor phosphor cells. In raster-scan 
systems the computer divides the screen into such points, 
whose number depends on the resolution selected. 5. A 
small element of a scene, or picture element, in which 
an average brightness value is determined and used to 
represent that portion of the scene. Pixels are arranged in 
a rectangular array to form a complete image of the scene. 
6. The smallest unit of a video display, usually too small 
to be detected by the naked eye. Pixels, illuminated dots of 
glowing phosphor, can vary in size and shape depending 
on the monitor and the graphics mode. Display quality 
is often measured by pixel resolution—the number of 
dots on the screen measured in width-by-height fashion. 
7. Smallest independently addressable display area; one 
full-color pixel requires three phosphor dots, one for each 
primary color. 
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PLA — Abbreviation for programmable logic array. 

place — See column. 

plaintext —A message in ordinary language, such as 
English. 

planar — 1. Lying essentially in a single plane. 2. Con- 
structed in layers or planes. 3. A semiconductor fabrication 
technique in which the semiconductor device chips are 
protected by an oxide passivation layer throughout the 
various stages of fabrication. The planar process thus 
represents a synthesis of the separate oxide-layer functions 
involved in the photolithographic etching of diffusion 
masking and in chip passivation. 

planar ceramic tube—An electron tube con- 
structed with parallel planar electrodes and a ceramic 
envelope. 

planar devices — See planar process. 

planar diffusion — Technique used to manufacture 
semiconductors having diffused pn junctions. All the 
junctions emerge at the top surface of the wafer. 

planar diode — A diode containing planar electrodes 
lying in parallel planes. 

planar display—A display in which the light- 
emitting segments or elements are all mounted in a single 
plane. 

planar mask — A shadow or aperture mask that has 
no curvature; one that is perfectly flat. 

planar module — A packaged module wherein the 
individual components are positioned and terminated flat 
or parallel with the plane of the substrate. 

planar network — A network in which no branches 
cross when drawn on the same plane. 

planar process — |. The technology used in fab- 
ricating semiconductor devices wherein all pn junctions 
terminate in the same geometric plane. An oxide is formed 
at the surface for the purpose of stabilizing the parame- 
ters (passivating). 2. Semiconductor fabrication technol- 
ogy that uses silicon dioxide as a masking agent and 
produces components on a single plane. 

planar silicon photoswitch — Abbreviated PSPS. 
Essentially a complementary silicon-controlled rectifier. 
Like the LASCR, it can be triggered by light. In addition, 
a negative signal (with reference to the anode) at the 
anode gate terminal can trigger the device. 

planar soldering — A soldering method in which the 
printed circuit assembly is held loosely in a carrier. This 
freedom of movement allows the printed circuit assembly 
to float on the still surface of the solder bath, equalizing 
the thermogradient throughout the entire assembly. 

planar technique — The formation of p-type and/or 
n-type regions in a semiconductor crystal by diffusing 
impurity atoms into the crystal through holes in an oxide 
mask, which is on the surface. The latter is left to protect 
the junctions so formed against surface contamination. 

planar transistor — 1. A diffused transistor in which 
the emitter, base, and collector regions come to the 
same plane surface. Their junctions are protected by a 
material such as silicon oxide. The manufacturing process 
consists of an oxide-masking technique in which the 
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silicon oxide is formed by adding oxygen or water vapor 
to the atmosphere of a diffusion furnace. The thickness 
of the oxide layer is a function of time, temperature, and 
the amount of oxidizing agent. 2. A junction transistor 
manufactured by a process in which the surface of a chip 
is passivated with a thin film of oxide, dopants being 
introduced by successive etching and diffusion. 
planchet— A small metal container or sample holder 
for radioactive materials undergoing radiation measure- 
ments in a proportional counter or scintillation detector. 

Planckian locus —A line drawn on a chromaticity 
diagram to represent light radiation from a reference 
blackbody at 2000 to 10,000 kelvins (K). 

Planck's constant— Symbolized by h. The con- 
stant representing the ratio of the energy of any radiation 
quantum to its frequency. It has the dimension of action 
(energy x time) and a numerical value of 6.547 x 107? 
ere-second. lts significance was first recognized by the 
German physicist Max Planck in 1900. 

Planck’s distribution — An equation that describes 
the entire distribution of energy radiated from a blackbody 
as a function of wavelength, based on quantum mechan- 
Ics. 
Planck’s radiation law — An expression represent- 
ing the spectral radiance of a blackbody as a function of 
the wavelength and temperature. 

plane—1.A screen of magnetic cores. Planes are 
combined to form stacks. 2. A surface such that a straight 
line that joins any two of its points lies entirely in that 
surface. 

plane earth — Earth that is considered to be a plane 
surface. Used in ground-wave calculations. 

plane-earth attenuation — Attenuation of an elec- 
tromagnetic wave over an imperfectly conducting plane 
earth in excess of that over a perfectly conducting plane. 

plane-earth factor— Ratio of the electric field 
strength that would result from propagation over an 
imperfectly conducting plane earth to that over a perfectly 
conducting plane. 

plane of a loop-— An infinite imaginary plane that 
passes through the center of a loop and 1s parallel to its 
wires. 

plane of polarization — For a plane-polarized wave, 
the plane containing the electric field vector and the 
direction of propagation. 

plane-polarized wave — At any point in a homo- 
geneous isotropic medium, an electromagnetic wave with 
an electric field vector that at all times lies in a fixed plane 
containing the direction of propagation. 

planetary electron — One of the electrons moving 
in an orbit or shell around the nucleus of an atom. 

plane wave —A wave in which the wavefronts are 
everywhere parallel planes normal to the direction of 
propagation. 

plan-position indicator— Abbreviated PPI. Also 
called P-display. A type of presentation on a radar 
indicator. The signal appears as a bright spot, with range 
indicated by the distance of the spot from the center of 
the screen, and the bearing indicated by the radial angle 
of the spot. 

plasma—1.A wholly or partially ionized gas in 
which the positive ions and negative electrons are roughly 
equal in number. Hence, the space charge is essentially 
zero. 2. The region in which gaseous conduction takes 
place between the cathode and anode of an electric arc. 
3. An electrically conductive gas comprised of neutral 
particles, ionized particles, and free electrons but which, 
taken as a whole, is electrically neutral. 4. A gas at 
an extremely high (20,000 kelvins) temperature and 
completely ionized. It is therefore conductive and affected 
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by magnetic fields. Plasma is sometimes referred to as the 
fourth state of matter. 

plasma-cathode electron gun— An electron- 
beam gun in which plasma that is generated within a 
low-voltage hollow-cathode discharge serves as the source 
of electrons. 

plasma deposition — The spraying of highly excited 
atomic particles onto a surface. Heat, commonly obtained 
by electric arc or hydrogen flame, is the source of exci- 
tation. Almost any elementary material can be applied 
to almost any surface by this method. Disadvantages are 
grossness of the spray process and high temperatures. 

plasma diode — A thermodynamic engine with elec- 
trons as the working fluid, the potential energy of which 
is converted to a useful output. 

plasma display— A display in which the emitted 
light is produced by ionized gas. 

plasma engine —A reaction engine using electri- 
cally accelerated plasma as the propellant. 

plasma etching — An etching process using a cloud 
of ionized gas as the etchant. 

plasma frequency — A natural frequency for coher- 
ent electron motion in a plasma. 

plasma jet— A high-temperature stream of electrons 
and positive ions produced by the magnetohydrodynamic 
effect of a strong electrical discharge. 

plasma laser—A laser that operates with light 
collectively emitted by free electrons in the plasma state. 
This plasma is a dense beam of electrons traveling at 
speeds approaching the speed of light. 

plasma length — See Debye length. 

plasma oscillation— Electrostatic or space-charge 
oscillations in a plasma that are closely related to the 
plasma frequency. There is usually enough damping due 
to electron collisions to prevent self-generation of the 
oscillations. They can be excited, however, by such 
techniques as shooting a modulated electron beam through 
the plasma. 

plasma physics—The study of highly ionized 
gases. Many phenomena not exhibited by uncharged gases 
are associated with plasma physics. 

plasma sheath — An envelope of ionized gas that 
surrounds an object moving through an atmosphere at a 
hypersonc velocity. The plasma sheath affects radio-wave 
transmission, reception, and diffraction. 

plasma thermocouple — An electronic device in 
which the heat from nuclear fission is converted directly 
into electric power. 

plasmatron — A helium-filled current amplifier that 
combines the grid-control characteristics and linearity of a 
vacuum triode with the extremely low internal impedance 
of a thyratron. 

plastic-clad silica fiber— A fiber composed of a 
silica glass core with a transparent plastic cladding. 

plasticizer — A substance added to a plastic to pro- 
duce softness and adhesiveness in the finished product. 

PLAT — Acronym for pilot landing aid television. A 
system in which television cameras cover aircraft landings 
on a carrier from several angles, allowing the landing 
personnel to talk the pilot down with increased precision. 
Recordings can be made for future reference. 

plate — Preferably called the anode. 1. The principal 
electrode to which the electron stream is attracted in an 
electron tube. 2. One of the conductive electrodes in a 
capacitor. 3. One of the electrodes in a storage battery. 
4. See printed circuit board. 

plateau—JIn the counting-rate-versus-voltage char- 
acteristic of a radiation counter tube, that portion in 
which the counting rate is substantially independent of 
the applied voltage. 
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plateau length—The applied-voltage range over 
which the plateau of a radiation counter tube extends. 

plate-bypass capacitor— A capacitor connected 
between the plate and cathode of a vacuum tube to bypass 
high-frequency currents and, thus, keep them out of the 
load. See also anode-bypass capacitor. 

plate characteristic — A graph showing how chan- 
ges in plate voltage affect the plate current of a vacuum 
tube. 

plate circuit —The complete external electrical cir- 
cuit between the plate and cathode of an electron tube. 

plate-circuit detector— A detector that functions 
by virtue of its nonlinear plate-current characteristic. 

plate conductance —The in-phase component of 
the alternating plate current divided by the alternating 
plate voltage, all other electrode voltages being main- 
tained constant. 

plate current— Electron flow from the cathode to 
the plate inside an electron tube. 

plate-current saturation— An occurrence in a 
vacuum tube when the plate overcomes any other charge 
in the tube. 

plate detection — The operation of a vacuum-tube 
detector at or near plate-current cutoff so that the input 
signal is rectified in the plate circuit. 

plate dissipation— The amount of power lost as 
heat in the plate of a vacuum tube. 

plated resist-—A material electroplated on conduc- 
tive areas to make them impervious to etching. 

plated-through hole—1.A connection between 
upper and lower conductive patterns formed when metal 
is deposited on the walls of a hole in a double-sided or 
multilayer printed-circuit board. Through-board continu- 
ity is thus established. 2. A hole formed by deposition 
of metal on the sides of the hole and on both sides of a 
printed circuit board to provide electrical connection from 
the conductive pattern on one side to that on the opposite 
side of the printed circuit board. 

plated-wire memory—A memory consisting of 
wires that are coated with a magnetic material. The 
magnetic material may be magnetized in either of two 
directions to represent 1s and Os. 

plate efficiency — Also called the anode efficiency. 
Ratio of load-circuit power (alternating current) to plate 
power input (direct current). 

plate impedance— Also called plate-load impe- 
dance, 

plate-input power—-In the last stage of a trans- 
mitter, the direct plate voltage applied to the tubes times 
the total direct current flowing to their plates, measured 
without modulation. 

plate keying — Keying done by interrupting the plate 
supply circuit. 

plate-load impedance — Also called the anode- 
load impedance and plate impedance. The total impedance 
between the anode and cathode of a vacuum tube, 
exclusive of the electron stream. 

plate modulation — Also called anode modulation. 
Modulation produced by applying the modulating voltage 
to the plate of any tube in which the carrier is present. 

platen — 1. A backing structure (usually cylindrical) 
against which a printing mechanism strikes in producing 
an impression. 2. In a printer, a metal plate or roller that 
forms a surface for the striking mechanism. 

plate neutralization — Also called anode neutraliza- 
tion. Neutralizing an amplifier by shifting a portion of the 
plate-to-cathode ac voltage 180° and applying it to the 
grid-to-cathode circuit through a capacitor. 

plate power input— Also called the anode power 
input. The dc power (mean anode voltage times current) 
delivered to the plate (anode) of a vacuum tube. 
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plate power supply — See anode power supply. 

plate pulse modulation — Also called anode pulse 
modulation. Modulation produced in an amplifier or 
oscillator by applying externally generated pulses to the 
plate circuit. 

plate resistance — The plate-voltage change divided 
by the resultant plate-current change in a vacuum tube, all 
other conditions being fixed. 

plate saturation— Also called anode or voltage 
saturation. The point at which the plate current of a 
vacuum tube no longer increases as the plate voltage does. 

plate supply — See anode supply. 

plate-to-plate impedance — The load impedance 
between the two plates in a push-pull amplifier stage. 

plate voltage—The dc voltage between the plate 
and cathode of a vacuum tube. 

plate winding — A transformer winding connected to 
the plate circuit of a vacuum tube. 

plating — 1. The deposition of a metal layer on a sub- 
strate surface by electrolytical or certain chemical means. 
The materials include gold, copper, solder, etc. The func- 
tions of the metal plate vary, including corrosior pro- 
tection, solderability enhancement, etch resist, bonding 
for lead frames, and electrical connection, among others. 
2. The overlaying of a thin coating of metal or metallic 
components to improve conductivity, provide for easy sol- 
dering, or prevent rusting or corrosion. 3. The application 
of one metal over another by electrolysis. 

plating anode — Usually, a pure form of the metal 
being plated. The workpiece being plated is the cathode. 

plating resist — Any material that when deposited on 
conductive areas prevents plating of the areas it covers. 

plating up— The process consisting of the electro- 
chemical deposition of a conductive material on the base 
material (surface, holes, etc.) after the base material has 
been made conductive. 

plating void — The area of absence of a particular 
metal from a specific cross-sectional area. 

platinotron—A cross-field vacuum tube used to 
generate and amplify microwave energy. It resembles the 
magnetron, except that it has no resonant circuit and has 
two external rf connections instead of only one. 

platinum — A heavy, almost white metal that resists 
practically all acids and is capable of withstanding high 
temperatures. 

platinum contacts — Used where currents must be 
broken frequently (e.g., in induction coils and electric 
bells). Sparking does not damage platinum as much as 
it does other metals. Hence, a cleaner contact is assured 
with minimum attention. 

platter— 1. A popular term for phonograph records 
and transcriptions. 2. The flat disc that supports the record 
and is turned by a motor at a constant speed. Usually 
machined from a nonferrous alloy but is sometimes a 
lightweight stamped or pressed disc. 

playback — The reproduction of a tape recording or 
disc through an amplifier and speaker or phones. 


playback head — plumbing 


playback head— 1. The magnetic assembly on a 
tape recorder that responds to the recorded pattern on the 
tape and develops a signal representing that pattern to feed 
to the preamplifier. In some tape machines, the playback 
and recording head are the same device; in others they are 
separate units. 2. Magnetic head used to pick up a signal 
from a tape. 

playback loss — See translation loss. 

player— A software application that permits viewing 
or playback of content such as audio, video, or movie files 
in primarily a linear fashion, although random indexing 
or control of playback may be permitted. As opposed to 
a browser. See also viewer. 

playing weight— 1. Downward force of a pickup 
on a record. Sometimes called stylus pressure. 2. The 
downward force required on the pickup stylus to keep 
it in the groove and to counter the mechanical reactions 
of replay. 

PLCC — Abbreviation for plastic leaded chip carrier. 
A leaded quad package—a replacement for the plastic 
DIP (dual in-line package) in surface-mount applications. 
External connections consist of leads around all four sides 
of the package. 

PLD — Abbreviation for programmable logic device. 
A semiconductor device containing transistors that can be 
interconnected electronically by users to perform various 
logic functions. See also FPLA. 

plethysmograph — An instrument for detecting vari- 
ations of blood volume in the tissues during the cardiac 
cycle. See also electrical-impedance cephalography; finger 
plethysmograph. 

pliers— 1. A small pair of pincers. 2. An instrument 
having two short handles extended into pivoted jaws 
suitable for grasping or cutting. 

pliodynatron— A four-element vacuum tube with an 
additional grid, which is maintained at a higher voltage 
than the plate to obtain negative-resistance characteristics. 

pliotron— An industrial-electronic term for a hot- 
cathode vacuum tube having one or more grids. 

PLL or pll — Abbreviation for phase-locked loop. 1. A 
circuit containing a voltage-controlled oscillator whose 
output phase or frequency can be steered to keep it in sync 
with a reference source. A PLL circuit is generally used to 
lock onto and up-convert the frequency of a stable source. 
2. An electronic circuit that consists of a phase detector, 
low-pass filter, and voltage-controlled oscillator. A PLL 
can be used as an FSK demodulator or to synchronize a 
terminal’s internal clock to the reccived bit stream. 

plot — See print. 

plotter—1.A device that produces an inscribed 
visual display of the variation of a dependent variable 
as a function of one or more other variables. 2. A device 
for presenting computer output in graphical form instead 
of a printed listing. 3. A visual display or board in which 
a dependent variable is graphed by an automatically con- 
trolled pen or pencil as a function of one or more vari- 
ables. 4. A device used to make a permanent copy of a 
display image. 5. An output device that provides data in 
pictorial form. A pen controlled by two motors moves in 
the x and y directions, drawing a picture that is defined 
in terms of x and y coordinates. 

plotting — The practice of mechanically converting x, 
y positional information into a visual pattern, such as 
artwork. 

plotting board — A device that plots one or more 
variables against one or more other variables. 

ploy effect— In surface-channel charge-coupled dev- 
ices (CCDs), the tendency for charges to be captured 
by surface effects, thus resulting in a loss of signal. By 
continuously introducing a charge into all CCD channels 
through a diffusion at the beginning of the channel, the 
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areas that trap charges are filled by the induced charges 
rather than the signal charges, thus increasing transfer 
efficiency. 

PLT — Abbreviation for power-line transient— one 
kind of conducted noise, generally caused by switching 
inductive loads measured on the power line. 

plug —1. The part of the two mating halves of a 
connector that is free to move when not fastened to the 
mating half. The plug is usually thought of as the male 
portion of the connector. This is not always the case. The 
plug may have female contacts if it is the free-to-move 
member. See also connector. 2. Also called plugging and 
plug reverse. A method of braking a motor by applying 
partial or full rated voltage in reverse in an attempt to 
quickly bring the motor to zero speed. 

plugboard — In a computer, a removable board hav- 
ing many electric terminals into which connecting cords 
may be plugged in patterns varying for different programs. 
To change the program, one wired plugboard is replaced 
by another. 

plugboard computer—A computer that has a 
punch-card input and output, and to which program 
instructions are delivered by means of interconnecting 
patch cords on a removable plugboard. 

plug braking—A method of braking an electric 
vehicle in which the kinetic energy of the vehicle is 
dissipated as heat, either in a traction motor or a special 
resistor. 

plug-compatible — A term used to indicate when 
devices may be effectively interchanged without any 
modifications. 

plug connector— An electrical fitting containing 
male, female, or male and female contacts and constructed 
so that it can be affixed to the end of a cable, conduit, 
coaxial line, cord, or wire for convenience in joining 
with another electrical connector or connectors. It is not 
designed for mounting on a bulkhead, chassis, or panel. 

plug fuse — A fuse of small rating (5 to 30 amperes) 
with a screw thread like that on an electric lamp base; 
used in a standard screw receptacle. 

pluggable unit—A chassis that can be removed 
from or inserted into the rest of the equipment by merely 
plugging in or pulling out a plug. 

plugging — See plug, 2. 

plug-in — 1. Any device to which connections can be 
completed through pins, plugs, jacks, sockets, receptacles, 
or other ready connectors. 2. A small software program 
that plugs into a larger application to provide added 
functionality. 

plug-in coil — A coil that can be easily interchanged 
and used for varying the tuning range of a receiver or 
transmitter. It is wound around a form often resembling 
an elongated tube base, with the coil leads connected to 
pins on the base. 

plug-in device — A component or group of compo- 
nents and their circuitry that can be easily installed or 
removed from the equipment. Electrical connections are 
made by mating contacts. 

plug-in unit—A standard subassembly of compo- 
nents that can be readily plugged into or pulled out of a 
circuit as a unit. 

plug reverse — See plug, 2. 

Plumbicon — A vidicon with a lead-oxide target; its 
major advantage is its lack of image retention. It is a tube 
with the simplicity of a vidicon, and the sensitivity and 
lag of a glass target image orthicon. The tube is used for 
live black-and-white and color broadcasting. Trademark 
of N. V. Philips of Holland. 

plumbing — Coaxial lines or waveguides and acces- 
sory equipment for transmission of radio-frequency 
energy. 
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Portable mini-lab, compact executive model 
(cont.) 
electrical experiments (see Electrical 
experiments) 
lab deployed on desktop, 89-90 
components, 89 
DPRG, 101-102 
features, 89 
robotics lab, 103 
travel, 87 
Potentiometer, 74-75 
Power-on indicator, 155 
Power rail attachment, 99 
Power supplies, 55-56, 81-82, 145-146 
Power tools 
3D printers, 44 
drills, 40-43 
laser cutters, 43 
Professional bench power supply, 146 
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Resistors 
color codes, 72-73 
description, 68 
location, 95 
in parallel, 129 
in permanent circuit, 97 
power ratings, 73 
schematic symbols and reference 
designators, 70-71 
in series, 126 
specialty resistors, 75-76 
standard values and tolerances, 71-72 
through-hole and surface-mount resistors, 
69-70 
variable resistors, 74-75 
RIGOL DS1052E oscilloscope, 54 
Robot Clubhouse, 17 
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Shunt resistor, 158 
Single-pole double-throw (SPDT) switch, 125 
Single-throw switches, 80 
Soldering 
definition, 4 
instructions for, 37-38 
tools for, 113 
Solderless breadboards, 66 


Arduino-compatible microcomputer, 67 
description, 66 
prototype LED display, 68 
tie points, 66 
types of, 117 
SPDT switch. See Single-pole double-throw 
(SPDT) switch 
Stereo microscope, 45 
Surface-mount resistors, 69-70 
Switches 
description, 79 
double-throw switch, 80 
in parallel, 124 
in series, 123 
single-throw switch, 80 
three-way, 125-126 
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Tablet computers, 91 
Tabletop drill press, 42 
Tektronix 475A oscilloscope, 52 
Temperature-controlled soldering station, 113 
Terminal block, 31-32 
Test and measurement equipment 
multimeters, 50-51 
oscilloscopes 
functions of, 51 
modern, 52-54 
Tektronix 475A, 52 
tiny, 54-55 
power supplies, 55 
3D printers, 44 
Three-way switch, 125-126 
Through-hole resistors, 69-70 
Tools 
earmuffs, 22 
electronic measurement 
ammeters, 49 
ohmeters, 49 
voltmeters, 47-48 
eye protection, 21 
for soldering, 37-40 
hand 
computers, 35-36 
pliers and tweezers, 29-30 
protection, 22 
screwdriver, 30-33 
screws, bolts and nuts, 33 
wire crimpers, 34-35 
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plume — The hot gaseous material ejected briefly 
from a highly absorbent material after bombardment by 
an intense laser pulse. The plume emits broadband white 
light and is the most prominent feature in most irradiation 
experiments. 

plunger — See piston. 

plunger relay — A relay consisting of a movable core 
or plunger surrounded by a coil. Solenoid action causes 
the plunger or core to move and, thus, energize the relay 
whenever current flows through the coil. 

plunger-type instrument — A moving-iron instru- 
ment for measuring current. It consists of a pointer 
attached to a plunger inside a coil. The current being mea- 
sured flows through the coil and pulls the plunger down. 
How far it goes into the coil depends on the magnitude 
of the current. 

plutonium — A heavy element that undergoes fission 
when bombarded by neutrons. It is a useful fuel in nuclear 
reactors. Its symbol is Pu; its atomic number, 94. 

pm — Abbreviation for phase modulation or perma- 
nent magnet. 

pm erasing head—A head that uses the fields of 
one or more permanent magnets for erasing. 

PMOS— 1. P-channel metal-oxide semiconductor 
(MOS) having p-type source and drain regions diffused 
into an n-type substrate to create a p channel for conduc- 
tion. 2. MOS devices made on an n-type silicon substrate 
in which the active carriers are holes (p) flowing between 
p-type source and drain controls. 3. An MOS (unipolar) 
transistor in which the working current consists of posi- 
tive (p) electrical charges. 4. Pertaining to MOS devices 
made on n-type substrates in which the active carriers 
flow between p-type source and drain contacts. The n-type 
channel inverts to p-type at the surface with the applica- 
tion of the proper voltage to the gate terminal. 5. A type 
of metal-oxide silicon field-effect transistor using holes to 
conduct current in the semiconductor channel. The chan- 
nel has a predominantly positive charge. 

pm speaker— Abbreviation for permanent-magnet 
speaker. 

pn boundary—The surface where the donor and 
acceptor concentrations are equal in the transition region 
between p- and n-type materials. 

PNdB — Perceived noise level expressed in decibels. 
See perceived noise level. 

pn diode — A diode that has no intrinsic region and a 
short storage time. It functions as a normal diode rectifier 
into the high microwave frequencies. If the diode is given 
a dc bias that is large compared to the rf signal, it ceases to 
be a rectifier; thus, it can be used as a reflective microwave 
switch. It also can be employed as a variable reflective 
attenuator, except in that operating region for which the 
bias and rf voltages are comparable and rectification 
occurs. 

pneumatic bellows — A gas-filled bellows some- 
times used to provide delay time in plunger-type relays. 

pneumatic robot— Programmable machine that 
usually employs vane motors, and often combines them 
with cylinders. Both the motors and the cylinders may be 
standard components that can be serviced on the robot as 
or any other machine. Each such component represents 
a degree of freedom, i.e., a way in which the robot can 
move, either by extending or retracting a cylinder or by 
rotating a motor-driven joint. 

pneumatic speaker— A speaker in which the 
acoustic output is produced by controlled variation of an 
air stream. 

pn hook transistor — Also called hook transistor or 
hook collector transistor. Á junction transistor that secures 
increased current amplification by means of an extra pn 
junction. 
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pnin—A transistor in which an intrinsic region is 
between two n-regions. 

pnip transistor— A pnp transistor in which a layer 
of high-purity germanium has been placed between the 
base and collector to extend the frequency range. When 
the same process is applied to an npn transistor, the 
resulting device is called an npin transistor. 

pn junction — 1. The region of transition between p- 
type and n-type material in a single semiconductor crystal. 
2. The boundary surface between p-type and n-type mate- 
rials. 3. A relatively abrupt transition between p-type and 
n-type semiconductor regions within a crystal lattice. Such 
a junction possesses unique electrical properties, including 
the ability to conduct substantially in only one direction. 
Single and multiple pn junctions form the basis for most 
semiconductor devices. These junctions are fundamental 
to the performance of switching, rectification, and ampli- 
fication functions in electronic devices and circuits. 
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pn-junction laser — See injection laser. 

pn-junction luminescence — Discharge that re- 
sults when a doped semiconductor crystal with a pn 
junction is charged with a low-voltage direct current. The 
usual process depends on excitation caused by electrical 
energy absorption and recombination where release of the 
absorbed energy occurs. 

pnpn diode — Also called four-layer diode. A semi- 
conductor device that may be regarded as a two-transistor 
structure with two separate emitters feeding a common 
collector. This combination constitutes a feedback loop 
that is unstable for loop gains greater than unity. The 
instability results in a current that increases until ohmic 
circuit resistances limit the maximum value. This gives 
rise to a negative-resistance region that may be utilized 
for switching or for waveform generation. 

pnpn transistor— A hook transistor with an n-type 
base, p-type emitter, and a hook collector. The electrodes 
are connected to the four end layers of the n- and p-type 
semiconductor materials. 

pnpn-type switch — A bistable semiconductor de- 
vice made up of three or more junctions, at least one 
of which is able to switch between reverse and forward 
voltage polarity within a single quadrant of the anode-to- 
cathode voltage-current characteristic. 

pnp transistor — A transistor consisting of two p- 
type regions separated by an n-type region. When a small 
forward bias is applied to the first junction and a large 
reverse bias to the second junction, the system behaves 
much like a vacuum-tube triode. 
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Pockel’s effect— The alternation in the refractive 
properties of a transparent piezoelectric crystal by the 
application of an electric field. See also modulator crystal. 

Pockel’s-effect modulation — A phenomenon that 
occurs when a transparent dielectric is a piezoelectric 
crystal. The crystal tends to strain whenever an electric 
field is applied, rotating the plane of polarization of the 
incident wave. Some 7500 V/m causes a 90° rotation of 
light. 

poid— The curve traced by the center of a sphere 
when it rolls or slides over a surface having a sinusoidal 
profile. 

point— Called the binary point in binary notation, 
and the decimal point in decimal notation. In positional 
notation, the character or location of an implied symbol 
that separates the integral part of a number from its 
fractional part. 

point availability— The percent of time an equip- 
ment is available for use when an operator requires it. 

point-based linearity — Nonlinearity expressed as 
the deviation from a straight line that passes through a 
given point or points. 

point contact— A pressure contact between a semi- 
conductor body and a metallic point. 

point-contact crystal diode—A crystal diode 
whose rectifying activity is determined by the touching 
of the crystal to a finely pointed wire surrounded by a 
material of opposite type. 

point-contact diode— 1. A diode that consists of 
a semiconductor against which the end of a fine wire (cat 
whisker) is pressed. Such a diode has a very low reactance 
and can be used as a detector or mixer over most of the 
microwave range. It has a square-law response at low 
power levels. 2. Device consisting of a metal whisker 
making pressure contact with the semiconductor chip, 
normally tungsten for silicon and phosphorus bronze for 
germanium and gallium arsenide. Point-contact diodes 
are generally encapsulated in axial lead glass, axial 
prong ceramic, cartridge-type ceramic, or metal coaxial 
enclosures. The electrical characteristics of the device are 
determined by the size, shape, and pressure of the whisker 
and the thickness and resistivity of the epitaxial layer. 

point-contact transistor — A transistor having a 
base electrode and two or more point-contact electrodes. 

point defect — An imperfection caused by the pres- 
ence of an extra atom or the absence of an atom from its 
proper place in the crystal. 
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point effect — The phenomenon whereby a discharge 
will occur more readily at sharp points than elsewhere on 
an object or electrode. 

pointer — Also called a needle. 1. A slender rod that 
moves over the scale of a meter. 2. Registers in a CPU 
that contain memory addresses. See also data pointer; 
program counter. 

pointer address— The address of a core-memory 
location that contains the actual effective address. 

pointer register — A register that contains the abso- 
lute address of an item of data in its memory. Data can 
be accessed at this address or relative to it via the pointer 
register. The value of the pointer register can be updated 
to access a different block of data, where the data can be 
one or several bytes. 

point impedance — Ratio of the maximum E-field 
to the maximum A-field observed at a given point in a 
waveguide or transmission line. 

pointing — A method of allowing a nontypist operator 
to enter data items. A menu of items is displayed on the 
screen; the operator chooses one by pointing at it with 
a system device, such as a lightpen, stylus, or even the 
terminal’s cursor. 

pointing and flying—The method of navigating 
through virtual reality when wearing a virtual reality glove 
by pointing and then “flying” in that indicated direction. 

point-junction transistor—A transistor having 
a base electrode and both point-contact and junction 
electrodes. 

point-of-sale terminal— Abbreviated POS termi- 
nal. 1. An intelligent input/output device that is used to 
capture data in retail stores, i.e., supermarkets or depart- 
ment stores. POS is a term used to indicate that data 
regarding a sale is entered directly into the computerized 
system without having to be converted to another form 
first. 2. Electronic terminal that can serve as a conven- 
tional cash register but has the capacity to capture sales 
data and store or transmit it to a computer. 

point-plane rectifier — See glow-tube rectifier. 

point source — 1. A radiation source whose dimen- 
sions are small compared with the distance from which it 
is observed. 2. Radiation source whose maximum dimen- 
sion is less than 1/10 the distance between source and 
receiver. 

point-to-point — 1. Describing communication bet- 
ween two fixed stations. 2. A limited network configu- 
ration with communication between two terminal points 
only, as opposed to multipoint and multidrop. 

point-to-point network — A communications net- 
work consisting of a single communications link that 
connects two terminals and is not shared by other ter- 
minals. 

point-to-point radio communication — Radio 
communication between two fixed stations. 

point-to-point transmission — Direct transmis- 
sion of data between two points without using an inter- 
mediate terminal or computer. 

point-to-point wiring — 1. A method of forming 
circuit paths by connecting the various devices, compo- 
nents, modules, etc., with individual pieces of wire or 
ribbon. May be soldered, welded, or attached by other 
means. 2. Wiring done in a direct path from one point to 
another without dressing wiring in parallel runs. Crosstalk 
is thus reduced. Used for high-speed logic panels. 

point transposition — Transposition, usually in an 
open-wire line, that is executed within a distance compa- 
rable to the wire separation, without material distortion of 
the normal wire configuration outside this distance. 

Poisson distribution— A statistical distribution 
similar to the normal distribution except that the standard 
deviation is equivalent to the square root of the mean. 
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Poisson's ratio —The ratio of the lateral strain 
to the longitudinal strain in a specimen subjected to a 
longitudinal stress. 

polar —Pertaining to, measured from, or having a 
pole (e.g., the poles of the earth or a magnet). 

polar capacitor— A capacitor intended for use 
with a direct voltage connected according to the polarity 
indicated on the terminations. 

polar circuit—A teletypewriter circuit in which 
current flows in one direction on a marking impulse and 
in the opposite direction during a spacing impulse. 

polar coordinates—A system of coordinates in 
which a point is located by its distance and direction 
(angle) from a fixed point on a reference line (called the 
polar axis). 

polar crystals — Crystals having a lattice composed 
of alternate positive and negative ions. 

polar diagram — A diagram in which the magnitude 
of quantity is shown by polar coordinates. 
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polar grid — A type of circular grid on which range 
and azimuth are represented from a central reference 
point. 

polarimetry — The measurement of the rotation of 
plane of polarization of radiant energy. 

polarity— 1. A condition by which the direction of 
current can be determined in an electrical circuit (usually 
batteries and other direct-voltage sources). 2. Having 
two opposite charges, one positive and one negative. 
3. Having two opposite magnetic poles, one north and 
the other south. 4. The condition of positiveness or 
negativeness in an electrical circuit. 5. The positive and 
negative orientation of a signal or power source. 6. Any 
condition in which there are two opposing voltage levels 
or charges, such as positive and negative. 

polarity of picture signal — Stated as black nega- 
tive or black positive. The particular potential state of a 
portion of the signal representing a dark area of a scene 
relative to the potential representing a light area. 

polarization—1. The process of making light or 
other radiation vibrate perpendicular to the ray. The vibra- 
tions are straight lines, circles, or ellipses — giving plane, 
circular, or elliptical polarization, respectively. 2. The 
increased resistance of an electrolytic cell as the potential 
of an electrode changes during electrolysis. In dry cells, 
this shortens their useful life. 3. The slight displacement 
of the positive charge in each atom whenever a dielectric 
is placed into an electric field. 4. The magnetic orienta- 
tion of molecules in a piece of iron or other magnetizable 
material placed in a magnetic field, whereby the tiny inter- 
nal magnets tend to line up with the magnetic lines of 
force. 5. The direction of the electric vector in a linearly 
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polarized wave radiated from an antenna. 6. A mechanical 
arrangement of inserts and shell configuration (referred to 
as clocking in some instances) that prohibits the mating 
of mismatched plugs and receptacles. 7. A technique of 
eliminating symmetry within a plane so that parts can be 
engaged in only one way in order to minimize the possi- 
bility of electrical and mechanical damage or malfunction. 
8. A property of a radiated electromagnetic wave that 
describes the direction of its electric field. 

polarization diversity— A term that designates a 
method of transmission and reception used to minimize 
the effects of selective fading of the horizontal and vertical 
components of a radio signal. It is usually accomplished 
through the use of separate vertically and horizontally 
polarized receiving antennas. 

polarization-diversity antenna — Ar antenna in 
which any of a number of types of polarization can 
be readily selected. The polarization can be horizontal, 
vertical, right-hand circular, left-hand circular, or any 
combination of these four. 

polarization-diversity reception — Diversity re- 
ception that uses separate vertically and horizontally 
polarized receiving antennas. 

polarization error — In navigation, the error arising 
from the transmission or reception of radiation having 
other than the intended polarization for the system. 

polarization fading—Fading as the result of 
changes in the direction of polarization in one or more 
of the propagation paths of waves arriving at a receiving 
point. See also Faraday effect, 1. 

polarization in a dielectric — The slight displace- 
ment of the positive charge in each atom whenever a 
dielectric is placed into an electric field. 

polarization index — A practical measure of dielec- 
tric absorption expressed numerically as the ratio of the 
insulation after 10 minutes to the insulation resistance 
after | minute of voltage application. 

polarization modulation — A technique in which 
modulation is produced by changing the direction of 
polarization of circularly polarized layer energy. 

polarization receiving factor — Ratio of the power 
received by an antenna from a given plane wave of 
arbitrary polarization to the power received by the same 
antenna from a plane wave of the same power density and 
direction of propagation whose state of polarization has 
been adjusted for the maximum received power. 

polarization unit vector (for a field vector) — A 
complex field vector at one point, divided by the magni- 
tude of the vector. 

polarize — 1. To cause to be polarized. 2. To arrange 
mating connectors so that they can be joined in only 
one way. 

polarized capacitor— An electrolytic capacitor 
with the dielectric film formed adjacent to only one metai 
electrode. The opposition to the passage of current is then 
greater in one direction than in the other. The polarity is 
established for minimum current; operation with reversed 
polarity can result in damage to the capacitor if excessive 
current occurs. 

polarized double-biased relay— Also called 
magnetic-latch relay. A relay whose operation depends on 
the polarity of the energizing current and which is mag- 
netically biased, or latched, in either of two positions. Its 
coil symbol is usually marked + and DB. 

polarized light—Light that has the electric-field 
vector of all the energy vibrating in the same plane. 
Looking into the end of a beam of polarized light, 
one would see the electric-field vectors as parailel or 
coincident lines. 
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polarized no-bias relay—A three-position or a 
center-stable polarized relay. Its coil symbol is usually 
marked + and NB. 

polarized plug— 1. A plug so constructed that it 
may be inserted in its receptacle only in a predetermined 
position. 2, A multiconductor plug that can be inserted 
into a jack or receptacle in only one position. 

polarized receptacle — A receptacle into which a 
polarized plug can be inserted only in a predetermined 
position. 

polarized relay — Also called a polar relay. A relay 
in which the armature movement depends on the direction 
of the current. Its coil symbol is sometimes marked +. 

polarized-vane instrument — See permanent-mag- 
net moving-iron instrument. 

polarizer—A substance that, when added to an 
electrolyte, increases the polarization. 

polarizing pin — A pin located on one half of a two- 
piece connector in such a position that, by mating with 
an appropriate hole on the other half during assembly of 
the connector, it will ensure that only related connector 
halves can be assembled. 

polarizing slots — Also called indexing slots. One 
or more slots placed in the edge of a printed circuit board 
to accommodate and align certain types of connectors. 

polar keying — A form of telegraph signal in which 
circuit Current in one direction is used for marking, and 
current in the other direction is used for spacing. 

polar modulation — A form of amplitude modula- 
tion in which the positive excursions of the carrier are 
modulated by one signal and the negative excursions by 
another. 

polar mount — |. A common mount used with satel- 
lite dishes. One axis is aligned with the true north pole so 
that the satellites in the Clarke belt can be scanned with 
the movement of only one axis. 2. An antenna mounting 
and aiming system in which one pivot is positioned only 
one time and the other (hour axis) is positioned to sweep 
the satellite arc. Some fine adjustments may be required 
on the first pivot (declination axis), but this mount is much 
easier to aim than the azimuth/elevation mount. 

polar orbiting satellites—A satellite that orbits 
over the north and south poles. Since the earth rotates 
beneath it, the satellite sees a different view on each 
rotation. 
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polarotor— A small motor mounted on a dish that 
rotates the microwave probe (LNA) to receive signals of 
either horizontal or vertical polarity. 
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polar radiation pattern — A diagram that shows 
the relative strength of the radiation from a source in all 
directions in a given plane. 

polar relay — |. A relay containing a permanent mag- 
net that centers the armature. The direction of movement 
of the armature is governed by the direction of the cur- 
rent. See also polarized relay. 2. A permanent-magnet- 
core relay that is designed to operate only when current 
flows in a specified direction. 3. A springless relay built 
by winding a magnetic core with two equal but opposite 
windings. The armature stands theoretically in the middle 
of the two windings. This kind of relay permits the oper- 
ation of an rtty circuit that has current in one direction 
for marks and in the opposite direction for spaces. 

polar response — 1. Polar diagram or circular graph 
that shows the sensitivity of an antenna or microphone 
or the output from speakers in an angular mode through 
360”, 2. The variation of output, at any given frequency, 
at different angles to the forward axis of symmetry of the 
speaker. In general, it will be different in horizontal and 
vertical planes, as well as with frequency. 

polar signal—1.A signal whose information is 
transmitted by means of directional currents. 2. A signal 
in which the current in the transmission line is reversed 
in polarity in changing from marking to spacing. 

pole — |. One end of a magnet. 2. One electrode of 
a battery. 3. An output terminal on a switch. 4. An item 
that controls one path of the circuit. 5. A combination of 
no and/or nc mating contacts. 

pole face — In a relay, the end of the magnetic core 
nearest the armature. 

pole piece — One or more pieces of ferromagnetic 
material forming one end of a magnet and so shaped 
that the distribution of the magnetic flux in the adjacent 
medium is appreciably controlled. 

pole shoe — The portion of a field pole facing the 
armature of the machine. It may be separable from the 
body of the pole. 

poles of a network function— Those real or 
complex values of p for which the network function is 
infinite. 

pole-type transformer— A transformer suitable 
for mounting on a pole or similar structure. 

police calls — Broadcasts (usually orders) issued by 
police radio stations, 

police connection — The direct link by which an 
alarm system is connected to an annunciator installed in 
a police station. Examples of a police connection are an 
alarm line and a radiocommunications channel. 

poling — 1. The adjustment of polarity. Specifically, 
in wire-line practice, it signifies the use of transpositions 
between transposition sections of open wire or between 
lengths of cable to cause the residual crosstalk couplings 
in individual sections or lengths to oppose one another. 
2. A step in the production of ceramic piezoelectric bodies 
that orients the axes of the crystallites in the preferred 
direction. In general, a process similar to magnetizing 
ferromagnetic materials. 

polishing — 1. A mechanical finishing operation con- 
ducted upon solid-state substrates to achieve smoothness 
and desired surface qualities. See also lapping. 2. Act 
of smoothing ends of fibers to an optically smooth fin- 
ish, generally using abrasives. Optically smooth surfaces 
allow maximum transmission of light between fibers at 
connections and minimum coupling loss. 

Polish notation — A system for writing and evalu- 
ating logical and arithmetic expressions without the use 
of parentheses. So called because it was originated by the 
Polish logician J. Lukasiewicz. 
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polling -—— i. A communications technique that deter- 
mines when a terminal is ready to send data. The com- 
puter continually interrogates all of its attached terminals 
in a round-robin sequence. A terminal acknowledges the 
poll when it has data to send. 2. A means of controlling 
devices on a multipoint line. 3. Controlling communica- 
tion lines by designating one station as the master. This 
station then gives control of the line to each of the other 
stations, in turn, for a predetermined amount of time. 4. A 
control message sent from a master site to a slave site 
that serves as an invitation to transmit data to the mas- 
ter site. 5. Scheduling technique for /O devices, whereby 
the program interrogates the status of each peripheral in 
tum and gives service when required. The other essential 
techniques are interrupts and direct memory access. 6. A 
process in which a number of peripheral devices, remote 
stations, or nodes in a computer network are interrogated 
one at a time to determine if service is required. 7. In data 
communications, the action of the central system period- 
ically requesting input from multiple terminals on a line 
by sending a predetermined message (known as a poll 
sequence) to the terminals. 

poli response — See train time. 

polycarbonate — An amorphous thermoplastic used 
in the connector industry and offering high impact 
strength over a broad temperature range. Polycarbonates 
are excellent electrical insulators over a wide range of 
humidity and temperature. They are used as dielectrics in 
film capacitors. They have a high resistance to creep. 

polychromatic radiation — Electromagnetic radia- 
tion consisting of two or more frequencies or wavelengths. 

polycrystalline cell—A photovoltaic cell made 
of crystalline semiconductor compounds (two or more 
different atoms), 

polycrystalline ceramic——A ceramic material, 
such as barium titanate, with a crystalline structure in 
which ali molecules are similarly oriented and regularly 
arranged. (It may be made piezoelectric by pretreatment 
with a polarizing electric field.) 

polycrystalline material— Material, typically an 
element like silicon or germanium, made up of many 
single crystals having a random orientation. The term may 
be applied to a twin crystal as well as to a heterogeneous 
growth of many crystals. 

polycrystalline structure — The granular structure 
of crystals that have nonuniform shapes and arrangements. 

polyergic — A type of emission in which the groups 
of energies or velocities are produced simultaneously 
(e.g., simulated micrometeoroids in varying charge states 
separated by velocity where accelerated by the same 
potential). 

polyester — Polyethylene glycol terephthalate, the 
material most often used as a base film for precision 
magnetic tape. The chief advantages of this material 
compared to other materials are its stability with respect 
to humidity and time, its resistance to solvents, and its 
mechanical strength. It is used as a dielectric in film 
Capacitors, 

polyester backing — A plastic-film backing added 
to magnetic tape to make it stronger and more resistant 
to changes in humidity. 

polyester base — A plastic-film backing for mag- 
netic tape used for special purposes where strength and 
resistarice to temperature and humidity change are impor- 
tant. (Mylar is a Du Pont trade name for their brand of 
polyester.) 

polyester films—A broad category of films that 
differ 1n chemical composition, properties, and proces- 
sibility, but which exhibit very good electrical properties. 
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polyesters— A class of thermosetting synthetic re- 
sins having great strength and good resistance to moisture 
and chemicals. 

polyethylene — Short for polymerized ethylene, a 
tough white plastic insulator with low moisture absorp- 
tion. It is often used as a dielectric. 

polygon — A closed figure with straight edges; often 
used as the underlying 3D data structure for shaded 
3D systems. 

polygraph — Also called a lie detector. A recorder 
of several signals simultaneously, such as blood pressure, 
respiratory motion, galvanic skin resistance, etc., com- 
monly used for study of emotional reactions involving 
deception (lie detection). 

polyimide film— A plastic film exhibiting excellent 
physical and electrical properties over a wide tempera- 
ture range. Produced from pyromellitic dianhydride and 
an aromatic diamine, it is used as a printed circuit sub- 
strate. 

polymer—A compound formed by polymerization 
that results in the chemical union of monomers or 
the continued reactton between lower molecular weight 
polymers. 

polynomial — An algebraic expression thet contains 
two or more terms and in which the dependent vari- 
able is represented by a linear combination of pow- 
ers of the independent variable, with the degree of 
the polynomial determined by the highest power in the 
expression. 

polyphase — Describing an electrical circuit or elec- 
trical equipment that uses two or more phases. Polyphase 
circuits that have two, three, and six phases are common. 
Thus, a polyphase motor operates from a powcr line hav- 
ing several phases of alternating current. 

polyphase circuit—A group of alternating-current 
circuits (usually interconnected) that enter (or leave) a 
delimited region at more than two points of entry. They 
are intended to be so energized that, in the steady state, 
the alternating potential differences between them all have 
exactly equal periods but have differences in phase, and 
may have differences in waveform. 

polyphase motor—An induction motor wound 
for operation on two- or three-phase alternating cur- 
rent. 

polyphase synchronous generator—A gener- 
ator with its ac circuits so arranged that two or more 
symmetrical alternating electromotive forces with definite 
phase relationships to each other are produced at its ter- 
minals. 

polyphase transformer— A transformer designed 
for use in polyphase circuits. 

polyphase voltages —In an ac electrical system, 
voltages having a definite phase relationship to each other. 

polyplexer—- Radar equipment that combines the 
functions of duplexing and lobe switcning. 

polypropylene — A thermoplastic with good electri- 
cal characteristics, high tensile strength, and resistance to 
heat. It is used as a dielectric in film capacitors. 

polyrod antenna — An end-fire dielectric microwave 
antenna made of tapered polystyrene rods. 

polysilicon — A multicrystalline form of silicon used 
in silicon-gate MOS technology that is electrically con- 
ductive and optically transparent. It is commonly used to 
form electrodes of solid-state imagirg devices. 

polystyrene — A clear thermoplastic material having 
excellent dielectric properties, especially at ultrahigh 
frequencies. 

polystyrene capacitor — A low-loss precision cap- 
acitor with a polystyrene dielectric. 
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polysulfones — Plastics that are transparent and have 
high dimensional stability and high heat-defiection tem- 
perature. They are tough and strong and have excellent 
dimensional stability and electrical properties, 

polyvinyl chloride — Abbreviated PVC. A general- 
purpose thermoplastic used for insulations and jackets on 
components, wire, and cable. 

pony circuit— A local, on-base circuit that does not 
have direct entry into a relay network. 

pool cathode — A cathode at which the principal 
source of electron emission is a cathode spot on a 
metallic-pool electrode. 

pool tube — A gas tube with a pool cathode. 

popcorn noise-— Also called burst noise. 1. So 
named for the audible characteristic, popcorn noise is ran- 
domly occuring random-amplitude noise, lasting from a 
few microseconds to several seconds. A type of noise 
generally associated with operational amplifiers. When 
popcorn noise is present, it does not occur in all devices 
made by a given process or even in all devices on the 
same wafer. It becomes worse at low temperatures, and 
it disappears above some threshold temperature. 2. An 
undesired source of interference associated with semicon- 
ductor devices that usually exceeds the background noise 
by at least a factor of 2 and occurs randomly at very long 
intervals. Popcorn noise is characterized by pulses of cur- 
rent in a semiconductor device operating in an electrical 
circuit. It can be observed by placing a high-value resis- 
tor in the base circuit of a transistor and observing the 
amplified noise signal present at the collector. 

Pope cell — See sulfonated polystyrene sensor. 

pop filter — 1. A cloth, foam, or similar shield placed 
over a microphone to prevent popping sounds resulting 
from sudden bursts of breath. 2. A filter that attenuates 
low frequencies where the popping sounds exist. Typi- 
cally, a high-pass filter with its cutoff at approximately 
70 Hz to 100 Hz. 3. See blast filter. 

POPI — Post Office Position Indicator. A British long- 
distance navigational system for providing bearing infor- 
mation. It is a continuous-wave, low-frequency system in 
which the phase difference between sequential transmis- 
sions on a single frequency is measured. 

pops — A form of record noise that usually results 
from disc imperfections and the ever-present electrostatic 
charge (with its attendant crackling sounds) on the disc. 

population — Sometimes called universe. The entire 
group of items being studied, from which samples are 
drawn.. 

population inversion — |. A nonequilibrium condi- 
tion that exists when there are more atoms in the excited 
state than in the ground state, Atoms return to the lower- 
energy level, and release energy and emit photons. 2. A 
condition in a stimulated material, such as a semicon- 
ductor, in which the upper energy level of two possible 
electronic energy levels in a given atom, distribution of 
atoms, molecule, or distribution of molecules has a higher 
probability (usually only slightly higher but nevertheless 
higher) of being occupied by an electron. When popula- 
tion inversion occurs, the probability of downward energy 
transitions giving rise to radiation is greater than the 
probability of upward energy transitions. This thus brings 
about stimulated emission, 1.e., laser action. 3. The condi- 
tion in which there are more atomic systems in the upper 
of two energy levels than in the lower, so stimulated emis- 
sion will predominate over stimulated absorption. 4. In 
the context of semiconductors, any situation in which 
the normal majority/minority carrier ratio of an impurity 
semiconductor region is disturbed, to a degree that the 
nominal minority carriers are actually present in larger 
numbers than the nominal majority carriers. 5. A redistri- 
bution of energy levels in a population of elements such 
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that instead of having more atoms with lower energy level 
electrons there are fewer atoms with higher energy level 
electrons, 1.e., an increase in the total number of electrons 
in the higher excited states occurs at the expense of the 
energy in the electrons in the ground or lower state and at 
the expense of the resonant energy source, 1.e., the pump. 
This is not an equilibrium condition. The generation of 
population inversion is caused by pumping. 

porcelain-——A glazed ceramic insulating material 
made from clay, quartz, and feldspar. 

porcelain capacitor — A fixed electrostatic capaci- 
tor whose dielectric is a high grade of porcelain molecu- 
larly fused to alternate layers of fine silver electrodes so 
as to form a monolithic capacitor. 

porcelainize — To coat and fire a metal with glass 
material, forming a hybrid circuit substrate. 

port— 1. A point of access into a computer (such 
as the serial and parallel ports on the back of most 
PCs), a network, or other electronic system; the physical 
or electrical interface through which one gains access; 
the interface between a process and a communications 
or transmission facility. 2. The hardware that permits 
data to enter or exit a computer, network node, or 
communications device. See also communications port. 
3. A place of access to a system or circuit. Through 
it, energy can be selectively supplied or withdrawn or 
measurements can be made. Examples are the port in 
a waveguide or in a base-reflex speaker enclosure. 4. A 
fluid connection to the servovalve (e.g., supply port, return 
port, control port). 5. An external opening of an internal 
passage. 6. The physical circuit that interfaces a computer 
to a peripheral, and the numerical address the computer 
uses in communicating through it. 7. An opening in a 
speaker enclosure, permitting the bass radiation from the 
back of the woofer cone to be combined with its forward 
radiation to enhance the total response. 8. An input/output 
channel, including the physical connector and control 
logic, to interface a peripheral device to a mainframe. 
9. A set of lines for internal and external communication 
with a computer. 10. An outlet in a processor where a 
peripheral plugs in, in equipment in which the peripheral 
is compatible with the processor. 11. The gateway that 
connects the computer to its outside world. 12. To convert 
software to run in a different computer environment. 

portable data medium — A data medium intended 
to be transportable easily and independently of the mech- 
anism used in interpreting it. 

portable duress sensor— A device carried on a 
person that may be activated in an emergency to send an 
alarm signal to a monitoring station. 

portable intrusion sensor — A sensor that can be 
installed quickly and that does not require the installation 
of dedicated wiring for the transmission of its alarm 
signal, 

portable operation —Radiocommunication con- 
ducted from a specific geographical location other than 
that shown on the station license. 

portable recorder — A sound and/or video recorder 
designed for easy mobility, but which may require con- 
nection to a 120-volt ac supply for operation. Also applied 
to battery-powered recorders that do not require external 
power for operation. 

portable standard meter — A portable meter used 
principally as a standard for testing other meters. 

portable transmitter—A transmitter that can be 
readily carried on one's person and operated while in 
motion (e.g., walkie-talkies, Handie-Talkies, and similar 
personal transmitters). See also transportable transmitter. 

portamento — The continuous change of a tone from 
one pitch to another. See also glissando. 
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port selector— A switching device that extends the 
capability of a computer to handle more data traffic 
without additional ports. It eliminates dedicated line-to- 
port interfacings, so fewer ports can handle more data 
lines. 

pos — Abbreviation for positive. 

posistor— A thermally sensitive resistor that has a 
positive temperature characteristic of resistance. 

position — |. The location of an object with respect 
to a specific reference point or points. 2. In a string, a 
location that can be occupied by a character or bit and 
that can be identified by a serial number. 

positional! crosstalk — In a multibeam cathode-ray 
tube, the deviation of an electron beam from its path under 
the influence of another electron beam within the tube. 

positional notation — One of the schemes for rep- 
resenting numbers. It is characterized by the arrangement 
of digits in sequence, with successive digits forming coef- 
ficients of successive powers of an integer called the base 
of the number system. 

position-changing mechanism—The mecha- 
nism used to move a removable circuit-breaker unit to 
and from the connected, disconnected, and test positions. 

position control system — A discrete or point-to- 
point control in which the controlled motion is used as 
a means of arriving at a given end point without path 
control during the movement between end points. 

position dialing — Dialing over the regular position 
cord circuits by means of a relay circuit controlled by a 
dial of the regular cord circuits. 

position feedback— A feedback signal that is 
proportional to the position or deflection of some object. 

position-independent code— Abbreviated PIC. 
Machine-coded programs using only relative addressing, 
permitting the program to reside in any portion of system 
memory. 

position of effective short — The distance between 
a specified reference plane and the apparent location of 
the short circuit of a fixed switching tube in its mount. 

position sensor—A device that measures position 
and converts the measurement into a form convenient for 
transmission as a feedback signal. 

position-type telemeter — See ratio-type telemeter. 

positive — Abbreviated pos 1. Any point to which 
electrons are attracted—as opposed to negative, from 
where they come. 2. An artwork, artwork master, or 
production master in which the intended conductive 
pattern is opaque to light, and the areas intended to be 
free from conductive material are transparent. 

positive bias — The condition in which the control 
grid of a vacuum tube is more positive than the cathode. 

positive charge — An electrical charge with fewer 
electrons than normal. 

positive column— The luminous glow, often stri- 
ated, between the Faraday dark space and the anode in a 
glow-discharge, cold-cathode tube. 

positive electricity— The electricity that predom- 
inates in a glass body after it has been electrified by 
rubbing with silk. See positive charge. 

positive electrode—The conductor that is con- 
nected to the positive terminal of a primary cell and serves 
as the anode when the cell is discharging. Electrons flow 
to it through the external circuit. 

positive electron — See positron. 

positive feedback-—1. The process by which the 
amplification is increased by having part of the power in 
the output circuit returned to the input circuit in order to 
reinforce the input power, 2. Recycling of a signal that is 
in phase with the input to increase amplification. Used in 
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digital circuits to standardize the waveforms in spite of 
any anomalies in the input. See also regeneration, 1. 

positive ghost— A television ghost-signal display 
with the same tonal variations as those of the image. 

positive-going — Increasing toward a positive direc- 
tion (e.g., a current or waveform). 

positive grid — A grid with a more positive potential 
than the cathode in a vacuum tube. 

positive-grid multivibrator — A multivibrator that 
has one or more grids connected to the plate-voltage 
supply, usually through a large resistance. 

positive-grid oscillator — See retarding-field oscil- 
lator. 

positive-grid oscillator tube— Also called a 
Barkhausen tube. An oscillating triode in which the grid 
has a more positive quiescent voltage than either of the 
other electrodes. 

positive ground — The positive battery terminal of 
a vehicle is connected to the body and frame. 

positive-intrinsic-negative photodiode coup- 
ler — A coupling device that enables the coupling of light 
energy from an optical fiber or cable onto the photosen- 
sitive surface of a positive-intrinsic-negative (pin) diode 
of a photon detector (photodetector) at the receiving end 
of an optical-fiber data link. The coupler may be only a 
fiber pigtail epoxied to the photodiode. 

positive ion— An atom that has lost one or more 
electrons and, thus, has an excess of protons, giving it a 
positive charge. 

positive-ion emission — Thermionic emission of 
positive particles from the cathode of a vacuum tube. 
They either are made up of ions from the metal in the 
cathode or are due to some impunty in it. 

positive-ion sheath — A collection of positive ions 
on the control grid of a gas-filled triode tube. If too high 
a negalive bias is applied to the grid, this positive sheath 
will block the plate current. 

positive light modulation — Modulation in which 
the transmitted power increases as the light intensity does, 
and vice versa. 

positive logic— A form of logic in which the more 
positive logic level represents 1 and the more negative 
level represents 0. 

positive magnetostriction— Magnetostriction in 
which a material expands whenever a magnetic field is 
applied. 

positive modulation — Also called positive picture 
modulation. In an AM television system, modulation in 
which the brightness increases as the transmitted power 
does, and vice versa. 

positive phase-sequence relay —A relay that is 
energized by the positive phase-sequence component of 
the current, voltage, or power of a circuit. 

positive picture modulation — See positive mod- 
ulation. 

positive picture phase — 1. The condition in which 
the picture-signal voltage goes positive above the zero 
level whenever a positive scene or picture increases in 
brilliance. 2. Positioning of the composite video signal 
so that the maximum point of the sync pulses is at zero 
voltage. The brightest illumination is caused by the most 
positive voltages. 

positive plate—1. A hollow lead grid filled with 
active material and connected to the positive terminal of a 
storage battery. When the battery is discharging, electrons 
flow toward it through the external circuit. 2. In a charged 
capacitor, the plate that has fewer electrons. 

positive ray — See canal ray. 

positive temperature coefficient— The condi- 
tion whereby the resistance, capacitance, length, or other 
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characteristic of a substance increases as the temperature 
does. 

positive terminal —In a battery or other voltage 
source, the terminal toward which electrons flow through 
the external circuit from the negative terminal. 

positive transmission — Transmission of television 
signals in such a way that the transmitted power increases 
whenever the initial light intensity does. 

positive-true logic-— A logic system in which the 
voltage representing a logical 1 has a higher or more 
positive value than that representing a logical 0. 

positron — Fundamental particle equal in mass and 
energy to an electron, but having a positive charge. It has 
a very short life, being usually lost in the formation of a 
photon by combination with an electron. It occurs in the 
radiations from a few radioactive isotopes. 

post— 1. In a computer, to place a unit of information 
in a record. 2. To submit a message in a newsgroup or 
other online forum. 

postaccelerating electrode — See intensifier elec- 
trode. 

postacceleration — Also called postdeflection accel- 
eration. Acceleration of the beam electrons in a tube after 
they have been deflected. 

postconversion bandwidth — In a telemetry re- 
ceiver, the bandwidth presented to the detector. 

postcuring — Heat aging of a film circuit after firing 
to stabilize the resistor values through stress relieving. 

postdeflection accelerating electrode — See 
intensifier electrode. 

postdeflection acceleration —See postaccelera- 
tion. 

postedit — In a computer, to edit output data resulting 
from a previous computation. 

postemphasis — See deemphasis. 

postequalization — See deemphasis. 

POS terminal — See point-of-sale terminal. 

postfiring —-Refiring of a film circuit after having 
gone through the firing cycle. Sometimes used to change 
the values of the already fired resistors. 

postmortem—aA diagnostic computer routine for 
locating a malfunction in the computer or an error in 
coding a problem. Should a problem tape come to a stand- 
still, the computer will print out—either automatically 
or when called for—any information concerning the 
contents of all or part of the registers in the computer. 

post processor—A software subsystem that con- 
verts stimulus and response information obtained from a 
simulator into the machine language of a particular auto- 
matic test equipment. 

postregulator—A circuit that performs the func- 
tions of reference, comparison, and control in power 
supplies. So called because it follows the transformer, 
rectifier, and (usually) the nipple filter. 

pot—1. Short for potentiometer. 2. A solder pot. 
3. To embed a component in a liquid resin within a casing 
that becomes part of the product. 

potassium -—— An alkali metal having photosensitive 
characteristics, especially to blue light. It is used on the 
cathodes of phototubes whenever maximum response to 
blue light is desired. | 

pot core —A magnetic structure consisting of a rod 
and a sleeve arranged so that the rod fits inside a coil 
and the sleeve fits around the coil. The sleeve and rod are 
connected at one end by a plate. The open end (opposite 
the plate) is usually, but not necessarily, ground so that 
two pot cores or a pot core and a separate plate can be put 
together around a suitable coil to form a low-reluctance 
magnetic path and/or shield for the coil. 

potential — 1. The difference in voltage between two 
points of a circuit. Frequently one point is assumed 
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to be ground, which has zero potential. 2. In general, 
the electrical voltage difference between two bodies. 
When bodies of different potentials are brought into 
communication, a current is set up between them. 

potential barrier— A semiconductor region through 
which electric charges attempting to pass will encounter 
opposition and may be turned back. 

potential coil — The shunt coil in a measuring instru- 
ment or other device having series and shunt coils —1.e., 
the coil connected across the circuit and affected by 
changes in voltage. 

potential difference—1.A voltage existing bet- 
ween two points (e.g., the voltage drop across an 
impedance, from one end to another). 2. The voltage that 
can be measured between any two points in a circuit. 
3. The algebraic difference between the voltages at two 
points in an electrical circuit. 

potential divider — See voltage divider. 

potential drop — The difference in potential between 
the two ends of a resistance with a current through it. 

potential energy— Energy due to the position of 
one body with respect to another or to the relative parts 
of the same body. 

potential galvanometer— A galvanometer with 
such a high resistance that it takes practically no current. 
It has been replaced by the vacuum-tube voltmeter. 

potential gradient— 1. The rate of change of poten- 
tial with distance. Units such as volts per meter or kilo- 
volts per centimeter may be used. 2. Voltage gradient due 
to the diffusion of holes and electrons across the space 
charge region. 

potential transformer— Also called a voltage 
transformer. An instrument transformer whose primary 
winding is connected in parallel with the circuit whose 
voltage is to be measured or controlled. 

potential wells — A voltage placed on MIS capacitor 
electrodes causes a voltage gradient zone to be formed 
under the electrode so as to collect minority carriers. 

potentiometer— 1. A resistor provided with a tap 
that can be moved along it in such a way as to put the tap 
effectively at the junction of two resistors whose sum is 
the total resistance, the ratio of the two effective resistors 
being a function of the position of the tap. 2. A measuring 
instrument in which a potentiometer 1s used as a voltage 
divider in order to provide a known voltage that can 
be balanced against an unknown voltage. 3. A variable 
voltage divider. A resistor that has a variable contact arm 
so that a portion of the potential applied between its ends 
may be selected. 4. A variable voltage divider used for 
measuring an unknown electromotive force or potential 
difference by balancing it, in whole or in part, by a known 
potential difference. 5. An instrument used to measure or 
compare voltages. 
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potentiometer circuit—A network arranged so 
that when two or more electromotive forces (or potential 
differences) are present in as many branches, the response 
of a suitable detecting device in any branch can be made 
zero by adjusting the electrical constants of the network. 

potentiometer recorder— A null-balance type of 
recorder using a Servo-operated voltage-balancing device; 
the sliding contact of a precision measuring potentiometer 
is adjusted automaticaliy by a servomechanism so that the 
difference in voltage of the circuit becomes zero. Main 
feature is high sensitivity. 

potentiometric transducer—A transducer in 
which displacement of a force-summing member is 
transmitted to the slider in a potentiometer, thus 
changing the ratio of output resistance to total resistance. 
Transduction is accomplished by changing the ratios of a 
voltage divider. 

potentiometric transduction — The conversion of 
the measurand into a change in the position of a contact 
on a resistance element across which excitation is applied, 
the output usually being given as a voltage ratio. 

pothead — An insulator for making a sealed joint 
between an underground cable and overhead line. 

Potier diagram—A vector diagram showing the 
voltage and current reiationships in an ac generator. 

pot life — Also called working life. 1. The period after 
the addition of a catalyst to a potting compound during 
which the potting operation must be completed. 2. The 
time period during which a compound remains suitable 
for the intended use after compounding ingredients, such 
as solvents or catalysts, have been added. 

potted circuit — A circuit that has been encapsulated 
in a nonconductive material. 

potted line —A pulse-forming network immersed in 
oil and enclosed in a metal container. 

Potter oscillator— A cathode-coupled multivibra- 
tor. 

potting — i. An embedding process for parts that 
are assembled in a container or can into which the 
insulating material is poured, with the container remaining 
an integral part as the outer surface of the finished 
unit. 2. Sealing of a component (e.g., the cable end of 
a multiple-contact connector) with a plastic compound 
or material to exclude moisture, prevent short circuits, 
and provide strain relief. 3. A process of embedding a 
part or assembly by complete immersion in the potting 
compound. A container, can, or shell used as a mold ts 
retained as an integral part of the finished product. Usually 
refers to protective encasements of greater than 100 mils 
(2.54 mm) thickness. 

potting compound — A sealing material used to fill 
the case or enclosure in which a component is contained. 

powdered-iron core—A core consisting of fine 
particles of magnetic material mixed with a suitable 
bonding material and pressed into shape. 

power— i. The energy dissipated in an electrical or 
electronic circuit or component that is conducting either 
ac or de. 2. Electrical energy developed to do work, such 
as the voltage from an amplifier used to drive a speaker. 
Also acoustical energy or sound pressure developed in 
a room by a speaker. 3. Rate of doing work. Some 
units of power are the foot-pound per second, or (in the 
cgs system) | erg/sec, the watt (joule/second), and the 
kilowatt. 

power amplification — See power gain, 1. 

power amplifier — 1. An amplifier intended for driv- 
ing one or more speakers or other transducers. 2. The 
finai stage in a multistage amplifier circuit, designed to 
give power to the load, rather than to be used mainly 
as a voltage amplifier. 3. A fluidic device that causes a 
change in output power following a change of sufficient 
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magnitude in control power. 4. An amplifier driven by 
a relatively low voltage, low-power signal (of the order 
of 0.1 milliwatt or less) that delivers a substantial power 
output to low-impedance speaker loads. Typical power 
outputs may range from a few watts to several hundred 
watts, into impedances in the range of 2 to 16 ohms. The 
term power amplifier is commonly used to distinguish 
an amplifier that does not handle source signals directly 
and does not have volume or tone control functions. 5. A 
device that causes a change in output power following a 
change in control power. 6. An amplifier that can deliver 
a relatively large current and that can often operate from 
fairly high voltages. Power amplifiers are widely used in 
audio, but can also be used to drive servomotors and the 
like, 

power amplifier input sensitivity — The input that 
will drive an amplifier to its maximum rated output power. 
Usually measured in dBm, dBV, or volts. 

power-amplifier stage—1. An audio-frequency 
amplifier stage capable of handling considerable audio- 
frequency power without distortion. 2. A radio-frequency 
amplifier stage used in a transmitter primarily to increase 
the power of the carrier signal. 

power attenuation — See power loss, 1. 

power bandwidth — The range of audio frequencies 
over which an amplifier can produce half its rated power 
without exceeding its rated distortion. It is determined by 
using a measurement procedure standardized by the Insti- 
tute of High Fidelity (IHF). This specification indicates 
how much power is available at the critical high and low 
frequencies. The wider the power bandwidth, the better 
the amplifier. 

power (temperature-rise} coefficient — The 
maximum rise in hot-spot temperature of a resistor above 
ambient, per watt of dissipation, assuming free-air con- 
vection and negligible loss of heat through the leads, after 
thermal equilibrium has been reached, usually expressed 
in degrees Celsius per watt. 

power conditioning — The process of maintaining 
uniform voltage on a power line. 

power connection —British term used for the 
constant horsepower connection in a multispeed motor. 

power consumption — The maximum wattage used 
by a device within its operating range during steady-state 
signal conditions. 

power cord — Flexible, insulated cable used in such 
applications as supplymg line power to power tools and 
electronic equipment. 

power density — 1. The radiated field strength set up 
by a radiating source, expressed in microvolts per meter 
or in dB above 1 V/m. 2. Power in a band per hertz, 
or the total power in a band of frequencies divided by 
the bandwidth in hertz. 3. The power output of a battery, 
expressed in watts, per unit weight of the battery. 

power derating — Use of computed curves to deter- 
mine the correct power rating of a device or component 
to be used above its reference ambient temperature. 

power detection — Detection in which the power 
output of the detector is used for supplying a substantial 
amount of power directly to a device such as a speaker 
or recorder. 

power detector— A vacuum tube detector operating 
with such a high plate voltage that strong input signals can 
be handled without appreciable distortion. 

power dissipation — 1. The dispersion of the heat 
generated within a device or component when a cur- 
rent flows through it. This is accomplished by convection 
to the air, radiation to the surroundings, or conduction. 
2. The supply power consumed by a logic circuit oper- 
ating with a SO-percent duty cycle (equal times in the 
logical O and logical 1 states). 
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power dissipation rating — The maximum average 
power that can be continuously dissipated under stated 
temperature conditions. 

power divider— 1. A device that provides a desired 
distribution of power at a branch point in a waveguide 
system. 2. Á passive resistive network that equally divides 
power applied to the input port between any particular 
number of output ports without substantially affecting the 
phase relationship or causing distortion. 

power driver—-An amplifier with two outputs that 
can be used to driye a pair of complementary power tran- 
sistors. The output power available from these transistors 
can be very high. An ordinary operational amplifier is not 
very suitable for use as a power driver, since only one out- 
put is available and this cannot be used easily to drive the 
power transistors, which require a bias difference between 
their input for low crossover distortion. 

power dump— Also called dump. The removal of 
all power either accidentally or intentionally. 

power factor—1. Ratio of the actual power of 
an alternating or pulsating current, as measured by 
a wattmeter, to the apparent power, as indicated by 
an ammeter and voltmeter. 2. Ratio of resistance to 
impedance; therefore, a measure of the loss in an inductor, 
capacitor, or insulator. 3, The cosine of the phase angle 
between the voltage applied to a load and the current 
passing through it. (Sometimes the cosine is multiplied 
by 100 and expressed as a percentage.) 4. The ratio of 
actual power being used in a circuit, expressed in watts 
or kilowatts, to the power that is apparently being drawn 
from the line, expressed in voltamperes or kilovoltam- 
peres. Actual power is working, or real or true, power used 
to produce heat or work. Apparent power is the product 
of volts times amperes, and may or may not be more than 
the actual power. When the two values are equal, their 
ratio is 1:1, or 1.0, or 100 percent. This is the highest 
power factor (unity) that can be obtained. 

power-factor correction — Adding capacitors to 
an inductive circuit in order to increase the power factor 
by making the total current more nearly in phase with the 
applied voltage. 

power-factor meter — A direct-reading instrument 
for measuring power factor. Its scale is graduated directly 
in power factor. 

power-factor regulator— A regulator that main- 
tains the power factor of a line or apparatus at a prede- 
termined value, or varies it according to a predetermined 
plan. 

power-factor relay — A device that operates when 
the power factor in an ac circuit becomes above or below 
a predetermined value. 

power-fail circuit—A logic circuit that protects 
an operating program if primary power fails. A typical 
power-fail circuit informs the computer when power 
failure is imminent, initiating a routine that saves all 
volatile data. After power has been restored, the circuit 
initiates a routine that restores the data and restarts 
computer operation. 

power foldback — Reduction of the power input to 
a power supply under fault conditions to less than the full 
rate input power under normal conditions. 

power frequency — The frequency at which electric 
power is generated and distributed. Throughout most of 
the United States, this frequency is 60 Hz. 

powerful — Usually refers either to a computer with 
a lot of memory or a lot of processing speed (a personal 
computer with 256 K RAM is powerful) or to a program 
with an unusual versatility (a spreadsheet is a powerful 
business tool). 

power gain — Abbreviated pg. Also called power 
amplification. 1. The ratio of the signal power developed 
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at the output(s) of a device to the signal power applied 
at the input(s). 2. Of an antenna in a given direction, 47 
times the ratio of the radiation intensity to the total power 
delivered to the antenna. (The term is also applied to 
receiving antennas.) 

power ground — |. The ground between units that 
is part of the circuit for the main source of power to or 
from these units. 2. The potential of the terminal or circuit 
point to which the output of a power supply and often 
an amplifier output load is returned (i.e., power-supply 
“zero”. 

power-handling capability —1. A measure of the 
maximum power input a speaker can absorb without 
damage or unreasonable distortion. In speaker systems 
the power-handling capacity will vary depending on the 
frequency and length of time the signal is applied. 2. The 
maximum power rating of a component, which determines 
how much current can be passed safely without adverse 
effects. 

power IG—A monolithic integrated circuit that 
combines, on the same chip, signal-level digital logic 
and analog functions, for signal processing or interface, 
with one or more output power devices. The power IC 
is essentially an extension of the prevalent small-signal 
integrated circuit concept. A power IC is more specifically 
defined as a single-chip circuit that operates at 2 or more 
amperes and/or 2 or more watts. 

power keys — A computer interface in which certain 
simple key-stroke combinations perform the same func- 
tion as opening a pull-down menu and then selecting an 
entry. 

power level — At any point in a transmission system, 
the difference between the measure of the steady-state 
power at that point and the measure of an arbitrarily 
specified amount of power chosen as a reference. 

power-level indicator — An ac voltmeter calibrated 
to read audio power level. 

power line — Two or more wires conducting electric 
power from one location to another. 

power-line transient —See PLT. 

power loss — Also called power attenuation. 1, Ratio 
of the power absorbed by the input circuit of a transducer 
to the power delivered to a specified load under specified 
operating conditions. 2. Also called watt loss. In the cir- 
cuit of an instrument for measuring current or voltage, the 
active power at its terminals for nominal full-scale indica- 
tion. For other instruments, for example, wattmeters, the 
power loss is expressed at a stated value of current or 
voltage. 

power modulation factor — Ratio of the maximum 
positive departure of the envelope of an amplitude- 
modulation wave from its average value to its average 
value. This rating is used when the modulating signal 
wave has unequal positive and negative peaks. 

power output— 1. The power in watts delivered by 
a power amplifier to a load such as a speaker. 2. Amplifier 
power measured with all channels operating, after a 
standard preconditioning period that brings amplifier 
components to their maximum working temperature. 

power output (continuous watts) — In an ampli- 
fier, the power output at a total maximum harmonic dis- 
tortion of 0.5 percent with a pure-tone (sine-wave) input. 

power pack— A unit for converting power from an 
alternating- or direct-current supply into alternating- or 
direct-current power at voltages suitable for supplying the 
proper operating power to an electronic device. 

power programmer— A device for controlling the 
output power of a radar automatically as a function of the 
target range. 

power rating—The maximum power that can be 
dissipated in a component or device for a specified period. 
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power ratio — Ratio of the power output to the power 
input of a device. Usually expressed as the number of 
decibels loss or gain. 

power relay—1.A relay that functions at a pre- 
determined value of power. It may be an overpower 
relay, an underpower relay, or a combination of both. 
2. General-purpose relay with high ratings, generally 10 
to 20 amperes or greater. Some relays in this category 
may be open frame in that they are not protected with 
individual dust covers; they are covered with a common 
dust cover in the end-use equipment. 

power response — The frequency-response capabil- 
ities of an amplifier running at or near its full rated power. 

power semiconductor device — Solid-state de- 
vice capable of handling 1 watt of power or more at 
room temperature. Included are rectifiers, transistors, and 
thyristors. 

power spectral density function—A measure 
of the power distribution of a signal with respect to 
frequency. 

power-speed product— The product of a semi- 
conductor device’s propagation delay and its power dis- 
sipation. 

power supply— 1. A unit that supplies electrical 
power to another unit. Generally, a circuit that accepts 
alternating current and converts it into direct current that 
is regulated precisely enough to drive electronic circuits 
and that maintains a constant voltage output within limits. 
For most electronics, the source of power is line voltage 
(117 Y to 220 V, 60 Hz). Most electronic circuits today 
require low-voltage dc, typically 12 Y or less. At present 
there are three different design approaches to providing 
this regulated dc: the series or linear regulated supply, 
the ferroresonant supply, and the switching regulated sup- 
ply. 2. Energy source that provides power for operating 
electronic apparatus. 

power-supply rejection ratio — The ratio of the 
change in input offset voltage of an operational amplifier 
to the change in power-supply voltage that causes it. 

power switch — Often called an on-off switch. The 
switch that connects or disconnects a radio receiver, 
transmitter, or other equipment from its power line. 

power switchboard — Part of a switch gear con- 
sisting of a panel or panels on which the switching- 
control, measuring, protective, and regulatory equipment 
is mounted. The panel or panel supports also may carry 
the main switching and interrupting devices and their con- 
nections. 

power transformer — A transformer used for rais- 
ing or lowering the supply voltage to the various values 
required by vacuum-tube plate, heater, and bias circuits, 

power transistor — 1. A transistor designed to han- 
dle large currents and safely dissipate large amounts 
of power. 2. A transistor that can dissipate more than 
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1 watt of power. General-purpose types are used for low- 
frequency service (below 3 MHz) as amplifiers, switches, 
or current regulators. Rf types are used to amplify high- 
frequency signals (above 3 MHz) that reach up to VHF, 
UHF, and microwave regions. 3. A transistor that handles 
power levels of about 0.25 watt and above. Units handling 
about 0.25 to 10 watts are called medium-power transis- 
tors, whereas high-power transistors are those handling 
above 10 watts. 

power tube— An electron tube designed to handle 
more current and power than a yoltage-amplifier tube. 

power winding—A saturable-reactor winding to 
which the power to be controlled is supplied. Commonly, 
the output and power are furnished by the same winding, 
then termed the output winding. 

Poynting’s law—The transfer of energy can be 
expressed as the product of the values of the magnetic 
field and of the components of the electric field that are 
perpendicular to the magnetic field, and the flow of energy 
at any point is perpendicular to both fields. 

Poynting’s theorem — The rate of fiow of electro- 
magnetic energy into or out of a closed region is at any 
instant proportional to the surface integral of the vector 
product of the electric and magnetic intensities. 

Poynting’s vector— 1. The vector product of the 
electric and magnetic intensities at one point and at a 
given instant in a wave. 2. In remote sensing technology, 
represents the intensity of energy flow in the direction of 
wave propagation. 

PPI— Abbreviation for plan-position indicator. 

PPI repeater— Also called remote plan-position 
indicator. A unit that repeats a plan-position indicator at 
a place remote from the radar console. 

PPI scope — aA cathode-ray oscilloscope arranged to 
present a PPI display. 

pp junction—A region of transition between two 
regions having different properties in a p-type semicon- 
ducting material. 

p+ region— The region created by diffusing into 
a silicon crystal a group HI element, which creates a 
deficiency of electrons or an excess of holes. 

p+ semiconductor — A p-type semiconductor with 
an extremely large excess mobile hole concentration. 

p+-type material — Heavily doped p-type material, 
formed by introducing acceptor impurities into a silicon 
substrate. Conduction takes place by the movement of the 
holes. 

PPM — Abbreviation for pulse-position modulation. 

ppm — Abbreviation for parts per million. 

PPM/AM — Amplitude modulation of a carrier by 
pulses that are position modulated by data. 

pps — Abbreviation for pulses per second. 

practical system of electrical units —A system 
in which the units are multiples or submultiples of 
the units of the centimeter-gram-second electromagnetic 
system. 

praetersonic — The higher region of the sonic spec- 
trum. 

praetersonics — The propagation and signal pro- 
cessing of acoustic waves in solids at frequencies that 
extend into the microwave region. 

preamplifier — 1. An amplifier that primarily raises 
the output of a low-level source so that the signal 
may be further processed without appreciable degradation 
in the signal-to-noise ratio. A preamplifier may also 
include provision for equalizing and/or mixing. 2. Also 
known as control amplifier or control center. A switching, 
amplification, and equalization component designed to 
select input signals, amplify them by amounts from 0 to 
60 dB, and deliver an output voltage compatible with the 
input requirements of a power amplifier. 
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preburning — Stabilizing vacuum tubes by operating 
their heaters continuously for a given number of hours. 
Cathode current may be drawn and the tubes vibrated at 
the same time. 

precession -— The effect resulting when a torque is 
applied to a rotating body, such as a gyroscope, causing 
it to wobble. The wobbling frequency is determined by 
the gravitational field strength and the mass of the body. 
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Precession of a gyroscope. 


precious metal— One of the relatively scarce and 
valuable metals: gold, silver, and the platinum group 
metals. 

precipitation attenuation—A reduction in radio 
energy as it passes through a volume of the atmosphere 
that contains precipitation. Part of the energy loss results 
from scattering, and part results from absorption. 

precipitation noise — Noise generated in an antenna 
circuit, generally in the form of a relaxation oscillation, 
caused by the periodic discharge of the antenna or con- 
ductors in the vicinity of the antenna into the atmos- 
phere. 

precipitation static —A type of interference expe- 
rienced in a receiver during snow, rain, and dust storms. 
Often caused by the impact of dust particles against the 
antenna or the creation of induction fields by nearby 
corona discharges. 

precipitator— Sometimes called a precipitron. An 
apparatus for removing small particles of smoke, dust, 
oil, mist, etc. from the air by electrostatic precipitation. 

precipitron — See precipitator 

precise (or precision) measurement — Careful 
measurement under controlled conditions that can be 
repeated again and again with similar results. It also 
means that small differences can be detected and mea- 
sured with confidence. Precision is related, then, to con- 
fidence in successive measurements with the same equip- 
ment and operating conditions. 

precision — 1. The quality of being sharply or exactly 
defined— i.e., the number of distinguishable alterna- 
tives from which a representation was selected. This is 
sometimes indicated by the number of significant digits 
the representation contains. See also accuracy. 2. Also 
called reproducibility or repeatability. The degree with 
which repeated measurements of a given quantity agree 
when obtained by the same method and under the same 
conditions. 

precision approach radar — Abbreviated PAR. 1. 
A rapid-scanning airport radar system so located that 
aircraft on approach to the runway are presented on the 
display in terms of linear deviation from a desired glide 
path and in terms of distance from the point of touchdown 
on the runway. 2. Radar used by traffic controllers in a 
ground-controlled approach to talk down a pilot on final 
approach. 
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precision-balanced hybrid circuit — A circuit for 
interconnection of a four-wire telephone circuit with a 
particular two-wire circuit, in which the impedance of the 
balancing network is adjusted so that a relatively high 
degree of balance is obtained. 

precision comparator — A high-gain amplifier cir- 
cuit whose output changes decisively between two definite 
levels whenever the sum of the input voltages change sign. 

precision device — A device that operates within 
prescribed limits and will consistently repeat operations 
within those limits. 

precision gate—A circuit that may be switched 
from closed to open circuit or vice versa without error 
(time, bias, impedance) in response to a command signal 
(voltage or current). 

precision limit switches— Usually snap-acting 
switches that require a very small known movement to 
actuate. Many machines depend on the accuracy and 
repeatability of the precision limit switch. (Travel of 
0.001 inch, or 25.4 um, is possible.) The force needed to 
close a limit switch is varied from fractions of an ounce 
(a few grams) to pounds. 

precision net—In a four-wire terminating set or 
similar device employing a hybrid coil, an artificial line 
designed and adjusted to provide an accurate balance for 
the loop and subscriber's set or line impedance. 

precision potentiometer —A mechanical electri- 
cal transducer dependent upon the relative position of a 
moving contact (wiper) and a resistance element for its 
operation. It delivers a voltage output that is some speci- 
fied function of the applied voltage and shaft position, to 
a high degree of accuracy. 
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Precision potentiometer. 


precision snap-acting switch —An electrome- 
chanical switch having predetermined and accurately con- 
trolled characteristics and having a spring-loaded quick 
make-and-break contact action. 

precision sweep — A delayed expanded radar sweep 
for high resolution and range accuracy. 

preconduction current— The low value of plate 
current in a thyratron or other grid-controlled gas tube 
prior to conduction. 

precursor — Also called undershoot. The initial tran- 
sient response to a unidirectional change in input. It pre- 
cedes the main transition and is opposite in sense. 

predefined process— A named process that con- 
sists of one or more operation or program steps that are 
specified in another part of a routine. 

predetection combining — A method for produc- 
ing an optimum signal from multiple receivers in a diver- 
sity reception. 

predetection recording — The recording of tele- 
metry receiver intermediate-frequency signals. 
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predetermined counter— A device that automati- 
cally stops an instrument to which it is attached when a 
preset limit is reached. 

predictive control —A type of computer control 
that allows a digital computer to include a dynamic 
control loop for repetitive comparison of pertinent factors. 

predissociation — The dissociation that occurs in a 
molecule that has absorbed energy before it has had an 
opportunity to lose energy by radiation. 

predistortion — See preemphasis. 

pre-Dolbyed tape — A prerecorded tape with Dolby 
compression added for low-noise playback in the home 
via a Dolby B stretcher. 

preemphasis — Also called preequilization or pre- 
distortion. 1. In a system, a process designed to empha- 
size the magnitude of some of the frequency components. 
Preemphasis is applied at the transmitting end (with deem- 
phasis at the receiving end) in order to improve the signal- 
to-noise ratio. 2. In recording, an arbitrary change in the 
frequency response from its basic response (e.g., constant 
velocity or amplitude) in order to improve the signal- 
to-noise ratio or to reduce distortion. See also accentu- 
ation. 3. A scheme sometimes adopted during recording 
to nullify the effect of tracing distortion on replay. The 
distortion deliberately introduced is the reciprocal of that 
produced on replay. 
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preemphasis network — A network inserted into a 
system to emphasize one range of frequencics. 

preempted process—A process that, because 
of scheduling policy, must relinquish the processor to 
another process. 

preemptor — A feature of some automated networks 
by which a high-precedence message, call, or transmission 
preempts a line from a use of lower precedence if all other 
lines are busy. 

preequalization— See preemphasis. 

preferred tube types — Tube types recommended 
to designers of electronic equipment to minimize the 
number of tube types that must be stocked by the 
manufacturer or by service agencies. 

preferred values — A series of resistor and capacitor 
values adopted by the EJA and military. In this system, 
the increase between any two steps is the same percentage 
as between all other steps. Increases may be in steps of 
20 percent, 10 percent, or 3 percent each. 

prefired — Conductors fired in advance of the screen- 
ing of resistors on a substrate. 

prefix multipliers — Prefixes that designate a greater 
or smaller unit than the original, by the factor indicated. 
These prefixes are as follows: 
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Prefix Symbol Factor 
yotta- Y 10% 
zeta- Z 10? 
exa- E 10 
peta- P 10° 
tera- T 107 
giga- G 10 
mega- M 10° 
kilo- k 10° 
hecto- h 10? 
deka- da 10 
deci- d 107! 
centi- c 107? 
milli- m 107 
micro- 17) 107 
nano- n 107° 
pico- p 1071 
femto- f 107" 
atto- a 10718 
zepto- Z 107?! 
yocto- y 19% 


preform — Also called a biscuit. 1. in disc recording, 
the small slab of record material used in the presses. 
2. Small circle or square of the solder or epoxy punched 
out of thin sheets. Preforms are placed on the spot to be 
soldered or bonded, prior to the placing of the object to 
be attached, to aid in soldering or adhesion. 

prelasing condition (or state —The condition 
of an injection laser corresponding to the emission of 
predominantly incoherent or spontaneous radiation. 

preliminary contacts— In a relay, contacts that 
open or close before other contacts when the relay is 
actuated. 

premium service — Extra television programming 
service for which a subscriber must pay an additional fee 
above and beyond the basic subscription fee. 

preohmic alignment— In a semiconductor, the 
positioning of the oxide opening into which the metal- 
lization is placed. 

preohmic window — The opening etched through 
the oxide in a semiconductor for metallization contact to 
the emitter and base regions. 

preprocessor— 1. A device for placing source re- 
cords into a format that facilitates system processing in a 
computer, 2, A method of converting data into computer- 
usable form for processing and output. 3. Software pro- 
gram or procedure that interprets graphical data and for- 
mats it into data readable by a numerical-control machine 
or by other computer programs. 

prerecorded tape — See recorded tape. 

prescaler — A circuit that generates an output signal 


related to the input signal by a fractional scale factor such 


as Y, ls, Yio, etc. An example of a digital prescaler is a 
decade frequency divider, which has an output frequency 
One-tenth of the input frequency. 

preseal visual —The process of visual inspection (of 
a completed hybrid circuit assembly) for defects prior to 
sealing the package. 

preselection— 1. The use of a preselector. 2. In 
buffered computers, a time-saving technique in which a 
block of information is read into the computer memory 
ahead of time from whichever input tape will next be 
called on. 3. In digital computers, a technique whereby 
data from the next input tape is stored while the computer 
is still processing other data. 

preselector— 1. A device placed ahead of a fre- 
quency converter or other device to pass signals of 
desired frequencies but reduce all others. 2. In automatic 
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switching, a device that makes its selection before seizing 
an idle trunk. 

preselector stage—A radio-frequency amplifier 
stage in the input of a superheterodyne receiver. 

presence —The quality of naturalness in sound 
reproduction. When the presence of a system is good, the 
illusion is that the sounds are being produced intimately 
at the speaker. 

presence control—A potentiometer used in a 
three-way speaker system for controlling the volume of 
the middle-range speaker. 

presentation — The form that the radar echo signals 
take on the screen, depending on the nature of the sweep 
circuit. 

presenting — Displaying data in a form that human 
intelligence can comprehend and use. 

preset— 1. To establish an initial condition, for 
example the control values of a loop. 2. An asynchronous 
input of a flip-flop by which the Q output is set to a log- 
ical 1 and the Q output is set to a logical 0. 

preset guidance system— A guidance system in 
which the flight path is determined before the missile is 
launched and cannot be altered after launch. 

preset parameter — In a computer, a parameter that 
is fixed for each problem at a value established by the 
programmer. 

preshoot — The initial transient response to a unidi- 
rectional change in input that precedes the main transmis- 
sion and may be of the same or opposite polarity. 

press-button switch — British term for push-button 
switch. 

pressed alumina— Aluminum-oxide ceramic for- 
med by applying pressure to the ceramic powder and a 
binder prior to firing in a kiln. 

pressed stem— An obsolete method of vacuum- 
tube construction in which all support wires are formed 
into a flattened piece of glass tubing (actually a relic from 
the Jampmaker’s era). See also button stem. 

press-fit contact — An electrical contact that can be 
pressed into a hole in an insulator, printed board (with or 
without plated-through holes), or a metal plate. 

press-fit pin—A connector pin that is forced into 
a wiring board or substrate hole, forming a gas-tight 
connection point without solder or welds. 

pressing — A disc recording produced in a record- 
molding press from a master or stamper. 

press-to-talk switch— Also called a push-to-talk 
switch. A spring-loaded switch that must be held down as 
long as the operator talks. Releasing the switch deactivates 
the microphone. It is used on transmitter and dictating- 
machine microphones. 

pressure -— Force per unit area. Measured in pounds 
per square inch (psi) or by the height (in feet, inches, or 
centimeters) of a column of water or mercury that the 
force will support. Absolute pressure is measured with 
respect to zero pressure. Gage pressure is measured with 
respect to atmospheric pressure. 

pressure alarm system— An alarm system that 
protects a vault or other enclosed space by maintaining 
and monitoring a predetermined air-pressure differential 
between the inside and outside of the space. Equalization 
of pressure resulting from opening the vault or cutting 
through the enclosure will be sensed and will initiate an 
alarm signal. 

pressure amplifier — A fluidic device that causes a 
change in output pressure following a change of sufficient 
magnitude in control pressure. 

pressure amplitude — For a sinusoidal sound wave, 
the maximum absolute value of the instantaneous sound 
pressure at a point during any given cycle. The unit is the 
dyne per square centimeter. 
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pressure connector — A conductor terminal applied 
under pressure to make the connection mechanically and 
electrically more secure. See also solderless connector. 

pressure-gradient hydrophone—A type of 
hydrophone in which the electric output is essentially 
determined by a component of the gradient (space 
derivative) of the sound pressure. 

pressure-gradient microphone —A microphone 
that reproduces only the difference in acoustic pressure 
between the front and back of its element. Such micro- 
phones are designed to create various pickup patterns 
through specific acoustic ducting in the microphone case. 

pressure hydrophone — A type of hydrophone in 
which the electric output is essentially determined by 
the instantaneous sound pressure of the impressed sound 
wave. 

pressure microphone —A microphone in which 
the electric output corresponds substantially to the instan- 
taneous sound pressure of the impressed sound waves. It is 
a gradient microphone of zero order, and is nondirectional 
when its dimensions are smaller than a wavelength. 

pressure pad — 1. In single-motor tape recorders, a 
device that forces the tape into intimate contact with the 
head gap, usually by direct pressure at the head assembly. 
Felt or similar material, occasionally protected with self- 
lubricating plastic, is used to apply pressure uniformly and 
with a minimum of drag to the backing side of the tape. 
2. A small piece of cloth or felt that holds the recording 
tape against the tape heads. 

pressure potentiometer— A pressure transducer 
in which the electrical output is derived by moving a 
contact arm along a resistance element. 

pressure roller—Also called pinch roller, puck, 
or capstan idler. A spring-loaded rubber-tired roller that 
holds the magnetic tape tightly against the capstan, 
permitting the latter to draw the tape off the stock reel 
and past the heads at a constant speed. 

pressure-sensing element— In a pressure trans- 
ducer, the part that converts the measured pressure into 
mechanical motion. 

pressure spectrum level —The effective sound- 
pressure level for the sound energy contained within a 
band 1 hertz wide and centered at a specified frequency. 
Ordinarily this level is not significant except for sound 
having a continuous distribution of energy within the 
frequency range under consideration. 

pressure switch-—A switch actuated by a change 
in the pressure of a gas or liquid. 

pressure transducer — An instrument that converts 
a static or dynamic pressure input into the proportionate 
electrical output. 

pressure-type capacitor—A fixed or variable 
capacitor used chiefly in transmitters. It is mounted inside 
a metal tank filled with nitrogen at a pressure that may be 
as great as 300 pounds per square inch (21 kg/cm*). The 
high pressure permits a voltage rating several times that 
of air. 

pressure unit—A moving-coil speaker drive unit 
that usually has as its diaphragm a small dome of plastic 
or metal. It is designed for use in the throat of a horn. 

pressurization — The process by which the critical 
parts of equipment designed for high-altitude operation 
are surrounded with dry air or an inert gas under pressure 
(about 5 pounds per square inch, or 0.35 kg/cm”, at sea 
level). Thus, breakdowns from the impaired insulating 
properties of air at reduced pressure are prevented. 

prestore —To store a quantity in an available or 
convenient location in a computer before it is required 
in a routine. 

pretinned — Refers to solder applied to an electrical 
component or printed circuit board prior to soldering. 
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pre-tr— In a radar set, an additional tr box that 
provides additional attenuation of transmitted pulse to 
prevent damage to the crystal mixer. 

pretravel — The distance or angle through which the 
actuator moves from the actuator free position to the 
actuator operating position. 

pretrigger— 1. A timed pulse used to start a se- 
quence of operations prior to the main trigger. 2. In 
random-sampling oscilloscope technique, a trigger that 
occurs or arrives prior to a related signal event. 3. The 
amount of information that will be stored in a digital 
oscilloscope memory preceding the trigger event. Typi- 
caily, up to one sweep interval of pretrigger information 
can be placed in memory. 

pre-tr tube — A gas-filled radio-frequency switching 
tube used to protect the tr tube from excessive power and 
the receiver from frequencies other than the fundamental. 

preventive maintenance — Precautionary measu- 
res taken on a system to forestall failures rather than to 
eliminate them after they have occurred. 

preview — Also called page preview. In word pro- 
cessing, displaying a formatted document on the screen 
to see exactly what the printed page will look like. 

previous-element coding—A method of signal 
coding for digital television transmission in which each 
transmitted picture element depends on the similarity of 
the preceding element. 

prewound core — A motor core (stator laminations) 
that can be removed and replaced by a factory-wound 
(prewound) stator core. 

PRF — Abbreviation for pulse-repetition frequency. 

pri— Abbreviation for primary. 

primaries — See primary colors. 

primary — Abbreviated pri and symbolized by P. 
Also called a primary winding. 1. A transformer winding 
that carries current and normally sets up a current in 
one or more secondary windings. 2. Pertaining to the 
high-voltage conductors of a power-distribution system. 
3. Any oue of three lights in terms of which a color is 
specified by giving the amounts required to duplicate it 
by additive combination. 4. A transformer winding that 
receives energy from a supply source and uses it to create 
a magnetic flux in the transformer core. 

primary area— See primary service area. 

primary battery — A battery consisting of primary 
cells, 

primary breakdown — Also called avalanche break- 
down. The sustaining mode of a transistor —unlike 
second breakdown, not a failure mode. The transistor 
collector-to-emitter voltage is relatively constant for dif- 
ferent collector supply voltages. 

primary calibration— Calibration in which the 
transducer output is observed or recorded while direct 
stimulus is applied under controlled conditions. 

primary-carrier flow — Also called primary flow. 
The current flow responsible for the major properties of 
a semiconductor device. 

primary cell —A cell that converts chemical energy 
into eiectrical energy by irreversible chemical reactions. 
Jt cannot be recharged (like a secondary cell) by passing 
an electric current through it. 

primary circuit — The first, in electrical order, of two 
or more coupled circuits, wherein a change in current will 
induce a voltage in the other, or secondary, circuit. 

primary colors — Also called primaries. 1. A set of 
colors from which all other colors are derived; hence, any 
set of stimuli from which all colors may be produced by 
mixture. 2. The three colors used in color TV, no two of 
which can be combined to produce the third: red, green, 
and blue. 
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primary current— The current flowing through the 
primary winding of a transformer. Changes in this current 
cause a voltage to be induced in the secondary winding 
of the transformer. 

primary detector — Also called a sensing, primary, 
or initial element. The first system element or group of 
elements that responds quantitatively to the measurand 
and performs the initial measurement operation. A pri- 
mary detector performs the initial conversion or control of 
measurement energy. It does not include those transform- 
ers, amplifiers, shunts, resistors, etc., used as auxiliary 
means. 

primary distribution voltage— Voltage at the 
primary (high) side of a transformer at a distribution 
substation. 

primary electron — 1. After a collision between two 
electrons, the one with the greater energy. The other is 
called the secondary electron. 2. The electron produced 
in a detector or counter tube after ionization. 

primary element — See primary detector. 

primary emission — Emission of electrons due to 
primary causes (e.g., heating of a cathode) rather than 
secondary effects (e.g., electron bombardment). 

primary failure—A failure occurring under nor- 
mal environmental conditions and having no significant 
relationship to a previous failure but whose occurrence 
imposes abnormal stress on some other part or parts, 
which may then undergo a secondary failure. 

primary fault— In an electric circuit, initial break- 
down of the insulation of a conductor, usually followed 
by a flow of power current. 

primary flow — See primary-carrier flow. 

primary frequency —The frequency assigned for 
normal use on a particular circuit or communications 
channel. 

primary grid emission— See thermionic grid 
emission. 

primary instrument concept— A theory in which 
single (telephone) line households and businesses would 
have at least one company -provided telephone; additional 
ones could be bought elsewhere. 

primary insulation —The layer of material that is 
designed to do the electrica] insulating, usually the first 
layer of material applied over the conductor. 

primary ionizing event — See initial ionizing event. 

primary power cable — Power service cables con- 
necting the outside power source to the main-office switch 
and metering equipment. 

primary radar — See radar. 

primary radiation — Radiation direct from the source 
without interaction. 

primary radiator — The antenna element from which 
the radiated energy leaves the transmission system. 

primary relay—A relay that produces the initial 
action in a sequence of operations. 

primary service area— Also called the primary 
area. The area within which radio or TV reception is not 
normally subject to objectionable interference or fading. 

primary skip zone — The area beyond the ground- 
wave range around a transmitter, but within the skip 
distance. Radio reception is possible in this zone by 
sporadic and zigzag reflections. 

primary standard —1. A unit directly defined and 
established by some authority, and against which all 
secondary standards are calibrated. 2. A standard of 
voltage, current, frequency, etc., precisely defined by 
the National Bureau of Standards. Portable secondary 
standards are calibrated against this primary standard. 

primary station — The principal amateur radio sta- 
tion at a specific land location shown on the station 
license. 
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primary storage — In a computer, the main internal 
storage. 

primary voltage — 1. The voltage applied to the 
terminals of the primary winding in a transformer. 2. The 
voltage produced by a primary cell. 

primary winding — See primary, | and 4. 

priming illumination — A small, steady illumination 
applied to a phototube or photoelectric cell to make it 
more sensitive to variations in the illumination being 
measured. 

primitive period — The smallest increment of time 
during which a quantity repeats itself. 

principal axis—A reference direction for angular 
coordinates, used in describing the directional character- 
istics of a transducer employed for sound emission or 
reception. It is usually an axis of structural symmetry 
or the direction of maximum response. If these two do 
not coincide, however, the reference direction must be 
described explicitly. 

principal current—The current through the main 
terminals of a bidirectional thyristor or through the anode 
and cathode terminals of a reverse-blocking or a reverse- 
conducting thyristor. 

principal E-plane — The plane containing the direc- 
tion of maximum radiation and in which the electric 
vector lies. 

principal focus — For a lens or spherical mirror, the 
point of convergence of light coming from a source at an 
infinite distance. 

principal H-plane — A plane containing the direc- 
tion of maximum radiation; the electric vector is every- 
where normal to the plane, and the magnetic vector lies 
in it. 

principal mode — See dominant mode. 

principal voltage — The voltage between the main 
terminals of a bidirectional thyristor or between the anode 
and cathode terminals of a reverse-blocking or a reverse- 
conducting thyristor. 

print— The possible output formats of a teletypewriter 
or electric typewriter terminal. Print refers to tabulated 
output data; plot refers to a graphical arrangement of the 
output data performed by the typewriter with symbols 
such as “x” or “*” used to indicate data points — the plot 
is discontinuous. Print-plot refers to the availability of 
both formats at the same terminal. 

print and fire— The process wherein the ink is 
printed on a substrate and is subsequently fired. 

printed —- Reproduced on a surface by some process 
(e.g., letterpress, lithography, silk screen, etching). 

printed board— The general term for completely 
processed printed circuit or printed wiring configurations. 
It includes single, double, and multilayer boards, both 
rigid and flexible. 

printed-board assembly — A printed circuit board 
to which separable components have been attached. Also 
an assembly of one or more printed circuit boards that 
may include several components. 

printed cable — A cable having a thin film of copper 
laid onto insulation and deriving its strength from the 
insulation rather than from the conductor. 

printed circuit— Abbreviated pc. 1. A circuit in 
which the interconnecting wires have been replaced by 
conductive strips printed, etched, etc., onto an insulating 
board. It may also include similarly formed components 
on the baseboard. 2. A substrate on which a predeter- 
mined pattern of printed wiring and printed elements has 
been formed. 3. A board on which a predetermined pat- 
tern of printed connections has been formed. 

printed-circuit assembly—1.A printed circuit 
board to which separate components have been attached. 
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2. An assembly of one or more printed circuit boards that 
may include several components. 

printed circuit board — Abbreviated pcb. Also 
called a card, chassis, or plate. An insulating board 
(usually Fiberglas® or plastic) onto which a circuit has 
been printed. See also printed circuit. 

printed-circuit chemicals — All the cleaning solu- 
tions, resists, etchants, plating solutions, and similar mate- 
rials that are specifically applied to the manufacturing of 
printed circuit boards. 

printed-circuit motor— A motor that has a flat 
plastic rotor with photoetched conductors. The brushes 
bear directly on these conductors, and a separate commu- 
tator is not required. The rotor diameter is relatively large, 
resulting in wide pole faces. A large magnet is needed 
to create the necessary magnetic field. In addition, the 
Winding is limited by the number of effective turns that 
can be printed, limiting the voltage that the motor can be 
designed to meet. The printed-circuit motor has some dis- 
tinct advantages. Low armature inertia and low winding 
resistance give this motor the highest acceleration avail- 
able. Since there is no iron in the rotor, the motor does 
not cog. 

printed-circuit switch—A special rotary switch 
that can be connected directly to a mating printed circuit 
board without wires. 

printed component—A type of printed circuit 
intended primarily for electrical and/or magnetic func- 
tions other than point-to-point connections or shielding 
(e.g., printed inductor, resistor, capacitor, transmission 
line, etc.). 

printed contact— The portion of a printed circuit 
that connects the circuit to a plug-in receptacle and 
performs the function of a plug pin. 

printed element— An element, such as a resistor, 
capacitor, or transmission line, that is formed on a circuit 
board by deposition, etching, etc. 

printed wiring — 1. A pattern of conductors printed 
(screened) onto the surface of an insulating base to pro- 
vide interconnection of active and passive devices to 
make an electronic circuit. 2. A printed circuit, or a por- 
tion thereof, intended primarily to provide point-to-point 
electrical connections. 3. A conductive pattern within or 
bonded to the surface of a base material intended for 
point-to-point connection of separate components and not 
containing printed components. 4. Conductive patterns 
etched or bonded to the surface of the base material to 
establish point-to-point connection of components. 

printed wiring substrate— A conductive pattern 
printed on a substrate. 

printer — Also called a teleprinter and teletypewriter. 
1. A telegraph instrument with a signal-actuated mecha- 
nism for automatically typing received messages. It may 
have a keyboard similar to that of a typewriter for sending 
messages. The term receiving-only is applied to a printer 
with no keyboard. 2. A device that prints the output from 
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a computer. Generally categorized as impact or nonimpact 
types ana serial printers or line printers. 3. A device to 
provide hard-copy output. Unlike a terminal, there is vir- 
tually no communication from printer to central processor. 
Printers usually output copy more rapidly than hard-copy 
terminals. 4. An output device that converts electronic 
signals from the computer into human-readable form, or 
hard copy. The two major printer types are impact printers 
and nonimpact printers. 

printer telegraph code—A five- or seven-unit 
code used for operation of a teleprinter, teletypewriter, 
or similar telegraph printer. 

printing — The reproduction of a pattern on a surface 
by any of various processes, such as vapor deposition, 
photo etching, embossing, or diffusion. 

printing demand meter— An integrated demand 
meter that prints on a paper tape the demand for each 
interval and indicates the time it occurred. 

printing recorder— An electromechanical device 
used at a monitoring station that accepts coded signals 
from alarm lines and converts them to an alphanumeric 
printed record of the signal received. 

printing telegraphy — Telegraph operation in which 
the received signals are automatically recorded as printed 
characters. 

printout — 1. The output of a computer program as 
recorded by a line printer. 2. See display. 3. Computer 
output printed on paper. 

print-plot — See print. 

print server -— A printing processor that provides an 
interface between compatible peripheral devices on a local 
area network. 

print-through — 1. The transfer of the magnetic field 
trom one layer to the next when recorded tape is stored on 
a reel. (It tends to be more of a problem with thin tapes 
[less than i mil, or 25 um] and at very high recording 
levels.) Print-through causes faint “echoes” preceding and 
following loudly recorded passages, and is aggravated 
by recording at excessively high levels or by exposing 
recorded tapes to alternating magnetic fields, as from 
nearby power transformers, 

print wheel — In a wheel printer, the single element 
providing the character set at one printing position. 

priority — 1. A property that designates a process’ 
relative urgency. 2. The order in which a system satisfies 
simultaneous service requests. 3. In a computer program, 
the number assigned to an event or device that determines 
the order in which it will receive service. By convention, 
O is the highest priority (usually assigned to power-failure 
detection). 4. The sequence in which various entries and 
tasks are processed or peripheral devices are serviced. 
Priorities are based on analyses of codes associated 
with an entry or task, or the positional assignment of 
a peripheral device within a group of devices. Order of 
importance. 

priority indicator — A character group that indicates 
the relative urgency, and, thus, the order of transmission, 
of a message. 

priority interrupt— See interrupt. 

priority paging — Paver address that has been desig- 
nated as a “priority address.” This designation overrides 
the unit’s silent mode of operation. 

privacy system — In radio transmission, a system 
designed to make unauthorized reception difficult. 

private-aircraft station—A mobile radio station 
on board an aircraft not operated as an air carrier. 

private automatic branch exchange — See 
PABX. 

private automatic exchange — See PAX. 

private branch exchange — See PBX. 
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private exchange—.A telephone exchange that 
serves a single organization and has no means of con- 
nection to a public telephone system. 

private line—1 A telephone line that does not go 
through the central office and is reserved for exclusive 
use of a single customer. 2. Line of communications 
dedicated to one customer who leases it for exclusive 
use. Businesses often have such lines to their offices 
around the country. 3. See dedicated line. 4. A telephone 
line that serves only one party. An individual line. 5. A 
communication line that is used only for communication 
between two points and does not connect with a public 
telephone system. 

private radio carrier — A radio carrier owned and 
controlled by the central station organization. 

privileged instruction— A computer instruction 
that is available only to the operating system or super- 
visory programs, and not to the general user. 

probability — Mathematically, a number between 0 
and 1 that estimates the fraction of experiments (if the 
Same experiment were being repeated many times) in 
which a particular result would occur. This number can 
either be a subjective guess or it can be based on the 
empirical results of some experimentation. It can also be 
derived for a process so as to give the probable outcome 
of experimentation. 

probability distribution — 1. A mathematica! model 
showing a representation of the probabilities for all pos- 
sible values of a given random variable. 2. A table of 
numbers or a mathematical expression that indicates the 
frequency with which each of all possible results of an 
experiment should occur. 

probability of success—The likelihood that an 
article will function satisfactorily for a stated period of 
time when subjected to a specified environment. 

probability theory — The study of the likelihood of 
occurrence of chance events. Used to predict behavior of 
a group, not of a single item in the group. 

probable error—The amount of error that, accord- 
ing to the laws of probability, is most likely to occur 
during a measurement. 

probe — |. A resonant conductor that can be placed 
into a waveguide or cavity resonator to insert or withdraw 
electromagnetic energy. 2. A test lead that contains an 
active or passive network and is used with certain types 
of test equipment. 3. A rod placed into the slotted section 
of a transmission line to measure the standing-wave ratio 
or to inject or extract a signal. 4. The method of making 
a temporary electrical connection to a die so that its 
electrical properties can be determined. 5. An electrical 
device used for making contact with a circuit test point 
for test or debug purposes. 6. The driven element in a 
microwave dish antenna system. It is located in the feed 
and converts rf energy in the waveguide to a signa! on a 
transmission line. 7. A pointed conductor used in making 
electrical contact to a circuit board pad for testing. 
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probing — |. The determination of radio interference 
by obtaining the relative interference level in the imme- 
diate area of a source by the use of a small insen- 
sitive antenna in conjunction with a receiving device. 
2. Electrical testing of a semiconductor chip before it is 
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broken out of the wafer. Electrical contact is made to 
the chip bonding pads so that defective circuits can be 
marked to eliminate them from further processing. Only 
low-current dc tests can be carried out by probing. 3. A 
testing technique that uses finely tipped probes to make 
electrical connections to a sample chip. 

problem check—A test or tests used to aid in 
obtaining the correct machine solution to a problem. 

problem description — In information processing, 
a statement of a problem. The statement may include a 
description of the method of solution. 

problem language —The language a computer 
programmer uses in stating the definition of a problem. 

problem-oriented language —In a computer, a 
source language suited to the description of a specific 
class of problems. 

problem-solving language — A language that can 
be used to specify a complete solution to a problem. 

procedure — Also called an algorithm. 1. In a com- 
puter, the course of action taken in solving a problem. 
2. A precise step-by-step method for effecting a solution 
to a problem. 

procedure-oriented language — 1. A program- 
ming language in which the operations to be performed 
are all executable and their sequence is specified by the 
user. This term applies to most familiar programming 
languages. 2. A programming language designed for the 
convenient expression of procedures used in the solution 
of a wide class of problems, e.g., FORTRAN, COBOL, 
APL, and C. 

process— l. Any operation or sequence of opera- 
tions involving a change of energy state, composition, 
dimension, or other property that may be defined with 
respect to a datum. The term process is used in this stan- 
dard to apply to all variables other than instrument signals. 
2. The basic unit of computation within an operating sys- 
tem. Also termed a software process to distinguish it from 
an abstract process, which is the task the software process 
implements. 

process control — 1. Automatic control of continu- 
ous operations, contrasted with numerical control, which 
provides automatic control of discrete operations. 2. The 
regulation or manipulation of variables influencing the 
conduct of a process in such a way as to obtain a product 
of desired quality and quantity in an efficient manner. 
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process-control block— The data structure that 
defines a software process and its status. 
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processing — Additional handling, manipulation, 
consolidation, compositing, etc., of information to change 
it from one format to another or to convert it to a 
manageable and/or intelligible form. 

processing section — The portion of a computer 
that does the actual changing of input into output. This 
includes the arithmetic and logic sections. 

processor— |. In hardware, a data processor. 2. In 
software, a computer program that includes the compiling, 
assembling, translating, and related functions for a par- 
ticular programming language, including logic, memory, 
arithmetic, and control, 3. A unit in the programmable 
controller that scans all the inputs and outputs in a prede- 
termined order. The processor monitors the status of the 
inputs and outputs in response to the user-programmed 
instructions in memory, and it energizes or deenergizes 
outputs as a result of the logical comparisons made 
through these instructions. 4. A computer or part of a 
computer capable of receiving data, manipulating it, and 
supplying results. 

processor status word— Abbreviated PSW. A 
special-purpose CPU register that contains the status of 
the most recent instruction execution result, trap bit, and 
interrupt priority. 

producer's reliability risk — The risk faced by the 
producer (usually set at 10 percent) that a product will 
be rejected by a reliability-acceptance test even though 
the product is actually equal to or better than a specified 
value of reliability. 

product detector — A demodulator whose output is 
the product of the input signal voltage and the signal volt- 
age of a local oscillator operating at the input frequency. 

production lot — A group of (electronic) parts man- 
ufactured during the same period from the same basic 
raw materials, processed under the same specifications 
and procedures, produced with the same equipment, and 
identified by the documentation defined in the manufac- 
turer’s reliability assurance program through all signif- 
icant manufacturing operations, including final assembly 
operations, Final assembly operation is considered the last 
major assembly operation, such as casing, hermetic seal- 
ing, or lead attachment, rather than painting or marking. 

production sampling tests — Those tests normally 
made by either the vendor or the purchaser on a portion 
of a production lot for the purpose of determining the 
general performance level. 

production tests — Those tests normally made on 
100 percent of the items in a production lot by the vendor 
and normally on a sampling basis by the purchaser. 

product modulator — A modulator whose output 
is substantially equal to the carrier times the modulating 
wave. 

professional channel — Subcarrier channel in FM 
broadcasting. Professional channels are usually 6.5 times 
the frequency of the pilot carrier, or they may be 
interspersed between the stereo position and 102 kHz, if 
there is no SAP (second audio program) conflict. 

professional engineer-— An engineer whose edu- 
cation and experience qualify him or her to be responsible 
for important engineering work, and who is registered as 
a professional engineer by a state authority. 

profile chart—A vertical cross-sectional drawing 
of the microwave path between two stations. Terrain, 
obstructions, antenna-height requirements, etc., are indi- 
cated on the drawing. 

program — |. A sequence of instructions that tells 
a computer how to receive, store, process, and deliver 
information. 2. A plan for solving a problem, including 
instructions that cause the computer to perform the 
desired operations and such necessary information as data 
description and tables. 3. A prepared list of instructions, 
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written in a special language or code, to be carried 
out in sequence by a computer or other programmable 
device. 4. To design, write, and test such a set of coded 
instructions. 5. A series of actions proposed in order to 
achieve a certain result. 6. In a calculator, a sequence 
of detailed instructions for the operations necessary to 
solve a problem. Programmable electronic calculators 
can “learn” the steps of a problem so that, after the 
first sequence of entries, only the variable numbers need 
be entered on the keyboard without manual activation 
of control keys. 7, The statement of an algorithm in 
some well-defined language. Thus, a computer program 
represents an algorithm, although the algorithm itself 
is a mental concept that exists independently of any 
representation. 8. A set of coded instructions that direct 
a computer to perform some specific function, yield 
the solution to some specific problem, or control a 
machine or process. 9. A sequence of instructions that will 
execute a predetermined sequence of operations. 10. An 
organized set of instructions used to control operations 
of an electronic switching system. 11. A sequence of 
user-specified instructions that result in the execution of 
an algorithm. Programs are essentially written at three 
levels: (a) binary (can be directly executed by the MPU), 
(b) assembly language (symbolic representation of the 
binary), and (c) high-level language (such as BASIC; 
requires a compiler or interpreter). 12. A meaningful 
assembly of encoded instructions and data formats and 
data values internal to the program. 13. A sequence 
of audio signals alone, or audio and video signals, 
transmitted for entertainment or information. 

program amplifier — See line amplifier. 

program assembly— Also called translation. A 
process that translates a symbolic program into a machine- 
language program before the working program is exe- 
cuted. Several sections or different programs can also be 
integrated during this process. See also assembler. 

program break—The length of a program; the 
first location not used by a program (before relocation); 
the relocation constant for the following program (after 
relocation). 

program circuit — A telephone circuit that has been 
equalized to handle a wider range of frequencies than 
ordinary speech signals require. In this way, music can 
be transmitted over telephone wires. 

program control —A control system that automat- 
ically holds or changes its target value on the basis of 
time, to follow a prescribed program for the process. 

program counter—A CPU register that specifies 
the address of the next instruction to be fetched and 
executed. Normally it is incremented automatically each 
time an instruction is fetched. See also program register. 

program-distribution amplifiers—A group of 
amplifiers fed by a bridging bus from a single source. 
Each amplifier then feeds a separate line or other service. 

program element— The part of a central computer 
system that performs the sequence of instructions sched- 
uled by the programmer. 

program failure alarm — In broadcasting stations, 
a relay circuit that gives a visual and aural alarm when 
a program fails. A delay prevents the relay from giving 
a false alarm during the silence before and after station 
identification or other short breaks. 

program flowchart — A flowchart that describes the 
control fow — the order in which the various program 
steps are executed—-within any computer program or 
module. 

program generator—A program that enables a 
computer to write other programs automatically. 
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program instruction — A group of letters, symbols, 
or numbers that direct a computer to perform an oper- 
ation. (The instruction may also include one or more 
addresses.) 

program level — The measure of the program signal 
in an audio system. It is expressed in volume units (VU). 

program library—aA collection of available com- 
puter programs and routines. 

program linkage—-In a computer, efficient use 
of all registers and development of subroutines so that 
there is smooth, economical transition from one program 
segment to another, and memory capacity is conserved. 

program loop—A series of computer instructions 
that are repeated until a terminal condition is achieved. 

programmable — That characteristic of a device that 
makes it capable of accepting data to alter the state of its 
internal circuitry to perform a specific task(s). 

programmable calculator— 1. A calculator whose 
operation 1s controlled by programs stored in its mem- 
ory. 2. Electronic calculator capable of performing preset 
sequences of computations. 3. One that can learn a repet- 
itive series of operations; that is, can be programmed by 
various means to handle a series of steps so that only 
variable information need be entered into the calculator. 

programmable communications processor — 
A digital computer that has been specifically prograrnmed 
to perform one or more control and/or processing func- 
tions in a data communications network. As a self- 
contained system, it may or may not include communica- 
tions line multiplexers, line adapters, a computer system 
interface, and online peripherals. It always includes a 
specific set of user-modifiable software for the communi- 
cations function. 

programmable controller — Abbreviated PC. 1. A 
control machine based on solid-state digital logic and built 
of computer subsystems, and primarily intended to take 
the place of electromechanical relay panels in applications 
in which rewiring would be made necessary by periodic 
changes in sequence. This type of controller is particularly 
useful in the control of processes, materials handling, and 
certain machine functions. 2. A controller whose opera- 
tion is determined by codes or instructions programmed 
into it by the user. 3. A solid-state contro] system that 
has a user-programmable memory for storage of instruc- 
tions to implement specific functions, such as I/O control 
logic, timing, counting, arithmetic, and data manipulation. 
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A PC consists of central processor, input/output inter- 
face, memory, and programming device, which typically 
uses relay-equivalent symbols. It is purposely designed 
as an industrial control system that can perform func- 
tions equivalent to a relay panel or a wired solid-state 
logic control system. 4. A device that provides control 
of a machine or process on the basis of input conditions 
recelved from the machine or process, or other inputs. 
It is comprised of a central processing unit, memory, 
and input/output. The central processor accepts inputs, 
and on the basis of these inputs and the instructions pro- 
grammed into the unit, determines the appropriate output. 
The memory portion of the PC stores the instructions. 
5. A digitally operating electronic apparatus that uses a 
programmable memory for the internal storage of instruc- 
tions for implementing specific functions, such as logic, 
sequencing, timing, counting, and arithmetic to control, 
through digital or analog input/output modules, various 
types of machines or processes. A digital computer that 
is used to perform the functions of a programmable con- 
troller is considered to be within this scope. Excluded 
are drum and similar mechanical-type sequencing con- 
trollers. 6. A device or transmission control unit in which 
hardware functions have been replaced with software or 
microcode, so that capabilities can be added, changed, or 
tailored to the user’s needs. 
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programmable counter— Also called modulo-n 
counter. A device capable of being programmed so that it 
counts to any number from zero to its maximum possible 
modulus. 

programmable logic array— Abbreviated PLA. 
1. A general-purpose logic structure consisting of an 
array of logic circuits. The way in which these circuits 
are programmed determines how input signals to the 
PLA are processed. Programming is done on a custom 
basis at the factory and permanently establishes the 
functional operation of the PLA. 2. An LSI chip that 
can implement a combinatorial logic circuit involving 
usually over ten inputs and eight outputs. The logic is 
determined by the internal masking of an AND matrix and 
an OR matrix. 3. An array of logic gates (ANDs, ORs, 
NANDs, NORs, etc.) all formed on a single IC chip. The 
gates can be joined together to form any combinatorial 
logic function desired. Given a certain digital input, the 
collection of gates will deliver a particular digital output. 
4. An arrangement of two device arrays, each with a 
different type of gate. The PLA’s logic functions are 
determined by the interconnections made between the two 
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component arrays. PLAs are not space efficient and are 
more expensive than dedicated circuits, but are easier to 
design and can be programmed by the system integrator. 

programmable logic level — Digital data with high 
and low levels capable of being varied under computer 
control. 

programmable operational amplifier — An oper- 
ational amplifier in which some of the parameters (such as 
input bias current, slew rate, power consumption, noise, 
etc.) can be set by means of an external resistor. 

programmable read-only memory— Abbre- 
viated PROM. |. An integrated circuit memory array that 
is manufactured with a pattern of either all logical Os or 
ls and has a specific pattern written into it by the user by 
a special hardware programmer. (Some PROMs, called 
EAROMs, can be erased and reprogrammed.) 2. A field- 
programmable read-only memory that can have the data 
content of cach memory cell altered only once. PROMs 
are generally bipolar devices programmed by blowing a 
fusible link. 

programmable robot—A servorobot directed by 
a programmable controller that memorizes a sequence 
of arm and gripper movements; this routine can then 
be repeated perpetually. The robot is reprogrammed by 
leading its gripper through the new task. 

programmable unijunction transistor — Abbre- 
viated PUT. A four-layer device similar to a silicon- 
controlled retifier except that the anode gate rather than 
the cathode gate is brought out. It is used in conventional 
unijunction transistor (UJT) circuits. The characteristics 
of both devices are similar, but the triggering voltage of 
the PUT is programmable and can be set by an external 
resistive voltage divider network. The PUT is faster and 
more sensitive than the UJT. It finds limited application as 
a phase-control element and is most often used in long- 
duration timer circuits. In general, the PUT is a more 
versatile and more economical device than the UJT. See 
also PUT. 

programmatics — The branch of learning that has to 
do with the study of programming methods and languages. 

programmed check—A means of testing for the 
correctness of a computer program and machine func- 
tioning, either by running a similarly programmed sample 
problem with a known answer (including mathematical or 
logical checks) or by building a checking system into the 
actual program being run. 

programmed logic array — Abbreviated PLA. An 
orderly arrangement of logical AND and logical OR 
functions. Its application is very much like a glorified 
ROM. It is primarily a combinational logic device. 

programmed marginal check— A computer 
program that provides voltage variation to check a 
tube or other computer equipment during a preventive- 
maintenance check. 

programmed operators — Computer instructions 
that make it possible for subroutines to be accessed with 
a single programmed instruction. 

programmed wiring— Method by which conduc- 
tors are attached to a multicontact termination panel by 
a programmable machine. Applicable to highly dense 
wiring and high production quantities. Wire attachment is 
by automatically wrapping the wire around a solid, square, 
or rectangular terminal. 

programmer — 1. A person who prepares the sequen- 
ces of instructions for a computer or other data-handling 
system. He or she may or may not convert them into 
detailed codes. 2, A device for timed switching of several 
interrelated functions or set of functions. 3. A machine or 
interface that will allow the programming of PROMs. 

programming — 1. Definition of a computer prob- 
lem resulting in a flow diagram. 2. Preparing a list 
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of instructions for the computer to use in the solution 
of a problem. 3. Selecting various circuit patterns by 
interconnecting or “jumping” the appropriate contacts on 
one side of a connector plug. 4. The control of a power- 
supply parameter, such as output voltage, by means of 
a remotely located or internally located control element 
(usually resistance) or signal (voltage). 5. The process of 
translating a problem from its physical environment to a 
language that a computer can understand and obey. 6. The 
process oí planning the procedure for solving a problem. 
This may involve, among other things, an analysis of the 
problem, establishing input/output formats, establishing 
testing and checkout procedures, allocation of storage, 
preparation of documentation, and supervision of the run- 
ning of the program on a computer. 7. Selecting a circuit 
pattern from the variety of circuit options offered by a 
given device. Programmable devices include pin boards, 
programming systems, and various switches. In addition, 
programming is sometimes achieved by interconnecting 
appropriate contacts on one side of a panel or connec- 
tor plug. 

programming device — A device by which a series 
of mechanical or electrical operations or events may be 
preset to be performed automatically in a predetermined 
sequence and at specified time intervals. 

programming module — A set of instructions that 
is discrete and identifiable and usually is handled as a unit 
by an assembler, compiler, linkage editor, loading routine, 
or other routine or subroutine. 

programming station—A system configured to 
perform programming tasks only. 

programming system — Any method of program- 
ming problems, consisting of a language (other than 
machine language) and its associated processor(s). 

program panel — A device for inserting, monitoring, 
and editing a program in a programmable calculator. 

program parameter — In a subroutine of a comput- 
ing or other data-handling system, an adjustable parameter 
that can be given different values on several occasions 
when the subroutine is used. 

program register — Also called program counter or 
control register. The computer control-unit register into 
which is stored the program instruction being executed, 
hence controlling the computer Operation during the 
cycles required to execute that instruction. 

program scan— The time required for a pro- 
grammable calculator processor to execute all instructions 
in the program once. The program scan repeats continu- 
ously. The program monitors inputs and controls outputs 
through the input and output image tables. 

program selector — Control that switches an eight- 
track recorder from one set of tracks to another. 

program-sensitive error — In a computer, an error 
arising from unforeseen behavior of some circuits, dis- 
covered when a comparatively unusual combination of 
program steps occurs. 

program signal —In audio systems and compo- 
nents, the complex electric waye— corresponding to 
speech, music, and associated sounds — destined for audi- 
ble reproduction. 

program step — An increment, usually one instruc- 
tion, of a computer program. 

program storage —-A portion of the internal com- 
puter storage reserved for programs, routines, and sub- 
routines, as contrasted with temporary storage. In many 
systems, protective devices are used so that the contents 
of the program storage cannot be altered inadvertently. 

program stubs — Code sections added to a subpro- 
gram to make it executable; stubs are usually substitutes 
for parts of the missing main program. 
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program tape— In a computer, a magnetic or 
punched paper tape that contains the sequence of instruc- 
tions for solving a problem. 

program time —The phase of computer operation 
during which an instruction is being interpreted so that 
the required action can be performed. 

program timer— |. A loosely used term sometimes 
referring to a complex multicircuit timing device in which 
the program is readily changed, such as tape-controlled 
timers, cam timers, time switches, or to any other type of 
timer. 2. A multiple-circuit repeat-cycle timer that repeats 
a preset program continuously as long as power is applied. 

progressive scanning—A rectilinear process in 
which adjacent lines are scanned in succession. In tele- 
vision, the scanning process in which the distance from 
center to center of successively scanned lines is equal to 
the nominal line width. 

projected peak point—The point on the charac- 
teristic of a tunnel diode where the current is equal to the 
peak-point current, but where the voltage is greater than 
the valley-point voltage. 

projected peak-point voltage—The voltage 
value at the projected peak point. 

project engineer — Engineer in charge of a project; 
may be the designer of the system, and even in charge of 
purchasing for project. 

projection cathode-ray tube—A cathode-ray 
tube that produces an intense but relatively smail image, 
which can be projected onto a large viewing screen by an 
optical system consisting of lenses or a combination of 
lenses and mirrors. 

projection PPI — A unit in which the image of a 4- 
inch (10.1-cm) dark-trace cathode-ray tube is projected on 
a 24-inch (61-cm) horizontal plotting surface. The echoes 
appear as magenta-colored arcs on a white background. 
See also dark-trace tube. 

projection television—A combination of lenses 
and mirrors for projecting an enlarged television picture 
onto a screen. 

projection welding — Resistance welding in which 
heat is localized through embossed or coined projections 
on the fastener. During the welding process, the projec- 
tions coalesce with the part surface to form the weld. 

projector — 1. A device used in an underwater sound 
system to radiate sound pulses through the water from 
the bottom of a ship. 2. A horn designed to direct sound 
chiefly in one direction from a speaker. 3. A lighting unit 
that, by means of mirrors and lenses, concentrates the 
light to a limited solid angle so as to obtain a high value 
of luminous intensity. 

PROM — Abbreviation for programmable read-only 
memory (programmable ROM). 1. A read-only memory 
that can be written to only once. Programmed after 
manufacture by external equipment. Typically. PROMs 
utilize fusible links that are burned open to set a specific 
memory location to a specific logic level. After a PROM 
is programmed, it effectively becomes a ROM. 2. Similar 
to the conventional ROM (read-only memory). A write- 
once memory. When an instruction is wrilicn via a 
memory-write cycle into the programmable ROM, certain 
kinds of fusing take place and the data is written 
permanently into the memory. 3. A digital storage device 
that can be written into only once but then can be 
continually read. 4. An integrated-circuit memory array 
manufactured with a pattern of either all logical Os or a 
specific pattern written into it by the user using a special 
hardware programmer. Some PROMs, called EAROMs 
(electrically alterable read-only memory), can be erased 
and reprogrammed. 

promethium cell— A low-power cell containing a 
radioactive isotope called promethium 147, which emits 
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beta particles that strike a phosphor. Two photocells then 
convert the light output from the phosphor into electrical 
energy. 

prompt— 1. A symbol that alerts the user that a 
device is online and connected to a channel for trans- 
mission. 2. Information sent to a PC from the remote 
computer requesting morc input. 3. An on-scrcen hint to 
the user about what to do next. 

prong — See pin. 

proof pressure—1. The maximum pressure that 
may be applied to the sensing element of a transducer 
without changing the transducer performance beyond 
specified tolerances. 2. The maximum pressure that a 
diaphragm, capsule, or clement can withstand without 
permanent deformation. Expressed in terms of input 
pressure, 

propagated error — An error that is carried through 
succeeding computer operations. 

propagation — Also called wave propagation. 1. The 
travel of electromagnetic waves or sound waves through a 
medium. Propagation does not refer to the flow of current 
in the ordinary sense. 2. The means by which radio signals 
are carricd from one location to another. 

propagation anomaly — An irregularity introduced 
into an electromagnetic or other sensing device by dis- 
continuities in the propagation medium. 

propagation constant — 1. The transmission char- 
acteristic that indicates the effect of a line on a wave 
being transmitted along the line. It is a complex quantity 
having a real term called the attenuation constant and an 
imaginary term called the phase constant. 2. Also called 
transfer factor. The natural logarithm of the ratio of the 
current into an electric transducer to the current out of the 
transducer, with the transducer terminated in its iterative 
impedance. 

propagation delay— 1. A measure of the time 
required for a logic signal to travel through a device or 
a series of devices forming a logic string. It occurs as 
the result of four types of circuit delays — storage, rise, 
fall, and turn-on delay —and is the time between when 
the input signal crosses the threshold-voltage point and 
when the responding voltage at the output crosses the 
same voltage point. 2. Time delay occurring between the 
application of an input to a digital logic circuit and the 
change of state at the output. 3. The time necessary for 
a signal to travel from one point in a circuit to another. 
4. The time required for a pulse or a level transition to 
propagate through a device. 5. See insertion delay. 

propagation error — For ranging systems, the alge- 
braic sum of propagation-velocity error and curved-path 
error. Except at long ranges and low angles, the curved- 
path component of propagation error is generally negli- 
gible. 

propagation factor — See propagation ratio. 

propagation loss —The loss of energy suffered by 
a signal while passing between two points. 

propagation ratio— Also called the propagation 
factor. For a wave that has been propagated from one 
point to another, the ratio of the complex electric-field 
strength at the second point to that at the first point. 

propagation time — 1. The time it takes for a signal 
to travel from point to point. In a communications 
channel, the velocity of signal propagation is less than 
that of radio. A signal delay of 20 ms per thousand miles 
or 1600 kilometers is a reasonable maximum. 2. The time 
required for transmission of a unit of binary information 
(high or low voltage) from one physical point in a system 
or subsystem to another, such as from the input to the 
output of a device. 
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propagation time delay —The time required for 
a wave to travel from one point to another along a 
transmission line. It varies according to the type of line. 

propagation velocity — See velocity of propaga- 
tion. 

property sort — In a computer, a technique for the 
selection of records meeting a certain criterion from a file. 

proportional — 1. A linear (straight line) relationship 
between two variables. 2. Method of printing characters in 
which each character takes up only the horizontal space 
it needs, rather than a fixed amount of space, e.g., the 
character “1” takes up less space than “m.” 

proportional band — The range of the controlled 
variable corresponding to the full range of operation of 
the final control element. 

proportional control— 1. A method of control in 
which the intensity of action varies linearly as the 
condition being regulated deviates from the conditions 
prescribed. 2. Also called galloping ghost. An advanced 
type of radio-control system in which the rudder (and 
sometimes the elevator) can move as much (or as little) 
as the operator wishes. 3. A control system in which 
corrective action is always proportionate to any variation 
of the controlled process from its desired value. For 
example, instead of snapping directly open-closed in the 
manner of two-position control, a proportional valve will 
be always positioned at some point between open and 
closed, depending on the flow requirement of the system 
at any given moment. 

proportional counter tube— A sealed tube con- 
taining an inert gas such as argon, krypton, xenon, methyl 
bromide, etc. It is used hke a Geiger-Mueller counter and 
operated at about 100 volts in the proportional region. 

proportional linearity—A manner of expressing 
nonlinearity as the deviation from a straight line in terms 
of a given percentage of the transducer output at the 
stimulus point under consideration (1.e., as a percentage 
of the reading). 

proportional region — In a radiation counter tube, 
the applied-voltage range in which the gas amplification 
is greater than unity and is independent of the charge 
liberated by the initial ionizing event. 

proportional temperature control — A method of 
stabilizing (an oscillator) by providing heater power that is 
directly proportional to the difference between the desired 
operating temperature and the ambient temperature. 

proprietary alarm system — An alarm system that 
is similar to a central station alarm system except that 
the annunciator is located in a constantly manned guard 
room maintained by the owner for his or her own internal 
security operations. The guards monitor the system and 
respond to all alarm signals or alert local law enforcement 
agencies, or both. 

protected area— An area monitored by an alarm 
system or guards, or enclosed by a suitable barrier. 

protected location — A computer storage location 
reserved for special purposes, in which data cannot be 
stored without being subjected to a screening procedure 
to establish suitability for storage at that location. 

protected memory — Storage (memory) locations 
reserved for special purposes, in which data cannot be 
entered directly by the user. 

protected port— A point of entry, such as a door, 
window, or corridor, that is monitored by sensors con- 
nected to an alarm system. 

protected wireline distribution system — Also 
known as approved circuit. A communications system 
to which electromagnetic and physical safeguards have 
been applied to permit secure electrical transmission of 
unencrypted, classified information, and that has been 
approved by the cognizant department or agency. The 
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associated facilities include all equipment and wirelines so 
safeguarded. Major components are wirelines, subscriber 
sets, and terminal equipment. 

protection — An operating system service that pre- 
vents a task from interfering with the execution of another 
task. 

protection device —1.A sensor such as a grid, 
foil, contact, or photoelectric sensor connected into an 
intrusion alarm system. 2. A barrier that inhibits intrusion, 
such as a grill, lock, fence, or wall. 

protective cable — Small-gage quadded cable used 
in toll cables to serve as fuses, usually at building 
entrances. 

protective device—Any device for keeping an 
undesirably large current, voltage, or power out of a given 
part of an electric circuit. 

protective gap—A spark gap provided between 
a conductor and the earth by suitable electrodes. High- 
voltage surges due to lightning are thus permitted to pass 
harmlessly to earth through the gap. 

protective relay — A relay whose principal function 
is to protect services from interruption or to prevent or 
limit damage to apparatus. 

protective resistance—aA resistance placed in 
series with a device (e.g., a gas tube) to limit the current 
to a safe value. 

protective signaling — The initiation, transmission, 
and reception of signals involved in the detection and 
prevention of property loss due to fire, burglary, or other 
destructive corditions. Also, the electronic supervision of 
persons and equipment concerned with this detection and 
prevention. See also line supervision; supervisory alarm 
system. 

protector—1.A device to protect equipment or 
personnel from high voltage or current. 2. A protective 
device used on communication systems to limit the 
magnitude of extraneous overvoltages. The discharge 
device within a protector may consist of closely spaced 
carbon electrodes discharging in air, or metallic electrodes 
discharging in a hermetically sealed gaseous atmosphere 
at reduced pressure. A protector does not contain an 
element to prevent holdover, as in the case of an arrester. 

protector block— A rectangular piece of carbon 
with an insulated metal insert, or porcelain with a carbon 
insert, that makes one element of a protector. It forms the 
gap that will break down and provide a path to ground 
for voltages over 350 volts, 

protector tube—A _ glow-discharge cold-cathode 
tube in which a low-voltage breakdown is employed 
between two or more electrodes to protect the circuit 
against overvoltage. 

protocol! — :. A set of conventions or rules governing 
the format and timing of message exchanges to control 
data movements and correct errors. It is important to 
ensure that the protocol is valid, makes sense, works, 
and is adhered to by all users of the network in ques- 
tion. 2. The set of multiprocessor system rules that define 
response sequences (handshaking) and maintain the ser- 
vicing priorities of the system. 3. A defined means of 
establishing criteria for receiving and transmitting data 
through communication channels, 4. A formal set of con- 
ventions governing the format and control of inputs and 
outputs between two communicating processes, including 
handshaking and line discipline. 5. A set of conventions 
for the transfer of information between devices. The sim- 
plest protocols define only the hardware configuration. 
More complex protocols define timings, data formats, 
error detection and correction techniques, and software 
structures. The most powerful protocols describe each 
level of the transfer process as a layer separate from the 
rest, so thai certain layers such as the interconnecting 
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hardware can be changed without affecting the whole. 
6. The convention by which data is transmitted over 
a line. Most word proccessors employ either an asyn- 
chronous or synchronous protocol, With an asynchronous 
protocol, data is transmitted a character at a time, with a 
start and stop bit transmitted before and after each char- 
acter to ensure correct receipt. Synchronous protocol is a 
form of transmission that uses no redundant information 
(such as the start and stop bits in asynchronous transmis- 
sion) to identify the beginning and end of each character. 

proton — One of the three basic subatomic particles, 
with a positive charge equivalent to the negative charge of 
the electron, but with approximately 1845 times the mass. 
The proton has a positive electric charge of 1.6 x 10°" 
coulomb and a mass of | amu. The proton is the positive 
nucleus of the hydrogen atom. 

prototype — Í. Original design or first operating 
mode]. 2. A development or first production model of a 
circuit, device, or system. 

prototype model — A working model, usually hand- 
assembled, that is suitable for complete evaluation of 
mechanical and electrical form, design, and performance. 
Approved parts are employed throughout, so that it will 
be completely representative of the final, mass-produced 
equipment, 

prototyping kit— A hardware system used to bread- 
board a microprocessor-based product. Contains CPU, 
memory, basic I/O, power supply, switches and lamps, 
provisions for custom I/O controllers, memory expansion, 
and, often, a utility program in fixed memory (ROM). 

proximity alarm system — See capacitance alarm 
system. 

proximity detector— A sensing device that gives 
an indication when approaching or being approached by 
another object. 

proximity effect—The redistribution of current 
brought about in a conductor by the presence of another 
current-carrying conductor. 

proximity fuse—A fuse designed zo detonate a 
projectile, bomb, mine, or charge when activated oy an 
external influence in the vicinity of a target. The variable 
time fuse is one type of proximity fuse. 

proximity switch—A device that reacts to the 
proximity of an actuating means without physical contact 
or connection. 

PRR — Abbreviation for pulse-repetition rate. 

PRV (or PIV) rating — Abbreviation for peak reverse 
voltage or peak inverse voltage. The maximum instanta- 
neous value of reversing voltage allowable across a diode 
or similar device. 

ps— Letter symbol for picosecond (107*? second). 

PSD — Abbreviation for power spectral density. The 
function of the variance of a random process with 
frequency, used to describe distribution of signal power 
in the frequency domain. 

pseudocode — 1. An instruction that is not meant to 
be followed directly by a computer. Instead, it initiates the 
linking of a subroutine into the main program. 2. A series 
of natural-language statements arranged in a manner 
resembling a program. There is no firm connection with 
any actual programming language. Used for instructional 
purposes or as a preliminary rough sketch of a program. 

pseudodifferential input — Amplifier input config- 
uration in which the reference point is other than ground. 

pseudoinstruction—A_ user-defined instruction 
(such as a macro) that does not belong to the basic instruc- 
tion set of an MPU. 

pseudo-op— 1. An operation that is not part of the 
computer’s operation repertoire as realized by hardware; 
hence, an extension of the set of machine operations. 
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2. A directive used in assembly language to control the 
operation of the assembler. The pseudo-op does not 
appear in the machine-language program produced by 
the assembler. A typical pseudo-op 1s the word “END” 
written at the end of a program to tell the assembler its 
work is done. 

pseudoprogram—- A program that is written in a 
pseudocode and may include short coded logical routines. 

pseudorandom — |. Having the property of being 
produced by a definite calculation process while simulta- 
neously satisfying one or more of the standard tests for 
statistical randomness. 2. An apparently random output 
that has been created by an algorithm. 

pseudorandom binary sequence — A two-level 
signal that has a repetitive sequence, but a random pattern 
within the sequence. Such a signal finds use as a test signal 
since it has the basic characteristics of noise, but in terms 
of parameters that are easily controlled. 

pseudorandom number sequence — A sequence 
of numbers, determined by some defined arithmetic pro- 
cess, that is satisfactorily random for a given purpose, 
such as by satisfying one or more of the standard statis- 
tical tests for randomness. Such a sequence may approx- 
imate any one of several statistical distributions, such as 
the uniform distribution or normal Gaussian distribution. 

pseudorandom patterns — 1. A sequence of dig- 
ital patterns, determined by some defined process that 
is satisfactorily random to perform its intended func- 
tion. 2. A repeatable sequence of input test patterns that 
appears Statistically random. 3. A repeatable sequence of 
digital patterns that has the appearance of being random. 

pseudoshot noise — See partition noise. 

pseudostereo — Devices and techniques for obtain- 
ing stereo qualities from one channel. 

psophometric emf—The electromotive force (or 
voltage) generated by a source having an internal resis- 
tance of 600 ohms and no internal reactance, which, when 
connected across a standard receiver having 600 ohms 
of resistance and no reactance, produces the same sinu- 
soidal current as an 800-hertz generator having the same 
impedance. See also psophometric voltage. 

psophometric voltage —The voltage that would 
appear across a 600-ohm resistance connected between 
any two points in a telephone circuit. (This value is onc- 
half the psophometric emf, since the latter is essentially 
the open-circuit potential necessary from a source to 
produce the psophometric voltage if the source has a 
600-ohm internal resistance.) 

PSOS — A term used by some companies to denote 
p-channel silicon gate devices. 

PSPS — Abbreviation for planar silicon photoswitch. 

PSW — Abbreviation for processor status word. 

psychoacoustics— A relatively new branch of 
audio that concerns itself with personal and subjective 
factors in hearing and in evaluating the performance of 
high-fidelity equipment. 

PTM — Abbreviation for pulse-time modulation. 

PTM/PPM/AM — A system in which a number of 
pulse-position or pulse-time modulated subcarriers are 
used to amplitude modulate the carrier. 

PT? — 1. Abbreviation for postal telephone and tele- 
graph. A generic term for European telephone compa- 
nies, which are generally operated by the country’s postal 
service. 2. Abbreviation for press-to-talk or push-to-talk, 
generally with reference to a push-button switch on a 
microphone that is operated to turn the transmitter on and 
is released to enable the receiver. 

p-type — Pertaining to semiconductor material that 
has been doped with an excess of acceptor impurity atoms 
so that free holes are produced in the material. 
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p-type conductivity — The conductivity associated 
with the holes in a semiconductor. 

p-type conductor — A positive-type conductor, one 
with electron holes as the principal carriers. This implies 
the presence of acceptors. 

p-type crystal rectifier— A crystal rectifier in 
which forward current flows whenever the semiconductor 
is more positive than the metal. 

p-type material — 1. A pure crystal of semiconduc- 
tor material to which an impurity has been added (electron 
acceptor such as boron or gallium) to give it a defi- 
ciency of electrons and alter its electrical characteristics. 
2. Semiconductor material having holes as the majority 
charge carriers; formed by doping with acceptor atoms. 
3. Refers to an excess of positive electrical charges in 
a semiconductor material. Natural silicon 1s made to be 
p-type by the addition of an acceptor impurity. 

p-type region — Portion of semiconductor material 
containing a small number of dopant atoms that have 
an electron deficiency (an empty space) in their outer 
orbit. The deficiency is called a hole and behaves like a 
positively charged particle. The p-type region is a source 
of mobile positive charges. 

p-type semiconductor — |. An extrinsic semicon- 
ductor in which the hole density exceeds the conduction- 
electron density. By implication, the net ionized impurity 
concentration is an acceptor type. 2. A semiconductor 
material doped so that it has a net deficiency of free elec- 
trons. It therefore conducts electricity through movement 
of holes. 3. Impurity semiconductor material containing a 
predominance of acceptor dopants, and in which valence- 
band holes normally form the principal current carriers. 

public-address system — Also called a PA system. 
One or more microphones, an audio-frequency system, 
and one or more speakers used for picking up and ampli- 
fying sounds to a large audience, either indoors or out. 

publication language — A well-defined form of a 
programming language suitable for printing. A publication 
language is necessary because some languages use special 
characters that are not available in normal type. 

public communications service — Telephone or 
telegraph service provided for the transmission of unoffi- 
cial communications for the public. 

public correspondence — Any telecommunication 
that the offices and stations, by reason of their being at 
the disposal of the public, must accept for transmission. 

public radiocommunication services — Land 
mobile or fixed radio services, the stations of which are 
open to public correspondence. 

public-safety radio service — Any radio-com- 
munication service essential either to the discharge of non- 
federal governmental functions relating to public-safety 
responsibilities or to the alleviation of an emergency 
endangering life or property. The radio transmitting facil- 
ities in this service may be fixed, land, or mobile stations. 

public switched network — Any switching system 
that provides circuit switching to many customers. In the 
United States there are four such networks: Telex, TWX, 
telephone, and Broadband Exchange. 

puck —!. Manually operated directional control de- 
vice used to input coordinate data. 2. See pressure roller. 

pucker pocket— A small, angular vacuum column 
that isolates the magnetic tape and air mass of a vacuum- 
column drive’s main (large) columns from the large 
accelerations of the tape in the head area. 

puff — British abbreviation for picofarad. 

pull —1. To cause an oscillator to depart from its 
designed frequency of operation. 2. To depart from 
the designed frequency of operation, as an oscillator. 
3. Retrieving a byte of data from the data stack. 
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pull curves — The characteristics relating force to 
displacement in the actuating system of a relay. 

pull-down resistor— 1. A resistor connected across 
the output of a device or circuit to hold the output equal to 
or less than the zero input level of the following digital 
device. Also used to lower the output impedance of a 
device. 2, A resistor connected to a negative voltage or 
to ground. 

pull-in current (or voltage)—-The maximum 
current (or voltage) required to operate a relay. See also 
pickup current. 

pulling —1. ln an oscillator, the undesired change 
from the desired frequency. It is caused either by coupling 
from another source of frequency or by the influence 
of the load impedance. 2. In television, partial loss of 
synchronization. 

pulling figure — The difference between the maxi- 
mum and minimum frequencies of an oscillator whenever 
the phase angle of the load-impedance reflection coef- 
ficient varied through 360°. The absolute value of this 
coefficient is constant and equal to 0.20. 

pull-in rate —The maximum stepping rate at which 
a stepper motor can start its load without missing a step. 

pull-in torque — 1. Torque that a synchronous motor 
can exert to bring 1ts driven load into synchronous speed. 
There is no corresponding term for induction motors. 2. A 
measure of the maximum torque that can be applied to the 
shaft of a stepper motor without causing it to miss a step 
when starting. 

pull-out force — The tensile force required to sepa- 
rate a conductor from a contact or terminal, or to separate 
a contact from a connector. 

pull-out rate — The maximum stepping rate at which 
a stepper motor can move its load without losing synchro- 
nism with the field. 

pull-out torque — Also called breakdown torque, or 
maximum torque. 1. The maximum torque a motor can 
deliver without stalling. 2. See running torque. 3. The 
maximum torque that a synchronous motor develops 
at synchronous speed at rated frequency and normal 
excitation. 4. A measure of the maximum torque that can 
be applied to the shaft of a stepper motor running at a 
constant speed within its pull-out ratings before the motor 
loses synchronism with the field. 

pull strength — The values of the pressure achieved 
in a test in which a pulling stress is applied to determine 
breaking sirength of a lead or bond. 

pull test—A test for bond strength of a lead, 
interconnecting wire, or a conductor. 

pull the plug —CB radio term for shut off the radio. 

pull-up — 1. The placing of the output voltage of a 
iogic circuit at the high level by means of an internal cur- 
rent sink or source. 2. A dc voltage imposed on the input 
of an amplifier to move the amplifier’s operating point 
out of the offset range. Pull-up is usually accomplished 
by means of a voltage divider network. 

pull-up resistor— 1. A resistor connected to the 
positive supply voltage of a transistor circuit, as from 
the collector supply to the output collector. 2. A resistor 
connected across the output of a device or circuit to 
hold the output voltage equal to or greater than the input 
transition level of a digital device. It is usually connected 
to a positive voltage or to the plus supply. 

pull-up torque — 1. The minimum torque developed 
by an alternating-current motor during the period of 
acceleration from rest to the speed at which breakdown 
torque occurs. For motors that do not have a definite 
breakdown torque, the pull-up torque is the minimum 
torque developed up to rated speed. 2. Lowest value of 
torque produced by a motor between zero speed and full- 
load speed. 
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pulsating current — Current that varies in amplitude 
but does not change polarity. 

pulsating direct current—A direct current that 
changes its value at regular or irregular intervals but flows 
in the same direction at all times. 

pulsating electromotive force —A direct elec- 
tromotive force and an alternating electromotive force 
combined. 

pulsating quantity— A periodic quantity that can 
be considered the sum of a continuous component and an 
alternating component in the quantity. 

pulsation welding — A form of resistance welding 
in which the power is alternately applied and removed. 

pulse — 1. A variation of a quantity whose value is 
normally constant; this variation is characterized by a rise 
and a decay and has finite amplitude and duration. 2. An 
abrupt change in voltage, either positive or negative, that 
conveys information to a circuit. See also impulse. 3. A 
brief excursion of a quantity from normal. 4. Signal char- 
acterized by the rise and decay in time of a quantity 
whose value is normally constant. 5. Voliage level, typ- 
ically 5 volis of very short duration, used in computers 
to represent a bit. 6. Single impulse of a telephone dial. 
Generally transmitted in groups of one to ten to repre- 
sent dialed digits or unique tones to represent digits. 7. A 
sudden and abrupt jump in an electrical quantity from 
its usual level to a higher or lower value, quickly fol- 
lowed by an equally abrupt return. 8. A voltage or current 
that lasts for a short period and is square or Gaussian in 
shape. 
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pulse amplification — The compression and inten- 
sification of a laser pulse of a specific width into a 
smaller pulse width. A spherical cavity, in conjunction 
with a beam compressor, is efficient for pulse amplifica- 
tion. Cones and flats are highly effective when used in 
conjunction with swept-line foci. 

pulse amplifier— A wideband amplifier used to 
amplify square waves without appreciably changing their 
shape. 

pulse amplitude — A general term for the magnitude 
of a pulse. For more specific designation, adjectives 
such as average, instantaneous, peak, rms (effective), etc., 
should also be used. 
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pulse-amplitude modulation — Abbreviated PAM. 
Modulation in which the modulating wave is caused to 
amplitude modulate a pulse carrier. 

pulse-amplitude modulation/frequency modu- 
lation — A system in which a carrier is frequency mod- 
ulated by pulse-amplitude-modulated subcarriers. 

pulse analyzer — |. Equipment for analyzing pulses 
to determine their time, amplitude, duration, shape, etc. 
2. The instrument used to analyze a pulsed electromag- 
netic wave to determine its time, amplitude, duration, and 
shape, and to display this information in some appropriate 
form, either visually or digitally. 

pulse arc welding — A type of welding in which 
the material to be welded is positioned together, forming 
one electrode. The other electrode is positioned to form a 
gap with one of the workpieces. An arc is struck and the 
current heats the work-pieces to the melting point at their 
interface. See also arc percussive welding. 

pulse average time—The duration of a pulse, 
measured between two points at 50 percent of the 
maximum amplitude on the leading and trailing edges. 

pulse bandwidth —The smallest continuous fre- 
quency interval outside of which the amplitude of the 
spectrum does not exceed a prescribed fraction of the 
amplitude at a specified frequency. 

pulse capacitor— A capacitor for use with pulses 
of current or voltage. 

pulse carrier— A carrier consisting of a series of 
pulses. Usually employed as a subcarrier. 

pulse code— 1. A pulse or series of pulses that, 
by means of waveform, pulse width, pulse time, pulse 
numbers, or pulse sequences, may be used to convey 
information. 2. Loosely, a code consisting of pulses; e.g., 
Morse, Baudot, binary. 

pulse code modulation — Abbreviated PCM. 1. 
Pulsed modulation in which the signal is sampled peri- 
odically and each sample is quantized and transmitted as 
a digital binary code. 2. A digital technique by which 
information may be carried from one point to another. 
The signal is carried as a series of separate pulses or dig- 
its, No distortion is introduced and no information is lost 
from a signal unless a complete pulse disappears or unless 
a spurious noise pulse is formed that is large enough to be 
accepted by the equipment as a genuine pulse. Thus, many 
channels of communication can be made available along a 
single connecting line. 3. A method of quantizing audio- 
range analog signals into a digital form for transmission in 
digital communications systems, or for processing in DSP. 
Effectively the same as analog-to-digital conversion. 4. A 
time-division modulation technique in which analog sig- 
nals are stamped and quantized at periodic intervals into 
digital signals. The values observed are typically repre- 
sented by a coded arrangement of 8 bits, of which one 
may be for parity. 

pulse-code modulation/frequency modula- 
tion — A system in which pulse-code-modulated subcar- 
riers are used to frequency modulate a second carrier. 
Binary digits are formed by the absence or presence of a 
pulse in an assigned position. 

pulse coder—aA circuit that sets up pulses in an 
identifiable pattern. 

pulse coding and correlation — A general tech- 
nique concerning a variety of methods used to change the 
transmitted waveform and then decode upon its reception. 
Pulse compression is a special form of pulse coding and 
correlation. 

pulse compression—A matched filter technique 
used to discriminate against signals that do not correspond 
to the transmitted signal. 
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pulse counter —A device that gives an indication or 
record of the total number of pulses that it has received 
during a given time interval. 

pulse counter detector— A device designed to 
detect frequency-modulated signals by forming a uni- 
directional pulse from each sine wave. The direct cur- 
rent of the pulse is proportional to the frequency of the 
frequency-modulation signal. 

pulsed Doppler system —A pulsed radar system 
that utilizes the Doppler effect to obtain information about 
the target (not including simple resolution from fixed 
targets). 

pulse decay time —The amount of time required 
for the trailing edge of a pulse to decay from 90 percent 
to 10 percent of the peak pulse amplitude. 

pulse delay time — The time interval between the 
leading edges of the input and output pulses, measured at 
10 percent of their maximum amplitude. 

pulse demoder— Also called a constant delay 
discriminator. Á circuit that responds only to pulse signals 
with a specified spacing between them. 

pulse dialing — Older form of phone dialing, utiliz- 
ing breaks in de current to indicate the number being 
dialed. 

pulse digit — A code element comprising the imme- 
diately associated train of pulses. 

pulse-digit spacing — The time interval between 
the end of one pulse digit and the start of the next. 

pulse discriminator — A device that responds only 
to pulses having a particular characteristic (e.g., duration, 
amplitude, period). One that responds to period is also 
called a time discriminator. 

pulse dispersion— In fiber optics, separation or 
spreading of input optical signals along the length of the 
optical fiber. Pulse dispersion is expressed in time and 
distance as nanoseconds and is sometimes called pulse 
spreading. 

pulsed laser — A laser that emits energy in a wave of 
short bursts or pulses and remains inactive between each 
burst or pulse. The frequency of the pulses is termed the 
pulse repetition frequency. 

pulsed light— A beam of visible radiant energy of 
finite duration. The beam rises to a finite amplitude and 
decays to the same value from which it rose. 

pulsed oscillator— 1. An oscillator in which oscil- 
lations are sustained by either self-generated or external 
pulses. 2. An oscillator that generates a carrier-frequency 
pulse or a train of pulses. 

pulsed-oscillator starting time—The interval 
between the leading-edge times of the pulse at the 
oscillator control terminals and the related output pulse. 

pulsed power supply—A supply that delivers 
power in pulses, rather than continuously. 

pulsed radiance —— The integral of the radiance over 
exposure time, 

pulse droop — Distortion characterized by a slanting 
of the top of an otherwise essentially flat-topped reetan- 
gular pulse. 

pulsed ruby laser—A laser that uses ruby as 
the active material. The extremely high pumping power 
required is obtained by discharging a bank of energy 
storage capacitors through a special high-intensity flash 
tube. See figure on page 599. 

pulse duration — Also called pulse length or pulse 
width. 1. The time interval between the points at which 
the instantaneous value on the leading and trailing edges 
bears a specified relationship to the peak pulse amplitude. 
2. The lifetime of a (laser) pulse, generally defined as the 
time interval between the half-power points on the leading 
and trailing edges of the pulse. 
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pulse-duration discriminator — A circuit in which 
the sense and magnitude of the output is a function of the 
deviation of the pulse length from a reference. 

pulse-duration modulation — Abbreviated PDM. 
Also called by the less preferred terms pulse-width 
modulation and pulse-length modulation. 1. Pulse-time 
modulation in which the duration of a pulse 1s varied. 
2. Pulse-time modulation in which the value of each 
instantaneous sample of the modulating wave is caused 
to modulate the duration of a pulse. 

pulse-duration modulation/frequency modula- 
tion— Also called pulse-width modulation/frequency 
modulation. A system in which pulse-duration-modulated 
subcarriers are used to frequency modulate a second car- 
rier. 
pulse duty factor—Ratio of the average pulse 
duration to the average pulse spacing. Equivalent to the 
average pulse duration times the pulse-repetition rate. 

pulse emission — Emission drawn for short periods; 
it may or may not follow a regular repetition rate. 

pulse emitter load — The load seen by the collector 
of an inverter that drives the pulse input to a flip-flop, 
pulse amplifier, or delay. 

pulse equalizer— A circuit that produces output 
pulses of uniform size and shape when driven by input 
pulses that vary in size and shape. 

pulse fall time — That time during which the trailing 
edge of a pulse is decreasing from 90 percent to 10 percent 
of its maximum amplitude. 

pulse-forming line — A combination of circuit com- 
ponents used to produce a square pulse of controlled 
duration. 

pulse-forming network — A network that converts 
either an ac or de charging source into an approximately 
rectangular wave output. By means of a high-speed 
switch, it alternately stores energy from the charging 
source and releases the energy through the load to which it 
is connected. This network supplies the accurately shaped 
pulse required by the magnetron or klystron oscillator of 
a radar modulator. 
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pulse-frequency modulation — Abbreviated PFM. 
More precisely called pulse-repetition-rate modulation. 
1. Pulse-time modulation in which the pulse repetition 
rate is varied. 2. A form of modulation in which the pulse 
repetition rate is varied as a function of the instantaneous 
value of the modulating wave, 

pulse-frequency spectrum — See puise spectrum. 

pulse generator—1.A device for generating a 
controlled series of electrical pulses. 2. A device that 
produces a single pulse or a train of repetitive pulses. 

pulse group — See pulse train. 

pulse-height analyzer — Also called kicksorter. An 
instrument that indicates the number or rate of occurrence 
of pulses within each of one or more specified amplitude 
ranges. 

pulse-height discriminator — Also called a pulse- 
height selector. A circuit that selects and passes only those 
pulses that exceed a certain minimum amplitude. 

pulse-height selector — See pulse-height discrim- 
inator. 

pulse-improvement threshold —jin a constant- 
amplitude pulse-modulation system, the condition existing 
when the peak pulse voltage is at least twice the peak 
noise voltage after selection and before any nonlinear 
process such as amplitude clipping and limiting. The ratio 
of peak to rms noise voltage is ordinarily assumed to be 4 
to 1. 

pulse-interference eliminator—A device that 
removes pulse signals that are not precisely on the radar 
operating frequency. 

pulse-interference separator and blanker — A 
circuit that automatically blanks all video signals that are 
not synchronous with the radar pulse-repetition frequency. 

pulse interleaving—A process in which pulses 
from two or more time-division multiplexers are system- 
atically combined in time division for transmission over 
a common path. 

pulse interrogation — |. The triggering of a trans- 
ponder by a pulse or pulse mode. Interrogations by the lat- 
ter may be employed to trigger one or more transponders. 
2. Periodic electrical activation and observation, either 
synchronous or asynchronous, of the shaft position of an 
encoder. 

pulse interval — See pulse spacing. 

pulse-interval jitter—The time or displacement 
band within which lie all of the transitions in the same 
direction of a signal through a specifiec amplitude. This is 
a dynamic value to be determined at one or more specified 
speeds. Pulse-interval jitter is expressed as a percentage 
of one pulse interval at a specified speed. 

pulse-interval modulation —Pulse-time modula- 
tion in which the pulse spacing is varied. See also pulse- 
spacing modulation. 

pulse jitter — A relatively slight variation of the pulse 
Spacing in a pulse train. lt may be random or systematic, 
depending on its origin, and is generally not coherent with 
any imposed pulse modulation. 

pulse length — See pulse duration. 

pulse-length modulation— See pulse-duration 
modulation. 

pulse-link repeater — In a telephone signaling sys- 
tem, equipment that receives pulses from one E and 
M signaling circuit and transmits corresponding pulses 
into another E and M signaling circuit. 

pulse load — The load presented to a pulse source. 

pulse mode— 1. A finite sequence of pulses in a 
prearranged pattern, used for selecting and isolating a 
communication channel. 2. The prearranged pattern in 
(1) above. 
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pulse-mode multiplex— A process or device for 
selecting channels by means of pulse modes. In this way, 
two or more channels can use the same carrier frequency. 

pulse moder — A device for producing a pulse mode. 
See also pulse demoder. 

pulse-modulated jamming — The use of jamming 
pulses that have various widths and repetition rates. 

pulse-modulated radar — Radar in which the radi- 
ation consists of a series of discrete pulses. 

pulse-modulated waves — Recurrent wave trains 
used extensively in radar. In general, their duration is 
shorter than the interval between them. 

pulse modulation— 1. The use of a series of 
pulses modulated to convey information. Modulation 
may involve changes of pulse amplitude (PAM), posi- 
tion (PPM), or duration (PDM). 2. Modulation of a carrier 
by a train of pulses: the generation of carrier-frequency 
pulses, 3. Modulation of a characteristic or characteristics 
of a pulse carrier: transmission of information on a pulse 
carrer. 

pulse modulator — A device that applies pulses to 
the element being modulated. 

pulse numbers modulation — A type of modula- 
tion in which the pulse density per unit time of a carrier is 
varied in accordance with a modulating wave; omissions 
of pulses are made systematically without changing the 
phase or amplitude of the transmitted pulses. For exam- 
ple, the omission of every other pulse could represent zero 
modulation; the reinsertion of pulses would then repre- 
sent positive modulation, and the omission of more pulses 
would represent negative modulation. 

pulse operation — The method whereby the energy 
is delivered in pulses. Usually described in terms of the 
shape and the frequency of the pulses. 

pulse oscillator — An oscillator in which the oscil- 
lations are sustained by self-generated or external pulses. 

pulse packet — In radar, the volume of space occu- 
pied by the pulse energy. 

pulse period — Also called impulse period. In tele- 
phony, the time required for the dial pulse springs to open 
and close one time. 

pulse-position modulation — Abbreviated PPM. 
1. Pulse-time modulation in which the value of each 
instantaneous sample of the wave modulates the position 
in time of a pulse. 2, Modulation in which a pulse is 
delayed from its normal position in time as a function of 
the modulating wave. 

pulse-position modulator—A device that con- 
verts analog information to variations in pulse position. 

pulser— A generator that produces extremely short, 
high-voltage pulses at definite recurrence rates for use in 
radar transmitters and similar pulsed systems. 
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pulse rate — 1. See pulse-repetition rate. 2. The rate 
at which pulses are fed to a drive of a stepper motor. In 
most cases, the pulse rate equals the stepping or running 
rate. 

pulse ratio —Ratio of the length of any pulse to its 
total period. 

pulse recovery —The time, usually in microsec- 
onds, required for electron flow in a diode to start or 
stop when voltage is suddenly applied or removed. 

pulse-recurrence counting-type frequency 
meter—-A device for measuring frequency. It uses a 
direct-current ammeter calibrated in pulses per second. 

pulse-recurrence time—The time elapsing be- 
tween the start of one transmitted pulse and the next pulse. 
The reciprocal of the pulse-recurrence frequency. 

pulse regeneration — The restoring of a series 
of pulses to their original timing, form, and relative 
magnitude. 

pulse repeater— Also called a transponder. A 
device that receives pulses from one circuit and transmits 
corresponding pulses at another frequency, waveshape, 
etc., into another circuit. 

pulse-repetition frequency — Abbreviated PRF. 
The rate (usually given in hertz or pulses per second) 
at which pulses or pulse groups are transmitted from a 
radar set. 

pulse-repetition period—The reciprocal of the 
pulse-repetition frequency. 

pulse-repetition rate— Abbreviated PRR. Also 
called pulse rate. The average number of pulses per unit 
of time. 

pulse-repetition-rate modulation — See pulse- 
frequency modulation. 

pulse reply— The transmission of a pulse or pulse 
mode by a transponder as the result of an interrogation. 

pulse resolution — The minimum time separation, 
usually in microseconds or milliseconds, between input 
pulses that permits proper circuit or component response. 

pulse rise time—The interval of time required 
for the leading edge of a pulse to rise from 10 percent 
to 90 percent of its peak amplitude, unless some other 
percentage is stated. 

pulse sample-and-hold circuit—A circuit that 
holds the final amplitude of an integrated pulse until 
the final amplitude of the succeeding integrated pulse is 
reached. A less desirable sample-and-hold circuit resets 
after each hold period to a fixed level before integrating 
a succeeding pulse. 

pulse scaler—A device capable of producing an 
output signal whenever a prescribed number of input 
pulses has been received. It frequently includes indicating 
devices that facilitate interpolation. 
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pulse selector —A circuit or device that selects the 
proper pulse from a sequence of (telemetering) pulses. 

pulse separation — The interval between the trail- 
ing-edge pulse time of a pulse and the leading-edge pulse 
time of the succeeding pulse. 

pulse shaper-—Any transducer (including pulse 
regenerators) used for changing one or more character- 
istics of a pulse. 

pulse shaping — Intentionally changing the shape of 
a pulse. 

pulse soldering — Soldering a connection by melt- 
ing the solder in the joint area by pulsing current through 
a high-resistance point applied to the joint area and the 
solder. 

pulse spacing — The time interval from one pulse 
to the next— i.e., between the corresponding times of 
two consecutive pulses. (The term pulse interval for this 
concept is ambiguous — it may be taken to mean the 
duration of a pulse instead of the space or interval between 
pulses.) 

pulse-spacing modulation— Formerly called 
pulse-interval modulation. A form of  pulse-time 
modulation in which the pulse spacing is varied. 

pulse spectrum — Also called pulse-frequency spec- 
trum. The frequency distribution, in relative amplitude 
and phase, of the sinusoidal components of a pulse. 

pulse spike—A relatively short-duration pulse 
superimposed on the main pulse. 

pulse-spike amplitude — The peak amplitude of a 
pulse spike. 

pulse spreading—1. The cumulative effect of 
material and modal dispersions in an optical fiber. 2. See 
dispersion, 7. 

pulse stepper-—A stepper motor that responds 
directly to a pulse of specified length and amplitude. The 
positioning of the motor shaft is directly proportionate 
to the number of pulses applied. Rotational direction is 
controlled by electrical shading. 

pulse-storage time-—The time interval from a 
point at 90 percent of the maximum amplitude on the 
trailing edge of the input pulse to the same 90-percent 
point on the trailing edge of the output pulse. 

pulse stretcher— 1. A circuit designed to extend 
the duration of a pulse— primarily so that its pulse 
modulation will be more readily discernible in an audio 
presentation. 2. In a computer, a circuit that generates a 
long pulse when triggered by a short pulse. The width of 
the output pulse is determined by the value of the coupling 
capacitor. The maximum width of the output pulse cannot 
exceed 50 percent of the clock rate. 

pulse tilt—A distortion characterized in an other- 
wise essentially flat-topped rectangular pulse by either a 
decline or a rise of the pulse top. 

pulse time— The time interval from a point at 
90 percent of the maximum amplitude on the leading edge 
of a pulse to the 90-percent point on the trailing edge. 

pulse-time-modulated radiosonde — Also call- 
ed time-interval radiosonde. A radiosonde that transmits 
the indications of the meteorological sensing elements in 
the form of pulses spaced in time. The meteorological 
data is evaluated from the intervals between the pulses. 

pulse-time modulation — Abbreviated PTM. Mod- 
ulation (e.g.. pulse-duration and pulse-position) in which 
the values of instantaneous samples of the modulating 
wave are made to modulate the occurrence time of some 
characteristic of a pulse carrier. 

pulse timer— A timer whose time cycle is started 
with a continuous input voltage and application or 
removal of an additional positive input voltage pulse. At 
the end of the time-delay period, the contacts transfer. 
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puise train— Also called pulse group or impulse 
train, 1. A group or sequence of pulses of similar char- 
acteristics. 2. A succession of pulses, usually at equal 
intervals. 

pulse-train frequency spectrum — See pulse- 
train spectrum. 

pulse-train spectrum — Also called pulse-train fre- 
quency spectrum. The frequency distribution, in ampli- 
tude and in phase angle, of the sinusoidal components of 
the pulse train. 

pulse transformer— 1. A special type of trans- 
former designed to pass pulse waveforms as distinguished 
from sine waves. The major features of a pulse trans- 
former are high-voltage insulation between windings and 
to ground, low capacitance between windings, and low 
reactance in the windings. 2. A transformer capable of 
passing a wide band of frequencies; thus, it can pass a 
pulse with minimal distortion. 
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pulse transmitter — 1. A pulse-modulated transmit- 
ter in which the peak power-output capabilities are usually 
larger than the average power-output rating. 2. A transmit- 
ter used to generate and transmit pulses over a telemetering 
or pilot-wire circuit to the remote indicating or receiving 
device. 

pulse-triggered binary—A flip-flop in which a 
change of state results from application of a pulse or 
waveform of short duration to the input. 

pulse valley— See pulse duration. 

pulse width — in a pulse, the portion between two 
specified maxima. 

pulse-width discriminator— A device that mea- 
sures the pulse length of video signals and passes only 
those whose time duration falls into some predetermined 
design tolerance. 

pulse-width 
modulation. 

pulse-width modulation/frequency modula- 
tion — See pulse-duration modulation/frequency modu- 
lation. 

pulse-width modulator amplifier— See class D 
amplifier. 

pulsing key— 1. A method of transmitting voice- 
frequency pulses over a line under control of a key at 
the original office. It is used with E and M supervision 
in intertoll dialing. 2. A system of signaling in which 
numbered keys are used instead of a dial. 
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pulsing transformer— A transformer designed to 
supply pulses of voltage or current. 

pump— 1. An external source used to increase the 
electron population of excited energy states. 2. Of a 
parametric device, the source of alternating-current power 
that causes the nonlinear reactor to behave as a time- 
varying reactance. 3. To supply high-frequency energy to 
a maser, laser, parametric amplifier, ete. 

pumped tube—An electron tube (chiefly a pool 
cathode) that is continuously connected to evacuating 
equipment during operation. 

pumping — Of a laser, the application of radiation of 
appropriate frequency to invert the distribution of systems 
of electrons of the laser media so that the levels of higher- 
energy states are more populated. 

pumping band— A group of energy states to which 
ions in the ground state are excited at first when pumping 
radiation is applied to a laser medium. The pumping band 
usually is higher in energy than the levels that are to be 
inverted. 

pumping frequency—The frequency at which 
pumping is provided in a maser, quadrupole amplifier, 
or other amplifier requiring high-frequency excitation. 

pumping radiation — Light applied to the sides or 
end of a laser crystal for excitation of the ions to the 
pumping band. 

pump oscillator— An alternating-current generator 
that supplics pumping energy for maser and parametric 
amplifiers. Operates at twice or some higher multiple of 
the signal frequency. 

punch-card machine — See key punch. 

punched card—A heavy, stiff paper of constant 
size and shape, suitable for punching in a pattern that 
has meaning and for being handled mechanically. The 
punched holes are sensed electrically by wire brushes, 
mechanically by metal fingers, or photoelectrically by 
photocells. The standard card measures 3 1/4 x 7%% inches 
(8.25 x 18.73 cm) and contains 80 columns and 12 rows 
in which information may be punched. 2. A piece of 
lightweight cardboard on which information is repre- 
sented by holes punched in specific positions. 

punched tape — Also called tape, perforated tape, 
or punched paper tape. Paper tape punched in a coded 
pattern of holes, which convey information. 

punched-tape recorder— A recorder that records 
data in the form of holes punched in a tape strip. 

punch-through—1.A_ permanently destructive 
short circuit through the thin dielectric insulator located 
between the gate and substrate in a metal-oxide semicon- 
ductor device. 2. A disruptive discharge through a dielec- 
tric layer in a semiconductor caused by the application of 
an excessive electric field. 

punch-through voltage — 1. That voltage at which 
two adjacent diffused transistor beds become shorted 
together, causing a sharp rise in current. 2. The value of 
the collector-base voltage of a transistor, above which the 
open-circuit emitter-base voltage increases almost linearly 
with increasing collector-base voltage. (Reach-through 
voltage is a term also used in the United States.) 3. A form 
of transistor failure in which an internal short develops 
between emitter and collector across the base, usually as 
a result of excessive voltages. 

puncture— 1. A disruptive discharge of current 
through insulation, which breaks down under electrostatic 
stress and permits the flow of a sudden large current 
through the opening. See also breakdown. 2. Breakdown 
of a solid dielectric or insulation, frequently resulting in 
a hole. 
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puncture voltage — The voltage at which insulation 
fails by disruptive discharge through the insulation sam- 
ple. It is assumed that the sample area is large enough to 
prevent flashover. 

Pupin coil— An iron-core loading coil inserted into 
telephone lines at regular intervals to balance out the 
effect of capacitance between the lines. 

pup jack — See tip jack. 

pure code — Another term for reentrant code. Code 
that is never modified in the process of execution. Hence, 
it is possible to let many users share the same copy of a 
program. 

pure tone — See simple tone, 2. 

purity — Physically complete saturation of a hue — 
i.e., uncontaminated by white and other colors. See also 
excitation purity. 

purity coil—1.A coil consisting of two current- 
carrying windings. In a color television receiver, they 
produce a magnetic field that directs the three electron 
beams so that each one will strike only the proper set of 
phosphor dots. 2. An electromagnetic device placed about 
the neck of a three-gun tricolor picture tube. Its function is 
to control the angle at which all three beams approach the 
aperture mask. Its correct adjustment produces pure colors 
of red, green, and blue on the phosphor-dot faceplate. 

purity control — A variable resistor that controls the 
current through the purity coil mounted around the neck 
of a color picture tube. 

purity magnet — Two adjustable magnetic rings used 
in place of a purity coil. 

Purkinje effect— As ambient lighting is dimmed, 
the response of the eye shifts away from the red region 
and toward the blue region of the color spectrum. Maxi- 
mum response then tends toward blue-green, rather than 
the yellow-green maxima of bright daylight. 

purple boundary — The straight line drawn between 
the ends of the spectrum locus on a chromaticity diagram. 

purple plague— 1. A compound that forms as a 
result of intimate contact between gold and aluminum, and 
appears on silicon planar devices and integrated circuits in 
which gold leads are bonded to aluminum thin-film con- 
tacts and interconnections. It causes serious degradation of 
the reliability of semiconductor devices. 2. An intermetal- 
lic gold-aluminum compound formed when gold wires 
are bonded to aluminum bonding pads. As the compound 
forms, aluminum migrates from the bonding pad until 
depleted, and the bond ultimately fails. The name stems 
from the deep purple color associated with the compound. 
3. The tendency of a gold-to-aluminum wire junction to 
develop a small electrical potential, especially in the pres- 
ence of moisture. It thus becomes a small battery, which 
encourages a migration of aluminum molecules toward 
the gold. The subsequent dark growth on the gold side 
of the bond —AlAu, “the purple plague” — is believed 
to raise the contact resistance and weaken the strength 
of the gold-aluminum junction. 4. One of the several 
gold-aluminum compounds formed when bonding gold to 
aluminum; activated by reexposure to moisture and high 
temperature (>340°C). Purple plague is purplish in color 
and is very brittle, potentially leading to time-based fail- 
ure of the bonds. Its growth is highly enhanced by the 
presence of silicon to form ternary compounds. 

PUSH — |. A computer instruction used to deposit a 
word on top of the stack. 2. (Lowercase) Storing a byte 
of data on the data stack. 

pushback hookup wire— Tinned copper wire 
covered with loosely braided insulation, which can be 
pushed back with the fingers to expose enough bare wire 
for making a connection. 
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push button— Device mounted on a plunger (or 
actuator) that interfaces the operator’s fingertip with the 
internal mechanism of the switch. 

push-button control— Control of equipment by 
means of push buttons, which in turn operate relays, etc. 

push-button dialing — The use of keys or push 
buttons to generate a sequence of digits to establish a 
telephone circuit connection. 

push-button dialing pad—A twelve-key device 
for originating tone keying signals. Usually, it is attached 
to a rotary-dial telephone for origination of data signals. 

push-button switch — A switch in which a button 
must be depressed each time the contacts are to be opened 
or closed. 

push-button tuner— A series of push-button swit- 
ches that connect into a circuit, with the correct tuning 
frequency corresponding to the depressed button. 

pushdown dialing — Also called tone dialing and 
touch call. The use of keys or push buttons instead of 
a rotary dial to generate a signal, usually in the form of 
tones, representing a sequence of digits and used to set 
up a circuit connection. 

pushdown list—1.A list that is made up and 
maintained in such a way that the next item to be retrieved 
is the item most recently stored (last in, first out). 2. An 
alternative name for a stack. 

pushdown stack — Also called P-stack. 1. A circuit 
that operates in the reverse of a shift register. Whereas, a 
shift register is a first-in first-out (FIFO) circuit, pushdown 
stacks are last-in, first-out (LIFO) memories. When data 
is requested, the stack will read the last data stored, and 
all other data will move one step closer to the output. 
Unless memory is emptied, the first data in will never 
be retrieved. 2. A register that receives information from 
the program counter and stores the address locations of 
the instructions that have been pushed down during an 
interrupt. This stack can be used for subroutining. Its size 
determines the level of subroutine nesting (one less than 
its size, or 15 levels of subroutine nesting in a 16-word 
register). When instructions are returned they are popped 
back on a last-in, first-out (LIFO) basis. 3. Dedicated 
consecutive temporary storage registers in a computer, 
sometimes part of system memory, structured so that the 
data items retrieved are the most recent items stored on the 
stack. See LIFO. 4. Essentially a last-in, first-out buffer. 
As data is added, the stack moves down with the last item, 
added taking the top position. Stack height varies with 
the number of stored items, increasing or decreasing with 
the entering or retrieving of data. The words push (move 
down) and pop (retrieve the most recently stoked item) 
are used to describe its operation. In actual practice, a 
hardware-implemented pushdown stack is a collection of 
registers with a counter that serves as a pointer to indicate 
the most recently loaded register. Registers are unloaded 
in the reverse of the sequence in which they were loaded. 

pushdown stack architecture — An organization 
of memory technique for overcoming certain minicom- 
puter limitations. It provides the high storage efficiency of 
assembly-language programs while sacrificing little of the 
simplicity and lower software cost of using higher-level 
languages. Pushdowu stack architecture greatly simplifies 
the work of the high-level language complier. See push- 
down stack. 

pushing figure — The change in oscillator frequency 
due to a specified change in plate current (excluding 
thermal effects). 

push-off strength — The amount of force required 
to dislodge a chip device from its mounting pad by 
application of the force to one side of the device, parallel 
to the mounting surface. 
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push operation — Refers to the storing of operand(s) 
from a general register(s) into the most current top 
location in a pushdown memory stack. See also stack. 

push-pull amplifier — See balanced amplifier. 

push-pull circurt—A circuit containing two like 
elements that operate in 180° phase relationship to pro- 
duce additive output components of the desired wave 
and cancellation of certain unwanted products. Push-pull 
amplifiers and oscillators use such a circuit. 

push-pull configuration — A fundamental oscilla- 
tor design in which each half of the circuit operates during 
a portion of the rf cycle. Primary advantages are inczeased 
power output over a single or parallel pair of transistors 
or tubes and reduction of second harmonic content in the 
output. 

push-pull currents — Balanced currents. 

push-pull doubler— An amplifier used for fre- 
quency doubling. It consists of two transistors or vacuum 
tubes; the latter have their grids (input) connected in push- 
pull configuration and their plates (output) in push-pull or 
parallel] configuration. 

push-pull microphone—.A microphone compris- 
ing two like elements actuated by the same sound waves 
and operated 180° out of phase. 

push-pull oscillator— A balanced oscillator em- 
ploying two similar tubes or transistors in phase oppo- 
sition. 

push-pull transformer — An audio-frequency trans- 
former that has a center-tapped winding and is used in a 
push-pull amplifier circuit. 

push-pull voltages — Balanced voltages. 

push-push circuit—A circuit usually used as a 
frequency multiplier to emphasize even-order harmonics. 
Two similar transistors are employed, or two tubes with 
their grids connected in phase opposition and their plates 
in parallel to a common load. 

push-push configuration — A harmonic osciliator 
design in which the signals from each output transistor or 
tube operating at f, are combined to produce an output 
signal at 2f,. The main advantage of this configuration 
is the extension of transistor operating frequency limits 
without the use of an extra frequency-doubler circuit. 

push-push currents— Currents that are equal in 
magnitude and that flow in the same direction at every 
point in the two conductors of a balanced line. 

push-push voltages — Voltages that are equal in 
magnitude and have the same polarity (relative to ground) 
at every point on the two conductors of a balanced line. 

push rod—A shaft that connects a servo or other 
actuator with a part of the controlled device. 

push-to-talk switch — See press-to-talk switch. 

pushup list — A list that is made up and maintained 
in such a way that the next item to be retrieved and 
removed is the oldest item remaining in the list (first in, 
first out). 

PUT — Abbreviation for programmable unijunction 
transistor. 
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put — To insert a single data record into an output file. 

PVC — Abbreviation for polyvinyl chloride. 

pW — Letter symbol for picowatt. 

PWM — Abbreviation for pulse-width modulator. 1. A 
digital logic circuit that can be programmed to produce 
pulses having any desired period or duty cycle. A means 
of controlling variable-speed motors. 2. A form of analog 
control in which the duration of digital pulses is varied 
analogously with the signal of interest. 

PWM/FM— A system in which a number of pulse- 
width-modulated subcarriers are used to frequency mod- 
ulate the carrier. 

pylon antenna— A vertical antenna constructed of 
one or more sheet-metal cylinders with a lengthwise slot. 
The gain depends on the number of sections. 

pyramidal horn— An electromagnetic horn whose 
sides form a pyramid. The electromagnetic field in such a 
horn would be expressed basically in a family of spherical 
coordinates. 

pyramid wave — A triangular wave whose sides are 
approximately equal in length. 

pyroelectric effect— Also called pyroelectricity. 
The redistribution of the charge in a crystal that has 
been heated. The crystal is left with a net electric dipole 
moment—i.e., the centers of the positive and negative 
charges are separated. 

pyroelectric infrared detector — A current source 
with an output proportional to the rate of change of its 
temperature. Widely used in radiometric systems, from 
industrial temperature-measuring systems to environmen- 
tal satellite instruments to the analysis of infrared lasers. 
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pyroelectricity — See pyroelectric effect. 

pyroelectric material— A material that produces 
electrical output when subjected to a change in tem- 
perature. 

pyroelectric pulse detector—.A current-source 
thermal detector used to detect and study the pulses 
obtained from particular lasers. 

pyroheliometer— A device for the measurement of 
infrared radiation. 

pyrolysis — The thermal decomposition of a volatile 
chemical compound into nonvolatile and volatile byprod- 
ucts. It is generally carried out in an inert carrier gas, and 
this fact distinguishes it from vapor plating. 

pyromagnetic — Pertaining to the effect of heat and 
magnetism on each other. 

pyrometer—-1. An instrument used to measure ele- 
vated temperatures (beyond the range of mercury ther- 
mometers) by electric means. These include immersion 
optical, radiation, resistance, and thermoelectric pyrome- 
ters. 2 A temperature-measuring instrument incorporating 
a sensor and a readout device. 

pyrone detector—A crystal detector in which 
rectification occurs between iron pyrites and copper (or 
other metallic points). 

pyrotechnic — Pertaining to explosive-actuated de- 
vices, especially those that burn rather than producing a 
shattering effect. 

Pythagorean scale—A musical scale in which 
the frequency intervals are represented by the ratios of 
integral powers of 2 and 3. 


Q— 1. Also called quality factor or Q factor. A 
measure of the relationship between stored energy and 
rate of dissipation in certain electric elements, structures, 
or materials. In an inductor or capacitor, the ratio of 
its reactance to its effective series resistance at a giyen 
frequency. 2. A measure of the sharpness of resonance or 
frequency selectivity of a mechanical or electrical system. 
3. Figure of merit for energy-storing device, tuned circuit, 
or resonant system. 4. Half-width of power spectrum of 
bandpass filter response in hertz divided by the center 
frequency in hertz. 5. The figure of merit of a resonator, 
defined as twice the average energy stored in the resonator 
divided by the energy dissipated per cycle. The higher 
the reflectivity of the surfaces of an optical resonator, the 
higher the @ and the less energy loss from the desired 
mode. 6. Symbol for quantity of electric charge. 

QAM — Abbreviation for quadrature amplitude mod- 
ulation. A high-speed modem modulation technique 
employing both differential phase modulation and ampli- 
tude modulation. 

Q antenna—A dipole matched to its transmission 
line by stub matching. 

Q band—A band of frequencies extending from 36 
to 46 GHz, corresponding to wavelengths of 0.834 to 
0.652 cm. 

Q (Q-bar) output — The second output of a flip-flop; 
its logic level is always opposite to that of the Q output. 

Q channel —The 0.5-MHz-wide band used in the 
American NTSC color television system to transmit 
green-magenta color information. 

QCW — A 3.58-MHz continuous-wave signal having 
@ phase. The term is generally limited to refer to the 
color-television receiver local oscillator and associated 
circuits. 

QCW signal — See quadrature-phase subcarrier signal. 

Q demodulator—A demodulator circuit whose 
inputs are the chrominance signal and the signal from 
the local 3.58-MHz oscillator after it has been shifted 
90°. This phase shift is necessary so that the local signal 
will be an accurate representation of the Q subcarrier that 
was suppressed at the transmitter. The output of the Q 
demodulaior is a color video signal representing colors in 
the televised scene. 

q8— A quadraphonic eight-track tape cartridge. 

Q-8 — Formerly known as Quad-8; term applied to tape 
cartridges when they contain four-channel programming. 

Q factor — 1. Of a tuned circuit, the ratio of the induc- 
tive reactance of the circuit at the resonant frequency to its 
radio-frequency resistance. It is a measure of the increase 
in voltage that is developed across the tuned circuit at res- 
onant frequency, and so the term “magnification factor” 
is sometimes used for Q. If the Q factor of a tuned circuit 
is high, the voltages developed across it are high and its 
selectivity is good. 2. See Q, 1. 
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Q-meter— Also called a quality-factor meter. An 
instrument for measuring the Q, or quality factor, of a 
circuit or circuit clement. 

Q-multiplier—A special filter that has a sharply 
peaked response curve or a deep rejection notch at a 
particular frequency. 

Q output — The reference output of a flip-flop. That 
is, the flip-flop is said to be in the | state when this output 
is 1, and it is said to be in the O state when this output is 0. 

Q-phase — Also called quadrature carrier. A color- 
television signal carrier having a phase difference of 147° 
from the color subcarrier. 

QPL — Abbreviation for qualified products list. Mili- 
tary qualified products list for high-reliability applications. 

QRM — An obsolete term for any type of man-made 
interference. 

QRS complex — That portion of the waveform in an 
electrocardiogram extending from point Q to point S; it 
includes the maximum amplitude shown in the trace. 

QS—A matrix system developed by Sansui Elec- 
tronics. 

Q signal— 1. In color television, the signal formed 
by the combination of R-Y and B-Y color-difference 
signals having positive polarities of 0.48 and 0.41, respec- 
tively. It is one of the two signals used to modulate the 
chrominance subcarrier, the other being the I signal. See 
also coarse-chrominance primary. 2. In a color TV sys- 
tem, the color sidebands produced by modulating the color 
subcarrier at a phase 147° removed from the burst refer- 
ence phase (sometimes known as the quadrature signal). 
This signal is capable of reproducing the range of colors 
from purple to yellow-green. 3. One of a special group of 
abbreviations used in radiocommunications. 

QSL — 1. Written acknowledgement of two-way radio- 
communication. 2. A card or letter from a station used to 
confirm listener’s reception reports. A QSL, or verifica- 
tion, confirms that a listener’s report was correct. Often a 
colorful, well-designed postcard. Also exchanged by radio 
amateurs to confirm contacts with each other. 

QSL card— A card exchanged by radio amateurs to 
confirm radiocommunications with each other. 

Q-switch— A device used to rapidly change the Q 
of an optical resonator. Used in the optical resonator of 
a laser to prevent lasing action until the high level of 
inversion (optical gain and energy storage) is achieved in 
the laser rod. A giant pulse is generated when the switch 
rapidly increases the Q of the cavity. 

Q-switched laser—A laser in which the Q of 
the resonant cavity is spoiled, using rotating mirrors or 
saturable absorbers, until large quantities of energy are 
accumulated in the active medium. Return of the Q causes 
a high-energy short pulse. 

Q-switched pulse — The output of a laser when 
the Q of the cavity resonator initially is kept very low 
so that the population inversion achieved is much larger 
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than that which normally characterizes laser operation. 
On restoration of the Q to its normal high value, a high- 
power, short-duration pulse of coherent radiation (called 
a giant pulse) is emitted. Used most often in conjunction 
with pulsed pump radiation. 

quad— 1. A structural unit employed in cables. A 
quad consists of four separately insulated conductors 
twisted together. These conductors may take the form 
of two twisted pairs. 2. A combination of four elements, 
cither electronic components or complete circuits, in 
series-parallel or parallel-series arrangement. 3. Á (series- 
parallel) combination of four transistors. 4. See quadra- 
phonic. 

quadded cable — A cable in which some or all of 
the conductors are in the form of quads. 

quadding — Connecting transistors in a series-parallel 
configuration to achieve greater reliability. 

Quad-8 — See Q-8. 

quad latch—A group of four flip-flops, each of 
which has the capability of storing a true or false logic 
level, and all of which normally are enabled by a single 
control line. When the flip-flops are all enabled new 
information may be stored in each of them. 

quadradisc — Another name for CD-4 disc. 

quadrant— 1. A sector, arc, or angle of 90°. 2. An 
instrument for measuring or setting vertical angles. 

quadrantal error— The error in magnetic-compass 
readings by the magnetic field of the steel hull of a ship, 
or by metal structures near the loop antenna of radio 
direction finders aboard a vessel or aircraft. 

quadrant electrometer — An electrometer for mea- 
suring voltages and charges by means of electrostatic 
forces. A metal plate or needle is suspended horizon- 
tally inside a vertical metal cylinder that is divided into 
four insulated parts, cach connected electrically to the one 
opposite it. The two parts of quadrants are connected to 
the two terminals between which the potential difference 
is to be measured. The resultant electrostatic forces dis- 
place the suspended indicator a certain amount, depending 
on the voltage. 

quadraphonic— Also spelled quadriphonic, quad- 
rasonic; sometimes contracted to quad. A term used 
to describe four-channel sound systems and equipment. 
Sounds recorded and reproduced from four different 
directions to produce a field of sounds coming from 
an apparent 360° around the listener. Generally, any 
system of sound reproduction using more than the two 
usual stereo signals to recreate an impression of sounds 
coming from the rear of the listener as well as from the 
front. 

quadraphony — A scheme of extended stereo where- 
by ambient and dimensional information is fed directly or 
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via a matrix to a set of four speaker systems suitably ori- 
ented in the listening room. Various modulation or matrix 
systems are sometimes used so that four channels can be 
obtained by using some two-channel (stereo) equipment. 
The signals are then decoded so that four channels of 
sound can be reproduced through four speakers. 

quadrasonic — See quadraphonic. 

quadratic programming — In operations research, 
a particular case of nonlinear programming in which 
the function to be maximized or minimized and the 
constraints are quadratic functions of the controllable 
variables. 

quadrature — The state or condition of two related 
periodic functions or two related points separated by a 
quarter of a cycle, or 90 electrical degrees. 

quadrature amplifier — A stage used to supply two 
signals of the same frequency but with phase angles that 
differ by 90 electrical degrees. 

quadrature amplitude modulation — See QAM. 

quadrature carrier — See Q-phase. 

quadrature component— 1. The reactive current 
or voltage component due to inductive or capacitive reac- 
tance in a circuit. 2. A vector representing an alternating 
quantity that is in quadrature (at 90°) with some reference 
vector. 

quadrature modulation — The modulation of two 
carrier components 90° apart in phase by separate modu- 
lating functions. 

quadrature phase detector—A phase detector 
operated in quadrature (90° out of phase) with the loop 
detector. 

quadrature-phase subcarrier signal— Abbre- 
viated QCW signal. That portion of the chrominance 
signal that leads or lags the in-phase portion by 90°. 

quadrature portion— In the chrominance signal, 
the portion with the same or opposite phase from that 
of the subcarrier modulated by the Q signal. This portion 
of the chrominance signal may lead or lag the in-phase 
portion by 90 electrical degrees. 

quadrature sensitivity —Also called side sensitiv- 
ity, lateral sensitivity, or crosstalk sensitivity. The sensi- 
tivity of a transducer to motion normal to the principal 
axis. Commonly expressed in percent of the sensitivity in 
the principal axis. 

quadriphonic— See quadraphonic. 

quadripole network— See two-terminal-pair net- 
work. 

quadruple diversity —The operation of combining 
four identical signals received over diverse paths to obtain 
an improvement of up to 6 dB in signal-to-noise ratio. 

quadruple-diversity system — A receiving system 
in which space-diversity and frequency-diversity tech- 
niques are employed simultaneously. 

quadruple play— Magnetic recording tape that is 
thinner than standard-play tape and consequently makes 
possible recordings four times longer than the standard- 
play tape. 

quadruplex circuit— A telegraph circuit designed 
for carrying two messages in each direction simultane- 
ously. 

quadrupole— A combination of two dipoles that 
produces a force varying in inverse proportion to the 


fourth power of the distance from the generating charge. 


quadrupole network — See two-terminal-pair net- 
work. 

qualification — The entire procedure by which elec- 
tronic parts are examined and tested to obtain and main- 
tain approval at specified failure rate levels, and then 
identified on the qualified products lists. 

qualified products list — Abbreviated QPL. A list- 
ing of manufacturers qualified by test and performance 
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verification to produce items listed in the military speci- 
fications. 

qualifying activity—The military activity or its 
agent delegated to administer the qualification program. 

qualitative analysis — A study that reveals how a 
system works. 

quality — 1. The extent of conformance to specifica- 
tions of a device, or the proportion of satisfactory devices 
in a lot. 2. The extent to which a device meets the required 
specifications when it is shipped to the user. 

quality assurance — 1. A planned, systematic pat- 
tern of actions necessary to provide suitable confi- 
dence that a system or component will perform sat- 
isfactorily in actual operation. 2. A systematic pat- 
tern of actions throughout design and production, to 
ensure confidence in a product’s conformance with 
specifications. 

quality control— The control of variation of work- 
manship, processes, and materials in order to produce a 
consistent, uniform product. 

quality engineering—An engineering program 
whose purposes are to establish suitable quality tests and 
quality acceptance criteria and to interpret quality data. 

quality factor — See O, 1. 

quality-factor meter -— See Q-meter. 

quantitative analysis—A study that determines 
how well a system performs. 

quantity — 1. Any positive or negative number. It 
may be a whole number, a fraction, or a whole number 
and a fraction. 2. A constant, variable, function name, 
or expression. 3. In computers, a positive or negative real 
number; the term guantity is preferred to the term number. 

quantity of electricity — See electrical charge. 

quantization — 1. The process whereby the range of 
values of a wave is divided into a finite number of 
subranges, each represented by an assigned (quantized) 
value. 2. The process of converting a continuous analog 
input into a set of discrete output levels. 

quantization distortion — Also called quantization 
noise. Inherent distortion introduced during quantization. 

quantization error — 1. The difference between the 
actual values of data and corresponding discrete values 
resulting from quantization. 2. Error generated because 
an analog-to-digital converter can be no more accurate 
than +'/ lsb because of its resolution. 

quantization levei—1. A particular subrange in 
quantization. 2. The symbol designating the subrange 
of (1). 

quantization noise — See quantization distortion. 

quantize — 1. To convert a continuous variable, such 
as a waveform, into a series of levels or steps. There are 
no in-between values in such a quantized waveform. All 
values of signal are represented by the nearest standard 
of value or code position. 2. To sample the amplitudes 
of a complex wave periodically, and to represent each 
amplitude thus sampled by one of a finite number of 
values. 3. To restrict a variable to a discrete number of 
possible values. 

quantized pulse modulation — Pulse modulation 
that involves quantization (e.g., pulse numbers modulation 
or pulse code modulation). 

quantizer-—1. A device that partitions a continuum 
of analog values into discrete ranges to be represented by 
a digital code. An analog-to-digital converter. 2. A device 
with a restricted quantity of possible output values that 
will assimilate any range of input values into its limited 
range. 

quantizing — Expressing an analog value as the near- 
est one of a discrete set of prechosen values. 
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quantizing error— 1. The basic uncertainty associ- 
ated with digitizing an analog signal, due to the finite 
resolution of an a/d converter. An ideal converter has a 
maximum quantizing error of +!/⁄ lsb. In an a/d con- 
verter, an infinite number of possible input voltages can 
occur, but only 2” output codes (7 = number of bits) 
can exist. Because of this quantizing effect, there will 
always be an error as great as '/ lsb, and the great- 
est error will occur in the value of the transition volt- 
age at the point where the output changes state. 2. A 
measure of the ability of a digital meter to discrimi- 
nate between an incremental value and values slightly 
above or below this value. 3. An error caused by conver- 
sion of a variable having a continuous range of values 
to a quantized form having only discrete values, as in 
analog-to-digital conversion. The error is the difference 
between the original (analog) value and its quantized (dig- 
ital) representation. 

quantum — 1. A discrete portion cf energy of a def- 
inite amount. It was first associated with intra-atomic or 
intermolecular processes involving changes among elec- 
trons, and the corresponding radiation. 2. If the magnitude 
of a quantity is always an integral multiple of a definite 
unit, then that unit is called the quantum of the quan- 
tity. 3. The angular increment of input-shaft rotation of 
an encoder, subtended by one code position. 4. The unit 
carrier of energy: the photon for light, and the electron for 
electricity. 5. The smallest amount into which the energy 
of a wave can be divided. The quantum is proportional to 
the frequency of the wave. See photon. 

quantum efficiency — 1. In a photctube, the aver- 
age number of electrons photoelectrically emitted from 
the photocathode per incident photon of a given wave- 
length. 2. The fraction of those ions or atoms excited to a 
higher energy level by pumping radiation that decays with 
light emission in a particular desired range of frequen- 
cies. The remaining ions decay by various radiationless 
mechanisms (such as phonon emission) or by undesired 
radiative transitions. 3. The ratio of the number of carri- 
ers generated to the number of photons incident upcn the 
active region. 4. The ratio of the number of quanta radi- 
ant energy (photons) emitted per second to the number 
of electrons flowing per second, e.g., photons/etectrons. 
5. Ratio of generated current carriers to the number of 
absorbed photons. 

quantum-limited operation— In the operation of 
a photodetector, the inability of the detector to measure 
incident radiation levels below a threshold level because 
of fluctuations in the output current that are not due to 
incident radiation, i.e., not due to incident photons. 

quantum mechanics—1. The study of atomic 
structure and other related problems in terms of quantities 
that can actually be measured. 2. The science of all 
complex elements of atomic and molecular spectra, and 
the interaction of radiation and matter. 

quantum noise —!. A random variation or noise 
signal due to fluctuations in the average rate of incidence 
of quanta on a detector. The basic electromagnetic quan- 
tum of noise power is just 1 photon per electromagnetic 
mode. 2. Noise generated within an optical communica- 
tions system link that has both internal (dark current) and 
external (background noise, noise in signal) components. 

quantum number — Any set of numbers assigned to 
the particular values of a quantized quantity in its discrete 
range. The state of a particle or system may be described 
by a set of compatible quantum numbers. 

quantum theory—The theory that an atom or 
molecule does not emit or absorb energy continuously. 
Rather, it does so in a series of steps, each step being 
the emission or absorption of an amount of energy called 


quantum transition — quasi-monochromatic light 


the quantum. The energy in each quantum is directly 
proportionate to the frequency. 

quantum transition—A transition between two 
quantum states. 

quarter phase — See two-phase. 

quarter-squares multiplier— An analog multi- 
plier unit that makes use of the relationship xy = Ya[(x + 
yy — (x — yy]. 

quarter track — See four-track. 

quarter-track tape — See four-track tape. 

quarter wave — One-quarter cycle of a wave. 

quarter-wave antenna—1. An antenna whose 
electrical length is one-quarter the wavelength of the 
transmitted or received signal. 2. A dipole antenna with 
an electrical length equal to one-quarter of its working 
wavelength. Its physical length is somewhat shorter than 
one-quarter wavelength. 

quarter-wave attenuator — Two energy-absorbing 
grids or other structures placed in a transmission line and 
separated by an odd number of quarter wavelengths. As 
a result, the wave reflected from the first grid annuls the 
wave reflected from the second grid. 

quarter-wavelength — That distance which corre- 
sponds to an electrical length of a quarter of a wavelength 
of the frequency under consideration. 

quarter-wave line — See quarter-wave stub. 

quarter-wave plate—A mica or other double- 
refracting crystal plate of such thickness that a phase 
difference of one-quarter cycle is introduced between the 
ordinary and extraordinary components of light passing 
through. 

quarter-wave resonance—In a quarter-wave 
antenna, the condition in which its resonant frequency 
is equal to the frequency at which it is to be used. 

quarter-wave stub— Also called a quarter-wave 
line or quarter-wave transmission line. A section of 
transmission line equal to one-quarter of a wavelength 
at the fundamental frequency. It is commonly used to 
suppress even harmonics. This is done by shorting the far 
end so that the open end presents a high impedance to the 
fundamental frequency and all odd harmonics, but not to 
the even-order harmonics. 
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Quarter-wave stub. 


quarter-wave support— A quarter-wave metallic 
stub used in place of dielectric insulators between the 
inner and outer conductors of a coaxial transmission line. 
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quarter-wave termination— A waveguide termi- 
nation consisting of a metal plate and a wire grating 
(or semiconducting film) spaced one-quarter wavelength 
apart. The plate is the terminating element. The wave 
reflected by the grating (or film) is cancelled by the wave 
reflected by the plate. 

quarter-wave transformer — A one-quarter-wave- 
length section of transmission line used for impedance 
matching. 

quarter-wave transmission line —See quarter- 
wave stub. 

quartz—-A mineral (silicon dioxide) occurring in 
hexagonal crystals in nature and having piezoelectric 
properties that are highly useful in radio and carrier 
communication. The crystals from which slabs are cut 
for oscillators are transparent and almost colorless. When 
excited electrically, they vibrate and maintain extremely 
accurate and stable frequencies. 

quartz crystal — Also called a crystal. 1. A thin slab 
cut from quartz and ground to the thickness at which 
it will vibrate at the desired frequency when supplied 
with energy. It is used to accurately control the frequency 
of an oscillator. 2. The naturally occurring crystalline 
form of silicon dioxide. It is slightly birefringent and 
exhibits rotary dispersion of light rays transmitted along 
the crystal axis, both right-hand and left-hand forms being 
known. Quartz transmits light from about 0.18 to 4.5 
micrometers in the infrared. It is very hard and takes a 
high polish, and has a low thermal expansion coefficient. 
3. A piezoelectrical crystal cut from natural quartz (silicon 
dioxide, SO»). 

quartz delay line— A delay line in which fused 
quartz is the medium for delaying sound transmission or 
a train of waves. 

quartz lamp—A mercury-vapor lamp having a 
transparent envelope made from quartz instead of glass. 
Quartz resists heat (permitting a higher current) and 
passes ultraviolet rays, which glass will absorb. 

quariz light source —A lamp with a quartz bulb 
that transmits radiation generally rich in ultraviolet. 

quartz plate—A crystalline-quartz section com- 
pletely finished to specifications, with its two major faces 
essentially parallel. 

quartz resonator— A piezoelectric resonator with 
a quartz plate. 

quasi-complementary symmetry circuit—A 
push-pull power amplifier that utilizes npn output tran- 
sistors driven by pnp and npn driver transistors. 

quasi-linear feedback-control system — A feed- 
back-control system in which the relationships between 
the pertinent measures of the system input and output 
signals are substantially linear despite the existence of 
nonlinear elements. 

quasi-monochromatic light — Light radiation that 
behaves like ideal monochromatic radiation. The fre- 
quencies of quasi-monochromatic radiation are strongly 
peaked about a certain frequency. 
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quasi-optical — Having properties similar to those of 
light waves. The propagation of waves in the television 
spectrum is said to be quasi-optical (1.e., cut off by the 
nNOriZon). 

quasi-random code generator—.A high-speed 
PCM information source that provides a means of closed- 
loop testing for use in designing and evaluating wideband 
communications links. 

quasi-rectangular wave —A wave nearly, but not 
quite, rectangular in shape. 

quasi-single-sideband transmission — Simul- 
ated single-sideband transmission done by transmitting 
parts of both sidebands. 

quasi-steady-state vibration — A nearly periodic 
vibration in which the amplitude and phase relationships 
of the component sinusoids yary slowly with time. 

quaternary — A coding scheme that uses four differ- 
ent voltage levels to represent information, used over the 
local loop with basic ISDN. 

quaternary signaling — The communications mode 
in which information is passed by the presence and 
absence, or plus and minus yariations, of four discrete 
levels of one parameter of the signaling medium. 

quench — To stop an oscillation abruptly. 

quenched spark-—A spark consisting of only a 
few sharply defined oscillations because the gap is 
deionized almost immediately after the initial spark has 
passed. 

quenched spark gap—aA spark gap with provi- 
sion for producing a quenched spark. One form consists 
of many small gaps between electrodes that have a rel- 
atively large mass and, thus, are good radiators of heat. 
As a result, they cool the gaps rapidly and thereby stop 
conduction. 

quenched spark-gap converter—A spark-gap 
generator or other power source in which the oscillatory 
discharge of a capacitor through an inductor and a spark 
gap provides the radio-frequency power. The spark gap 
comprises one or more closely spaced gaps in series. 

quench frequency — 1. An ac voltage applied to an 
electrode of a tube used as a superregenerative detector 
to alternately vary its sensitivity and thereby prevent 
sustained oscillations. The quench frequency is usually 
lower than the signal frequency to be received. 2. The 
number of times per second a circuit goes in and out of 
osciflation. 

quenching — 1. The process of terminating a dis- 
charge in a radiation-counter tube by inhibiting the reig- 
nition. 2. A process of rapid cooling from an elevated 
temperature, in contact with liquids, gases, or solids. 
3. The inhibition or elimination of one process by another 
process. The stimulated emission of a laser oscillator can 
be quenched by a pulse of radiation of the same frequency 
traversing the oscillator in a different direction. This pulse 
induces the excited tons to emit radiation in a direction 
apart from the oscillating mode and, hence, the oscillation 
is decreased. 

quenching circuit— A circuit that inhibits multiple 
discharges from an ionizing event by suppressing or 
reversing the voltage applied to a counter tube. 

quenching frequency — That frequency at which 
oscillations in a superregenerative receiver are suppressed 
(quenched). 

quench oscillator—A superregenerative receiver 
circuit that produces the quench-frequency signal. 

queue —1.A line of items waiting for service in 
a system, such as messages to be transmitted in a 
message-switching system. 2. To arrange in or form a 
queue. 3. A waiting line for execution of computer or 
peripheral operations. 4. A multi-element data structure 
in wnich the first element in is the first element out. 


quasi-optical — quick-stop control 


This data structure works in the same manner as a 
supermarket checkout line — items are added at one end 
and removed at the other. Compare with a stack, in 
which items are added and removed only from one end. 
5. An area in the temporary call store memory used 
to record a writing list for some particular function. 
For example, the writing list or queue for customer 
dial pulse receiver circuits. 6. A list of processes to be 
executed in sequential order, information blocks to be 
processed in sequential order, or a mixture of the two. 
7. Orderly access to a system; generally, “first in, first 
out” prioritization. 

queue control block— A control block for regu- 
lating the sequential use of a programmer-defined facility 
for a number of tasks. 

queued access method— An access method 
that provides automatic synchronization of data trans- 
fer between programs using the access method and 
input/output devices. Delays for input/output operations 
are thereby eliminated. 

queuing theory — A research technique having to do 
with the correct order of moving units, such as sequence 
assignments for bits of information, whole messages, 
assembly-line products, or automobiles in traffic. 

quick-break — A characteristic of a switch or circuit 
breaker, whereby it has a fast contact-opening speed that 
is independent of the operator. 

quick-break fuse—A fuse that draws out the 
arc and rapidly breaks the circuit when its wire melts. 
Usually a spring or weight is used to quickly separate the 
broken ends. 


FUSE SOLDER 
WIRE JOINT 


Quick-break fuse. 


SPAING 


quick-break switch—-A switch that minimizes 
arcing by breaking a circuit rapidly, independent of the 
rate at which the switch handle is moved. 

quick-connect terminal— 1. A plug-in type of 
terminal designed to make possible rapid wiring. 2. A 
type of connection, similar to a lamp plug and wall 
socket, used where connections are frequently removed, 
then connected again. Quick-connect terminals are found 
on home appliances, hi-fi equipment, TV sets, and in other 
applications. 

quick disconnect— A type of connector designed 
to facilitate rapid locking and unlocking of two contacts 
or connector halves. 

quickening — A characteristic of a display with com- 
pressed time scale (such as that employed in time-lapse 
photography). Used to exaggerate trends. 

quick-flashing light— A rhythmic light that shows 
very quick, regular, alternate displays of light and darkness. 

quick-make — A characteristic of a switch or circuit 
breaker, whereby it has a fast contact-closing speed that 
is Independent of the operator. 

quick-make switch — A switch or circuit breaker 
that has a high contact-closing speed independent of the 
operator. 

quick-stop control —On some tape recorders, and 
on all recorders used for dictation, a control with which 
the Operator can stop the tape without taking the machine 
out of the play or record position. 


quiescence — QWERTY keyboard 


quiescence — 1. The state of a transistor amplifier 
with no signal applied. 2. The operating condition that 
exists in a circuit when no input signal is applied to the 
circuit. 

quiescent— At rest; specifically, the condition of a 
circuit when no input signal is being applied to it. 

quiescent-carrier modulation—A modulation 
system in which the carrier is suppressed during intervals 
when there is no modulation. 

quiescent-carrier telephony—Telephony in 
which the carrier is suppressed whenever no modulating 
signals are to be transmitted. 

quiescent current — See idling current. 

quiescent dissipation — The power dissipated by a 
component or circuit in the absence of dynamic activating 
signals applied to the input or inputs. 

quiescent input voltage —The dc voltage at 
the input of an amplifier that has one input ter- 
minal when that terminal is not connected to any 
source. 

quiescent operating point— 1. The state or con- 
dition that exists under any specified external condition 
when the signal is zero. 2. See quiescent point. 

quiescent output voltage—The dc voltage at 
the output terminals of an amplifier when the input 
is grounded for ac through a resistance equal to the 
resistance of the signal source. 

quiescent period —The resting period; e.g., the 
period of no activity between pulses in pulse transmissions. 

quiescent point — On the characteristic curve of an 
amplifier, the point representing the conditions existing 
when there is no input signal. See also operating point. 

quiescent push-pull — In a radio receiver, a push- 
pull output stage in which practically no current flows 
when no signal is being received. Thus, there is no noise 
while the radio is being tuned between stations. 
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quiescent state — The time during which a tube or 
other circuit element is not performing its active function 
in the circuit. 

quiescent value — The voltage or current value of 
a vacuum-tube electrode when no signals are present. 

quiescing—The process of stopping a multipro- 
grammed system by rejection of new jobs. 

quiet automatic volume control — See delayed 
automatic volume control. 

quiet AVC — See delayed automatic volume control. 

quiet battery — Also called talking battery. A source 
of energy of special design, or with added filters, that is 
sufficiently quiet and free from interference that it may 
be used for speech transmission. 

quieting — 1. The decrease in noise voltage at the 
output of an FM receiver in the presence of an unmod- 
ulated carrier. 2. A measure of the usable sensitivity of 
an FM tuner, expressed as the least rf signal level (100 
percent modulated with a 400-Hz tone) that reduces the 
receiver internal noise and distortion to 30 dB below the 
output level obtained with the modulated tone present 
[(s + n)/n = 30 dB]. A null filter tuned to 400 Hz is used 
to remove the tone. For an AM receiver, the carrier is 
modulated by 30 percent and the field strength (micro- 
volts per meter) is measured that is necessary to provide 
a 20 dB (s + nyn ratio. 

quieting sensitivity —In an FM receiver, the mini- 
mum input signal that will give a specified output signal- 
to-noise ratio. 

quiet tuning — In a radio receiver, a form of tuning 
in which the output is silenced except when the receiver 
is tuned to the precise frequency of the incoming carrier 
wave. 

QWERTY keyboard—The layout on a standard 
typewriter-style keyboard; the first six letters on the top 
alphabetic line. 


R— 1. Symbol for resistor, resistance, or reluctance. 
2. Letter symbol for roentgen. 

race —1. The condition that exists when a signal is 
propagated through two or more memory elements during 
the same clock period. 2. The condition that occurs when 
changing the state of a system requires a change in two or 
more state variables. If the final state is affected by which 
variable changes first, the condition is a critical race. 
3. An improper condition in which data that is supposed 
to moye in steps, as in a shift register, goes through a 
whole string of stages at one step. Usually caused by 
incorrect “iming pulses. 

raceway — Any channel designed and used solely for 
holding wires, cables, or bus bars. 

rack and panel connector— 1. A connector that 
is attached to a panel or side of equipment so that when 
these members are brought together, the connector is 
engaged. 2. A connector that connects the inside back 
end of the cabinet (rack) with the drawer containing 
the equipment when it is fully inserted. The drawer 
permits convenient removal of portions of the equipment 
for repair or examination. Special design and rugged 
construction of the connector allows for variations in rack- 
to-panel alignment. 

rack and pinion — A toothed bar (rack) that engages 
a gear (pinion) to convert the back-and-forth motion of 
the rack into rotary motion, or the rotary motion of the 
pinion into back-and-forth motion. 

rackmount — Designed to be installed in a cabinet 
that is usually 19-in. wide. 

racon — See radar beacon. 

rad— Abbreviation for radiation absorbed dose. 
i. The amount of radiation that delivers 100 ergs of 
energy to | gram of a substance. It is approximately 
equivalent to 1 roentgen in the case of body tissue. 2. The 
amount of energy transferred to a material by ionizing 
radiation. One rad is equal to the energy of 100 ergs per 
gram of material. The material must be specified, because 
the energy differs with cach material. 

radar — Acronym for radio detection and ranging. A 
system thet measures distance (and usually the direction) 
to an object by determining the amount of time required 
by electromagnetic energy to travel to and return from 
an object. Called primary radar when the signals are 
returned by reflection. Called secondary radar when the 
incident signal triggers a responder beacon and causes it 
to transmit a second signal. Predicted in the early part 
of the 20th century, the first important system was built 
in England in 1938. Basic building blocks of a radar 
are the transmitter, the antenna (normally used for both 
transmission and for reception), the receiver, and the data- 
handling equipment. 

radar alarm system—An alarm system that 
employs radio-frequency motion detectors. 
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radar altitude — Also called radio altitude. Absolute 
altitude measured by a radar altimeter. 

radar and television aid to navigation —-A 
deyice that converts a circular-scan radar presentation to 
a horizontally scanned television presentation. It provides 
a continuous bright display with target trails for course 
and speed indications of moving targets. 

radar antenna — Any of the many types of antennas 
used in radar. 


REFLECTOR 


HORN 
OUTPUT 


WAVEGUIDE 


Radar antenna. 


radar attenuation — Ratio of the transmitted power 
to the reflected (received) power — specifically, the ratio 
of the power that the transmitter delivers to the trans- 
mission line connected to the transmitting antenna to the 
power reflected from the target and delivered to the trans- 
mission line connected to the receiving antenna. 

radar beacon — Also called a racon. An automatic 
transmitter-receiver that receives signals from a radar 
transmitter and retransmits coded signals that enable the 
radar operator to determine his own position. 

radar beam-—The space where a target can be 
effectively detected and/or tracked in front of a radar. 
Its boundary is defined as the locus of points measured 
radially from the beam center at which the power has 
decreased to one-half. 

radar calibration — Taking measurements on vari- 
ous parts of electronic equipment (e.g., radar, IFF, com- 
munications) to determine its performance level. 

radar camouflage — The use of coverings or sur- 
faces on an object to considerably reduce the reflected 
radio energy and, thus, conceal the object from the radar 
beam. 

radar cell—The voiume enclosed by dimensions of 
one radar-pulse length by one radar beamwidth. 

radar clutter—The image produced on a radar 
indicator screen by sea or ground return. If not of 
particular interest, it tends to obscure the target indication. 
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radar-confusion reflectors — Metallic devices 
(e.g., chaff, corner reflections) employed to return false 
signals in order to confuse enemy radar receivers. The use 
of radar-confusion reflectors is termed reflective jamming. 

radar control area— The designated space within 
which aircraft approach, holding, stacking, and similar 
operations are performed under guidance of a surveillance 
radar system. 

radar controller — An air traffic controller or other 
responsible person proficient in the use and interpretation 
of radar and capable of performing one or more of 
the following functions: surveillance controller, traffic 
director, and final controller. 

radar countermeasures — Interception, jamming, 
deception, and evasion of enemy radar signals to obtain 
information about the enemy from his radar and to prevent 
him from obtaining accurate, usable information from his 
or her radar. 

radar-coverage indicator—A device showing 
how far a radar station should track a given aircraft. it also 
provides a reference (detection) range for quality control. 
Aircraft size and altitude, screening angle, site elevation, 
type of radar, antenna radiation pattern, and antenna tilt 
are taken into account. 

radar cross section — That portion of the backscat- 
tering cross section of a target associated with a specified 
polarization component of the scattered wave. 

radar data filtering — A quality-analysis process in 
which the computer rejects certain radar data and alerts 
personnel at the mapping and surveillance consoles to the 
rejection. 

radar deception — Radiation or reradiation of radar 
signals in order to confuse or mislead an enemy operator 
when he or she interprets the data shown on his or her 
scope. 

radar decoy — An object that has the same reflective 
characteristics as a target and is used in radar deception. 

radar display — The spontaneous visual presentation 
of radar information by electronic traces on a CRT. 

radar distribution switchboard —A switching 
panel for connecting video, trigger, and bearing from 
any one of five systems to any or all of 20 repeaters. 
Also contains order lights, bearing cutouts, alarms, test 
equipment, etc. 

radar dome— A weatherproof cover for protection 
of a primary radiation element of a radar or radio device; 
the cover is transparent to radio-frequency energy and 
permits operation of the radiating element, including 
rotation or other physical movement. See also radome. 

radar echo— 1. The radio-frequency energy rece- 
ived after it has been reflected from an object. 2. The 
deflection or change of intensity that a radar echo 
produces in the display of a cathode-ray tube. 

radar equation — A mathematical expression relat- 
ing the transmitted and received powers and antenna gains 
of a primary-radar system to the echo area and distance 
of the target. 

radar fence — A network of radar warning stations 
that maintains constant watch against surprise attack (e.g., 
the DEW line). 

radar field gradient — Abbreviated RFG. The rate 
at which the strength of the field from a primary radar 
decreases as the distance from the transmitting antenna 
increases. 

radar frequency bands — The frequency bands for 
radar are shown in the table. 

radargrammetry — The analysis of the photographs 
taken from the radar display of a survey aircraft and used 
when recording terrain that is obscured by clouds. 

radar homing— Missile guidance for which the 
intelligence is provided by a radar aboard the missile. 
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Radar bands 
Band Frequency range 
HF 3-30 MHz 
VHF 30-300 MHz 
UHF 300-1000 MHz 
L-band 1.0-2.0 GHz 
S-band 2.0-4.0 GHz 
C-band 4.0-8.0 GHz 
X-band 8.0-12.0 GHz 
K,-band 12.0-18.0 GHz 
K-band 18.0-27.0 GHz 
Ka-band 27.0-40.0 GHz 
millimeter 40-300 GHz 


radar horizon — The most distant point (from the 
radar antenna along a given azimuth) on the earth's 
surface illuminated by the radar on purely geometric 
conditions. The conditions are that the illumination occurs 
along a straight-line path, where the path is taken over an 
effective earth’s radius of 4/3 its true radius and where the 
illuminating power of the radar is considered unlimited. 

radar illumination—The subjection of an object 
(target) to electromagnetic radiation from a radar. 

radar indicator — A cathode-ray tube with its asso- 
ciated equipment that provides a visual indication of the 
echo signals picked up by the radar set. 

radar marker—A fixed facility that continuously 
emits a radar signal so that a bearing indication appears 
on a radar display. 

radar nautical mile — The time interval of approx- 
imately 12.67 microseconds required for radio-frequency 
energy to travel one nautical mile (1.853 km) and return, 
a total of two nautical miles. 

radar paint — A radar-energy-absorbent material that 
can be applied to an object to reduce the possibility of 
detection. 

radar-performance figure — Ratio of the pulse 
power of the radar transmitter to the power of the 
minimum signal detectable by the receiver. 

radar picket— Early-warning aircraft that flies at a 
distance from a ship or other force being protected, to 
increase the radar detection range. | 

radar pulse modulator — A modulator that turns an 
rf energy source off and on in a precise, known manner. 
In essence, the modulator supplies the energy that causes 
an rf source to oscillate or amplify, thus creating a burst, 
or pulse, of rf energy. 

radar range — The maximum range at which a radar 
can ordinarily detect objects. 

radar receiver—The receiver that amplifies the 
returned radar signal and demodulates the rf carrier before 
further amplifying the desired signal and delivering it, in 
a form suitable for presentation, to the indicator. Unlike 
a radio receiver, it is more sensitive, has a lower noise 
level, and is designed to pass a pulse signal. 

radar-reflection interval—The length of time 
required for a radar pulse to reach a target and return. 

radar reflectivity—A measure of the ability of a 
radar target to intercept and return a radar signal. 

radar relay — 1. Equipment for relaying radar video 
and appropriate synchronizing signals to a remote loca- 
tion. 2. Process or system by which radar echoes and 
synchronization data are transmitted from a search radar 
installation to a receiver at a remote point. 
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radar repeaters — Remote indicators used to repro- 
duce radar data from a primary source. 

radar resolution — The ability of a radar to distin- 
guish between the desired target and its surroundings. 

radarscope— A cathode-ray tube serving as an 
oscilloscope, the face of which is the radar viewing 
screen. 

radar selector switch — A manual or motor-driven 
switch taat transfers a plan-position-indicator repeater 
from one system to another, switching video, trigger, and 
bearing data. 

radar shadow — An area shielded from radar illumi- 
nation by an intervening reflecting or absorbing medium. 
This region appears as an area that is void of targets on 
a radar display. 

radar silence —1. A period of time during which 
radar operations are stopped. 2. An imposed discipline 
under which the transmission by radar of electromagnetic 
signals on some or all frequencies is prohibited. 

radar speed detector—A broadband, high- 
sensitivity, rf-level detector. It has a tuned microwave 
horn antenna that is designed to pass signals in the 
X- and K- (several thousand megahertz) bands into a 
diode. The radio-frequency energy is then rectified into 
a voltage that upsets a delicately balanced alarm circuit. 
Law enforcement agencies can outwit the detectors. They 
may use short bursts of radar to monitor specific vehicles 
momentarily — hardly enough time for a radar detector to 
resolve whether the incoming signal is a random bit of rf 
interference or is actually a transmitted radar signal. 

radar target— Any reflecting object of particular 
interest in the path of the radar beam (usually, but not 
necessarily, the object being tracked). 

radar trace — The pattern produced on the screen of 
the cathode-ray tube in a radar unit. 

radar transmitter— The transmitter portion of a 
radar system. The unit of the radar system in which the 
rf power is generated and keyed. 

radiac — Acronym for radioactive detection, identifi- 
cation, and computation. A descriptive term referring to 
the detection, identification, and measurement of nuclear 
radiation, 

radiac instrument — See radiac set. 

radiac meter — See radiac set. 

radiac set— Also called radiac meter or radiac 
instrument. Equipment for detecting, identifying, and 
measuring the intensity of nuclear radiation. 

radiac test equipment— Equipment for testing 
radiac sets. 

radial — 1. Pertaining to or placed like a radius (i.e., 
extending or moving outward from a central point, like the 
spokes of a wagon wheel). 2. One of a number of lines of 
position defined by an azimuthal navigation facility and 
identified in terms of its bearing (usually magnetic) from 
that facility. 

radial-beam tube—A vacuum tube producing a 
flat, radial electron beam that can be rotated about the 
axis of the tube by an external magnetic field. 

radial component— A component that acts along 
(parallel to) a radius; as contrasted to a tangential com- 
ponent, which acts at right angles (perpendicular) to a 
radius. 

radial component of the electric field — The 
component of an electric field in the direction of the slant- 
range vector or the radius vector at which an antenna 
pattern is measured. The radial component of the electric 
field is relatively small in the far field and is normally 
neglected. 

radial field —A field of force that is directed toward 
or away from a point in space, 
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radial field cathode-ray tube — A CRT in which 
a fine-grained, curved, high-transmission metallic mesh is 
placed on the exit side of the deflection area. The mesh 
establishes a ground plane for the postaccelerating field so 
that the resulting equipotential surfaces are truly spherical, 
creating a radial electrostatic field. 

radial grating— A conformal grating consisting of 
wires arranged radially in a circular frame, like the spokes 
of a wagon wheel. The radial grating is placed inside a 
circular waveguide to obstruct E waves of zero order, but 
not the corresponding H waves. 

radial lead—A lead extending out the side of a 
component, rather than from the end. (The latter is called 
an axial lead.) Some resistors and capacitors have radial 
leads. 

radial tonearm— Sometimes calied straight-line 
tracking arm. A tonearm that moves along a track par- 
allel to the record radius, maintaining perfect tangency to 
the groove. 

radial transmission line — A pair of parallel con- 
ducting planes used for propagating uniform cylindrical 
waves whose axes are normal to the planes. 

radian — In a circle, the angle included within an arc 
equal to the radius of the circle. Numerically it is equal 
to 57°, 17’, 44.8". A complete circle contains 27 radians. 
One radian equals 57.3°, and 1° equals 0.01745 radian. 

radiance — Also called emittance. i. The apparent 
radiation of a surface. It is the same as luminance 
except that radiance applies to all kinds of radiation 
instead of only light flux. 2. Surface radiation. Solid 
angle times radiant flux per area. 3. The radiant intensity 
of electromagnetic radiation per unit projected area of 
a source or other area, i.e., it is the radiant power of 
electromagnetic radiation per unit solid angle and per 
unit surface area normal to the direction considered. The 
surface may be that of a source detector, or it may be any 
other real or virtual surface intersecting the flux. The unit 
of measure is watts/steradian-square meter. The concept 
is usually applicable to the visible or near visible region 
of the electromagnetic frequency spectrum. 

radian frequency — See angular velocity. 

radian length — The distance, in a sinusoidal wave, 
between phases differing by an angle of one radian. It is 
equal to the wavelength divided by 27. 

radian per second — A unit of angular velocity. 

radiant— Pertaining to electromagnetic radiation, 
with the contributions at all wavelengths of interest 
weighted equally. 

radiant efficiency— The ratio of the radiant flux 
emitted by a source to the power supply. 

radiant emittance — The light flux radiated per unit 
area of a source. 

radiant energy—Energy transmitted in the form 
of electromagnetic radiation (e.g., radio, heat, or light 
waves). It is measured in units cf energy such as kilowatt- 
hours, ergs, joules, or calories. There is no associated 
transfer of matter per se under this concept. 

radiant-energy detecting device—A device 
employing radiant energy to detect flaws in the surface 
and/or volume of solids. 

radiant exitance — The radiant power emitted into 
a full sphere (47 steradians) by a unit area of source. 

radiant flux — |. Time rate of flow of radiant energy, 
expressed in watts or in ergs per second. 2. The radiant 
energy crossing or striking a surface per unit time, usually 
measured in watts. 

radiant heat— Infrared radiation from a body not 
hot enough to emit visible radiation. 

radiant heater— An electric heating appliance with 
an exposed incandescent heating element. 
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radiant intensity — 1. The energy emitted within a 
certain length of time per unit solid angle about the 
direction considered. 2. The radiant power per unit solid 
angle in the direction considered, i.e., the time rate of 
transfer of radiant energy per unit solid angle, or the flux 
radiated per unit solid angle about the specified direction. 
The unit of measure is watts per steradian or joules per 
steradian-second. 

radiant power— 1. The rate of transfer of radiant 
energy. 2. The time rate of flow of electromagnetic 
energy. The unit is watts or joules per second. 

radiant reflectance — The ratio of reflected radiant 
power to incident radiant power. 

radiant sensitivity — The output current of a photo- 
tube or camera tube divided by the incident radiant flux 
of a given wavelength at constant electrode voltages. The 
term “output current” as here used does not include the 
dark current. 

radiant transmittance — The ratio of transmitted 
radiant power to incident radiant power. 

radiate —To emit rays from a center source; e.g., 
electromagnetic waves emanating from an antenna. 

radiated — Energy transfer by propagation of electro- 
magnetic fields. 

radiated interference — 1. Interference that is 
transmitted through the atmosphere according to the laws 
of electromagnetic wave propagation. (The term radiated 
interference is generally considered to include the transfer 
of interfering energy by inductive or capacitive coupling.) 
2. Any unwanted electrical signal that is radiated from the 
equipment under test or from any lines connected to that 
equipment under test. 

radiated output noise— Electrical interference 
signals radiated by switching the ac/dc converters and 
by the transformer in line-operated power supplies. These 
signals can cause malfunctioning of analog and digital 
circuits within their fields. 

radiated power — The total energy, in the form of 
Hertzian waves, radiated from an antenna. 

radiated spurious transmitter output— A spu- 
rious output radiated from a radio transmitter. (The asso- 
ciated antenna and transmission lines are not considered 
part of the transmitter.) 

radiating curtain — An array of dipoles in a vertical 
plane, positioned to reinforce each other. Usually placed 
one-quarter wavelength ahead of a reflecting curtain of 
corresponding half-wave reflecting antennas. 

radiating element— Also called radiator. A basic 
subdivision of an antenna. It, by itself, is capable of 
radiating or receiving radio-frequency energy. 

radiating guide —A waveguide designed to radiate 
energy into free space. The waves may emerge through 
slots or gaps in the guide, or through horns inserted into 
its wall. 

radiation— 1. The emission and propagation of 
energy through space or a material medium. The energy 
may be in the form of electromagnetic waves (Y-rays 
and X-rays) or particles (beta particles, alpha particles, 
and neutrons). 2. A general term for energy emitted from 
a substance and traveling across space in straight lines. 
(Originally used only for electromagnetic waves, it now 
includes streams of particles, such as alpha particles, 
beta particles, etc.) 3. The transfer of heat from a hot 
body to a cooler body through space, without heating 
any medium that may be in the space. 4. The emission 
of electromagnetic energy into space regardless of the 
frequency. Thus, radiation includes thermal, radio, visual, 
and X-ray energy. The propagation of energy by radiation 
does not require a medium to support transmission. 5. The 
electromagnetic waves or photons emitted from a source. 
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6. Act of giving off electromagnetic energy, particularly 
by an antenna when excited by a transmitter. 

radiation angle — The vertical angle at which maxi- 
mum energy is radiated by an antenna with respect to the 
earth. Low-angle radiation delivers more energy in the 
local area. High-angle radiation augments skip transmis- 
sion and is wasteful of power. 

radiation belt — See Van Allen radiation belts. 

radiation characteristic — An identifying feature, 
such as frequency or pulse width, of a radiated signal. 

radiation counter— 1. A device for counting radi- 
ation particles (alpha, beta, gamma, neutrons, etc.) or 
photons of energy (X-rays, etc.), usually using either scin- 
tillation or ionization resulting from the presence of the 
particle or photon to be measured. 2. An instrument used 
to recognize and identify incident radiation by the ionizing 
or stimulating properties of the radiation. 

radiation counter tube — See counter tube. 

radiation damage — A loss in certain physical prop- 
erties of organic substances, such as elastomers, caused 
principally by ionization of the long-chain molecule. This 
ionization process (i.e., loss of electrons) is believed to 
result in redundant cross-linking and possible scission of 
the molecule. The effect is cumulative. 

radiation detection (fluorescence) — Radiation 
detection using fluorescence produced in an efficient 
screen, 

radiation detector — Any of the many devices used 
to detect the presence of radiation from a specific region 
of the electromagnetic spectrum. 

radiation-detector tube—A tube in which cur- 
rent passes between its electrodes whenever the tube is 
exposed to penetrating radiation. The amount of this cur- 
rent corresponds to the intensity of radiation. 

radiation dosage— The total radiation energy 
absorbed by a substance, usually expressed in ergs per 
gram. See also rad; roentgen; roentgen equivalent man; 
roentgen equivalent physical. 

radiation dosimetry — The detection and measure- 
ment of the presence of nuclear and X-ray radiation. 

radiation efficiency — In an antenna, the ratio of the 
radiated power to the total power supplied to the antenna 
at a given frequency. 

radiation field—The electromagnetic field that 
breaks away from a transmitting antenna and radiates out- 
ward into space as electromagnetic waves. 

radiation filter— A transparent body that transmits 
only selected wavelengths. 

radiation flux density (irradiance)— The total 
incident radiation energy measured in power per unit area 
(e.g., milliwatts per square centimeter). 

radiation hard — The characteristic of a material that 
is insensitive to nuclear or X-ray radiation. 

radiation-hardened  circuit— Integrated circuit 
manufactured with special devices and isolation tech- 
niques such that when it is exposed to heavy radiation 
it remains operational. Conventional circuits will short 
out under such conditions because the radiation generates 
electrical currents inside the semiconductor material. 

radiation hardening—1. Manufacturing tech- 
niques applied to a device so that its performance is 
not degraded significantly by exposure to high gamma 
and neutron radiation environments. Examples are the use 
of dielectric isolation techniques and nichrome thin-film 
resistors. 2. A process of preparing components or cir- 
cuits so they will be better able to withstand radiation 
and yet will operate. 3. A preconditioning technique used 
in manufacturing various electronic components. The pro- 
cess is employed to be sure the product’s performance in 
the equipment is not degraded excessively by exposure 
to the high levels of neutron and gamma rays that are 
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encountered in space. The principle involved in applying 
this hardening to the device is to change the characteris- 
tics of the component by the preapplication of gamma or 
neutron rays, so as to permanently fix its electrical char- 
acteristics. Entering the hostile space environment, the 
preconditioned or hardened components will no longer be 
affected by additional gamma and neutron ray exposure. 

radiation hazard— |. The health hazard caused by 
exposure to ionizing radiation. 2. The possible harmful 
effect of powerful electromagnetic radiation on the human 
body or on electrical components. 

radiation intensity — In a given direction, the power 
radiated from an antenna per unit solid angle in that 
direction. 

radiation lobe — See lobe. 

radiation loss — In a transmission system, the por- 
tion of the transmission loss due to radiation of the radio- 
frequency power. 

radiation monitor-—A device for determining 
amount of exposure to radioactivity. May be periodic or 
continuous, may monitor an area or an individual’s breath, 
clothing, etc. 

radiation  pattern— 1. See directional pattern. 
2. For a fiber or bundle, a curve of the output radiation 
intensity plotted against the exit angle. 3. For an optical 
fiber or fiber bundle, the curve of the output radiation 
intensity plotted as a function of the angle between the 
optical axis of the fiber or bundle and a normal to the 
surface on which the radiation intensity is being measured, 
i.e., the output radiation versus direction of measurement 
relative to the optical axis. 

radiation potential — The voltage required to excite 
an atom or molecule and cause the emission of one of its 
characteristic radiation frequencies. 

radiation pyrometer— Also called a radiation ther- 
mometer. 1. A pyrometer that uses the radiant power from 
the object or source whose temperature is being mea- 
sured, Within wide- or narrow-wavelength bands filling 
a definite solid angle, the radiant power impinges on a 
suitable detector — usually a thermocouple, thermopile, 
or a bolometer responsive to the heating effect of the 
radiant power, or a photosensitive device connected to a 
sensitive electric instrument. 2. A temperature-measuring 
device that uses an optical system to focus radiant energy 
from an object onto a detector. The detector converts this 
energy into an electrical signal that varies with the tem- 
perature of the object. 

radiation report—A formal report of radiation 
measurements made by an engineer skilled in interference 
control techniques. Usually required by the FCC prior to 
certification of industrial heating equipment. 

radiation resistance — 1. The power radiated by an 
antenna, divided by the square of the effective antenna 
current referred to a specified point. 2. The resistance that, 
if inserted in place of the antenna, would consume the 
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same amount of power radiated by the antenna. 3. The 
characteristic of a material that enables it to retain useful 
properties during or after exposure to nuclear radiation. 

radiation sensitivity —The ratio of photoinduced 
current to incident radiant energy, the latter measured at 
the plane of the lens of a photodevice. 

radiation sickness—— An illness resulting from 
exposure to radiation. 

radiation survey meter — An instrument that mea- 
sures instantaneous radiation. 

radiation temperature — 1. The temperature to 
which an ideal blackbody must be heated so it will have 
the same emissive power as a given source of thermal 
radiation. 2. The temperature of a complete radiator that 
has a total radiant emittance identical with that of an 
unknown source. 

radiation thermocouple — A thermocouple that is 
used in infrared spectroscopy to detect a sample’s infrared 
emittance. See thermocouple. 

radiation thermometer — See radiation pyrometer. 

radiation transfer index— Abbreviated RTI. A 
parameter that describes the transmission performance of 
optical fiber cables. It measures cable performance and 
includes both coupling and propagation losses. 

radiation trapping— That process whereby radia- 
tion spontaneously emitted by a volume of optical mate- 
rial is resonantly reabsorbed within the same volume 
before it escapes. This effect is manifested in a reduc- 
tion in the observed rate of spontaneous emission from 
the material relative to the rate for single atoms or ions. 

radiative equilibrium — The constant-temperature 
condition that exists in a material when the radiant 
energies absorbed and emitted are equal. 

radiative recombination — In an electrolumines- 
cent diode in which electrons and holes are injected into 
the p-type and n-type regions by application of a forward 
bias, the recombining of injected minority carriers with 
the majority carriers in such a manner that the energy 
released on recombination results in the emission of pho- 
tons of energy hv, which is approximately equal to the 
bandgap energy. Radiative recombination produces the 
light in a LED, which can be modulated for signaling 
purposes using optical fibers for transmission or integrated 
optical circuits for switching. 

radiator— 1. Any device that emits radiation. See 
also radiating element. 2. Any of the parts of an antenna 
that radiate electromagnetic waves, either directly into 
space or against a reflector. 

radio — 1. Communication by electromagnetic waves 
transmitted through space. 2. A general term, principally 
an adjective, applied to the use of electromagnetic waves 
between 10 kHz and 3000 GHz. 3. Electronic equipment 
for the wireless transmission or reception, or both, of elec- 
tromagnetic waves, especially when used to transmit and 
receive sounds, activate a remote-control mechanism, etc.; 


RECORDING INSTRUMENT 


Radiation pyrometer. 


radioacoustic position finding — radioelectrocardiogram 616 


a radio set. 4. The science of communicating over a dis- 
tance by converting sounds or signals to electromagnetic 
waves and radiating these through space. 

radioacoustic position finding ——A method of 
determining distance through water. This is done by 
closing a circuit at the same instant a charge is exploded 
under water. The distance to the observing station can 
then be calculated from the difference in arrival times 
between the radio signal and the sound of the explosion. 

radioacoustics— A study of the production, trans- 
mission, and reproduction of sounds carried from one 
place to another by radiotelephony. 

radioactive — Pertaining to or exhibiting radio- 
activity, 

radioactive isotope — See radioisotope. 

radioactive series—A succession of radioactive 
elements, each derived from the disintegration of the 
preceding element in the series. The final element, known 
as the end product, is not radioactive. 

radioactivity — A property exhibited by certain ele- 
ments whose atomic nuclei spontaneously disintegrate and 
gradually transmute the original element into stable iso- 
topes of that element or into another element with dif- 
ferent chemical properties. The process is accompanied 
by the emission of alpha particles, beta particles, gamma 
rays, positrons, or similar radiations. 

radioactivity detector— An instrument used to 
detect radioactive materials: alpha particles, or helium 
nuclei; beta particles, or free electrons; and gamma rays, 
which are X-rays of very short wavelength. They may be 
detected by their chemical effects, by ionization produced 
in gases at low pressure, and by their tracks formed in a 
cloud chamber. 

radio altitude — See radar altitude. 

radio approach aids— Equipment making use 
of radio to determine the position of an aircraft with 
considerable accuracy from the time it is in the vicinity 
of an airfield or carrier until it reaches a position from 
which a landing can be carried out. 

radioastronomy— The branch of astronomy in 
which the radio waves emitted by certain celestial bodies 
are used for obtaining data about them. 

radio attenuation — For one-way propagation, the 
ratio of the power delivered by the transmitter to the 
transmission line connecting it with the transmitting 
antenna, to the power delivered to the receiver by the 
transmission line connecting it with the receiving antenna. 

radio beacon — Also called a radiophone or, in air 
operations, an aerophare. A radio transmitter, usually 
nondirectional, that emits identifiable signals for direction 
finding. 

radio-beacon station — In the radionavigation ser- 
vice, a station whose emissions are intended to enable 
a mobile station to determine its bearing or direction in 
relation to the radio-beacon station. 

radio beam—1. A radio wave in which most of 
the energy is confined within a relatively small angle. 
2. A low-frequency radio transmitter used in direction 
finding for determining fixes and homing — a process of 
navigation whereby the pilot directs the aircraft toward 
the station to which it is tuned. 

radio bearing—The angle between the apparent 
direction of a source of electromagnetic waves and a 
reference direction determined at a radio direction-finding 
station. In a true radio bearing, this reference direction is 
true north. Likewise, in a magnetic radio bearing, it is 
magnetic north. 

radiobiology — The study of the effects on living 
matter (or substances derived therefrom) of high-energy 
radiation extending from X-rays to gamma rays, including 


high energy beams of neutrons and charged particles, e.g., 
alpha particles, electrons, protons, deuterons. 

radio breakthrough — The breakthrough of modu- 
lated radio signals into the channels of an audio amplifier 
due to the presence of high-level radio signal fields. The 
effect is that the base/emitter junction of the low-level 
input transistor rectifies the signals picked up by the 
wiring or circuit components, and the resulting audio is 
then handled by the amplifier in the ordinary way so that 
the radio program appears as a disconcerting background 
on the wanted source signal. 

radio broadcast—A program of music, voice, 
and/or other sounds broadcast from a radio transmitter 
for reception by the general public. 

radio broadcasting — See radio broadcast. 

radio channel — A band of frequencies wide enough 
to be used for radiocommunication. The width of a 
channel depends on the type of transmission and on the 
tolerance for the frequency of emission. 

radio circuit—1.A means for carrying out one 
radiocommunication at a time in either direction between 
two points. 2. A communication circuit between two 
points via radio. One circuit may be comprised of many 
channels, which may be used for teletypewriter, voice, or 
data communication. 

radiocommunication — An overall term for trans- 
mission by radio of writing, signs, signals, pictures, and 
sounds of all kinds. 

radiocommunication circuit — A radio system for 
carrying out one communication at a time in either 
direction between two points. 

radiocommunication guard— A communication 
station designated to listen for and record transmission 
and to handle traffic on a designated frequency for a 
certain unit or units. 

radio compass — See direction finder. 

radio control—Remote control of apparatus by 
radio waves (e.g., model airplanes, boats). 

radio deception— Sending false dispatches, using 
deceptive headings or enemy call signs, etc., by radio to 
deceive the enemy. 

radio detection — Also called radio warning. Deter- 
mining the presence of an object by radiolocation, but not 
its precise position. 

radio detection and location— Use of an elec- 
tronic system to detect, locate, and predict future positions 
of an earth satellite. 

radio detection and ranging — Abbreviated radar. 
l. Any of certain methods or systems of using beamed 
and reflected electromagnetic energy for detecting and 
locating objects; for measuring distance, velocity, or alti- 
tude; or for other purposes such as navigating, homing, 
bombing, missile tracking, mapping, etc. 2. In Federal 
Communications Commission regulations, a radiodeter- 
mination system based on the comparison of reference 
signals with radio signals reflected or retransmitted from 
the position to be determined. See also radar. 

radio direction finder—A radio receiver that 
pinpoints the line of travel of the received waves. 

radio direction finding — Abbreviated RDF. Radi- 
olocation in which only the direction, not the precise 
location, of a source of radio emission is determined by 
means of a directive receiving antenna. 

radio direction-finding station — A radiolocation 
station that determines only the direction of other stations, 
not their location, by monitoring their transmission. 

radio Doppler — A device for determining the radial 
component of the relative velocity of objects by observing 
the frequency change due to such velocity. 

radioelectrocardiogram— A broadcast electrocar- 
diograph signal from the subject to a remote receiver. It 
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makes an ECG practical while the subject 1s exercising 
or during natural work or home activities. 

radicelectroencephalograph —An  electroence- 
phalograph in which a radio link is used so that the patient 
may move about while the electroencephalogram is being 
recorded. 

radic engineering-—The branch of engineering 
concerned with the generation, transmission, and recep- 
tion of radio (and television) waves, and with the design, 
manufacture, and testing of associated equipment. 

radio fadeout — Also called the Dellinger effect. The 
partial or complete absorption of substantially all radio 
waves normally reflected by the ionospheric layers in or 
above the E region. 

radio field intensity— Also called radio field 
strength. The maximum (unless otherwise stated) electric 
or magnetic field intensity at a given location associated 
with the passage of radio waves. It is commonly expressed 
as the electric field intensity in microvolts, millivolts, or 
volts per meter. For a sinusoidal wave, its root-mean- 
Square value is commonly stated instead. 

radio field strength — See radio field intensity. 

radio field-to-noise ratio — The ratio of the field 
intensity of the desired wave to the noise field intensity 
at a given location. 

radio fix— 1. A method by which the position source 
of radio signals can be determined. Two or more radio 
direction finders monitor the transmission and obtain cross 
bearings. The position can then be pinpointed by trian- 
gulation. 2. The method by which a ship, aircraft, ete., 
equipped with direction finding equipment can determine 
its own position. This it does by obtaining radio bearings 
from two or more transmitting stations of known location. 
The position can then be pinpointed by triangulation as 
in (1) above. 

radio-fixing aids — Equipment making use of radio 
to assist a user in determining his or her geographical 
position. 

radio frequency — Abbreviated rf. 1. Any frequency 
at which coherent electromagnetic radiation of energy is 
possible. 2. A term describing incoming radio signals to 
a receiver or outgoing signals from a radio transmitter. 
There are no finite limits in the rf range, but it is 
usually considered to denote frequency above 150 kHz 
and extending up to the infrared range. 

radio-frequency alternator — A rotating generator 
that produces radio-frequency power. 

radio-frequency amplification — Amplification 
of a signal by a receiver before reflection, or by a 
transmitter before radiation. 

radio-frequency choke—An inductor used to 
impede the flow of radio-frequency currents. Its core is 
generally air or pulverized iron. 

radio-frequency component—In a signal or 
wave, the portion consisting of the rf alternations 
only — not its audio rate of change in amplitude or fre- 
quency. 

radio-frequency converter — A power source for 
producing electrical power at frequencies of 10 kHz and 
above. 

radio-frequency generator— In industrial and 
dielectric heaters, a power source comprising an electron- 
tube oscillator, an amplifier (if used), a power supply, and 
associated control equipment. 

radio-frequency heating — 1. The process of heat- 
ing a substance by subjecting it to a high-frequency energy 
field. See also dielectric heating. 2. A heating and dry- 
ing process utilizing radio-frequency energy to generate 
heat in a dielectric material (nonmetallic) by molecular 
friction. 


radio-frequency interference — Abbreviated RFI. 
Any electrical signal capable of being propagated into 
and interfering with the proper operation of electrical or 
electronic equipment. The frequency range of such inter- 
ference may be taken to include the entire electromagnetic 
spectrum, 

radio-frequency motion detector—A sensor 
that detects the motion of an intruder through the use 
of a radiated radio-frequency electromagnetic field. The 
device operates by sensing a disturbance in the generated 
rf field caused by intruder motion, typically a modulation 
of the field referred to as a Doppler effect, which is used 
to initiate an alarm signal. Most radio-frequency motion 
detectors are certified by the FCC for operation as “field 
disturbance sensors” at one of the following frequencies: 
0.915 GHz (L-band), 2.45 GHz (S-band), 5.8 GHz (X- 
band), 10.525 GHz (X-band), or 22.125 GHz (K-band). 
Units operating in the microwave frequency range are 
usually called microwave motion detectors. 

radio-frequency oscillator— An oscillator that 
generates alternating current at radio frequencics. 

radio-frequency pacemaker— A pacemaker that 
consists of an implanted circuit designed to receive pacing 
signals from an extracorporeal transmitter. 

radio-frequency preheating— A method of pre- 
heating used in the molding of materials so that the 
molding operation may be facilitated or the molding cycle 
reduced. The frequencies used most often are between 10 
and 100 MHz. 

radio-frequency pulse — A radio-frequency carrier 
that is amplitude modulated by a pulse. Between pulses, 
the modulated carrier has zero amplitude. (The coherence 
of the carrier with itself is not implied.) 

radio-frequency resistance — See skin effect. 

radio-frequency signal generator — See rf signal 
generator. 

radio-frequency suppressor—A device that 
absorbs radiated energy that might interfere with radio 
reception, 

radio-frequency transformer—A_ transformer 
used with radio-frequency currents. 

radio-frequency welding— Also called high- 
frequency welding. A method of welding thermoplastics 
using a radio-frequency field to apply the necessary heat. 

radiogoniometer—In a radio direction finder, the 
part that determines the phase difference between the two 
received signals. The Bellini-Tose system has two loop 
antennas, both at right angles to each other and connected 
to two field coils in the radiogoniometer. Bearings are 
obtained by rotating a search coil inductively coupled to 
the field coils. 

radiogram— A message sent via radio telegraphy. 

radiograph— l. An X-ray film image that shows 
internal structural features of the body. 2. An X-ray 
or radium photograph illustrating the nonuniformity or 
density of the structure the rays penetrate. See radiophoto. 

radiography — Any nondestructive method of inter- 
nal examination in which metal objects are exposed to a 
beam of X-ray or gamma radiation. Differences in thick- 
ness, density, or absorption caused by internal defects or 
inclusions are apparent in the shadow image, either on a 
fluorescent screen or on photographic film placed behind 
the object. 

radio guard—A ship, aircraft, or radio station 
designated to listen for and record transmissions and to 
handle traffic on a designated frequency for a certain unit 
or units, 

radio guidance system — A system that makes use 
of radio signals in guiding a missile or vehicle in flight. 
The system includes both the flightborne equipment and 
the guidance-station equipment on the ground. 
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radio homing aids — Radio equipment used to assist 
in the location of an area with sufficient accuracy that an 
approach may be effected. 

radio horizon— The boundary line beyond which 
direct rays of the radio waves cannot be propagated over 
the earth’s surface. This distance is not a constant; rather, 
it is affected by atmospheric refraction of the waves. 

radio inertial-guidance system—A command 
type of guidance system consisting essentially of the fol- 
lowing: (a) A radar tracking unit, comprising radar equip- 
ment on the ground, one or more transponders in the 
missile, and necessary communications links to the guid- 
ance station. (b) A computer that accepts missile position 
and velocity information from the tracking system and 
furnishes appropriate signals to the command link to steer 
the missile. (c) The command link, which consists of a 
transmitter on the ground and an antenna and receiver on 
the missile; actually, the command link is built into the 
tracking unit. (d) An inertial system for partial guidance 
in case of radio guidance failure. 

radio influence — Radio-frequency interference that 
originates on and from power lines. 

radio intelligence — Interception and interpretation 
of enemy radio transmissions. 

radio intercept— 1. An act or instance of intercep- 
tion of a radio message. 2. An intercepted radio message. 
3. A service or agency that intercepts radio messages. 

radio interference — Undesired conducted or radi- 
ated electrical disturbances, including transients, which 
can interfere with the operation of electrical or electronic 
equipment. These disturbances fall between 14 kHz and 
10 GHz. 

radioisotope— Also called radioactive isotope. 
1, The isotope produced when an element is placed 
into a nuclear reactor and bombarded with neutrons. 
Radioisotopes are used as tracers in many areas of science 
and industry. Like all isotopes, they decay spontaneously 
with the emission of their radiation at a definite rate 
measured by their half-lives. 2. Tracer form of an element 
having similar chemical behavior but “tagged” with a 
radioactive substance (chromium, iodine, phosphor, etc.) 
so that it emits gamma rays that can be counted with a 
scintillation counter. 

radio jamming— Blocking communications by 
sending overpowering interference signals. 

radio knife — A form of surgical knife that uses a 
high-frequency electric arc at its tip to cut tissue and, at 
the same time, also sterilizes the edges of the wound. 

radio landing aids—Radio equipment used in 
assisting an aircraft in making its actual landing. 

radio landing beam—A distribution of vertical 
directional radio waves used for guiding aircraft into a 
landing. 

radio link — A radio system used to provide commu- 
nication between two specific points. 
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radiolocation— 1. Use of the constant-velocity or 
rectilinear propagation characteristics of radio waves to 
detect an object or to determine its direction, position, or 
motion. 2. With respect to Federal Communications Com- 
mission regulations, radiodetermination used for purposes 
other than those of radionavigation. 

radiolocation service — A radio service in which 
radiolocation is used. 

radiolocation station—A radio station in the 
radiolocation service. 

radio log—A record of all messages sent and 
received, transmitter tests made, and other important 
information pertaining to the operation of a particular 
Station. 

radiologist — A specialist in the field of radiology. 

radiology — The branch of medical science that 
deals with tbe use of radiant energy in the diagnosis 
and treatment of disease. While radiology originally 
involved only the use of radiant energy in visualizing 
tissues, this science now covers a wide spectrum of 
diagnostic and therapeutic applications, such as diagnosis 
using roentgen rays, diagnosis using radioisotope 
scanning techniques, genetic radioisotopes in research, 
roentgen cinematography, angiography, spectroscopy, and 
treatment of tumors using roentgen rays, implanted 
radioactive pellets, cyclotrons, or lasers. 

radioluminescence — Luminescence produced by 
radiant energy (e.g., by X-rays, radioactive emissions, 
alpha particles, or electrons). 

radiomagnetic indicator — Abbreviated RMI. A 
navigational instrument used by land vehicles. It presents 
a display combining the heading and the relative and 
magnetic bearings of the vehicle with the relative bearing 
of a radio station whose location is known, 

radio marker beacon — In the aeronautical radio- 
navigation service, a land station that provides a signal to 
designate a small area above the station. 

radio marker station— Station marking a definite 
location on the ground as an aid to air navigation. 

radiometallography — X-ray examination of the 
crystalline structure and other characteristics of metals 
and alloys. 

radiometeorograph—A meteorograph which, 
when carried into the stratosphere by an unmanned gas- 
filled rubber balloon, automatically reports atmospheric 
conditions by radio as it ascends into the stratosphere. 
The ultrahigh-frequency signals are transmitted so that 
they can be recorded and interpreted in terms of pressure, 
temperature, and humidity. See also radiosonde. 

radiometer — 1. A device for measuring radiant flux 
density. Generally, a blackened thermocouple or bolome- 
ter is employed, but the simplest type employs a rotating 
vane. 2. An instrument for measuring intensity of radiant 
energy, including X-ray. A Nicols or Crookes radiome- 
ter detects the energy by the torsional twist of suspended 
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vanes that are blackened on one side and exposed to radi- 
ant energy. 

radiometric — Pertaining to the measurement of radi- 
ation. 

radiometry — 1. The measurement of the spectral 
emission characteristics of sources of electromagnetic 
radiation. 2. The science of radiation measurement con- 
cerned with the detection and measurement of radiant 
energy either at separate wavelengths or integrated over 
a broad wavelength band, and the interaction of radiation 
with matter, such as absorption, reflectance, and emission. 
3, The measurement of radiation in the infrared, visible, 
and ultraviolet portion of the spectrum. 

radiomicrometer — See microradiometer. 

radionavigation — Navigational use of radiolocation 
for determining position or direction, or for providing 
a waming of obstructions. Radionavigation includes use 
of radio direction finding, radio ranges, radio compasses, 
radio homing beacons, etc. 

radionavigation land station — A fixed station in 
the radionayigation service —i.e., one not intended for 
mobile operation. 

radionavigation mobile station — A radionaviga- 
tion station operated from a vehicle. 

radionavigation service — A radiolocation service 
used for radionavigation. 

radio net— A system of radio stations that commu- 
nicate with each other. A military net usually is made up 
of a radio station of a superior unit and stations of all 
subordinate or supporting units. 

radio-noise field intensity—A measure of the 
field intensity of interfering electromagnetic waves at 
some point (e.g., a radio receiving station). In practice, 
the field intensity itself is not measured, but some 
proportionate quantity. 

radiopaque — Not penetrable by X-rays or other 
radiation. (The opposite of radioparent.) 

radioparent— Penetrable by X-rays or other radia- 
tion. (The opposite of radiopaque.) 

radiophone — See radio beacon; radiotelephone. 

radiophoto — Also called radiophotography, radio- 
photograph, radiophotogram, facsimile, or radiograph. 
The transmission of photographs and other illustrations 
by radio. 

radiophotogram — See radiophoto. 

radiophotograph—A photograph transmitted by 
radio waves. 

radiophotography —The transmission of photo- 
graphic images or pictures by radio waves. 

radiophotoluminescence — The property whereby 
the previous exposure of certain materials to nuclear radi- 
ation enables them to give off visible light when irradiated 
with ultraviolet light. 

radio position finding — Determining the location 
of a radio station by using two or more direction finders 
and a process of triangulation. 

radiopositioning land station— A station, other 
than a radionavigation station, in the radiolocation service 
not intended to be operated while in motion. 

radiopositioning mobile station—A station, 
other than a radionavigation station, in the radiolocation 
service intended to be operated while in motion or while 
stopped at unspecified points. 

radio prospecting — The use of radio equipment to 
locate mineral or oil deposits. 

radio proximity fuse —A radio device that deto- 
nates a missile by electromagnetic interaction within a 
predetermined distance from the target. 

radio pulse — An intense, split-second burst of elec- 
tromagnetic energy. 
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radio range—A radionavigational facility whose 
emissions provide radial lines of position by having 
special characteristics that are recognizable as bearing 
information and useful in lateral guidance of aircraft. 

radio range beacon — A radionavigation land sta- 
tion in the aeronautical radionavigation service providing 
radio equisignal zones. 

radio range finding — Determination of range by 
means of radio waves. 

radio range leg — The space within which an aircraft 
will receive an on-course signal from a radio range station. 

radio range monitor — An instrument that automat- 
ically monitors the signal from a radio range beacon and 
warns attending personnel when the transmitter deviates 
from its specified current bearings. It also transmits a dis- 
tinctive warning to approaching planes whenever trouble 
exists at the beacon. 

radio range station — A land station that operates 
in the aeronautical radionavigation service and provides 
radial equisignal zones. 

radio receiver—A device for converting radio 
waves into signals perceptible to humans. 

radio reception— Reception of radioed messages, 
programs, or other intelligence. 

radio recognition—The use of radio means to 
determine the friendly or hostile character or the indi- 
viduality of another. 

radio relay — See radio-relay system. 

radio-relay system— Also called radio relay. A 
radio transmission system in which the signals are 
received and retransmitted from point to point by inter- 
mediate radio stations. 

radio set—A radio transmitter, radio receiver, or a 
combination of the two. 

radio shielding — A metallic covering over all elec- 
tric wiring and ignition apparatus that is grounded at 
frequent intervals for the purpose of eliminating electric 
interference with radiocommunications. 

radio signal— A signal that is transmitted by a radio. 

radio silence — A period during which all or certain 
radio equipment capable of radiation is kept inoperative. 

radiosonde — A balloonborne instrument for the 
simultaneous measurement and transmission of meteoro- 
logical data. The instrument consists of transducers for 
the measurement of pressure, temperature, and humidity; 
a modulator for conversion of the output of the transducers 
to a quantity that controls a property of the radio-frequency 
signal; a selector switch that determines the sequence in 
which the parameters are to be transmitted; and a trans- 
mitter that generates the radio-frequency carrier. 
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Radio spectrum 


Band number Frequency range” 


4 3-30 kHz 

5 30-300 kHz 

6 300-3000 kHz 

7 3-30 MHz 

8 30-300 MHz 

9 300-3000 MHz 

10 3-30 GHz 

11 30-300 GHz 

12 300-3000 GHz or 3 THz 


‘Lower limit is exclusive, upper limit inclusive. 


radiosonde recorder—An instrument that is 
located at the surface observing station and is used to 
record the data presented by a radiosonde aloft. The 
mechanism of the recorder depends upon the type of 
radiosonde system used. 

radiosonde transmitter—The component of the 
radiosonde that includes the modulating blocking oscilla- 
tor and the radio-frequency carrier oscillator. 

radiosonobuoy — See sonobuoy. 

radio spectrum—The range of frequencies of 
electromagnetic radiation usable for radiocommunication. 
The radio spectrum may range from 3 kHz to over 
300 GHz. Corresponding wavelengths are 100 km to 
| mm. 

radio station— An assemblage of equipment for 
radio transmission, reception, or both. 

radio-station interference — Interference caused 
by reception of radio waves from other than the desired 
station. 

Radio Technical Commission for Aeron- 
autics——A cooperative, nonprofit association of all 
telecommunications agencies of the U.S. government and 
industry. Its purpose is to advance the art and science 
of aereonautics through investigation of all available or 
potential applications of the telecommunications art, coor- 
dination of these applications with allied arts, and the 
adaptation of them to recognized operational require- 
ments. 

radiotelegraph transmitter — A radio transmitter 
capable of handling code signals. 

radiotelegraphy — Radiocommunication by means 
of the International Morse code or some other, similarly 
coded, signal. 

radiotelephone — Also called radiophone. The com- 
plete radio transmitter, receiver, and associated equipment 
required at one station for radiotelephony. 

radiotelephone distress signal—The spoken 
word MAYDAY (phonetic spelling of the French expres- 
sion m'aidez, or “help me”). It corresponds to SOS in 
radiotelegraphy and is used by aircraft, ships, etc., need- 
ing help. 

radiotelephone transmitter — A radio transmitter 
capable of handling audio-frequency modulation (e.g., 
voice and music). 

radiotelephony — Two-way transmission and recep- 
tion of sounds by radio. 

radio telescope — 1. A very sensitive radio receiver 
that is used in conjunction with a large and highly 
directional antenna to receive signals from an object or 
region in space. 2. An instrument designed to collect 
naturally formed extraterrestrial electromagnetic radiation 
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Metric subdivision Band designation 
Myriametric waves VLF 
Kilometric waves LF 
Hectometric waves MF 
Decametric waves HF 

Metric waves VHF 
Decimetric waves UHF 
Centimetric waves SHF 
Millimetric waves EHF 


Decimillimetric waves — 


within the radio-frequency range of the spectrum in 
amounts sufficient to be measured. 

radioteletype — See RTTY. 

radiotherapy —The treatment of disease with radia- 
tion, especially ultraviolet, infrared, X-rays, and gamma 
rays. 

radiothermics — The application of heat generated 
by radio waves (e.g., in diathermy or electronic heating). 

radio transmission — Transmission of signals by 
electromagnetic waves other than light or heat waves. 

radio transmitter— A device capable of producing 
radio-frequency power and used for radio transmission. 

radiotransparent— Permitting the passage of X- 
rays or similar radiation. 

radio tube — A general term for any type of electron 
tube used in electronic equipment. 

radiovision — An early name for television. 

radio warning — See radio detection. 

radio watch— Also called watch. The vigil main- 
tained by an operator when on duty in the radio room 
of a vessel and listening for signals — especially on the 
international distress frequencies. 

radio wave—1. Electromagnetic wave at a fre- 
quency lower than 3000 GHz and propagated through 
space without an artificial guide. 2. Combination of elec- 
tric and magnetic fields varying at a radio-frequency rate 
and capable of travelling through space at the speed of 
light. It is produced by feeding the output of a radio 
transmitter into a transmitting antenna. 

radio wavefront distortion—A change in the 
direction of advance of a radio wave. 

radio-wave propagation — The transfer of energy 
by electromagnetic radiation at frequencies below approx- 
imately 3 x 10'? hertz. 

radist— The radionavigation system in which the 
position of a vehicle is determined by comparing the 
arrival times of transmitted pulses at three or more ground 
stations. 

radix — Also called the base. 1. The total number of 
distinct marks or symbols used in a numbering system. 
For example, since the decimal numbering system uses 
ten symbols (0, 1, 2, 3, 4, 5, 6, 7, 8, 9), the radix 
is 10. In the binary numbering system the radix is 2, 
because there are only two marks or symbols (0, 1). 2. In 
positional representation, that integer, if it exists, by which 
the significance of the digit place must be multiplied to 
give the significance of the next higher digit place. For 
example, in decimal notation, the radix of each place is 10. 
3. Total number of characters available to each position 
of a digital numeric system. 
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radix complement-— Also called true complement. 
A number obtained by subtracting each digit of the given 
number from one less than the radix, then adding to 
the least significant digit, executing all required carries. 
Examples are the tens complement in decimal notation 
and the twos complement in binary notation. 

radix-minus-one complement— Also called 
diminished-radix complement. A number obtained by 
subtracting each digit of the given number from one 
less than the radix. Examples are the nines complement 
in decimal notation and the ones complement in binary 
notation. 

radix notation—A positional representation in 
which any two adjacent digit positions have significances 
in an integral ratio called the radix of the least significant 
of the two positions; the digit in any position may have a 
value from zero to one less than the radix of that position. 

radix point— Also called base point, and binary 
point, decimal point, etc., depending on the numbering 
system, The index that separates the integral and fractional 
digits of the numbering system in which the quantity is 
represented. 

radome — Also called radar dome. The housing that 
protects a radar antenna from the elements, but does not 
block radio frequencies. 

radux — A long-distance, low-frequency navigational 
system that provides hyperbolic lines of position. It is of 
the continuous-wave, phase-comparison type. 

railing—Radar pulse jamming at high recurrence 
rates (50 to 150 kHz). On a radar indicator, it results in 
an image resembling fence railing. 

railings— The pattern produced on an A-scope by 
continuous waves modulated with a high-frequency sig- 
nal. It appears as a series of vertical lines resembling 
target echoes along the baseline. 

rain-barrel effect— The characteristic sound noted 
on an equalized line that is overcompensated. 

rainbow — The technique that applies pulse-to-pulse 
frequency changing to identify and discriminate against 
decoys and chaff. 

rainbow generator — A signal generator with which 
the entire color spectrum can be produced on the screen 
of a color television receiver. The colors merge together 
as in a rainbow. See also keyed rainbow generator. 

rake angle — The angle that a stylus makes with a 
phonograph record when viewed from the side. 

RAM — Abbreviation for random-access memory. 

ram — The moving part of the head of a crimping tool. 

ramark— Also called a radar marker. A fixed radar 
transmitter that emits a continuous signal that is used as 
a bearing indication on a radar display. 

ramp —A voltage or current that varies at a constant 
rate; for example, that portion of the output waveform 
of a time/linear sweep generator used as a time base for 
scope display. 

ramping — Control method used tc vary the pulse rate 
from one value to another, to produce either acceleration 
or deceleration of a stepper motor. 

ramp input— A change, in an input signal, that varies 
at a constant rate. 

Ramsauer effect— The absorption of slow-moving 
electrons by intervening matter. 

random — Irregular; having no set pattern. 

random access — 1. Access to a computer storage 
under conditions whereby there is no rule for predetermin- 
ing the position from where the next item of information 
is to be obtained 2. The process of obtaining information 
from the computer storage with the access time indepen- 
dent of the location of the information. 3. Access method 
in a computer in which each word can te retrieved directly 
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by its address. 4. The ability to gain access to any loca- 
tion of a memory unit in a time that is independent of 
the location itself. 5. A term used to describe computer 
files that do not have to be searched sequentially to find 
a particular record but can be addressed directly. 6. The 
ability of a computer to directly access random bits of 
memory without going through a predefined sequence of 
locations. 

random-access device — Also called direct-access 
device. A data-storage device in which the access time is 
effectively independent of the location of the stored data. 

random-access memory — Abbreviated RAM. 
1. A storage arrangement from which information can be 
retrieved with a speed that is independent of the loca- 
tion of the information in the storage. For example, a 
core memory 1s a random-access memory, but a magnetic 
tape memory is not. 2. A device that permits individual 
interrogation of any memory cell in a completely ran- 
dom sequence. Any point in the total memory system can 
be accessed without looking at any other bit. 3. A mem- 
ory that may be written to, or read from, any address 
location in any order. May refer specifically to the inte- 
grated circuit method of implementation. 4. A read/write 
memory, usually a permanent memory, that stores infor- 
mation in such a way that each bit of information may be 
retrieved within the same amount of time as any other bit. 
As opposed to serial memory. 5. A type of memory that 
offers access to storage location within it by means of X 
and Y coordinates. 6. The main memory of a computer. 
Instructions can be written into and read out of RAM, 
and its contents can be changed at any time. But its con- 
tents are wiped clean when power is shut off. See ROM. 
7. A type of memory that is used to store and retrieve 
digital data that is constantly being changed, updated, or 
modified in some way. 8. A memory in which the cen- 
tral processor can access ail locations with equal facility. 
Sometimes called read/write memory because data can be 
added to or removed from such memory as an ordinary 
procedure. RAM is used for both storage of a computer 
operation program and for data. 9. A memory that per- 
mits access to any of its address locations in any desired 
sequence with similar access time to each location. The 
term has come to mean only a read/write memory, not 
a ROM or EPROM, which, strictly speaking, are also 
random-access memories. 

random-access programming — Programming a 
problem for a computer without regard to the access 
time to the information in the registers called for in the 
program. 

random-access storage—A form of storage in 
which information can be recovered immediately, regard- 
less of where it was stored. For example, magnetic-core 
memory devices will usually yield any bit of informa- 
tion with almost no time penalty regardless of where it is 
located, while magnetic tape must be run until the required 
information can be found. 

random bundle — A fiber-optics bundle that scram- 
bles an image but can convey light from a source to a 
relatively inaccessible point, and then again from that 
location to a photocell. 

random error — The inherent imprecision of a given 
process of measurement; the unpredictable component of 
repeated independent measurements on the same object 
under sensible uniform conditions, usually of an approx- 
imately normal (Gaussian) frequency distribution, other 
than systematic or erratic errors and mistakes, sometimes 
called short-period errors. 

random experiment— An experiment that can be 
repeated a large number of times but may yield different 
results each time, even when performed under similar 
circumstances. 
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random failure — Also called chance failure. 1. Any 
chance failure whose occurrence at a given time is unpre- 
dictable. 2. Any failure whose cause and/or mechanism 
make its time of occurrence unpredictable, but which is 
predictable only in a probablistic or statistical sense. 

random-function generator — A device that gen- 
erates nonrepetitive signals that are distributed over a 
broad frequency range. 

random-impulse generator — A generator of elec- 
trical impulses that occur at random rather than at specific 
intervals. 

random interlace— A technique for scanning in 
which there is no fixed relationship between adjacent lines 
in successive field; often used in closed-circuit television 
systems. It offers somewhat reduced precision to that 
employed in commercial broadcast service. 

randomized jitter— Jitter produced by means of 
noise modulation. 

random logic — A collection of various gates inter- 
connected to perform a variety of functions. Random- 
logic circuits form no repetitive pattern and are more 
difficult to fabricate by conventional LSYCMOS tech- 
niques than is repetitive logic. However, new high-density 
CMOS fabricating techniques overcome the old restric- 
tions and allow large-scale integration of random logic. 

randomness — |. A condition of equal chance for 
the occurrence of any of the possible outcomes. 2. The 
occurrence of an event in accordance with the laws of 
chance. 

random noise — Also called fluctuation noise. 1. A 
signal whose instantaneous amplitude is determined at 
random and therefore is unpredictable. It contains no 
periodic frequency components and its spectrum is contin- 
uous. See also broadband electrical noise. 2. Noise gener- 
ated in a circuit by random movement of electrons caused 
by thermal agitation. In tape recording it can be caused by 
uneven distribution of magnetized particles and is repro- 
duced as a background hiss. 3. Transient perturbations 
occurring at random with a Gaussian spectral distribu- 
tion equivalent to thermal noise. Thermal and shot noise 
are forms of random noise that may be present in all 
portions of a telecommunications system, being more sig- 
nificant, of course, at points of lower signal-to-noise ratio. 
4, Essentially, noise that cannot be predicted. Therefore, 
even if the magnitude of sound or oscillation in a system 
is known at a given moment, random noise can change 
in a short time. 5. Noise composed of many uncoordi- 
nated and overlapping transient disturhances occurring at 
random. 

random-noise generator — A generator of a suc- 
cession of random signals that are distributed over a wide 
frequency spectrum. 

random-number generator— A special machine 
routine or hardware that produces a random number or 
series of random numbers in accordance with specified 
limitations. 

random numbers — 1. A set of digits such that each 
successive digit is equally likely to be any of n digits to 
the base n of the number. 2. Numbers composed of digits 
selected from an orderless sequence of digits. 3. Array 
of independent digits having no logical interrelationship, 
so that the occurrence of any particular one is totally 
unpredictable. 4. A sequence of integers or group of 
numbers (often in the form of a table) that show absolutely 
no relationship to each other anywhere in the sequence. At 
any point, all integers have an equal chance of occurring, 
and they occur in an unpredictable fashion. 

random PARD — Pertains to that portion of the total 
PARD in an electric power supply that is not periodic. 
This phenomenon is frequently referred to as noise. 
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random processing — The treatment of informa- 
tion without respect to where it is located in external 
storage and in an arbitrary sequence determined by the 
input against which it is to be processed. 

random pulsing — Varying the repetition rate of 
pulses by noise modulation or continuous frequency 
change. 

random sample — A sample in which every item in 
the lot is equally likely to be selected in the sample. 

random sampling—1.A sampling process in 
which there is a significant time uncertainty between the 
signal being sampled and the taking of samples. 2. A 
selection of observations taken from all of the observa- 
tions of a phenomenon in such a way that each chosen 
observation has the same possibility of selection. 

random-sampling oscilloscope— An oscillo- 
scope that functions by constructing a coherent display 
from samples taken at random. 

random sequential memory—A memory in 
which one reference can be found immediately; the other 
reference is found in a fixed sequence. 

random signals — Waveforms having at least one 
parameter (usually amplitude) that is a random function 
of time (e.g., thermal noise or shot noise). 

random variable — Also called variate or stochastic 
variable. 1. The result of a random experiment. 2. A 
discrete or continuous variable that may assume any one 
of a number of values, each having the same probability 
of occurrence. 3. Any signal whose amplitude or phase 
cannot be predicted by a study of previous values of the 
signal. 

random variation — A fluctuation in data that is due 
to uncertain or random occurrences. 

random velocity—The instantaneous velocity of 
a particle without regard to direction. It may be char- 
acterized by its distribution function or by its average, 
root-mean-square, or most probable value. 

random vibration—aA vibration generally com- 
posed of a broad, continuous spectrum of frequencies, 
the instantaneous magnitude of which cannot be specified 
to any given moment of time. Instantaneous amplitude 
can only be defined statistically by a probability distri- 
bution function that gives the fraction of the total time 
that the amplitude lies within specified amplitude inter- 
vals. (If random vibration has instantaneous magnitudes 
distributed according to the Gaussian distribution, it is 
called Gaussian random vibration.) See also white noise. 

random winding—A coil winding in which the 
turns and layers are not regularly positioned or spaced 
but are positioned haphazardly. 

random wound— Describing a coil wound without 
care to ensure that the wire is in layers. Random-wound 
coils have fewer turns for a given volume. 

range — 1. The maximum uscful distance of a radar 
or radio transmitter. 2. The difference between the max- 
imum and the minimum value of a variable. 3. The set 
of values that may be assumed by a quantity or function. 
4. See receiving margin. 

range-amplitude display—A radar display in 
which a time base provides the range scale from which 
echoes appear as deflections normal to the base. 

range calibration — Adjustment of radar-range indi- 
cations by use of known range targets or delayed signals 
so that, when on target, the radar set will indicate the 
correct range. 

range coding—A method of coding a beacon 
response so that the response appears as a series of pulses 
on a radarscope. The coding provides identification. 

range finder— 1. A movable, calibrated unit of the 
receiving mechanism of a teletypewriter that can be used 
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to move the selecting interval relative to the start signal. 
2. An optical distance finder that depends on triangulation 
of two convergent beams on an object from disparate 
viewpoints. Á pair of unaided human eyes coupled with 
a computerlike brain can estimate distance, at least for 
nearby objects, with some accuracy. 3. A device that 
depends on the measurement of time of wave travel from 
an object to a point, as in radar and sonar. 

range gate—A gate voltage used to select radar 
echoes from a very short range interval. 

range-height indicator— Abbreviated RHI. A 
radar display on which an echo appears as a bright spot 
on a rectangular field. The slant range is indicated along 
the x-axis, and the height above the horizontal plane (on 
a magnified scale) along the y-axis. A cursor shows the 
height adove the earth. 

range mark — See distance mark. 

range marker — A variable or mcvable discontinuity 
in the range time base of a radar display (in the case of a 
PPI, a ring). It is used for measuring the range of an echo 
or calibrating the range scale. 

range of an instrument— See total range of an 
instrument. 

range of gain—The minimum and maximum gain 
to which the amplifier can be set. 

range resolution—-The minimum difference in 
range between two radar targets along the same line of 
bearing for which an operator can distinguish between 
targets. 

range ring— An accurate, adjustable ranging mark 
on a plan-position indicator corresponding to a range step 
on a type-M indicator. 

range step —The vertical displacement on an M- 
indicator sweep to measure range. 

range surveillance—Surveillance of a missile 
range by means of electronic and other equipment, 

range unit—A radar-system component used for 
control and indication (usually counters) of range mea- 
surements. 

range zero — Alignment of the start of a sweep trace 
with zero range. 

ranging oscillator— An oscillator circuit containing 
an LC resonant combination in the cathode circuit, usually 
used in radar equipment to provide range marks. 

rank — To arrange in a series in ascending or descend- 
ing order of importance. 

rapid memory — See rapid storage. 

rapid storage— Also called rapid memory, fast- 
access storage, and high-speed storage. Computer storage 
in which the access time is very short; rapid access usually 
is gained by limiting the storage capacity. 

rare gas— See noble gas. 

raser— Acronym for radio amplification by stimu- 
lated emission of radiation, a chemical pumping process 
that is accomplished without external radiation. 

raster— 1. On the screen of a cathode-ray tube, a 
predetermined pattern of scanning lines that provide sub- 
stantially uniform coverage of an area. 2. The illuminated 
area produced by the scanning lines on a television pic- 
ture tube when no signal is being received. 3. Rectangular 
line pattern of light produced on the screen of a cathode- 
ray tube with no signal present. It is formed by deflecting 
the electron beam rapidly from left to right and relatively 
slowly from top to bottom. 4. The pattern of lines traced 
by rectilinear scanning in display systems. 5. The visible 
part of the picture displayed by a monitor or TV set. 

raster burn— in camera tubes, a change in the 
characteristics of the area that has been scanned. As a 
result, a spurious signal corresponding to that area will 
be produced when a larger or tilted raster is scanned. 
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raster display—1. A display in which the entire 
display surface is scanned at a constant refresh rate. 
2. A refresh graphics system in which the electron beam 
sweeps horizontally across the face of the CRT from left 
to right, drawing the picture as a series of scan lines. 
At the end of each line, the beam is turned off and 
repositioned down and to the left (the horizontal retrace) 
for the start of the next line. After the last linc has bcen 
drawn, the beam is repositioned at the upper left corner 
(the vertical retrace) and the scan is repeated. Interlaced 
displays require two such scans to complete each picture; 
the first scan draws the odd-numbered lines, and the 
second scan draws the even-numbered lines. Horizontal 
vectors tend to flicker at 30 Hz on interlaced displays 
since they fall on a single scan line. Noninterlaced 
displays draw the entire picture every scan. The display 
scan rate always matches the ac line frequency, resulting 
in a 60-Hz refresh rate for noninterlaced displays and 
30-Hz for interlaced. 

raster scan— |. The most basic method of sweeping 
a CRT one line at a time to generate and display images. 
This method is used in commercial television in the 
United States. 2. Line-by-line sweep across the entire 
display surface to generate elements of a display image. 

raster scanning — |. Radar antenna scanning simi- 
lar to electron-beam scanning in a television picture tube; 
a horizontal sector scan that is changed in elevation. 2. A 
process whereby displays are generated through repeti- 
tive video scan lines. For best appearance, 10 raster scans 
per 5 x 7 character and 12 scans per 7 x 9 character are 
required with underlined cursors. 

raster-scan technology — A technique similar to 
that used in consumer color TVs, whereby an electron 
beam scans across and down the screen, turning on and 
off at selected points or addresses. Because the screen of 
a color CRT uses three phosphor colors, it provides an 
unlimited palette of colors and gray-scale values. 

ratchetjaw — CB radio term for one who often talks 
on radio. 

ratchet relay— A stepping relay actuated by an 
armature-driven ratchet. 

rate action — Also called derivative action. Correc- 
tive action whose rate is determined by how fast the error 
being corrected is increasing. 

rate center—A specified geographic location used 
by telephone companies to determine mileage measure- 
ments for the application of interexchange mileage rates. 

rated capacitance —The capacitance value for 
which a capacitor has been designed; usually indicated 
on the capacitor. 

rated contact current— The current that contacts 
are designed to handle for their rated life. 

rated current (for ac capacitors) — The mms value 
of the alternating current at rated frequency and rated 
temperature for which the capacitor is designed. 

rated operational voltage — The voltage on which 
a specific application rating of a device is based. 

rated output— 1. The output power, voltage, cur- 
rent, etc., at which a machine, device, or apparatus 
is designed to operate under normal conditions. 2. The 
power, voltage, or current that a device (or machine) can 
put out for long periods without becoming overheated 
under specified conditions of ambient temperature and 
ventilation. 

rated power output— Also calied continuous 
power output or rms power output. 1. The normal radio- 
frequency power-output capability (peak or average) of 
a transmitter under optimum adjustment and operation 
conditions. 2. The maximum power that an amplifier will 
deliver continuously without exceeding its specified dis- 
tortion rating. 


rated range — ratio detector 


rated range — The nominal range within which a 
device can be operated and still maintain the level of 
performance specified for it by the manufacturer. 

rated ripple current — The maximum rms alternat- 
ing current of specified frequency that may be applied 
continuously to a capacitor at a specified temperature. 
This is a specific term used for electrolytic capacitors. 

rated ripple voltage — The rms value of the maxi- 
mum alternating voltage of a specified frequency super- 
imposed on the direct voltage that may be applied con- 
tinuously to a capacitor at a specified temperature. 

rated-safe plate dissipation— The number of 
watts that can be used to heat the plate of a vacuum tube 
without damaging the tube. 

rated temperature — The maximum temperature at 
which an electric component can operate for extended 
periods without loss of its basic properties. 

rated thermal current — In a contactor, that current 
at which the permissible temperature rise is reached. 

rated voltage — |. The voltage at which a device or 
component is designed to operate under normal condi- 
tions. 2. The maximum voltage at which an electric com- 
ponent can operate for extended periods without undue 
degradation or safety hazard, 

rate effect — The anode-voltage transients that cause 
pnpn devices to switch into bigh conduction. 

rate generator— A proportional element that con- 
verts angular speed into a constant-frequency output volt- 
age. See also angular velocity, 

rate-grown junction—A grown junction, in a 
semiconductor, produced by varying the rate of crystal 
growth periodically so that n-type impurities alternately 
predominate. 

rate-grown  transistor— Also called graded- 
junction transistor. A variation of the double-doped 
transistor, in which n- and p-type impurities are added 
to the melt. 

rate gyro —A particular kind of gyroscope used for 
measuring angular rates. A system of three rate gyros, 
each oriented to one of three mutually perpendicular 
axes —roll, pitch, and yaw—can control a missile or 
aircraft by detecting angular rates and then generating 
proportional corrective signals. 
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rate limit— See slew rate, 2. 

rate limiting — Nonlinear behavior in an amplifier 
due to its limited ability to produce large, rapid changes 
in output voltage (slewing), restricting it to rates of change 
of voltage lower than might be predicted by observing the 
small signal frequency response. 


624 


ratemeter— 1. An instrument for measuring the 
rates at which counts are reccived, usually in counts per 
minute. 2. A type of radiation detector whose output is 
proportional to instantaneous radiation intensity (rate of 
radioactivity emission). 

rate of decay — The rate at which the sound-pressure 
level (velocity level, or sound-energy density level) is 
decreasing at a given point and at a given time. The 
practical unit is the decibel per second. 

rate-of-rise relay— See instantaneous overcurrent 
relay. 

rate-of-rise timer — A percentage timer as applied 
in a temperature control system for controlling the rate 
of temperature rise. Usually a standard percentage timer 
with a dial marked in various scales of degrees per hour 
rise. 

rate of transmission — See speed of transmission. 

rate receiver-—A device for receiving a signal 
giving the rate of speed of a launched missile. 

rate signal—A signal proportional to the time 
derivative of a specified variable. 

rate test— A test to verify that the time constants of 
the integrators in an analog computer are correct. 

rate transmitter—A guidance antenna used to 
signal the desired speed for a missile in flight. 

rating—A value that establishes either a limiting 
capability or a limiting condition for an electronic device. 
It is determined for specified values of environment 
and operation, and may be stated in any suitable terms. 
(Limiting conditions may be either maxima or minima.) 

rating system — The set of principles on which elec- 
tronic device ratings are established and which determines 
their interpretation. (The rating system indicates the divi- 
sion of responsibility between the device manufacturer 
and the circuit designer, with the object of ensuring that 
the working conditions do not exceed the ratings.) 

ratio —The value obtained by dividing one number 
by another. This value indicates their relationship to each 
other. 

ratio arms— Two adjacent arms of a Wheatstone 
bridge, both having an adjustable resistance and so 
arranged that they can be set to have any of several fixed 
ratios to each other. 

ratio calibration — 1. The calibration of a dimen- 
sionless quantity that represents the ratio of one of its 
values to another, 2. A method by which potentiometric 
transducers may be calibrated, in which the value of the 
measurand is expressed in terms of decimal fractions rep- 
resenting the ratio of output resistance to total resistance. 

ratio detector— An FM detector that inherently 
discriminates against amplitude modulation. Two diodes 
are connected such that the audio output is proportional 
to the ratio of the FM voltages applied to them. 


Ratio detector. 
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ratio meter — 1. An instrument that measures elec- 
trically “he quotient of two quantities. lt generally has 
no mechanical control means such as springs. Instead, 
it operates by the balancing of electromagnetic forces, 
which a a function of the position of the moving ele- 
ment. 2. Instrument for measuring the ratio of transfor- 
mation of a transformer by means of a resistance bridge 
arrangement. 3. Moving-coil type of instrument in which 
the deflection is proportional to the ratio of the current 
sent through two coils. 

ratio of transformation— The ratio of the sec- 
ondary voltage of a transformer to the primary voltage 
under no-load conditions, or the corresponding ratio of 
currents in a current transformer. 

ratio squelch — See squelch circuit. 

ratio-type telemeter— Also called a position-type 
telemeter. A telemeter in which the relative phase position 
between, or magnitude relation of, two or more electrical 
quantities is the translating means. 

rat race — A magic-T modification for the acceptance 
of higher power. A circular loop of coaxial line closed 
upon itself and having four branching connections. See 
also hybrid ring. 

raw data— 1. Data that has not been processed. 
2. Data as received, which has not been processed by 
a machine and which may not yet be in the form that a 
machine can accept. 

raw tape — Also called virgin tape or blank tape. A 
term sometimes used to describe tape that has not been 
recorded. See also blank tape. 

ray — 1. A line of propagation of any form of radiant 
energy. 2. In fiber optics, a straight line, representing 
light, perpendicular to the light wavefront and traveling 
in the same direction. At a boundary surface or interface, 
such as the surface between a fiber core and cladding, 
the ray may change direction suddenty, but it remains a 
straight line. 3. A line of light extending between two 
points. 

ray angle—The angle between a light ray and a 
reference line or plane. 

ray-control electrode — An electrode that controls 
the position of the electron beam on the screen of a 
cathode-ray tuning-indicator tube. 

Raydist — A system using cw transmission to provide 
hyperbolic lines of position through rf phase comparison 
techniques, The system is used for surveying or ship 
positioning in a two-dimensional array. The frequency 
band is 1.7 to 2.5 MHz. Similar to LORAC in principle. 

Rayleigh disc — A special acoustic radiometer used 
for the fundamental measurement of particle velocity. 

Rayleigh distribution — Frequency distribution for 
an infinite number of quantities of the same magnitude, 
but of random phase relationships. Sky-wave field inten- 
sities follow the Rayleigh distribution for intervals of one 
minute or less. 

Rayleigh distribution (fading) — A statistical dis- 
tribution describing the magnitude of a phasor com- 
posed of the sum of many component phasors randomly 
distributed in amplitude and phase. Fading of signals 
caused by cancellation and reinforcement of contributions 
received over separate paths often exhibits a Rayleigh dis- 
tribution. 

Rayleigh line — In scattered radiation, a spectrum 
line that has the same frequency as the corresponding 
incident radiation. 

Rayleigh reciprocity theorem — The reciprocal 
relationship for an antenna when transmitting or receiving. 
The effective heights and the radiation resistance and 
pattern are alike, whether the antenna is transmitting or 
receiving. 
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Rayleigh scattering — Scattering of radiation by 
minute particles suspended in air (e.g.. by dust). 

Rayleigh wave—A surface wave associated with 
the free boundary of a solid. The wave is of maximum 
intensity at the surface, but diminishes quite rapidly as it 
proceeds into the solid. 

ray path— An imaginary line, perpendicular to the 
wavefront, that describes the path along which the energy 
associated with a point on a wavefront moves. 

Raysistor — Raytheon trade name for a device that 
contains a photosensitive semiconductor element and a 
light source that can be used to control the conductivity 
of the semiconductor. 

RBOC— Abbreviation for Regional Bell Operating 
Company. Also called Bell Operating Companies (BOC). 
Local telephone operating companies that were split off 
from AT&T and which provide most local and intrastate 
telephone service in the United States. 

RC—Symbol for resistance-capacitance, resistance- 
coupled, or ray-control electrode. 

RC amplifier — Abbreviation for resistance-capacit- 
ance coupled amplifier. 

RC circuit— A time-determining network of resistors 
and capacitors in which the time constant is defined as 
resistance times capacitance. 

RC constant—The time constant of a resistor- 
capacitor circuit, equal in seconds to the resistance value 
in ohms multiplied by the capacitance value in farads. 

RC coupling — See resistance-capacitance coupling. 

RC filter — See resistance-capacitance filter. 

RC network— A circuit containing resistances and 
capacitances arranged in a particular manner to perform 
a specific function. 

RC oscillator — An oscillator in which the frequency 
is determined by resistance-capacitance elements. See also 
resistance-capacitance oscillator. 

RCTL— Abbreviation for resistor-capacitor-transistor 
logic. 

rd — Letter symbol for rutherford. 

RDF — Abbreviation for radio direction finder (or 
finding). 

R-display — Essentially an expanded radar A-display 
in which the trace of an echo can be expanded for more 
detailed examination. 

reach-through voltage—That value of reverse 
voltage for which the depletion layer in a reverse-biased 
pn junction spreads sufficiently to make electrical contact 
with another junction. See a/so punch-through voltage. 

reacquisition time — The time required for a track- 
ing radar to relock on the target after the radar's automatic 
tracking mechanism has been disengaged. 

reactance — Symbolized by X. 1. Opposition to the 
flow of alternating current. Capacitive reactance (Xc) 
is the opposition offered by capacitors, and inductive 
reactance (XL) ts the opposition offered by a coil or other 
inductance. Both reactances are measured in ohms. 2. The 
opposition offered an alternating flow by a capacitance 
or inductance related to the frequency of the alternating 
current. The reactance of a capacitor decreases with 
increasing frequency, but the reactance of nn inductance 
increases with frequency. 

reactance drop— The voltage drop in quadrature 
with the current. 

reactance factor — In a conductor, the ratio of its 
ac resistance to its ohmic resistance. 

reactance frequency multiplier—A frequency 
multiplier whose essential element is a nonlinear reac- 
tor; the nonlinearity of the reactor is used to generate 
harmonics of a sinusoidal source. 
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reactance grounded— Grounded through a reac- 
tance. 

reactance modulator — A modulator whose reac- 
tance can be varied in accordance with the instantaneous 
amplitude of the modulating electromotive force applied. 
It is normally an electron-tube circuit that usually modu- 
lates the phase or frequency. 

reactance relay—A form of impedance relay 
whose operation is a function of the reactance of the cir- 
cuit. 

reactance tube (transistor)— A vacuum tube or 
transistor connected so as to appear as a reactance to 
the rest of the circuit. This is accomplished by deriving 
the grid (base) excitation from the plate (collector) 
voltage through an RC network that changes its phase 
by approximately 90°. Thus, since the plate (collector) 
current is in phase with the grid (base) excitation, the 
tube (transistor) draws an apparently reactive current. 
The magnitude of the apparent reactance is controlled by 
variation of the gain of the tube (transistor). 

reactivation — Application of an above-normal volt- 
age to a thoriated filament for a few seconds to bring a 
fresh layer of thorium atoms to the filament surface and 
thereby improve electron emission. 

reactive — Pertaining to either inductive or capacitive 
reactance. A reactive circuit has a higher reactance than 
resistance, 

reactive attenuator — An attenuator that dissipates 
almost no energy. 

reactive balance — 1. The capacitive or inductive 
balance that is often required to null the output of 
certain transducers or systems when the excitation and/or 
the output is given in terms of alternating current. 
2. The condition of an ac circuit when the phase angle 
between the voltage and current is zero. 3. The amount 
of corrective capacitance or inductance required to null 
the output of certain transducers or systems having ac 
excitation. 

reactive factor — The ratio of reactive power to total 
power in a circuit, 

reactive-factor meter — An instrument for measur- 
ing reactive factor. 

reactive load— A load having reactance (i.e., a 
capacitive or inductive load), as opposed to a resistive 
load. 

reactive near-field region— That region of the 
field of an antenna immediately surrounding the antenna 
wherein the reactive field predominates. 

reactive power-— Also called wattless power. The 
reactive voliage times the current, or the voltage times the 
reactive current, in an ac circuit. Unit of measurement is 
the var. 

reactive power flow — The component of energy 
lost over transmission lines due to reactive power. 

reactive sputtering — A sputtering technique that 
involves the introduction of reactive gases such as oxy- 
gen, nitrogen, and hydrogen into the glow discharge so 
that oxides, nitrides, and hydrides of the evaporant are 
deposited on the substrate. 

reactive voltampere — See voltampere reactive. 

reactive voltamperehour meter— See varhour 
meter. 

reactive voltampere meter— See varmeter. 

reactor — A physical device used primarily to intro- 
duce reactance or susceptance into a branch. 

reactor-start motor— A form of split-phase motor 
designed for starting with a reactor in series with the main 
winding. The reactor is short-circuited (or otherwise made 
ineffective) and the auxiliary circuit is opened as soon as 
the motor attains a predetermined speed. 


626 


read—In a computer: 1. To copy, usually from one 
form of storage to another. 2. To sense the meaning of 
an arrangement of hardware representing information. 
3. To exact information. 4. To transmit data from an 
input device to a computer. 5. To sense the presence 
of information in some type of storage, which includes 
RAM, magnetic tape, punched tape, etc. 

readability — The ability to be understood — speci- 
fically, the understandability of signals sent by any means 
of telecommunications. 

read-around — See read-around ratio. 

read-around ratio— Also called read-around. In 
electrostatic storage tubes, the number of successive times 
information can be recorded as an electrostatic charge on 
a single spot in the array without producing the necessity 
for restoring the charge on surrounding spots. 

reader—1.In a computer, a device that converts 
information in one form of storage to information in 
another form of storage. 2. Any device capable of tran- 
scribing data from an input medium. 

read head —In a computer, a device that converts 
digital information stored on a magnetic tape or on a drum 
into electrical signals usable by computer arithmetic. 

read in—To sense information in a source and 
transmit it to an internal storage. 

reading access time—In a computer, the time 
before a word may be used during the reading cycle. 

reading rate—1.In a computer, the number of 
characters, cards, etc., that can be sensed by an input 
unit in a given time. 2. In a digital meter, the number of 
successive readings (including measurement and display) 
performed per second, on a continuous basis. 

read-in program — A program that itself can be put 
into a computer in simple binary form but that makes it 
possible for other programs to be read into the computer 
in more complex forms. 

read-mainly memory — See RMM. 

read-mostly memory— An integrated array of 
amorphous and crystalline semiconductor devices that is 
capable of being programmed, read, and reprogrammed 
repeatedly. Once reprogrammed, this type of memory 
retains data unless it is altered intentionally. 

read-only memory — Acronym: ROM. 1. A digital 
memory that, after its initial programming by the man- 
ufacturer, can only be read and no longer written on; a 
permanent memory. 2. A memory that cannot be altered 
in normal use of a computer. Usually a small memory that 
contains often-used instructions such as microprograms or 
system software as firmware. Peripheral equipment uses 
ROM for character generation, code translation, and for 
designing peripheral processors. 3. A memory in which 
information is stored permanently, e.g., a math function 
or a microprogram. A ROM is programmed according to 
the user’s requirements during memory fabrication and 
cannot be reprogrammed. A ROM is analogous to the 
dictionary, in which a certain address results in predeter- 
mined information output. 4. A digital building block usu- 
ally classified as a memory type that contains information 
permanently written into it during manufacture that can be 
read at the outputs but not changed. 5. A random-access 
storage in which the data pattern is unchangeable after 
manufacture. 6. A computer memory that can be writ- 
ten into during manufacture or installation, but is only 
read out after that. The read-only memory is usually a 
nonvolatile form of memory. 7. A storage arrangement 
primarily for information-retrieval applications. The infor- 
mation may be wired in when the storage device is made, 
or it may be written in at a speed much less than the 
retrieval speed. 8. A digital storage device specified for a 
single function. Data is loaded permanently into the ROM 
when it is manufactured. This data is available whenever 
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the ROM address lines are scanned. 9. A memory in 
which the contents are not intended to be altered during 
normal operation. The term read-only memory implies 
that the content is determined by its structure and is unal- 
terable (e.g., mask programmable ROM). Most ROMs are 
n x 8 (words x bits/word) to work with popular micro- 
processors. There are also special-purpose ROMs, such as 
character generators, with a 7-bit-wide output word and 
addressing structure to output one-hundred twenty-eight 
9 x 7 characters. 

readout— 1. The manner in which a computer dis- 
plays processed information—e.g., digital visual display, 
punched tape, automatic typewriter, etc. See also display. 
2. The information extracted from a memory device, such 
as a program store or call store. 3. The visual display of 
the output of a measuring instrument, or of a memory, or 
of a computer. 

readout device—In a computer, a device, con- 
sisting usually of physical equipment, that records the 
computer output either as a curve or as a set of printed 
numbers or letters. 

readout equipment— The electronic apparatus that 
provides indications and/or recordings of transducer out- 
put. 
readout station—A recording or receiving radio 
station at which information is received as it is read out 
by the transmitter in a missile, probe, satellite, or other 
spacecraft. (The same station may serve also as a tracking 
station.) 

read pulse—1. A pulse applied to one or more 
binary cells to determine whether a bit of information 
is stored there. 2. A pulse that causes information to be 
read out of a memory cell. 

readthrough — The continuous recovery in an audio 
channel of the target modulation, making possible rapid 
evaluation of the effectiveness of a jamming effort. 

read time— More commonly called access time. 
With respect to a memory, the interval between the time 
the read control and the address or location are present 
and the time the data output changes state. 

read/write check indicator— A device incorpo- 
rated in some computers to indicate, on interrogation, 
whether there was an error in reading or writing. The 
machine can be made to stop, attempt the operation again, 
or follow a special subroutine, depending on the result of 
the interrogation. 

read/write cycle—The sequence of operations 
required to read and write (restore) memory data. 

read/write cycle time — See cycle time. 

read/write head— 1. The device that reads and 
writes information on tape, drum, or disk storage devices. 
2. The mechanism that writes data to or reads data from a 
magnetic recording medium. 3. An electromagnet capable 
of producing a switchable magnetic field to read and 
record bit streams. 

read/write memory — 1. A memory whose contents 
can be continuously changed quickly and easily during 
system operation. It differs from a read-only memory 
(ROM), whose contents are fixed and not subject to 
change, and a reprogrammable ROM, whose contents 
can be changed but only periodically. 2. A memory in 
which each cell may be selected by applying appropriate 
electrical input signals, and the stored data may be either 
(a) sensed at appropriate output terminals, or (6) changed 
in response to other similar electrical input signals. 

ready-to-receive signal —In a facsimile system, 
a signal returned to the transmitter to indicate that the 
receiver is ready to accept a transmission. 

real estate — Slang for the area on a printed circuit 
board or the surface of a wafer on which circuits can be 
built. 
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real power — The component of apparent power that 
represents true work in an ac circuit. It is expressed in 
watts and is equal to the apparent power times the power 
factor. 

real time— 1. Having to do with the actual time 
during which physical events take place. 2. The perfor- 
mance of a computation during the actual time that the 
related physical proccss transpires in order that results 
of the computations are useful in guiding the physical 
process. 3, Refers to a type of operating system that sup- 
ports online equipment having critical time constraints. 
Events must be handled promptly (within set timing lim- 
its). Most process control and military command/control 
systems are real-time sysiems. 4. A computer process 
executed with sufficient speed so that the results of a 
process being monitored appear to be presented instan- 
taneously. The computer generally ís able to present the 
results with sufficient speed to permit control changes to 
be made. See closed loop; open loop. 5. A computation 
or process by a computer using inputs derived from time- 
initiated events; the output resulting from the computation 
or processing can have an effect on and/or predict trends 
concerning those events. 6. Responding instantaneously, 
rather than delayed by transmission format. 7. The oper- 
ation of a program in the same time frame as a human 
being would. 

real-time clock—1.A clock that indicates the 
passage of actual time, such as elapsed time in the flight 
of a missile, as opposed to some fictitious time established 
by a computer program. 2. A system clock that indicates 
actual elapsed time from some reference time (e.g., noon). 
3. A timing device used by a computer to derive elapsed 
time between events and to control processing of time- 
initiated event data. 4. A device that measures time at a 
rate consistent to the tasks being performed. Sometimes 
used for pacing the occurrence of events within a system. 

real-time data processing — The processing of 
transactions as they occur, rather than batching them. 

real-time executive — 1. Supervisory software that 
allocates system resources among several tasks to allow 
them to perform necessary calculations in real time. The 
executive has responsibility for all priority scheduling, 
interrupt handling, timer service, physical control, inter- 
program communication, and queue maintenance required 
by real-time applications. 2. An operating system that 
runs the system in a real-time mode, typically required by 
online data communications or process-control systems. 

real-time input —- Input information inserted into a 
system at the time it is generated by another system. 

real-time operating system— Operating system 
capable of real-time task management. Includes event 
scheduling, interrupt management, and reai-time event 
counters. 

real-time operation — |. Operations performed on 
a computer in time with a physical process so that the 
answers obtained are useful in controlling that process. 
2. The use of a computer to control a process as it is 
actually occurring, necessitating, in general, relatively 
rapid operalion on the part of the computer. 3. Data- 
processing technique in which information is utilized as 
events occur and the information is generated, as opposed 
to batch processing at a time unrelated to the time the 
information was generated. 

real-time output— Output information removed 
from a system at the time it is needed by another system. 

real-time reaction—A computer function that 
immediately responds to, or causes, a physical application 
action. 

real-time spectrum analyzer— A device in which 
analysis of the spectrum of the incoming signal is 
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performed continuously, with the time sequence of events 
preserved between input and output. 

real-time system— 1. A computer system in which 
data processing is performed so that the results are 
available in time to influence the controlled or monitored 
process. 2. An information system whose input or output 
rate is not controlled by the system, but depends on 
external factors. 3. A system in which transactions are 
processed as they occur. 

rear projection — A projection television system in 
which the picture is projected on a ground-glass screen to 
be viewed from the opposite side of the screen. 

rear suspension—In moving-coil speakers, a pli- 
able support situated near the apex of the cone. Assists 
in keeping the coil in a concentric position in the air gap 
between the magnet poles. 

rebatron — A relativistic electron-bunching accelera- 
tor that produces a very tightly bunched beam with lit- 
tle velocity modulation, but high harmonic content. The 
beam can be used to excite structures that are large com- 
pared to a wavelength. 

Rebecca — An airborne interrogator-responsor of the 
British Rebecca-Eureka navigation system. It can also be 
used with a special ground beacon known as Babs to 
provide low-approach facilities. 

Rebecca-Eureka system—aA British radar nav- 
igational system employing an airborne interrogator 
(Rebecca) and a ground transponder beacon (Eureka). It 
provides homing to an airfield from distances of up to 
90 miles (145 km). 

rebond —A second bonding attempt after a bond has 
been removed or failed to bond on the first attempt. 

rebonding-over bond— A second bond made on 
top of a removed or damaged bond or a second bond 
immediately adjacent to the first bond. 

reboot— 1. To restart a computer by reloading the 
operating system. 2. To restart a computer after it has 
been operating for some time, usually in an attempt to 
clear an error condition. 

rebroadcast— The reception and the simultaneous 
or subsequent retransmission of a radio or television 
program by a broadcast station. 

recalescent point— The temperature at which heat 
is suddenly liberated as the temperature of a heated metal 
drops. 

recall — In a calculator, to retrieve from a register a 
previously entered number, for checking or use in further 
calculations. 

receive current— The amount of current drawn by 
a transceiver when receiving radio signals. 

received power-— The power of a returned target 
signal received at the radar antenna. 

received signal level —The strength of an inter- 
cepted radio signal at the antenna terminals of the 
receiver, expressed in microvolts or dBm. 

receive only — Abbreviated RO. A teletypewriter- 
type terminal having no keyboard or tape reader. 

receive-only typing reperforator— Also called 
rotor. Á teletypewriter receiver whose output is a perfo- 
rated tape that has characters along the edge of the tape. 

receiver — 1. The portion of a communications sys- 
tem that converts electric waves into a visible or audible 
form. 2. An electromechanical device for converting elec- 
trical energy into sound waves. See also earphone. 3. A 
device for the reception and, if necessary, demodulation 
of electronic signals. 4. The electromagnetic unit in a tele- 
phone handset used to convert electrical energy to sound 
energy. 

receiver bandwidth -—The spread in frequency 
between the half-power points on the response curve of a 
receiver. 
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receiver gating — Application of operating voltages 
to one or more stages of a receiver only during the part 
of a cycle when reception is desired. 

receiver images — Undesired signals in a receiver 
caused by the heterodyning process. 

receiver incremental tuning —A control feature 
to permit receiver tuning (of a transceiver) up to 3 kHz 
to either side of the transmitter frequency. 

receiver lockout system — In mobile communica- 
tions, an arrangement of control circuits whereby only 
one receiver can feed the system at one time, to avoid 
distortion, 

receiver noise figure — The ratio of noise voltage 
in a given receiver to that of a theoretically perfect 
receiver. 

receiver noise threshold—The level that must 
be exceeded by the minimum discernible signal. External 
noise reaching the front end of a receiver and the noise 
added by the receiver itself determine the noise threshold. 

receiver primaries — Constant-chromaticity, vari- 
able-luminance colors that are produced by a television 
receiver and that when mixed in proper proportions 
produce other colors. Usually three primaries—red, 
green, and blue — are used. 

receiver radiation — Radiation of interfering elec- 
tromagnetic signals by any oscillator of a receiver. 

receiver sensitivity—The lower limit of useful 
signal input to the receiver. It is set by the signal-to-noise 
ratio at the output. 

receiving amplifier— The amplifier used at the 
receiving end of a system to raise the level of the signal. 

receiving antenna—A_ device for converting 
received space-propagated electromagnetic energy into 
electrical energy. 

receiving circuit— An apparatus and connections 
used exclusively for the reception of messages at a 
radiotelephone or radiotelegraph station. 

receiving equipment—The equipment (ampli- 
fiers, filters, oscillator, demodulator, etc.) associated with 
incoming signals. 

receiving-loop loss—That part of the repetition 
equivalent assignable to the station set, subscriber line, 
and battery-supply circuit on the receiving end of a 
telephone line. 

receiving margin — Also called range or operating 
range. In telegraphy, the usable range of adjustment of 
the range finder; for a machine that is adjusted properly, 
approximately 75 points on a 120-point scale. 

receiving perforator—In printing telegraph sys- 
tems, an apparatus that punches a paper strip automati- 
cally in accordance with the arriving signals. When the 
paper strip is later passed through a printing telegraph 
machine, the signals will be reproduced as printed mes- 
sages, ready for delivery to the customer. 

receptacle — 1. Usually the fixed or stationary half 
of a two-piece multiple-contact connector. Also, the 
connector half usually mounted on a panel and containing 
socket contacts. 2. A contact device installed at the outlet. 
Allows the connection of external electric cords from 
lamps or appliances. 

receptacle connector— An electrical connector 
intended to be mounted or installed onto a fixed structure, 
such as a panel, electrical case, or chassis, and which 
couples or mates to a plug connector. 

reception — Listening to, copying, recording, or 
viewing any form of emission. 

rechargeable — Capable of being recharged. Usu- 
ally used in reference to secondary cells or batteries. 
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rechargeable primary cell —A cell that is ordi- 
narily used in one-shot service, but which is capable of a 
limited number of charge/discharge cycles. 

reciprocal —The number | (unity) divided by a 
quantity; e.g., the reciprocal of 2 is 1/7; of 4, 1/4, etc. 

reciprocal-energy theorem — if an electromotive 
force E, in one branch of a circuit produces a current 
I, in any other branch, and if an electromotive force E» 
inserted into this other branch produces a current 7; in the 
first branch, then J, £, = 1.8). 

reciprocal ferrite switch—A ferrite switch that 
can be placed in a waveguide to route an input signal 
to either of two output waveguides. Switching is accom- 
plished by a Faraday rotator under the influence of an 
externai magnetic field. 

reciprocal impedance — Two impedances Z, and 
Z are said to be reciprocal impedances with respect to 
an impedance Z (invariably a resistance) if they are so 
related as to satisfy the equation Z,Z, = Z?. 

reciprocal transducer — A transducer that satisfies 
the principles of reciprocity — i.e., if the roles of excita- 
tion and response are interchanged, the ratio of excitation 
to response will remain the same. 

reciprocation — The process of deriving a reciprocal 
impedance from a given impedance or finding a reciprocal 
network for a given network. 

reciprocity theorem — In any system composed of 
linear bilateral impedances, if an electromotive force E is 
applied between any two terminals and the current J is 
measured in any branch, their ratio (called the transfer 
impedance) will be equal to the ratio obtained if the 
positions E and J are interchanged. 

reclosing relay — Any voltage, current, power, etc., 
relay that recloses a circuit automatically. 

recognition device — A device that can identify any 
number of a set of distinguishable entities. 

recognition differential —For a specified listening 
system, the amount by which the signal level exceeds the 
noise level that is presented to the ear when a 50 percent 
probability of detection of the signal exists. 

recombination — 1. A collision within a semicon- 
ductor crystal lattice of a conduction-band electron and 
a valence-band hole. The ability of each to function as a 
current carrier is lost, due to mutual cancellation, so that a 
recombination effectively destroys the hole-electron car- 
rier pair. 2. A process in which current carriers of opposite 
signs combine and form stable, neutral entities, resulting 
in zero net charge. 

recombination coefficient— The quantity that 
results from dividing the time rate of recombination of 
ions in an ionized gas by the product of the positive-ion 
density and the negative-ion density. 

recombination radiation — The radiation produced 
in a Semiconductor when electrons in the conduction band 
recombine with holes in the valence band. If an actual 
population inversion between portions of the valence and 
conduction bands (or between adjacent localized states 
of acceotors or donors near these bands) is achieved, 
stimulated emission and laser amplification or oscillation 
can take place. This is the radiation process of importance 
in injection lasers. 

recombination velocity — On a semiconductor sur- 
face, the normal component of the electron (or hole) cur- 
rent density at the surface divided by the excess electron 
(or hole) charge density at the surface. 

reconditioned-carrier reception— Also called 
exalted-carrier reception. Reception in which the carrier 
is separated from the sidebands in order to eliminate 
amplitude variations and noise, and then is increased and 
added to the sidebands in order to provide a relatively 


undistorted output. This method is frequently employed 
with a reduced-carrier signal-sideband transmitter. 

record — |. A character or characters that are grouped 
together in the flow of data in a system; for example, 
one line of type of the contents of a punched card. A 
record may be of fixed length, as with punched cards, 
or of variable length, as with a line of type. 2. A group 
of related facts or fields of information handled as a unit; 
thus a listing of information, usually printed or in printable 
form. 3. The process of putting data into a computer 
storage device. 4. To preserve for later reproduction. 
5. Relating to data that is treated as a unit of logical 
information. The delineation of a record may be arbitrary 
and determined by the designer of the information format. 
(A record may be recorded on all or part of a biock or 
more than one block.) 6. A collection of related items of 
data (fields) treated as a unit. 

record changer—1. A device that will automati- 
cally play a number of phonograph records in succession. 
2. A type of automatic turntable capable of playing a num- 
ber of records (usually 6 to 10) in sequence. 

record code —A special control code used to mark 
the separation between adjacent records. 

record compensator — Also called a record equal- 
izer. An electrical network that compensates for dif- 
ferent frequency-response curves in various recording 
techniques. 

recorded tape— Also called a prerecorded tape. 
]. A tape that contains music, dialogue, etc., and is sold 
to audiophiles and others for their listening pleasure. 2. A 
commercially available recorded tape. 

recorded value — The value recorded by the mark- 
ing device on a chart with reference te the division lines 
marked on the chart. 

recorded wavelength—In a phonograph record, 
the length of groove required for a signal of given 
frequency to complete one cycle. At any particular 
distance from the record center, i.e., at a particular 
groove velocity, the recorded wavelength decreases with 
increasing frequency. Similarly for a given frequency, the 
recorded wavelength decreases with progress toward the 
record center (1.e., as groove velocity decreases). 

record equalizer — See record compensator. 

recorder — Also called recording instrument. 1. An 
instrument that makes a permanent record of varying 
electrical impulses — e.g., a code recorder, which punches 
code messages into a paper tape; a sound recorder, which 
preserves music and voices on disc, film, tape, or wire; 
a facsimile recorder, which reproduces pictures and text 
on paper; and a video recorder, which records television 
pictures on film or tape. 2. A device that makes a record of 
changes in varying electrical quantities or signals. 3. An 
instrument that makes a graphic record of the value of 
one or more quantities as a function of another variable 
(usually time). 

record gap — In a computer, a space between records 
on a tape. It is usually produced by acceleration or 
deceleration of the tape during the write operation. 

recording ammeter— An ammeter that provides a 
permanent recording of the value of either an alternating 
or a direct current. 

recording blank — See recording disc. 

recording channel— One of several independent 
recorders in a recording system, or independent recording 
tracks on a recording medium. 

recording curve — See equalization. 

recording demand meter — Also called demand 
recorder. An instrument that records the average value of 
the load in a circuit during successive short periods. 


recording density — rectangular-loop material 


recording density — The number of bits recorded 
per unit of length in a single linear track in a recording 
medium, 

recording disc— Also called a recording blank. A 
(unrecorded) disc made for recording purposes. 

recording head —A magnetic head that transforms 
electrical variations into magnetic variations for storage 
on magnetic media. See also cutter. 

recording instrument— Also called a recorder or 
graphic instrument. 

recording lamp—A light source used in the 
variable-density system of sound recording on movie film. 
Its intensity varies in step with the variations of the audio- 
frequency signal sent through it. 

recording level — The amplifier output required to 
provide a satisfactory recording. 

recording-level meter— An indicator on a tape 
or disc recorder that provides some idea of the signal 
levels being applied to the recording medium from 
moment to moment. It is intended as an aid in setting 
the recording levels to ensure that the tape or disc 
is neither overloaded with excessive levels or under- 
recorded with too little signal, allowing hiss and other 
noise to intrude. Recording-level meters come in a variety 
of types, including meters that register the approximate 
average value of the signal (of which the professional 
vu meter is an example), those designed to show the 
instantaneous peak levels of the signal, and some not 
readily classifiable into any specific group. 

recording loss — In mechanical recording, the loss 
that occurs in the recorded level because the amplitude 
executed by the recording stylus differs from the ampli- 
tude of the wave in the recording medium. 

recording noise — Noise induced by the amplifier 
and other components of a recorder. 

recording preamplifier — See preamplifier. 

recording-reproducing head—A dual-purpose 
head used in magnetic recording. 

recording spot — An instantaneous area acted on by 
the registering system of a facsimile recorder. 

recording storage tube—A type of cathode-ray 
tube in which the equivalent of an image can be stored 
in the form of a pattern of electrostatic charge on a 
storage surface. There is no visual display, but the stored 
information can be read out at any later time in the form 
of an electric output signal. 

recording stylus — The tool that inscribes a groove 
into the recording medium. 

recording trunk—-A trunk that extends between a 
local central office or private branch exchange and a toll 
office and that is used only for communication with toll 
operators and not for the completion of toll connections. 

recording voltmeter— A voltmeter that provides 
a permanent record of the value of either alternating or 
direct voltage. 

record layout— The arrangement and structure of 
information in a record, including the sequence and size 
of the components. By extension, the description of such 
an arrangement. 

record length — A measure of the size of a record, 
usually expressed in terms of such units as words or 
characters. 

record mark—A means of marking the separation 
between adjacent records: on magnetic tape, a record gap; 
on paper tape, a record code; in data transmission, a record 
pause. Often, the record code is used along with a gap or 
a pause to allow for different devices throughout a data- 
transmission system, each of which can recognize only 
one of the three types of record marks. 
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record medium — In a facsimile recorder, the phys- 
ical medium onto which the image of the subject copy is 
formed. 

record player—A motor-driven turntable, pickup 
arm, and stylus for converting the signals impressed onto a 
phonograph record into a corresponding audio-frequency 
voltage. This voltage is then applied to an amplifier 
(usually contained within the record player cabinet) for 
amplification and conversion to sound waves. 

record/play head—aA single magnetic-tape head 
that is used for recording and playback of a tape. 

record separator—A character intended as an 
identifier of a logical boundary between records. 

record sheet— In a facsimile recorder, a sheet or 
medium upon which the image of the subject copy is 
recorded. 

recover — To restore the computer to a previous state. 

recovered audio —The value of the audio voltage 
measured at the detector output under the specified circuit 
conditions. 

recovered charge—The total charge recovered 
from the diode after switching from a specified forward 
current condition to a specified reverse condition. This 
charge includes components due to both carrier storage 
and depletion-layer capacitance. 

recovered voice quality — Quality of the voice 
signal after the process of decoding or scrambling. 

recovery—1.In an electronic device, the time 
required to enable the device to react to new signals. 
2. In fluidic devices, a generally percentile representation 
of output capture as related to supply, such as output 
pressure versus input pressure. 3. The actions required to 
bring a system to a predefined level of operation after a 
degradation or failure. 

recovery time—1. The time required for a fired 
atr tube in its mount to deionize to the level at which 
its normalized conductance and susceptance are within 
the specified ranges. 2. The time required for the control 
electrode in a gas tube to regain control after the 
anode current has been interrupted. 3. In Geiger-Mueller 
counters, the minimum time from the start of a counted 
pulse to the instant a succeeding pulse can attain a 
specified percentage of the maximum amplitude of the 
counted pulse. 4. The time required for a fired tr or pre- 
tr tube to deionize to the level at which the attenuation 
of a low-level radio-frequency signal transmitted through 
the tube drops to the specified value. 5.In a radar 
or its component, the time required—after the end 
of the transmitted pulse—for recovery to a specified 
relation between receiving sensitivity or received signal 
and the normal value. 6. Also called response time. The 
interval required, after a sudden decrease in input-signal 
amplitude to a system or component, for a specified 
percentage (usually 63 percent) of the ultimate change in 
amplification or attenuation to be attained. 7. In thermal 
time-delay relay, the cooling time required from heater 
deenergization to reenergization such that the new time 
delay is 85 percent of that exhibited from a cold start. 
8. Also called response time. In a power supply, the time 
required for recovery of the load voltage from a step 
change in load current or line voltage. 9. The length of 
time that a condition remains in effect after the control 
signal that initiated the effect has disappeared. 

rectangular array — 1. Multiple copies of an entity 
at intervals of vertical and horizontal spacing, e.g., a 
matrix. 2. See matrix. 

rectangular-loop material —A material that has 
a rectangular hysteresis loop, i.e., the difference between 
the coercive force and the magnetizing force at saturation 
induction is small. 
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rectangular scanning — A two-dimensional sector 
scan in which a slow sector scan in one direction 
is superimposed perpendicularly onto a rapid sector 
scan. 

rectangular wave—aA periodic wave that alter- 
nately assumes one of two fixed values, the time of tran- 
sition being negligible in comparison with the duration of 
each fixed value. 

rectangular waveguide —A hollow enclosure of 
rectangular cross section, normally with the dimensions 
of the sides in a ratio of 2: 1. With dimensions so propor- 
tioned, the dominant mode has a free-space wavelength 
range between one and two times the longer side dimen- 
sion. Rectangular waveguides normally can be used only 
over less than octave ranges. 
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Rectenna — A device that converts microwave power 
into de power. It consists of a number of small dipoles, 
each of which has an associated diode rectifier network 
connected to a de bus. 

rectification — Conversion of alternating current into 
unidirectional or direct current by means of a rectifier. 

rectification efficiency— Ratio of the direct- 
current power output to the alternating-current power 
input of a rectifier. 

rectification factor— The change in average cur- 
rent of an electrode divided by the change in amplitude 
of the a:ternating sinusoidal voltage applied to the same 
electrode, the direct voltages of all electrodes being main- 
tained constant. 

rectified value — The average of all the positive or 
negative values of an alternating quantity over a whole 
number of periods. 

rectifier — 1. Device having an asymmetrical conduc- 
tion characteristic employed in a way to convert alter- 
nating current into unidirectional current. In amplitude- 
modulation detection, recovery of original signals is 
frequently accomplished by a rectifier. 2. Device that con- 
verts alternating current into unidirectional current by 
permitting appreciable current in one direction only. 3. A 
two-eleraent tube or a solid-state device that is used to 
convert alternating current to direct current. Usually rated 
above one-half ampere. 

rectifier diode — A diode that exhibits an asymmet- 
rical voltage-current characteristic and is used for current 
and voltage rectification. 

rectifier instrument—The combination of an 
instrument sensitive to direct current and a rectifying 
device whereby alternating currents or voltages can be 
measured. 

rectifier meter — See rectifier instrument. 

rectifier stack— A dry disc rectifier made up of 
layers of individual rectifier discs (e.g., a selenium or 
copper-oxide rectifier). 
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rectifier transformer — A transformer whose pri- 
mary operates at the fundamental frequency of the ac 
system and whose secondary has one or more windings 
conductively connected to the main electrodes of the rec- 
tifier. 

rectifying element—A circuit element that con- 
ducts current in one direction only. 

rectigon—.A hot-cathode gas-filled diode that oper- 
ates at a high pressure. Used most frequently in battery- 
charging circuits. 

rectilineal compliance—A mechanical element 
that opposes a change in the applied force (e.g., the 
springiness that opposes a force on the diaphragm of a 
speaker or microphone). 

rectilinear —In a straight line; specifically, moving, 
forming, or bounded by a straight line. 

rectilinear scanning — The scanning of an area in 
a predetermined sequence of narrow, straight, parallel 
strips. 

rectilinear writing recorder— An oscillograph 
that records in rectilinear coordinates. 

recuperability— The ability to continue operating 
after partial or complete loss of the primary communi- 
cations facility. 

recurrence rate — See repetition rate, 1. 

recursion — The continuous repeating of the same 
operation or group of operations. 

recursive — Capable of being repeated. 

recursive filter — See digital filter. 

recyclability — The capability of a battery system to 
be recharged after it has been discharged. 

recycling modulo-n counter — A counter that has 
n distinct states and that counts to a maximum number 
and returns, when the next input pulse is applied, to its 
minimum number. 

red gun — In a three-gun color television picture tube, 
the electron gun whose beam strikes only the phosphor 
dots that emit the red primary. 

redistribution — In a charge-storage tube or televi- 
sion camera tube, the alteration of charges on one area of 
a storage surface by secondary electrons from any other 
area of the same surface. 

redox cell—A cell designed to convert the energy 
of the reactants to electrical energy. An intermediate 
reductant, in the form of a liquid electrolyte, reacts at the 
anode in a conventional manner; it is then regenerated by 
reaction with a primary fuel. 

red-tape operation—In a computer, operations 
that do not directly contribute to the results, i.e., those 
internal operations that are necessary to process data, but 
do not in themselves contribute to any final answer. 

reduced generator efficiency—The ratio of a 
given thermoelectric-generator efficiency to the corre- 
sponding Carnot efficiency. 

reduced instruction set computer— Abbre- 
viated RISC. A CPU in which processing capabilities have 
been reduced to increase speed. 

reduced telemetry — Telemetry data transformed 
from raw form into a usable form. 

reduction technique — A technique for simplifying 
or restructuring a Boolean expression for easier, lower- 
cost implementation in circuitry. 

redundancy — 1. The employment of several dev- 
ices, each performing the same function, in order 
to improve the reliability of a particular function. 
2. Added or repeated information employed to reduce 
ambiguity or error in a transmission of information. As 
the signal-to-noise ratio decreases, redundancy may be 
employed to prevent an increase in transmission error. 
3. In information transmission, the fraction of the total 
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information content of a message that can be eliminated 
without losing essential information. 4. The property of 
having functionally equivalent systems, subsystems, or 
components in place to back up one another. 5. Also 
called backup control. A technique that provides a 
secondary method of control for certain critical functions. 
6. The use of additional cquipment and facilities to 
provide for continuity of service during trouble situations. 
7. A method of ensuring higher reliability or performance 
in which more than one of the same item is used. 8. A 
configuration of multiple elements that can still produce 
a correct output when one or more elements are not 
functioning correctly. 

redundancy check— In a computer, an automatic 
or programmed check that makes use of components or 
characters inserted especially for checking purposes. 

redundant code—A code that uses more signal 
elements than are necessary to represent the intrinsic 
information. 

redundant data— 1. Data that is not necessary for 
the information content of a transmission but is usually 
added to transmitted information to aid in the detection 
of communications errors. 2. A data sample so similar 
to the preceding sample from the same source that it 
is of no interest in connection with subsequent analysis 
of the experiment or test, except for the fact of the 
similarity. 

red video voltage — The signal voltage that controls 
the grid of the red gun in a three-gun picture tube. This 
signal is a reproduction of the output from the red camera 
at the transmitter. 

reed —A thin bar located in a narrow gap and made 
to vibrate electrically, magnetically, or mechanically by 
forcing air through the gap. 

reed frequency meter — See vibrating-reed meter. 

reed relay— 1. A relay in which two flat magnetic 
strips mounted inside a coil are attracted to each other 
when the coil is energized. The relay contacts are mounted 
on the strips. 2. A device that uses two (sometimes three) 
strips of magnetizable metal, enclosed in glass, as the 
contacts. The control member is a coil surrounding the 
glass capsule. 3. One or more reed switches operated 
by a single coil. 4. An assembly that combines a reed 
switch with an electromagnetic operating coil. 5. An 
electromechanical relay based on the use of a reed switch, 
an assembly of partially overlapping magnetic metal strips 
or reeds hermetically sealed in a glass tube. In the 
influence of a magnetic field, the contact ends of the reeds 
may be caused to open or close. This permits extremely 
fast making or breaking of an external circuit. It is 
important to distinguish between a reed switch and a reed 
relay. Reed switches, as in keyboards, normally depend 
on the motion of an external permanent magnet moved 
with respect to the glassed reed capsule. By contrast, reed 
relays are assemblies of the glassed reed capsule within 
a coil or solenoid. 

reed switch — A type of magnetic switch consisting 
of contacts formed by two thin, movable, magnetically 
actuated metal vanes or reeds, held in a normally open 
position within a sealed glass envelope. 
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reel-to-reel— See open-reel. 

reentrancy— 1. A type of feedback employed in 
microwave oscillators. In most magnetrons, a circuit is 
used that can be described as a slow-wave structure that 
feeds back into itself. In beam reentrancy, the beam 
may be circulated repeatedly through the interaction 
space. 2. That characteristic of a computer subroutine 
that permits a second task to enter the subroutine before 
completion of its execution by the first task. 

reentrant cavity — A resonant cavity in which one 
or more sections are directed inward with the result that 
the electric field is confined to a small area or volume. 

reentrant code— 1. The instructions forming a 
single copy of a program or subroutine that is shared by 
two or more programs, as opposed to the conventional 
method of embedding a copy of a subroutine within 
each program. Characteristically, reentrant routines are 
composed completely of instructions and constants that 
are not subject to modification during execution, 2. Code 
that may be executed simultaneously by more than one 
task. Thus, the code cannot be self-modifying, and each 
task must maintain its own data area. This does not imply 
that tasks will actually execute the code simultaneously, 
although this could occur in a multiprocessor system. 
3. A program task or routine that can be executed 
simultaneously by more than one process. 

reentrant program — A subroutine written in such a 
way that it can be used by many users concurrently. (The 
alternative is to let each user have his or her own copy 
of the program, which uses up a lot of memory space.) A 
reentrant program cannot be allowed to modify its own 
instructions. 

reentrant subroutines — Computer subroutines 
that can be executed from any of several application 
programs operating on different levels of priority. 

reentrant winding—An armature winding that 
returns to its starting point, thus forming a closed circuit. 

reference acoustic pressure — Also called refer- 
ence sound level. That magnitude of a complex sound that 
produces a sound-level meter reading equal to the read- 
ing that results from a sound pressure of 0.0002 dyne per 
square centimeter at 1000 hertz. 

reference address— An address used in digital- 
computer programming as a reference for a group of 
relative addresses. 

reference angle —The angle formed between the 
center line of a radar beam as it strikes a reflecting surface 
and the perpendicular drawn to that reflecting surface. 

reference black level — 1. The picture-signal level 
corresponding to a specified maximum limit for black 
peaks. 2. The maximum negative-polarity amplitude of 
the video signal. 

reference boresight—A direction defined by an 
optical, mechanical, or electrical axis of an antenna, 
established as a reference for the purpose of beam 
direction or tracking axis alignment. 

reference burst— See color burst. 

reference dipole—A half-wave straight dipole 
tuned and matched for a given frequency and used as 
a unit of comparison in antenna measurement work. 

reference electrode— In pH measurements, an 
electrode, usually hydrogen-filled, used to provide a 
reference potential. See also glass electrode. 

reference frequency—A frequency coinciding 
with, or having a fixed and specified relation to, the 
assigned frequency. It does not necessarily correspond to 
any frequency in an emission. 

reference language — The definitive description of 
a programming language, completely specifying all its 
concepts and the relations between them. It may be in 
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English, or the language itself may be the reference 
language. 

reference level —The starting point for designating 
the value of an alternating quantity or a change in it by 
means of decibel units. For sound loudness, the reference 
level is usually the threshold of hearing. For commu- 
nications receivers, 60 microwatts is normally used. A 
common reference in electronics is | milliwatt, and power 
is stated as so many decibels above or below this figure. 

reference {fine —A line from which angular mea- 
surements are made. 

reference monitor—A receiver (or other similar 
device of known performance capabilities) used for judg- 
ing the transmission quality. 

reference noise — The magnitude of circuit noise 
that will produce a noise-meter reading equal to that 
produced by 107** watt of electric power at 1000 hertz. 

reference oscillator— The high stability, usually 
crystal and temperature controlled, rf signal source used 
as a phase reference in phase-locked oscillators. 

reference phase —The phase of the color burst 
transmitted with color-television carriers. It is used in 
synchronizing the receiver reference oscillator with the 
iransmitted color signals. 

reference point— 1. A terminal that is common to 
both the input and the output circuits. 2. The point of a 
chromaticity diagram that represents the chromaticity of 
a reference stimulus. 

reference record— In digital-computer program- 
ming, a compiler output that lists the operations and their 
positions in the final specific routine, plus information 
describing the segmentation and storage allocation of the 
routine. 

reference recording— A recording of a radio 
program for future reference or checking. 

reference signal— A stable signal used as a stan- 
dard against which other yariable signals may be com- 
pared and adjusted. 

reference sound level —See reference acoustic 
pressure. 

reference time —In a computer, an instant chosen 
near the beginning of switching as an origin for time 
measurements. lt is taken as the first instant at which 
either the instantaneous value of the drive pulse, the 
voltage response of the magnetic cell, or the integrated 
voltage response reaches a specified fraction of its peak 
pulse amplitude. 

reference tone — A stable tone of known frequency 
continuously recorded on one track of multitrack sig- 
nal recordings and intermittently recorded on signal-track 
recordings by the collection-equipment operators for sub- 
sequent use by the data analysts as a frequency reference. 

reference voltage — Alternating-current voltage in 
a synchro servosystem used to determine the in-phase or 
180° out-of-phase condition to provide directional sense. 

reference volume— The magnitude of a complex 
electric wave, such as that corresponding to speech or 
music, that gives a reading of O vu on a standard volume 
indicator. The sensitivity of the volume indicator is 
adjusted so that the reference volume of O vu is read when 
the instrument is connected across a 600-ohm resistance 
to which there is delivered a power of 1 milliwatt at 
1000 hertz. 

reference white—The light from a nonselective 
diffuse reflector as a result of the normal illumination 
of the scene to be televised. 

reference white level—1.In television, the 
picture-signal level corresponding to a specified maxi- 
mum limit for white peaks. 2. The maximum positive- 
polarity amplitude of the video signal. 
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refiring — Recycling a thick-film resistor through the 
firing cycle to change the resistor value. 

reflectance — |. Ratio of reflected fiux to incident 
flux. Unless otherwise specified, the total reflectance is 
meant; it is sometimes convenient to divide this into the 
sum of the specular and the diffuse reflectance. 2. See 
reflection factor, 2. 

reflected impedance — 1. The apparent impedance 
across the primary of a transformer when current flows in 
the secondary. 2. The impedance at the input terminals of 
a transducer as a result of the impedance characteristics 
at the output terminals. 3. The impedance seen at the 
input of a network when its output is terminated in an 
impedance of a specified value. (Most often, the network 
referred to in this connection is a transformer.) 

reflected power or signal-—The power fiowing 
back to the generator from the load. 

reflected resistance—The apparcnt resistance 
across the primary of a transformer when a resistive load 
is across the secondary. 

reflected wave — The wave that has been reflected 
from a surface, a junction of two different media, or a 
discontinuity in the medium in which it is traveling (e.g., 
the echo from a target in radar, the sky wave in radio, the 
wave traveling toward the source from the termination of 
a transmission line). 
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Reflected and direct waves. 


reflecting curtain—A vertical array of half-wave 
reflecting antennas placed one-quarter wavelength behind 
a radiating curtain of dipoles to form a pine-tree array. 

reflecting electrode — A tubular outer electrode 
or the repeller plate in a microwave oscillator tube 
corresponding in construction but not function to the plate 
of an ordinary triode. It is capable of generating extremely 
high frequencies. 

reflecting galvanometer— A galvanometer with a 
small mirror attached to the moving element. The mirror 
reflects a beam of light onto a scale. 

reflecting grating—-An arrangement of wires 
placed in a waveguide to reflect the desired wave while 
freely passing one or more other waves. 

reflection —1. The phenomenon in which a wave 
that strikes a medium of different characteristics is 
returned to the original medium with the angles of 
incidence and reflection equal and lying in the same plane. 
2. The change in direction imparted to light rays that 
impinge on a surface but do not penetrate therein. (Those 
rays which penetrate are either absorbed as heat energy or 
refracted within the material.) Equally applicable to other 
radiation. 3. Return of radiation by a surface, without 
change in wavelength. The reflection may be specular, 
from a smooth surface; diffused, from a rough surface or 
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from within the specimen; or mixed, a combination of 
the two. 

reflection altimeter— An aircraft altimeter that 
determines altitude by the reflection of sound, supersonic, 
or radio waves from the earth. 

reflection coefficient— 1. At the junction of a 
uniform transmission line and a mismatched terminating 
impedance, the vector ratios between the electric fields 
associated with the reflected and the incident waves. 2. At 
any specified plane in a uniform transmission medium, the 
vector ratios between the electric fields associated with the 
reflected and the incident waves. 3. At any specified plane 
in a uniform transmission line between a source and an 
absorber of power, the vector ratio between the electric 
fields associated with the reflected and the incident waves. 
It is given by the formula 


AA 
Z2+Z 


where the impedances Z, and Z are the impedances of 
the source and load, respectively. 4. A measure of the 
difference between the driving-source impedance and the 
input impedance of a filter. 5. Parametric measurement 
for elliptical fiber and cable expressed as a ratio of the 
two-directional flow of power through the cable at any 
chosen point. 

reflection color tube—A color picture tube that 
produces an image electron reflection in the screen region. 

reflection Doppler—A system utilizing the 
Doppler frequency shift to measure the position and/or 
velocity of an object not carrying a transponder. 

reflection error—In navigation, the error due to 
the wave energy that reaches the receiver as a result of 
undesired reflections. 

refiection factor— 1. Also called mismatch factor, 
reflectance reflectivity, or transition factor. The ratio of 
the current delivered to a load whose impedance is not 
matched to the source to the current that would be 
delivered to a load of matched impedance. Expressed as 


a formula: 
J/4Z\Z2 
Z,+ 22 


where Z, and Z, are the unmatched and the matched 
impedances, respectively. 2. Also called reflectance and 
reflectivity. A measure of the effectiveness of a surface 
in reflecting light; the ratio of reflected lumens to the 
incident lumens. 

reflection grating— A wire grating that is placed 
inside a waveguide so as to reflect a desired wave while 
at the same time allowing one or more other waves to 
pass freely. 

reflection hologram — A hologram that is illumi- 
nated by a source from the viewer’s side. 

reflection law — For any reflected object, the angle 
of incidence is equal to the angle of reflection. 

reflection loss— 1. That part of transmission loss 
due to the reflection of power at the discontinuity. 
2. The ratio (in decibels) of the power incident upon 
the discontinuity to the difference between the powers 
incident to and reflected from the discontinuity. 

reflection sounding—FEcho depth sounding in 
which the depth is measured by reflecting sound or super- 
sonic waves off the bottom of the ocean. 

reflective code—A code that appears to be the 
mirror image of a normal counting code. The most useful 
property of reflective codes is that only one digit changes 
at a time in increasing or decreasing by 1. The reflective 
binary code is called a Gray code. 

reflective jamming— See radar-confusion reflec- 
tors. 
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reflective optics — A system of mirrors and lenses 
used in projection television. 

reflectivity — See reflection factor, 2. 

reflectometer—A microwave system arranged to 
measure the incidental and reflected voltages and indicate 
their ratio. 

reflector— Also called a reflector element. 1. One 
or more conductors or conducting surfaces for reflecting 
radiant energy — specifically, a parasitic antenna element 
located in other than the general direction of the major 
lobe of radiation. 2. See repeller. 3. An element in a VHF 
antenna that is situated to the rear of the main dipole. 
Reflects radio waves onto the dipole. 4. The dish often 
employed to reflect quiet or distant sounds in an open 
air setting onto a microphone. 5. A metal plate, metal 
screen, or any of a group of spaced tuned rods (elements) 
placed back of the active element of an antenna to make 
it directive. 6. A type of conducting surface or material 
used to reflect radiant energy. 

reflector element — See reflector. 

reflector module — A device containing a light 
source and a photodetector that detects any object that 
reflects light produced by the source back to the detector. 

reflector satellite —A satellite so designed that 
radio or other waves bounce off its surface. 

reflector voltage — The voltage between the reflec- 
tor electrode and the cathode in a reflex klystron. 

reflex batffle —A speaker baffle in which a portion 
of the radiation from the rear of the diaphragm is 
propagated forward after a controlled phase shift or other 
modification. This is done to increase the overall radiation 
in some portion of the frequency spectrum. 

reflex bunching—In a microwave tube, a type 
of bunching that is brought about when the velocity- 
modulated electron stream is made to reverse its direction 
by means of an opposing dc field. 

reflex cabinet— A type of speaker enclosure fitted 
with a vent or port through which out-of-phase signals 
from the rear of the cone are “reflexed” by allowing the 
enclosed air in the cabinet to be tuned for a coupled 
resonance effect with the cone of the drive unit. The 
signals are then brought into phase with the front radiation 
from the cone of the speaker so as to reduce the “boomy” 
effect of resonance. 

reflex circuit — 1. A circuit through which the signal 
passes for amplification both before and after detection. 
2. A single stage of amplification that operates on two 
signals in widely separated frequency ranges. 

reflex klystron—A_ klystron with a reflector 
(repeller) electrode in place of a second resonant cavity, 
to redirect the velocity-modulated electrons through the 
resonant cavity that produced the modulation. Such 
klystrons are well suited for use as oscillators, because 
the frequency is easily controlled by repositioning the 
reflector. 

reflowing—The melting of an electrodeposit fol- 
lowed by solidification. The surface has the appearance 
and physical characteristics of being hot-dipped (espe- 
cially tin or tin alloy plates). 

reflow soldering — A method of soldering involving 
application of solder, in the form of preforms, paste, or as 
a solder plate, prior to the actual joining. To solder, the 
parts are joined and heated, causing the solder to remelt, 
or reflow. The joint can be made by resistance soldering, 
hot gas soldering, forced hot air oven, radiant heating, 
liquid immersion, or condensation soldering. 

refracted wave — Also called the transmitted wave. 
In an incident wave, the portion that travels from one 
medium into a second medium. 

refraction — 1. The change in direction of propaga- 
tion of a wavefront due to its passing obliquely from 
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one medium into another in which its speed is different. 
Refraction may also occur in a single medium of vary- 
ing characteristics. 2. The deflection from a straight path 
undergone by a light ray passing from one medium into 
another having a different index of refraction. 3. Light 
rays that impinge on a surface and thereafter continue 
through the material or substance generally have their 
directior: of travel altered. This bending constitutes refrac- 
tion. Example: light entering water from the air. 4. The 
bending of sound, radio, or light waves as they pass 
obliquely from a medium of one density to a medium of 
another density in which their speed is different. 5. The 
bending of light at the boundary of two surfaces. 
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Refraction (of radio waves). 


refraction error— In navigation, the error due to 
the bending of one or more wave paths by undesired 
refraction. 

refraction loss — That part of the transmission loss 
due to refraction resulting from nonuniformity of the 
medium. 

refractive index — Also called index of refraction. 
1. Of a wave-transmission medium, the ratio between the 
phase velocity in free space and in the medium. 2. The 
ratio of the velocity of light in a vacuum to its velocity 
in a material, such as a fiber. Also, the ratio of the sine 
of the angle of incidence of light on the material to the 
angle of refraction of the light. The refractive index of 
any material varies with the wavelength of light. In a 
fiber, core refractive index must be greater than that of 
the cladding. 

refractive modulus — Also called the excess mod- 
ified index of refraction. The excess over unity of the 
modified index of refraction. It is expressed in millionths 
and is given by the equation 


M =(n-+h/a— 1)10% 
where 
M = the refractive modulus, 
n = the index of refraction at a height H above sea 


level, and 
a = the radius of the earth. 


refractivity — Ratio of phase velocity in free space to 
that in the medium, minus |. 
An instrument for measuring the 
refractive index of a liquid or solid, usually from the 
critical angle at which total reflection occurs. 

refractor metal —A metal that has an extremely 
high meiting point; in the broad sense, a metal that has a 
melting point above those of iron, nickel, and cobalt. 

refractory metal-oxide semiconductor — See 
RMOS. 
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refrangible — Capable of being refracted. 

refresh — 1. The periodic renewing of data, or data- 
carrying electrical charges, in a semiconductor mem- 
ory. The data in various semiconductor memories would 
quickly be lost if this action were not taken periodi- 
cally. 2. CRT display technology requiring continuous 
restroking of the display image. 3. Repeated writing of 
display frames of a CRT display surface. Since the image 
is retained by nonstoring phosphor for only short inter- 
vals, it must be continually rewritten (refreshed) in order 
to remain visible. 

refresh cycle—The periodic recharging of the 
capacitors in a dynamic RAM (DRAM) array. 

refresh display— A CRT device that requires the 
refresh of its screen presentation at a high rate in order 
that the image will not fade or flicker. The refresh 
rate is proportional to the decay rate of the phosphor. 
Refresh displays require continuous interaction with the 
host computer and display controller. 

refresh rate—The number of times per second 
that a complete image is formed on the screen by a 
monitor or TV. Refresh rate is proportional to the decay 
rate of a monitor’s phosphor compound. A slow-decay 
phosphor produces bright images, but often a ghosting 
effect as well. A fast-decay phosphor’s images leave no 
such trailing effect, but are not as bright and may flicker. 
Refresh rates less than 70 Hz produce an annoying flicker, 
which can contribute to eye strain. 

refresh time interval (refresh period) — The 
time between the successive refresh operations that are 
required to restore the charge in a dynamic memory cell. 

regeneration — Also called regenerative feedback 
and positive feedback. 1. The gain in power obtained 
by coupling from a high-level point back to a lower- 
level point in an amplifier or in a system that encloses 
devices having a power-level gain. 2. In a computer stor- 
age device whose information storing state may dete- 
riorate, the process of restoring the device to its latest 
undeteriorated state. See also rewrite. 3. The replacement 
of a charge in a charge-storage tube to overcome decay 
effects, including a loss of charge by reading. 

regeneration control —A variable capacitor, vari- 
able inductor, potentiometer, or rheostat used in a regen- 
erative receiver to control the amount of feedback and 
thereby keep regeneration within useful limits. 

regenerative amplification— Amplification in 
which increased gain and selectivity are given by a 
feedback arrangement similar to that in a regenerative 
detector. However, the operation is always kept just below 
the point of oscillation. 

regenerative braking— 1. Dynamic braking in 
which the momentum, as the equipment is being braked, 
causes the traction motors to act as generators. A retarding 
force is then exerted by the return energy to the power- 
supply system. 2. A method of braking of an electric 
vehicle in which the vehicle's kinetic energy is converted 
to electric current that, in turn, is used to recharge the 
battery rather than being lost as heat. 

regenerative detector—A detector circuit in 
which regeneration is produced by positive feedback from 
the output to the input circuit. In this way the amplification 
and sensitivity of the circuit are greatly increased. 

regenerative divider— Also called a regenerative 
modulator. A frequency divider in which the output wave 
is produced by modulation, amplification, and selective 
feedback. 

regenerative feedback — See regeneration, 1. 

regenerative modulator—See regenerative 
divider. 
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Regenerative detector. 


regenerative receiver —A receiver in which con- 
trolled regeneration is used to increase the amplification 
provided by the detector stage. 

regenerative repeater — 1. A repeater that regen- 
erates pulses to restore the original shape. Used in tele- 
typewriter and other code circuits; cach code element is 
replaced by a new code element with specified timing, 
waveform, and magnitude. 2. Normally, a repeater uti- 
lized in telegraph applications. Its function is to retime 
and retransmit the received signal impulses restored to 
their original strength. These repeaters are speed and code 
sensitive and are intended for use with standard telegraph 
speeds and codes. 3. A circuit that samples incoming sig- 
nal pulses and retransmits them with perfect timing and 
no distortion. 

Regional Bell Operating Company (RBOC) — 
Also called Bell Operating Companies (BOC). Local 
telephone operating companies that were split off from 
AT&T and which provide most local and intrastate 
telephone service in the United States. 

regional channel— aA standard broadcast channel 
within which several stations may operate at 5 kilowatts 
or less. However, interference may limit the primary 
service area of such stations to a given field-intensity 
contour. 

regional 
ion, l. 

region of limited proportionality —The range 
of applied voltage, below the Geiger-Mueller threshold, 
where the gas amplification depends on the charge liber- 
ated by the initial ionizing event. 

register— 1. A short-term, fast-access circuit used to 
store bits or words in a CPU; its capacity usually is 
one computer word. Variations may include provisions 
for shifting, calculating, etc. Registers play a key role in 
CPU operations. In most applications the efficiency of 
programs is related to the number of registers. See also 
static shift register; dynamic shift register. 2. The relative 
position of all or part of the conductive pattern with 
respect to a mechanical feature of the board or to another 
pattem on the obverse side of the printed-circuit board 
(e.g., pattern-to-hole register or pattern-front-to-pattern- 
back register). 3. Also called registration. The accurate 
matching of two or more pattems such as the three 
images in color television. 4. A range of notes used for 
playing a particular piece or part of it (e.g., melody or 
harmony), particularly the range covered by a clavier or 
manual. 5. In an automatic-switching telephone system, 
the part of the system that receives and stores the dialing 
pulses that control the additional operations necessary to 
establish a telephone connection. 6. A device that can 
store information, usually that contained in a small subset 
or word of the total within a digital computer system. 
7. Logic elements (gates, flip-flops, shift registers) that, 
taken together, store 4-, 8-, or 16-bit numbers. They are 


interconnections — See interconnect- 
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essentially for temporary storage, in that the contents 
usually change from one instruction cycle to the next. 
In fact, much of a microprocessor’s operation can be 
learned by studying the registers, which take part in nearly 
all operations. 8. An electromechanical device that marks 
a paper tape in response to signal impulses received 
from transmitting circuits. A register may be driven by 
a prewound spring mechanism, an electric motor, or a 
combination of these. 9. One word of memory. Usually 
implemented in fast flip-flops, directly accessible to a 
processor. Most MPUs include a set of internal registers, 
which can be accessed much faster than the main memory. 
10. A special section of primary storage in a computer 
where data is held while it is being worked on. 

register control— Any device that provides auto- 
matic register. In photoelectric register control, a light 
source and phototube from a scanning head. Whenever a 
special mark or a part of the design printed on a continu- 
ous web of paper arrives at the scanning head, the amount 
of light reaching the phototube changes. If necessary, the 
web is then moved slightly to bring it back into register. 

register file —1. A small area of memory in which 
several data elements, or registers, can be accessed 
simultaneously, rather than one by one. 2. A bank of 
multiple-bit registers that can be used as temporary 
storage locations for data or instructions (sometimes 
referred to as a stack). 

register length —The number of digits, characters, 
or bits that a computer register can store. 

register mark — In printed circuits, a mark used to 
establish the relative position of one or more printed- 
wiring patterns or portions of patterns with respect to their 
desired locations on the base. 

register of a meter— In a meter, the part that 
registers the revolutions of the rotor, or the number of 
impulses received from or transmitted to the meter, and 
glves the answer in units of electric energy or other 
quantity measured. 

registration — 1. The accuracy of relative position 
or concentricity of all functional patterns on any mask 
with the corresponding patterns of any other mask of a 
given device series of masks when the masks are properly 
superimposed. 2. The degree of proper alignment of a 
circuit pattern on the substrate. 3. The degree of accuracy 
of pattern position with respect to patterns on other layers 
of double-sided or multilayer boards. 

registration marks— The marks used for aligning 
successive processing masks. 

registration of a meter — The apparent amount of 
electric energy (or other quantity being measured) that 
has passed through the meter, as shown by the register 
reading. It is equal to the register reading times the register 
constant. During a given period, it is equal to the register 
constant times the difference between the register readings 
at the beginning and end of the period. 

registry —The superposition of one image onto 
another (e.g., in the formation of an interlaced scanning 
raster). 

regular — Pertaining to reflection, refraction, or trans- 
mission in a definite direction rather than in a diffused or 
scattered manner. 

regulated power supply —A unit that maintains 
a constant output voltage of current for changes in line 
voltage, output load, ambient temperature, or time. 

regulating device—A device that functions to 
regulate a quantity or quantities such as voltage, current, 
power, speed, frequency temperature, and load, at a 
certain value or between certain limits for machines, tie 
lines, or other apparatus. 

regulating transformer — A transformer for adjust- 
ing the voltage or the phase relation (or both) in steps, 
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usually without interrupting the load. It comprises one or 
more windings excited from the system circuit or a sepa- 
rate source, and one or more windings connected in series 
with the system circuit. 

regulating winding — A supplementary transformer 
winding connected in series with one of the main wind- 
ings and used for changing the ratio of transformation or 
the phase relationship, or both, between circuits. 

regulation — 1. The difference between the maxi- 
mum and minimum voltage drops within a specified 
anode-current range in a gas tube. 2. The holding con- 
stant of some condition (e.g., voltage, current, power, 
or position). 3. In a power supply, the ability to main- 
tain a constant load voltage or load despite changes in 
line voltage or load impedance. 4. The change in value 
of dc output voltage of a power supply resulting from a 
change in ac input voltage over the specified range from 
low (105 V ac) to high (125 V ac) or from high line to 
low line. Normally specified as the plus or minus change 
around the nominal ac input voltage. 

regulation of a constant-current transfor- 
mer— The maximum departure of the secondary current 
from its rated value, expressed in percent of the rated 
secondary current, with the rated primary voltage and 
frequency applied and at the rated secondary power factor 
and with the current variation taken between the limits of 
a short circuit and rated load. 

regulation of a constant-potential trans- 
former — The change in secondary voltage, expressed in 
percent of rated secondary voltage, that occurs when the 
rated kVA output at a specified power factor is reduced to 
zero, with the primary impressed terminal voltage main- 
tained constant. In the case of a multiwinding transformer, 
the loads on all windings or specified power factors are 
to be reduced from the rated kVA to zero simultaneously. 

regulator— 1. A device whose function is to main- 
tain a designated characteristic at a predetermined value or 
to vary it according to a predetermined plan. 2. A device 
used to maintain a desired output voltage or current con- 
stant regardless of normal changes to the input or to the 
output load. 

regulator tube —A two-electrode glow-discharge 
gas tube that has an essentially constant voltage drop. 
When series-connected with a resistance across a dc 
source, the tube will maintain a constant dc voltage 
across its terminal, with wide variations in the dc source 
voltage. 

reignition — The generation of multiple counts within 
a radiation-counter tube by the atoms or molecules 
excited or ionized in the discharge accompanying a tube 
count. 

reignition voltage — Also called restriking voltage. 
That voltage that is just sufficient to reestablish con- 
duction of a gas tube if applied during the deionization 
period. It varies inversely with time during the deioniza- 
tion period. 

Reike diagram— A polar-coordinate load diagram 
for microwave oscillators, particularly for klystrons and 
magnetrons. 

Reinartz crystal oscillator — A crystal-controlled 
vacuum-tube oscillator in which the crystal current is kept 
low by placing in the cathode lead a resonant circuit tuned 
to haif the crystal frequency. The resultant regeneration 
at the crystal frequency improves the efficiency, but 
without the problem of uncontrollable oscillations at other 
frequencies. 

reinforced insulation— An insulation providing 
protection against electrical shock hazard; equivalent to 
double insulation. 
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reinsertion of a carrier—Combining a iocally 
generated carrier signal in a receiver with an incoming 
suppressed-carrier signal. 

reinstalling — Installing a program onto a computer 
for a second time in order to overwrite the old software 
and potentially fix a problem. 

rejection band— The frequency range below the 
cutoff frequency of a uniconductor waveguide. 

rejector — Filter or part of a circuit that rejects a 
particular frequency or band of frequencies. 

rejector circuit— A circuit that suppresses or elim- 
inates signals of the frequency to which it is tuned. 

rejuvenator—A device or instrument for restoring 
the emissivity of a thermionic cathode by running it at an 
elevated temperature for a short period of time. 

rel—A unit of reluctance, equal to one ampere-turn 
per magnetic line of force. 

relative  accuracy— I. The possible deviation 
among the standards in a group. 2. The input-to-output 
error as a fraction of full scale with gain and offset 
errors adjusted to zero. Relative accuracy is a function 
of linearity. 

relative address — 1. A designation used to identify 
the position of a memory location in a computer routine or 
subroutine. 2. A label used to identify a word in a routine 
or subroutine with respect to its position in that routine or 
subroutine. 3. An address of a machine instruction that is 
referred to an origin address. For example, consider the 
relative address 14, which is translated into the absolute 
address Ongin R + 14, where R is, typically, the contents 
of the program counter. Relative addressing allows the 
generation of position-independent code. 

relative addressing—A method of memory 
addressing in which the desired information is located 
by adding a distance from a pointer to the pointer. The 
location in relation to the base address or pointer is 
known. 

relative bearing — The bearing in which the direc- 
tion of the reference line is the heading of the vehicle. 

relative binary — The primary form in which infor- 
mation is generated by a link editor and as such has all 
internal links resolved and is capable of holding address 
references such that they are relative, usually to one single 
base address. 

relative coding —In a computer, coding in which 
all addresses refer to an arbitrarily selected position, or in 
which all addresses are represented symbolically. 

relative damping of an instrument— Also called 
specific damping. Ratio of the actual damping torque at 
a given angular velocity of a moving element to the 
damping torque that would produce critical damping at 
this same angular velocity. 

relative detector response —A plot showing 
how the response (ability to detect a signal) varies with 
wavelength. 

relative dielectric constant — Ratio of the dielec- 
tric constant of a material to that of a vacuum. The latter 
is arbitrarily given a value of 1. 

relative gain of an antenna — The gain of an 
antenna in a given direction when the reference antenna 
is a half-wave loss-free dipole isolated in space whose 
equatorial plane contains the given direction. 

relative humidity — 1. Ratio of the quantity of water 
vapor in the atmosphere to the quantity that would 
saturate at the existing temperature. Usually expressed as 
a percentage. 2. Ratio of the pressure of water vapor to 
that of saturated water vapor at the same temperature. 

relative interference effect— With respect to 
a single-frequency electric wave in an electroacoustic 
system, the ratio (usually expressed in decibels) of the 
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amplitude of a wave of specified reference frequency to 
that of the given wave when the two waves produce equal 
interference effects. 

relative luminosity — Ratio of the actual luminosity 
at a particular wavelength to the maximum luminosity at 
the same wavelength. 

relative Peltier coefficient— The Peltier coeffi- 
cient of a couple made up of the given material as the 
first-named conductor and a specified standard conductor, 
commonly platinum, lead, or copper. 

relative permeability— 1. Ratio of the magnetic 
permeability of one material to that of another, or of 
the same material under different conditions. 2. The 
permeability of a body relative to that of a vacuum. 

relative plateau slope— The average percentage 
change in the counting rate of a radiation-counter tube 
near the midpoint of the plateau, per increment of 
applicd voltage. lt is usually expressed as the percentage 
change in counting rate per 100-volt change in applied 
voltage. 

relative power— A power level referred to another 
power level. 

relative power gain—Of one transmitting or 
receiving antenna over another, the measured ratio of the 
signal power one antenna produces at the receiver input 
terminals to the signal power produced by the other, the 
transmitting power level remaining fixed. 

relative refractive index — Ratio of the refractive 
indices of two media. 

relative response — The ratio, usually expressed in 
decibels, of the response under some particular conditions 
to the response under reference conditions (which should 
be stated explicitly). 

relative Seebeck coefficient — The Seebeck coef- 
ficient of a couple made up of the given material as the 
first-named conductor and a specified standard conductor 
such as platinum, lead, or copper. 

relative spectral response—The output or 
response of a device as a function of wavelength 
normalized to the maximum value. 

relaxation—An action requiring an observable 
length of time for initiation in response to a sudden change 
in conditions. 

relaxation circuit— A circuit arrangement, usually 
of vacuum tubes, reactances, and resistances, that has two 
states or conditions, one, both, or neither of which may 
be stable. The transient voltage produced by passing from 
one to the other, or the voltage in the state of rest, can be 
used in other circuits. 

relaxation inverter—An inverter that uses a 
relaxation-oscillator circuit to convert dc power to ac 
power. 

relaxation oscillator— 1. An oscillator that gen- 
erates a nonsinusoidal wave by gradually charging and 
quickly discharging a capacitor or an inductor through a 
resistor. The frequency of a relaxation oscillator may be 
self-determined or determined by a synchronizing voltage 
derived from an external source. 2. An oscillator charac- 
terized by two semistable states such that when changed 
to either stale the system will, after a time, recover the 
other state without external excitation. 3. An oscillator 
whose frequency is determined by the time required to 
charge a capacitor through a resistor. It produces a saw- 
tooth output. 

relaxation time— 1. The time an exponentially 
decaying quantity takes to decrease in amplitude by a 
factor of 0.3679. 2. The average time between collisions 
of an electron with the lattice. 

relay — 1. An electromechanical device in which con- 
tacts are opened and/or closed by variations in the 
conditions of one electric circuit and thereby effect the 
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operation of other devices in the same or other electric 
circuits. 2. A transmission forwarded by way of an inter- 
mediate action. 3. An intermediate station on a multilink 
radio system. 4. An electromechanical device that opens 
or closes electrical contacts when energized by an iso- 
lated electrical coil circuit. Basically an electromagnetic 
solenoid arranged to open or close a spring-loaded arma- 
ture. The construction and insulation of this device per- 
mits it to switch high-current or high-voltage power when 
an electromagnet is actuated by a low-power coil. Relays 
are also used for the remote switching of low signal lev- 
els in communications and telecommunications and may 
have many different contact combinations. 5. A device 
used to connect (make) or interrupt (break) an electrical 
current path. Unlike a switch, which is usually actuated 
by hand or by external mechanical action, a relay has its 
own built-in actuating mechanism that is responsive to a 
controlling voltage or current. 
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relay bias — Bias produced by a spring on an electro- 
magnet. By acting on the relay armature, the spring tends 
to hold it in a given position. 

relay broadcast station— A station licensed to 
retransmit, from points where wire facilities are not 
available, the programs from one or more broadcast 
stations. 

relay center — A central point at which switching of 
messages takes place. 

relay contacts — Contacts that are closed or opened 
by the movement of a relay armature. 

relay driver—A circuit with the high-voltage and 
high-current switching capability necessary for actuation 
of electromechanical relays. 

relay drop — A relay activated by an incoming ring- 
ing current to call an operator’s attention to a telephone 
subscriber’s line. 

relay flutter — Erratic rather than positive operation 
and release of a relay. 

relay function — Control of power in one circuit by 
means of a low-power, isolated signal in another circuit. 
See figure on page 639. 

relay magnet—A coil and iron core forming an 
electromagnet that, when energized, attracts the armature 
of a relay and thereby opens or closes the relay contacts. 

relay receiver—A specific assembly of apparatus 
that accepts a sound or television relay signal at its input 
terminals and delivers the amplified signal at its output 
terminals. 

relay selector—aA relay circuit associated with a 
selector, consisting of a magnetic impulse counter, for 
registering digits and holding a circuit. 
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relay station — See relay transmitter. 

relay-station satellite — An artificial earth satellite 
intended to receive radio signals from the earth and 
retransmit them on command to other receiving stations. 

relay system — Dial switching equipment made up 
principally of reiays instead of mechanical switches. 

relay transmitter — Also called a repeater or relay 
station (but only if the signal is reduced to a composite 
picture signal at a standard impedance level and polarity 
between the receiver and transmitter). The specific assem- 
bly of apparatus that accepts a sound or television relay 
input signal from the relay receiver and rebroadcasts it to 
another station outside the range of the operating station. 

release — 1. An electromagnetic device that opens a 
circuit breaker automatically or allows a motor starter to 
return to its off position when tripped by hand, by an 
interruption of power-supply operation, or by an excessive 
current. 2. The condition attained by a relay when it 
has been deenergized, all contacts have functioned, and 
the armature (if applicable) has attained a fully opened 
position. 3. See disconnect, 3. 4. A system service that 
informs the operating system that a task no longer requires 
use of a resource. 

release current— 1. The maximum current needed 
to fully release a relay after it has been fully closed. 
2. That value of current at which a relay will just release 
after having been operated for an appreciable time. 

release force — The value to which the force on the 
actuator of a momentary-contact switch must be reduced 
to allow the contacts to snap from the operated contact 
position to the normal contact position. 

release time — 1. The time interval from coil deen- 
ergization of a reed relay to the functioning time of the 
last contact to function. Where not otherwise stated, the 
functioning time of the contact in question is taken as 
its initial functioning time (that is, it does not include 
contact bounce time). 2. Also called held time. The time 
interval during which data must not change after a flip- 
flop has been clocked. 3. The time for a gain-changing 
device (such as a compressor/limiter or an expander) to 
recover from changes in signal level. 

releasing position — That position of the actuator 
of a momentary-contact switch at which the contacts snap 
from the operated contact position to the normal contact 
position. 

reliability —1. The probability that a device will 
perform adequately for the length of time intended and 
under the operating environment encountered. 2. The 
characteristic of an item expressed by the probability that 
it will perform a required function under stated conditions 
for a stated period. 3. The probability of failure-free 
performance of a device system or component for a 
given period under certain stress conditions. Probability 
of success. 4. A measure of a good device’s ability to 
meet the required specifications for a given period. 5. The 
ability of an item to perform a required function under 
stated conditions for a specified period of time. 
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reliability assurance — The management and tech- 
nical integration of the reliability activities essential in 
maintaining reliability achievements, including design, 
production, and product assurance. 

reliability control — The scientific coordination and 
direction of technical reliability activities from a system 
viewpoint. 

reliability data — 1. Data related to the frequency of 
failure of an item, equipment, or system. This data may be 
expressed in terms of failure rate, mean time between fail- 
ures (MTBB), or probability of success. 2. Data contained 
in comprehensive documents that provide a detailed his- 
tory of the reliability evaluation of component parts, 
component assemblies, etc., or the entire program during 
the design, development, production, and major product 
improvement phases of an equipment, weapon, or weapon 
system in which engineering studies have been performed 
to select the most reliable product for the intended appli- 
cation. 

reliability engineering — 1. The establishment, dur- 
ing design, of an inherently high reliability in a product. 
2. The science of including those factors in the basic 
design that will ensure the required degree of reliability. 

reliability index— A quantitive measure of the reli- 
ability of equipment or systems. 

reliability test— Test and analyses carried out in 
addition to other type tests and designed to evaluate 
the level of reliability in a product, etc., as well as the 
dependability, or stability, of this level relative to time 
and use under various environmental conditions. 

reliable control— Equipment that performs control 
functions similar to those performed by conventional 
relay panels and electromechanical devices. Commands 
are stored in the PC’s built-in program. Control actions 
(outputs) are initiated by signals from sensing devices 
(inputs) located in the machine or process being con- 
trolled. Input can be supplied by limit switches, photo- 
electric cells, timers, temperature and pressure sensors, or 
similar devices. 

relieving anode — In a pcol-cathode tube, an auxil- 
lary anode that provides an alternative conducting path to 
reduce the current to another electrode. 

relocatability — That characteristic of a compiled 
or assembled computer program segment that makes 
possible loading (locating) it into any region of memory. 

relocatable — 1. Computer program or routine that 
does not contain fixed addresses, and can therefore be 
easily relocated elsewhere in the memory. 2. Object 
programs that can reside in any part of system memory. 
The actual starting address is established at load time 
by adding a relocation offset to the starting address. 
Relocatable code is typically composed of position- 
independent code. 

relocatable assembler — A program that translates 
object code from an assembly-language source program, 
using memory locations specified as displacements from 
a relative origin or as external references. This facilitates 
the running of programs in any memory area. 

relocatable binary — The form in which informa- 
tion is generated by a compiler or assembler and which 
is the primary input to a link editor. 

relocatable macro assembler — A program that 
permits instruction groups to be combined for execution, 
using symbolic addresses. 

relocatable program—aA software program so 
written that it can be moved to and executed from many 
different areas of memory. 

relocate —In computer programming, to move a 
routine from one part of storage to another and adjust 
the necessary address references to permit execution of 
the routine in its new location. 
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relocation dictionary — In a computer, the part of 
an Object or load module that provides identification of 
all relocatable address constants in the module. 

reluctance — |. The resistance of a magnetic path to 
the flow of magnetic lines of force through it. It is the 
reciprocal of permeance and is equal to the magnetomo- 
tive force divided by the magnetic flux. 2. Property of a 
magnetic circuit that determines the total magnetic flux in 
the circuit when a given magnetomotive force is applied. 

reluctance pickup — A pickup that depends for its 
operation on variations in the reluctance of a magnetic 
circuit due to the movements of an iron stylus assembly 
that is a part of the magnetic circuit. The reluctance vari- 
ations alternately increase and decrease the flux through 
two series-connected coils, inducing in them the desired 
ac output voltage. 

reluctance-type synchronous motor— An ac 
motor that runs at synchronous speed without excitation 
because of the salient pole rotor punchings of the lamina- 
tions. The rotor has a squirrel cage type winding. Made 
in single- and three-phase types. 

reluctive transduction—The conversion of the 
measurand into a change in ac voltage by changing the 
reluctance path between two or more coils when ac 
excitation is applied. 

reluctivity — The ability of a magnetic material to 
conduct magnetic flux. It is the reciprocal of permeability. 

rem—A measure of physiological damage to the 
human body caused by radiation, calculated as the 
absorbed dose in rads multiplied by various factors that 
qualify the type of radiation and the way in which it 1s 
absorbed. See roentgen equivalent man. 

remanence — |. The extent to which a body remains 
magnetized after removal of a magnetizing field that has 
brought the body to its saturation (maximum) magnetiza- 
tion. A substance with remanence is called ferromagnetic. 
2. The magnetic induction that remains in a magnetic cir- 
cuit after the removal of an applied magnetomotive force. 
(If there is an air gap in the magnetic circuit, the rema- 
nence will be less than the residual induction.) 

remanent magnetization—The magnetization 
retained by a substance after the magnetizing force has 
been removed. 

reminder chirp — Optional feature of a pager that 
emits a “chirp” every two minutes when there are unread 
messages. 

remodulator— A device for converting amplitude 
modulation to audio-frequency-shift modulation for trans- 
mission over voice radio-frequency channels. 

remote — See field pickup. 

remote access — |. Having to do with communi- 
cation with a data-processing facility by stations at a 
distance from the facility. 2. Pertaining to communica- 
tion with a computer processor by terminal stations that 
are distant from that processor. 

remote alarm — An alarm signal that is transmitted 
to a remote monitoring station. See also local alarm. 

remote batch— A method of entering jobs into a 
computer from a remote terminal in a conversational 
mode, for processing later in a batch processing mode. 
In this mode a plant or office geographically distant from 
the central computer can load in a batch of transactions, 
transmit them to the computer, and receive the results by 
mail or via direct transmission to a printer or other output 
device at the remote site. 

remote control—1. Any system of control per- 
formed from a distance. The control signal may be con- 
veyed by intervening wires, sound (ultrasonics), light, or 
radio. 2. Manual control, with the control operator mon- 
itoring the operation on duty at a control point located 
elsewhere than at the station transmitter, such that the 
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associated operating adjustments are accessible through 
a control link. 3. A method whereby a device is pro- 
grammable via its electrical interface connection in order 
to enable the device to perform different tasks. 

remote-cutoff tube — Also called a variable-mu or 
extended-cutoff tube. An electron tube used mainly in rf 
amplifiers. The control-grid wires are farther apart at the 
center than at the ends. Therefore, the amplification of the 
tube does not vary in direct proportion to the bias. Also, 
some plate current will flow regardless of the negative 
bias on the grid. 

remote error sensing—A means by which the 
regulator circuit of a related power supply senses the 
voltage directly at the load. This connection is used to 
compensate for a voltage drop in the connecting wires. 

remote indicator—1. A radar indicator that is 
connected in parallel with a primary indicator. 2. An 
indicator located some distance away from the data- 
gathering element. 

remote job entry — The process of entering data- 
processing jobs or tasks for execution from an input 
device, such as a terminal that is remote from the 
processing computer and connected to the computer by 
a communication line. 

remote line —A program transmission line between 
a remote-pickup point and the studio or transmitter site. 

remote/local — Refers to device connection to a 
given computer with remote devices attached directly 
over communications lines and local devices attached 
directly to a computer channel; in a network environment 
the computer itself may be a remote device to the CPU 
controlling the network. 

remotely adjustable timer—.A time delay having 
external leads to which a variable or fixed resistor can be 
attached. 

remote metering — See telemetering. 

remote pickup — Transmitting a program that orig- 
inates away from the studio to the studio or transmitter 
over telephone lines or a radio link. 

remote plan-position indicator— See PPI re- 
peater. 

remote programming— A power supply feature 
whereby the controlled output parameter, voltage, or 
current may be controlled through the application of 
external resistance, voltage signals, or current signals to 
designated external terminals. 

remote sensing— l. In a power supply, termina- 
tions that allow the regulator to sense and regulate the 
output voltage at a remote location, usually the load. This 
connection is used to compensate for voltage drops in the 
power leads. The maximum voltage drop in both power 
leads must be specified. 2. Technique that utilizes electro- 
magnetic energy to detect and quantify information about 
an object that is not in contact with the sensing apparatus. 

remote station — Data terminal equipment for com- 
munication with a data-processing system that is distant 
electrically or in terms of time or space. 

remote-station alarm system — An alarm system 
that employs remote alarm stations, usually located in 
building hallways or on city streets. 

remote subscriber — A network subscriber without 
direct access to the switching center, but with access to the 
circuit through a facility such as a base message center. 

remote terminal — 1. A terminal that is a substantial 
distance from the central computer. Usually it accesses 
the computer through a telephone line or other type of 
communication link. 2. An input-output control unit and 
one Or more input/output devices at some distance from 
the central processing unit. 

removable contact—A contact that can be 
mechanically joined to or removed from an insert. 
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Usually, special tools are required to lock the contact in 
place or remove it for repair or replacement. 

render — A computer graphics process that removes 
hidden surfaces and jagged edges from computer- 
generatec 3D models by adding shades, texture, depth, 
and other realistic attributes. 

renewable fuse-—A fuse that may be readily 
restored to operation by replacing the fused link. 

reoperate time— The release time of a thermal 
relay. 

rep — Abbreviation for roentgen equivalent physical. 

repaint—To redraw a display image on a CRT to 
reflect its updated status. 

repair—To restore a failed module or system to a 
specified operable condition. 

repairing — The act of restoring the functional capa- 
bility of a defective part without necessarily restoring 
appearance, interchangeability, and uniformity. 

repeatability — 1. The ability of a device or instru- 
ment to come back to the same reading after a certain 
length of time. 2. The ability of an instrument to repeat its 
readings taken when deflecting the pointer up-scale, com- 
pared to the readings taken when deflecting the pointer 
down-scale, expressed as a percentage of the full-scale 
deflection. 3. See precision, 2. 4. The ability of a trans- 
ducer to reproduce output readings when the same mea- 
surand value is applied to it consecutively, in the same 
direction. (Short time duration.) 5. The precision with 
which a sensor will give the same output or yalue among 
repeated temperature measurements. 

repeatability error — The inability to reproduce the 
same output readings when a given level of measurand is 
applied repeatedly in the same direction. 

repeat-cycle timer —A timer that has any number 
of load contacts and that continues to repeat its time 
program as long as power 1s applied. 

repeater— 1. An FM, TV, facsimile, or similar sta- 
tion that receives a signal on some input frequency and 
automatically transmits the received signal on some out- 
put frequency. The purpose of a repeater is to extend 
the communication range between a group of stations. 
The repeater generally consists of a receiver with its 
antenna, a contro! unit, and a transmitter with its antenna. 
2. Switch by which originating central-office, calling- 
telephone dialed pulses are repeated to switches at a 
distant office. 3, Relay circuit in dial signaling, which 
amplifies and repeats dial pulses received from one cir- 
cuit into another. 4. A device used to amplify and/or 
reshape signals. 5. A sensitive receiver coupled to a high- 
power transmitter located on top of a tall building or high 
hill. 6. A device that serves to amplify signals that have 
become too weak. 7. A device that converts a received 
optical signal to its electrical equivalent, reconstructs the 
source signal format, amplifies it, and reconverts it to 
an optical output signal. 8. A device that serves as an 
interface between two circuits, receiving signals from one 
circuit and transmitting them to the other circuit. 

repeater control operator — A licensed amateur 
designated by a repeater trustee who offers assistance 
with autopatch and listens for inappropriate use of the 
repeater. (This is different from the FCC’s definition of a 
control operator, which is anyone in control of an amateur 
transmitter.) 

repeater facility — Radio equipment needed to relay 
radio signals between central stations, satellite stations, 
and/or protected premises. 

repeater jammer — Equipment intended to confuse 
or deceive the enemy by causing its equipment to present 
false information regarding azimuth, range, number of 
targets, etc. This result is achieved by a system that 
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intercepts and reradiates a signal on the frequency of the 
enemy equipment. 

repeater station — 1. Station licensed to automati- 
cally retransmit the radio signals of other (amateur) radio 
stations. 2. See relay transmitter. 

repeating coil— 1. An audio-frequency transformer, 
usually with a l:1 ratio, for connecting two sections 
of telephone line inductively to permit the formation of 
simplex and phantom circuits. 2. Telephone industry term 
for a voice-frequency transformer. 

repeating-coil bridge cord — A way of connecting 
the common office battery to the midpoints of a repeating 
coil, which is bridged across the cord circuit. 

repeating flash tube—A flash tube that, by 
producing rapid, brilliant flashes, permits night aerial 
photographs to be taken from as high as two miles. 

repeating timer — A timer that repeats each operat- 
ing cycle automatically until excitation is removed. 

repeller— Sometimes called a reflector. 1. An elec- 
trode whose primary function 1s to reverse the direction 
of an electron stream. 2. The element in a reflex klystron 
tube that reflects the electrons back toward the grid. 

reperforator— 1. A device that converts teletype- 
writer signals into perforations on tape instead of the usual 
typed copy on a roll of paper or ticker tape. 2. A machine 
that reads one punched paper tape or card and punches 
the same information into another paper tape or card. 

reperforator/transmitter — An integrated unit for 
temporarily storing traffic for retransmission. It consists 
of a paper-tape punch and a paper-tape reader. 

repertory dialer—A device that automatically 
places a telephone call to any one of the phone numbers 
stored therein. 

repertory dialing —The process of dialing a com- 
plete telephone number, or area code plus number, by 
pressing a single button key. The telephone set (or acces- 
sory dialer) has a number of buttons that can be pro- 
grammed to produce an individual telephone number. 

repertory instruction — 1. A set of instructions that 
a computing or data-processing system can perform. 2. A 
set of instructions assembled by an automatic coding 
system. 

repetition equivalent — A measure of the quality of 
transmission experienced by the subscribers using a com- 
plete telephone connection. It represents a combination 
of the effects of volume, distortion, noise, and all other 
subscriber reactions and usage. 

repetition frequency —The number of repetitions 
of an event per unit time. 

repetition instruction—A computer instruction 
that calls for one or more instructions to be executed an 
indicated number of times. 

repetition rate —1. The number of repetitions of 
an event per unit time. For example, in radar, the rate 
(usually expressed in pulses per second) at which pulses 
are transmitted (also called pulse repetition frequency, 
recurrence rate, or repetition frequency). 2. The number of 
repetitions per unit time requested by users of a telephone 
connection. 

repetitive logic— A large-scale repetition of logic 
functions (or cell structures), such as in a memory or shift 
register. A semiconductor memory, for example, is simply 
a repetition of identical structures of transistors and their 
interconnects. As a result, repetitive-logic circuits on a 
chip generally have a checkerboard pattern and, thus, are 
relatively easy to fabricate. 

repetitively pulsed laser—A pulsed laser that 
emits a recurring pulsed output. Frequency of the pulses 
emitted is known as pulsed recurrence frequency, PRF. 
When the PRF or duty cycle is very high, repetitively 
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pulsed lasers illustrate properties like those of the cw 
laser. 

repetitive peak inverse voltage — The maximum 
allowable instantaneous value of reverse (negative) volt- 
age that may be repeatedly applied to the anode of an 
SCR with the gate open. This value of peak inverse volt- 
age does not represent a breakdown voltage, but it should 
never be exceeded (except by the transient rating if the 
device has such a rating). 

repetitive peak off-state voltage — The highest 
instantaneous value of the off-state voltage that occurs 
across a thyristor, including all repetitive transient volt- 
ages but excluding all nonrepetitive transient voltages. 

repetitive peak on-state current—The peak 
value of the on-state current, including all repetitive 
transient currents. 

repetitive unit — A type of circuit that appears more 
than once in a computer. 

replacement theory — The mathematics of deteri- 
oration and failure, used in estimating replacement costs 
and selecting optimum replacement policies. 

reply — In transponder operation, the radio-frequency 
signal or signals transmitted as a result of an interrogation. 

repolarization — The process by which the normal 
resting potential of a biological cell is restored after the 
cell has fired, or depolarized. 

report— |. The output document produced by a data- 
processing system. 2. An application data display or print- 
out containing information in a user-designed format. 
Reports include operator messages, part records, produc- 
tion lists, etc. Initially entered as messages, reports are 
stored in a memory area separate from the user’s program. 

report generation — |. In a computer, production of 
complete output reports from only a specification of the 
desired content and arrangement and from specifications 
regarding the input file. 2. The printing or displaying 
of user-formatted application data by means of a data 
terminal. Report generation can be initiated by means of 
either the user’s program or a data terminal keyboard. See 
message; report. 

report generator—A special computer routine 
designed to prepare an object routine that, when later run 
on the computer, produces the desired report. 

representative calculating time — A measure of 
the performance speed of a computer; it is the time 
required for performance of a specified operation or series 
of operations. 

reproduce — In a computer, to prepare a duplicate of 
stored information. 

reproduce head— An electromagnetic transducer 
that converts the remanent flux pattern in a magnetic 
tape into electric signals during the reproduce (playback) 
process. 

reproducer— A device used to translate electrical 
signals into sound waves. 

reproducibility — 1. The exactness with which mea- 
surement of a given value can be duplicated. 2. See pre- 
cision, 2. 

reproducing stylus—A mechanical element that 
hollows the modulations of a record groove and trans- 
mits the mechanical motion thus derived to the pickup 
mechanism. 

reproduction speed—JIn facsimile, the area of 
copy recorded per time. 

reprogrammable ROM—A ROM that can be 
programmed any number of times. Generally, however, 
the information stored in a reprogrammable ROM is 
changed very seldom, 

repulsion — The mechanical force that tends to push 
apart adjacent conductors that carry currents in opposite 
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directions, or tends to separate bodies having like electro- 
static charges or magnetic poles of like polarity. 

repulsion-induction motor—A constant- or 
variable-speed repulsion motor with a squirrel-cage 
winding in the rotor in addition to the regular winding. 

repulsion motor — A single-phase motor in which 
the stator winding is connected to the source of power, 
and the rotor winding to the commutator. Brushes on the 
commutator are short-circuited and are placed so that the 
magnetic axis of the brush winding is inclined to that of 
the stator winding. This type of motor has a varying speed 
characteristic. 

repulsion-start, induction-run motor—A 
single-phase motor that has the same windings as a 
repulsion motor but operates at a constant speed. The 
rotor winding is short-circuited (or otherwise connected) 
to give the equivalent of a squirrel-cage winding. It starts 
as a repulsion motor, but operates as an induction motor 
with constant-speed characteristics. 

request repeat system—A system that uses an 
error-detecting code and is arranged so that when a signal 
is detected as being in error, a request for retransmission 
of the signal is initiated automatically. 

request-response time — The interval between an 
operator’s request for a display and the moment it appears 
on the screen. 

required voltage (engine or vehicle) — The volt- 
age required to fire the spark plugs. Requirement data 
is obtained using the same instrumentation as for avail- 
able voltage runs, but with all spark plug leads connected. 
Values plotted are the maximum voltage observed, view- 
ing all cylinders simultaneously. Requirements are usually 
determined with the engine operating at full load (wide- 
open throttle) and under a variety of part-load conditions 
to ascertain the maximum required voltages. 

reradiation — 1. Scattering of incident radiation. 
2. Radiation from a radio receiver resulting from 
insufficient isolation between the antenna circuit and the 
local oscillator and causing undesirable interference in 
other receivers. 

rerecording — The process of making a recording by 
reproducing a recorded sound source and recording this 
reproduction. See also dubbing. 

rerecording system — An association of reproduc- 
ers, mixers, amplifiers, and recorders capable of being 
used for combining or modifying various sound record- 
ings to provide a final sound record. Recording of speech, 
music, and sound effects may be so combined. 

rerun — Also called rollback. 1. To run a computer 
program (or a portion of it) over again. 2. To repeat 
an entire transmission. 3. In a computer, a system that 
will restart the running program after a system failure. 
Snapshots of data and programs are stored at periodic 
intervals and the system rolls back to restart at the last 
recorded snapshot. 

rerun point—In a computer program, one of a set 
of preselected points located in a computer program such 
that if an error is detected between two such points, the 
problem may be rerun by returning to the last such point 
instead of returning to the start of the problem. 

rerun routine—A computer routine designed to 
be used, in the event of a malfunction or mistake, to 
reconstitute a routine from the previous rerun point. 

reset — |. To restore a storage device to a prescribed 
state. 2. To place a binary cell in the initial, or 0, state. 
See also clear. 3. An input to a binary counter or register 
that causes all binary elements to assume the O logical 
state or the minimum binary state. 4. The technique of 
returning an electronic device to its starting point. Some 
equipment offers automatic reset; other apparatus offer 
manual or automatic and manual reset. 5. To restore a 
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device to its original (normal) condition after an alarm or 
trouble signal. 

reset action — A type of control in which correction 
is proportional to both the length of time and the amount 
that a controlled process has deviated from the desired 
value, and provision is made to ensure that the process is 
returned to its set point. 

reset button—A button that restarts a computer 
without turning power off and on. 

reset pulse —A drive pulse that tends to reset a 
magnetic cell. 

reset rate — The number of corrections made per unit 
of time by a control system; it usually is expressed in 
terms of the number of repeats per minute. 

reset terminal — Also called clear terminal or zero- 
input terminal. fn a flip-flop, the input terminal used to 
trigger the circuit from its second state back to its original 
State. 

reset time — 1. A timer that can be reset by electrical 
means. May be either an on-delay or off-delay type. 2. A 
timer with one or more circuits that spring-reset to zero 
when the clutch is disengaged. 3. The period required 
from the time of the reset command until a timer is fully 
returned to the before-start conditions ready for the next 
cycle. 

resident assembler— An assembler that runs on 
the machine for which it generates code. Eliminates the 
need for another computer system or time-sharing service, 
as required by a cross assembler. 

residual—1. The difference between any value and 
some estimate of the mean of such values; e.g., residuals 
from a curve of regression. (Residual unbalance.) 2. The 
complement of a set is called a residual set. 3. Pertaining 
to a measure of the output of a transducer under static 
conditions and with no stimulus applied. 

residual charge — 1. The charge remaining on the 
plates after an initial discharge of a capacitor. 2. The small 
charge that remains in the dielectric of a capacitor after a 
quick discharge. 

residual current— 1. The vector sum of the cur- 
rents in the several wires of an electric supply circuit. 
2. Current through a thermionic diode in the absence of 
anode voltage; it results from the velocity of the electrons 
emitted by the heated cathode. 

residual deviation — Apparent modulation due to 
noise and/or distortion in the transmitter. 

residual discharge — A discharge of the residual 
charge of a capacitor remaining after the initial discharge. 

residual error — The direction-finding errors remain- 
ing after errors due to site and antenna effects have been 
minimized. 

residual field — The magnetic field left in an iron 
field structure after excitation has beer removed. 

residual flux— 1. The value of magnetic induction 
that remains in a magnetic circuit when the magnetomo- 
tive force is reduced to zero. 2. In a uniformly magnetized 
sample of magnetic material, the product of the residual 
flux density and the cross-sectional area. Residual flux is 
indicative of the output that can be expected from a tape 
at long wavelengths. | 

residual flux density — The magnetic flux density 
that exists at zero magnetizing field strength when a 
sample of magnetic material has undergone symmetrically 
cyclical magnetization. 

residual FM — See incidental FM. 

residual gases— The small amounts of gases 
remaining in a vacuum tube despite the best possible 
exhaustion by vacuum pumps. 

residual induction — 1. The magnetic induction that 
remains in a magnetized material when the effective 
magnetizing force has been reduced to zero. When the 
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material is in a symmetrically cyclic magnetic condition, 
the residual induction is termed the “normal residual 
induction.” Letter symbol: B,. 2. The magnetic induction 
corresponding to zero magnetizing force in a magnetic 
material that is in a symmetrically cyclically magnetized 
condition. Note: The European definitions of residual 
induction and remanence are interchanged. Thus, the 
meaning of these two words can vary, depending on the 
author. 

residual ionization — Ionization of air or other gas 
not accounted for in a closed chamber by recognizable 
neighboring agencies. 

residual losses — In a magnetic core, the difference 
between the total losses and the sum of the eddy-current 
and hysteresis losses. 

residual magnetic induction— Magnetic induc- 
tion remaining in a ferromagnetic object after the magne- 
tizing force has been removed. The amount depends on 
the material, shape, and previous magnetic history. 

residual magnetism — The magnetism that remains 
in the core of an electromagnet after the operating circuit 
has been opened. 

residual modulation — See carrier noise level. 

residual screw — A brass screw in the center of a 
relay armature. It is used to adjust the residual air gap 
between the armature and the coil core to prevent residual 
magnetism from holding the armature operated after the 
relay operating circuit has opened. 

residual torque — Nonenergized detent torque aris- 
ing from permanent-magnet effects and bearing friction 
of a stepper motor. 

residual voltage — 1. The vector sum of the volt- 
ages to ground of the several phase wires in an electric 
supply circuit. 2. The voltage caused by dielectric absorp- 
tion that appears in the capacitor terminations after the 
capacitor is discharged and then left with the terminations 
disconnected. 

resin — 1. One of a class of solid or semisolid, natural 
or synthetic organic products, generally with a high 
molecular weight and no definite melting point. Most 
resins are polymers. 2. An inorganic substance of natural 
or synthetic origin that is polymeric in structure and 
predominantly amorphous. 

resist—1. A material placed on the surface of a 
copper-clad base material to prevent the removal by 
etching of the conductive layer from the area covered. 
2. A material deposited on conductive areas to prevent 
plating of the areas covered. 3. Coating that masks areas 
of a board from the effects of an etchant used during 
manufacture. 

resistance —1.A property of conductors that— 
depending on their dimensions, material, and tempera- 
ture —determines the current produced by a given 
difference of potential; that property of a substance which 
impedes current and results in the dissipation of power 
in the form of heat. The practical unit of resistance is 
the ohm. It is defined as the resistance through which a 
difference of potential of 1 volt will produce a current 
of l ampere. 2. A circuit element designed to offer 
a predetermined resistance to current. 3. Ratio of the 
applied electromotive force to the resulting current in a 
circuit. Ít is a measure of the resistance of the circuit to the 
passage of an electric current and is measured in ohms. 
lts value is determined by R = E/I, where E is voltage 
in volts, and J is current in amperes. 

resistance balance — The amount of resistance that 
is required to null the output of certain transducers or 
input systems. 

resistance box— An assembly of resistors and the 
necessary switching or other means for changing the 
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resistance connected across its output terminals by known, 
fixed amounts. See also Wheatstone bridge. 

resistance brazing — Brazing by resistance heating, 
the joint being part of the electrical circuit. 

resistance bridge—A common form of Wheat- 
stone bridge employing resistances in three arms. See also 
Wheatstone bridge. 

resistance-bridge pressure pickup — A pressure 
transducer in which the electrical output is derived from 
the unbalance of a resistance bridge, which is varied 
according to the applied pressure. 

resistance-bridge smoke detector—A smoke 
detector that responds to the particles and moisture present 
in smoke. These substances reduce the resistance of an 
electrical bridge grid and cause the detector to respond. 

resistance-capacitance-coupled amplifier — 
An amplifier whose stages are connected by a suitable 
arrangement of resistors and capacitors. 

resistance-capacitance coupling — Also called 
RC coupling. Coupling between two or more circuits, 
usually amplifier stages, by a combination of resistive and 
capacitive elements. 

resistance-capacitance filter— Abbreviated RC 
filter. A filter made up only of resistive and capacitive 
elements. 

resistance-capacitance oscillator— Abbrevia- 
ted RC oscillator. An oscillator whose output frequency 
is determined by resistance and capacitance elements. 

resistance coupling — Also called resistive cou- 
pling. The association of circuits with one another by 
means of the mutual resistance between circuits. 

resistance drop — Also known as an ZR drop. The 
voltage drop occurring across two points on a conductor 
when current flows through the resistance between those 
points. Multiplying the resistance in ohms by the current 
in amperes gives the voltage drop in volts. 

resistance furnace — An electric furnace in which 
the heat is developed by the passage of current through 
a suitable resistor, which may be the charge itself or a 
resistor imbedded in or surrounding the charge. 

resistance grounded — Grounded through a resis- 
tance, so as to limit the current that will flow in the eyent 
of a ground fault. 

resistance lamp— An electric lamp used as a 
resistance to limit the amount of current in a circuit. 

resistance loss—The power lost when current 
flows through a resistance. Its value in watts is equal to 
the resistance in ohms multiplied by the square of the 
current in amperes (W = R x 7). 

resistance magnetometer— A magnetometer that 
depends for its operation on the variation in the electrical 
resistance of a material immersed in the field to be 
measured. 

resistance material—A material having suffi- 
ciently high resistance per unit length or volume to permit 
its use in the construction of resistors. 

resistance noise — See thermal noise, 1. 

resistance pad — A network employing only resis- 
tances. It is used to provide a fixed amount of attenuation 
without altering the frequency response. 

resistance ratio— A thermistor specification for 
determining resistance at a specific temperature. lt is 
defined as the ratio of zero power resistance R, measured 
at two specified reference temperatures, usually 0°C and 
25°C. 

resistance soldering — A method of soldering in 
which a current is passed through and heats the soldering 
area by contact with one or more electrodes. 

resistance standard — See standard resistor. 

resistance-start motor— 1. A form of split-phase 
motor having a resistance connected in series with the 
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auxiliary winding. The auxiliary circuit opens whenever 
the motor attains a predetermined speed. 2. A split-phase 
induction motor employing a resistive auxiliary starting 
winding (copper alloy or iron wire) to shift the phase 
angle approximately 90°. Used almost exclusively for 
low-starting-power requirements, this winding is switched 
out of the circuit when the armature approaches near- 
synchronous speed. 

resistance strain gage — A strain gage consisting 
of a small strip of resistance material cemented to the 
part under test. Its resistance changes when the strip is 
compressed or stretched. 

resistance temperature coefficient— 1. The 
ratio of the resistance change of an element between two 
temperatures to the product of the temperature change 
and the original resistance. A positive value of the coeffi- 
cient indicates an increase of resistance with an increase in 
temperature; a negative value indicates a decrease in resis- 
tance with an increase in temperature; a zero value indi- 
cates no resistance change with temperature. 2. The mag- 
nitude of change in resistance due to temperature, usually 
expressed in percent per degree Celsius or parts per mil- 
lion per degree Celsius (ppm/ C). If the changes are linear 
over the operating temperature range, the parameter is 
known as temperature coefficient. 

resistance temperature detector— Also called 
resistance-thermometer detector. A resistor made of some 
material for which the electrical resistivity is a known 
function of the temperature. It is intended for use with a 
resistance thermometer and is usually in such a form that 
it can be placed in the region where the temperature is to 
be determined. 

resistance temperature meter— See resistance 
thermometer, 

resistance thermometer — Also called resistance 
temperature meter. 1. An electric thermometer that has 
a temperature-responsive element called a resistance 
temperature detector. Since the resistance is a known 
function of the temperature, the latter can be readily 
determined by measuring the electrical resistance of the 
resistor. 2. Thermometer using variation of resistance 
with temperature of some material, usually platinum, 
considered the standard for temperature measurement 
over its range. 


Resistance thermometer. 


resistance-thermometer detector— See resis- 
tance temperature detector. 

resistance-thermometer resistor— See resis- 
tance temperature detector. 

resistance thermometry — A temperature-measur- 
ing technique that utilizes the temperature coefficient of a 
wirewound resistor. Known as a resistance thermometer, 
this resistor consists of a spiral of nickel or platinum wire. 
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Since the ohmic value of the wire varies with temperature, 
the resistance of the spiral is thus an indication of 
temperature. 

resistance tolerance — The permissible deviation 
of the manufactured resistance value (expressed in per- 
cent) frora the specified nominal resistance value at stan- 
dard (or stated) environmental conditions. 

resistance weld —The junction produced by heat 
obtained from the resistance of the work to the flow of 
electric current in a circuit of which the work is a part, and 
by the application of pressure before and during the flow 
of current. The term includes all types of bonds produced 
by the process, which may or may not be classified 
metallurgically as welds. 

resistance welding —- Welding in which the metals 
to be joined are heated to melting temperature at their 
points of contact by a localized clectric current while 
pressure is applied. 

resistance wire—A wire made from a metal or 
alloy having a high resistance per unit length (e.g., 
Nichrome). It is used in wirewound resistors, heating 
elements, and other high-resistance circuits. 

resist etchant— Any material deposited onto a 
copper-clad base material to prevent the conductive area 
underneath from being etched away. 

resistive conductor — A conductor used primarily 
because of its high electrical resistance. 

resistive coupling — See resistance coupling. 

resistive cutoff frequency— The frequency at 
which the real part of the tunnel-diode admittance at its 
terminals is zero at the specified bias point. 

resistive load— A load in which the voltage is in 
phase with the current. 

resistive transduction—The conversion of the 
measurand into a change in resistance. 
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resistive unbalance — 1. Unequal resistance in the 
two wires of a transmission line. 2. The difference in 
resistances of two or more conductors in a cable. It is 
expressed as a percentage of the resistance of some single 
conductor. 

resistivity— 1. A measure of the resistance of a 
material to electric current either through its volume 
or on a surface. The unit of volume resistivity is the 
ohm-centimeter; the unit of surface resistivity :s the 
ohm. 2. The ability to resist current, the reciprocal of 
conductivity. Resistivity is normally defined in terms of 
the resistance in ohms between opposite faces of 2 cube 
of the material measuring 1 centimeter on each side. 

resistor — 1. A component made of a material (like 
carbon) that has a specified resistance, or opposition, to 
the flow of electrical current. Resistors are used to control 
(or limit) the amount of current in a circuit or to provide a 
voltage drop. The majority of resistors consist of a resis- 
tive element to which axial or radial leads are attached 
and to which a protective coating or molding is applied. 
Multiple-resistor networks, consisting of resistive inks 
screen printed on a flat ceramic base, reduce assembly 
lime in printed-circuit applications. 2. A device having 
electrical resistance and utilized in an electric current for 
purposes of protection, operation, or control of current. 

resistor-capacitor-transistor logic — Abbrevia- 
ted RCTL. A logic circuit design that employs a resistor 
and a speedup capacitor in parallel for each input of the 
gate. A transistor’s base is connected to one end of the RC 
network. A positive voltage on the RC input will energize 
the transistor and turn it on, so that the output voltage is 
nearly zero volts. This circuit is a positive NOR or neg- 
ative NAND when npn transistors are used in the circuit. 

resistor color code—A code adopted by the 
Electronic Industries Association to indicate the values of 
resistance on resistors in a readily recognizable manner. 


RESISTOR COLOR CODES 


| Coor | itt | Muiptor Tolerance 


NO COLOR 


- 


BAND SYSTEM 


1ST 


IGNIFICANT F 
ist SIGNIFICANT FIGURES 
MULTIPLIER 


TOLERANCE 


Resistors with black Color are 
composttian, noninsulaied. 


Rasistars with colored bodies are 
composition, insulaled. 


Wiewound resistors have tne 1st 
digit color double width 


BLACK 0 1 

BROWN 1 10 

RED 2 100 

ORANGE 3 1000 

YELLOW 4 10000 

GREEN 5 100000 

BLUE 6 1000000 

VIOLET 7 10000000 

GRAY 8 0.01 (EIA ALTERNATE) 
WHITE 9 0,1 (EIA ALTERNATE} 
GOLD 0.3 (JAN AND ElA PREFERRED) 
SILVER 


0 01 (JAN ANO EIA PREFERRED) 


+ 20% 

+1% 

+2% 

+3% 

GMV 

t5% (EIA ALTERNATE) 

t6% 

+127 4% 

+ 30% 

+ 10% (EIA ALTERNATE) 

+5% (JAN AND ElA PREFERRED) 
+ 10% (JAN AND EIA PREFERRED} 
+ 20% 


GMY = Guaranteed minimum vaive, or —O +100% tolerance. 
+3. 6. 12 Yr, and 30% are ASA 40. 20. 10 and 5 step tolerances. 


BDDY-END-D07 SYSTEM 


1ST | SIGNIFICANT 
2ND) FIGURES 


TOLERANCE MULTIPLIER 


BODY-END-BAND SYSTEM 


1ST ( SIGNIFICANT 


/ onc} FIGURES 


TOLERANCE 


MULTIPLIER 


Resistor color code. 
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The first color represents the first significant figure of 
the resistor value, the second color the second significant 
figure, and the third color represents the number of zeros 
following the first two figures, A fourth color is sometimes 
added to indicate the tolerance of the resistor. 

resistor core — An insulating support around which 
a resistor element is wound or otherwise placed. 

resistor element—1. That portion of a resis- 
tor which possesses the property of electric resistance. 
2. That portion of a potentiometer which provides the 
change in resistance as the shaft is rotated. 

resistor geometry — The film resistor outline. 

resistor housing — The enclosure around the resis- 
tance element and the core of a resistor. 

resistor network—1.A combination of several 
resistors contained in a single package, the resistors 
being accessible for individual measurement and use 
or configured to produce a specific circuit function in 
which some resistors may be inaccessible. 2. A group 
of fixed resistors manufactured on a single substrate 
using thick- and/or thin-film technology. Most resistor 
networks are produced with thick film. More expensive 
thin-film networks are used for precise applications such 
as instrumentation. 


CERMET THICK-FILM ELEMENT 
FIRED AT 1000°C, LASER TRIMMED 
TO VALUE, TOLERANCE 


THICK-FILM COPPER 
CONDUCTOR PATH 


ALUMINA CERAMIC 


SU MZ A) 


EPOXY MOLDED JACKET 
FOR EASE OF HANDLIRG. 
AUTO INSERTION 


60-40 ELECTROPLATED 
LEAD WIRES ON 


DOUBLE CLAMPED 0-100 CENTERS 


AND SOLDERED 
LEAD TERMINATIONS 


SIP. 


CERAMIC THICK-FILM ELEMENT 
FIRED AT 1000°C, LASER TRIMMED 
TO VALUE, TOLERANCE 


EPOXY MOLDED 
JACKET FOR EASE 
OF HANDLING, 
AUTO INSERTION 


ALUMINA 
CERAMIC 
SUBSTRATE 


DOUBLE CLAMPED 
AND SOLDERED 
LEAD TERMINATIONS 


§0-40 ELECTROPLATED 
LEAD WIRES ON 
0.100 CENTERS 


RESISTIVE ELEMENTS ARE 
ACTUALLY ON THE BOTTOM FOR 
BETTER HEAT DISSIPATION 


DIP. 


Resistor networks. 


resistor spark plug—A spark plug containing 
a resistor, designed to shorten both the capacitive and 
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inductive phases of the spark. This will suppress radio 
interference and lengthen electrode life. 

resistor starting (or starter)—A motor starter 
using resistance to limit inrush current. The resistors are 
shorted by a paralleling contactor on the final step. A 
nontransition type of starting. 

resistor termination — The contact area between a 
film resistor and a film conductor. 

resistor-transistor logic — Abbreviated RTL. 1. A 
form of logic that has a resistor as the input component 
that is coupled to the base of an npn transistor. As in 
RCTL, the transistor is an inverting element that produces 
the positive NOR gate or the negative NAND gate 
function. 2. One of the earliest forms of semiconductor 
logic, in which the basic logic element is a resistor- 
transistor network. RTL is now little used. 

resist plating — Any material that, when deposited 
on a conductive area, prevents the areas underneath from 
being plated. 

resnatron— A high-power cavity-resonator tetrode 
for high-efficiency operation in the very high frequency 
and ultrahigh frequency bands. It is water cooled, and the 
cavities form an integral part of the tube. 

resolution — 1. The deriving of a series of discrete 
elements from a sound, scene, or other form of intelli- 
gence so that the original may subsequently be synthe- 
sized. 2. The degree to which nearly equal values of a 
quantity can be discriminated. 3. The degree to which a 
system or a device distinguishes fineness of detail in a 
spatial pattern. 4. In facsimile, a measure of the narrow- 
est line width that may be transmitted and reproduced. 
5. A measure of the smallest possible increment of change 
in the variable output of a device. 6. In a potentiome- 
ter, the smallest possible incremental resistance change. 
7. The reciprocal number of steps per revolution of a 
motor shaft, expressed in degrees per step. 8. The degree 
to which the distance separating different states of mag- 
netization recorded along a tape can be reduced and still 
permit these states to be distinguished usefully on repro- 
duction. 9. In radar, the minimum angular or distance 
separation between two targets that permits them to be 
distinguished on the radar screen. 10. In television, the 
maximum number of lines discernible on the screen in a 
distance equal to the tube height. 11. The degree to which 
significant signals can be extracted from comparatively 
random signals, as with a radio telescope. 12. A measure 
of ability to delineate picture detail; also, the smallest 
discemible or measurable detail in a visual presentation. 
Resolution may be stated in terms of modulation transfer 
function, spot diameter, line width, or raster lines. 13. A 
measure of the smallest possible increment of change in 
the variable output of a device. 14. Of a DMM (digital 
multimeter) the ratio of 1 to the maximum display. For 
example, a three-digit DMM with 100-percent overrang- 
ing can display from 000 to 1999. Its resolution is then 1 
part in 2000. I5. The magnitude of output step changes 
(expressed in percent of full scale output) as the mea- 
surement is continuously varied over the range. 16. The 
ability of a meter to discriminate between two adjacent 
values of the quantity being measured. 17. The degree of 
setability. 18. The number of bits on the input or output 
of an a/d or d/a converter. The number of discrete steps 
or states is equal to 2", where n is the resolution of the 
converter. (Note that n bits of resolution do not guarantee 
n bits of accuracy.) 19. Describes the smallest standard 
incremental change in output voltage of a DAC or the 
amount of input voltage change required to increment the 
output of an ADC between one code change and the next 
adjacent code change. A converter with n switches can 
resolve 1 part in 2n.. The least significant increment is then 
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2”, or one least significant bit. In contrast, the most sig- 
nificant bit carries a weight of 2~'. Resolution applies to 
DACs and ADCs, and may be expressed in percent of full 
scale or in binary bits. 20. The smallest change in mea- 
sured value to which an instrument will respond. 21. The 
smallest spacing between points on a graphic device at 
which the points can be detected as distinct. 22. The mea- 
surement of image sharpness and clarity, usually in the 
number of pixels per square inch; for example, standard 
VGA has a resolution of 640 x 480. The higher the reso- 
lution, the better the picture. 23. The smallest detectable 
increment of measurement. Resolution is usually limited 
by the number of bits used to quantize the input signal. 
For example, a 12-bit ADC can resolve to one part in 
4096 (2 to the 12 power equals 4096). 

resolution chart — 1. A pattern of black and white 
lines used to determine the resolution capabilities of 
equipment. 2. A chart used to examine the definition, 
linearity, and contrast of television systems. 

resolution noise —The noise due to the stepped 
character of the resistance element in wirewound poten- 
tiometric transducers. 

resolution wedge—A narrow-angled, wedge- 
shaped pattern calibrated for the measurement of 
resolution. It is composed of alternate contrasting strips 
that gradually converge and taper individually to preserve 
equal widths along a line drawn perpendicular to the axis 
of the wedge. 

resolver— 1. A means for resolving a vector into 
two mutually perpendicular components. 2. A transformer 
whose coupling between primary and secondary can be 
varied. 3. A smali section with a faster access than the 
remainder of the magnetic-drum memory in a computer. 
4, A device that separates or breaks up a quantity into 
constituent parts or elements. 5. An electromechanical 
transducing device that develops an output voltage pro- 
portional to the product of an input voltage and the sine 
of the shaft angle. 

resolving cell — In radar, a volume in space whose 
diameter is the product of slant range and beam width and 
whose length is the pulse length. 

resolving power— 1. The reciprocal beam width in 
a unidirectional antenna, measured in degrees. It may 
differ from the resolution of a directional radio system, 
since the latter is affected by other factors as well. 2. The 
ability of an optical instrument to distinguish closely 
spaced points in an optical image, small angles between 
light beams, or components of light beams with small 
wavelength differences. 

resolving time — |. The minimum time interval by 
which two events must be separated to be distinguishable. 
2. In computers, the shortest time interval between trigger 
pulses for which reliable operations of a binary cell can 
be obtained. 

resonance—1.A circuit condition whereby the 
inductive and capacitive reactance (or impedance) com- 
ponents of a circuit have been balanced. In usual cir- 
cuits, resonance can be obtained for only a comparatively 
narrow frequency band or range. 2. In a mechanical sys- 
tem, the frequency at which the maximum displacement 
occurs. 3, A condition that exists between an oscillating 
system coordinate and its maintaining periodic agency 
when a small amplitude of the periodic agency produces 
relatively large amplitudes of oscillation in the system. 
4. Condition existing in a body when the frequency of 
an applieá vibration equals the body’s natural frequency. 
5. The tendency of an electrical or mechanical system to 
vibrate or oscillate at a certain frequency. 

resonance bridge — A four-arm alternating-current 
bridge normally used for measuring inductance, capaci- 
tance, or frequency. An inductor and a capacitor are both 
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present in one arm, the other three arms being (usually) 
nonreactive resistors. The adjustment for balance includes 
the establishment of resonance for the applied frequency. 
Two general types —series or parallel —can be distin- 
guished, depending on how the inductor and capacitor 
are connected. 


Cc 


w LC 


RAR; 


Resonance bridge (series). 


resonance characteristics — See resonance curve. 

resonance curve— Also called a resonant curve 
or resonance characteristic. A graphical representation of 
how a tuned circuit responds to the various frequencies 
at and near resonance. 


AMPLIFICATION 


PO 
FREQUENCY 


Resonance curve. 


resonance indicator — A meter, neon lamp, head- 
phone, etc., that indicates when a circuit is at resonance. 

resonance radiation—Radiation from a gas or 
vapor due to excitation and having the same frequency 
as the exiting source (e.g., sodium vapor irradiated with 
sodium light). 

resonant capacitor— A tubular capacitor that is 
purposely wound so as to have inductance in series 
with its capacitance to resonate at a predetermined (IF) 
frequency. Used as a bypass capacitor in amplifiers for 
more effective bypassing. 

resonant cavity — 1. A form of resonant circuit in 
which the current is distributed on the inner surface of an 
enclosed chamber. By making the chamber of the proper 
dimensions, it is possible to give the circuit a high Q 
at microwave frequencies. The resonant frequency can 
be changed by adjusting screws that protrude into the 
cavity, or by changing the shape of the cavity. 2. A metal 
box, cylindrical or rectangular, of such dimensions that 
it will support electromagnetic oscillations if excited at a 


microwave frequency. 
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Resonant cavity. 


resonant-chamber switch — A waveguide switch 
in which a tuned cavity is placed in each waveguide 
branch; detuning of a cavily prevents the flow of energy 
in the associated branch. 

resonant charging choke — A modulator inductor 
that sets up an oscillation of a given charging frequency 
with the effective capacitance of a pulse-forming network 
in order to charge a line to a high voltage. 

resonant circuit-—A circuit that contains both 
inductance and capacitance and is therefore tuned to 
resonance at a certain frequency. The resonant frequency 
can be raised or lowered by changing the inductance 
and/or capacitance values. 

resonant-circuit-type frequency indicator — A 
frequency-indicating device that depends for its operation 
on the frequency-versus-reactance characteristics of two 
series-resonant circuits. The circuit is arranged so that the 
deflecting torque is independent of the amplitude of the 
signal to be measured. 

resonant current step-up—The ability of a 
parallel-resonant circuit to circulate a much higher current 
through its inductor and capacitor than the current fed into 
the circuit. 

resonant curve — See resonance curve. 

resonant diaphragm — In waveguide technique, a 
diaphragm so proportioned that it does not introduce 
reactive impedance at the design frequency. 

resonant frequency — 1. The frequency at which 
a given system or object will respond with maximum 
amplitude when driven by an external sinusoidal force 
of constant amplitude. For an LC circuit, the resonant 
frequency is determined by the formula 


l 


Í = ie 


where f is in hertz, L is in henrys, and C is in farads. 
2. The frequency of a crystal unit for a particular mode of 
vibration to which, discounting dissipation, the effective 
impedance of the crystal unit is zero. 3. The frequency 
at which the total inductive and capacitive reactances of 
components in a circuit are equal. This results in the 
circuit impedance being equivalent to a pure resistance. 

resonant gap — The small region where the electric 
field is concentrated in the resonant structure inside a tr 
tube. 

resonant gate transistor — A surface field-effect 
transistor incorporating a cantileyered beam that resonates 
at a specific frequency to provide high-Q frequency 
discrimination. 

resonant line —A transmission line in which the 
distributed inductance and capacitance are such that the 
line is resonant at the frequency it is handling. 
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resonant-line oscillator — An oscillator in which 
one or more sections of transmission line are employed 
as tanks. 

resonant mode — In the response of a linear device, 
a component characterized by a certain field pattern and, 
when not coupled to other modes, representable as a 
single-tuned circuit. When modes are coupled together, 
the combined behavior is similar to that of single-tuned 
circuits that have been correspondingly coupled. 

resonant-reed relay— 1. A relay with multiple 
contacts, each actuated by an ac voltage of the frequency 
at which the reeds resonate. 2. A relay that operates in 
response to signals of the proper frequency, power level, 
and time duration. Usually used for multicircuit control. 

resonant resistance —The resistance value to 
which a resonant circuit is equivalent. 

resonant voltage step-up—The ability of an 
inductor and a capacitor in a series-resonant circuit to 
deliver a voltage several times greater than the input 
voltage. 

resonant window-—A parallel combination of 
inductive and capacitive diaphragms used in a waveguide 
structure so that transmission occurs at the resonant fre- 
quency and reflection occurs at other frequencies. 

resonate — To bring to resonance — i.e., to maximize 
Or minimize the amplitude or other characteristic of a 
steady-state quantity. 

resonating cavity — A waveguide that is adjustable 
in length and terminates in a metal piston, diaphragm, or 
other wave-refiecting device at either or both ends. It is 
used as a filter, a means of coupling between guides of 
different sizes, or an impedance network. 

resonator — An apparatus or system in which some 
physical quantity can be made to oscillate by oscillations 
in another system. 

resonator cavity—A section of coaxial line or 
waveguide completely enclosed by conductive lines. 

resonator grid—aA grid attached to a cavity res- 
onator in a velocity-modulated tube to couple the res- 
onator and the electron beam. 

resonator mode —A condition of operation corre- 
sponding to a particular field configuration for which the 
electron stream introduces negative conductance into the 
coupled circuit. 

resonator wavemeter—A resonant circuit for 
determining wavelength (e.g., a cavity-resonator wave- 
meter). 

resource — 1. Assets of a computer system that the 
operating system can use and/or allocate to tasks for their 
use. Assets such as memory, disk storage space, printers, 
and terminals, as well as processors in multiprocessing 
systems, are typical system resources. 2. Any device or 
item used by a computer, including special areas of 
memory such as buffers. 

resource-sharing — The sharing of one central pro- 
cessor by both several users and several peripheral 
devices. Principally used in connection with the sharing 
of time and memory. 

responder — The part of a transponder that automat- 
ically transmits a reply to the interrogator-responser, By 
contrast, the responser is the receiver that accepts and 
interprets the signals from the transponder. 

response — !. A quantitative expression of the out- 
put of a device or system as a function of the input, 
under conditions that must be explicitly stated. The 
response characteristic, often presented graphically, gives 
the response as a function of some independent vari- 
able such as frequency or direction. 2. The output signal 
of a filter, referenced to the input, or excitation, sig- 
nal. It is used as a measure of filter performance. Usu- 
ally a particular type of response is of interest, such as 
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impulse response, forced (steady-state) response, or tran- 
sient response. 3. The speed at which a device can be 
cycled. 4. The fidelity with which the output waveform 
of a device corresponds to the input waveform. 

response curve —1.A plot of output versus fre- 
quency for a specific device. 2. A plot of stimulus ver- 
sus output. 3. A graphical representation of frequency 
response. Usually measured in decibels, with reference 
to a given level on a vertical scale. When the response 
curve of an amplifier, pickup, microphone, etc., is accu- 
rately plotted it represents the relative levels of amplitude 
at all frequencies within a specified bandwidth. 

responser — See responsor. 

response range — The range over which a stepper 
motor can start, stop, or reverse without missing a step. 

response rate —The maximum stepping rate of a 
stepping motor at which an unloaded stepper can run from 
a standing start without missing a step. 

response speed —The time for a control action to 
start after a temperature change has occurred at the sensor. 

response time — 1. The time (usually expressed in 
cycles of the power frequency) required for the output 
voltage of a magnetic amplifier to reach 63 percent of its 
final average value in response to a step-function change 
of signal voltage. 2. The time required for the pointer 
of an instrument to come to apparent rest in its new 
position after the measured quantity abruptly changes to 
a new, constant value. 3. See recovery time, 8. 4. The 
lime required to reach a specified percentage (e.g., 90, 
98, 99 percent) of the final output value. 5. See transient 
recovery time. 6. The elapsed time between generation 
of an inquiry at a computer terminal and receipt of a 
response at the same terminal. This includes the time for 
transmission to the computer, processing at the computer, 
and transmission back to the terminal. 7. The time it takes 
for a device to respond to an input signal. 8. The elapsed 
time from the entry of a command until its execution 
is complete. This term is usually used to represent the 
time it takes for a time-sharing system to respond to 
a user command line. 9. The interval between a stated 
step change in the line voltage or load current and the 
restoration of the output voltage of a power supply to its 
normal operating range. 10. The time a system requires 
to respond to an operator command in supplying stored 
data or completing a processing cycle. 

responsitivity — 1. In a photosensor, the ratio of the 
change in photocurrent to the change in incident radiant 
flux density. 2. A measure of how much output current 
can be obtained from a photodetector for a given optical 
energy input. 

responsor — Also spelled responser. 1. The receiver 
used to receive and interpret the signals from a transpon- 
der. 2. An electronic device used to receive an electronic 
challenge and to display a reply thereto. 

restart — 1. To reestablish performance of a computer 
routine, using the information recorded at a checkpoint. 
2. Resuming execution of an interrupted program at the 
point of interruption, commonly done by taking status 
checkpoints during execution and then specifying during 
rerun the particular checkpoint at which to resume. 

resting frequency —- See center frequency, 1. 

resting potential — The voltage (typically about 80 
millivolts) between the inside and outside of a nerve cell 
or muscle cell. 

restore — |. To do periodic charge regeneration of 
a volatile computer storage system. 2. In computers, to 
regenerate. 3. In a computer, to retum a cycle index or 
variable address to its initial value. 4. To store again. 

restorer — See dc restorer. 
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restorer pulses— In a computer, pairs of comple- 
ment pulses applied to restore the charge of the coupling 
capacitor in an ac flip-flop. 

restoring spring— Also called retum spring. A 
spring that moves the armature to the normal position 
and holds it there when the relay is deenergized. 

restoring torque — See holding torque. 

rest potential — The residual potential difference 
remaining between an electrode and an electrolyte after 
the electrode has become polarized. 

restrictor — Equipment for insertion in an outgoing 
telephone line that counts the digits dialed and restricts 
calls to forbidden codes. 

restriking voltage — See reignition voltage. 

resultant— The effect produced by two or more 
forces or vectors. 

retained image — Also called image burn. A change 
that is produced on the target of a television camera 
tube by a stationary light image and that results in the 
production of a spurious electrical signal corresponding 
to the light image for a large number of frames after the 
image is removed. 

retard — In ignition timing, to set the ignition timing 
so that a spark occurs later or less degrees before top dead 
center. 

retardation coil —1. A high-inductance coil used 
in telephone circuits to permit passage of dc or low- 
frequency current while blocking audio-frequency cur- 
rents. See also inductor. 2. An audio-frequency choke 
coil used to limit voice-frequency currents in a telephone 
circuit. 

retarding-field oscillator — Also called a positive- 
grid oscillator. An oscillator tube in which the electrons 
move back and forth through a grid that is more positive 
than the cathode and plate, The frequency depends on 
the electron-transit time and sometimes on the associated 
circuit parameters. The field around the grid retards the 
electrons and draws them back as they pass through 
it in either direction. Barkhausen-Kurz and Gill-Morrell 
oscillators are examples of a retarding-field oscillator. 

retarding magnet— Also called a braking magnet 
or drag magnet. A magnet used for limiting the speed of 
the rotor in a motor-type meter. 

retard transmitter — A transmitter in which a delay 
is introduced between the time it is actuated and the time 
transmission begins. 

retention time—The maximum time after writing 
into a storage tube that an acceptable output can be 
obtained by reading. 

retentivity — That property of a material measured by 
the normal residual induction remaining after the removal 
of an applied magnetizing force corresponding to the 
saturation induction for the material. 

retentivity of vision — The image retained momen- 
tarily by the mind after the view has left the field of vision. 
See also persistence of vision. 

reticle — 1. A glass-emulsion or chrome plate having 
an enlarged image of a single IC pattern. The reticle in 
usually stepped and repeated across a chrome plate to 
form the master mask. 2. A pattern of intersecting lines, 
wires, filaments, or the like placed in the focus of the 
objective element of an optical system. This pattern is 
used for sighting and alignment of the system. 

RETMA— Abbreviation for Radio-Electronics-Tele- 
vision Manufacturers Association, now the Electronic 
Industries Association (ETA). 

retrace — See flyback, 2. 

retrace blanking— The blanking of a television 
picture tube during vertical-retrace intervals to prevent 
the retrace lines from being visible on the screen. 

retrace interval — See return interval. 
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retrace line — Also called the return line. The line 
traced by the electron beam in a cathode-ray tube as it 
travels from the end of one line or field to the start of the 
next line or field. 

retrace time — See return interval. 

retractile cord—A cord having specially treated 
insulation or jacket so that it will retract like a spring. 
Rectractability may be added to all or part of a cord’s 
length. 

retractile spring -— The spring that tends to open the 
armature of an electromagnetic device and that holds the 
armature open when its force is not overcome by magnetic 
attraction. 

retransmission unit—A contro] unit used at an 
intermediate station for automatically feeding one radio 
receiver-transmitter unit from another for two-way com- 
munications. 

retrieve — In a computer, to obtain specific informa- 
tion from memory or a storage device. 

retrodirective reflector — A reflector that redirects 
incident flux back toward the point of origin of the flux. 

retrofit— 1. To fit an earlier system so it can be 
compatible with later technology. 2. The modification of 
existing equipment to incorporate recent developmental 
changes in design and use; derives from the term retroac- 
tive refitting. 

retroreflective scan—The reflective scan tech- 
nique that uses a special reflector (retroreflector) to return 
light along the same path it is sent. 

retro zoom—A lens assembly designed to reduce 
the focal length range of a zoom lens. 

retry — Repetition of search or read/write operations 
to recover from “soft” (correctable) errors. 

return — 1. A received radar signal. 2. To go back to 
a planned point in a computer program and run part of 
the program again (usually because an error has been 
detected). 3. Instruction used to terminate a computer 
subroutine. It forces “return” from the subroutine. The 
next instruction to be executed is the one following the 
subroutine call. 

return code — In a computer, a code used to influ- 
ence the carrying out of following programs. 

return-code register—- In a computer, a register 
used for storage of a return code. 

return interval — Also called retrace interval, retrace 
time, or return time. The interval corresponding to the 
direction of sweep not used for delineation. 

return line — See retrace line. 

return lines — Conductors connecting the loads to the 
lowest-potential power-supply terminal. Lowest potential 
means most nearly zero with respect to the ground point, 
regardless of polarity. The term ground is reserved for a 
single point; return lines include all means of connecting 
the low-potential terminal of the power supply to the load, 
such as ground buses and chassis. 

return loss — 1. At a discontinuity in a transmission 
system, the difference between the power incident on, and 
the power reflected from, the discontinuity. 2. The ratio 
in decibels of (1) above. 

return spring — See restoring spring. 

return time — See return interval. 

return trace —The path of the scanning spot in a 
cathode-ray tube during the return interval. 

return transfer function—-In a feedback control 
device, the transfer function that relates a loop return 
signal to the corresponding loop input signal. 

return wire — The ground, common, or negative wire 
of a direct-current circuit, 

reusable routine — A computer routine that can be 
used by more than one task. 
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reverb — Contraction for reverberation. An electronic 
sound effect similar to echo, used to create a fuller sound 
or to duplicate the ambience of a room. 

reverberation — 1. The persistence of sound due 
to the repeated reflections from walls, ceiling, floor, 
furniture, and occupants in a room or auditorium. 2. A 
slight, tapering prolongation of sounds due to multiple 
reflections in a large auditorium. As distinguished from 
echo, which is (acoustically) a sudden return of sound 
rather than a smooth decay. 3. The act of sound or 
pressure waves being reflected by the surfaces of an 
enclosure. 

reverberation chamber— An enclosure in which 
all surfaces have been made as sound-reflective as possi- 
ble. It is used for certain acoustic measurements. 

reverberation period— The time required for the 
sound in an enclosure to die down to one millionth 
(60 dB) of its original intensity. 

reverberation strength — The difference between 
(a) the level of a plane wave that produces in a nondirec- 
tional transducer a response equal to that produced by the 
reverberation corresponding to a l-yard (0.91-m) range 
from the effective center of the transducer and (b) the 
index level of the pulse transmitted by the same trans- 
ducer on any bearing. 

reverberation time— The time required for the 
average sound energy in an enclosure to decay by 60 dB, 
i.e., fall to one-millionth of its initial intensity. This time 
is directly proportional to the volume of the enclosure 
and inversely proportional to the total absorption in the 
enclosure. It should be less than 1 second for speech, and 
2 to 3.5 seconds for a large concert orchestra. 

reverberation-time meter—An instrument for 
measuring the reverberation time of an enclosure. 

reverberation unit — A circuit or device that adds an 
artificial echo to a sound being reproduced or transmitted. 

reverberator— Any of various electromechanical 
devices that process an audio signal in such a way as 
to simulate the effects of reverberation. 

reversal —A change in the direction of transmission 
or polarity. 

reverse —As distinguished from high-speed rewind, 
a distinct function that allows a tape recorder to change 
head configuration and tape direction at the end of a tape 
so as to continue playing (or recording) on the reverse 
tracks without switching reels or turning over the cassette, 

reverse bias — Also called back bias. 1. An external 
voltage applied to a semiconductor pn junction to reduce 
the current across the junction and thereby widen the 
depletion region. It is the opposite of forward bias. 2. The 
polarity of external voltage applied to a semiconductor 
junction that tends to reinforce the internal potential 
barrier set up in equilibrium, resulting in either a marked 
reduction or complete extinction of the diffusion currents. 

reverse-blocking diode thyristor—A_ two- 
terminal thyristor that for negative anode-to-cathode 
voltage does not switch, but exhibits a reverse-blocking 
State. 

reverse-blocking pnpn-type switch —A pnpn- 
type switch that exhibits a reverse-blocking state when its 
anode-to-cathode voltage is negative and does not switch 
in the normal manner of a pnpn-type switch. 

reverse-blocking state—The condition of a 
reverse-blocking thyristor corresponding to the portion 
of the anode characteristic for reverse currents of lower 
magnitude than the current at the reverse breakdown 
voltage. 

reverse-blocking thyristor — A thyristor that, for 
negative anode voltage, cannot be made conductive, i.e., 
it exhibits a reverse-blocking state. 
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reverse-blocking triode thyristor— A three- 
terminal thyristor that for negative anode-to-cathode volt- 
age does not switch, but exhibits a reverse-blocking state. 
This is the device that is often known in the power field 
as an SCR (semiconductor-controlled rectifier). 

reverse-breakdown voltage—The voltage that 
produces a sharp increase in reverse current in a semi- 
conductor, without a significant increase in voltage. 

reverse channel— A technique for providing means 
of simultaneous communication from the receiver to the 
transmitter on two-wire transmission facilities. It is an 
optional feature of modems, intended to facilitate certain 
kinds of error control. 

reverse-conducting diode thyristor — 1. A two- 
terminal thyristor that for negative anode-to-cathode 
voltage does not switch, but conducts large currents at 
voltages comparable in magnitude to the on-state voltage. 
2. A diode thyristor that is inherently conductive when 
the anode voltage is negative. 

reverse-conducting triode thyristor—1.A 
three-terminal thyristor that for negative anode-to-cathode 
voltage does not switch, but conducts large currents at 
voltages comparable in magnitude to the on-state voltage. 
2. A triode thyristor that is inherently conductive when 
the anode voltage is negative. 

reverse coupler— A directional coupler used for 
sampling reflected power. 

reverse current— See back current. 

reverse-current relay— A relay that operates 
whenever current flows in the reverse direction. 

reversed feedback — See negative feedback. 

reversed feedback amplifier—An amplifier in 
which inverse feedback is employed to reduce harmonic 
distortion and otherwise improve fidelity. 

reverse direction — Also called inverse direction. 
The direction of greater resistance to current through a 
alode or rectifier. 

reverse-direction flow — In flowcharting, a flow in 
a direction other than from left to right or top to bottom. 

reverse emission — See back emission. 

reverse gate-to-source breakdown voltage — 
The breakdown voltage between the gate and source 
terminals of an insulated gate field-effect transistor with 
a reverse gate-to-source voltage applied, and all other 
terminals short-circuited to the source terminal. 

reverse gate voltage — The positive gate-to-anode 
voltage for n-gate thyristors. The negative gate-to-cathode 
voltage for p-gate thyristors. 

reverse key — A key used in a circuit to reverse the 
polarity of that circuit. 

reverse leakage current— The current through 
a device when a voltage of polarity opposite to that 
normally specified is impressed across the device. The 
term is commonly used with electrolytic capacitors. 

reverse open-circuit voltage amplification 
factor — In a transistor, the ratio of incremental values 
of input voltage to output voltage measured with the input 
ac open-circuited. 

reverse-phase current relay — Also called phase- 
balance current relay. A device that functions when the 
polyphase currents are of reverse-phase sequence, or when 
the polyphase currents are unbalanced or contain negative 
phase-sequence components above a given amount. 

reverse recovery time — In a semiconductor diode, 
the time required for the current or voltage to reach a 
specified state after being switched instantaneously from 
a specified reversed bias condition. 

reverse resistance — The resistance measured at a 
specified reverse voltage or current in a diode or rectifier. 
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reverse saturation current — The reverse current 
that flows in a semiconductor because of a specified 
reverse voltage. 

reverse voltage—1. The voltage applied in the 
reverse direction to a diode or rectifier. 2. In the case 
of two opposing voltages, the voltage with the polarity 
that results in the smaller current. 3. The voltage applied 
to a semiconductor diode or rectifier diode that causes the 
respective current in the reverse direction. 

reversible booster— A booster capable of adding 
to or subtracting from the voltage of a circuit. 

reversible capacitance—For a capacitor, the 
limit, as the amplitude of the applied sinusoidal voltage 
approaches zero, of the ratio of the amplitude of the in- 
phase, fundamental-frequency component of transferred 
charge to the amplitude of the applied voltage, with a 
specified constant bias voltage superimposed on the sinu- 
soidal voltage. 

reversible capacitance characteristic — The 
function giving the relation of reversible capacitance to 
bias voltage. 

reversible counter — See up/down counter. 

reversible motor— A motor in which the rotation 
can be reversed by a switch that changes the motor 
connections. 

reversible permeability— Also called swingback 
permeability. 1. The limit approached by the incremental 
permeability as the alternating field strength approaches 
zero. 2. The slope of the hysteresis loop at the residual 
induction. For a permanent magnet when the induction is 
increased, the operating point (Ba, Ha) does not return 
along the demagnetization curve but moves along a line 
having the slope. 

reversible transducer — See bilateral transducer. 

reversing rate— The maximum stepping rate at 
which a stepper motor can reverse direction while main- 
taining synchronism with the field. 

reversing switch—A switch used for changing 
the direction of any form of motion—-specifically, the 
direction of motor rotation or the polarity of circuit 
connections. 

reverting call — In telephony, a call made by one 
party on a line to another party on the same line. 

revolving-lens fiber-optic scanner — A sequen- 
tial scanning device, utilizing a revolving lens, in which 
the CRT image is transformed into a circle of fibers. The 
rotating lens focuses each fiber successively on 2 multi- 
plier phototube. 

rewind -—-To return the tape to its starting point in a 
magnetic recorder. 

rewind control—-A button or lever for rapidly 
rewinding magnetic recording tape from the take-up reel 
to the feed reel. 

rework — To repeat one or more manufacturing oper- 
ations for the purpose of improving the yield of acceptable 
parts. 

rewrite — Also called regeneration. 1. In a storage 
device in which the information is destroyed by being 
read, the restoring of information into the storage. 2. To 
restore a binary cell prior to being read. 

rf — Abbreviation for radio frequency. A frequency at 
which coherent electromagnetic radiation of energy is 
useful for communication purposes. Also, the enttre range 
of such frequencies. 

rf amplifier — An amplifier capable of operation in 
the radio-frequency portion of the spectrum. 

rf bandwidth — The band of frequencies comprising 
99 percent of the total radiated power extended to include 
any discrete frequency on which the power is at least 0.25 
percent of the total radiated power. 
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rfc — Abbreviation for radio-frequency choke. 

rf cavity preselector— An ultrahigh-frequency 
circuit component that is similar in function to a tuned 
resonant circuit. A tunable cavity. 

rf choke — A coil designed to have a high inductive 
reactance at radio frequencies and used to prevent currents 
at these frequencies from passing from one circuit to 
another. 

rf component— The portion of a signal or wave 
which consists only of the radio-frequency alternations, 
and not including its audio rate of change in amplitude or 
frequency. 

rf connector— Connector used for connecting or 
terminating coaxial cable. 

rf current— Alternating current having a frequency 
higher than 10,000 hertz. 

rf energy — Alternating-current energy generated at 
radio frequencies. 

RFG — Abbreviation for radar field gradient. 

rf gain control—A manual control that sets the 
gain of a receiver. It is included on some receivers to 
supplement the AGC circuit. Some signals are simply 
too strong for the AGC to handle and will overload the 
receiver unless gain can be further reduced by this control. 

rf generator — A generator that produces sufficient rf 
energy at its assigned frequency for induction or dielectric 
heating. 

rf head — A unit consisting of a radar transmitter and 
part of a radar receiver, the two contained in a package 
for ready removal and installation. 

RFI— Abbreviation for radio-frequency interference. 
Usually unintentionally radiated electromagnetic energy 
that may interfere with the operation of, or even damage, 
electronic equipment. 

rf indicator — A device that shows the presence of rf 
energy. It may consist of a tuned circuit or parallel line 
connected to an incandescent lamp or other indicator. 
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rf interference shield ground — The grounding 
technique for all shields that are used to suppress the 
radiation of interference from leads. 

rf intermodulation distortion — Intermodulation 
distortion that has its origin in the rf stages of a receiver. 

RFI suppression — Radio-frequency-interference 
suppression. Generally consists of a frequency-discri- 
minating element or circuit in the control. The purpose 
of such a circuit is to keep undesirable high-frequency 
energy waves generated by thyristor switching and arcing 
at the motor brushes from being conducted back into the 
supply conductors. If unattenuated, these waves will cause 
radio reception interference to units connected to the same 
power lines. 

rf line—1.A system of metallic tubes (waveguides 
and/or coaxial lines) that conduct radio-frequency energy 
from one point to another. 2. A metallic conductor used 
to transmit radio-frequency energy from one point to 
another. 

rf mixer—aA circuit that changes a high rf (radio 
frequency) to a lower IF (intermediate frequency) by 
mixing it with a local oscillator (LO) frequency. 

rf oscillator — See radio-frequency oscillator. 

rf pattern—A term used to describe a fine her- 
ringbone pattern in a picture that is caused by a high- 
frequency interference. This pattern may also cause a 
slight horizontal displacement of scanning lines, which 
results in a rough or ragged vertical edge on the picture. 

rf plumbing — Radio-frequency transmission lines 
and associated equipment in the form of waveguides. 

rf power supply —A high-voltage power supply 
consisting of an rf oscillator whose output voltage is 
stepped up and then rectified. Used in television receivers 
or other equipment to supply the high dc voltage required 
by the second anode of cathode-ray tubes. 

rf preheating — See radio-frequency preheating. 

rf preselectors — Bandpass filters that improve the 
selectivity by rejecting unwanted frequencies at the radio- 
frequency input state. 

rf probe — 1. A resonant conductor that is placed in a 
waveguide or cavity resonator for the purpose of inserting 
or withdrawing clectromagnetic energy. 2. A detecting 
device used with a voltmeter to measure rf voltages. 

rf pulse — A radio-frequency carrier amplitude mod- 
ulated by a pulse. The carrier amplitude is zero before 
and after the pulse. Coherence of the carrier with itself is 
not implied. 

rf resistance — See high-frequency resistance. 

rf shift — See frequency shift. 

rf signal generator— Also called service oscillator. 
A test instrument that generates several bands of radio 
frequencies necessary for the alignment and servicing of 
radios, television, and other electronic equipment. 

rf sputtering — A deposition process wherein a high- 
frequency potential is applied directly to a metal electrode 
behind the target. The target, which is an insulator, is 
bonded to the metal electrode, forming a capacitor. The 
insulator surface in contact with the plasma is alternately 
bombarded by electrons and positive ions during each rf 
cycle. When the surface is positive it attracts electrons; 
when it is negative it attracts ions. Since the electrons 
in the plasma have a higher mobility than the ions, the 
electron current to the target is initially much greater than 
the ion current. The cathode acts as a diode and charges 
the coupling capacitor to the peak value of the rf input 
voltage, then attains a negative bias. 

rf tolerance — The amount of rf energy the human 
body can receive without injury. 

rf transformer — See radio-frequency transformer. 
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RGB —- Abbreviation for red, green, blue. 1. A video 
standard in which the color signals for red, green, and 
blue are carried on separate lines, then combined to form 
a color video picture. Horizontal and vertical sync are 
imposed on one of the colors, usually green. 2. Separate 
red, green, and blue video signals. When combined, they 
make up a complete color image. The quality of the final 
image depends upon the size of the signals (4-bit, 8- 
bit, 16-bit or 24-bit). At 24-bit resolution, the image is 
considered “true-color” and, when displayed on a high 
resolution display, is photo-quality. 

RG/U— Abbreviation for radio guide/universal. In 
MIL-C-17, RG is the military designation for coaxial 
cable, and U stands for general utility. 

R/h — Abbreviation for roentgens per hour. 

rheo — Abbreviation for rheostat. 

rheoencephalography — See electrical-impedance 
cephalography. 

rheostat— 1. A variable resistor that has one fixed 
terminal and a movable contact (often erroneously 
referred to as a two-terminal potentiometer), Potentiome- 
ters may be used as rheostats, but a rheostat cannot 
be used as a potentiometer because connections cannot 
be made to both ends of the resistance element. 2, An 
adjustable resistor so constructed that its resistance may 
be changed without opening the circuit in which it is con- 
nected. A liquid rheostat employs a conduction liquid, 
rather than a metal. 

RHI— Abbreviation for range-height indicator. A 
radar display in which the abscissa represents the range 
to the target, and the ordinate indicates height. 

rhombic antenna — An antenna composed of long 
wire radiators comprising the sides of a rhombus. The 
antenna usually is terminated in an impedance. The sides 
of the rhombus and the angle between them, the elevation, 
and the termination are proportioned tc give the desired 
directivity. 
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rho-theta system— l. Any electronic navigation 
system in which position is defined in terms of dis- 
tance (p) and bearing (0) relative to a transmitting station. 
2. A polar-coordinate navigational system providing suf- 
ficiently accurate data so that a computer can be used to 
provide arbitrary course lines anywhere within the cover- 
age area of the system. 
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rhumbatron—A resonant cavity consisting of 
lumped inductance and capacitance. It is used, instead of 
circuits, to act as an oscillator capable of giving an output 
of several kilowatts at frequencies of several thousand 
megahertz. 

rhythm bar— In some organs, a bar used to permit 
rhythmic playing of a chord without interrupting the 
pressure on the Keys or chord button. 

RIAA — Abbreviation for Recording Industry Associ- 
ation of America. The official association of the disc 
recording field. 

RIAA curve — |. A standard recording characteristic 
curve approved for long-playing records by the Recording 
Industry Association of America. 2. The equalization 
curve for playback of records recorded as in (1). 

ribbon — A common intraconnecting material, usually 
nickel, of rectangular cross section, that is used to connect 
electronic component parts or modules together into the 
form of a functioning circuit. 

ribbon cable — 1. Cable made of more than one 
conductor, laid parallel. 2. A flat cable of individually 
insulated conductors lying parallel and held together by 
means of adhesive or woven textile yarn. Structure is 
usually characterized by individual colors of insulation 
for each conductor, although a single color may be used 
for all conductors. 3. Round hookup cable with stranded 
conductors. Laid side by side, the cables are held together 
either by fusing or bonding of the insulation. 

ribbon-cable connectors — Designed to terminate 
ribbon cable with round connectors. The term ribbon 
cable can refer to etched flexible-circuit flat cable, round- 
conductor laminated cable, round-conductor extruded 
cable, or bonded round-conductor cable. The word cable 
is usually omitted. 

ribbon contact connectors — A rectangular con- 
nector with a self-wiping contact. Not to be confused with 
ribbon-cable connector. 

ribbon interconnect— A flat, narrow ribbon of 
metal such as nickel, aluminum, or gold used to inter- 
connect circuit elements or to connect the element to the 
output pins. 

ribbon microphone — 1. A microphone in which 
the moving conductor is in the form of a ribbon driven 
directly by the sound waves. 2. A microphone that uses 
a narrow corrugated aluminum alloy strip suspended in 
a magnetic field. Sound makes the strip vibrate in a 
direction perpendicular to the magnetic field, resulting in 
an ac current being induced in a coil. The natural response 
of a ribbon unit is bidirectional, and a ribbon microphone 
has certain areas of minimum sensitivity. Only a very 
small unit of response is produced by quite loud noises 
from the sides. The polar diagram for this type is known as 
“figure of eight.” Some ribbon microphones have cardioid 
and hypercardioid responses. Widely used in studios. 

ribbon tweeter — 1. A high-frequency speaker, usu- 
ally horn loaded, in which a stretched, straight flat ribbon 
is used instead of a conventional voice coil. The magnetic 
gap is a straight slit that can be made quite narrow so that 
a maximum amount of flux is concentrated in it. The rib- 
bon serves both as an extremely light driven element and 
as a diaphragm. 2. A form of high-frequency driver using 
a light ribbon suspended in a magnetic field to generate 
sound when current is passec through it. In its basic form, 
a very high quality but fragile high-frequency driver. 

Rice neutralizing circuit—A_ radio-frequency 
amplifier circuit that neutralizes the grid-to-plate capaci- 
tance of the amplifier tube. 

Richardson effect — See Edison effect. 

Richardson equation — An expression for the den- 
sity of the thermionic emission at saturation current, in 
terms of the absolute temperature of the filament. 
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ride gain—To continually adjust the volume level 
of a program while observing a volume indicator so that 
the resulting audio-frequency signal will have the neces- 
sary magnitude for proper operation of the transmission 
equipment. 

ridge waveguide — A circular or rectangular wave- 
guide with one or more longitudinal ridges projecting 
inwardly from one or both sides. The ridges increase the 
transmission bandwidth by lowering the cutoff frequency. 

Rieke diagram— A special polar-coordinate chart 
whereby load conditions can be determined for oscillators 
such as klystrons and magnetrons. Information from the 
chart indicates where optimum operation is located, as 
well as the limitations oscillators have with various loads. 

rig— 1. A system of components. 2. An amateur sta- 
tion consisting of receiver, transmitter, and all the neces- 
sary accessory equipment. 

Righi-Leduc effect— The phenomenon whereby 
when a metal strip is placed with its plane perpendicular 
to a magnetic field and heat flows through the strip, a 
temperature difference is developed across the strip. 

right-hand rule — See Fleming’s rule. 

right-hand polarized wave— Also called clock- 
wise polarized wave. An elliptically polarized transverse 
electromagnetic wave in which the electric intensity vec- 
tor rotates clockwise as an observer looks in the direction 
of propagation. 

right-hand taper—The characteristic whereby a 
potentiometer or rheostat has a higher resistance in 
the clockwise half of its rotational range then in its 
counterclockwise half (looking at the shaft end). 

rigid disk— Disk storage wherein the medium is a 
magnetic alloy mounted on a thick metallic substrate. 
Rigid disks may take the form of nonremovable disks, 
which have the medium in a sealed container, and disk 
packs or disk cartridges, wherein the medium may be 
removed from the drive mechanism. Rigid disks have a 
capacity range from 5 M to greater than 200 M bytes. 

rigid metal conduit—A raceway specially con- 
structed for the purpose of the pulling in or the with- 
drawing of wires or cables after the conduit is in place. It 
is made of metal pipes of standard weight and thickness, 
permitting the cutting of standard threads. 

rigid microdisk drive—See micro-Winchester 
drive. 

rim drive — The method of driving a phonograph or 
sound-recorder turntable by means of a small, rubber- 
covered wheel that contacts the shaft of an electric motor 
and the rim of the turntable. 


TURNTABLE 


Rim drive. 


rim magnet— See field-neutralizing magnet. 

ring— 1. A ring-shaped contacting part of a plug, 
usually placed in back of but insulated from the tip. 2. An 
audible alerting signal on a telephone line. 3. Also called 
a circularly linked list or a cycle. In a computer, a special 
kind of linked list, in which the last item of a string of 
items points back to the first item. 
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ring-around — In a secondary radar: 1. The unde- 
sired triggering of a transponder by its own transmitter. 
2. The triggering of a transponder at all bearings, causing 
a ring presentation on a PPI. 

ring circuit— 1. In waveguide practice, a hybrid-T 
having the physical configuration of a ring with radial 
branches. 2. A communication network in the form of 
a ring. Opening any part of the ring will not interrupt 
communications to any node on the ring. 

ring connection— Connection of a group of com- 
ponents or circuit elements in series, with the output of 
the last connected to the input of the first to form a closed 
ring. 

ring counter— |. A loop of interconnected bistable 
elements arranged so that only one is in a specified state at 
any given time. As input signals are counted, the specified 
state moves in an ordered sequence around the loop. 
2. A device that can store several bits of information. A 
ring counter accepts shift instructions that cause all the 
information to shift one position at a time. If information 
is being shifted left in a register, the value of the leftmost 
bit shifts into the position of the rightmost bit of the 
register. Similarly, if the shift is to be to the right, the 
value of the rightmost bit shifts into the leftmost bit 
position in the register. In a ring counter, the information 
recycles every n shift pulses, where n is the number of 
bits in the ring counter. 


Block diagram. 
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Sequence. 


Ring counter. 


ringdown— A method of signaling subscribers and 
operators using either a 20-hertz ac signal, a 135-hertz 
ac signal, or a 1000-hertz signal interrupted 20 times per 
second. 

ringer — The bell unit in a subscriber’s telephone set. 

ring head — A magnetic head in which the magnetic 
material forms an enclosure with one or more air gaps. 
The magnetic-recording medium bridges one of these 
gaps and contacts or is close to the pole pieces on one 
side only. 

ringing — 1. The production of an audible or visible 
signal at a station or switchboard by means of an alternat- 
ing or pulsating current. 2. A damped oscillation in the 
output signal of a system as a result of a sudden change 
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in the input signal. 3. High-frequency damped oscillations 
caused by shock excitation of high-frequency resonances. 
4. Transient decaying oscillation about high or low limits 
induced by unmatched impedance reflections. 5. Causing 
a telephone bell to ring, by application of ringing current 
to the line. 6. A damped oscillatory transient at or near the 
irequency of cutoff, caused by a sudden change in signal 
level. 7. In receivers, an oscillatory transient occurring in 
the output of a system as a result of a sudden change in 
input. 

ringing code — A sequence of long and short rings 
that is used to signal a particular party on a party 
telephone line. 

ringing current— 1. An alternating current that may 
cr may pot be superimposed onto a direct current for 
telephone ringing. 2. A 75- to 105-volt, 20-Hz ac voltage 
supplied by the central office to ring a telephone sub- 
scriber’s bell. 

ringing Key—A key that, when operated, sends a 
ringing current over its circuit. 

ringing out-— The process of locating or identifying 
specific conductive paths by means of passing current 
through selected conductors. 

ringing signal — Any ac or dc signal transmitted over 
a line or trunk for the purpose of alerting a party at the 
distant end of an incoming call. The signal may operate 
a visual or aural device. 

ring magnet—A ceramic permanent magnet in 
which the axial length is no greater than the wall 
thickness, and the wall thickness is no less than 15 percent 
of the outside diameter. 

ring modulator — 1. A modulator used as a balanced 
modulator, demodulator, cr phase detector that has four 
diodes connected in series to form a ring around which 
current can easily flow in one direction. Input and output 
connections are made at the four nodal points of the ring. 
2. A modulator consisting of four diodes connected in a 
closed square, or ring. 

ring network — A network topology that connects its 
terminals in a loop or ming. 

ring oscillator—A circuit configuration in which 
two or more pairs of tubes are operated as push-pull 
oscillators in a ringlike arrangement. Usually alternate 
successive pairs of plates and grids are connected to tank 
circuits, and the ioad is coupled to the plate circuits. 

ring retard — Also called slug retard. A heavy con- 
ductor surrounding the iron flux path in a relay to retard 
the establishment or the decay of flux in the path. 

ring time — In radar, the time during which the output 
of an echo box remains above a specified level. It is used 
in measuring the performance of radar equipment. 

riometer — Acronym for relative ionospheric opacity 
meter. An instrument for recording the level of extrater- 
restrial cosmic noise at selected frequencies in the HF and 
VHF regions. 

ripple —1. That portion of the output voltage of a 
power supply harmonically related in frequency to the 
input power and to any internally generated switching 
frequency. Normally ripple is expressed as an rms per- 
centage, but it can also be expressed as peak to peak. 
Ripple has been replaced by a new term, PARD, which 
includes hum and noise as well as spikes in the output. 
2. The wavelike variations in the amplitude response of 
a filter. Ideally, Tchebychev and elliptic-function filters 
have characteristics such that the differences in peaks 
and valleys of the amplitude response in the passband 
are always the same. Butterworth, Gaussian, and Bessel 
functions do not have ripple. Ripple usually is measured 
in decibels. 3. The serial transmission of data; a serial 
reaction that may be compared to a bucket brigade or a 
row of falling dominoes. 4. The alternating superimposed 
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component of a unidirectional voltage applied to a capac- 
itor. 5. Amplitude variations in the output voltage of a 
power supply caused by insufficient filtering. 

ripple adder — A binary adding system in which the 
column of lowest order is added, the resulting carry is 
added to the column of the next highest order, and so on 
for all columns. It is necessary to wait for propagation 
of the signal even though all columns are present at the 
same time (parallel). 

ripple counter—An asynchronously controlled 
counter; the clock is derived from a previous-stage output. 

ripple current— The alternating component of a 
substantially steady current. 

ripple-current rating—The rms value of the ac 
component of the current through a capacitor. 

ripple filter — Also called smoothing circuit and 
smoothing filter. A low-pass filter designed to reduce the 
ripple current while freely passing the direct current from 
a rectifier or generator. 

tipple frequency-—The frequency of the ripple 
current, In a full-wave rectifier it 1s twice the supply 
frequency. In a generator it is a function of the speed 
and the number of poles. 

ripple quantity — The alternating component of a 
pulsating quantity when this component is smali relative 
to the continuous component. 

ripple regulation — Ar efficient power supply reg- 
ulating method in which the output ripple is sampled to 
maintain energy balance, heuce voltage regulation, in an 
LC circuit. 

ripple-through counter —- See serial counter. 

ripple voltage —The alternating component of a 
unidirectional voltage (this component is small relative 
to the continuous component). 

RISC — Abbreviation for reduced instruction set com- 
puter. 1. A type of computer architecture that has a small, 
or reduced, set of instructions that execute very quickly. 
2. A microprocessor that processes information faster by 
concentrating on the functions most often performed. 

rise cable — In communication practice: 1. The ver- 
tical portion of a house cable extending from one floor 
to another. 2. Sometimes, any other vertical sections of 
cable. 

risers—In a multilayer substrate, the conductive 
paths that vertically connect various levels. 

rise time — |. The time required for the leading edge 
of a pulse to mse from 10 percent to 90 percent of 
its final value. It is proportionate to the time constant 
and is a measure of the steepness of the wavefront. 
2. The measured length of time required for an output 
voltage of a digital circuit to change from a low voltage 
level (0) to a high voltage level (1) after the change 
has started. 3. The time required for the pointer of 
an electrical indicating instrument to attain 90 percent 
(within a specified tolerance) of end-scale defiection 
following sudden application of constant electric power 
from a source with sufficiently high impedance so as not 
to influence damping (100 times the impedance of the 
instrument). 4. For a switching transistor, the time interval 
between the instants at which the magnitude of the pulse 
at the output terminals reaches specified lower and upper 
limits, respectively, when the transistor is being switched 
from its nonconducting to its conducting state. The lower 
and upper limits are usually 10 percent and 90 percent, 
respectively, of the amplitude of the output pulse. 5. The 
time taken for the radiant flux to increase from ¡0 percent 
to 90 percent of its peak value when a laser is subjected 
to a step function current pulse of specified amplitude. 
6. The rate at which a signal changes from a logica! O to 
a logical 1 (or from 1 to 0). usually expressed in volts per 
nanosecond. 
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rising-sun magnetron — A multicavity vane-type 
magnetron in which resonators of two different resonant 
frequencies are arranged alternately for the purpose of 
mode separation. 

rising-sun resonator—A magnetron anode struc- 
ture in which large and small cavities alternate around the 
perimeter of the structure. 

risk — The probability of making the wrong decision 
based on pessimistic data or analysis. 

RMA — Abbreviation for Radio Manufacturers Asso- 
ciation, now the Electronic Industries Association (EIA). 

RMA color codes—A term formerly used to 
designate the ELA color codes. 

RMI— Abbreviation for radio-magnetic indicator. 

R/min— Abbreviation for roentgens per minute. 

R-Y signal —In color television, the red-minus- 
luminance color-difference signal. When combined with 
the luminance (Y) signal, it produces the red primary 
signal. 

RMM — Abbreviation for read-mainly memory. A 
nonvolatile memory used much as a ROM or PROM 
except that the data contained therein may be altered 
through the use of special techniques (often involving 
external action) that are much too slow for read/write use. 

RMOS— Abbreviation for refractory metal-oxide 
semiconductor. An MOS device that uses refractory 
metals like molybdenum instead of aluminum or silicon 
as the gate metal. 

rms — Abbreviation for root-mean-square. 

rms amplitude — Root-mean-square amplitude, also 
called effective amplitude. The value assigned to an 
alternating current or voltage that results in the same 
power dissipation in a given resistance as dc current or 
yoltage of the same numerical value. The rms value of a 
periodic quantity is equal to the square root of the average 
of the squares of the instantaneous values of the quantity 
taken throughout one period. If the quantity is a sine wave, 
its rms amplitude is 0.707 of its peak amplitude. 

rms PARD — The value of the output waveform of a 
regulated power supply, omitting the dc component value. 

rms power — See continuous power. 

rms pulse amplitude — Also called effective pulse 
amplitude. The square root of the average of the squares 
of the instantaneous amplitudes taken over the duration 
of the pulse. 

rms value — The root-mean-square value of ac volt- 
age, current, or power, Calculated as 0.707 of pcak ampli- 
tude of a sine wave at a given frequency. 

rms voltage —The effective value of a varying or 
alternating voltage. That value which would produce the 
same power loss as if a continuous voltage were applied to 
a pure resistance. In sine-wave voltages, the rms voltage 
is equal to 0.707 times the peak voltage. 

RO — See receive only. 

roadmap — A printed pattern of nonconductive mate- 
nial by which the circuitry and components are delineated 
on a board to aid in service and repair of the board. 

roaming — Using a cellular phone in a location other 
than the one in which the phone is registered. 

Roberts rumble—The nickname given to a phe- 
nomenon whereby certain radio disturbances appear to 
be connected with the passage of satellites through the 
earth’s ionosphere. Investigations have been made to 
determine the feasibility of exploiting this effect for the 
tracking of satellites. 

Robinson antenna—A_ microwave scanning 
antenna consisting of an astigmatic reflector and a feed 
system in which a parallel-plate region is fed by a 
waveguide. The parallel-plate region is made so that the 
feed waveguide end is circular, to permit rotation of the 


656 


feed guide, and is in approximately the same plane as the 
output end, or larger aperture of the parallel-plate region. 

robot — 1. A programmable, multifunction manipula- 
tor designed to move materials, parts, tools, or specialized 
devices through variable programmed motions for the 
performance of a variety of tasks. 2. Mobile, manipula- 
tive machine controlled remotely by a human operator. 
3. A mechanism, fixed or mobile, possessing the ability 
to manipulate objects external to itself under the con- 
stant control of a human being, a computer, or some other 
external intelligence. 4. A machine devised to function in 
place of a living agent. In Gothic the word robot is akin 
to a word meaning inheritance; in German, to work. An 
old Slavic word that is equivalent is rabota; and in Czech 
and Polish robota means servitude or forced labor. 5. A 
“mechanical man,” originally from Karel Capek’s R.U.R. 
Often interchangeable with android (from whence came 
Star Wars’ lovable droids) and humanoid, though the later 
creations generally are closer mimics of the human form 
(using artificial skin, for example) than the more obvi- 
ously mechanical robots. 

robot device — An instrumented mechanism used in 
science or industry to take the place of a human being. It 
may or may not physically resemble a human or perform 
its tasks in a human way, and the line separating robot 
devices from merely automated machinery is not always 
easy to define. In general, the more sophisticated and 
individualized the machine is, the more likely it is to be 
classed as a robot device. 

robotics — A term that describes the discipline that 
designs and creates robot device structures and subassem- 
blies. 

robot pilot — See autopilot. 

robot vision — The use of a vision system to provide 
visual feedback to an industrial robot. Based on the vision 
system’s interpretation of a scene, the robot may be 
commanded to move in a certain way. 

robustness — The ability of a computer program to 
withstand stresses (input quantity and quality) beyond the 
range for which it was designed. 

Rochelle-salt crystal — A crystal made of sodium 
potassium tartrate. Because of its pronounced piezoelec- 
tric effect, 1t is used extensively in crystal microphones 
and phonograph pickups. Perfect Rochelle-salt crystals up 
to 4 inches (10.1 cm) and even more in length can be 
grown artificially. 

rock—To move a control back and forth (or make 
other adjustments as necessary) in order to obtain the best 
alignment or on-station tuning. 

rocking — Rotating the tuning control in a super- 
heterodyne receiver back and forth while adjusting the 
oscillator padder near the low-frequency end of the tuning 
dial to obtain more accurate alignment. 

rocky-point effect— Transient but violent dis- 
charges between electrodes in high-voltage transmitting 
tubes. 

rod gap—A spark gap in which the electrodes are 
two coaxial rods, with ends between which the discharge 
takes place, cut perpendicularly to the axis. 

roentgen — 1. A unit of exposure to radiation defined 
as the amount of gamma or X-rays that produce ions car- 
rying one electrostatic unit of charge in 1 cubic centimeter 
of air that is surrounded by an infinite mass of air at 
standard temperature and pressure conditions; 1 roentgen 
equals 2.58 x 107? coulomb per kilogram. 2. A unit of 
exposure dose that is a measure of the ability of X-rays 
or gamma rays to produce ionization in air. Ionization 
is the creation of ion pairs—positively and negatively 
charged parts of atoms —by the impact of radiation on 
those atoms. One roentgen of radiation has the ability 
to produce an amount of ionization that represents the 
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absorption of approximately 83 ergs of energy from radi- 
ation per gram of air. 

roentgen densitometer—A device for record- 
ing changes in concentration of a radiopaque indicator 
injected into circulation for evaluating circulatory func- 
lion. 

roentgen equivalent man— Abbreviated rem. 
1. A radiation-exposure dose that produces the same 
effects on human tissue as one roentgen of X-ray radi- 
ation. 2. The product of the absorbed dose at the point 
of interest in a tissue, multiplied by modifying factors. 
Indicates the effect on a given organ of a radiation dose 
absorbed in that organ. 3. May be thought of as an abbre- 
viation for radiation effect, man. Its meaning has under- 
gone considerable change since first conceived. It now 
represents the absorbed dose of any radiation that has 
the same biological effect as a rad of “standard” X- 
rays. (Since varous radiations such as alpha, beta, and 
gamma rays and neutrons have different biological effects 
per rad of absorbed energy, they are ascribed a relative 
biological etfectiveness, or rbe.) Using this concept, the 
number of rem equals rads x rbe. 4. A measure of phys- 
iological damage to the human body, calculated as the 
absorbed dose in rads multiplied by various factors that 
qualify the type of radiation and the way in which it is 
absorbed. 

roentgen equivalent physical — Abbreviated rep. 
An amount of ionizing radiation that results in an absorp- 
tion of energy of approximately 83 to 93 ergs per gram 
of tissue, 

roentgen meter— Also called a roentgenometer. 
An instrument for measuring the quantity or intensity of 
roentgen rays (X-rays or gamma rays). 

roentgenogram — Also called an X-ray photograph 
or an X-ray. A photograph taken by showering an 
object or the human body with X-rays (roentgen rays). 
Depending on the transparency of the object or body, the 
interior can thus be seen and recorded. 

roentgenology — That branch of science related to 
the application of roentgen rays (X-rays) for diagnostic 
or therapeutic purposes. 

roentgenometer — See roentgen meter. 

roentgen rays — See X-rays. 

roger—A code word uscd in communications to 
mean: I. Your message has been received and is under- 
stood. 2. OK — an expression of agreement. 

Roget spiral—A helix of wire that contracts in 
length when a current is sent through, as a result of the 
mutual attraction between adjacent turns. 

roll —1. Also called flip-flop, especially when inter- 
mittent. The upward or downward movement of a televi- 
sion picture due to lack of vertical synchronization. 2. The 
process in which alphanumeric text moves across a CRT 
screen to the left or right. As a character disappears on one 
end of the screen, a new character appears at the other end. 
Roll can also be extended to include nontextual graphi- 
cal constructions, although this is more properly called 
translation. 

rollback — See rerun. |. 

roll bonding — See yield-strength-controlled bond- 
ing. 

roll in— In a computer, to restore in main storage 
information previously transferred from main to auxiliary 
storage. 

rolling transposition — The method by which two 
or more conductors of an open-wire circuit are spiral- 
wound. With two wires, a complete transposition can be 
executed utilizing two consecutive suspension points. 

roll mode — A digital scope display feature whereby 
new information acquired by the scope constantly updates 
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the screen display. The effect is similar to that of a strip 
chart recorder. 

rolloff — 1. A gradual increase in attenuation over a 
range of frequencies; sometimes called slope. 2. An atten- 
uation that varies with frequency, generally increasing 
at a constant rate beyond the corners of the amplitude- 
frequency characteristic of a system. 3. The rate of 
attenuation of a filter at the bass end (high-pass) or tre- 
ble end (loss-pass). The crossover frequency is that fre- 
quency where the response is —3 dB of the midfrequency 
response. The rolloff of an amplifier is similarly defined 
but in terms of decrease in amplification. 4. A gradual 
increase in attenuation of a signal voltage. 

roll out— To read out of a computer storage by 
simultaneously increasing by | the value of the digit in 
each column, repeating this r times (where r is the radix) 
and, at the instant the representation changes from (7 — 1) 
to O, either generating a particular signal, terminating a 
sequence of signals, or originating a sequence of signals. 

rollover indexing — In a calculator, allows depres- 
sion of a second key before releasing first key. 

ROM — Abbreviation for read-only memory. i. A 
memory in which the binary information located at cach 
address is fixed and cannot be changed subsequently. 
Permanently stores information repeatedly used, such as 
tables of data, characters for electronic displays, etc. In 
its virgin state, the ROM consists of a mosaic of undif- 
ferentiated cells. One type of ROM is programmed by 
mask pattern as part of the last fabrication stage. Another 
popular type, known as PROM, is programmable in the 
field with the aid of programmer equipment. Programmed 
data stored in ROMs are often called firmware. 2. A 
source of permanent dala that is not erasable or change- 
able, and is not lost when power is removed from the 
system. The use of ROM signifies a program that is 
mask-programmed right at the semiconductor manufac- 
turcr. Data is permanently stored when the device is 
manufactured and cannot be altcred. Newer memories. 
called PROMs, employ techniques that allow the device 
to be manufactured without programmed data, and allow 
the user access to the PROM. The user can thus convert 
the original blank into a ROM programmed to the cus- 
tom requirements of the user. Once the program patterns 
have been burned into the memory, they become per- 
manent and cannot be changed. 3. Nonvolatile memory 
that will not be lost if power is removed. lt may be fac- 
tory programmable (ROM), field programmable (PROM), 
field programmable and erasable with ultraviolet expo- 
sure (EROM), or field programmable with electrical erase 
(EEROM or EAROM). it is most often randomly acces- 
sible. 4. A memory assembly wherein the contents have 
been preprogrammed in a manner that precludes modifi- 
cation. Used where a specific routine is to be used but 
never altered. 

Romex cable—A moisture-resistant, flame-resis- 
tant, flexible cable that contains one or more wires. 

roof filter— A low-pass filter used in a carrier 
telephone system to limit the frequency response to 
that needed for normal transmission, thereby blocking 
unwanted high-frequency interference induced in the 
circuit by external sources. Use of suck a filter gives 
improved runaround crosstalk suppression and minimized 
high-frequency singing. 

room acoustics — The quality of 2 room that affects 
how sounds will be heard in it. Room acoustics are a 
function of the room’s size, geometry. structural materials. 
and furnishings. A live room is one in which sounds are 
fairly reverberant; a dead room is one in which sounds 
are fairly absorbed. 

room noise — See ambient noise. 
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root mean square — Abbreviated rms. The square 
root of the average of the squares of the values of a 
periodic quantity taken throughout one complete period. 
It is the effective value of a periodic quantity. 

root-mean-square amplitude —See rms ampli- 
tude. 

root-mean-square  current—The alternating 
value that corresponds to the direct current value that will 
produce the same heating effect. 

root-mean-square power — See 
power. 

root-mean-square value — 1. Of alternating cur- 
rents and voltages, the effective current or voltage applied. 
It is that value of alternating current or voltage that pro- 
duces the same heating effect as would be produced by 
an equal value of direct current or voltage. For a sine 
wave, it is equal to 0.707 times the peak value. 2. The dc 
voltage or current that will generate, in a resistive circuit, 
the same amount of energy (heat) as the ac waveform; its 
amplitude is the square root of the sum of the squares of 
all the instantaneous amplitudes. 

root segment — 1. In a computer, the segment of an 
overlay program that remains in main storage throughout 
the execution of the overlay program. 2. The first segment 
in an overlay program. 

root-sum square — The square root of the sum of 
the squares. A common expression of the total harmonic 
distortion. 

rope — Similar to chaff, but longer. Electromagnetic- 
wave reflectors used to confuse enemy radar. They consist 
of long strips of metal foil, to which small parachutes may 
be attached to reduce their rate of fall. 

rope-lay conductor or cable — A cable consisting 
of one or more layers of helically laid groups of wires 
surrounding a central core. 

rope-lay strand—A conductor made of multiple 
groups of filaments. A 7 x 19 rope lay strand has 19 wires 
laid into a group and then 7 such groups laid cabled into 
a conductor. 

rosin connection— Also called a rosin joint. A 
defective connection of a conductor to a piece of equip- 
ment or to another conductor. Supposedly the joint is 
tightly soldered, but actually it is held together only by 
unburnt rosin flux. 

rosin-core solder — 1. Self-fluxing solder consist- 
ing of a hollow center filled with rosin. 2. Hollow-wire 
form of tin-lead solder whose core is filled with pockets 
of rosin flux, so that the required flux is always supplied 
with the molten solder. 

rosin flux— The mildest and least effective of solder 
fluxes. To increase rosin flux efficiency, small amounts 
of organic activating agents are added. Type RA, fully 
activated rosin flux, is the flux most commonly used for 
electrical connections. 

rosin joint — See rosin connection. 

rotary-beam antenna — A highly directional short- 
wave antenna system. It is mounted on a mast and can 
be rotated manually or by an electric-motor drive to any 
desired position. 

rotary converter— See dynamotor. 

rotary coupler — See rotating coupler. 

rotary dial— 1. In a switched telephone system, the 
conventional dialing method that creates a series of pulses 
to identify the called station. 2. A rotary mechanism with 
a ten-hole finger wheel that, when wound up and released, 
causes pulsing contacts to interrupt the line current and 
operate central telephone office selecting equipment in 
accordance with the digit (1 through 0) dialed. 

rotary generator (induction-heating usage) — 
An alternating-current generator adapted to be rotated by 
a motor or other prime mover. 
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rotary joint — See rotating coupler. 

rotary phase converter — A machine that converts 
power from an alternating-current system of one or more 
phases to an alternating-current system of a different 
number of phases, but of the same frequency. 

rotary plunger relay — A relay in which the linear 
motion of the plunger is converted mechanically into 
rotary motion. 

rotary relay— 1. A relay in which the armature 
rotates to close the gap between two or more pole faces 
(usually with a balanced armature). 2. A term sometimes 
used for stepping relay. 

rotary-solenoid relay — A relay in which the linear 
motion of the plunger is converted into rotary motion by 
mechanical means. 

rotary spark gap—A device used to produce 
periodic spark discharges. It consists of several electrodes 
that are mounted on a wheel and rotate past a fixed 
electrode. 

rotary stepping relay — See stepping relay. 

rotary stepping switch — See stepping relay. 

rotary switch — An electromechanical device that is 
capable of selecting, making, or breaking an electrical 
circuit. It is actuated by a rotational torque applied to its 
shaft. 
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rotary transformer — A term sometimes applied to 
a rotating machine used to transform direct-current power 
from one voltage to another 

rotary-vane attenuator—A device designed to 
introduce attenuation into a waveguide circuit through 
variation of the angular position of a resistive material 
placed in the guide. 

rotary variable capacitor—A capacitor with a 
rotatable electrode that enables the capacitance to be 
varied continuously over its complete range. 

rotary voltmeter — See generating voltmeter. 

rotatable phase-adjusting transformer—A 
transformer in which the secondary voltage may be 
adjusted to have any desired phase relation with the pri- 
mary voltage by mechanically orienting the secondary 
winding with respect to the primary. The latter winding 
consists usually of a distributed symmetrical polyphase 
winding and is energized from a polyphase circuit. See 
also phase-shifting transformer. 

rotate — A computer instruction that causes the bits 
in a word to be shifted a certain number of places left or 
right. The bits that get “pushed off the end” reappear at 
the other end of the word. For instance, 1011011 rotated 
two places to the right is 1110110. 

rotating-anode tube — An X-ray tube in which the 
anode rotates continually to bring a fresh area of its 
surface into the beam of electrons. This procedure allows 
a greater output without melting the target. 
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rotating coupler— Also called rotary coupler and 
rotary joint. A joint that permits one section of a 
waveguide to rotate while passing rf energy. 

rotating cylinder scanner—Type of facsimile 
transmitter in which the original is mounted around 
a cylindrical drum and scanned by an optics/photocell 
assembly (the scan head) parallel to the length of the 
cylinder. The drum rotates and the scan head moves across 
the document, scanning one line width per revolution. 

rotating disc — See drum memory. 

rotating element of a meter— See rotor of a 
meter. 

rotating field — The magnetic field in the stator of 
induction motors. Because of excitation from a polyphase 
source, the field appears to rotate around the stator from 
pole to pole. 

rotating helical aperture scanner— A type of 
facsimile transmitter in which the original is roller-fed 
over a flatbed copy platen and illuminated by an area 
lamp. Lens and mirror optics reflect and focus one scan 
line of the moving document at a time first through a fixed 
horizontal-slit aperture, and then through a rotating helical 
aperture. The rotating of the helical aperture produces 
one lateral scan of the original per revolution, with the 
passing light being focused a final time onto a photocell 
for conversion tc an electrical signal. 

rotating joint — A device that permits one section of a 
transmission line to rotate continuously with respect to the 
other while still maintaining radio-frequency continuity. 

rotating radio beacon—A radio transmitter that 
rotates a concentrated beam horizontally at a constant 
speed. Different signals are transmitted in each direction 
so that ships and aircraft without directional receiving 
equipmeni can determine their bearings. 

rotational life — The ability of a potentiometer to be 
operational after a defined number of wiper sweeps across 
the element. 

rotational wave — See shear wave, 1. 

rotation spectrum—An X-ray spectrum of the 
diffraction pattern obtained when X-rays are sent through 
a rotating crystal. 

rotator—1.A motor-driven assembly that turns an 
antenna so that it can be aimed in the direction of best 
reception. 2. In waveguides, a means of rotating the plane 
of polarization. In rectangular waveguides it is done by 
simply twisting the guide itself. 
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rotoflector— In radar, an elliptically shaped rotating 
reflector used to divert a vertically directed radar beam at 
right angles so that it radiates horizontaily. 
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rotor — 1. The rotating member of an electric mac- 
hine. In a motor, it is connected to and turns the drive 
shaft. In a generator, the rotor is turned to produce 
electricity by cutting magnetic lines of force. 2. The 
movable plates of a variable capacitor. 3. See receive-only 
typing reperforator. 

rotor contact resistance — The resistance between 
the rotor contact terminal of a variable capacitor and the 
rotor shaft. 

rotor of a meter — Also called the rotating element 
of a meter. The portion driven directly by electromagnetic 
action. 

rotor plates—The movable plates of a variable 
capacitor. 

round — To adjust the least significant digits retained 
in truncation to partially reflect the dropped portion. For 
example, when rounded to three digits the decimal number 
2.7561 becomes 2.76. 

round chart recorder — Data recorder that provides 
a record in the form of a graph on a circular piece of paper. 
Typical are recorders that give a record of temperature 
and/or humidity over a 24-hour period. Single-pen types 
measure a single variable; multipen models record more 
than one variable on a single chart. 

round conductor — A solid or stranded conductor 
with a substantially circular cross section. 

rounding — A lack of a sharp corner of a waveform, 
or a smooth transition from the leading or trailing edge 
to the limiting final value. 

rounding error — The error that results when the less 
significant digits of a number are dropped and the most 
significant digits are then adjusted. 

round off — Also known as truncation. To delete less 
significant digits from a number and possibly apply some 
rule of correction to the part retained. For example, if the 
discarded part is 5, 6, 7, 8, or 9 (or 50..., etc.), the new 
final digit is raised by | (e.g., 30.7 would be rounded 
off to 31, and 519.2 to 519). This is done for ease of 
calculation, where an estimate will suffice. 

round-off error — See rounding error. 

round-trip echoes— Multiple-reflection echoes 
produced when the radar pulse is reflected from a target 
strongly enough that the echo js reflected back to the 
target, where it produces a second echo. 

round up— in a calculator, the last digit displayed in 
an answer is increased by 1 if the following digit would 
nave been a 1 or greater. 

route — A path from a signaling point to a destination. 

routed wiring — Wiring done in channels or patterns 
characterized by long, parallel runs. Used when it is 
necessary to keep wiring close to the ground plane. Some 
automated wiring systems perform routed wiring. See also 
point-to-point wiring. 

router — 1. A special-purpose computer (or software 
package) that handles the connection between two or 
more networks. Routers look at the destination addresses 
of the packets passing through them and select the 
appropriate routes on which to send the packets. 2. A 
program that automatically determines the routing path 
for the component connections on a printed circuit board. 
3. Network node, which, alone or in tandem with other 
routers, ensures the delivery of a message from a station 
on one network to a station on another network. The 
sending station message includes the address of the 
receiving station and the address of the local router. The 
local router determines the best route to the receiving 
station, which may or may not involve intermediate 
routers. 4. Program that automatically determines the 
routing path for the component connections on a printed 
circuit board. 


routine — ruby maser 


routine —A set of computer instructions arranged in 
a correct sequence and used to direct a computer in 
performing one or more desired operations. 

routine library— An ordered set of standard and 
proven computer routines that may be used to solve 
problems or parts of problems. 

routing — 1. The assignment of the communications 
path by which information is carried to its destination. 
2. A sequence of passing packets through various store- 
and-forward packet switches in a network to the desired 
destination. 3. Placement of interconnections on a printed 
circuit board. 4. In production, the sequence of steps to be 
performed in the production of a part or assembly. 5. The 
process of selecting the correct circuit path for a message. 

routing indicator — An address, or group of charac- 
ters, used in the header of a message to specify the final 
circuit or terminal to which the message is to be delivered. 

routing tables—Customer-defined tables that 
describe the sequence of lines a telephone call may select 
to reach its destination. Routing tables also establish the 
points at which a call may hold or overflow to higher-cost 
lines. 

row— 1. A horizontal arrangement of a number of 
characters or other expressions. 2. In computers, the char- 
acters or corresponding bits of binary-coded characters 
that make up a word. 3. A path, perpendicular to the 
edge of a tape, along which storage of information may 
be accomplished by means of the presence or absence of 
holes or magnetized areas. 4. A predetermined number of 
consecutive functional patterns lying along a line parallel 
to the X axis of a photomask. 

row binary — Having to do with the binary represen- 
tation of data on cards by a method in which adjacent 
positions in a row correspond to adjacent bits of data; 
for example, the representation of 80 consecutive bits of 
two 40-bit words may be contained in each row of an 
80-column card. 

row pitch —The distance between corresponding 
points in adjacent rows. 

row scanning —Decoding technique that deter- 
mines which key of a keyboard was pressed. Each row 
is scanned in tum by outputting a 1. The output on 
the columns is examined, resulting in identification of 
the key. 

RPG — Abbreviation for report program generator. 
1. A computer language that can be used on several 
types of computers. The language stresses complex output 
reports based on information that describes the input files, 
operations, and format. 2. A language designed with built- 
in logic to produce report-writing programs given input 
and output descriptions. 

rpm — Abbreviation for revolutions per minute. 

rps — Abbreviation for revolutions per second. 

R-S flip-flop — A flip-flop having two inputs, desig- 
nated R and S. At the application of a clock pulse, a 1 on 
the S input will set the flip-flop to the 1 or on state, and 
I on the R input will reset it to the O or off state. It is 
assumed that 1s will never appear simultaneously at both 
inputs. 

RSSI— Abbreviation for received signal strength indi- 
cator. A dc signal from the IF amplifier of a receiver. Its 
magnitude represents the level of the rf input signal. 

R-S-T flip-flop — A flip-flop having three inputs: R, 
S, and T. The R and S inputs produce states as described 
for the R-S flip-flop; the T input causes the flip-flop to 
change states. 

RS-232C — 1. A widely used interface standard for 
computers, printers, modems, and test equipment. Switch- 
ing occurs via levels, with zero defined as +3 to +9 volts 
or more and l as —3 to —9 volts or less. The teletype 
current-loop standard, on the other hand, opens and closes 
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a 20-mA (or 60-mA) circuit to generate code. 2. A serial 
interface standard for communicating with byte-oriented 
units, such as teletypewriters. 3. A de facto standard, 
originally introduced by the Bell System, for the trans- 
mission of data over a twisted-wire pair less than 50 feet 
(15.24 m) in length. It defines pin assignments, signal lev- 
els, etc., for receiving and transmitting devices. Other 
RS-standards cover the transmission of data over dis- 
tances in excess of 50 feet. 4. A standard form for serial 
computer interfaces. 5. The industry standard for a 25- 
pin interface that connects computers and various forms 
of peripheral equipment, e.g., modems and printers. 6. A 
standard developed by the Electronics Industry Associ- 
ations (EIA) specifying what signals and voltages will 
be used to transmit data from a computer to a modem. 
The full standard covers some 25 pins on the RS-232C 
plug interface found on a serial card, but most personal 
computers make use of only a handful of these (actu- 
ally about seven fingers worth). (The “C” is frequently 
dropped when using this term.) 

RS-232 port—-A standardized serial port for con- 
necting a computer to peripheral equipment such as a 
printer, mouse, scanner, or modem. 

RTL— Abbreviation for resistor-transistor logic. 

RTMA — Abbreviation for Radio-Television Manufac- 
turers Association, now Electronic Industries Associa- 
tion (EIA), 

RTS — Request to send. An RS-232C control signal 
between a modem and user’s digital equipment that initi- 
ates the data-transmission sequence on a communication 
line. 

RTS/CTS delay — See train time. 

rtty— Abbreviation for radioteletype. A wireless 
method of communication whose end result is printed 
messages. The originator types his or her message on 
a typewriterlike device. The message is then sent over 
the air via his or her transmitting system, whereupon 
it is automatically typed in final readable form on the 
recipient’s typewriterlike device. 

rubber—A material that is capable of recovering 
from large deformations quickly and forcibly and can be, 
or already is, modified to a state in which it is essentially 
insoluble (but can swell) in boiling solvents, such as 
benzene, MEK, etc. 

rubber banding—A technique for displaying a 
Straight line that has one end fixed and the other end 
following a stylus or some input device. 

rubber-covered wire —A wire with rubber insu- 
lation. 

rubber ducky—Common term for the flexible 
rubber-covered antenna generally supplied with handheld 
radios. 

ruby—A type of aluminum-oxide crystal used to 
produce one form of solid-state laser. 

ruby laser — 1. An optically pumped solid-state laser 
in which a ruby crystal produces an extremely narrow 
and intense beam of coherent red light. Used for localized 
heating and for light-beam communication. 2. The opti- 
cally pumped, solid-state laser that uses sapphire as the 
host lattice and chromium as the active ion. The emission 
of the laser takes place in the red portion of the spectrum. 
See figure on page 661. 

rubylith — Ulano Company’s trade name for a lami- 
nate consisting of a thin, red “light-safe” stripping film 
with a heavier clear polyester backing, used to produce 
master artwork for thick-film patterns by scribing and 
peeling away portions of the red layer. 

ruby maser— A maser that has a ruby crystal in the 
cavity resonator. 
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ruggedization — The redesign of a piece of equip- 
ment or its components to make them able to withstand 
prolonged vibration and mechanical shock. 

Ruhmkorff coil — An induction coil having a mag- 
netic interrupter. It is used to produce a spark discharge 
across an air gap. 

rumble — 1. Also called turntable rumble. A descrip- 
tive term for a low-frequency vibration that is mechan- 
ically transmitted to the recording or reproducing 
tumtable and superimposed onto the reproduction. 
z. Low-frequency noise caused by a tape transport. 3. The 
audible effect of low-frequency vibration transmitted from 
the motor or other moving parts to the record or the tone- 
arm. Heard (as a hum or rumbling sound) only when the 
pickup stylus is on a rotating record. Rumble is mea- 
sured in decibels below a specified signal level; the farther 
below the level (i.e., the larger the number), the less audi- 
ble the rumble. 

run — A single, continuous execution of a program by 
a computer. 

runaround crosstalk — Crosstalk resulting from the 
coupling of the high-level end of one repeater to the low- 
level end of another repeater. Often a third repeater or line 
is the means of coupling; therefore, runaround crosstalk 
may be a form of interaction crosstalk. 

runaway — 1. Any additive condition to which con- 
tinued exposure will eventually destroy a device. 2. A 
condition in which one of the dynamic variables of a sys- 
tem makes an unintended increase to a level beyond the 
design limits, often with destructive consequences. 

run book— All the material needed to document a 
run of a program on a computer. 

rung—A_ grouping cf programmable controller 
instructions that controls one output. This is represented 
as one section of a logic ladder diagram. 

run-in — The start of a groove at the beginning of a 
side of a phonograph record that runs in to the recorded 
section. 

run motor— In facsimile equipment, a motor that 
supplies the power to drive the scanning or recording 
mechanisms. A synchronous motor is used to limit the 
speed. 

running circuit breaker—A device whose prin- 
cipal functicn is to connect a machine to its source 


of running voltage after having been brought up to the 
desired speed on the starting connection. 

running open — In telegraph applications, a condi- 
tion in which a machine is connected to an open line or 
a line without battery (constant space condition). Under 
this condition, the telegraph receiver appears to be run- 
ning because the machine continually decodes the open 
line as the Baudot character “blank” cr the U.S. ASCII 
character “null,” and the type hammer continually strikes 
the type box but does not move across the page. 

running torque — 1. The turning power of a motor 
when running at its rated speed. 2. Force movement 
produced by a stepper motor after it has been accelerated 
to a running rate (sometimes also called slew or pull-out 
torque). 

run time — 1. The time required to complete a single 
continuous execution of an object program. 2. The time 
period during which a program is running. 

runway localizing beacon — A smal radio-range 
beacon that provides accurate directional guidance along 
the runway of an airport and for some distance beyond it. 

rupture —The ability of contacts to break apart 
or rupture the electrical flow without welding under 
excessive currents. 

rupture (or interrupting) capacity.— The maxi- 
mum current that a protective device will interrupt. Spec- 
ified as the number of interruptions in amperes (adjusted 
circuit) without a change in calibration or a failure of 
dielectric strength. 

rural line—-A telephone subscriber's line in rural 
territory designed to serve from five to ten parties per line. 

rush-box —- A superregenerative receiver. 

rutherford — Abbreviated rd. A quantity of radioac- 
tive material that produces one million disintegrations per 
second, 

R value — A value of thermal resistance assigned to 
any given material of a given thickness or density, which 
is indicative of the ability of that material to resist or 
retard the flow of heat. 

RX meter—An impedance meter that measures 
resistance and equivalent capacitance. 

ryotron—A_ thin-film inductive superconductive 
device. An inductive switch capable of inductance 
variation of better than three orders of magnitude. 


S— Letter symbol for second. 

S— Symbol for secondary and source electrode. 

SA — Abbreviation for signature analysis. 

sabin — Also known as square-foot unit of absorption. 
A measure of the sound absorption of a surface. It 
is equivalent to 1 square foot of a perfectly absorptive 
surface. See also equivalent absorption. 

saddle — Insulation placed under a splice in a coil 
lead. 

safe operating area — Abbreviated SOA. The limit 
range in which a semiconductor device can be operated 
without damage. Boundaries of this area are maximum 
voltage, maximum current, and the secondary breakdown 
region. 

safety— The conservation of human life and its 
effectiveness, and the prevention of damage to items, 
consistent with mission requirements. 

safety factor—The amount by which the normal 
operating rating of a device can be exceeded without 
causing failure of the device. 

safety service— A radiocommunication service 
used permanently or temporarily for the safeguarding of 
human life and property. 

SAGE system— See Semiautomatic Ground Envi- 
ronment. 

SAG MOS— Abbreviation for self-aligning-gate 
MOS. 

St. Elmo’s fire — A visible electric discharge some- 
times seen at the tips of aircraft propellers or wings, the 
mast of a ship, or any other metal point where there is 
considerable atmospheric difference of potential due to 
concentration of the electric field at the points of the con- 
ductor. 

sal-ammoniac cell — A cell in which the electrolyte 
consists primarily of a solution of ammonium chloride. 

salient pole —1.A pole consisting of a separate 
radial projection having its own iron pole piece and its 
own field coil, used in the field system of a generator or 
motor. 2. In an electric motor or generator, a magnetic 
field pole projecting toward the armature. 

Salisbury darkbox— An isolating chamber used for 
test work in connection with radar equipment. The walls 
of the chamber are specially constructed to absorb all 
impinging microwave energy at a certain frequency. 

Sallen-Key filter — A design technique that utilizes 
both positive and negative feedback to achieve single- 
amplifier realizations of multiple low-pass, high-pass, and 
bandpass responses. 

SAM — Acronym for sequential access memory. 

sample —1. One or more units of product drawn 
from a lot, the units being selected at random without 
regard to their quality. 2. An instantaneous value of a 
variable obtained at regular intervals. 3. To obtain sample 
values of a complex wave at periodic intervals. 
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sample and hold — 1. A circuit used in an analog- 
to-digital converter whenever it is desirable to make a 
measurement of a signal and to know precisely when the 
input signal corresponds to the results of the measurement. 
It is also used to increase the duration of the signal. 
2. A system in which a sample of an analog input 
signal is frozen in time (is stored in a capacitor) and 
held while it is converted to a digital representation or 
otherwise processed. 3. A circuit that holds, or freezes, a 
changing analog input signal voltage. Usually, the voltage 
thus frozen is then converted into another form, either 
by a voltage-controlled oscillator, an analog-to-digital 
converter, or some other device. 4. To capture and retain 
a signal so it may be converted by an analog-to-digital 
converter. 
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sample-and-hold amplifier — 1. An analog circuit 
element that is the analog equivalent of the digital latch. 
Used to sample an analog signal and then hold it steady 
at a particular point so that a voltage of interest may 
be measured or used elsewhere in a system. The most 
common use of sample-and-hold devices is to sample 
and hold an analog signal at a particular point while it is 
measured with an analog-to-digital converter. 2. Analog 
amplifier, usually with a gain of 1, that has two modes 
of operation. In the sample mode the output follows 
the input; in the hold mode the output retains the input 
value present when the amplifier mode was switched from 
sample to hold by control logic. 

sampled date—Data in which the information 
content is determined only at discrete time intervals. 
Sampled data may be either analog or digital in form. 

sample pulse — See strobe pulse, 1. 
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sampler— 1. A directional coupler that has a detector 
attached to the auxiliary arm so that a video output sample 
proporticnal to the input power level is obtained. When 
the sampler is used to monitor power or drive a closed- 
loop source leveling system, the directional coupler must 
have a flat coupling coefficient. 2. See sampling circuit. 

sample rate—1.The rate at which the analog 
sample is measured and/or displayed per second. 2. The 
rate at which samples are taken in the analog-to-digital 
conversion process. 

sample-to-hold offset error— In a sample-and- 
hold circuit, the difference in output voltage between the 
time the switch starts to open and the time when the 
output has settled completely. It is caused by charge being 
transferred to the hold capacitor from the switch as it 
opens. 

sampling — 1. To obtain values of a function that 
correspond to discrete, regularly or irregularly spaced 
values of the independent variable. 2. In pulse-code 
modulation, selecting samples of an analog wave at 
recurring intervals so that the original wave can later he 
reconstructed with reasonable fidelity from the samples. 
3. Measuring an input value at intervals. 

sampling circuit— Aiso called a sampler. A circuit 
whose output is a series of discrete values representative 
of the values of the input at a series of points in time. 

sampling distribution — In random-sampling oscil- 
loscope technique, a function that describes the manner in 
which the density of a large number of randomly placed 
samples varies across the signal period. 

sampling gate — A device that must be activated by 
a selector pulse before it will extract information from the 
input waveform. 

sampling oscilloscope— An oscilloscope tech- 
nique very similar in principle to the use of stroboscopic 
light to study fast mechanical motion or other very high 
frequency occurrences. Progressive samples of adjacent 
portions of successive waveforms are taken; then they are 
“stretched” in time, amplified by relatively low-bandwidth 
amplifiers, and finally shown, one sample at a time, on 
the screen of a cathode-ray tube. The graph produced is 
a replica of the sampled waveforms. The principal differ- 
ence in appearance between displays made by sampling 
techniques and conventional displays is that those made 
by sampiing comprise separate segments or dots. This 
technique is limited to depicting repetitive signals, since 
no more than one sample is taken and displayed each 
time the signal occurs, and provides a means for exam- 
ining fast-changing signals of low amplitude that cannot 
be examined in any other way. 

sampling plan—A program for the acceptance or 
rejection of a lot based on tests or inspections indicating 
the quality of predetermined sample sizes. 

sampling rate —The number of times that a par- 
ticular data channel is sampled by a commutator in one 
second. 

sampling theorem—A theorem (developed by 
Nyquist in 1928) which states that two samples per cycle 
will completely characterize a band-limited signal; that 
is, the sampling rate must be twice the highest-frequency 
component. (In practice, the sampling rate is ordinarily 
from five to ten times the highest frequency.) 

sand load—An attenuator used as a terminating 
section on a transmission line to dissipate power. The 
space between inner and outer conductors is filled with 
a sand and carbon mixture that acts as the dissipative 
clement. 

sandwich — A packaging method in which compo- 
nents are placed between boards or layers. 

sanitary motor — A type of motor used in the food 
industry. It usually has a frame that is so shaped that 
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deposits of material cannot collect to contaminate nearby 
food, and can be easily kept clean. 

SAP — An acronym for second audio program. Trans- 
mitted in FM at a bandwidth of only 10 kHz, this is 
generally used for dual-language purposes or other audio. 

sapphire —A gem used on the tip of quality phono- 
graph needles and also for bearings in precision instru- 
ments. 

sapphire substrates — Materials that provide a uni- 
form dielectric constant, controlled orientation, thermal 
conductivity, and the singe crystal surface desired for 
SOS, hybrid IC, and other microcircuit systems. The 
material may be grown directly in ribbons, tubes, fila- 
ments, and sheets. 

SARAH — Acronym for search and rescue and hom- 
ing. A radio homing device, originally designed for per- 
sonnel rescue, used in operations for the recovery of 
spacecraft at sea. 

SATCOM— The name of satellites built by RCA 
Astro-Electronics and operated by RCA Americom. They 
distribute programming to cable TV systems and provide 
network radio transmissions, as well as commercial and 
government voice, data, and video services. 

SATCOM Fi — Also referred to as just Fl. American 
TV satellite (operated by RCA) to supply most of cable 
TV programming on 24 transponders (12 are vertically 
and 12 are horizontally polarized). It is located at 135° 
west longitude. 

SATCOM F2— Also referred to as F2. American 
TV satellite (operated by RCA) to supply assorted video 
and data programming to Alaska and other points in the 
United States. Like its sister, Fl, it has 24 transponders. 
It is located at 119° west Icngitude. 

satellite — 1. Orbiting system in space that receives 
communications radio signals from ground bases on earth 
and then retransmits them to distant locations. 2. A TV 
station licensed to rebroadcast the programming of a 
parent station. It differs from a translator in that satellite 
power limits are much higher, and satellites may also 
originate some programming. See figure on p. 664. 

satellite communication systems—A remote 
communications technique using a satellite in orbit to 
receive signals from one location and then retransmit them 
to another location. 

satellite receiver — 1. The electronic component of 
an earth station used indoors that downconverts, pro- 
cesses, and prepares satellite signals for viewing or listen- 
ing. 2. A component used for tuning in a selected satellite 
transponder. It may contain one or two downconverters, 
or none. The receiver recovers the original basebard sig- 
nals and delivers them to a remodulator. The receiver can 
also supply the dc operating voltages for an externa! LNA 
and downconverter. 

SATO — Abbreviation for self-aligned thick oxide. 

saturable-core magnetometer— A magnetome- 
ter in which the change in permeability cf a ferromagnetic 
core provides a measure of the field. 

saturable-core oscillator — A relaxation oscillator 
in which the occurrence of saturation in a magnetic core 
initiates a change in the conductive state of amplifying or 
switching elements. 

saturable-core reactor — See saturable reactor. 

saturable ferrite-core switch—A_ keyboard 
switch. In the off position, the magnets straddling the 
ferrite core saturate it and inhibit a drive signal from 
being picked up by the sense wire through transformer 
action. When the key is depressed, the magnetic field is 
removed, allowing the analog drive signal to be coupled 
to the sense wire, and the switch tums on. 

saturable reactor— Also called a saturable-core 
reactor. A magnetic-core reactor whose reactance 1s 
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“Duplicate requests for assignments. 


Satellites (North American domestic). 


controlled by changing the saturation of the core by 
varying a superimposed unidirectional flux. 

saturable transformer— A saturable reactor with 
an additional winding to provide voltage transformation 
or isolation from the ac supply. 

saturated — That operating state of a transistor in 
which there is no further increase in collector current 
when the base current increases; in this state, the collector- 
emitter voltage is low, typically less than 1 volt. 

saturated color—A pure color—i.e., one not 
contaminated by white. 

saturated logic — A type of logic in which one out- 
put state is the saturation voltage of a transistor. Exam- 
ples are resistor-transistor logic (RTL), diode-transistor 
logic (DTL), and transistor-transistor logic (TTL). See 
also unsaturated logic. 

saturated recovery time— The recovery time of 
a thermal relay measured when the relay is deener- 
gized after temperature saturation (equilibrium) has been 
reached. 

saturated reoperate time— Reoperate time of a 
thermal relay when temperature saturation (equilibrium) 
is reached before the relay is deenergized. 

saturating reactor— A magnetic-core reactor capa- 
ble of operating in the region of saturation without inde- 
pendent control means. 

saturating signal—lIn radar, a signal of greater 
amplitude than the dynamic range of the receiving system. 

saturation— 1. A term applied to a color that is 
“pure” to the extent that it is not mixed with white 
light. The less white light, the more saturated the color 
is said to be. This is suggestive of signal-to-noise ratio, 
where the “noise” in this case is white light. 2. The 
operating condition of a transistor when an increase in 
base current produces no further increase in collector 
current. 3. The state of magnetism beyond which a metal 
or alloy is incapable of further magnetization — i.e., the 
point beyond which the B/H curve is a straight line. 4. A 
circuit condition whereby an increase in the driving or 
input signal no longer produces a change in the output. 
5. The condition in which a transistor is driven so hard 
that it becomes biased in the forward direction. In a 
switching application, the charge stored in the base region 
prevents the transistor from turning off quickly under 
saturation conditions. 6. The condition in an electron tube 


when maximum current is passing through the cathode 
circuit. 7. An effect that occurs when a tape is fully 
magnetized, and further increase of signal input level 
does not produce a corresponding increase in recorded 
level. Saturation can also occur in the magnetic structure 
of the heads. 8.In color TV, the degree to which a 
color is undiluted with white light or is pure. Saturation 
is directly related to the amplitude of the chrominance 
signal. 9. Generally, that state in which a semiconductor 
device is conducting most heavily for a given applied 
voltage. In many devices it is also a state in which the 
normal amplification mechanisms have become swamped 
and inoperative. 

saturation absorption — The condition obtainable 
between pairs of electron energy levels whereby, under 
very high radiation intensity, the absorption coefficient 
gradually decreases to zero because of the absence of 
empty levels to which transition can occur. 

saturation control —In a color television receiver, 
a control that regulates the amplitude of the chrominance 
signal. The latter, in turn, determines the color saturation. 

saturation current— 1. The current in the plate 
circuit of a vacuum tube when all electrons emitted by 
the cathode pass on to the plate. 2. The current between 
the base and collector of a transistor when an increase in 
the emitter-to-base voltage causes no further increase in 
the collector current, 3. The maximum current obtainable 
as the applied voltage is increased. 4. Current passed 
by a reverse-biased semiconductor pn junction, which is 
composed of minority carriers drifting across the potential 
barrier of the depletion layer. The term saturation is used 
because in material that is even moderately doped the 
number of minority carriers present in the material is 
almost solely determined by the lattice excitation, so 
that once all the minority carriers available at a given 
excitation level are involved in the reverse conduction, 
further increases in reverse bias produce virtually no 
increase in current. 

saturation curve—A magnetization curve for a 
ferromagnetic material. 

saturation flux density — See saturation induction. 

saturation induction — Sometimes loosely referred 
to as saturation flux density. The maximum intrinsic 
induction possible in a material. 
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saturation limiting — Limiting the minimum output 
voltage of a vacuum-tube circuit by operating the tube in 
the region of plate-current saturation. 

saturation magnetization —The magnetic condi- 
tion of a body when an increase in the magnetizing force 
produces practically no change in the intensity of magne- 
tization. 

saturation moment—The greatest magnetic 
moment possible in a sample of magnetic material. 

saturation noise — The noise arising when a uni- 
formly saturated tape is reproduced. This is often some 
15 dB higher than the bulk-erased noise and is associated 
with imperfect particle dispersion. 

saturation point— The point beyond which an 
increase in one of two quantities produces no increase 
in the other. 

saturation recording — Direct digital recording. So 
called because the magnetic coating on the recording tape 
is fully saturated by the recording process. Normal audio 
recording uses only a small portion of the tape’s “mag- 
netic energy” to reduce harmonic distortion to acceptable 
levels, By magnetically saturating the tape, however, vari- 
ations in tape sensitivity are masked and the higher-level 
playback is better able to overcome noise. 

saturation resistance — 1. Ratio of voltage to cur- 
rent in a saturated semiconductor. 2. The resistance 
between coilector and emitter terminals under specified 
conditions of base current and collector current, when the 
collector current is limited by the external circuit. 

saturation value— 1. The highest value that can 
be obtained under given conditions. 2. The value of 
magnetic-flux density beyond which increases in the 
magnetizing force have no appreciable effect on the flux 
density in a particular sample of magnetic material. 

saturation voltage — 1. The voltage drop appearing 
across a switching transistor (collector-emitter) that is 
“uliy turned on. 2. Generally, the voltage excursion at 
which a circuit self-limits (i.e., is unable to respond 
to excitation in a proportional manner). In operational 
amplifiers, the output-voltage saturation limits may be 
imposed by any stage, from the input to the output, 
depending in part on the external loading and feedback 
parameters. 3. “he voltage between base and emitter 
required to cause collector current saturation. 4. The 
residual voltage between collector and emitter terminals 
under specified conditions of base current and collector 
current, the collector current being limited by the external 
circuit, 

SAW — Abbreviation for surface acoustic wave. 

SAW device — Surface acoustic-wave device. A 
technology for broad-bandwidth signal delay, custom- 
designed filters, and complex generation and correlation 
at IF frequencies. SAW devices make use of a single- 
crystal, planar substrate with aluminum or gold electrode 
patlerns fabricated by photolithography of a substrate of 
piezoelectric material. The electrode patterns are used to 
excite and detect minute acoustic waves that travel over 
the surface of the substrate much like earthquake waves 
travel over the crust of the earth. 

SAW (surface acoustic wave) filter — An elec- 
tronic device that allows a sharp transition between 
regions of allowed and attenuated frequencies. 

sawtooth — A wavefcrm increasing approximately 
linearly as a function of time for a fixed interval, returning 
to its original state sharply, and repeating the process 
periodically. 

sawtooth current— A current that has a sawtooth 
waveform. 

sawtooth generator — An oscillator providing an 
alternating voltage with a sawtooth waveform. 
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sawtooth-modulated jamming — An electronic- 
countermeasure technique in which a high-level jamming 
signal is transmitted so that large AGC voltages are 
developed at the radar receiver and the target pip and 
receiver noise are caused to disappear completely. 

sawtooth voltage— A voltage that varies between 
two values in such a manner that the waveshape resembles 
the teeth of a saw. 

sawtooth wave — A periodic wave whose amplitude 
varies linearly between two values. A longer interval is 
required for one direction of progress than for tne other. 
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sawtooth waveform— A waveform that has a slow 
or sloping rise time and a sharp or sudden fallback to the 
starting point, resembling the teeth of a saw. 

saxophone — A linear-array antenna with a cosec- 
ant-squared radiation pattern. 

SBA — Abbreviation for standard beam approach. 

S-band — Microwave band in which the wavelengths 
are at or near 10 cm. 

SBT — Abbreviation for surface-barrier transistor. 

SCA— Abbreviation for Secondary (or Subsidiary) 
Communications Authorization. Permission granted by 
the FCC for an FM broadcaster to send out, on the same 
carrier frequency and simultaneously with the regularly 
heard program, a program in addition to the one heard 
with ordinary receivers. The purpose is to provide spe- 
cial programming to a Jimited audience without the cost 
of an entire new transmitter. SCA is primarily for the 
transmission of programs that are of a broadcast nature 
but which are of interest primarily to limited segments 
of the public wishing to subscribe. This includes back- 
ground music, storecasting, detailed weather forecasting, 
special time signals, and other material of a broadcast 
nature expressly designed and intended for business, pro- 
fessional, educational, religious, trade, labor, agriculture, 
or other groups engaged in any lawful activity. SCA facil- 
ities may also be used in transmission of signals directly 
related to the operation of FM broadcast stations. 

SCA channel— Abbreviation for subsidiary carrier 
authorization channel. A channel that carries program 
material modulated onto a radio frequency subcarrier on 
a CATV system or an FM broadcast signal. 

SCA demodulator — Abbreviation for subsidiary 
Carrier authorization demodulator. A (low-frequency) 
receiver tuned to a subcarrier signal broadcast by an FM 
radio station. Ít is connected to the multiplex output in 
an FM receiver and demodulates the subcarrier program 
Carrying subscription music, stock reports, etc. 

scalar—1.A quantity that has magnitude but no 
direction (e.g., real numbers). 2. A circuit with two stable 
states, which can be triggered to the opposite state by 
appropriate means (a bistable circuit). 

scalar feed — A type of horn antenna feed that uses a 
series of concentric rings to capture signals that have been 
reflected toward the focal point of a parabolic antenna. 

scalar function— A function that has magnitude 
only. Thus, the scalar product of two vectors is a scalar 
function, as is a real function of a real variable. 
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scalar operations — Mathematical operations per- 
formed on random data elements rather than on sequential 
data elements. 

scalar processing — Calculations performed one at 
a time. 

scalar quantity — Any quantity that has magnitude 
only —e.g., time, temperature, quantity of electricity. 

scale — 1. A series of musical notes, symbols, sensa- 
tions, or stimuli arranged from low to high by a specified 
scheme of intervals suitable for musical purposes. 2. The 
theoretical basis of a numerical system. 3. A series of 
markings used for measurement or computation. 4. A 
defined set of values, in terms of which different quanti- 
ties of the same nature can be measured. 5. In a computer, 
to change the units of a variable so that the problem 1s 
within its capacity. 6. To change a quantity by a factor in 
order to bring its range within prescribed limits. 

scale division— The space between two adjacent 
markings on a scale. 

scale error (full-scale error) — The depariure from 
design output voltage of a DAC for a given input code, 
usually full-scale code. In an ADC, it is the departure of 
actual input voltage from design input voltage for a full- 
scale output code. Scale errors can be caused by errors 
in reference voltage, ladder resistor values or amplifier 
gain, etc. 

scale factor — 1. In analog computing, a proportion- 
ality factor that relates the magnitude of a variable to its 
representation within a computer. 2. In digital computing, 
the arbitrary factor that may be associated with numbers 
in a computer to adjust the position of the radix point 
so that the significant digits occupy specified columns. 
3. The factor by which the number of scale divisions indi- 
cated or recorded by an instrument must be multiplied to 
compute the value of the measurand. 4. A value used to 
convert a quantity from one notation to another. 5. The 
amount by which a measured quantity must change in 
order to produce unit deflection of a recording pen. 

scale length (of an indicating instrument)— 
The length of the path described by the tip of the pointer 
(or other indicating means) in moving from one end of the 
scale to the other. Pointers that extend beyond the scale 
division marks are considered to end at the outer end of 
the shortest division marks; in multiscale mstruments, the 
longest scale is used in determining the scale length. 

scale-of-ten circuit — See decade scaler. 

scale-of-two counter — A flip-flop circuit in which 
successive similar pulses are applied at a common point, 
causing the circuit to alternate between its two conditions 
of permanent stability. 

scaler — Also called a scaling circuit. A circuit that 
produces an output after a predetermined number of input 
pulses have been received. 

scaler frequency meter — A frequency meter in 
which electronic circuits are used for counting and gating 
electrical signals to indicate their number and/or rate. 

scale span — The algebraic difference between the 
values of the actuating electrical quantity corresponding 
to the two ends of the scale of an instrument. 

scaling — 1. An electronic method of counting elec- 
trical pulses occurring too fast to be handled by mechan- 
ical recorders. 2. The changing of a quantity from one 
notation to another. 3. Adjusting the coefficient of a cir- 
cuit to each of its one or more input-signal terminals. The 
relative scaling of one input to another ts called weighting. 
4. In computing, relating problem variables to machine 
variables. 

scaling circutt— See scaler. 

scaling factor— Also called the scaling ratio. The 
number of input pulses per output pulse required by a 
scaler. 
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scaling ratio — See scaling factor. 

scalloping distortion —JIn videotape recording, a 
series of small, vertical curves in the recorded image. 
Caused by unequal stretching across the width of the tape. 

SCA modulator— Abbreviation for subsidiary car- 
rier authorization modulator. A device that takes an audio 
input and modulates a supersonic frequency that can be 
combined with the regular audio input to an FM trans- 
mitter, which will thus broadcast two programs simulta- 
neously. The SCA program for which the subscriber pays 
will not be heard unless the FM receiver is equipped with 
an SCA demodulator. 

scan—1.In facsimile, to analyze the density of 
successive elemental areas of the subject copy in a 
predetermined pattern at the transmitter, or to record these 
areas at the recorder. 2. To examine point by point —e.g., 
in converting a televised scene or image into a methodical 
sequence of elemental areas. 3. One sweep of the mosaic 
in a camera tube or of the screen in a picture tube. 
4. To sample each of a number of inputs intermittently. 
A scanning device may provide additional functions such 
as record or alarm. 

scan-coded tracking system — See monopulse 
tracking. 

scan converter—1.A device that converts com- 
puter video to a TV video format. 2. Equipment that 
samples radar images at a 3-kHz to 10-kHz rate that can 
be sent over telephone lines or narrow bandwidth radio 
circuits and converted into a slow-scan image by a similar 
converter. See also slowed-down video. 

scan-converter tube —A device consisting of a 
cathode-ray tube and a vidicon imaging tube assembled 
face to face in the same envelope. 

scanistor— An integrated semiconductor optical- 
scanning device that converts images into electrical sig- 
nals. The output analog signal represents both the amount 
and the position of the light shining on its surface. 

scan line —One of the many horizontal lines that 
make up the picture on a video screen. 

scan moiré — See moiré effect. 

scanner — |. A device that converts images or text 
on paper into data that can be manipulated by a com- 
puter. 2. An instrument that automatically samples or 
interrogates the state of various processes, conditions, or 
physical states and initiates action in accordance with the 
information obtained. 3. In a facsimile transmitter, the 
part that systematically translates the densities of the sub- 
ject copy into the signal waveform. 4. The moving parts 
of an antenna that cause the beam to scan. 5. A switching 
device that sequentially samples a number of points. 

scanner amplifier— An amplifier in a facsimile 
transmitter used to amplify the output-signal voltage of 
the scanner. 

scanner radio— A receiver that can automatically 
check the airwaves for signals from preselected stations 
that are broadcasting at the time. When it picks up such 
signals, the scanner pauses at the station setting for as long 
as the signals last — or for as long as you care to listen. 
When the signals stop for a few seconds, the scanner 
automatically tunes itself to the next preselected channel 
that may be broadcasting. 

scanning — 1. In television, facsimile, or picture 
transmission, the successive analyzing or synthesizing, 
according to a predetermined method, of the light val- 
ues or equivalent characteristics of elements constituting 
a picture area. 2. In radar, the directing of a beam of 
radio-frequency energy successively over the elements of 
a given region, or the corresponding process in reception. 
3. The comparison of input variables with some reference 
to determine a particular action. 4. The successive expo- 
sure of small portions of an object to a sensing device 
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of some type. Television, radioactive scanning, facsimile 
transmission, and photoelectric scanning are all exam- 
ples of this technique. 5. Moving the electron beam of 
an image pickup tube or a picture tube diagonally across 
the target or screen area of tube. 6. The process of trans- 
iating images into digital form that can be recognized by 
a computer. 

scanning-antenna mount— An antenna support 
that provides a mechanical means for scanning or tracking 
with the antenna, and a means for taking off information 
and using it for indication and control. 

scanning beam — A beam of light, a radar beam, or 
an electron beam that is used in scanning. 


Scanning beam. 


scanning circuit— A circuit that produces a linear, 
circular, or other movement of the beam in a cathode-ray 
tube at regular intervals. 

scanning disc—1. A rotating tricolor wheel used 
between the camera lens and subject, or picture tube and 
viewer, in field-sequential color television. 2. A Nipkow 
disc. 

scanning frequency — See stroke speed. 

scanning head—.A light source and a phototube 
combined as a single unit for scanning a moving strip of 
paper, cloth, or metal in photoelectric side-register control 
systerns. 

scanning line —A single, narrow, continuous strip 
containing highlights, shadows, and halftones of the 
picture area, as determined by the scanning process. 
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scamning linearity — In television, the uniformity of 
the scanning speed during the trace interval. 

scanning-line frequency —The number of scan- 
ning lines per second. See also stroke speed. 

scanning loss—In a radar system employing a 
scanning antenna, the reduced sensitivity that occurs in 


scanning-antenna mount — scatter propagation 


scanning across a target compared with the sensitivity 
when a constant beam is directed at the target. This loss 
is expressed in decibels. 

scanning sonar — An echo-ranging system in which 
the sound pulse is transmitted simultaneously through 
the entire angle to be searched and a rapidly rotating 
transducer having a narrow beam angle scans for the 
returning echoes. 

scanning speed — The number of inches per second 
explored by the spot of light or other source of energy in 
television, facsimile, radar, etc. 

scanning spot—1.The immediate area being 
explored at any instant by a spot of light or other energy 
source in television, facsimile, radar, etc. See also picture 
element. 2. The spot illuminated on a cathode-ray tube by 
the initial impact of the scanning ray and the screen. 

scanning yoke—A yoke-shaped iron core that 
supports the electromagnetic deflecting coils around the 
neck of some cathode-ray tubes. 

scannogram— The recording made on paper by a 
scanner. 

scan rate —The rate at which a control computer 
periodically checks a controlled quantity. 

scan time— 1. The time necessary to completely 
execute the entire programmable controller program one 
time. 2. The time necessary to completely execute an 
entire program one time. 3. The time required to examine 
the state of all inputs. 

SCA rejection — The ratio of the 67-kHz SCA signal 
at the output to the desired output with the standard FCC 
signal input. 

SCART — A 20-pin rectangular connector used on TV 
receivers in PAL areas. The connector provides composite 
video inputs and outputs, stereo audio inputs and outputs 
and RGB input. It is also known as Euro-connector. 

scatiter—1.A disordered change in the direction 
of propagation when radio waves encounter matter. 
2, Spurious radar echoes due to reflections from layers 
of the ionosphere. 

scatterband — In pulse systems, the total bandwidth 
occupied by the frequency spread of numerous interroga- 
tions operating on the same nominal radio frequency. 

scattered reflections — Reflections from portions 
of the ionosphere at different virtual heights. These 
refiections interfere with each other and cause rapid fading 
of the signal. 

scattering — 1. The change in direction, frequency, 
or polarization of radio waves when they encounter 
matter. 2. In a narrower sense, a disordered change in 
the incident energy of (1) above. 3. The change of 
direction of particles or systems. 4. The diffusion of 
a sound or light beam due to discontinuities :n the 
transmitting medium. 5. Change of the spatial distribution 
of a beam of radiation when it interacts with a surface or 
a heterogeneous medium, in which process there is no 
change of wavelength of the radiation. 

scattering loss — That part of the transmission lost 
because of scattering within the medium or the rougliness 
of the reflecting surface. 

scatter loading — In a computer, the form of fetch 
that may result in placement of the contro! sections of a 
load module in nonadjoining main-storage positions. 

scatterometer— A wide-sweep radar for terrain 
mapping. 

scatter propagation— Also called beyond-the- 
horizon propagation, beyond-the-horizon transmission, 
or over-the-horizon transmission. Transmission of high- 
power radio waves beyond line-of-sight distances by 
reflecting them from the troposphere or ionosphere. 
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scatter read — The ability of a computer to distribute 
data into several memory areas as it is being entered into 
the system from magnetic tape. 

SCC — Abbreviation for spark control computer. An 
analog electronic system (Chrysler Corp.) that accurately 
controls spark timing in response to various inputs, includ- 
ing engine temperature, manifold pressure, air tempera- 
ture, and air pressure. Used with EGR, it provides for 
cleaner exhaust and better fuel economy. 

scc wire— Abbreviation for single-cotton-covered 


ire. 

SCEPTRON — Acronym for spectral comparative 
pattern recognizer. A device that automatically classifies 
complex signals derived from any type of information that 
can be changed into an electrical signal. 

scheduled maintenance — Maintenance perfor- 
med according to an established plan. 

scheduling — Determining the order in which job 
programs will use the available computer facilities. 

schematic — 1. A diagram that shows, by means of 
graphic symbols, the electrical connections and functions 
of a specific circuit arrangement. 2. A representation 
of the components of an electrical circuit and their 
interconnections by symbols and lines. 

schematic circuit diagram — See schematic dia- 
gram. 

schematic diagram — Also called a schematic cir- 
cuit diagram, diagram, or schematic. 1. A diagram of the 
electrical scheme of a circuit, with components repre- 
sented by graphical symbols. 2. A drawing that shows 
by means of graphic symbols the electrical connections, 
components, and functions of a specific circuit arrange- 
ment. 3. A functional diagram of an electrical circuit in 
which the components are represented by conventional 
symbols, and wires interconnecting them by lines. 

Schering bridge—A four-arm alternating-current 
bridge used for measuring capacitance and dissipation 
factor. The unknown capacitor and a standard loss-free 
Capacitor form two adjacent arms, the arm adjacent to the 
standard capacitor consists of a resistor and capacitor in 
parallel, and the fourth arm is a nonreactive resistor. 

schlieren — An optical system that produces images 
in which the illumination or hue at a given point is related 
to the angular deflection a light ray undergoes in passing 
through the corresponding point in the object. The object 
is back-illuminated, and a straightedge, circular aperture, 
or graded density or multicolored filter is cmployed in the 
system to discriminate between deflected and undeflected 
rays. 

Schmidt antenna— A microwave scanning antenna 
simular in principle to the optical Schmidt camera. The 
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spherical reflector has a spheric microwave lens at the 
center of curvature and a scanner is located approximately 
halfway between these elements. 

Schmidt optical system— An optical system for 
magnifying and projecting a small, brilliant image from a 
projection-type cathode-ray tube onto a screen. 

Schmitt limiter — See Schmitt trigger. 

Schmitt trigger — Also called Schmitt limiter. 1. A 
bistable pulse generator in which an output pulse of 
constant amplitude exists only as long as the input 
voltage exceeds a certain dc value. The circuit can 
convert a slowly changing input waveform to an output 
waveform with sharp transitions. Normally, there is 
hysteresis between an upper and a lower triggering level. 
2. A regenerative circuit that changes state abruptly when 
the input signal crosses specified dc triggering levels. 3. A 
bistable device that utilizes the effect of hysteresis. In the 
Schmitt trigger, hysteresis is a form of nonlinear operation 
that forces the output to be dependent not only on the 
absolute value of the input, but also on the most recent 
prior value of the input. This hysteresis 1s characterized by 
two different switching theshold levels: one for positive- 
going input transitions and the other for negative-going 
input transitions. 
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schmoo plot—An x, y plot giving the pass/fail 
region for a specific test while varying the parameters 
in x and y coordinates. 

schooping — Spraying metal onto the ends of the roll 
of a metallized capacitor. This provides a metal surface on 
the ends of the roll to which the leads are then soldered. 

Schottky — A bipolar technology that is faster than 
standard TTL but often uses more power. 
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Schottky  barrier—1. A simple metal-to-semi- 
conductor interface that exhibits a nonlinear impedance. 
2. A metal and a semiconductor. A metal-insulator- 
semiconductor (MIS) barrier contains a very thin 
film of oxide between the metal and semiconductor 
layers; in a semiconductor-insulator-semiconductor (SIS) 
barrier, a high-conductivity, transparent, large-bandgap 
semiconductor layer replaces the metal of the MIS cell. 
3. A junction diode with the junction formed between the 
semiconductor and a metal contact rather than between 
dissimilar semiconductor materials, as in the case of an 
ordinary pn diode. 

Schottky-barrier detector— A detector based on 
a Schottky barrier—a current-rectifying contact at a 
junction between a semiconductor and a metal. 

Schottky barrier diode— Also called Schottky 
diode and hot carrier diode. 1. A junction diode with the 
junction formed between the semiconductor and a metal 
contact rather than between dissimilar semiconductor 
materials, as in the case of an ordinary pn diode. 2. A 
special diode characterized by nanosecond switching 
speed, but relatively low voltage (45 V max) and limited 
temperature range (125°C to 150°C). 

Schottky diode — See Shottky barrier diode. 

Schottky rectifier—A high-speed rectifier that 
makes use of the rectification effect of a metal-to-silicon 
barrier. Low forward-voltage characteristics provide high 
rectification efficiency, while majority carrier forward 
conduction enhances switching speed. 

Schottky transistor logic — Abbreviated STL. An 
improved version of integrated injection logic that has a 
power-delay product that is three times lower than that 
for PL. 

Schottky TTL—1.A TTL circuit that incorpo- 
rates Schottky diodes to greatly speed up TTL cir- 
cuit operation. 2. A very high speed TTL circuit using 
metal/semiconducter diodes (Schottky diodes) to prevent 
transistors from saturating. 3. Integrated circuits modified 
by having a special diode built into each transistor. These 
diodes enable the transistor to be turned off much faster 
than would otherwise be possible. 

scientific notation— In a calculator, the number 
entered or a result displayed in terms of a power of 10. 
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For example, the number 1234 is entered as 1.234 x 10°, 
and the number 0.001234 would appear as 1.234 x 107°. 

scintillate —To emit flashes of light. 

scintillation — 1. In radio propagation, a random and 
usually relatively small fluctuation of the received field 
about its mean value. 2. Also called target glint or wander. 
On a radar display, a rapid apparent displacement of 
the target from its mean position. 3. The flash of light 
produced by an ionic action. 4. A momentary breakdown 
of a tantalum oxide film in a capacitor, accompanied by 
rapid heating of the dielectric. Such events are caused 
by capacitor overvoltages or improper techniques of 
capacitor manufacture. 5. The flash of light produced by 
certain crystalline materials when a charged particle is 
passed through them. 6. Rapid fluctuation in parameters 
such as the amplitude or the phase of a wave passing 
though a medium with small-scale irregularities that cause 
irregular changes in the transmission path with time; akin 
to twinkling. 
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scintillation conversion efficiency — In a scintil- 
lator, the ratio of the optical photon energy emitted to 
the energy of the incident particle or photon of ionizing 
radiation. 

scintillation counter—A device that indirectly 
detects charged particles and gamma rays and neutrons 
by using a photomultiplier tube to convert the short 
flashes of light produced as the particle passes through a 
transparent scintillating material into electric signals that 
can be recorded. One advantage of scintillation counters 
is that they are very fast; by this is meant that they have 
a very small resolving time. 

scintillation-counter cesium resolution — The 
scintillation-counter energy resolution for the gamma ray 
or conversion electron emitted from cesium-137. 

scintillation-counter energy resolution— In a 
scintillation counter, a measure of the smallest discernible 
difference in energy between two particles or photons of 
ionizing radiation. 

scintillation-counter energy-resolution cons- 
tant— The product of the square of the scintillation- 
counter energy resolution times the specified energy. 

scintillation-counter head — The combination of 
scintillators and photosensitive devices that produces 
electrical signals in response to ionizing radiation. 

scintillation-counter time discrimination — In 
a scintillation counter, a measure of the smallest time 
interval between two successive individually discernible 
events. Quantitatively, the standard deviation of the time- 
interval curve. 

scintillation crystals— Special crystals that emit 
flashes of light when struck by alpha particles. 

scintillation decay time—The time required for 
the decrease of the rate of emission of optical photons 
in a scintillation from 90 percent to 10 percent of the 
maximum value. 

scintillation duration — The interval from the time 
of emission of the first optical photon of a scintillation to 
the time when 90 percent of the optical photons of the 
scintillation have been emitted. 

scintillation rise time — The time interval occupied 
by the increase of the rate of emission of optical photons 
of a scintillation from 10 percent to 90 percent of the 
maximum value. 

scintillator — The combination of the body of scin- 
tillator material and its container. 

scintillator material— A material that exhibits the 
property of emitting optical photons in response to 
ionizing radiation. 

scintillator-material total-conversion _ effi- 
ciency—In a scintillator material, the ratio of the 
produced optical photon energy to the energy of a particle 
or photon of ionizing radiation that is entirely absorbed 
in the scintillator material. 

scissor — To apportion a drawing into segments that 
can be viewed on a CRT screen. 

scissoring — The ability of the vector generator to 
blank the beam whenever it is moved outside of the screen 
(where the image becomes distorted). 

scope — Slang for a cathode-ray oscilloscope. 

scophony television system — A mechanical tele- 
vision projection system developed in England. In it, 
ingenious optical and mechanical methods provide large, 
bright images suitable for theater installation as well as 
home television receivers. The apparent screen brightness 
is multiplied several hundred times because several hun- 
dred picture elements are projected simultaneously. 

scored substrate—A_ substrate that has been 
scribed with a thin cut at the break lines. See snap-strate. 


scoring system— In motion-picture production, a 
system for recording music in time with the action on the 
film. 

Scott connection — A method of connecting trans- 
formers to convert two-phase power to three-phase or vice 
versa. 

Scott's breakdown theory — Breakdown is due to 
the attainment of a critical avalanche size that leads to a 
conducting path. 

SCR — Abbreviation for silicon controlled rectifier. 
The formal name is reverse-blocking triode thyristor. 1. A 
thyristor that can be triggered into conduction in only one 
direction. Terminals are called anode, cathode, and gate. 
2. A semiconductor device that functions as an electrically 
controlled switch for de loads. The SCR is one type of 
thyristor. 3. A power switching device in which a pulse at 
the gate (input) initiates a swilching action in the output 
circuit, It conducts only during the positive half-cycle of 
ac. 4. A type of thyristor that is designed for forward 
bias, unidirectional power switching, and control. See also 
thyristor. 
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scramble — 1. To transpose and/or invert bands of 
frequencies, or otherwise modify the form of the intelli- 
gence at the transmitting end, according to a prearranged 
scheme in order to obtain secrecy. 2. To mix, in cryptog- 
raphy, in a random or quasi-random fashion. 

scrambled speech — Also called inverted speech. 
Speech that has been made unintelligible (e.g., for secret 
transmission) by inverting its frequency. At the receiving 
end, it can then be converted back into intelligible speech 
by reinverting the frequency. 
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scrambler — 1. A device used to electronically alter 
a signal so that it can only be viewed or heard on a 
receiver equipped with a special decoder. 2. An electrical 
device that uses one or more methods to convert speech 
or video into a secret, unintelligible form. 3. A device 
that changes data so it appears to be in a random pattern. 
A descrambling device can change (unscramble) this data 
back to its original pattern. 

scrambler circuit — Also called a speech scrambler. 
A circuit in which essential speech frequencies are divided 
into several ranges by filters and then inverted to produce 
scrambled speech, See also speech inverter. 

scrambling — A method of altering the identity of a 
video or audio signal in order to prevent its reception by 
persons not having authorized decoders. 

scratch filter— A low-pass filter, often an integral 
part of an amplifier circuit, that attenuates the higher 
frequency noise derived from disk recordings. The scratch 
filter is also suitable for the suppression of background 
noise produced by tape background hiss. 

scratch pad—1. Information that the processing 
unit of a computer stores or holds temporarily. It is a 
memory containing subtotals for various unknowns that 
are needed for final results. 2. An area of RAM used 
for short-term storage of data during a process. 3. Group 
of general-purpose registers without specific function, 
providing a high-speed workspace. Usually, an internal 
RAM in a computer. 

scratch-pad memory — 1. A high-speed, limited- 
capacity computer information store that interfaces 
directly with the central processor. It is used to supply 
the central processor with the data for the immediate 
computation, thus avoiding the delays that would be 
encountered by interfacing with the main memory. (The 
function of the scratch-pad memory is analogous to that 
of a pad of paper used for jotting down notes.) 2. A high- 
speed memory used to temporarily store small amounts of 
data that may be needed often and without delay. 3. Any 
memory space used for the temporary storage of data. 
Typically, scratch-pad memories are high-speed integrated 
circuits that are addressed as interna: registers. 

screen — |. The surface on which the visible pattern 
is produced in a cathode-ray tube. 2. A metal partition 
that isolates a device from external electric or magnetic 
fields. 3. See screen grid. 4. Surface on which the master 
artwork of the circuit pattern is projected. Screen fabrics 
inciude polyester, stainless steel, nylon, and silk. 5. The 
surface of a medium on which a visible image, pattern, or 
picture is produced, generally within a camera or cathode- 
ray tube, 

screen angle—A vertical angle bounded by a 
straight line from the radar antenna to the horizon and the 
horizontal at the antenna, assuming a 4/3 earth’s radius. 

screen deposition—The laydown of a circuit 
pattern on a substrate using the silk screening technique. 

screen dissipation— The power that the screen 
grid dissipates as heat after bombardment by the electron 
stream. 

screen grid— Also called a screen. A grid placed 
between a control grid and an anode in a vacuum tube 
and usually maintained at a fixed positive potential. 
By reducing the electrostatic influence of the anode, it 
prevents the electrons from bunching in the space between 
the screen grid and the cathode. 

screen-grid modulation — Modulation produced 
by introducing the signal into the screen-grid circuit of 
any multigrid tube where the carrier is present. 

screen-grid tube — A vacuum tube in which a grid 
is placed between the control grid and the anode to 
prevent the latter from reacting with the control grid. 
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screen-grid voltage—The direct-voltage value 
applied between the screen grid and the cathode of 2 vac- 
uum tube. 

screening — 1. The process whereby the desired film 
circuit patterns and configurations are transferred to the 
surface of a substrate during manufacture by forcing a 
materia] through the open areas of the screen, using the 
wiping action of a soft squeegee. 2. The display of raw 
or processed data for operator verification. 3. The process 
of performing 100-percent inspection on product lots and 
removing defective units. 

screening test—A test or combination of tests 
intended to remove unsatisfactory items or those likely 
to exhibit early failure. 

screen printing (thick film) — 1. The art of deposit- 
ing conductive, resistive, and insulating materials on a 
dielectric base. This deposition is made through selected 
open areas in screens with inks or pastes forced through 
the open areas of the screen by squeegee motion onto 
the substrate base. In some cases, masks instead of con- 
ventional mesh screens may be used. 2. The basic thick- 
film deposition process in which the paste is squeegeed 
through a fine-mesh stencil screen to produce a prescribed 
pattern on a substrate. 

screen savers — Software that automatically blanks 
a monitor screen or displays a moving pattern if there has 
been no user interaction with the computer for a specified 
time. Screen savers are used to preventing a fixed pattern 
from being bumed into the screen phosphor. As soon as 
the operator touches any key or moves the mouse, the 
screen saver disappears and the original display returns 
to the screen. 

scribe and break — The procedure used to separate 
a processed semiconductor wafer into individual ICs. 
Narrow channels between individual ICs are mechanically 
weakened by scratching with a diamond tip (scribe), 
sawing with a diamond blade, or burning with a laser. 
The wafer is mechanically stressed and broken apart along 
the channels (called scribe lines), thereby separating the 
individual ICs (dice). 

scribe projection—A method of automatic infor- 
mation presentation in which information is placed on a 
small metallic-coated glass slide by using a movable, ser- 
vocontrolled, fine-pointed scribe to remove the coating. 
Light passed through the scribed area is projected onto a 
screen. 

scribing — 1. A process, similar to glass cutting, in 
which a slice of semiconductor devices is scored in rows 
and columns so that if may be separated easily into 
individual devices. The process is performed in a machine 
called a scriber by repeated movement of a weighted 
diamond stylus across the slice to form the scored pattern. 
2, Scratching a tooled line or laser path on a brittle 
substrate to allow a wafer to be cleft or broken along 
the line, producing IC, transistor, or diode chips when all 
breaks are completed. 

scribing machines and tools — Equipment used 
to separate wafers into individual devices, chips, or dice. 
This has been done by crude techniques similar tc glass 
cutting, but is now accomplished by more efficient meth- 
ods using truncated pyramid diamond scribers, automated 
machines, conical tools, or lasers. 

script—- Much like a macro, a sel of program com- 
mands used to automate routine computing tasks. 

scroll — 1. To move a video display up or down, line 
by line, or side to side, character by character. 2. To move 
all or part of the screen material up or down, or left or 
right, to allow new information to appear. 

scrolling — 1. Moving the contents of the screen of 
a CRT up or down by one line at a time. 2. A multiple- 
rung display function that allows ail displayed rungs to be 
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moved up or down, adding the next or preceding rung at 
the bottom (or top) of the display. (As determined by 
the user, the display may be changed either one rung 
at a time or continuously.) 3. The vertical movement of 
information on a CRT screen, caused by the dropping 
of one line of displayed information for each new line 
added; the movement appears as an upward rolling if the 
new line is added at the bottom of the screen, and vice 
versa. 

scrubbing action—Rubbing of a chip device 
around on a bonding operation to break up the oxide 
layer and improve wetability of the eutectic alloy used 
in forming the bond. 

SCS — Abbreviation for silicon-controlled switch. 

SCU— Abbrevitaton for subscriber channel unit. A 
telephone interface circuit. 

S-curve —An S-shaped frequency-response curve 
showing how the output of a frequency-modulation detec- 
tor or circuit varies with frequency. 

SDLC — Abbreviation for Synchronous Data Link 
Control. 1. A communications line discipline that 
initiates, controls, checks, and terminates information 
exchanges or communications lines. SDLC is designed 
for full-duplex operation (simultaneously sending and 
receiving data). 2. A protocol specifying a layered 
approach to serial data communications. 

sea clutter — See sea return. 

seal — Any device used to prevent gases or liquids 
from passing through. 

sealed contacts — A contact assembly enclosed in 
a sealed compartment separate from the other parts of the 
relay. 

sealed-gage pressure transducer— A pressure 
transducer that has the sensing element sealed in its case 
at room ambient pressure. The sealing method holds the 
original internal pressure for long periods of time. 

sealed meter — A meter constructed so that moisture 
or vapor cannot enter the meter under specified test 
conditions. 

sealed relay — A relay that has both coil and contacts 
enclosed in a relatively airtight cover. 

sealed tube-——A hermetically sealed electron tube 
used chiefly for pool-cathode tubes. 

sealing compound — A type of wax or pitch com- 
pound used in dry batteries, capacitor blocks, transform- 
ers, Or Circuit units to keep out air and moisture. 

sealing off—The final closing of the bulb of a 
vacuum tube or lamp after evacuation. 

seam welding— A resistance welding process in 
which overlapping spot welds are made progressively 
along a joint by means of circular electrodes. The circular 
seam-welding wheels roll along the overlapping edges 
to be welded, and the contro] circuit is arranged to 
pass current at sufficiently close intervals to produce the 
desired degree of overlapping of the spot welds. The 
primary purpose of a seam-welding joint is to produce 
liquid or airtight containers from comparatively thin sheet 
metal. 

search — 1. In a radar operation, the directing of 
the lobe (beam of radiated energy) in order to cover a 
large area. A broad-beam antenna may be used, or a 
rotating or scanning antenna. 2. A systematic examination 
of the available information in a specific field of interest. 
3. To scan available stored information. 4. The process 
of applying a sweeping tuning signal to the free-running 
oscillator portion of a phase-locked oscillator, causing 
the oscillator output frequency to pass within the capture 
bandwidth of the feedback network and ensuring a locked 
condition in response to a new reference frequency. 
5. The process of finding a particular item in a file. Search 
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techniques include the sequential or linear search, the 
binary or logarithmic search, and direct lookup. 

search coil — See magnetic test coil. 

search engine — 1. A computer program that helps 
users find information in most databases. 2. A database 
or index that can be queried to help find information on 
the World Wide Web. 

search gate — A gate pulse that is made to search 
back and forth over a certain range. 

searchlighting —In radar, the opposite of scanning. 
Instead, the beam is projected continuously at an object. 

searchlight-type sonar — An echo-ranging system 
employing the same narrow beam pattern for both trans- 
mission and reception. 

search radar— A radar intended primarily for dis- 
playing targets as soon as possible after their entrance into 
the coverage area. 

search receiver — See intercept receiver. 

search time—tThe time required for location of 
a particular data field in a computer storage device. 
The process involves comparison of each field with 
a predetermined standard until an identity is obtained. 
Contrasted with access time. 

sea return — Also called sea clutter. In radar, the 
aggregate received echoes reflected from the sea. 

seasonal factors — Factors that are used to adjust 
sky-wave absorption data for seasonal variations. Those 
variations are due primarily to seasonal fluctuations in the 
heights of the ionospheric layers. 

seasoning — Overcoming a temporary unsteadiness 
of a component that may appear when the component is 
first installed. 

seating time — The elapsed time after the coil of a 
relay has been energized until the armature of the relay 
1s seated. 

sec — Abbreviation for secondary winding of a trans- 
former. 

SEC — Abbreviation for secondary-electron conduc- 
tion. The transport of charge by secondary electrons mov- 
ing through the interparticle spaces of a porous material 
under the influence of an externally applied electric field. 

SECAM — Abbreviation for Sequential Color and 
Memory System (Séquential Couleur avec Mémoire). A 
color TV system with 625 lines per frame and 50 fields per 
second, used primarily in France, Russia, parts of Africa, 
and the former states of the Soviet Union. SECAM uses 
alternating lines of U, V chroma information to modulate 
the frequency. It is quite different from NTSC and PAL 
standards. 

secondary — |. The transformer output winding in 
which the current is due to inductive coupling with 
another coil called the primary. 2. Low-voltage conduc- 
tors of a power-distributing system. 

secondary area — See secondary service area. 

secondary breakdown — A condition that occurs 
in bipolar transistors brought on by hot spots occurring 
within the device structure. This is a type of thermal 
runaway and in most cases causes permanent device 
damage. 

secondary calibration— Also called sense step. 
Calibration of accessory equipment in which a transducer 
is deliberately unbalanced electrically to change the out- 
put, voltage, current, or impedance. Generally performed 
by means of a calibration resistor that is placed across 
one leg of the bridge. 

secondary cell-—A voltaic cell that, after being 
discharged, may be restored to a charged position by 
an electric current sent through the cell in a direction 
opposite that of the discharge current. See also storage 
cell, 1. 
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secondary circuit —The high-voltage part of an 
ignition system. 

secondary color—A color produced by combing 
any two primary colors in equal proportions. In the light- 
additive process, the three secondary colors are cyan, 
magenta, and yellow. 

Secondary Communications Authorization — 
See SCA. 

secondary electron— An electron emitted from a 
material as a result of bombardment by electrons or of 
the collision of a charged particle with a surface. 

secondary-electron conduction tube— A sen- 
sitive TV tube that uses a two-step process to convert the 
invisible image to a charge image. In the image intensi- 
fier stage, light ejects electrons from a photoemitter. After 
imaging and amplification in the middle or imaging sec- 
tion, the primary photoelectrons fall on the thin-film face 
of the secondary target. This charge image modulates the 
scanning beam current from the reading section. The elec- 
tric field applied across the film causes a majority of the 
secondary electrons to be transported through a potassium 
chloride low-density film layer to produce a secondary 
conduction current. 

secondary-electron multiplier— An amplifier 
tube ir which the electron stream is focused onto a 
succession of targets, each of which adds its secondary 
electrons to the stream. In this way, considerable 
amplification is provided. 

secondary emission— The liberation of electrons 
from an element other than the cathode as a result of 
being struck by other high-velocity electrons. In a vac- 
uum tube there are usually more secondary than pri- 
mary electrons—a desirable phenomenon in electron- 
multiplier or dynatron-oscillator tubes. However, pen- 
todes have a suppressor grid to nullify the undesirable 
effect of secondary emission. 

secondary-emission ratio — The average number 
of secondary electrons emitted from a surface per incident 
primary electron. 

secondary-emission tube—A tube that makes 
use of secondary emission to achieve a useful end. The 
photoraultiplier is an example. 

secondary failure— 1. A failure occurring as a 
direct result of the abnormal stress on a component 
brought about by the failure of another part or parts, 
2, Any failure that is the direct or indirect result of a 
primary failure. 

secondary grid emission—Emission from the 
grid of a tube as a result of high-velocity electrons being 
driven against it and knocking off additional electrons. 
The effect is the same as for primary grid emission. 

secondary insulation— A nonconductive material 
whose prime functions are to protect the conductor against 
abrasion and provide a second electrical barrier. Placed 
over the primary insulation. 

secondary {fine—The conductors connected be- 
tween the secondaries of distribution transformers and the 
consumer service entrances. 

secondary radar-- See radar. 

secondary radiation — Random reradiation of elec- 
tromagnetic waves. 

secondary service area— Also called the sec- 
ondary area. The service area of a radio or television 
broadcast station within which satisfactory reception can 
be obtained only under favorable conditions. 

secondary standard — A unit (e.g., length, capaci- 
tance, weight) used as a standard of comparison in indi- 
vidual countries or localities, but checked against the one 
primary standard in existence somewhere in the world. 

secondary station — Station licensed for a land 
location other than the primary station location, i.e., for 
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use at a subordinate location such as an office, vacation 
home, etc. 

secondary storage — Also called auxiliary siorage. 
l. Storage that is not an integral part of a computer, 
but which is directly linked to and controlled by it. 
2. Devices that are used to store large quantities of data 
and programs. To be processed, these data and programs 
must first be loaded into primary storage. 

secondary voltage — The voltage across the sec- 
ondary winding of a transformer. 
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secondary winding — Abbreviated sec. 1. The wind- 
ing on the output side of a transformer. 2. A transformer 
winding that receives its energy by electromagnetic induc- 
tion from a primary winding. 

secondary X-rays — X-rays given off by an object 
irradiated with X-rays. Their frequency depends on the 
material in the object. 

second breakdown— 1. A condition in which the 
output impedance of a transistor changes almost instan- 
taneously from a large value to a small limiting value. 
It may be distinguished from normal transistor cperation 
by the fact that once it occurs, the base no longer con- 
trols normal collector characteristics. Second breakdown 
is associated with imperfections in the device structure, 
usually being more severe in multiple-diffused, high- 
speed devices. 2. Lateral current instability through a 
transistor when operating at relatively high voltages and 
current. It has its greatest effect under de conditions, 
but falls off with increasing temperature and frequencies; 
the breakdown caused is usually permanent. 3. A poten- 
tially destructive phenomenon that occurs in all bipolar 
transistors. This phenomenon may occur when the tran- 
sistor operates in the active region with a forward-biased 
emitter-to-base junction, or with the application of reverse 
bias during the cutoff mode of transistor operation. 

second-channel attenuation — Alternate-channel 
attenuation. Seé also selectance, 2. 

second-channel interference — Also called alter- 
nate-channel interference. Interference in.which the extra- 
neous power originates from an assigned (authorized) 
signal two channels away from the desired channel. 

second detector— Also called a demodulator. In 
a superheterodyne receiver, the portion that separates 
the audio component from the modulated intermediate 
frequency. 

second generation — In reference to computers, the 
period during which transistors took the place of vacuum 
tubes; the period began in the mid-1950s. 

second-generation computer—A computer in 
which solid-state components are used. 

second source — 1. The manufacturer of a device, 
other than the original manufacturer. 2. A reference to the 
manufacture by a competitive company of a part that is 
electrically and mechanically identical to the original part. 

second-time-around echo—An echo received 
after a time interval greater than the pulse interval. 

section — 1. A four-terminal network that cannot be 
divided into a cascade of two simpler four-terminal 
networks. 2. One individual span of a radio relay system; 
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the number of sections in a system ts one more than the 
number of repeaters. 

sectional center — A toll switching point to which 
are connected a number of primary outlets. 

sectionalized vertical antenna— A vertical an- 
tenna separated into parts by insulators at one or more 
points along its length. When suitable reactances or 
driving voltages are placed across the insulated points, the 
current distribution is modified to give a more desirable 
radiation pattern in the vertical plane. 

sectionalizing — Breaking up of a distribution feeder 
into smaller sections to minimize the extent of power 
interruption to customers. 

sector—1.The smallest recordable unit on a 
CD. A disc can contain [(75 sectors per second) x 
(60 seconds per minute) x (number of minutes on disc)] 
sectors. The amount of data contained in the sector 
depends on the physical format and mode in which it is 
recorded; for regular CD-ROM (Mode 1) data, 2048 bytes 
(2 kilobytes) of data can fit. 2, A segment of a magnetic 
disk’s track, typically occupied by one block of data. 
3. The smallest contiguous storage area on a magnetic 
secondary storage medium. In microprocessor systems 
with flexible diskette drives as the secondary storage 
medium, sector size is typically 128 bytes. 

sectoral horn—A hor with two parallel and two 
diverging sides. 


Sectoral horn. 


sector cable — A multiconductor cable in which the 
cross section of each conductor is essentially a sector of 
a circle, an ellipse, or some figure intermediate between 
them. Sector cables are used in order to make possible 
the use of larger conductors in a cable of given diameter. 

sector conductor— aA stranded conductor whose 
cross section is approximately the shape of a sector of 
a circle. A multiconductor insulated cable with sector 
conductors has a smaller diameter than the corresponding 
cable with round conductors. 

sector display—A range-amplitude display used 
with a radar set. The antenna system rotates continuously, 
and the screen (of the long-persistence type) is excited 
only while the beam is within a narrow sector centered 
on the object. 

sector scan — A scan in which the antenna oscillates 
through a selected angle. 

sector scanning— Modified circular scanning in 
which only a portion of the plane or flat cone is generated. 

secular variation — A slow variation in the strength 
of the earth’s magnetic field. 
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secure mode — The condition of an alarm system in 
which all sensors and control units are ready to respond 
to an intrusion. 

secure voice — Voice message that is scrambled or 
coded, therefore not transmitted in the clear. 

SED — Abbreviation for spectral energy distribution. 

Seebeck coefficient — The ratio of the open-circuit 
voltage to the temperature difference between the hot and 
cold junctions of a circuit exhibiting the Seebeck eftect. 

Seebeck coefficient of a couple — For homoge- 
neous conductors, the limit, as the difference in tempera- 
ture approaches zero, of the quotient of the Seebeck emf 
divided by the temperature difference between the junc- 
tions. By convention, the Seebeck coefficient of a couple 
is considered positive if, at the cold junction, the first 
named conductor has a positive potential with respect to 
the second. It is the algebraic difference between either 
the relative or absolute Seebeck coefficients of the two 
conductors. 

Seebeck effect— 1. The production of an electro- 
motive force (emf) in a circuit composed of two dis- 
similar metals when their two junctions are at different 
temperatures. The emf is considered to be the resul- 
tant of the Peltier and Thomson emfs around the circuit. 
2. Characteristic of dissimilar metals in thermoelectric 
solar cells whereby separate junctions exhibiting distinct 
temperatures transform incident voltage into a current. 

Seebeck emf— Also called thermal emf. The emf 
produced by the Seebeck effect. 

seed—aA special single crystal from which large 
single crystals are grown by the Czochralski technique. 

seed crystal —A crystal used to start the growing of 
a large semiconductor ingot. 

seek— l. With reference to a computer, to look for 
data according to information given with respect to that 
data. 2. Moving a set of read/write heads so that one of 
them is over the desired track. 

seek time — The time needed to position the head of 
a disk drive over the specified track. 

segment— |. In a routine, the part short enough to 
be stored entirely in the internal storage of a computer, 
yet containing all the coding necessary to call in and jump 
automatically to other segments. 2. To divide a program 
into an integral number of parts, each of which performs 
a part of the total program and is short enough to be 
completely stored in internal memory. 

segmental conductor —A round, stranded conduc- 
tor composed of three or four sectors slightly insulated 
from one another, This construction has the advantage of 
lower ac resistance (less skin effect). 

segmentation — A technique for managing variable- 
sliced areas of memory, termed segments, that contain 
logical program parts. 

segmented thermoelectric arm— A thermoelec- 
tric arm made up of two or more materials that have 
different compositions, 

segmenting — See partitioning. 

segment table — A table that describes all segments 
of a task and is used by the operating system for memory 
allocation, relocation, and paging. 

seismic mass—The force-summing member for 
applying acceleration and/or gravitational force in an 
accelerometer. 

seismic sensor— A sensor, generally buried under 
the surface of the ground for perimeter protection, that 
responds to minute vibrations of the earth generated as 
an intruder walks or drives within its detection range. 

seismograph — An instrument for recording the 
time, direction, and intensity of earthquakes or of earth 
shocks produced by explosions. 
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seize —To access or connect to a communications 
circuit while at the same time making it busy to prevent 
intrusion. 

selcal—— Acronym for selective calling system. This 
system allows a teleprinter to be remotely controlled by 
a unique code. 

selectance — |. A measure of the drop in response 
as a resonant device loses its resonance. It is the 
ratio of the amplitude of response at the resonant fre- 
quency to the response at some other specified frequency. 
2. Often expressed as adjacent-channel attenuation (ACA) 
or second-channel attenuation (SCA). The reciprocal of 
the ratio of the sensitivity of a receiver tuned to a speci- 
fied channel to its sensitivity at another channel a specified 
number of channels away. 

selected mode—A mode of operation for an 
encoder selector circuit in which one set of brushes is 
selected to be read and another inhibited from being read; 
also a mode of operation for a system controlling several 
encoder outputs in which the encoder is selected to be 
read anc all others inhibited from being read. 

selection check—A verification of a computer 
instruction, usually automatic, to ensure that the correct 
register or device has been chosen. 

selection ratio — The ratio of the least magnetomo- 
tive force used to select a cell or core to the maximum 
magnetomotive force used that is not intended to select a 
cell or core. 

selection sort—A simple sorting algorithm for 
putting all the elements in a file in order. 

selective — The characteristic of responding to a 
desired frequency to a greater degree than to other 
frequercies. 

selective absorption— Absorption of rays of a 
certain group of frequencies only. 

selective calling— 1. A means of calling in which 
code signals are transmitted for the purpose of activating 
the automatic attention device at the station being called. 
2. A type of operation in which the transmitting station 
can specify which of several stations on a line is to receive 
a message. 

selective diffusion—The process in which spec- 
ified isolated regions in a semiconductor material are 
doped. The components in a silicon integrated circuit are 
formed in this way. 

selective dump—A dump of a selected area of 
internal computer storage. 

selective fading—Fading in which the received 
signal does not have the same variaticn in strength for all 
frequeucies in the band. Selective fading usually occurs 
during multipath transmission. 

selective interference — Interference whose ene- 
rgy is concentrated within narrow frequency bands. 

selective ringing — An arrangement used on tele- 
phone party lines so that only the bell of the called 
subscriber rings. 

selective squelch —- See squelch circuit. 

selectivity — 1. The characteristic that determines the 
extent to which the desired signal can be differentiated 
from disturbances of other frequencies. 2. A tuner's 
ability to discriminate between a wanted signal and an 
interfering signal on adjacent frequency settings of the 
tuning dial. It is the ratio (in decibels) of the signal 
strength that produces a standard output on the desired 
channel to the strength of a signal on a nearby channel 
needed to produce an output 30 dB below the standard 
level. Selectivity measurements usually refer to signals on 
the alternate channel (400 kHz from the desired channels 
in FM and 20 kHz in AM); selectivity measured on the 
adjacent channel (200 kHz for FM, 10 kHz for AM) 
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is usually lower. The higher the selectivity, the less 
interference there will be from signals on nearby channels, 
which is most important in crowded metropolitan areas. 
3, The characteristic that determines the extent to which 
the desired frequency can be differentiated from other 
frequencies. 

selectivity control—The contro] for making a 
receiver more selective. 

select lines—In a core memory array, the wires 
that pass through magnetic cores and carry the selecting 
coincident currents. 

selector pulse — A pulse used to identify one event 
of a series. 

selector relay—A relay capable of automatically 
selecting one or more circuits. 

selector switch —A multiposition switch that per- 
mits one or more conductors to be connected to any of 
several other conductors. 

selectron—A computer-memory tube capable of 
storing 256 binary digits and permitting very rapid 
selection and access. 

selenium— A chemical element with marked photo- 
sensitive properties and a resistance that varies inversely 
with illumination. It is used as a rectifier layer in metallic 
rectifiers, 

selenium cell —A photoconductive cell consisting 
of a layer of selenium on a substrate whose electrical 
resistance varies with the illumination falling on the cell. 
(Selenium cells have been largely replaced by photocells 
of one kind or another.) 

selenium rectifier-—A metallic rectifier in which 
a thin layer of selenium is deposited on one side of an 
aluminum plate and a highly conductive metal is coated 
over it. Electrons flow more freely from the coating to the 
selenium than in the opposite direction, thereby providing 
rectification. 
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self-adapting — Pertaining to the ability of a system 
to change its performance characteristics in response to 
its environment. 

self-adaptive system— A system that can exhibit 
the qualities of reorganization and/or learning. 

self-adjusting communication — See adaptive 
communication. 

self-aligned thick oxide — A term used to describe 
a proprietary low-voltage, self-aligned gate process. 

self-aligning-gate  MOS— Abbreviated SAG 
MOS. |. An MOS device in which a polycrystalline sil- 
icon layer is substituted for the usual aluminum metal 
gate. The key feature is a different processing technology 
in which the gate is automatically aligned. 2. A process 
in which materials like polycrystalline silicon or refrac- 
tory metals are used in place of aluminum at the gate. 
These materials act as a mask and result in the gate being 
automatically aligned between source and drain regions. 

self-balancing recorder—A recording device 
operating on the servomechanism principle. 


self-bias — self-quenching oscillator 


self-bias — Also called automatic bias. The voltage 
developed by the flow of yacuum-tube current through a 
resistor in a grid or cathode lead. 

self-capacitance — See distributed capacitance. 

self-checking code—In computers, a code in 
which errors produce forbidden combinations. A single 
self-checking code produces a forbidden combination if a 
digit gains or loses a single bit. A double self-checking 
code produces a forbidden combination if a digit gains or 
loses either one or two bits, and so forth. 

self-cleaning contact — See wiping contact. 

self-complementing code— A machine language 
in which the code of the complement of a digit is the 
complement of the code of the digit. 

self-contained instrument— An instrument that 
has all the necessary equipment built into the case or 
made a corporate part thereof. 

self-demagnetization —The process by which a 
magnetized sample of magnetic material tends to demag- 
netize itself by virtue of the opposing fields created within 
it by its own magnetization. Self-demagnetization inhibits 
the successful recording of signal components having 
short wavelengths or sharp transitions. 

self-diagnostic — The hardware and firmware with- 
in a controller that allows it to continuously monitor 
its own status and indicate any fault that could occur 
within it. 

self-discharge — The loss of useful capacity of a 
cell or battery in storage due to internal chemical reac- 
tions; for example, chemicals evaporating, or electrolyte 
slowly reacting with the anode even on open circuit. 

self-energizing — A type of electrostatic phone that 
uses the stepped-up signal voltage to supply the dc 
polarizing voltage required for operation. 

self-erasure— The tendency for strongly magne- 
tized areas of the tape coating to erase adjacent areas 
of opposite-polarity magnetization. This is a major cause 
of loss of high frequencies at reduced tape speeds. 

self-excitation — The supplying of required exciting 
voltages by a device itself rather than from an external 
source. 

self-excited — A type of generator that provides the 
current for its own field coils. 

self-excited oscillator — An oscillator that operates 
without external excitation and solely by the direct 
voltages applied to the electrodes. It depends on its 
resonant circuits for frequency determination (i.e., not 
crystal controlled). 

self-extinguishing — Material that ignites and burns 
when exposed to flame or elevated temperature, but which 
stops burning when the flame or high temperature is 
removed. 

self-focused picture tube— A television picture 
tube with an automatic electrostatic focus designed into 
the electron gun. 

self-generating transducer—A transducer that 
requires no external electrical excitation to provide an 
output. 

self-healing — 1. The characteristic of metallized 
capacitors by which faults or shorts occurring during 
operation are removed, or healed, by an internal clearing 
action, and the part continues to function. See also clear- 
ing, 1. 2. The process by which the electrical properties 
of the capacitor, after local breakdown of the dielectric, 
are instantaneously and essentially restored to the values 
before the breakdown. 

self-healing capacitor—aA capacitor that restores 
itself to operation after a breakdown caused by excessive 
voltage. The electrode layer is so thin that a small 
part of the energy released in a breakdown condition is 
quite sufficient to evaporate the metal layer around the 
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breakdown point and, thus, to terminate the breakdown 
in the shortest possible time. Only a small healed area is 
produced in the dielectric, and the capacitor voltage only 
drops to a minimal extent during the breakdown. 

self-heated thermistor — A thermistor whose body 
temperature is significantly higher than the temperature 
of its ambient medium as a result of the power being 
dissipated in it. 

self-heating coefficient of resistivity— The 
maximum change in resistance due to temperature change 
caused by power dissipation, at constant ambient tem- 
perature. Usually expressed in percent or per-unit (ppm) 
change in nominal resistance per watt of dissipation. This 
parameter is actually the product of the power coefficient 
and the resistor temperature coefficient. 

self-impedance — At any pair of terminals of a 
network, the ratio of an applied potential difference to 
the resultant current at these terminals (all other terminals 
open). 

self-inductance — 1. The property that determines 
the amount of electromotive force induced in a circuit 
whenever the current changes in the circuit. 2. At any pair 
of terminals of a network, the ratio of an applied potential 
difference to the resultant current at these terminals, all 
other terminals being open. 

self-induction — The property that causes a counter- 
electromotive force to be produced in a conductor when 
the magnetic field produced by the conductor collapses or 
expands with a change in current. 

self-inductor— An inductor used for changing the 
self-inductance of a circuit. 

self-instructed carry—A system of executing the 
carry process in a computer by allowing information to 
propagate to succeeding places as soon as it is generated, 
without receipt of a specific signal. 

self-latching relay — A relay in which the armature 
remains mechanically locked in the energized position 
until deliberately reset. 

self-optimizing communication — See adaptive 
communication. 

self-organizing — Having to do with the ability of a 
system to arrange its own internal structure. 

self-organizing machines— Machines that can 
recognize, or learn to recognize, such stimuli as patterns, 
characters, and sound, and which can then adapt to a 
changing environment. 

self-passivating glaze — The glassy material in a 
thick-film resistor that comes to the surface and seals the 
Surface against moisture. 

self-powered — Equipment containing its own pow- 
er supply. It may be either a combination of wet and 
dry cells, or dry cells in conjunction with a spring-driven 
motor. 

self-pulse modulation — Modulation accomplished 
by using an intenally generated pulse. See also blocking 
oscillator, 1. 

self-pulsing — A special type of grid-pulsing circuit 
that automatically stops and starts the oscillations at the 
pulsing rate. 

self-quenched counter tube—A radiation- 
counter tube in which reignition of the discharge is 
inhibited. 

self-quenched detector—A superregenerative 
detector in which the grid-leak grid-capacitor time 
constant is sufficiently large to cause intermittent 
oscillation above audio frequencies. As a result, normal 
regeneration is stopped just before it spills over into a 
squealing condition. 

self-quenching oscillator— An intermittent self- 
oscillator producing a series of short trains of rf oscilla- 
tions separated by intervals of quiescence. The quiescence 


677 


is caused by rectified oscillatory currents, which build up 
to the point at which they cut off the oscillations. 

self-rectifying X-ray tube-— An X-ray tube oper- 
ating with an alternating anode potential. 

self-refresh—In a dynamic RAM, a method of 
asynchronously refreshing during a battery backup mode 
of operation with only one control pin held active. 

self-regulation— The tendency of a component or 
system to resist change in its condition or state of 
operation. 

self-repeating timer — A form of time-delay circuit 
in which relay contacts are used to restart the time delay. 

self-reset — Automatically returning to the original 
position when normal conditions are resumed (applied 
chiefly to relays and circuit breakers). 

self-saturating rectifier —A half-wave rectifying- 
circuit element connected in series with the output 
windings of a saturable reactor in a self-saturating 
magnetic-amplifier circuit. 

self-saturation — The saturation obtained in a mag- 
netic amplifier by rectifying the output current of a sat- 
urable reactor. 

self-screening range — The range at which a target 
can be detected by a radar in the midst of its jamming 
mask, with a certain specified probability. 

self-selecting V scan— The V-scan method of 
reading a polystrophic code (primarily the binary code), 
in which diode logic circuits are used internally in the 
encoder to perform the necessary bit-to-bit selection to 
prevent ambiguity in the encoder output data. 

self-starting synchronous motor—A syn- 
chronous motor provided with the equivalent of a squirrel- 
cage winding so it can be started like an induction motor. 

self-stopping modulo-n counter— A counter 
having n distinct states that stops when it reaches a 
predetermined maximum number; it then does not accept 
count pulses until it is reset to a number less than the 
maximum number. 

self-sustained oscillations — Oscillations main- 
tained by the energy fed back from the output to the input 
circuit, 

self-testing — The ability of a piece of equipment to 
automatically verify the proper operation of its compo- 
nents or subsystems. 

sel?-threading reel—A device for spooling and 
storing tape; in particular, one that does not require 
external aid to affix or start the first turn of tape on 
its winding surface or hub. Flanges on such reels can 
be continuous and free of windows; winding surfaces 
are continuous and free of distortion-producing threading 
slots, 

self-wiping contact — See wiping contact. 

selsyn — Electrical remote-indicating instrument op- 
erating on direct current, in which the angular position of 
the transmitter shaft carrying a contact arm moving on a 
resistance strip controls the pointer on the indicator dial. 

SEM — 1. Abbreviation for standard electronic mod- 
ule. A subassembly configuration format that meets a 
particular U.S. Navy set of specifications. 2. Abbreviation 
for scanning electron microscope. 

semantics — The relationships between symbols and 
their meanings. 

semaphore — See lock byte. 

semiactive homing guidance—A system of 
homing guidance in which radiations used by the receiver 
in the missile are reflected from a target being illuminated 
by an outside source. 

semiactive repeater— A communications satellite 
that uses a minimum of onboard electronics to take a 
modulated signal beamed at it from a ground station and 
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transfer its information (modulation) into an unmodulated 
beam (on a different frequency) set up by the receiving 
station. For this transfer it uses Van Atta or other directive 
arrays and nonlinear elements. 

Semiautomatic Ground Environment— Abbre- 
viated SAGE. An air-defense system in which data from 
air surveillance is processed for transmission to computers 
at direction centers. 

semiautomatic keying circuits — Mechanization 
that provides torn-tape switching systems in teleprinter 
links. Incoming and outgoing messages are placed on 
tapes that are inserted manually into a distributor that 
provides automatic mechanical keying of the circuit. 

semiautomatic message switching center— A 
center at which messages zre routed by an operato? on the 
basis of information contained in them. 

semiautomatic phonograph — A phonograph hav- 
ing automatic arm return and motor shutoff at the end of 
a record, but no automatic start and tonearm seldown at 
the beginning of play. 

semiautomatic starter— A starter in which some 
of the operations are not automatic, but selected portions 
are automatic. 

semiautomatic tape relay — A method of commu- 
nication whereby messages are received and retransmitted 
in teletypewriter tape form involving manual intervention 
in the transfer of the tape from the receiving reperforator 
to the automatic transmitter. 

semiautomatic telephone system — A teiephone 
system in which operators receive orders from the calling 
parties verbally, but use automatic apparatus in making 
connections. 

semiconducting material— A solid or liquid hav- 
ing a resistivity midway between that of an insulator and 
a metal. 

semiconductor— 1. A class of materials, such as 
silicon and germanium, whose electrical propertics lie 
between those of conductors (such as copper and alu- 
minum) and insulators (such as glass and rubber), in 
which the electrical charge carrier concentration increases 
with increasing temperature over some temperature range. 
Over most of the practical temperature range, the resis- 
tance has a negative temperature coefficient. Certain 
semiconductors possess two types of carriers: negative 
electrons and positive holes. The charge carriers are usu- 
ally electrons, but there may be also some ionic conduc- 
tivity. 2. An electronic device whose main functioning 
parts are made from semiconductor materials. Examples 
include germanium, lead sulfide, lead telluride. selenium, 
silicon, and silicon carbide. Used in diodes, photocells, 
thermistors, and transistors. 3. A device (or material) with 
an electrical conductivity that lies between metal conduc- 
tors and insulator devices. 4. A material whose resistivity 
is between that of insulators and conductors. The resis- 
tivity is often changed by light, heat, and electric field, 
or a magnetic field. Current is often achieved by transfer 
of positive holes as well as by movement of electrons. 
5. A material that exhibits relatively high resistance in 
a pure state and much lower resistance when it contains 
small amounts of certain impurities. The term is also used 
to denote electronic devices made from semiconductor 
materials. 

semiconductor carrier —A permanent protective 
structure that provides for mounting and for electrical 
continuity in application of a semiconductor chip to a 
major substrate. 

semiconductor chip —A single picce of semicon- 
ductor material of any dimension. 

semiconductor device— 1. A device in which 
the characteristic distinguishing electron conduction takes 
place within a semiconductor material, ranging from the 
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single-unit transistor to multiple-unit devices such as 
the semiconductor rectifier. Other devices are diodes, 
photocells, thermistors, and thyristors. 2, A device in 
which n-type and p-type materials are used in combination 
to obtain specific characteristics for controlling the flow 
of current. 3. A device, including its encapsulation and 
terminals, whose essential characteristics are governed 
by the flow of charge carriers within a semiconductor 
material. 

semiconductor diode — |. A device consisting of 
n-type and p-type semiconductor material joined together 
to form a pn junction, which passes current in the forward 
direction (from anode to cathode) and blocks current 
in the reverse direction. High reverse voltages, such as 
transients greater than a specified limit, can destroy the 
junction due to excessive reverse leakage currents. See 
also crystal diode. 2. A light-emitting diode that emits 
coherent light by suitably arranged geometry. Gallium 
arsenide is used for lasers of this type. 3. A two-electrode 
semiconductor device that conducts current more easily in 
one direction. 

semiconductor-diode parametric amplifier — 
A parametric amplifier using one or more varactors. 

semiconductor ignition system— An ignition 
system for internal combustion engines that employs 
solid-state semiconductors for switching purposes. 

semiconductor integrated circuit — Abbreviated 
SIC. 1. Complex circuits fabricated by suitable and selec- 
tively modifying areas on and within a wafer of semicon- 
ductor material 10 yield patterns of interconnected passive 
as well as active elements. The circuit may be assembled 
from several chips and use thin-film elements or even 
discrete components to achieve a specified performance 
when the necessary device parameters cannot be achieved 
by materials modification. 2. The physical realization of 
a number of electric elements inseparably associated on 
or within a continuous body of semiconductor material to 
perform the function of a circuit. 

semiconductor intrinsic properties — Properties 
of a semiconductor that are characteristic of the ideal 
crystal. 

semiconductor junction — The region of transition 
between semiconducting regions of different electrical 
properties, usually between p-type and n-type materials. 

semiconductor laser— 1. A device in which laser 
action takes place through stimulated recombination of 
free electrons in the conduction band with holes in 
the valence band of a direct-gap semiconductor such 
as gallium arsenide. 2, A light-emitting diode that uses 
stimulated emission to produce a coherent-light output. 
See also diode laser. 

semiconductor lead wire — Fine wire used to con- 
nect semiconductor chips to substrate patterns, packages, 
other chips, etc. Usually made from an aluminum alloy 
or gold. 

semiconductor material — 1. A material in which 
the conductivity ranges between that of a conductor and 
an insulator. The electrical characteristics of semiconduc- 
tor materials such as silicon are dependent on the small 
amounts of added impurities, or dopants. 2. A chemical 
element, such as silicon or germanium, that has a crystal 
lattice whose atomic bonds are such that the crystal can 
be made to conduct an electric current by means of free 
electrons or holes. 

semiconductor memory— 1. A memory whose 
storage medium is a semiconductor circuit. Often used for 
high-speed buffer memories and for read-only memories. 
2. A memory in which semiconductors are used as the 
storage elements; characterized by low-to-moderate cost 
storage and a wide range of memory operating speed, 
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from very fast to relatively slow. Almost all semicon- 
ductor memories are volatile. 3, A memory with storage 
elements formed by integrated semiconductor devices, as 
opposed to a memory composed of ferrite cores. Semi- 
conductor read/write memories are characterized by low 
cost, wide speed ranges, and data volatility. Semiconduc- 
tor read-only memories are nonvolatile. 4. A computer 
memory that uses silicon integrated-circuit chips. 

semiconductor photodiode —A semiconductor 
diode utilizing the photoelectric effect. 

semiconductor rectifier diode — A semiconduc- 
tor diode designed for rectification and including its 
associated mounting and cooling attachments if integral 
with 1t. 

semicustom IC — An LSI circuit that incorporates 
either linear or digital components. Semicustom ICs are 
designed to serve as replacements for small- to medium- 
scale ICs and are based on the concept of integrating 
extremely complex functions onto a single IC to fulfill 
a particular custom function. One semicustom IC may 
replace anywhere from several to more than 100 individ- 
ual ICs. The semicustom IC, initially processed up to, but 
not including, the interconnect level, is adapted to spe- 
cific requirements with relative ease through patterning 
of the metal interconnect layer. By connecting the tran- 
sistors (which may number in the thousands) on a single 
IC in different ways, various functions, such as flip-flops, 
gates, adders, and parity control, are created. These blocks 
are then interconnected to form an entire system function 
on the chip. 

semicustom large-scale integrated circuit — 
See gate array, 3. 

semicustom logic— Chips whose logic functions 
can be determined in the final stages of manufacturing, 
such as PLAs and gate arrays. 

semidirectional microphone—A microphone 
whose field response is determined by the angle 
of incidence in part of the frequency range but is 
substantially independent of the angle of incidence in the 
remaining part. 

semiduplex — In a communications circuit, a method 
of operation in which one end is duplex and one end 
simplex. This type of operation is sometimes used in 
mobile systems, with the base station duplex and the 
mobile station or stations simplex. A semiduplex system 
requires two operating frequencies. 

semimagnetic controller—An electrical con- 
troller whose basic functions are not all performed by 
electromagnets. 

semimetals — Materials, such as bismuth, antimony, 
and arsenic, having characteristics that class them between 
semiconductors and metals. 

semiremote control —Radio-transmitter control 
performed near the transmitter by devices connected to 
but not an integral part of the transmitter. 

semiselective ringing — An arrangement in which 
the bells of two stations on a telephone party line are rung 
simultaneously; differentiation is made by the number of 
rings. 

semitone — Also called half step. The interval be- 
tween two sounds. Its basic frequency ratio is equal to 
approximately the twelfth root of 2. 

semitransparent photocathode — A photocath- 
ode in which radiant flux incident on one side produces 
photoelectric emission from the opposite side. 

sender— That part of an automatic-switching tele- 
phone system that receives pulses originated by a dial or 
other source and, in accordance with the pulses received, 
controls the further operations necessary to establish the 
connection. 
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sending-end impedance — Also called the driving- 
point impedance. The ratio of an applied potential differ- 
ence of a transmission line to the resultant current at the 
point where the potential difference is applied. 

sending filter—A filter used at the transmitting 
terminal to restrict the transmitted frequency band. 

sensation level — See level above threshold. 

sense — |. In navigation, the relationship between the 
change in indication of a radionavigational facility and 
the change in the navigational parameter being indicated. 
2. In some navigational equipment, the property of per- 
mitting the resolution of 180° ambiguities. 3. To examine 
or determine the status of some system components. 4. To 
read holes in punched tape or cards. 

sense amplifier— 1. A circuit used to sense low- 
level voltages such as those produced by magnetic or 
plated-wire memories and to amplify these signals to 
the logic voltage levels of the system. 2. A circuit used 
in communications-electronics equipment to determine a 
change of phase or voltage and to provide an automatic 
control function. 

sense finder—TIn a direction finder, that portion 
which permits determination of direction without 180* 
ambiguity. 

sense-reversing reflectivity —The characteristic 
of a reflector that reverses the sense of an incident ray. 
(For example, a perfect corner reflector is invisible to a 
circularly polarized radar because it reverses the sense.) 

sense step — See secondary calibration. 

sense switch —One of a series of switches on the 
console of the digital computer that permits the operator 
to control some parts of a program externally. 

sense wire — A wire threaded through the core of a 
magnetic memory to detect whether a logical 1 or O is 
stored in the core when the core is interrogated by a read 
pulse. This technology is no longer in use. 

sensing — l. The process of determining the sense 
of an indication. 2. A technique used in a power supply 
regulator for monitoring the output voltage or current. 
in local sensing, the monitor points are the output 
terminals. In remote sensing, the monitor points are 
located at appropriate locations in the circuit being 
powered, connected by wire to sensing input terminals 
on the supply. 

sensing element— See primary detector. 

sensing field — The zone in which an object can be 
sensed by a proximity switch. 

sensistor — A silicon resistor whose resistance varies 
with temperature, power, and time. 

sensitive relay— 1. A relay requiring only a small 
current. It is used extensively in photoelectric circuits. 
2. Any of a number of different types of relays requiring 
very low pickup power. Generally considered to be one 
requiring less than 100 milliwatts of pickup power. 

sensitive volume — In a radiation-counter tube, the 
portion responding to a specific radiation. 

sensitivity — 1. The minimum input signal required 
in a radio receiver or similar device to produce a specified 
output signal having a specified signal-to-noise ratio. This 
signal input may be expressed as power or voltage at 
a stipulated input network impedance. 2. Ratio of the 
response of a measuring device to the magnitude of 
the measured quantity. Jl may be expressed directly in 
divisions per volt, milliradians per microampere, etc., or 
indirectly by stating a property from which sensitivity can 
be computed (e.g., ohms per volt for a stated deflection). 
3. The signal current developed in a camera tube per unit 
incident radiation density (i.e., per watt per unit area). 
Unless otherwise specified, the radiation is understood to 
be that of unfiltered incandescent source of 2854 K, and 
its density, which is generally measured in watts per unit 
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area, may then be expressed in lumens per foot. 4. The 
degree of response of an instrument or control unit to a 
change in the incoming signal. 5, In tape recording, the 
relative intensity of the magnetic signal recorded by a 
magnetizing field of a given intensity. 6. A measurement 
of the electrical output of a microphone for a given 
sound pressure level at its diaphragm. 7. The smallest 
input change that a DMM is able to display. It is cqual 
to the least significant digit on the lowest measurement 
range. For example, a three-digit DMM with a 100- 
mV range has 100 pV sensitivity. 8. Generally expressed 
in dBm at a specified impedance (usually 600 ohms), 
sensitivity is a measure of the lowest DTMF signal 
level that a receiver can detect. It represents an absolute 
threshold below which detection of a single frequency 
is not generated. 9. Measure of the ability of a device 
or circuit to react to a change in some input. 10. In 
television, a factor expressing the incident illumination on 
a specified scene required to produce a specified picture 
signal at the output terminals of a television camera. 
11. A measure of relative output for a given input of a 
tape, microphone, etc. 12. Characteristic of a receiver that 
determines the minimum input signal strength required for 
a given signal output. Sensitivity is usually measured in 
microvolts (uY). 

sensitivity adjustment — Also called span adjust- 
ment. The control of the ratio of output signal to excitation 
voltage per unit measurand. Generally accomplished in a 
system by changing the gain of one or more amplifiers. 
The practice of placing excitation control components 
(such as potentiometers or rheostats) in series with the 
excitation to a transducer is a sensitivity adjustment for 
the system. However, in the latter case no significant 
change is introduced in the output-to-input ratio of the 
transducer. 

sensitivity control — The control that adjusts the 
amplification of the radio-frequency amplifier stages and 
thereby makes the receiver more sensitive. 

sensitivity-time control— Also called gain-time 
control or time gain. The portion of a system that varies 
the amplification of a radio receiver in a predetermined 
manner. 

sensitizing (electrostatography) — The establish- 
ing of an electrostatic surface charge of uniform density 
on an insulating medium. 

sensitometer — An instrument used to measure the 
sensitivity of light-sensitive materials. 

sensitometry — Measurement of the light-response 
characteristics of photographic film. 

sensor — |. In a navigational system, the portion that 
perceives deviations from a reference and converts them 
into signals. 2. A component that converts mechanical 
energy into an electrical signal, either by generating the 
signal or by controlling an external electrical source. 
3. See primary detector. 4. An information-pickup device. 
5. A transducer designed to produce an electrical output 
proportional to some time-varying quantity, as tempera- 
ture, illumination, pressure, etc. 6. The componeni of an 
instrument that converts an input signal into a quantity 
that is measured by another part of the instrument. 7. Any 
device that can detect the presence of, or a change in 
the level of, light, sound, capacitance, magnetic field, etc. 
8. A device or component that reacts to a change; the 
reaclion is then used to cause a control or instrument to 
function. For example, a thermistor changes resistance 
as temperature changes, and the resistance changes can 
be used in an electric circuit to vary current. 9. A trans- 
ducer that converts a parameter at a test point to a form 
suitable for measurement by the test equipment. 10. A 
sensing element. The basic element of a transducer that 
usually changes some physical parameter to an electrical 
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signal. 11. A device that is designed to produce a signal 
or offer indication in response to an event or stimulus 
within its detection zone. 12. A component that provides 
an electrical signal in response to a specific physical or 
chemical stimulus such as heat, pressure, magnetic field, 
or a particular chemical vapor. Microsensors are fabri- 
cated using processes similar to those for manufacturing 
ICs, or extensions of such processes. Integrated microsen- 
sors incorporate an integrated circuit on the same die as 
that used for the sensor element. 

sensory robot — A computerized robot with one or 
more artificial senses, usually sight or touch. 

sentinel —1. A symbol marking the beginning or 
end of some piece of information in digital-computer 
programming. 2. See tag. 

separate excitation —Excitation in which genera- 
tor field current is provided by an independent source, or 
motor field current is provided from a source other than 
the one connected across the armature. 

separately instructed carry — Executing the carry 
process in a computer by allowing carry information to 
propagate to succeeding places only when a specific signal 
is received. 

separation — The degree to which two stereo signals 
are kept apart. Stereo realism is dependent on the success- 
ful prevention of their mixture before reaching the output 
terminals of the power amplifier. Tape systems have a 
separation capability inherently far superior to that of the 
disc systems. 

separation circuit — A circuit that separates signals 
according to their amplitude, frequency, or some other 
selected characteristic. 

separation filter — A combination of filters used to 
separate one band of frequencies from another— often, 
to separate carrier and voice frequencies for transmission 
over individual paths. 

separation loss—The loss that occurs in output 
when the surface coating of a tape fails to make perfect 
contact with the surfaces of either the record or reproduce 
head. 

separator— 1. An insulating sheet or other device 
employed in a storage battery to prevent metallic contact 
between plates of opposite polarity within a cell. 2. An 
insulator used in the construction of convolutely wound 
capacitors, 3. See delimiter. 

septate coaxial cavity——A coaxial cavity with 
a vane or septum added between the inner and outer 
conductors. The result is a cavity that acts as if it had 
a rectangular cross section bent transversely. 

septate waveguide—A waveguide with one or 
more septa placed across it to control microwave power 
transmission. 

septum — A thin metal vane that has been perforated 
with an appropriate wave pattem. It is inserted into a 
waveguide to reflect the wave. Plural: septa. 

sequence — 1. The order in which objects or items 
are arranged. 2. To place in order. 3. A succession of 
terms so related that each may be derived from one or 
more of the preceding terms in accordance with some 
fixed law. 

sequence checking routine — A checking routine 
that examines every instruction executed and prints cer- 
tain data concerning this check. 

sequence control— Automatic control of a series 
of operations in a predetermined order. 

sequencer — |. The component of a processor that 
controls the program flow by implementing branches for 
subroutine processing and handling interrupts. 2. A device 
or computer program that records, edits, and plays back 
MIDI data much like a word processor for music, such 
that you can fix wrong notes or lengthen or shorten notes. 
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3. A mechanical or electronic device that may be set to 
initiate a series of events and to make the events follow 
in sequence. 4. A circuit that pulls information from the 
control store memory, based on external conditions. 5. In 
a bit-slice system, the module in charge of providing the 
next microprogram address to the microprogram memory. 
Essentially a complex multiplexer, but may include stack 
facilities and a loop counter. 

sequence relay —A relay that controls two or more 
sets of contacts in a predetermined sequence. 

sequencer register — In a computer, a counter that 
is pulsed or reset following the execution of an instruction 
to form the new memory address that locates the next 
instruction. 

sequence timer—A succession of time-delay cir- 
cuits arranged so that completion of the delay in one 
circuit initiates the delay in the following circuit. 

sequencing equipment—A special selecting 
device by means of which messages received from several 
teletypewriter circuits may be subsequently selected and 
retransmitted over a smaller number of trunks or circuit. 

sequency of operation—A detailed written 
description of the order in which electrical devices and 
other parts of the equipment should function. 

sequential access— l. An access mode in which 
records are retrieved in the same order in which they were 
written. Each successive access to a file refers to the next 
record in the file. 2. A term used to describe files such 
as magnetic tape that must be searched sequentially to 
find any desired record. 3. Computer access method in 
which a word is accessed by scanning sequential blocks 
or records. For example: a tape. 4. Data on storage, such 
as magnetic tape, that much be searched serially from the 
beginning to find any desired record. 

sequential-access file — A type of file structure in 
which data may only be accessed sequentially, one record 
at a time. Data stored on magnetic tape is an example of 
a sequential file. 

sequential-access memory — Abbreviated SAM. 
l. A serial-type memory in which words are selected in 
a fixed order. The addressing circuit steps from word 
to word in a predetermined order, with the result that 
the access time for the stored information (words) is 
variable. 2. A method of information retrieval in which 
the complete memory is scanned and each word is, in its 
turn, read out, worked on, then rewritten. 

sequential circuit—A digital circuit that changes 
state according to an input signal (normally under clock 
control); it must be tested with a sequence of signals. 

sequential color television—A color television 
system in which the three primary colors are transmitted 
in succession and reproduced on the receiver screen in 
the same manner, 

sequential color transmission — The transmis- 
sion of television signals that originate from variously 
colored parts of an image in a particular sequential order. 

sequential computer—A computer in which 
events occur in time sequence with little or mo simul- 
taneous occurrence or overlap of events. 

sequential control — Digital-computer operation in 
which the instructions are set up in sequence and fed to the 
computer consecutively during the solution of a problem. 

sequential element— A device having at least 
one output channel and one or more input channels, all 
characterized by discrete states, such that the state of each 
output channel is determined by the previous states of the 
input channels. 

sequential interlace — A method of interlacing in 
which the lines of one field are placed directly under the 
corresponding lines of the preceding field. 


681 


sequential lobing — A direction-determining tech- 
nique utilizing the signals of overlapping lobes existing 
at the same time. 

sequential logic—1. A circuit arrangement in a 
computer in which the output state is determined by 
the previous state of the input. See also combinatorial 
logic. 2. Part of a circuit in which the output values are a 
function of the inputs and data stored within the circuit. 

sequential logic element— A deyice that has one 
or more Output channels and one or more input channels, 
all of which haye discrete states, such that the state of 
each output channel depends on the previous states of the 
input channel. 

sequential operating connector—A form of 
connector that has two or more groups of contacts that 
open and close in a predetermined sequence. For exam- 
ple, a connector that is designated for use with ground 
connections, power distribution, and signal circuits. Oper- 
ates in such a way that when the connector is closed, the 
ground contacts close first, power contacts second, and 
signal contacts last. This sequence is reversed when the 
connector is opened. 

sequential operation — The carrying out of opera- 
tions one after the other. 

sequential relay — A relay that controls two or more 
sets of contacts in a predetermined sequence. 

sequential sampling—Sampling inspection in 
which the decision to accept, reject, or inspect another 
unit is made following the inspection of each unit. 

sequential scan—A system of TV scanning in 
which each line of the raster is scanned sequentially. 

sequential scanning —In television, rectilinear 
scanning in which the distance from center to center of 
successively scanned lines is equal to the nominal line 
width. 

sequential switcher — A device that automatically 
permits the viewing of pictures from a number of CCTV 
cameras on one CCTV monitor in a selected sequence. 

sequential timer — A timer in which each interval 
is initiated by the completion of the preceding interval. 
All intervals may be independently adjusted. 

sequential with memory — See SECAM. 

serial — 1. Pertaining to time-sequential transmission 
of, storage of, or logical operations on the parts of a 
word in a computer—the same facilities being used for 
successive parts. 2. The technique for handling a binary 
data word that has more than one bit. The bits are acted 
upon one at a time, analogous to a parade passing a review 
point. 3. Typically refers to a port on a computer for 
transmitting one bit at a time. Modems and mice typically 
connect to a serial port. 

serial access— 1. Pertaining to transmission of 
data to or from storage in a sequential or consecutive 
manner, 2. Pertaining to the process in which information 
is obtained from or placed into storage with the time 
required for such operations dependent on the location 
of the information most recently obtained or placed in 
storage. See also random access. 

serial adder—A device in which additions are 
performed in a series of steps: the least significant addition 
is performed first, and progressively more significant 
additions are performed in order until the sum of the two 
numbers is obtained. 

serial arithmetic unit—In a computer, a unit in 
which the digits are operated on sequentially. See also 
parallel arithmetic unit. 

serial bit— Pertaining to computer storage in which 
the individual bits making up a word appear in time 
sequence. 

serial computer—A computer having a single 
arithmetic and logic unit. 
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serial counter— Also called ripple-through counter. 
A counter in which each flip-flop cannot change state until 
after the preceding flip-flop has changed state; relatively 
long delays after an input pulse is applied to the counter 
can occur before all flip-flops reach their final states. 

serial data— Data transmitted sequentially, one bit 
at a time. 

serial digital computer—A computer in which 
the digits are handled serially. Mixed serial and parallel 
machines are frequently called serial or parallel, according 
to the way the arithmetic processes are performed. An 
example of a serial digital computer is one that handles 
decimal digits serially, although the bits that comprise a 
digit might be handled either serially or in parallel. See 
also parallel digital computer. 

serial interface —1. A data channel that transfers 
digital data (ls and Qs) in a serial fashion, one bit after 
another. Serial interfaces save space by requiring fewer 
lines compared with parallel interfaces, but at the sacrifice 
of data transfer speeds. 2. A port that sends or receives 
the eight bits in each byte one by one, much like beads 
on a string. Printers located far from a computer usually 
require a serial interface. 

serial l/O—A method of data transfer between 
a computer and a peripheral device in which data is 
transmitted for input to the computer (or output to the 
device) bit by bit over a single circuit. 

serialize —To convert from parallel-by-bit to serial- 
by-bit. 

serially reusable routine — A computer routine in 
main storage that can be used by another task following 
conclusion of the current use. 

serial memory — 1. A memory in which information 
is stored in series and reading or writing of information is 
done in time sequence, as with a shift register. Compared 
with a RAM, a serial memory has slow to medium 
speed and lower cost. See sequential-access memory. 2, A 
memory whose contained data is accessible only in a fixed 
order, beginning at some prescribed reference point. Data 
in any particular location is not available until all data 
ahead of that location has been read. Such a memory is 
inherently slow compared with a random-access memory. 

serial mode —A type of computer operation that is 
performed bit by bit, generally with the least significant 
bit handled first. Read-in and readout are accomplished bit 
after bit by shifting the binary data through the register. 

serial operation — 1. In a digital computer, informa- 
tion transfer such that the bits are handled scquentially, 
rather than simultaneously as they are in parallel oper- 
ation. Serial operation is slower than parallei operation, 
but it is accomplished with less complex circuitry. 2. Type 
of information transfer within a programmable controller 
whereby the bits are handled sequentially rather than 
simultaneously, as they are in parallel operation. Serial 
operation is slower than parallel operation for equivalent 
clock rate. However, only one channel is required for 
serial operation. 

serial-parallel — Having the property of being par- 
tially serial and partially parallel. 

serial port—A method of data communication in 
which bits of information are sent consecutively through 
one wire. 

serial printer— A device that can print characters 
one at a time across a page. 

serial processing — The sequential or consecutive 
execution of more than one process into a single device 
such as a channel or processing unit. Opposed to parallel 
processing. 

serial programming — Programming of a digital 
computer in such a manner that only one arithmetical or 
logical operation can be executed at one time. 
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serial storage — 1. In a computer, storage in which 
time is one of the coordinates used in the location of 
any given bit, character, or word. 2. A storage media 
organization in which data or text is serially recorded one 
character or text block after another. Text access points 
are retrieved by serially searching through the medium 
(usually a magnetic-tape cassette or cartridge). 

serial transfer— Data transfer in which the char- 
acters of an element of information are transferred in 
sequence over a single path. 

serial transmission — 1. Information transmission 
in which the characters of a word are transmitted in 
sequence over a single line. 2. The transmission of a 
character’s bits one at a time (implies a single transmis- 
sion pathway). 3. A method of transferring information in 
which the code elements or pulses are sent sequentially, 
one after another. 4. Moving data in sequence one at a 
time, as opposed to parallel transmission. 

series — 1. The connecting of components end to end 
in a circuit, to provide a single path for the current. 
2. An indicated sum of a set of terms in a mathematical 
expression (e.g., in an alternating or arithmetic series). 

series circuit—1. A circuit in which resistances or 
other components are connected end to end so that the 
same current flows throughout the circuit. 2. A circuit 
in which the current has only one path to follow. 3. An 
electric circuit in which all the receptive devices are 
arranged in succession, as distinguished from a parallel 
circuit. The same current flows through each part of the 
circuit. 
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series connection— A way of making connections 
so as to form a series circuit. 

series excitation — The field excitation obtained in 
a motor or generator by allowing the armature current to 
flow through the field winding. 

series-fed vertical antenna— A vertical antenna 
that is insulated from ground and energized at the base. 

series feed — The method by which the dc voltage to 
the plate or grid of a vacuum tube is applied through the 
same impedance in which the alternating current flows. 

series field—JIn a machine, the part of the total 
magnetic flux due to the series winding. 

series-gate noise limiter — See noise limiter. 

series loading — Loading in which reactances are 
inserted in series with the conductors of a transmission 
circuit. 

series modulation — Modulation in which the plate 
circuits of a modulating tube and a modulated amplifier 
tube are in series with the same plate-voltage supply. 

series motor— Also called series-wound motor. 
A motor in which the field and armature circuits are 
connected in series. In small motors with laminated field 
frames, the performance will be similar when operated 
on direct current or alternating current. For this reason, 
the series motor is frequently called a universal motor. 
A series motor has a high starting torque, but its speed 
varies with the load. 

series operation— The connection of two or more 
power supplies together to obtain an output voltage of the 
combination equal to the sum of the individual supplies. 
A common current passes through all the supplies. 


682 


series-parallel network—Any network that 
contains only resistors, inductors, and capacitors and in 
which successive branches are connected in series and/or 
in parallel. 

series-parallel switch — A switch that changes the 
connections of lamps or other devices from series to 
parallel or vice versa. 

series peaking network— See peaking network. 

series regulator— A device that is placed in series 
with a source of power and is able to automatically vary 
its series resistance, thereby controlling the voltage or 
current output. 
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series resistance—Any sum of resistances 
installed in sequential order within one circuit. 

series resistor — A resistor generally used for adapt- 
ing an instrument so that it will operate on some desig- 
nated voltage or voltages. It forms an essential part of the 
voltage circuit and may be either internal or external to 
the instrument. 

series resonance —The condition existing in a 
circuit when the source of electromotive force is in series 
with an inductance and capacitance whose reactances 
cancel each other at the applied frequency, thereby 
reducing the impedance to minimum. 

series-resonant circuit—A circuit in which an 
inductor and capacitor are connected in series and have 
values such that the inductive reactance of the inductor 
will be equal to the capacitive reactance of the capacitor at 
the desired resonant frequency. At resonance, the current 
through a series-resonant circuit is at maximum. 

series-shunt network — See ladder network. 

series T-junction — See E-plane T-junction. 

series winding—In a motor or generator, a field 
winding that carries the same current as the armature; 
i.e., this winding is in series with the armature rather 
than in parallel with it. Series-wound motors are used in 
fractional-horsepower ac-dc applications, such as fans and 
electric mixers. Their other chief use is in heavy-duty dc 
traction equipment, such as electric locomotives, because 
of their extremely high starting torque. 

series wound — Characteristic of a generator or 
motor whose armature and field windings are connected 
in series. 

series-wound motor— A commutator motor with 
field and armature circuits in series. See also Series motor. 

serpentine cut—A trim cut in a film resistor that 
follows a serpentine or wiggly pattern to effectively 
increase the resistor length and increase resistance. 

serrated pulse—A vertical synchronizing pulse 
divided into a number of small pulses, each acting for 
the duration of half a line in a television system. 

serrated rotor plate — Also called a slotted or split 
rotor plate. A rotor plate with radial slots that permit 
different sections of the plate to be bent inward or outward 
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so that the total capacitance of a variable-capacitor section 
can be adjusted during alignment. 

serration— |. The sawtooth appearance of vertical 
and near-vertical lines in a television picture. This is 
caused by their starting at different points during the 
horizontal scan. 2. A designed irregular surface used as 
a reservoir to retain excess infiltrating material and/or 
multiple points to obtain high-current-density resistance 
welding or resistance brazing. 

serrodyne— A frequency transiator or frequency 
converter based on linear sawtooth modulation of phase 
shift or time delay. One convenient modulable device for 
serrodyne use is a traveling-wave tube, which provides 
gain as well as frequency translation. 

serve — 1. With reference to cable construction, a 
type of separator applied directly over the conductor 
or conductors. The serve may consist of one or more 
materials such as paper, cotton, silk, nylon, or rayon. 
These materials may be applied spirally or laterally. 2. A 
filament or group of filaments, such as fibers or wires, 
wound around a central core. 

server— 1. A computer on a network that serves as 
a centrai repository for data and programs and which 
can be accessed cver the network by other computers, 
called clients. 2. A computer or processor that holds 
applications, files, or memory shared by users on a 
network. 3. A computer, or a software package, that 
provides a specific kind of service to allow client software 
to run on other computers. The term can refer to a 
particular piece of software, such as a WWW server, 
or to the machine on which the software is running. A 
singie server could have several different server software 
packages running on it, thus providing many different 
servers to clients on the network. 

server PC — Microcomputer used by a network as a 
source of disk drives and information. 

service — 1. A function offered by some part of an 
open system to communicating application processes. 
2. The conductors and equipment for delivering energy 
from the electricity supply system tc the wiring system 
of the premises served. 

serviceability — Those properties of an equipment 
design that facilitate service and repair in operation, 

service area— 1. The area within which a naviga- 
tional aid is of use. 2. The area surrounding a broadcasting 
station where the signal is strong enough for satisfactory 
reception at all times (i.e., not subject to objectionable 
interference or fading). 

service band — The band of frequencies allocated to 
a class of radio service. 

service channel —A band of frequencies, usually 
including a voice channel, utilized for maintenance and 
fault indication on a communication system. 

service circuit— An interconnecting circuit in a 
switching network that may be connected to lines or 
trunks as required to perform various functions, such as 
dial pulse detection and audible ringing. 

service conductors — The supply conductors that 
extend from the street main or from the transformers to 
the service equipment of the premises served. 

service drop— The overhead service conductors 
from the last pole or other aerial support to and including 
the splices or taps, if any, connecting to the service- 
entrance conductors at the premises served. 

service entrance — The conductors and equipment 
used for delivering energy from the utility pole to the 
premises. 

service life —1. The period of time during which a 
device is expected to perform in a satisfactory manner. 
2. The length of time a primary cell or battery needs to 
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reach a specified final electrical condition on a service test 
that duplicates normal usage. 

service oscillator — See rf signal generator. 

service provider — A company that provides Inter- 
net access. For end users, this service can be as simple 
as providing Internet e-mail accounts, access to Usenet 
news groups, ftp, and web browser access via the service 
provider’s servers. A service provider can also provide a 
way for connecting an enterprise’s LAN to the Internet, 
allowing an enterprise to place their own servers on the 
Internet. 

service rating —The maximum voltage or current 
that a component is designed to carry continuously. 

service request— 1. The appeal by a process or task 
for access to a system resource. 2. A notification to a 
system that one element wants to access a resource. 

service routine — |. In digital computer program- 
ming, a routine designed to assist in the actual operation 
of the computer. 2. Á set cf instructions to perform a pro- 
grammed operation, typically in response to an interrupt. 

service switch —A switch, usually in a box, for 
disconnecting the line voltage from the circuits it services. 

service unit — In a microwave system, the equipment 
or facilities used for maintenance communications and 
transmission of fault indications. 

serving — |. Of a cable, wrapping applied around the 
core before a cable is leaded, or over the lead if the cable 
is armored. Some common materials are jute, cotton, or 
duct tape. 2. A wrapping of thread or yarn over a relay 
coil to protect it from damage. 

servo — Short for servomotor. A device that contains 
and delivers power to move a control or controls. 

servoamplifier — A servo unit in which information 
from a synchro is amplified to control the speed and 
direction of the servomotor output. 

servo control — A technique by which the speed or 
position of a moving device is forced into conformity 
with a desired or standard speed or position. For example, 
the speed of a servo-controlled turntable is established 
by a precision voltage or frequency standard to which 
it is compared and automatically adjusted to reduce the 
difference to a minimum. In a servo-controlled tonearm, 
a small departure of the cartridge from tangency to the 
groove is sensed and used to activate a motor drive that 
moves the tonearm to minimize the error. 

servo loop —In a servoamplifier, the entire closed 
loop formed by feedback from output to input. In a 
position servo, the output positton is compared to a 
command signal at the input. 

servomechanism — |. An automatic feedback-con- 
trol system in which one or more of its signals represent 
mechanical motion. 2. A system in which output is 
compared to input to control error according to desired 
relationship, or feedback, 3. A self-contained system 
(except for inputs) in which the feedback signal is 
subtracted from a desired value so that the difference is 
reduced to zero. 4. A control system that provides the 
following: a command instrument to control or program 
the final process; amplification to strengthen and modify 
the command signal; work instrumentation to manipulate 
the controlled process; and feedback provision to initiate 
corrective action when needed. Since feedback signals go 
from the controlled process back to the original command 
station, a servo system is said to operate closed-loop. 5. A 
device in a closed-cycle system that controls a process 
based on direct feedback from the process. 

servomotor— A motor used in a servo system. Its 
rotation or speed (or both) are controlled by a corrective 
electric signal that has been amplified and fed into the 
motor circuit. 
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servo noise—The hunting of the tracking ser- 
vomechanism of a radar as a result of backlash and com- 
pliance in the gears, shafts, and structures of the mount. 

servo oscillation — An unstable condition in which 
the load tends to hunt back and forth about the ordered 
position, 

servo system— An automatic control system for 
maintaining a condition at or near a predetermined value 
by activation of an element such as a control rod. It 
compares the required condition (desired value) with 
the actual condition and adjusts the control element in 
accordance with the difference (and sometimes the rate 
of change of the difference). 

servo techniques — Methods of studying the per- 
formance of servomechanisms or other control systems. 

servovalve —Electrohydraulic flow control. An 
electrical-input, fluid-control valve capable of continuous 
control. 

sesquisideband transmission—A_ system in 
which the carrier, one full sideband, and half of the other 
sideband are transmitted. 

set— 1. To place a storage device in a prescribed state 
that is opposite to the reset state. 2. To place a binary 
cell in the 1 state. 3. A permanent change, attributable 
to any cause, in a given parameter. 4. See equipment. 
5. Pertaining to a flip-flop input used to affect the Q 
output. Through this input, signals can be entered to 
change the Q output from 0 to 1. It cannot be used to 
change Q to 0. Opposite of clear. 6. An input to a binary 
counter or register that forces all binaries to assume the 
maximum binary state. 7. To place a binary device into a 
given logic state, usually the 1 state. 

set analyzer — A test instrument designed to permit 
convenient measurement of voltages and currents. 

set breakpoint—A user debug command that 
causes the setting of a breakpoint in a specified memory 
location. At program execution, encountering this break- 
point causes temporary program suspension and a transfer 
of control to the system debug routine. See breakpoint. 

set composite — A signaling circuit in which two 
signaling or telegraph legs may be superimposed on a 
two-wire interoffice trunk by means of one of the balanced 
pairs of high-impedance coils connected to each side of 
the line with an associated capacitor network. 

set input— An asynchronous input to a flip-flop used 
to force the Q output to its high state. 

set noise—Inherent random noise caused in a 
receiver by thermal currents in resistors and by variations 
in the emission currents of vacuum tubes. 

set point—In a feedback control loop, the point 
that determines the desired value of the quantity being 
controlled. 

set pulse — A drive pulse that tends to set a magnetic 
cell. 

set-reset flip-flop — A standard flip-flop except that 
if both the set and reset inputs are a 1 at the same time, 
the flip-flop will assume a prescribed state. 

set terminal— The flip-flop input terminal that trig- 
gers the circuit from its first state to its second state. 

setting accuracy — The ability to set a knob, switch, 
or other adjustment to the desired time delay, speed, light, 
sound, or other parameter. Normally specified in percent 
of maximum or at set point. 

settling time— 1. The time interval, following the 
initiation of a specified stimulus to a system, required for 
a specified variable to enter and remain within a specified 
narrow band centered on the final value of the variable. 
2. In an operational amplifier, the interval between the 
time of application of an ideal step input and the time at 
which the closed-loop amplifier output enters and remains 
within a specified band of error, usually symmetrical 
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about the final value. Settling time includes a propagation 
delay and the time needed for the output to slew to the 
vicinity of the final value, recover from the overload 
condition associated with slewing, and settle within the 
specified error range. 3. In a feedback control system, the 
time required for an error to be reduced to a specified 
fraction, usually 2 percent or 5 percent, of its original 
magnitude. 4, The time required for the output frequency 
of a voltage- or current-tuned oscillator to change from 
the initial value to within a specified window around 
the final value in response to a voltage or current stop 
on the tuning input port. 5. The period required for a 
digital multimeter’s input circuits to reach a steady-state 
condition before analog-to-digital conversion is started. 
There are actually three settling times to evaluate. They 
are the settling time required with an input step change 
when operating in a fixed range, the settling time required 
with a range change, and the settling time required with a 
function change, such as a switch in measurement from ac 
to de volts. 6. Time necessary for a multiplexer’s output 
to be within a certain error percentage of the input signal 
once the channel is selected, or turned on. It may be 
specified as either the semiconductor switch’s switching 
time plus analog output settling time, or an analog output 
settling time alone. 7. The time delay between a change of 
input-signal value and the resultant change in the output 
signal. Usually expressed in terms of how long it takes the 
output to arrive at, and remain within, a certain error band 
around the final value. Often given for several different 
magnitudes of input-step change. 8. The time required 
for an amplifier to approach within a percentage of its 
final steady state value after the application of a step 
input. It can be specified as 1 percent, 0.1 percent, or 
0.01 percent. 9. The elapsed time after a code transition 
for DAC output to reach a final value within specified 
limits, usually + '/ Isb. 10. The time elapsing between the 
start of a measurement and the instant that the indicator 
reaches, and remains within, a certain percentage of the 
final measured value (typically +1 percent). 
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set-top unit— Abbreviated STU. Typically refers 
to the unit/device that sits on top of a television for 
current cable TV reception. Also refers to digital set-top 
units, which accept digital media and sometimes support 
interactivity. 

setup — 1. The ratio of the difference between black 
level and blanking level to the difference between refer- 
ence white level and blanking level, usually expressed in 
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percent. 2. An arrangement of data or devices for the solu- 
tion of a particular problem. 3. The difference between the 
reference black level and the blanking level of a compos- 
ite video signal. 

setup diagram—A diagram that specifies a given 
computer setup. 

setup time — 1. The time, measured from the point 
of 10-percent input change, required for a capacitor-diode 
gate to open or close after the occurrence of a change of 
input level. 2. The length of time that data must be present 
and unchanging before a flip-flop is clocked. 3. Time 
required before a signal can be changed from its prior 
state. 

seven-segment display— A display format con- 
sisting of seven bars so arranged that each digit from 0 to 
9 can be displayed by energizing two or more bars, LED, 
LCD, and gas-discharge displays ail use seven-segment 
display formats. 
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Seven-segment LED display. 


seven-unit teleprinter code — Frequently called 
Teletype code. A code that represents the letters of the 
alphabet, the numerals, the punctuation marks, and the 
various control functions necessary on a teleprinter (such 
as line feed, carriage return, upshift, and downshift) by 
five-unit combinations of mark and space conditions. In 
addition to the five units that indicate the letter or other 
data, the code contains a start unit, which is always a 
space, and a stop unit, which is always a mark, to indicate 
the beginning and ending of each character. 

sexadecimal — Pertaining to the number system that 
has a radix of 16. 

sexadecimal notation — Also called dekahexadec- 
imal notation. A scale of notation for numbers with 
base 16. 

sexless connector— Also called hermaphroditic 
connector. An interconnecting device in which the mating 
parts are exactly alike at their mating surfaces. 

sferics— 1. Contraction of the term atmospherics, 
meaning interference. 2. Radio interference from atmo- 
spherics, or static. 

sferics receiver — Also called lightning recorder. A 
type of radio direction finder that electronically measures 
the direction of arrival, intensity, and rate of occurrence of 
atmospherics. In its simplest form the instrument consists 
of two orthogonally crossed antennas. Their output signals 
are connected to an oscillograph so that one loop measures 
the east-west components. These are combined vertically 
to give the azimuth. 

sg — Abbreviation for screen-grid electrode (of a vac- 
uum tubs). 

shaded-pole motor—A single-phase induction 
motor provided with one or more auxiliary short-circuited 
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stator windings that are displaced magnetically from the 
main winding. 

shading — 1. A brightness gradient in the reproduced 
picture not present in the original scene, but caused by 
the camera tube. 2. Compensating for the spurious signal 
generated in a camera tube during the trace intervals. 
3. Controlling the directivity pattem of a transducer 
through the distribution of phase and amplitude of the 
transducer action over the active face. 

shading coil— See shading ring. 

shading compensation—Dynamic sensitivity 
control of the picture signal to reduce the amount of video 
level change from center to edge of the picture. 

shading ring—1.A heavy copper ring sometimes 
placed around the central pole piece of an electrodynamic 
loudspeaker to act as a shorted turn for cancellation of the 
hum voltage of the field coil. 2. A copper ring set into 
part of the pole piece of a small alternating-current motor 
to produce the lagging component of a rotating magnetic 
field for starting purposes. 

shading signal —A signal that increases the gain 
of the amplifier in a television camera while the electron 
beam is scanning a dark portion. 

shadow attenuation — Attenuation of radio waves 
over a sphere in excess of that over a plane when the 
distance over the surface and other factors are the same. 

shadow factor—The ratio of the electric field 
strength that would result from propagation over a sphere 
to that which would result from propagation over a plane 
(other factors being the same). 

shadowgraph — A device arranged in such a manner 
as to enable photography and/or visual observation of the 
silhouette of back-illuminated objects placed within the 
object field of the device and of gradations in luminous 
intensity resulting from variations in the opacity or in the 
index of refraction of media contained within the object 
field. 

shadow mask — See aperture mask. 

shadow mask tube—A type of color-generating 
cathode-ray tube that utilizes a shadow mask, a thin 
perforated electrode located close to the display screen. 
Each hole in the mask coincides with a triad of three 
phosphor dots, each representing red, blue, or green. A 
specific electron beam from the gun energizes phosphor 
dots of single color. 

shadow region — A region in which, under normal 
propagation conditions, an obstruction reduces the field 
strength from a transmitter to the point at which radio 
reception or radar detection is ineffective or virtually so. 

shadow tuning indicator—A vacuum tube in 
which a moving shadow shows how accurately a radio 
receiver is tuned. 

shaft — The axial member to which torque is applied 
to cause rotation of an adjustable component. 

shaft angle encoder—An_ electromechanical 
device that has a means for counting equally spaced radii 
that represent angular increments around the periphery of 
a disk. Usually, the measurement is in degrees, minutes, 
and seconds, since 27 radians is not a prime number. 
Usually the disc is divided into an even number of equal 
increments. 

shaft position encoder — Also called converter or 
coder. An analog-to-digital converter that transduces a 
mechanical analog shaft rotation to an electrical digital 
representation. 

shakedown test— An equipment test carried out 
during the installation work. 

shaker—An electromagnetic device capable of 
imparting known and/or controlled vibratory acceleration 
to a given object. 
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shake table — A laboratory tester in which an instru- 
ment or component is subjected to vibration that stimu- 
lates operating conditions. 

shake-table test—A laboratory test in which a 
device or component is placed in a vibrator to determine 
the reliability of the device or component when subjected 
to vibration. 

shank — 1. The part of a phonograph needle that is 
clamped into position in the pickup or cutting head. 2. The 
cylindrical or rodlike portion of a connector or contact. 
3. That part of a fastener lying between the head and the 
extreme opposite end. 4. See cantilever. 

Shannon limit — The maximum signal-to-noise ratio 
improvement that can be achieved by the best modulation 
technique, as implied by Shannon’s theorem relating 
channel capacity to signal-to-noise ratio. 

Shannon’s theorem — See sampling theorem. 

shaped-beam antenna — An antenna whose direc- 
tional pattern over a certain angular range is designed to 
a specific shape for some particular use. 

shaped-beam display tube — A cathode-ray tube 
in which the beam is first deflected through a matrix, 
then repositioned along the axis of the tube, and finally 
deflected into the desired position on the faceplate. A 
typical tube is the Charactron. 

shape factor—1. For a filter, the ratio (usually 
maximum) comparing a high-attenuation-level bandwidth 
and a low-attenuation-level bandwidth. 2. The ratio of 
the 60-dB bandwidth to the 6-dB bandwidth. Defines the 
selectivity of an amplifier stage. 3. A factor used to take 
the shape of a coil into account when its inductance is 
computed. 

shaping — Adjustment of a plan-position-indicator 
pattern set up by a rotating magnetic field. 

shaping  network— 1. An electrical network 
designed to be inserted into a circuit to improve its trans- 
mission or impedance properties, or both. See also correc- 
tive network. 2. A network inserted in a telegraph circuit 
for improving the waveshape of the signals. 

shared data— Data in memory or on a secondary 
storage device that is used by more than one task. 

shared file — A direct-access device that two systems 
may use at the same time; a shared file may link two 
systems. 

shareware — Software that is freely shared on public 
networks and BBSs. Users are frequently asked, on the 
honor system, to remit a small amount of money to the 
software developer. 

sharp-cutoff tube—The opposite of a remote- 
cutoff tube. A tube in which the control-grid spirals are 
uniformly and closely spaced. As the grid voltage is 
made more and more negative, the plate current decreases 
steadily to cutoff. 

sharp tuning—Response to a limited range of 
frequencies. 

shaving —In mechanical recording, the removal of 
material from the surface of a recording medium for the 
purpose of obtaining a new surface. 

shear wave — 1. Also called a rotational wave. A 
wave, usually in an elastic solid, that causes an element 
of the solid to change its shape but not its volume. 2. A 
wave in which particle displacement is at right angles to 
the direction of propagation. 

sheath — 1. The external conducting surface of a 
shield transmission line. 2. A metal wall of a waveguide. 
3. Part of a discharge in a rarefied gas, in which there is a 
space charge due to an accumulation of electrons or ions. 
4. The outer covering or jacket of a cable. 

sheath-reshaping converter—A converter in 
which the pattern of the wave is changed by gradual 
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reshaping of the waveguide sheath and the metal sheets 
mounted longitudinally in the guide. 

sheet grating — A three-dimensional grating consist- 
ing of thin metal sheets extending along the inside of a 
waveguide for about one wavelength. It is used to stop all 
but the predetermined wave, which passes unimpeded. 

sheet-metal contact — A contact made by stamp- 
ing and bending sheet metal rather than by the machining 
of metal stock. It is available in a wide variety of con- 
figurations and is usually less expensive than machined 
contacts. 

sheet resistance — The electrical resistance of a 
thin sheet of material with uniform thickness as measured 
across opposite sides of a unit square pattern. Expressed 
in ohms per square. 

sheet resistivity— Also called ohms per square. 
1. The electrical resistance measured across the opposite 
sides of a square pattern of deposited film material. 2. The 
resistance of a unit area of printed and fired thick-film 
material. Expressed in ohms per square per unit of film 
thickness, 

Sheffer-stroke function— The Boolean operator 
that gives a truth-table value of true only when both of 
the variables that the operator connects are not true. 

shelf aging — The change with time of the properties 
of a stored component or material. 

shelf corrosion — Consumption of the negative elec- 
trode of a dry cell as a result of local action. 

shelf life — 1. The length of time under specified con- 
ditions that a material or component retains its usability. 
2. The time period that an item can be stored, under speci- 
fied conditions, and still meet specifications. 3. The length 
of time a battery is expected to retain charge when stored. 

shell —1. A group of electrons having a common 
energy level that forms part of the outer structure of 
an atom. 2. The outer section of a plug or receptacle 
that mechanically supports the assembly and in some 
cases provides coupling and locking. 3. That part of a 
phonograph pickup which carries the cartridge. The head 
shell can often be detached from the pickup arm. 

shell-type transformer — A transformer in which 
the magnetic circuit completely surrounds the windings. 

shelving equalizer— An equalizer whose boost 
or cut characteristic response curve resembles a shelf. 
Maximum boost or cut occurs at the indicated frequency 
and remains constant at all frequencies beyond. 

SHF— Abbreviation for superhigh frequency. 

Shield —1. A device designed to protect a circuit, 
transmission line, etc., from stray voltages or currents 
induced by electric or magnetic fields, consisting, in 
the case of an electric field, of a grounded conductor 
surrounding the protected object. At high frequencies 
this will provide magnetic shielding as well. At low 
frequencies (through the audio range) magnetic shielding 
is accomplished by surrounding the object with a material 
of high magnetic permeability. See braid, 2. 2. Any 
barrier to the passage of interference-causing electrostatic 
or electromagnetic fields. An electrostatic shield is formed 
by a conductive layer (usually foil) surrounding a cable 
core. An electromagnetic shield is a ferrous metal cabinet 
or wire-way. 3. In cables, a metallic layer placed around a 
conductor or group of conductors to prevent electrostatic 
or electromagnetic interference between the enclosed 
wires and external fields. 4. A metallic covering, usually 
copper or aluminum, placed around or between electric 
circuits, around cables or their components, to suppress 
the effects of undesired signals that may originate from 
adjacent or external sources. The shield may be braided 
wires, foil wrap, foil backed tape, a metallic tube, or 
conductive vinyl or rubber. 

shield coverage — See shield percentage. 
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shielded building — In modern practice, a building 
in which shielding was incorporated in the basic architec- 
tural design. Shielded buildings often employ structural 
steel members as an integral part of RFI shielding. 

shielded cable — 1. A single- or multiple-conductor 
cable surrounded by a separate conductor (the shield) 
intended to minimize the effects of adjacent electrical 
circuits. 2. A cable in which each insulated conductor 
is enclosed in a conducting envelope so constructed that 
substantially every point of the surface of the insulation is 
at ground potential with respect to ground under normal 
operating conditions. 

shielded-conductor cable—A cable in which 
the insulated conductor or conductors are enclosed in a 
conducting envelope or envelopes, almost every point on 
the surface of which is at ground potential with respect 
to ground. 

shielded enclosure — A room, hangar, or box that 
is Shielded or screened so as to provide a controlled 
electromagnetic environment. 

shielded joint—A cable joint having its insulation 
so enveloped by a conducting shield that substantially 
every point on the surface of the insulation is at ground 
potential, or at some predetermined potential with respect 
to the ground. 

shielded line — A transmission line whose elements 
confine propagated radio waves to an essentially finite 
space inside a tubular conducting surface called the 
sheath, thus preventing the line from radiating radio 
waves, 

shielded pair—A two-wire transmission line sur- 
rounded by a metallic sheath to isolate the pair from 
electrical interference. 

shielded room — An enclosed area made free from 
electrical interference that would affect the sensitivity of 
electrical equipment. 

shielded transmission line — A transmission line 
whose elements confine the propagated electrical energy 
inside a conducting sheath. 

shielded wire — An insulated wire covered with a 
metal shield —usually of tinned, braided copper wire. 

shielded X-ray tube — An X-ray tube enclosed in 
a grounded metal container, except for a small opening 
through which the X-rays emerge. 

shield effectiveness —The relative ability of a 
shield to screen out undesirable radiation. 

shield factor — Ratio between the noise (or induced 
current or voltage) in a telephone circuit when a source 
of shielding is present and when it is not. 

shield grid-—In a glass tube, a structure that shields 
the control electrode from the anode or cathode, or both. 
It prevents the radiation of heat from them and the 
depositing of thermionic activating material on them. It 
also reduces the electrostatic influence of the anode, and 
may be used as a control electrode in some applications. 

shield-grid thyratron — A thyratron that contains a 
shield grid, usually operated at the same potential as the 
cathode. 

shielding — 1. The practice of confining the dielectric 
field of an electric cable to the inside of the cable 
insulation or insulated conductor assembly by surrounding 
the insulation or assembly with a grounded conducting 
medium called a shield. 2. Metal covering used on a 
cable; also a metal can, case partition, or plates enclosing 
an electronic circuit or component. Shielding is used to 
prevent undesirable radiation, pickup of signals, magnetic 
induction, stray current, ac hum, or radiation of an 
electrical signal. 3. A physical barrier, usually electrically 
conductive, designed to reduce the interaction of electric 
or magnetic fields on devices, circuits, or portions of 
circuits. 
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shielding effectiveness — The relative reduction of 
radiated electromagnetic energy levels occasioned by the 
use of an enclosure either to contain or exclude the energy. 

shield percentage — Also called shield coverage. 
The physical area of a circuit or cable actually covered 
by shielding material, expressed in percent. 

shield wire—A wire employed for reducing the 
effects of extraneous electromagnetic fields on electric 
supply or communication circuits. 

shift — 1. Displacement of an ordered set of computer 
characters one or more places to the left or nght. If the 
characters are the digits of a numerical expression, a 
shift is equivalent to multiplying a power of the base. 
2. The process of moving information from one place 
to another in a computer; gencrally, a number of bits 
are moved at once. A word can be shiited sequentially 
(generally referred to as shifting left or right), or all bits 
of a word can be shifted at the same time (called parallel 
load or parallel shift), 3. In a computer, an operation 
whereby a number is moved one or more places to the 
left or right. The number 110, for instance, becomes 
1100 if shifted one place left or 11 if shifted one place 
right. The operation is of considerable use in digital 
computer operations. 4. The difference between the mark 
and space frequencies. For example, if the mark frequency 
is 2125 Hz and the space frequency is 2295 Hz, the 
difference of 170 Hz is referred to as the shift. The 170- 
Hz and 850-Hz shifts have become two widely used 
standards. 

shift counter— 1. A shift register in which the first 
stage, through logic feedback, produces a pattern of 1s or 
Os as a function of the state of other stages in the register. 
The pattern of 1s and Os so produced is termed a ring 
code. 2. See ring counter, 2. 

shift-frequency modulation—A form of fre- 
quency modulation in which the moduiating wave shifts 
the output frequency between predetermined values and 
the output wave is coherent, with no phase discontinuity. 

shift-in character — In a computer, a code extension 
character that can be used by itself to bring about a return 
to the character set in effect before substitution of another 
set was caused by a shift-out character. 

shift out — In a computer, to move information within 
a register toward one end so that, as the information leaves 
this one end, Os are entered into the other end. 

shift-out character — In a computer, a code exten- 
sion character that can be used by itself to cause substi- 
tution of some other character set for the standard set, 
usually to access additional graphic characters. 

shift pulse— A drive pulse that initiates the shifting 
of characters in a register. 

shift register — 1. A digital storage circuit in which 
information is shifted from one flip-flop of a chain to 
the adjacent flip-flop on application of each clock pulse. 
Data may be shifted several places to the right or left, 
depending on additional gating and the number of clock 
pulses applied to the register. Depending on the number 
of positions shifted, the rightmost characters are lost in 
a right shift, and the leftmost characters are lost in a 
left shift. See dynamic shift register; static shift register. 
2. A program, entered by the user into the memory of a 
programmable controller, in which the information data 
(usually single bits) is shifted one or more positions on a 
continual basis. There are two types of shift registers: 
asynchronous and synchronous. 3. A register in which 
binary data bits are moved as a contiguous group a 
prescribed number of positions to the right or to the left. 
4. A memory in which data words are entered serially and 
shifted to successive storage locations. The data word can 
be read when it has been sequentially shifted to the output. 
5. A digital circuit consisting of flip-flops, which is used 
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to convert parallel data (where several binary digits arrive 
at once) to serial (where the same digits travel one after 
another), or vice versa. 

ship error — A radio direction-finder error that occurs 
when radio waves are reradiated by the metal structure of 
a ship. 

ship-heading marker—On a PPI scope, an elec- 
tronic radial sweep line indicating the heading of the ship 
on which the equipment is installed. 

ship’s emergency transmitter—A ship’s trans- 
mitter to be used exclusively on a distress frequency for 
distress, urgency, or safety purposes. 

ship station — A radio station operated in the mar- 
itime mobile service and located on board a vessel that is 
not permanently moored. 

ship-to-shore communication — Communication 
by radio between a ship at sea and a shore station. 

shock — 1. An abrupt impact applied to a station- 
ary object. It is usually expressed in gravities (g). 2. An 
acceleration transient of short duration and nonrepetitive 
occurrence. 3. Sudden stimulation of the nerves and con- 
vulsive contraction of the muscles caused by a discharge 
of electricity though the body. 

shock absorber—A device for dissipating vibra- 
tory energy, to modify the response of a mechanical 
system to an applied shock. 

shock excitation — See impulse excitation. 

shock-excited oscillations —See free oscilla- 
tions. 

shock hazard-—A hazardous condition that exists 
at a part of a ground-fault circuit interrupter if (a) there 
would be current of 5 milliamperes or more in a resistance 
of 500 ohms connected between the part in question and 
the grounded supply conductor, and (b) the device would 
not operate to open the circuit to the 500-ohm resistor 
within a specified time. 

shock isolator— Also called a shock mount. A 
resilient support that tends to isolate a system from 
applied mechanical shock, 

Shockley diode — A four-layer controlled semicon- 
ductor rectifier diode without a base connection, used as 
a trigger or switching diode. 

shock motion—In a mechanical system, transient 
motion characterized by suddenness and by significant 
relative displacements. 

shock mount— See shock isolator. 

shockover capacitor—A capacitor connected 
between the grid and cathode of a thyratron to prevent 
premature firing. 

shock pulse — Usually a single disturbance that is 
characterized by an increase and a decrease of accelera- 
tion in a relatively short period. 

shock test (mechanical) — A test to determine the 
ability of a device to withstand suddenly applied forces 
of specified magnitude and duration. 

shodop — Acronym for short-range Doppler. 

shoran — Acronym for short-range air navigation. A 
precision distance-measuring system employing the pulse 
timing principle to measure the distance from an aircraft 
to one or more fixed responder ground stations. Funda- 
mentally, the system consists of a mobile transmitter- 
receiver-indicator unit and a fixed receiver-transmitter 
unit (transponder). Pulses are sent from the mobile trans- 
mitter and returned to the originating point by the trans- 
mitter. The indicator measures the time interval required 
for the travel of a pulse between stations and converts this 
information into distance to the nearest thousandth of a 
mile. 

shore effect—-The bending of radio waves toward 
the shore line when traveling over water, due presumably 
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to the slightly greater velocity of radio waves over water 
than over land. This effect causes errors in radio direction- 
finder indications. 

shore-to-ship communication — Communication 
by radio between a shore station and a ship at sea. 

short — See short circuit. 

short base-line system—A system that uses 
continuous waves and that has a base-line length that is 
short in comparison to the target distance. 

short check — See flash test. 

short circuit — Also called a short. 1. An abnormal 
connection of relatively low resistance between two points 
of a circuit. The result is excess (often damaging) current 
between these points. 2. An accidental or intentional near- 
zero resistance connection between two sides of a circuit. 
3. An abnormal connection of relatively low impedance, 
whether made accidentally or intentionally, between two 
points of different potential. 4. A low-resistance path in a 
system that allows the current to flow outside of the proper 
circuit in an appliance, junction box, or in the wires, Due 
to a failure in insulation or improper hookup, the current 
takes the short low-resistance path rather than flowing 
through the entire circuit. 5. An abnormal condition that 
occurs when there is an unwanted electrical connection 
between two wires. It results in a flow of excess current. 

short-circuit current-— 1. The current a power 
supply delivers when its output terminals are short- 
circuited. 2. An electronic regulator’s output current with 
the output terminal shorted to the negative supply. Short- 
circuited current and maximum regulator output current 
depend on the pass circuitry. The maximum output current 
is also limited by the maximum allowable package power 
dissipation and, hence, by quiescent current. 

short-circuit driving-point admittance — The 
driving-point admittance between the j terminal of an 
n-terminal network and the reference terminal when 
all other terminals have zero alternating components of 
voltage with respect to the reference point. 

short-circuit feedback admittance (of an 
electron-device transducer)—The short-circuit 
transfer admittance from the output terminals to the input 
terminals of a specified socket, the associated filters, and 
the electron device. 

short-circuit forward admittance (of an 
electron-device transducer)—The short-circuit 
transfer admittance from the input terminals to the output 
terminals of a specified socket, the associated filters, and 
the electron device. 

short-circuit impedance —1. The driving-point 
impedance of a line or four-terminal network when its 
far end is short-circuited. 2. The input impedance to a 
line or four-terminal network when the far end or output 
terminals are shorted. 

short-circuiting or grounding device — A power 
or stored-energy operated device that functions to short- 
circuit or ground a circuit in response to automatic or 
manual means. 

short-circuit output admittance (of an 
electron-device transducer)—The short-circuit 
driving-point admittance at the output terminals of a 
specified socket, the associated filters, and the electron 
device. 

short-circuit output capacitance (of an n- 
terminal electron device)—The effective capaci- 
tance determined from the short-circuit output admittance. 

short-circuit parameters — In an equivalent cir- 
cuit of a transistor, the resultant parameters when inde- 
pendent variables are selected for the input and output 
voltages. 

short-circuit protection (automatic) —A current- 
limiting system that enables a power supply to continue 
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operating without damage into any output overload, 
including short circuits. The output voltage must be 
restored to normal when the overload is removed, as dis- 
tinguished from a fuse or circuit-breaker system, which 
opens at overload and must be reclosed to restore power, 

short-circuit transfer admittance — The transfer 
admittance from terminal / to terminal / of an n-terminal 
network when all terminals except j have zero complex 
alternating components of voltage with respect to the 
reference point. 

short-circuit transfer capacitance (of an elec- 
tron device)—The effective capacitance determined 
from the short-circuit transfer admittance. 

short code—aA system of instructions that causes 
an automaton to behave as if it were another, specified 
automaton. 

short-contact switch — A selector switch in which 
the movable contact is wider than the distance between 
its chips, so that the new circuit is made before the old 
one is broken. 

short-distance navigational aid — An equipment 
or system that provides navigational assistance to a range 
not exceeding 200 miles (322 km). 

shorted — Prevented from operating by a short cir- 
cuit. 

shorted out — Made inactive by connecting a heavy 
wire or other low-resistance path around a device or 
portion of a circuit. 

short-flash light source — An eiectronic flash tube 
in which the flash recurs at a frequency extending to many 
thousands per second. A stroboscopic light source is a 
short-flash light source. 

short-gate gain — Video gain on a short-range gate. 

shorting noise — A noise that occurs in wirewound 
potentiometric transducers, even when no current is drawn 
from the device. It is due to the shorting out of adjacent 
turns of the wire as the slider traverses the winding. The 
portion of the interturn current that flows through the 
slider appears as noise. 

shorting switch — A switch type in which contact 
is made for a new position before breaking contact with 
the previous position. Classified as a make-before-break 
switch. 

short-range navigation — A precision position- 
fixing system using a pulse transmitter and receiver in 
connection with two transponder beacons at fixed points. 

short-range navigation aid— A navigation aid 
that is usable only at distances within radio line of sight. 

short-slot coupler —-A 3-dB coupler. 

short-time duty— A service requirement that 
demands operation at a substantially constant load for a 
short, specified time. 

short time limits — Values of minimum and maxi- 
mum trip time measured at various percentages of over- 
load. 

short-time rating—The rating that defines the 
load that a machine, apparatus, or device can carry at 
approximately the room temperature for a short, specified 
lime. 

shortwave — Abbreviated sw. Radio frequencies 
from 1.6 to 30 MHz, which fall above the commercial 
broadcasting band and are used for sky-wave communi- 
cation over long distances. 

shortwave converter — An electronic unit designed 
to be connected between a receiver and its antenna system 
to permi: reception of frequencies higher than those the 
receiver ordinarily handles. 

shortwave transmitter— A radio transmitter that 
radiates shortwaves, which ordinarily are shorter than 
200 meters. 
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shot effect— Noise voltages developed by the ran- 
dom travel of electrons within a tube. The effect is char- 
acterized by a steady hiss from a radio, and by snow or 
grass in a television picture. 

shotgun mike — Also called a hyperdirectional or 
long-reach mike. An extremely unidirectional micro- 
phone, used for spotting a speaker or soloist from a 
considerable distance. 

shot noise — |. Noise generated due to the random 
passage of discrete current carriers across a barrier or 
discontinuity, e.g., a semiconductor junction, as well 
as by thermal agitation in a base resistor. Shot noise 
is characteristic of all transistors and diodes and is 
directly proportional to the square root of the applied 
current, 2. Noise voltages Geveloped in a thermionic tube 
as a result of random variations in the number and 
velocity of electrons emitted by the cathode. The effect 
is characterized by the presence of a steady hiss in audio 
reproduction and of snow or grass in video reproduction. 
The shot noise (German, schotteffekt) concept stems from 
the random manner in which electrons in a vacuum tube 
collide with the plate (anode)— not unlike the sound 
effect produced by casting a handful of BB-shot against a 
wall, with their slightly differing and overlapping impact 
times. Additionally, the electrons from a vacuum-tube 
cathode are not emitted uniformly, producing fluctuation 
noise. 3. Noise that is inherent in an electric current 
because it consists of a stream of finite particles, 1.e., 
electrons. 4. The noise generated by a charge crossing a 
potential barrier. For medium and high frequencies it is 
the dominant noise mechanism in bipolar devices. Shot 
noise has a constant spectra! density. 

shrinkable tubing—1. A nonmetallic tubing that 
is fabricated to allow a nonreversible decrease in its 
diameter on the application of heat. It is used to provide 
insulation or mechanical protection to conductors, cables, 
splices, and terminations. 2. Plastic or elastomeric tubing 
used to protect wires, cables, and splices from mechanical 
damage. The tubing shrinks to a predetermined size on 
application of heat or solvent evaporation. 

shunt—1. A precision low-value resistor placed 
across the terminals of an ammeter to increase its 
range. The shunt may be either internal or external to 
the instrument. 2. Any part connected, or the act of 
connecting any part, in parallel with some other part. 
3. In an electric circuit, a branch whose winding is in 
parallel with the external or line circuit. 4. An alternate 
path in parallel with a part of a circuit. 5. To place a 
circuit element in parallel with another. 6. To bypass a 
portion of a circuit. 7. A deliberate shorting-out of a 
portion of an electric circuit. 8. A key-operated switch that 
removes some portion of an alarm system from operation, 
allowing entry into a protected area without initiating an 
alarm signal. A type of authorized access switch. 9. A 
calibrated low resistance connected in parallel with the 
input terminals of an ammeter, to enable measurement of 
a wider range of currents. 

shunt calibration — A procedure in which a parallel 
resistance is placed across a (similar) element to obtain a 
known and deliberate electrical change. 

shunt-fed vertical antenna— A vertical antenna 
connected to the ground at the base and energized at a 
suitable point above the grounding point. 

shunt feed — See parallel feed. 

shunt field — Part of the magnetic flux produced in 
a machine by the shunt winding connected across the 
voltage source. 

shunt-field relay — A special polarized relay with 
two coils on opposite sides of a closed magnetic circuit. 
The relay operates only when the currents in its two 
windings flow in the same direction. 
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shunting effect— A reduction in signal amplitude 
caused by the load that an amplifier or measuring instru- 
ment imposes on the signal source. For de signals the 
shunting effect is directly proportional to the output 
impedance of the signal source and inversely proportional 
to the input impedance of the amplifier. 

shunting or discharge switch—A switch that 
serves to open or to close a shunting circuit around any 
piece of apparatus (except a resistor), such as a machine 
ficld, a machine armature, a capacitor, or a reactor. 

shunt leads — Those leads that connect the circuit of 
an instrument to an external shunt. The resistance of these 
leads must be taken into account when the instrument is 
adjusted. 

shunt loading — Loading in which reactances are 
applied in parallel across the conductors of a transmission 
circuit. 

shunt neutralization—See inductive neutraliza- 
tion. 

shunt peaking network — See peaking network. 

shunt regulator — A device placed across the output 
of a regulated power supply to control the current 
through a series-dropping resistance in order to maintain 
a constant output voltage or current. 
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shunt T-junction — See H-plane T-junction. 

shunt wire—A conductor joining two parts of an 
electric circuit to divert part of the current. 

shunt-wound generator — A direct-current gener- 
ator in which the field coils and armature are connected 
in parallel. 

shunt-wound motor—1. A direct-current motor 
that has its field (stationary member) and armature (rotat- 
ing member) circuit connected in parallel. Its speed can be 
regulated by varying either the applied armature or field 
voltage. 2. A motor whose armature and field windings 
are connected in parallel. It has a fairly constant speed, 
but a low starting torque. 

shutoff — A provision whereby a recorder will auto- 
matically go into the stop mode at the end of a tape. 
In some recorders, the automatic shutoff can be made to 
turn off the entire unit as well as any other components 
powered by it. 

shutter— A movable cover that prevents light from 
reaching the film or other light-sensitive surface in a still, 
movie, or television camera except during the exposure 
time. 

shuttle —A high-speed tape-running mode that per- 
mits fast cuing or rewinding of the tape. 

sibilance — The strong emphasis in pronunciation of 
the letters “s” and “sh” in speech. It can be exaggerated 
by microphones having peaks in their high-frequency 
response. 

SIC — Abbreviation for semiconductor integrated cir- 
cuit. 
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side armature — An armature that rotates about an 
axis parallel to that of the core, with the pole face on a 
side surface of the core of a relay. 

sideband attenuation — Attenuation in which the 
relative transmitted amplitude of one or more components 
of a modulated signal (excluding the carrier) is smaller 
than the amplitude produced by modulation. 

sideband power—The power contained in the 
sidebands. This is the power to which a receiver responds 
when receiving a modulated wave, not the carrier power. 

sidebands — 1. The frequency bands on both sides 
of the carrier frequency. The frequencies of the wave pro- 
duced by modulation fall within these bands. 2. The wave 
components lying within such bands. During amplitude 
modulation with a sine-wave carrier, the upper sideband 
includes the sum (carrier plus modulating) frequencies, 
and the lower sideband includes the difference (carrier 
minus modulating) frequencies. 3. The modulation bands 
of frequencies that are both above and below the carrier 
frequency during modulation. 4. A band of frequencies 
on each side of the carrier frequency of an amplitude- 
modulated wave. Each sideband contains all of the infor- 
mation that was in the modulating wave. (The upper 
sideband contains frequencies that are the sums of the car- 
rier and modulation frequencies, and the lower sideband 
contains the difference frequencies.) 

sideband splatter — 1. Those portions of the modu- 
lation sidebands that lie beyond the limits of the assigned 
channel. 2. In radio communications, interference on 
other channels caused by spurious sidebands resulting 
from overmodulation. 

side circuit—A circuit arrangement for deriving 
a phantom circuit. In four-wire circuits, the two wires 
associated with the “go” channel form one side circuit, 
and those associated with the return channel form another. 
See also phantom circuit. 

side-circuit loading coil — A loading coil for intro- 
ducing a desired amount of inductance into a side circuit 
while introducing a minimum amount of inductance into 
the associated phantom circuit. 

side-circuit repeat coil — See side-circuit repeating 
coil. 

side-circuit repeating coil— Also called side- 
circuit repeat coil. A device that functions as a transformer 
at a terminal of a side circuit, and acts simultaneously as 
a device for superposing one side of a phantom circuit on 
the side circuit. 

side echo — An echo due to a side lobe of an antenna. 

side frequency —One of the frequencies of a 
sideband. 

side lobe — A portion of the beam from an antenna, 
other than the main lobe. It is usually much smaller than 
the main lobe. See figure on page 691. 

side-lobe blanking—-A technique that compares 
relative signal strengths between an omnidirectional 
antenna and the radar antenna. 

side-lobe cancellation— A technique designed to 
exclude or greatly attenuate jamming signals introduced 
through the side or back lobes of a receiving antenna. 

side-looking airborne radar — A high-resolution 
airborne radar system in which the beam from the antenna 
is directed at right angles to the direction of flight. 

siderial day—The time it takes for the earth to 
rotate exactly 360° about its axis with respect to the 
“fixed” stars. The siderial day contains 1436.07 minutes. 
Compare solar day. 

sideswiper — A telegraph key that operates from side 
to side rather than up and down. 

side thrust — 1. In disc recording, the radial compo- 
nent of force on a pickup arm caused by the stylus drag. 
2. The tendency of a stylus to skate toward the center of a 
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record, causing increased wear on the inner groove wall. 
With low tracking weight, side thrust can cause the stylus 
to jump the record’s groove. 

sidetone —1. The reproduction, in a telephone 
receiver, of sounds received by the transmitter of the same 
telephone set (e.g., hearing one’s own voice in the receiver 
of a telephone set when speaking into the mouthpiece). 
2. That portion of a speaker’s voice that is fed back to 
his or her receiver. 

sidetone telephone set— A telephone set with no 
balancing network for reducing sidetone. 

siemens — 1. International standard unit of conduc- 
tance that replaces and is identical with the term mho. 
The reciprocal of resistance in ohms. 2. The unit of elec- 
tric conductance of a conductor in which a current of 
l ampere is produced by an electric potential difference 
of 1 volt. 

sight check — To verify the sorting or punching of 
punched cards by looking through the pattern of punched 
holes. 

sign — 1. A symbol that distinguishes negative from 
positive quantities. 2. A binary indicator of the position 
of the magnitude of a number relative to zero. 

signal — 1. A visible, audible, or other conveyor of 
information. 2. The intelligence, message, or effect to be 
conveyed over a communication system. 3. The physi- 
cal embodiment of a message or of information. 4. An 
electrical wave used to convey information. 5. An alert- 
ing signal; that is, an acoustic device (such as a bell) 
or a visual device (such as a lamp) that calls the atten- 
tion. 6. To transmit an information signal or alerting sig- 
nal. 7. The event, phenomenon, or electrical quantity that 
conveys information from one point to another. 8. A cur- 
rent used to convey information, either digital, analog, 
audio, or video. 9. An electrical impulse of a predeter- 
mined voltage, current, polarity, and pulse width. 10. Any 
electronic visual, audible, or other indication used to con- 
vey information. In semiconductors, an electrical quantity 
(typically voltage, current, or light level) corresponding to 
some physical quantity. Signals are coded in frequency or 
amplitude to separate them from unwanted noise. 

signal attenuation — The reduction in the strength 
of electrical signals. 

signal averaging — A technique for extracting a 
signal waveform (generally a time-varying voltage) from 
a background of unwanted noise. Simple frequency- 
domain filtering with passive or active circuit elements 
is the most widely used method for accomplishing this 
result. But this type of filtering is effective only when 
the frequency spectrum of the signal and the frequency 
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spectrum of the noise do not overlap. A signal averager 
is a special kind of filter, sometimes referred to as a 
comb filter. It can be used effectively only if the desired 
signal, with its contaminating noise, can be repeated a 
number of times. In addition, a synchronization of that 
pulse must have a fixed time relationship to the desired 
signal, preferably, but not necessarily, ahead of the signal. 

signal-averaging computer — An electronic aver- 
ager that filters out signals of interest from background 
noise. 

signal bias — A form of teletypewriter signal distor- 
tion brought about by the lengthening or shortening of 
pulses during transmission. When marking pulses are all 
lengthened, a marking signal bias results; when marking 
pulses are all shortened, a spacing signal bias results. 

signal-carrier FM recording—A method of 
recording in which the input signal is frequency modu- 
lated onto a carrier, and the carrier is recorded on 2 single 
track at saturation and without bias. 

signal conditioner—-A device placed between a 
signal source and a readout device for the purpose of 
conditioning the signal. Some examples are damping 
networks, attenuator networks, preamplifiers, excitation 
and demodulation circuits, converters for changing one 
electrical quantity into another (such as voltage to cur- 
rent), instrument transformers, equalizing or matching 
networks, and filters. 

signal conditioning— 1. To process the form or 
mode of a signal so as to make it intelligible to, or com- 
patible with, a given device, including such manipulation 
as pulse shaping, pulse clipping, digitizing, and lineariz- 
ing. 2. Any operation that prepares a transducer signal 
for subsequent display or control functions. Depending on 
the application, a transducer signal might require any one 
or a combination of several conditioning operations such 
as filtering, amplification, isolation, integration, differen- 
tiation, and rectification. For extracting low-level signals 
from electrical noise, an instrumentation amplifier is often 
the best choice. 

signal conductor — An individual conductor used 
to transmit an impressed signal. 

signal converter—A circuit that reduces, filters, 
and (if necessary) rectifies incoming signals to logic 
system levels. 

signal delay — The transmission time of a signal 
through a network. The time is always finite, and it may 
be undesired or purposely introduced. 

signal diode — 1. A semiconductor diode used for 
the purpose of extracting or processing information con- 
tained in an electrical signal that varies with time and 
may be either analog or digital in nature. 2. A diode 
that exhibits an asymmetrical voltage-current character- 
istic and is used for signal detection. 

signal-distortion generator — An instrument fur- 
nished and designed to apply distortion on a signal for the 
purpose of ranging and adjusting telelypewriter equipment 
or for furnishing a clear signal. 

signal dropout — The loss of signal that occurs when 
the signal becomes too weak to be usable. 

signal electrode —The electrode from which the 
signal output of a camera tube is taken. 

signal element— Also called a unit interval. That 
part of a signal which occupies the shortest interval of 
the signaling code. It is considered to be of unit duration 
in building up signal combinations. 

signal encoding device —A system component 
located at the protected premises that will initiate the 
transmission of an alarm signal, supervisory signal, trou- 
ble signal, or other signals the central station is prepared 
to receive and interpret. 
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signal enhancement—Ensemble averaging of 
time-domain signals, whereby a set of time domain sam- 
ples are digitized and then averaged. In order to enhance 
the signal due to averaging, the time function must be 
repetitive, and the start of the ensemble average must have 
a known relationship to some repetitive event (trigger). 
Such a repetitive signal is the vibration from one rotation 
of an engine (where the firing of spark plug | serves as 
the trigger). 

signal filtering — The shaping of amplitude or phase 
characteristics with respect to frequency, for the purpose 
of meeting an operational requirement. This usually is 
accomplished by analog methods. 

signal-frequency shift—In a frequency-shift fac- 
simile system, the numerical difference between the fre- 
quencics corresponding to the white and black signals at 
any point in the system. 

signal generator— 1. Also called a standard volt- 
age generator. A device that supplies a standard voltage 
of known amplitude, frequency, and waveform for mea- 
suring purposes. 2. An instrument that provides 

(a) Calibrated and variable frequency over a broad 
range. 

(b) Calibrated and variable output level over a wide 
dynamic range. 

(c) One or more forms of calibrated modulation. 
Not all frequency sources or synthesizers are signal gener- 
ators. Sweepers, test oscillators, and traditional frequency 
synthesizers cannot be classified as signal generators 
because they usually lack a calibrated output or some 
form of calibrated modulation. 3. A portable test oscilla- 
tor that can be adjusted to provide a test signal at some 
desired frequency, voltage, modulation, or waveform. 

signal ground — The ground return for low-level 
signals, such as inputs to audio amplifiers or other circuits, 
that are susceptible to coupling through ground-loop 
currents. 

signal highlighting — [Identifying the connection 
points of a net in a printed circuit board. 

signaling — 1. The process by which a caller on the 
transmitting end of a line informs a particular party at 
the receiving end that a message is to be communicated. 
Signaling is also that supervisory information that lets 
the caller know that the called party 1s ready to talk, 
that his or her line is busy, or that he or she has hung 
up. Signaling also holds the voice path together while 
a conversation goes on. 2. Indicating to the receiving 
end of a communication circuit that intelligence is to be 
transmitted. 3. In a circuit-switched telecommunications 
network, the exchange of information that is concerned 
with the establishment, control, and management of a 
telephone connection. 

signaling channel— A tone channel used for sig- 
naling purposes. 

signaling key — A key used in wire or radiotelegra- 
phy to control the sequence of current impulses that form 
the code signals. 

signal injector —A test instrument, usually small, 
that contains an audio-frequency pulse oscillator. A signal 
injected at points in the circuitry aids in troubleshooting. 

signal intelligence — A generic term that includes 
both communications intelligence and electronics intelli- 
gence. 

signal interpolation — See interpolation. 

signal lamp — A lamp that indicates, when lit or out, 
the existence of certain conditions in a circuit (e.g., signal 
lamps on switchboards, or pilot lamps in radio sets). 

signal leakage — Interference in a given playback 
channel that has its origin in the recording system. Such 
interference occurs during simultaneous record/reproduce 
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and has a leading time displacement with reference to the 
signal on the tape. 

signal level — 1. The difference between the measure 
of the signal at any point in a transmission system and the 
measure of an arbitrary reference signal. (Audio signals 
are often stated in decibels — thus, their difference can be 
conveniently expressed as a ratio.) 2. The magnitude of 
signal compared with an arbitrary reference magnitude. 

signal line —One of a set of signal conductors in 
an interface system used to transfer messages among 
interconnected devices. 

signal matching — Inserting buffers near the target 
system when the target microprocessor is replaced for 
emulation, so that the signals at the target microprocessor 
are reproduced exactly. 

signal-muting switch — A switch used on a record 
changer to ground (mute) the signal from the pickup 
during a change cycle. 

signal-noise ratio — See signal-to-noise ratio. 

signal parameter — That parameter of an electrical 
quantity whose values or sequence of values conveys 
information. 

signal plane — A conductor layer intended to carry a 
signal, rather than serve as a ground or other fixed-voltage 
function. 

signal plate —A metal plate that backs up the mica 
sheet containing the mosaic in one type of cathode-ray 
television camera tube. The electron beam acts on the 
Capacitance between this plate and each globule of the 
mosaic to produce the television signal. 

signal plus noise and distortion—A radio- 
receiver sensitivity measurement based on the signal input 
required to produce 50 percent of the rated output at a 12- 
decibel ratio (4:1 voltage ratio) of signal plus noise and 
distortion to noise and distortion alone. 

signal-point stereo microphone — A housing 
containing two, usually directional, microphones angled 
so that each picks up sound from one side of the stereo 
field, with both picking up sounds from the middle. 

signal processing—A broad class of electronic 
functions that enhance the representations of physical or 
electrical phenomena. Temperature, pressure, vibration, 
acceleration, and flow are examples of physical properties 
that rely on signal processing enhancements. The detec- 
tion and conversion of rf, X-ray, or ultrasonic energy into 
images and sound is another form of signal processing. 

signal processing equipment— Any equipment 
or circuit used to intentionally change the characteristics 
(but not the overall level) of a signal. Includes such 
devices as equalizers, limiters, phasers, flangers, and delay 
lines. 

signal reconditioning —The act of partially or 
completely restoring the original form of a distorted 
signal. 

signal regeneration — The process of demodulating 
a received signal to recover its baseband data (thus 
removing received noise but creating bit errors) and 
remodulating the baseband signal onto a carrier for 
retransmission. 

signal report— A report given in numerical values 
of signal strength and quality. 

signal-separation filter—A bandpass filter that 
selects the desired signal or channel from a composite 
signal. 

signal-shaping network— An electric network 
inserted into a telegraph circuit, usually at the receiving 
end, to improve the waveshape of the signals. 

signal-shield ground — A ground technique for all 
shields used for the protection from stray pickup of leads 
carrying low-level, low-frequency signals. 
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signal shifter —A variable-frequency oscillator for 
shifting amateur transmitters to a less crowded frequency 
within a given band. 

signal splitter— A passive device that enables two 
or more TV sets to divide a TV signal between them with 
proper balancing and isolation. Available in either 75- or 
300-ohm impedances. 

signal strength— 1. The strength of the signal 
produced by a transmitter at a particular location. Usually 
it is expressed as so many millivolts per meter of 
the effective recelving-antenna length. 2. The intensity 
of the television signal measured in volts, millivolts, 
microvolts, or decibels, using O dB as a reference. Equal 
to 1000 microvolts in rf systems; generally 1 volt in yideo 
systems. 

signal-strength meter— Also called an S meter. 
A meter connected in the AVC circuit of a receiver and 
calibrated in dB or arbitrary “S” units to read the strength 
of a received signal. 

signal-to-distortion ratio — The ratio of desired to 
undesired signal in a transmitted single-sideband signal. 

signal-to-noise ratio — Abbreviated SNR or s/n 
ratio. Also called signal-noise ratio. 1. Ratio of the 
magnitude of the signal to that of the noise (often 
expressed in decibels). 2. In television transmission, the 
ratio in decibels of the maximum peak-to-peak voltage of 
the video television signal (including the synchronizing 
pulse) to the rms voltage of the noise at any point. 3. The 
ratio of the amplitude of a signal after detection to the 
amplitude of the noise accompanying the signal. It may 
also be considered as the ratio, at any specific point of 
a circuit, of signal power to total circuit-noise power. 
4. Ratio of the root-mean-square facsimile signal level 
to the root-mean-square noise level. 5. The difference, 
measurec in decibels, between a specified signal reference 
level anc the level of unwanted noise. The higher the 
ratio, the better the equipment. 6. The span, measured in 
decibels, of signal intensity between a device’s overload 
point at the upper limit and its background noise at the 
lower limit. (In tape recording, the s/n ratio usually lies 
between the permissible limit of saturation distortion and 
the tape’s background hiss.) 7. The ratio, in decibels, 
between a reference power output (usually an amplifier’s 
rated power) and the hum and noise power in the output 
of the amplifier. The higher this ratio, the better. 8. The 
ratio, usually in decibels, between the level of the loudest 
undistorted tone that can be recorded and the noise that is 
generated and recorded when no signal is present. 9. The 
ratio of the power in a desired signal to the undesirable 
noise present in the absence of a signal. 10. The difference 
between the nominal or maximum operating level and the 
noise floor; usually specified in decibels. 11, The ratio of 
the peak value of the video signal to value of the noise. 
Usually expressed in decibels. 

signa! tracer— A test instrument used for tracing a 
signal through a circuit in order to find faulty wiring or 
components. 

signal tracing — The process of locating a fault in a 
circuit by injecting a test signal at the input and checking 
each stage, usually from the output backwards. 

signal voltage — The effective (root-mean-square) 
voltage value of a signal. 

signal wave—A wave with characteristics that 
permit it to carry intelligence. 

signal-wave envelope — The contour of a signal 
wave that is composed of a series of wave cycles. 

signal winding— Also called an input winding. In 
a saturable reactor, the control winding to which the 
independent variable (signal wave) is applied. 

signature (target) — The characteristic pattern of the 
target displayed by detection and classification equipment. 
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signature analysis— Abbreviated SA. 1. A syn- 
chronous process, whereby activity at an electrical node 
(referenced to a clock signal) is monitored for a particu- 
lar stimulus over a given time. The analysis that follows 
the nodal monitoring is based on data compression. The 
long, complex pattern of a data stream is reduced to a 
16-bit, 4-digit “signature.” Correct signatures for a par- 
ticular circuit are determined empirically from tests on a 
known-good product. 2. A means of isolating digital logic 
faults at the component level applicable to all digital sys- 
tems. The technique involves the tracing of signals and 
the conversion of lengthy bit streams into 4-digit hexadec- 
imal “signatures.” Using logic diagrams and schematics 
specially annotated with correct signatures at each trace 
node, and guided by troubleshooting trees, a circuit can 
be traced back to a point in the circuit that has a cor- 
rect input signature and incorrect output signature. Sig- 
natures are traced under the direction of a test PROM. 
3. A patented troubleshooting technique (Hewlett-Packard 
Co.) based on the principle that a good digital circuit in 
a known (initialized) state will produce the same out- 
put when stimulated repeatedly by the same input. If the 
repeated output of a device is not the one it has been 
designed to produce, it has failed. 4. A specific digital- 
circuit-testing troubleshooting technique that makes use 
of coded representations of serial bit streams. Using a 
known input signal, a signature-analysis system generates 
such a coded representation at each point on a known- 
good pc board. The signature at each point on a board 
under test should then be the same as the signature at 
the corresponding point on the known-good board. 5. A 
technique for compressing large amounts of digital data 
into a relatively short data word, or signature. If the sig- 
nature matches a reference signature it can be assumed, 
to an extremely high probability, that the data stream is 
valid. Signature analysis, therefore, can be used to verify 
the integrity of data streams. 

signature analyzer— An instrument that compares 
stored patterns (signatures) against actual received pat- 
terns. 

signature testing — Comparison of the actual output 
digital signatures, such as transition counts, with the 
expected correct signatures recorded from a knowr-good 
device. 

sign bit—1. In complementary arithmetic, the left- 
most bit of a number. If the sign bit is 1, the number is 
negative; if it is O, the number is positive. 2. The left- 
most bit of a computer word, which is sometimes used 
to indicate whether the number it contains is positive or 
negative. A 0 usually means a positive number, and a 1 
a negative number. 

sign-control flip-flop — In computers, a flip-flop in 
the arithmetic unit used for storing the sign of the result 
of an operation. 

sign digit—A character (+ or —) used to designate 
the algebraic sign of a number. 

significance — Weight. In positional representation, 
the factor by which a digit must be multiplied to obtain its 
additive contribution to the value of a number; the factor 
is determined by the digit position. 

significant digits (of a number)— |. A set of 
digits from consecutive columns, beginning with the most 
significant digit other than zero, and ending with the least 
significant digit whose value is known or assumed to be 
relevant. The digits of a number can be ordered according 
to their significance, which is greater when occupying a 
column corresponding to a higher power of the radix. 
2. A digit that contributes to the precision of a number. 
Significant digits are counted from the first digit on the 
left that is not zero and continue to the last accurate digit 
on the right. (A right-hand zero may be counted if it is 
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an accurate part of the numeral.) For example, 2500.0 has 
five significant digits, 2500 probably has only two (it is 
not known that the last two digits are accurate) but 2501 
has four, and 0,0025 has two. 

sign position— A position, normally at one end of 
a number, that contains an indicator of the algebraic sign 
of the number. 

silent alarm — A remote alarm without an obvious 
local indication that an alarm has been transmitted. 

silent-alarm system— An alarm system that sig- 
nals a remote station by means of a silent alarm. 

silent discharge — The gradual and nondisruptive 
discharge of electricity from a conductor into the atmo- 
sphere. It is sometimes accompanied by the production of 
ozone. 

silent period — An hourly period during which ship 
and shore radio stations must remain silent and listen for 
distress calls. 

silica gel—A moisture-absorbent chemical used for 
dehydrating waveguides, coaxial lines, pressurized com- 
ponents, shipping containers, etc. 

silicon— |. A metallic element often mixed with iron 
or steel during smelting to provide desirable magnetic 
properties for transformer-core materials. In its pure state, 
it is used as a semiconductor. 2. A brittle, gray, crystalline 
chemical clement that, in its pure state, serves as a 
semiconductor substrate in microelectronics. lt is naturally 
found in compounds, such as silicon dioxide. 

silicon bilateral switch— A device that has char- 
acteristics similar to those of the silicon unilateral switch, 
but exhibits the same characteristics in both directions. 
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Silicon bilateral switch. 


silicon capacitor— See varactor. 

silicon cell— A solid-state device composed of sili- 
con that is used to convert radiation into electrical energy. 

silicon compiler —A software package that takes 
over chip creation from design to mask production. 

silicon controlled rectifier — Abbreviated SCR. 
Also called reverse-blocking triode thyristor. 1. A four- 
layer pnpn semiconductor device that, when in its normal 
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state, blocks a voltage applied in either direction. The 
device is enabled to conduct in the forward direction when 
an appropriate signal is applied to the gate electrode. 
When such conduction is established, it continues even 
with the control signal removed until the anode supply 
is removed, reduced, or reversed. The SCR is the solid- 
state equivalent of the thyratron tube. 2. A semiconductor 
device that functions as an electrically controlled switch 
for dc loads. The SCR is one type of thyristor. 3. A 
reverse-blocking triode thyristor that can be triggered into 
conduction in only one direction. Terminals are anode, 
cathode, and gate. 4. A three-junction semiconductor 
device that is normally an open circuit until an appropriate 
gate signal is applied to the gate terminal, at which time it 
rapidly switches to the conducting stage. Its operation is 
similar to that of a gas thyratron, which conducts current 
in one direction only. 


ANDDE ANODE 


CATHODE GATE CATHODE GATE 


Symbol. Junctions. 


HOLDING 


“DON” STATE CURRENT 


REVERSE-BLDCKING 
STATE 


BREAKDVER 
VOLTAGE 


REVERSE 
BREAKDOWN 
VOLTAGE 


“OFF” STATE 


Anode characleristic. 


Silicon controlled rectifier. 


silicon controlled switch— Abbreviated SCS. A 
four-terminal pnpn semiconductor switching device; it can 
be triggered into conduction by the application of either 
a positive or negative pulse. 

silicon detector — See silicon diode. 

silicon diffused epitaxial mesa transistor — A 
silicon transistor that has high voltage and power ratings 
and low storage time and saturation voltage. 

silicon diode— Also called a silicon detector. A 
crystal detector used for rectifying or detecting UHF and 
SHF signals, lt consists of a metal contact held against a 
piece of silicon in a particular crystalline state. 

silicon diode array tube—A highly sensitive 
vidicon-type tube used in CCTV cameras designed for 
low light level applications. 

silicon dioxide — 1. A compound that results from 
oxidizing silicon quartz. Selective etching of silicon 
dioxide makes possible selective doping for the generation 
of components in monolithic integrated circuits. 2. An 
abundant material found in the form of quartz and agate 
and as one of the major constituents of sand. The silicates 
of sodium, calcium, and other metals can be readily 
fused, and on cooling do not crystallize but instead form 
transparent material glass. 
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Silicon controlled switch. 


silicon double-base diode — See unijunction tran- 
sistor. 

silicone —A member of the family of polymeric 
materials characterized by a recurring chemical group 
that contains silicon and oxygen atoms as links in the 
main chain. These compounds are presently derived from 
silica (sand) and methyl chloride. One of their important 
properties is resistance to heat. 

silicon foundry — A facility that fabricates an inte- 
grated circuit from a design supplied by an independent 
party. 

silicon gate — 1. An MOS process that uses silicon 
zather than metal as one of the transistor elements. This 
permits the use of lower operating voltages and increases 
the dynamic response of the device. 2. MOS technology 
that uses silicon as the metal for the gate of the transistor. 
An alternative is aluminum gate. 3. One of several meth- 
ods for fabricating metal-oxide semiconductor circuits. 

silicon-gate MOS — A process using polycrystalline 
silicon to replace the metal layer as the gate electrode. It 
offers high speed and low threshold. 

silicon monoxide — A dielectric material often used 
in the fabrication of a microelectronic device to form an 
insulator, substrate, or a thin-film capacitor dielectric. 

silicon nitride —A compound that is deposited on 
the surface of a silicon monolithic integrated circuit to 
improve the stability of the integrated circuit. Silicon 
nitride is relatively impervious to some ions that penetrate 
silicon dioxide; best stability is obtained through the use 
of a combination of silicon nitride and silicon dioxide. 
Charge storage at the interface between layers of silicon 
nitride and silicon dioxide has resulted in memory devices 
in which the retention times are extremely long. 

silicon on sapphire — Abbreviated SOS. Also 
called spinel. 1. A semiconductor manufacturing process 
in which a silicon layer is grown on a sapphire substrate. 
The silicon layer is divided into a number of electri- 
cally isolated islands for individual transistors. Silicon 
on sapphire is used for high-performance LSI circuits. 
2. A semiconductor manufacturing process that uses an 
insulated material (sapphire) instead of silicon as a sub- 
strate on which the epitaxial layer is grown. With the 
process, MOS or bipolar performance can be significantly 
improved over that of conventional devices. 3. A fabrica- 
tion technique in which thin crystalline films of silicon are 
depositec on a single crystal alumina (sapphire) substrate. 
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The thickness of SOS films is comparable with diffusion 
depths commonly used in MOS/LSI fabrication. Conse- 
quently, doping impurities penetrate completely through 
the silicon, so that the only component of the pn junc- 
tion is that normal to the surface. Since the principal area 
contributions to a pn junction come from the underside 
and side walls of a diffusion well, the SOS vertical junc- 
tion area— and, hence, capacitance — is reduced consid- 
erably. 4. A technology whereby MOSFETS are deposited 
on a sapphire substrate to increase the transistor switch- 
ing speed. Silicon is grown on a passtye insulating base 
(sapphire) and then selectively etched away to form a 
solid-state device. 


Sid, ALUMINUM GATE ELECTROOE 


SUBSTRATE SAPPHIRE 


Silicon-on-sapphire transistor. 


silicon oxide — 1. A dielectric material commonly 
used in the surface passivation of microelectronic circuits. 
Silicon oxide contains various combinations of silicon 
monoxide and silicon dioxide. 2. Silicon monoxide or 
dioxide or a mixture, the latter of which can be deposited 
on a silicon IC as insulation between metalization layers. 

silicon photodiode — Semiconductor pn or pin 
Junction that utilizes absorbed photon energy in the range 
of 1.06 to 1.03 electronvolts to excite carriers from one 
energy level to a higher state. The resultant change in the 
charge across the junction is monitored as a current in the 
external photodiode circuit. 

silicon planar transistor— A silicon transistor 
produced by the planar process and consisting of a series 
of etchings and diffusions to produce a transistor with a 
thin oxide layer within the planes of a silicon substrate. 

silicon rectifier — 1. One or more silicon rectifying 
cells or cell assemblies. 2. Semiconductor diode that 
converts alternating current to direct current and which 
can be designed to withstand large currents and high 
voltages. 

silicon rectifying cell — An elementary two-termi- 
nal silicon device that consists of a positive aud a negative 
electrode and conducts current effectively in only one 
direction. 

silicon solar cell —A photovoltaic cell designed 
to convert light energy into power for electronic and 
communication equipment. It consists essentially of a thin 
wafer of specially processed silicon. 

silicon steel — Steel containing 3 percent to 5 percent 
silicon. Its magnetic qualities make it desirable for use in 
the iron cores of transformers and in otner ac devices. 

silicon surface-barrier detectors — Silicon radi- 
ation detectors based on a rectifying contact at the sili- 
con's surface. 

silicon symmetrical switch — A thyristor modified 
by the addition of a semiconductor layer to make the 
device into a bidirectional switch. It is used as an ac 
phase control for synchronous switching and control of 
motor speed. 

silicon target— A high-sensitivity TV image pickup 
tube of the direct readout type utilizing a silicon diode 
array photoconductive target. Suitable for low-light appli- 
cations. High sensitivity extends through the visible range, 
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Silicon solar cell. 


with extended sensitivity to the near-infrared region. Has 
low lag and high burn resistance. 

silicon transistor — A transistor in which silicon is 
used as the semiconducting material. 

silicon unijunction transistor— See unijunction 
transistor. 

silicon unilateral switch— Abbreviated SUS. A 
device similar to the silicon-controlled switch, except that 
a Zener junction is added to the anode gate so that the 
silicon unilateral switch is triggered into conduction at 
approximately 8 volts. The SUS can also be tnggered by 
application of a negative pulse to the gate. 
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Silicon unilateral switch. 


Silicon Valley — Also called Silicon Gulch. The 
area around Sunnyvale, California, where most of the 
American semiconductor manufacturers are located. 

silk-covered wire— A wire covered with one or 
more layers of fine floss silk. It is a better insulator than 
cotton. Also, it is more moisture-resistant and permits 
more turns of wire within a given space. 
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silk screen — A screen of a closely woven silk mesh 
stretched over a frame and used to hold an emulsion 
outlining a circuit pattern and used in screen printing 
of film circuits. Used generally to describe any screen 
(stainless steel or nylon) used for screen printing. 

silver — A precious metal that is more conductive than 
copper. Because it does not readily corrode, it is used for 
contact points of relays and switches. Its chemical symbol 
is Ag. 

silvered-mica capacitor—A mica capacitor that 
has a coating of silver deposited directly on the mica 
sheets instead of using conducting metal foil. 

silvering — See silver spraying. 

silver migration—A process by which silver in 
contact with an insulating surface, under conditions of 
bigh humidity and with an electrical potential applied, is 
removed ¡onically from one location and redeposited as a 
metal in another location. This transfer results in reduced 
insulation resistance and dielectric failure. 

silver oxide cell — A small dry cell giving a constant 
voltage of 1.5 volts. Used in low-current applications, 
such as hearing aids, calculators, and electric watches. It 
consists of a pure zinc anode, a depolarizing silver oxide 
cathode, and a potassium hydroxide or sodium hydroxide 
electrolyte. 

silver solder— A solder that is composed of copper, 
silver, and zinc. It has a melting point lower than that of 
silver, but higher than that of lead-tin solder. 

silver soldering — Brazing with a silver-based filler 
metal. 

silver spraying — Also called silvering. Metallizing 
the surface of an original master disc recording by using a 
dual spray nozzle in which ammoniated silver nitrate and 
a reducer are combined in an atomized spray to precipitate 
the metallic silver. 

silverstat— An arrangement of closely spaced con- 
tactors. Sometimes used as a step-by-step device to unbal- 
ance the arms of a resistance bridge. 

silverstat regulator — A multitapped resistor whose 
taps are connected to single-leaf silver contacts. Variation 
of voltage causes a solenoid to open or close these 
contacts, shorting out more or less of the resistance in 
the exciter circuit as a means of regulating the output 
voltage to the desired value. 

simple buffering— A technique for buffer control 
such that the buffers are assigned to a single data control 
block and remain assigned to it until it is closed. 

simple-gate IC — An integrated circuit that consists 
of one or more gate circuits formed on a single chip. The 
input and output of each gate are brought out to separate 
pins on the integrated-circuit package. 

simple harmonic current — Also called sinusoidal 
current. A symmetrical alternating current whose instan- 
taneous value is equal to the product of a constant and the 
sine or cosine of an angle having a value varying linearly 
with time. 

simple harmonic electromotive force — A sym- 
metrical alternating electromotive force that is equal to 
the product of a constant and the cosine or sine of an 
angle that varies linearly with time. 

simple harmonic motion—A periodic motion 
whose displacement varies as a sinusoidal function of 
time. 

simple quad — See s-quad. 

simple scanning — Scanning of only one scanning 
spot at a time. 

simple sound source—A source that radiates 
sound uniformly in all directions under free-field condi- 
tions. 

simple steady-state vibration — A periodic mo- 
tion made up of a single sinusoid. 
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simple target— In radar, a target whose reflecting 
surface does not cause the amplitude of the reflected 
signal to vary with the aspect of the target (e.g., a metal 
sphere). 

simple tone — 1. A sound wave whose instantaneous 
sound ‘pressure is a simple sinusoidal function of time. 
2. Also called a pure tone. Á sound sensation character- 
ized by its singleness of pitch. 

simplex — 1. Transmission in one direction only. 
2. A transmission facility in which the transmission is 
restricted to only one direction. 3, A form of communi- 
cations satellite operation that involves a communication 
in only one direction at a time (mainly for facsimile, tele- 
vision, and some data). 

simplex channel —A path for electrical transmis- 
sion of information in one direction between two or more 
terminals. 

simplex coii— A repeating coil used on a pair of 
wires to derive a commercial simplex circuit. 

simplexed circuit—A two-wire metallic circuit 
from which a simplex circuit is derived, the metallic and 
simplex circuits being capable of simultaneous use. 

simplex mode -— Operation of a communication 
channel in one direction only, with no capability for 
reversing. 

simplex modem—A _ two-wire modem that can 
transmit in only one direction. 

simplex modem with backward channel — 
Two-wire modem that can transmit simultaneously in both 
directions, with the primary direction being reasonably 
high speed and the secondary (or backward) direction 
being rather low speed. 

simplex operation — Communication that takes 
place in only one direction at a time between two sta- 
tions. Included in this classification are ordinary transmit- 
receive or press-tc-talk operation, voice-operated carrier, 
and other forms of manual or automatic switching from 
transmit to receive. 

simplex software — One-way transmission of data. 
A, prograro that can be in the form of ROM, floppy disk 
data, cassette data, or hard-copy (firmware), or in the form 
of a machine code or high-level language in RAM. 

simplex transmission — Data transmission in one 
direction only. 

simulate — 1. To use the behavior of another system 
to represent certain behavioral features of a physical 
or abstract system. 2. To represent the functioning of a 
device, system, or computer program by another; e.g., 
to represent one computer by another, to represent the 
behavior of a physical system by the execution of a 
computer program, or to represent a biological system 
by a mathematical model. To represent, by imitation, the 
functions of one system or process by means of another. 
See emulate. 

simulation — Also called digital simulation. 1. A 
type of problem in which a physical model and the con- 
ditions to which the model may be subjected are all rep- 
resented by mathematical formulas. 2. The substitution 
of instrumentation (often a computer) for actual oper- 
ational conditions, so that valid data can be obtained. 
3. Modeliug of the operation of a logic circuit by a com- 
puter program containing device models and topology 
information about their interconnections. 4. The technique 
of ultilizing representative or artificial data to reproduce 
in a model various conditions that are likely to occur 
in the actual performance of a system. Frequently used 
to test the behavior of a system under operating poli- 
cies. 5. Representation of either an abstract or a physical 
system's features by computer operations. Often the oper- 
ating environment of a program must be simulated during 
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the software testing. 6. Modeling a target microproces- 
sor with a software interpreter so that object code can 
be checked as if it were actually executing in the target 
microprocessor. Simulation usually can’t duplicate tim- 
ing problems, glitches, or microprocessor idiosyncrasies. 
Input/output devices are often simulated so microcom- 
puter development can proceed before the actual devices 
are available. 7. Representation of physical systems by 
computers. 

simulator — 1. A device that represents a system or 
phenomenon and that reflects the effects of changes 
in the original so that it may be studied, analyzed, 
and understood from the behavior of that device. 2. A 
cross-computer program that allows the user tc test 
the object program by simulating the action of the 
microcomputer when the actual circuitry is unavailable. 
Simulators often provide certain kinds of diagnostic 
information unavailable with a debugger program running 
on the actual microcomputer: warning of the overflow 
of a processor stack or of an attempt by the program 
to write into a location in the ROM, for example. They 
usually allow manipulation and display of the simulated 
microcomputer memory and CPU registers; setting of 
breakpoints, whercby processing can be stopped at a 
certain program address or when the program reads or 
writes into a specified memory location; and tracing, 
in which each instruction in a certain address range 
is printed out as it is executed. Often they provide 
timing information, such as the number of instructions 
or machine cycles executed from program start to stop. 
3, Program that helps to evaluate a microprocessor by 
duplicating all logic operations within the software of a 
large computer. Software simulators are sometimes used 
in the debug process to simulate the execution of machine- 
language programs using another computer (often a time- 
sharing system). These simulators are especially useful if 
the actual computer is not available. They may facilitate 
the debugging by providing access to internal registers 
of the CPU that are not brought out to externa! pins in 
the hardware. 4. A device or a computer program that 
simulates the operation of another device or computer. 

simulator program—A program that causes one 
computer to imitate the logical operation of another 
computer for purposes of measurement and evaluation. 
Primarily used to exercise program logic independent of 
hardware environment. Extremely useful for debugging 
logic prior to committing it to ROM. 

simulcast— 1. To broadcast a program simultane- 
ously over more than one type of broadcast station, e.g., 
to broadcast a stereophonic program over an AM and FM 
station. 2. A program so brcadcast. 

simulcasting — Broadcasting a stereo program over 
an AM and FM station. An AM and FM tuner are required 
for stereo reception. 

simultaneous — Pertaining to the occurrence of 
events at the same insiant of time. 

simultaneous access — See parallel access. 

simultaneous computer— A computer in which 
there is a separate unit to perform each portion of the 
complete computation concurrently, the units being inter- 
connected in a manner that depends on the computation. 
At different times during a run, a given interconnection 
carries signals that represent different values of the same 
variable. For example, the simultaneous computer is a 
differential analyzer. 

simultaneous lobing — In radar, a direction-deter- 
mining technique utilizing the received energy of two 
concurrent and partially overlapped signal lobes. The 
relative phase of power of the two signals received from 
a target is a measure of the angular displacement of the 
target from the equiphase or equisignal direction. 
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simultaneous transmission— Transmission of 
control characters or data in one direction at the same 
time that information is being received in the opposite 
direction. 

SINAD or sinad— Abbreviation for signal-to-noise 
and distortion. 1. A measurement of the signal-to-noise 
ratio of a receiver system in which the signal level 
measurement includes the system noise and distortion: 
(s+n-+d)/n. 

sine — The sine of an angle of a right triangle is equal 
to the side opposite that angle divided by the hypotenuse 
(the long side opposite the right angle). 

sine galvanometer — An instrument resembling a 
tangent galvanometer except that its coil is in the plane 
of the deflecting needle. The sine of the angle of deflection 
will then be proportionate to the current. 

sine law— The law which states that the intensity 
of radiation in any direction from a linear source varies 
in proportion to the sine of the angle between a given 
direction and the axis of the source. 

sine potentiometer — A dc voltage divider (poten- 
tiometer) whose output is proportionate to the sine of the 
shaft-angle position. 

sine wave — 1. A wave that can be expressed as the 
sine of a linear function of time, space, or both. 2. A 
waveform (often viewed on an oscilloscope) of a pure 
alternating current or voltage. It is drawn on a graph 
of amplitude versus time or radial degrees and follows 
the rules of sine and cosine values in relation to angular 
rotation of an alternator. It can be simulated by means of 
an electronic oscillator. 3. The only waveform that cannot 
be considered to be a pulse. All other waveforms consist 
of more than one frequency, all harmonically related. A 
sine wave has a single frequency and therefore occupies 
a very small bandwidth. It passes through circuitry of any 
bandwidth with no change in waveform, but it may be 
changed in amplitude. 
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sine-wave modulated jamming—A jamming 
signal consisting of a cw signal modulated by one or more 
sine waves. 

singing — 1. An undesired self-sustained oscillation 
at a frequency in or above the passband of a sys- 
tem or component. 2. An unwanted self-sustained audio- 
frequency oscillation in an audio system or device. 

singing margin—Also called gain margin. The 
excess of loss over gain around a possible singing path 
at any frequency, or the minimum value of such excess 
over a range of frequencies. 

singing point— 1. The condition of a circuit or 
transmission path where the sum of the gains exceeds 
the sum of the losses. When expressed in decibels, it is 
the gain that can be added to the circuit equivalent before 
singing will begin. 2. The amount of total gain in the 
transmission system (most commonly used in connection 
with two-wire repeaters) that causes the system to begin to 


lose efficiency of performance because the self-oscillating 
point is too closely approached. 3. The singing point of a 
circuit that is coupled back to itself is the point at which 
the gain is just sufficient to make the circuit break into 
oscillation. 

singing-stovepipe effect— Reception and repro- 
duction of radio-signal modulation by ordinary pieces of 
metal, such as sections of stovepipe, in contact with each 
other. It is caused by mechanically poor connections, such 
as rusty bolts or faulty welds, that act as nonlinear diodes 
and produce intermodulation distortion when subjected to 
strong radiated fields near transmitters. 

single-address code — An instruction that contains 
the location of the data as well as the operation or 
sequence of operations to be performed on this data. 

single amplitude — With reference to vibratory con- 
ditions, the peak displacement of an oscillating structure 
from its average or mean position. 

single-anode tank — See single-anode tube. 

single-anode tube— Also called a single-anode 
tank. An electron tube with one anode (used chiefly for 
pool-cathode tubes). 

single-assignment language — A programming 
language that allows only one value to be assigned to 
a variable in a single expression. 

single-axis gyro—A type of gyro in which the 
spinning rotor is mounted in a gimbal arranged so as to 
tilt about only one axis relative to the stable element. 

single-board microcomputer— Also called 
monoboard microcomputer. A single printed circuit board 
containing, aS a minimum, processor, memory (ROM 
and/or RAM), and input/output — usually a combina- 
tion of serial and parallel ports. May also include a 
counter/timer function and bus interconnection scheme. 
A single-board microcomputer family may also include 
other functional system elements (such as memory and 
I/O functions) on circuit boards of the same format as the 
microcomputer board. 

single-button carbon microphone — A micro- 
phone having a carbon-filled buttonlike container on one 
side of its flexible diaphragm. As the sound waves move 
the diaphragm, the resistance of the carbon changes, and 
the microphone current constitutes the desired audio- 
frequency signal. 

single-carrier FM recording —The method of 
recording in which the input signal is frequency modu- 
lated onto a carrier and the carrier is recorded on a single 
track at saturation and without bias. 

single-channel — A carrier-only or single-tone mod- 
ulated radio control transmitter and matching receiver 
installation. 

single-channel monopulse tracking system — 
See monopulse tracking. 

single-channel simplex — Nonsimultaneous com- 
munication between stations over the same frequency 
channel. 

single circuit— A telegraph circuit capable of non- 
simultaneous two-way communication. 

single-circuit system—An alarm circuit that 
routes only one side of the circuit through each sensor. 
The return may be through either ground or a separate 
wire. 
single-conversion receiver — A receiver employ- 
ing a superheterodyne circuit in which the input signal is 
downconverted once. 

single crystal—A piece of material in which the 
crystallographic orientation of all the basic groups of 
atoms is the same. 

single-degree-of-freedom system—A system 
for which only one coordinate is required to define the 
configuration of the system. 
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single-dial control — Control of a number of differ- 
ent devices or circuits by means of a single adjustment 
(e.g., in tuning all variable-capacitor sections of a radio 
receiver). 

single-ended — Unbalanced, such as grounding one 
side of a circuil or transmission line. 

single-ended amplifier— An amplifier in which 
only one tube or transistor normally is employed in each 
stage —or if more than one is used, they are connected 
in parallel so that operation is asymmetric with respect to 
ground. 

single-ended input — Amplifier input configuration 
in which all analog inputs are referenced to system 
ground. 

single-ended input impedance — The impedance 
between one amplifier input terminal and ground (with 
the other input terminal, if any, grounded for ac) when 
the amplifier is balanced, 

single-ended input voltage — The signal voltage 
applied to one amplifier mput terminal with the other input 
terminal at signal ground. 

single-ended output voltage — The signal voltage 
between one amplifier output terminal and ground. 

single-ended push-pull amplifier circuit— An 
amplifier circuit having two transmission paths designed 
to operate in a complementary manner and connected to 
provide a single unbalanced output. (No transformer is 
used.) 

single-ended signal — As opposed to a difference- 
mode signal, a signal that is at ground potential when it 
is at zero level. 

single-ended tube—A metal tube in which all 
electrodes — including the control grid—are connected 
to base pins and there is no top connection. The letter 
S after the first numerals in a receiving-tube designation 
(e.g., 6SN7) indicates a single-ended tube. 

single-ended voltage gain— Within the linear 
range of an amplifier, the ratio of a change in output 
voltage to the corresponding change in single-ended input 
voltage. 

single-frequency duplex—A inethod that pro- 
vides communications in opposite direction over a single- 
frequency carrier channel, but not at the same time. The 
change between transmitting and receiving conditions is 
controlled automatically by the voices of the communi- 
cating parties. 

single-frequency simplex— A system of single- 
frequency carrier communications in which the change 
from transmission to reception is accomplished by manual 
rather than automatic means. 

single-grip  terminal— A  solderless 
designed to permit a crimp to the wire only. 

single-groove stereo — See monogroove stereo. 

single-gun color tube — A color picture tube with 
a single electron gun that produces only one beam, which 
is sequentially deflected across the phosphor dots. 

single harmonic distortion— The ratio of the 
power at the fundamental frequency measured at the 
output of the transmission system considered to the 
power of any single harmonic observed at the output of 
the system because of its nonlinearity, when a single- 
frequency signal of specified power is applied to the input 
of the system. It is expressed in decibels. 

single-hop propagation — Transmission in which 
the radio waves are reflected only once in the ionosphere. 

single in-line package — See SIP. 

single-junction photosensitive semiconduc- 
tor—_Two layers of semiconductor materials with an 
electrode connection to each material. Light energy con- 
trols the amount of current. 


terminal 
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single-line diagram — Also called single-line draw- 
ing. A form of schematic diagram in which single lines 
are used to show component interconnections even though 
two or more conductors are required in the actual circuit. 

single-line telephone — A telephone that provides 
access to one telephone line. 

single-loop feedback — A loop in which feedback 
may occur only through one electrical path. 

single-mode fiber — 1. A fiber waveguide that sup- 
ports only one mode of propagation. 2. An optical glass 
fiber that consists of a step core of very small ciame- 
ter, approximately 6 um, and a cladding approximately 
20 times the thickness of the core. Tremendous informa- 
tion rates (great bandwidth) are possible with single-mode 
fibers. The primary disadvantages of this type of fiber are 
cost of manufacture, difficulty in launching signals into 
the fiber, and difficulty in splicing and general handling 
in the field. 

single-operand instruction — An instruction con- 
taining a reference to one register, memory location, or 
device. 

single-phase circuit — Either an alternating-current 
circuit with only two points of entry, or one with more 
than two points of entry but energized in such a way that 
the potential differences between all pairs of points of 
entry are either in phase or 180° out of phase. A single- 
phase circuit with only two points of entry is called a 
single-phase two-wire circuit. 

single-phase synchronous generator — A gen- 
erator that produces a single alternating electromotive 
force at ils terminals. 

single phasing — The tendency of the rotor (of a 
motor tach generator) to continue to rotate when one 
winding is opened and the other winding remains excited. 

single-point ground — See uniground. 

single-point grounding — A grounding system that 
attempts to confine all return currents to a network that 
serves as the circuit reference. It does not imply that the 
grounding system is limited to one earth connection. To 
be effective, no appreciable current is allowed to flow 
in the circuit reference; i.e., the sum of the above return 
currents is zero. 

single-polarity pulse —A pulse that departs from 
normal in one direction only. 

single pole—A contact arrangement in which all 
contacts in the arrangement connect, in one position or 
another, to a common contact. 

single-pole, double-throw — Abbreviated SPDT. 
A three-terminal switch or relay contact for connecting 
one terminal to either of two other terminals. 

single-pole-piece magnetic head — A magnetic 
head with only one pole picce on one side of the recording 
medium. 

single-pole, single-throw — Abbreviated SPST. 
1. A two-terminal switch or relay contact that either opens 
or closes one circuit. 2. A switch with only one moving 
and one stationary contact. Available either normally open 
(no) or normally closed (nc). 

single rail—The method of data transfer in a com- 
puter on only one line or wire. The device at the destina- 
tion must be able to handle the data in either the high-level 
or low-level value. The return path is by way of common 
or ground. 

single-rank binary—A flip-flop that requires no 
more than one full clock pulse from a single clock system 
to transfer the logic from a synchronous input to the 
output of the binary. It contains only one memory stage. 

single sampling plan— The plan that consists of 
a single sample size with associated acceptance and 
rejection criteria. 
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single-shield solid enclosure — An all-metal 
enclosure providing higher attenuation than cell-type 
units. It is usually a rigid, free-standing enclosure. 

single-shot — See monostable. 

single-shot blocking oscillator—A_ blocking 
oscillator modified to operate as a single-shot trigger 
circuit. 

single-shot multivibrator — Also called a single- 
trip multivibrator. 1. A multivibrator modified to operate 
as a single-shot trigger circuit. See also monostable 
multivibrator. 2. A monostable multivibrator that, after 
being triggered to the quasi-stable state, will “flop” back 
by itself to the stable state after a certain period of time. 

single-shot trigger circuit— Also called a single- 
trip trigger circuit. A trigger circuit in which the pulse 
initiates one complete cycle of conditions, ending with a 
stable condition. 

single sideband — Abbreviated SSB. An AM radio 
transmitter technique in which only one sideband is trans- 
mitted. The other sideband and the carrier are suppressed. 
This gives SSB a 6:1 efficiency advantage over AM, 
and, thus, greater range per watt of output power. SSB 
occupies half of a conventional AM (double-sideband) 
channel. 

single-sideband filter — A bandpass filter in which 
the slope on one side of the response curve is greater than 
on the other side. So called because it is used in systems 
to suppress a carrier frequency and transmit one or both 
sidebands. 

single-sideband modulation — 1. Modulation 
whereby the spectrum of the modulating wave is trans- 
lated in frequency by a specified amount, either with or 
without inversion. 2. A form of amplitude modulation in 
which only one of the two sidebands is transmitted. Either 
of the two sidebands may be transmitted, and the carrier 
may be transmitted, reduced, or suppressed. 

single-sideband suppressed carrier — Modula- 
tion resulting from the partial or complete elimination of 
the carrier and all components of one sideband from an 
amplitude-modulated wave. 

single-sideband system—A type of radiotele- 
phone service in which one set of sidebands (either the 
upper or lower) is completely suppressed and the trans- 
mitted carrier is partially suppressed. 

single-sideband transmission — Transmission of 
only one sideband, the other sideband being suppressed. 
The carrier wave may be transmitted or suppressed. 

single-sideband transmitter— A transmitter in 
which only one sideband is transmitted. 
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single-signal receiver —A superheterodyne recei- 
ver equipped for single-signal reception. A highly selec- 
tive filter is placed in the intermediate-frequency ampli- 
fier, and provision is included for varying the selectivity of 
the receiver to suit the requirements of the band condition. 

single-signal reception — Use of a piezoelectric 
quartz crystal and associated coupling circuits as a crystal 
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filter to provide the high degree of selectivity required for 
reception in a crowded band. 

single step— Pertaining to a method of computer 
operation in which each step is carried out in response to 
a single manual operation. 

single-stroke bell— A bell that is struck once each 
time its mechanism is activated. 

single-stub transformer—A shorted section of 
coaxial line connected to a main coaxial line near a dis- 
continuity so that impedance matching at the discontinuity 
is achieved. 

single-stub tuner —A section of transmission line 
that is terminated by a movable short-circuitry plunger or 
bar and that is attached to a main transmission line to 
provide impedance matching. 

single sweep — The operating mode for a triggering- 
sweep oscilloscope in which the sweep must be reset 
for each operation, thus preventing unwanted multiple 
display; it is particularly useful for trace photography. 
In the interval after the sweep is reset and before it is 
triggered, the oscilloscope is said to be armed. 

single throw — A contact arrangement in which each 
contact form included is a single contact pair. 

single-throw circuit breaker — A circuit breaker 
in which only one set of contacts need be moved to open 
or close the circuit. 

single-throw switch — A switch in which only one 
set of contacts need be moved to open or close the circuit. 

single-tone keying — Keying in which the carrier 
is modulated with a single tone for one condition, either 
marking or spacing, but is unmodulated for the other 
condition. 

single-track magnetic system—A magnetic- 
recording system whose medium has only one track. 

single-track recorder—A tape recorder that 
records or plays only one track at a time on or from the 
tape. See also monaural recorder. 

single-trip multivibrator — See single-shot multi- 
vibrator. 

single-trip trigger circuit -— See single-shot trigger 
circuit. 

single-tuned amplifier— An amplifier character- 
ized by resonance at a single frequency 

single-tuned circuit— A circuit that may be repre- 
sented by a single inductance and capacitance, together 
with associated resistances. 

single-turn potentiometer — A potentiometer in 
which the slider travels the complete length of the 
resistive element with only one revolution of the shaft. 

single-unit semiconductor device — A semicon- 
ductor device having one set of electrodes associated with 
a single carrier stream. 

single-wire line — A transmission line that uses the 
ground as one side of the circuit. 

single-wound resistor — A resistor in which only 
one layer of resistance wire or ribbon is wound around 
the base or core. 

sink —In communication practice: 1. A device that 
drains off energy from a system. 2. A place where 
energy from several sources is collected or drained away. 
3. Anything into which power of some kind is dissipated. 
4. The component or network into which energy (usually 
current) flows. 5. A device that switches ground or minus 
to a load. The current flows from the load into the sensor. 
See interface, 2. 

sinker— An n+ region that extends down from the 
collector contact area on an integrated transistor to the 
n+ island under the collector for the purpose of reducing 
the collector resistance. 
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sink load— A load with a current whose direction 
is away from its input. A sink load must be driven by a 
current sink. 

sins — Acronym for ship’s inertial navigational sys- 
tem; especially applicable to submarine use. 

sinter — A ceramic material or mixture fired so that it 
is not completely fused but is a coherent mass. 

sintered plate — A powder that holds the active plate 
material used for both the anode and cathode in secondary 
cells. This provides a large surface area for the active 
material, allowing better cycle life, higher discharge rates, 
and better efficiency than the pocket-type plate design. 

sintering — 1. The process in which metal or other 
powders are bonded by cold-pressing them into the 
desired shape and then heating them so that a strong, 
cohesive body is formed. 2. The weiding together of 
powdered particles at temperatures below the melting or 
fusion point. Particles are fused together to form a mass, 
but the mass, as a whole, does not melt. 

sinusoid — A curve having ordinates proportional to 
the sine of the abscissa. 

sinusoidal — Varying in proportion to the sine of an 
angle or time function (e.g., ordinary alternating current). 

sinusoidal current — See simple harmonic current. 

sinusoidal electromagnetic wave — In a homo- 
geneous medium, a wave with an electric field strength 
proportionate to the sine (or cosine) of an angle that is a 
linear function of time, distance, or both. 

sinusoidal field —A field in which the magnitude 
of the quantity at any point varies as the sine or cosine 
of an independent variable such as time, displacement, or 
temperature. 

sinusoidal quantity — A quantity that varies in the 
manner of a sinusoid. 

sinusoidal vibration — A cyclical motion in which 
the object moves linearly. The instantaneous position is a 
sinusoidal function of time. 

sinusoidal wave—A wave whose displacement 
varies as the sine (or cosine) of an angle that is pro- 
portional to time, distance, or both. 

SIP — Abbreviation for single in-line package. 1. A 
package having a single row of external leads, usually 
mounted vertically with leads through the printed circuit 
board, but can be surface mounted with leads bent in gull- 
wing fashion. 2. A package for electronic components 
that is suited for automated assembly into printed circuit 
boards. The SIP is characterized by a single row of 
external connecting terminals, or pins, which are inserted 
into the holes of the printed circuit board. 
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SI system — International System of Units. Includes 
mks and mksa units. 

site error — In navigation, the error that occurs when 
the radiated field is distorted by objects near navigational 
equipmeni. 
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situation-display tube — A large cathode-ray tube 
used for displaying tubular and vector information having 
to do with the various functions of an air-cefense mission. 

six-phase circuit— A combination of circuits ener- 
gized by alternating electromotive forces that differ in 
phase by one-sixth of a cycle (60°). 

size control —On a television receiver, a control 
that varies the size of the picture either horizontally or 
vertically. 

skating — The tendency of a pivoted tonearm to be 
pulled to the center spindle. It is caused by friction 
between the stylus and the record surface. 

skating force — A frictional force between a pickup 
stylus and the record material, tending to move the pickup 
toward the center of the record. It is present only when 
the cartridge is offset at an angle to reduce tracking error, 
and is a function of tracking force, offset angle, stylus size 
and shape, record material, and recorded amplitude. In a 
stereo recording, the effect of skating force is to increase 
the stylus-to-groove contact force on the left channel and 
decrease it on the right channel. 

skein winding — A method of winding single-phase 
motors in which each pole is a long skein of wire, formed 
by winding around two headless nails or bolts (smooth) 
set some distance apart on a piece of wood. The entire 
pole is wound in place by twisting the coil to form a 
concentric chain. No internal connection is made between 
coils of the same pole. The winding is measured with 
a single turn of wire; then, using this endless wire, the 
location of the winding pins can be found. 

skeletal coding — Sets of computer instructions in 
which some addresses and other parts are undetermined. 
These items usually are determined by routines designed 
to modify them according to given parameters. 

skew — |. In facsimile, the nonreclangular received 
frame due to asychronism between the scanner and 
recorder. Numerically it is the tangent of the angle of 
this deviation. 2. The motion characterized on a magnetic 
tape by an angular velocity between the gap center 
line and a line perpendicular to the tape center line. 
3. In magnetic thin film, the deviation of the easy axis 
during fabrication. 4. The angular displacement of a 
printed character, character group, or other data from the 
intended or ideal placement. 5. A measure (expressed in 
percent) of the departure of each individually received 
DTMF signal frequency from its nominal value. A 
function of component tolerances, aging, environmental 
conditions, and certain types of transmission-multiplexing 
equipment, skew is measured at the DTMF receiver. 
6. The time difference between the logic-state changes on 
different input pins within a particular test pattern. 7. The 
time difference of corresponding digital information on 
separate lines, measured at the rising or falling edges of 
the digital data. 

skewed distribution—-A frequency distribution of 
any natural phenomenon in which zero or infinity is one 
of its limits. 

skewing — The time delay or offset belweer two 
signals with respect to each other. 

skewness — A statistical measure of the asymmetry 
existing in a distribution. 

skew ray—A ray that is skewed to the axis of an 
optical fiber. If the fiber is straight, a skew ray travels 
along a helical path around, but not crossing, the fiber’s 
axis. 

skiatron— 1. A dark-trace oscilloscope tube. See also 
dark-trace tube. 2. A display employing an opticai system 
with a dark-trace tube. 

skin antenna—A flush-mounted aircraft antenna 
made by isolating a portion of the metal skin of the aircraft 
with insulating materials. 
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skin depth — Also called depth of penetration. In a 
current-carrying conductor, the depth below the surface at 
which the current density has decreased one neper below 
the current density at the surface; that is, the field has 
decreased to l/s (36.8 percent) of its surface value. 

skin effect — Also called radio-frequency resistance. 
1. The tendency of rf currents to flow near the surface of 
a conductor. Thus, they are restricted to a small part of 
the total sectional area, which has the effect of increasing 
the resistance. 2. The phenomenon that occurs when an 
alternating current forces the ac current to flow mostly 
in the outer parts of a conductor. 3. The phenomenon in 
which the depth of penetration of electric currents into 
a conductor decreases as the frequency increases. 4. A 
characteristic of current in a conductor whereby as the 
frequency increases more and more current flows near 
the conductor surface and less at the center. 

skinner—A wire brought out at the end of a cable 
prepared for soldering to a terminal. 
skinning — Peeling the insulation from a wire. 

skin tracking — Radar tracking of an object without 
the aid of a beacon or other signal device on board the 
object. 

skip— 1. A digital-computer instruction to proceed 
to the next instruction. 2. In a computer, a “blank” 
instruction. 3. To ignore one or more of the instructions 
in a sequence. 4. Term referring to propagation of radio 
signals over considerable distances due to reflection back 
to earth from the ionosphere. 

skip distance — The distance separating two points 
on the earth between which radio waves are transmitted 
by reflection from the ionized layers of the ionosphere. 

skip fading — Fading due to fluctuations of ionization 
density at the place in the ionosphere where the wave is 
reflected, which causes the skip distance to increase or 
decrease. 

skip-if-set instructions — In computers, a class of 
instructions in which provision is made for examining 
particular logic conditions. Usually they are used in con- 
junction with a jump (branch) instruction. For example, 
a skip-if-word-register-ready instruction would allow the 
program to check for a ready condition of the word reg- 
ister and then permit the program to continue along one 
of two different paths, depending on the condition of the 
word register. 

skip keying—The reduction of the radar pulse- 
repetition frequency to a submultiple of that normally 
used, to reduce the mutual interference between radars 
or to increase the length of the radar time base. 

skip zone— Also called zone of silence. A ring- 
shaped space or region within the transmission range 
wherein signals from a transmitter are not received. It 
is the distance between the farthest point reached by the 
ground wave and the nearest point at which the refracted 
sky waves come back to earth. 

skirt selectivity — A measure of the resolution capa- 
bility of a spectrum analyzer when displaying signals of 
unequal amplitude. A unit of measure would be the band- 
width at some level below the 6-dB down points. 

SKU — Stockkeeping unit. Abbreviation used in many 
computer reports to define an individual stock item. 

sky error — See ionospheric error. 

sky hook — Amateur term for antenna. 

sky noise — 1. Noise produced by radio energy from 
stars. 2. Background microwave radiation coming from 
deep space. It can be a noise source for dish antennas and 
sets a lower boundary for the possible noise temperature 
of any dish antenna of approximately 16 to 20 K. 

sky wave — See indirect wave; ionospheric wave. 
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sky-wave correction — In navigation, a correction 
for sky-wave propagation errors applied to measured posi- 
tional data. The amount of the correction is established on 
the basis of an assumed position and on the height of the 
ionosphere. 

sky-wave station error—In sky-wave-synchro- 
nized loran, the station-synchronization error due to the 
effect of the ionosphere on the synchronizing signal 
transmitted from one station to the other. 

sky-wave-synchronized loran— A loran system 
in which the range is extended by using ionosphere- 
reflected signals for synchronizing the two ground sta- 
tions. 

sky-wave transmission delay — The longer time 
taken by a transmitted pulse when carried by sky waves 
reflected once from the E layer compared with the same 
pulse carried by ground waves. 

slab —A relatively thick crystal from which blanks 
are cut. 

slab line — A double-slotted coaxial line whose outer 
shield has been unwrapped and extended to infinity in 
both directions so that the resulting configuration is a 
cylindrical conductor between two parallel conductors. 

slab wafer — A slice of semiconductor material that 
has straight edges, as opposed to a conventional rounded 
wafer that has 21 percent less area than a square with 
comparable dimensions. 

slant range — 1. In radar, the line-of-sight distance 
from the measuring point to the target, particularly an 
aerial target. 2. Line-of-sight distance between two points 
not at the same elevation. 

slap-back— An echo effect wherein the original 
signal reappears as distinct echoes that decay in level each 
time they appear. One way of creating slap-back is to feed 
the output signal from the play head back into the record 
head, at a slightly lower level. For example, if the sound 
“la” is originally fed to the recorder, then “la-la-la ... la” 
will be heard, with each “la” slightly lower in level until 
the signal fades away. 
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slave — i. A component in a system that does not 
act independently, but only under the control of another 
similar component. 2. A device that follows an order 
given by a master remote control. 

slave antenna — A directional antenna that is posi- 
tioned in azimuth and elevation by a servo system. The 
information controlling the servo system is supplied by a 
tracking or positioning system. 

slave drive — See follower drive. 

slavecl tracking — A method of interconnecting two 
or more regulated power supplies so that the master 
supply operates to control other power supplies called 
slaves. 

slave operation — A method of interconnecting two 
or more stabilized power supplies so that coordinated 
control of the assembly by controlling the master supply 
alone is achieved, and essentially proportional outputs are 
obtained from all units. 

slave relay — See auxiliary relay, 2. 

slave station — 1. A radionavigational station whose 
emissions are controlled by a master station. 2. A device 
on a communication facility that is prevented from 
initiating transmission in order to organize and control 
communications between two or more stations. 

slave sweep — A time base that is synchronized or 
triggered by a waveform from an external source. It is 
used in navigational systems for displaying or utilizing the 
same information at different locations, or in displaying or 
utilizing different information with a common or related 
time base. 

slaving — The use of a torque to maintain the orien- 
tation of the spin axis of a gyro relative to an external 
reference such as a pendulum or magnetic compass. 

sleeping sickness—In transistors, the gradual 
appearance of leakage. 

sleeve —1. A cylindrical contacting part, usually 
placed in back of the tip or ring of a plug and insulated 
from it. 2. An iron core (usually a thin-walled cylinder) 
used as an electromagnetic shield around an inductor. 3. A 
lead tube placed over cable conductors that have been 
spliced. 4. A tube of woven cotton pushed over a twisted 
wire joint in a cable. 5. A brass or copper tube or paired 
tubes for fastening line or drop wires together by twisting, 
crimping, or rolling. 6. A tube of copper or iron placed 
over a relay winding to make the relay slow acting. 

sleeve antenna—A vertical half-wave antenna 
whose lower half is a metallic sleeve through which the 
concentric feed line runs. The upper radiating portion, 
which is one-quarter wavelength, is connected to the cen- 
ter of the line. 

sleeve-dipole antenna —A dipole antenna with a 
coaxial sleeve around the center. 

sleeve-stub antenna—An antenna consisting of 
half of a sleeve-dipole antenna projecting from an 
extended conducting surface. 

sleeve wire — 1. A third conductor when associated 
with a pair. 2. Wire that connects to the sleeve of a plug 
or jack. By extension, it is common practice to designate 
by this term the conductors having similar functions or 
arrangements in circuits where plugs or jacks may not be 
involved. 

sleeving— Any preformed tubular insulation, of 
braided or extruded construction, that is intended for 
placement over portions of cables or conductors during 
their installation to insulate them or hold them together. 

slewing — |. Rapid change of a mechanism associ- 
ated with either end of a data-transmission system when 
it stops following one target and takes up another. 2. In 
random-sampling-oscilloscope technique, the process of 
incrementally delaying successive samples or a set of 
samples with respect to the signal under examination. 
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slewing rate — See slew rate. 

slew range— 1. The high-speed range in which 
a motor can run continuously but cannot stop, start, 
or reverse without losing step count. 2. The maximum 
stepping rate at which a stepper motor will run without 
losing synchronism with the field. 

slew rate — Also called rate limit or voltage velocity 
limit. 1. The maximum rate of change of the output 
voltage of an amplifier operated within its linear region. 
2. The maximum rate of change of the output voltage 
of a closed-loop amplifier under large-signal conditions 
(the conditions that exist when an ac input voltage 
causes saturation of an amplifier stage, resulting in current 
limiting of that stage). 3. The maximum rate at which 
an amplifier output can be driven between limits in 
response to a step change in input voltage while accurately 
reproducing the input waveform. Usually measured in 
volts per second or volts per microsecond. For example, 
a 0.5-V/us slew rate means that the output rises or 
falls no faster than 0.5 V every microsecond. Slew rate 
is caused by current limiting and saturation of an op- 
amp internal stage. That limited current is the maximum 
current available to charge the compensation capacitance 
network. 4. The rate at which the output can be Griven 
from limit to limit under overdrive conditions. Generally 
specified in volts per microsecond. 5. The rate at which 
an amplifier follows a fast-rising waveform. Usually 
measured in volts per microsecond. 6. In a sample-and- 
hold circuit, the fastest rate at which the sample hold 
output can change. Specified in volts per microsecond. 

slew torque — See running torque. 

SLIC — Acronym for Subscriber Line Interface Cir- 
cuit. 1. In digital transmission of voice, the circuit that 
performs some or all of the interface functions at the 
central office. See BORSCHT. 2. An analog device incor- 
porated in a telephone transmission network and in the 
interface of a telephone with a central office. It also per- 
forms conversions from the two-wire subscriber loop to 
the four-wire central-office switch, and vice versa. 

slice — 1. A single wafer cut from a silicon ingot and 
forming a thin substrate on which have been fabricated 
all the active and passive elements for multiple integrated 
circuits. A completed slice usually contains hundreds of 
individual circuits. See also chip, 2. 2. Those parts of 
a waveform between two given amplitude limits on the 
same side of the zero axis. 3. A type of chip architecture 
that permits the cascading or stacking of devices to 
increase word bit size. 

slicer— Also called an amplitude gate or a clipper- 
limiter. A transducer that transmits only portions of an 
input wave lying between two amplitude boundaries, 

slicked switch — An alacritized mercury switch in 
which the rolling surface has been treated with an oily 
material. 

slideback— The technique of applying a de voltage 
to one input of a differential amplifier in order to change 
the vertical position on the CRT screen of the signal 
applied to the other input. 

slideback voltmeter—A vacuum-tube voltmeter 
that measures effective voltage values indirectly by mea- 
suring the change in grid bias voltage required to restore 
the plate current of the vacuum tube to the value it had 
before the unknown voltage was applied to the grid cir- 
cuit, 

slider — A sliding contact. 

slide-rule dial— A tuning dial in which a pointer 
moves in a straight line over a straight scale. So called 
because it resembles a slide rule. 

slide switch — A switch that is actuated by sliding a 
control lever from one position to another. 
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Slide switch. 


slide wire— A bare resistance wire and a slider 
that can be set anywhere along the wire to provide a 
continuously variable resistance. 

slide-wire bridge — A simplified Wheatstone bridge 
in which the resistance ratio is determined by the position 
of a slider on a resistance wire. 

slide-wire rheostat— A long single-layer coil of a 
resistance wire with a sliding contact. The resistance is 
varied by moving the slider. 

sliding contact— See wiping contact. 

sliding load—A length of transmission line con- 
taining a matched electrical load at a distance from the 
connector end that can be varied. 

sliding short— A length of transmission line con- 
taining an electrical short at a distance from the connector 
end that can be varied. 

slip—1.The difference between the synchronous 
speed of a motor and the speed at which it operates. 
Slip may be expressed as a percentage or decimal frac- 
tion of synchronous speed or directly in revolutions per 
minute. 2. Distortion produced in a recorded facsimile 
image as a result of slippage in the mechanical drive 
system. 3. A method of interconnecting multiple wiring 
between switching units so that trunk 1 becomes the first 
choice for the first switch, trunk 2 becomes the first choice 
for the second switch, and so on. 

slip process — See wet process. 

slip ring—A device for making electrical connec- 
tions between stationary and rotating contacts. See also 
collector rings. 

slip-ring motor — Term usually applied to an induc- 
tion motor with a wound secondary. (The correct term is 
a wound rotor motor.) 

slip speed — The speed difference between speed at 
any load and the synchronous speed. 

slope — |. The essentially linear portion of the grid- 
voltage, plate-current characteristic curve of a vacuum 
tube. This is where the operating point is chosen when 
linear amplification is desired. 2. See roll-off, 1. 3. The 
rate of attenuation of frequencies beyond the passband of 
a crossover network. Usually either 6 dB or 12 dB per 
octave of frequency. 

slope-based linearity—A manner of expressing 
nonlinearity as the deviation from a straight line for which 
only the slope is specified. 

slope detection — A discriminator operation on one 
of the slopes of the response curve for a tuned circuit. 
It is rarely used in FM receivers because the linear 
portion of the response curve is too narrow for large-signal 
operation. 

slope detector— A detector in which slope detec- 
tion is employed. 

slot— 1. One of the grooves formed in the iron core 
of a motor or generator armature for the conductors 
forming the armature winding. 2. A unit of time in a 
time-division multiplex (TDM) frame during which a 
subchannel bit or character is carried to the other end 
of the circuit and extracted by the receiving TDM unit. 
3. That longitudinal position in the geosynchronous orbit 
into which a communications satellite is parked. Above 
the United States, communications satellites are typically 
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positioned in slots that are based at two- to three-degree 
intervals. 

slot antenna— A radiating element formed by a slot 
in a conducting surface. 

slot armor— An insulator in the slot of a magnetic 
core of a machine; it may be on the coil or separate 
from it. 

slot cell—A formed sheet of insulation that is 
separate from the coil and placed in the slot of a magnetic 
core. 

slot coupling—A method of transferring energy 
between a coaxial cable and a waveguide by means of 
two coincident narrow slots, one in the sheath of the 
coaxial cable. E- or H-waves are launched into the guide, 
depending on whether the cable and guide are parallel or 
perpendicular to each other. 

slot-discharge resistance —-See corona resis- 
tance. 

slot effect—The minimum voltage of rated fre- 
quency applied to the control-voltage winding of a motor 
tach generator necessary to start the rotor tuming at no- 
load conditions with rated voltage and frequency on the 
fixed-voltage winding. 

slot insulation — Flexible sheet-type insulation inser- 
ted into the slots of armatures and stators to insulate the 
windings from the core. 

slot radiator— A primary radiating element in the 
form of a slot cut in the walls of a metal waveguide or 
cavity resonator or in a metal plate. 

slotted line — See slotted section. 

slotted rotor plate — See serrated rotor plate. 

slotted section—Also called a slotted line or 
slotted waveguide. A section of a waveguide or shielded 
transmission line, the shield of which is slotted to permit 
examination of the standing waves with a traveling probe. 

slotted SWR measuring equipment— A device 
in which standing and/or reflected waves are measured 
with a slotted line and a detecting probe. 

slotted waveguide — See slotted section. 

slow-acting relay — See slow-operating relay. 

slow-action relay — See time-delay relay. 

slow death — The gradual change of transistor char- 
acteristics with time. This change is attributed to ions that 
collect on the surface of the transistor. 

slowed-down video — A technique of transmitting 
radar data over narrow-bandwidth circuits. The radar 
video is stored over the time required for the antenna 
to move through one beam width, and is subsequently 
sampled at such a rate that all range intervals of interest 
are sampled at least once each beam width or once 
per azimuth quantum. The radar-retum information is 
quantized at the gap-filler radar site. 

slow memory — See slow storage. 

slow-operate, fast-release relay—A relay 
designed specifically for a long make and short release 
time. 

slow-operate, slow-release relay—A slow- 
speed relay designed specifically for both a long make 
and a long release time. 

slow-operating relay— Also called slow-acting 
relay. A relay that is slow to attract its armature after 
its winding is energized. A copper slug, or collar, at the 
armature end of the core delays the operation momentarily 
after the operating circuit is completed. Such a relay is 
often marked SO on circuit diagrams. 

slow-release relay — See slow-releasing relay. 

slow-releasing relay— Also called a slow-release 
relay. A slow-acting relay in which a copper slug, or col- 
lar, at the heelpiece end of the core delays the restoration 
momentarily after the operating circuit is opened. Such a 
relay is often marked SR on circuit diagrams. 
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slow-scan television — Abbreviated SSTV. 

slow-speed relay—A relay designed specifically 
for long operate or release time, or both. 

slow storage — Also called slow memory. Computer 
storage in which the access time is relatively long. See 
also secondary storage. 

slow-wave circuit — A microwave circuit in which 
the phase velocity of the waves is considerably below the 
speed of light. Such waves are used in traveling-wave 
tubes. 

slow-wave structure—A circuit composed of 
selected inductance and capacitance that causes a wave to 
be propagated at a speed slower than the speed of light. 

SLSI — Abbreviation for super large-scale integration 
(100,000 transistors per chip). 

slug — 1. A heavy metal ring or short-circuited wind- 
ing used on a relay core to delay operation of the relay. 
2. A metallic core that can be moved along the axis of a 
coil for tuning purposes. 

slug tuner—A waveguide tuner containing one 
or more longitudinally adjustable pieces of metal or 
dielectric. 

slug tuning — Varying the frequency of a resonant 
circuit by introducing a slug of material into the electric 
or magnetic fields, or both. 

slumber switch — A circuit arrangement whereby a 
radio or a recorder automatic shutoff provision can be 
made to turn off the apparatus itself as well as any other 
equipment plugged into its ac outlet. 

SMAG — Abbreviation for Scene Matching Area Cor- 
relator. An optical terminal homing system that matches 
images with stored maps. 

small-business computer— 1. A system with a 
price tag low enough to fit the budget of 2 small business, 
simple enough for clerks and typists to operate, yet 
sophisticated enough to perform a variety of complex 
transactions. 2. A computer that is affordable by a small 
business, rather than a relatively low-performance system 
for business. 

small-scale integration — See SSI. 

small-outline transistor — See SOT. 

small signal — That value of an ac voltage or current 
which. when halved or doubled, will not affect the 
characteristic being measured beyond the normal accuracy 
of the measurement of that characteristic. 

small-signal analysis —Consideration of only 
small excursions from the no-signal bias, so that a vacuum 
tube or transistor can be represented by a linear equivalent 
circuit. 

small-signal characteristics — The characteristics 
of an amplifier operating in the linear amplification region. 

small-signal current gain (current-transfer 
ratio) — The output current of a transistor with the output 
circuit shorted, divided by the input current. The current 
components are understood to be small enough that linear 
relationships hold between them. 

small-signal drain-to-source on-state resis- 
tance — The small-signal resistance between the drain 
and source terminals of a field-effect transistor with a 
specified gate-to-source voltage applied to bias the device 
to the on state. For a depletion-type device, this gate-to- 
source voltage may be zero. 

small-signal gain— The gain characteristics of an 
amplifier operating in the linear amplification region. 
Small-signal gain is typically measured at least 10 dB 
below the input power level that creates 1 dB gain 
compression. 

small-signal open-circuit forward-transfer 
impedance — In a transistor, the ratio of the ac out- 
put voltage to the ac input current when the ac output 
current 1s zero. 


slow-scan television — S-meter 


small-signal open-circuit input impedance — 
In a transistor, the ratio of the ac input yoltage to the ac 
input current when the ac cutput current is zero. 

small-signal open-circuit output admit- 
tance — In a transistor, the ratio of the ac output current 
to the ac voltage applied to the output terminals when the 
ac input current is zero. 

small-signal open-circuit output impedance — 
In a transistor, the ratio of the ac voltage applied to the 
output terminals to the ac output current when the ac input 
current is zero. 

small-signal open-circuit reverse-transfer 
impedance — In a transistor, the ratio of the ac input 
voltage to the ac output current when the ac input current 
is Zero. 

small-signal open-circuit reverse-voltage 
transfer ratio — In a transistor, the ratio of the ac input 
voltage to the ac output voltage when the ac input current 
iS Zero. 

small-signal power gain—In a transistor, the 
ratio of the ac output power to the ac input power 
under specified small-signal conditions. Usually expressed 
in dB. 

small-signal short-circuit forward-current 
transfer ratio — In a transistor, the ratio of the ac out- 
put current to the ac input current when the ac output 
voltage is zero. 

small-signal short-circuit forward-transfer 
admittance — In a transistor, the ratio of the ac out- 
put current to the ac input voltage when the ac output 
voltage is zero. 

small-signal short-circuit input admittance — 
In a transistor, the ratio of the ac input current to the ac 
input voltage when the ac output voltage is zero. 

small-signal short-circuit input impedance — 
In a transistor, the ratio of the ac input voltage to the ac 
input current when the ac output voltage is zero. 

small-signal short-circuit output admit- 
tance — In a transistor, the ratio of the ac output current 
to the ac output voltage when the ac input voltage is zero. 

small-signal short-circult reverse-transfer 
admittance — In a transistor, the ratio of the ac input 
current to the ac output voltage when the ac input voltage 
is Zero. 

small-signal transconductance — In a transistor, 
the ratio of the ac output current to the ac input voltage 
when the ac output voltage is zero. 

smart terminal — 1. See intelligent terminal. 2. A 
computer terminal that can do more than simply send 
data to a computer and display data from a computer. 
Depending on how many chips are built into it, a smart 
terminal can edit and temporarily store up to several 
thousand words, produce graphics, and even change the 
color of the background on its monitor. 

smear -— 1. Television-picture distortion in which 
objects appear stretched out horizontally and are blurred. 
2. Small frequency and time distortion introduced into a 
radio signal by a dispersive reflector such as the moon. 

smectic phase — A parailel arrangement of liquid 
crystal molecules arranged in layers. The physical appear- 
ance of the smectic state is that of a highly viscous, turbic 
fluid. 

S-meter—A meter provided in some communica- 
tions receivers to give an indication of the relative strength 
of the received signal in terms of arbitrary units. It is cal- 
ibrated in “S” units and decibels. Nominally, each S unit 
equals 6 dB. Above S9, most meters are calibrated in 
10-dB increments. Sometimes a manufacturer will spec- 
ify what input level (usually between 50 and 100 uY} is 
required for a reading of S9. S-meters are intended to be 
relative, rather than absolute, indicators. They are useful 
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to an extent in comparing the strength of two stations, or 
the performance of two antennas at one location. See also 
signal-strength meter. 

smileys — Also called emoticons. Little symbols in a 
text message meant to be viewed sideways; used to express 
emotion. Smileys are often used in e-mail messages and 
newsgroup postings. Examples include :) (happy), :-( 
(sad), :-< (mad), :-o (wow!), :-@ (yell), and ;-) (wink). 

Smith chart—A special polar diagram used in the 
solution of transmission-line and waveguide problems. It 
consists of constant-resistance circles, constant-reactance 
circles, circles of constant standing-wave ratio, and radius 
lines that represent constant line-angle loci. 

smoke detector— A device that detects visible or 
invisible products of combustion. See also ionization 
smoke detector; photoelectric beam-type smoke detector; 
photoelectric spot-type smoke detector; resistance-bridge 
smoke detector. 

smooth — To apply procedures that bring about a 
decrease in or the elimination of rapid fluctuations in data. 

smoothing — Averaging by a mathematical process 
or by curve fitting, such as the method of least squares or 
exponential smoothing. 

smoothing choke— An iron-core choke coil that 
filters out fluctuations in the output current of a vacuum- 
tube rectifier or direct-current generator. 

smoothing circuit— Also called ripple filter. A 
combination of inductance and capacitance employed as a 
filter circuit to remove fluctuations in the output current of 
a vacuum-tube or semiconductor rectifier or direct-current 
generator. 

smoothing factor — The factor expressing the effec- 
tiveness of a filter in smoothing out ripple voltages. 
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smoothing filter— 1. Also called ripple filter. A 
filter used to remove fluctuations in the output current of a 
vacuum-tube or semiconductor rectifier or direct-current 
generator. 2. A low-pass filter in the vertical-deflection 
amplifier of a spectrum analyzer. It is used to smooth 
amplitude fluctuations in order to display spectral density 
and the average level of random signals as single lines. 
(The time constant of a smoothing filter is generally 
variable.) 

SMPTE — Abbreviation for the Society of Motion 
Picture and Television Engineers. (Formerly it was the 
SMPE, Society of Motion Picture Engineers.) 

SMT — Abbreviation for surface-mount technology. 
The mounting of components on the surface of a printed 
circuit board; as contrasted with through-hole mounting, 
in which component leads extend through the board. 

snake — A tempered steel wire, usually of rectangular 
cross section. The snake is pushed through a run of 
conduit or through an inaccessible space such as a 
partition and used for drawing in wires. 

snap-acting switch — A switch in which there is 
a rapid motion of the contacts from one position to 
another position, or their return. This action is relatively 
independent of the rate of travel of the actuator. 

snap-action—-1. In a mercury switch, the rapid 
motion of the mercury pool from one position to another. 
2. A rapid motion of the contacts from one position to 
another position, or their return (differential storing of 
energy). This action is relatively independent of the rate 
of travel of the actuator. 

snap-action contacts — A contact assembly such 
that the contacts remain in one of two positions of 
equilibrium with substantially constant contact pressure 
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during the initial motion of the actuating member until a 
point 1s reached at which stored energy causes the contacts 
to move abruptly to a new position of equilibrium. 

snap magnet— A permanent magnet used in ther- 
mostatic, pressure, and other control instruments to pro- 
vide quick make-and-break action at the contact and 
thereby minimize sparking. The magnet pulls the armature 
in suddenly against the spring to close the contacts and 
hold them closed until the spring is compressed enough 
to make them fly apart. 

snap-off diode — A planar epitaxial passivated sili- 
con diode that is processed in such a way that a charge 
is stored close to the junction when the diode conducts. 
Upon application of a reverse voltage, the stored charge 
forces the diode to switch quickly to its blocking state, or 
snap off. 

snapshot — i. In a computer, a dynamic printout of 
selected data in storage that occurs at breakpoints and 
checkpoints during the computing operations, as opposed 
to a static printout. 2. A printout of intermediate results 
part way through a program run. 

snapshot dump—A selective dynamic dump car- 
ried out at various points in a machine run. 

snapshot routine — Special type of debugging rou- 
tine that includes provisions for dynamic printout of 
selected data at various checkpoints in a computing oper- 
ation. 

snap-strate — A scribed substrate that can be pro- 
cessed by gang deposition in multiples of circuits and 
snapped apart afterward. 

snap switch—A switch (e.g., a light switch) in 
which the contacts are separated or brought together 
suddenly as the operating knob or lever compresses or 
releases a spring. 

snap varactor — See step-recovery diode. 

sneak circuit — That part of a complete electrical cir- 
cuit which carries an unintentional (sneak) current. Sneak 
currents may prevent proper operation of interconnected 
equipment. 

sneak current— A leakage current that enters tele- 
phone circuits from other circuits; it is not strong enough 
to cause immediate damage, but it can produce harmful 
heating effects if permitted to continue. 

sneak path—JIn computers, an unwanted circuit 
through a series-parallel configuration. 

Snell’s law— The sine of the angle of incidence 
divided by the sine of the angle of refraction equals a 
constant called the index of refraction when one of the 
media is air. 

sniperscope— Also called snooperscope. 1. An 
instrument for seeing in the dark by means of infrared 
radiation. A high-aperture lens forms an image of dis- 
tant objects on the photocathode of an infrared-sensitive 
image tube, the visible final image being viewed through a 
magnifier (eyepiece). The scene must be illuminated with 
infrared if such a tube is to be usable. These instruments 
find extensive use in warfare and also for operations in 
rooms that have to be kept dark because film emulsions 
are exposed. 2. A snooperscope attached to a rifle and 
used to aid in the sighting and shooting of targets in low- 
light-level conditions. 

snivet— A straight, jagged, or broken vertical black 
line that appears near the right edge of the screen of a 
television receiver, caused by discontinuity in the plate- 
current characteristic of the horizontal amplifier tube 
under conditions of zero bias. 

snivitz —A small pulse of noise. See also glitch. 

snooperscope — 1. A night viewing device to per- 
mil a user to see objects in total darkness. It consists of 
an infrared source, an infrared image converter, and a 
battery-operated high-voltage dc-to-dc converter. Infrared 
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radiation sent out is reflected back to the snooperscope, 
where it is then converted into a visible image on the 
fluorescent screen of the image-converter tube. 2. An 
instrument used for viewing in low levels of illumina- 
tion by means of infrared radiation. A high-aperture lens 
forms an image of distant odjects on the photocathode of 
an infrared-sensitive image tube, the visible final image 
being viewed through a magnifier. The scene must be 
illuminated with infrared energy. 3. See also sniperscope. 

snow — Also known as sparklies. 1. A speckled back- 
ground caused by random noise on an intensity-modulated 
display, such as alternate dark and light dots appearing 
randomly in a television picture (usually indicative of a 
weak signal). 2. Heavy random noise in a video picture. 

snowflake transistor—A_ high-speed, medium- 
power switching transistor for use as a thin-film or core 
driver. It employs a six-pointed emitter geometry that 
permits the optimum ratio of emitter periphery to emitter 
area. 

snow static — Precipitation static caused by falling 
snow. 

SNR — Abbreviation for signal-to-noise ratio. 1. Ex- 
pressed in decibels, it relates how much louder a signal is 
than the background noise. it is measured at the speaker, 
and is used in sensitivity ratings. Often, (s + n)/n is used, 
as It is easier to measure; it is the ratio of the signal 
and background noise to the background noise, and will 
yield an apparently higher sensitivity than the s/n ratio. 
2. Usable information in a signal (optical or electrical) 
compared to the noise that tends to interfere with the 
transmission of the information. Also abbreviated s/n 
ratio, 

s/n ratio— See SNR. 

snubber capacitor— A capacitor incorporated in 
a rapidly switched LC circuit to reduce EMI by low- 
ering the circuit resonant frequency and characteristic 
impedance. 

snubber circuit — 1. A form of suppression network 
that consists basically of a series-connected resistor and 
capacitor connected in shunt with an SCR. The snubber 
circuit combined with the effective circuit series induc- 
tance controls the maximum rate of change of voltage 
and the peak voltage across the device when a stepped 
forward voltage is applied to it. 2. A circuit designed to 
reduce the sensitivity of a solid-state relay to spikes and 
other high-dV/dr transients in the load circuit voltage. 
Snubbers prevent false firing of solid-state relay switch- 
ing elements. One such circuit is often referred to as an 
RC circuit. 

SO — Abbreviation for small outline (package). Sim- 
ilar to a miniature plastic flat pack, but with gull-wing 
lead forms primarily or wholly constructed for surface 
mounting. Typical lead spacing is 0.05 inch. 

SOA — Abbreviation for safe operating area. 

soak — 1. In an electromagnetic relay, the condition 
that exists when the core is approximately saturated. 2, To 
increase the current through a relay winding until the core 
is saturated with flux, and then hold the magnetization at 
that level for a certain time. 

soakage — The inability of a capacitor to come up 
to voltage instantaneously without vollage lag or creep 
during or after charging. The lower the soakage, the lower 
the lag and creep. 

soak time — 1. The period of time required following 
activation for the electrolyte in a cell or battery to be 
sufficiently absorbed into the active materials. 2. The 
length of time a ceramic material (such as a substrate 
or thick-film composition) is held at the peak temperature 
of the firing cycle. 

soak timer — A reset timer, usually dial-adjustable, 
as applied in a temperature-control system for controlling 
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the length of time the temperature is held at a predeter- 
mined level. 

soak value —The voltage, current, or power applied 
to the coil of the relay coil to ensure that a condition 
approximating magnetic saturation exists. 

socket— 1. An opening that supports and electrically 
connects to vacuum tubes, bulbs, or other devices or 
components when they are inserted into it. 2. Also known 
as the female contact. A mechanical electrical connector. 

socket adapter —A device placed between a tube 
and its socket so that the tube can be used in a socket 
designed for some other base, or so that current or voltage 
can be measured at the electrodes while the tube is in use. 

socket connector—A connector that contains 
socket contacts and that receives a plug connector con- 
taining male contacts. 

socket contact — A hollow female contact designed 
to mate with a male contact. It is normally connected to 
the live side of a circuit. 

sodar — Acronym for sound detecting and ranging. A 
device that detects large changes in temperature overhead 
by the amount of sound returned as echoes (the colder the 
atmosphere, the louder the echoes). The sound, which is 
within the range of human hearing, is launched upward, 
and the echoes are changed into oscilloscope patterns. 

sodium amalgam-oxygen cell —A fuel-cell sys- 
tem in which materials functioning in the dual capacity 
of fuel and anode are consumed continuously. Low oper- 
ating temperatures and high power-to-weight ratios are 
significant characteristics of the system. 

sodium-vapor lamp— A gas-discharge lamp con- 
taining sodium vapor. It is used chiefly for highway illu- 
mination. 

sofar— Acronym for sound fixing and ranging. An 
underwater sound system with which air and ship sur- 
vivors can be located within a square mile and as far 
as 2000 miles (3200 km) away. Survivors drop a TNT 
charge into the water. The charge, which is timed to 
explode at 3000 to 4000 feet (914 to 1220 m), sets 
up underwater sound waves that can be picked up by 
hydrophones at shore stations. 

soft copy — Alphanumeric or graphical data, or both, 
presented in nonpermanent form, such as on a video 
screen. 

soft error— 1. An occasional random loss of data 
in a memory. The reason for the error is normally 
not identifiable, nor is it repeatable on a device tester. 
2. A dynamic error normally caused by some transient 
condition. Retrying the failed operation will often result 
in successful completion. 3. Alteration of the information 
in a memory cell resulting from an alpha particle striking 
the cell. 

soft key — A key on the terminal keyboard that may 
be labeled on the lower part of the terminal screen and 
whose function can be programmed. 

soft magnetic material— Also called low-energy 
material. Ferromagnetic material that, once having been 
magnetized, is very easily demagnetized (i.e., requires 
only a slight coercive force to remove the resultant 
magnetism). 

soft phototube — A gas phototube. 

soft radiation — Term applied to radiation composed 
of particles or photons that will not easily penetrate a 
material because of their low energy levels. 

soft soldering — Process of joining two metals with 
a fusible alloy or solder that melts below 800°F (427°C), 
See hard soldering. 

soft start — A method of increasing the duty cycle of 
the switching element in a power supply from zero to its 
normal operating point during system startup. Using soft 
start eliminates output voltage overshoot and magnetizing 
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current imbalances in the transformer. See also warm 
boot. 

soft tube — 1. A high-vacuum tube that has become 
defective because of the entry of a small amount of gas. 
2. An electronic tube into which a small amount of gas has 
purposely been put to obtain the desired characteristics. 

software — 1. Programs, routines, codes, and other 
written information for use with digital computers, as dis- 
tinguished from the equipment itself, which is referred to 
as hardware. 2, A set of computer programs, procedures, 
rules, and associated documentation concerned with the 
operation of a data-processing system, e.g., compilers, 
monitors, editors, utility programs. 3. A computer pro- 
gram or set of programs held in some storage medium 
and loaded into read/write memory (RAM) for execution. 
4. The set or package of programs that instructs a com- 
puter to perform certain predefined functions. 5. The user 
program that controls the operation of a programmable 
controller. 6. Totality of programs and routines used to 
extend the capabilities of computers, such as compilers, 
assemblers, narrators, routines, and subroutines. 7. The 
computer programs, procedures, and documentation con- 
cerned with the operation of a computer system, e.g., 
assemblers, compilers, operating systems, diagnostic rou- 
tines, program loaders, manuals, library routines, and cir- 
cuit diagrams. Software is the name given to the programs 
that cause a computer to carry out particular operations. 
Contrasted with hardware. 8. The modifiable (to some 
extent) binary bit patterns in the memory of a computer 
that control the operation of the processing portion of the 
computer. Software programs are usually written in one 
of three general classes of language: machine, assembler, 
or higher level. 9. A computer’s programs. If a particu- 
lar bit of data manipulation is done through a program 
rather than by special circuitry, it is said to be “in soft- 
ware.” Doing things in software is cheap and flexible, 
since a program can be easily changed. 10. An expres- 
sion for programs and also tapes or disks with recorded 
data. There are various kinds of software, including appli- 
cations and executive. The executive is the “heart” of the 
system and is responsible for scheduling and controlling 
activity in the system. Applications or task programs per- 
form specific functions whose activity is controlled by the 
executive. 11. Programs that control the operation of com- 
puter hardware. Operating systems, executives, monitors, 
compilers, editors, utility routines, and user programs are 
considered software. 

software buffer— A location or set of locations in 
memory given by name by the resident program and used 
to hold information until it can be used. 

software compatible — Describes an MPU that 
executes the same software as another one. 

software documentation — Program listings and/ 
or technical manuals describing the operation and use of 
programs. 

software house—A company that offers software 
programs and support service to users. Such support 
can range from simply supplying manuals and other 
information to a complete counseling and computer part- 
time programming service. 

software interrupt—The interruption of a user- 
level program in response to the acknowledgment of a 
hardware interrupt by the operating system. In high-level- 
language programs, software interrupts can safely occur 
only at the end of a program line. 

software fist— A document that defines all the next 
lower level modules that are contained in the module 
being documented. 

software maintenance —1. Improvements and 
changes made in software. 2. The task of keeping soft- 
ware up to date and working properly. 
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software programmable — A system whose func- 
tions are defined by a program, generally supplied by the 
manufacturer, that may be redefined or updated by chang- 
ing or replacing the program. 

software tool—A computer program, rules, and 
associated documentation that assist a data-processing 
technologist in designing, developing, maintaining, and 
managing data and software. 

softwire or computer numerical control —A 
numerical control system wherein a dedicated stored- 
program compuler is used to perform some or all of the 
basic numerical control functions. The control program 
can be read in and stored from data on tape, cards, manual 
switches, etc. Changes in the response, sequence, and/or 
functions can be made by reading in a different control 
program. 

soft X-rays — X-rays with comparatively long wave- 
lengths and, hence, poor penetrating power. 

solar absorber— A surface that has the property of 
converting solar radiation into thermal energy. 

solar absorption index— A quantity that relates 
the angle of the sun at different latitudes and local times 
with ionospheric absorption. 

solar battery —A series of solar cells arranged to 
collect solar radiation and to generate a given amount of 
electrical energy. 

solar cell— i. A device capable of converting light 
or other radiant energy directly into electrical energy. 
2. Silicon photovoltaic cell that can be used to generate 
electricity from direct sunlight. Such cells are especially 
useful in space vehicles, for which no other source of 
electricity is available. 3. A photovoltaic cell designed 
to respond to wavelengths in solar radiation. Basically 
a semiconductor diode that absorbs light and converts it 
to electrical power. This ability depends on the material 
of the semiconductor and on the photovoltaic effect. In 
this effect a photon of solar radiation is absorbed by the 
semiconcuctor material by giving up its total energy to 
produce an excess charge carrier (electron or hole). The 
absorption can happen only if the photon energy is greater 
than the energy of the bandgap of the material —the 
difference between the conduction band and the valence 
band (the excited state and the ground state). 


SUNLIGHT 


ZEER 


-——Q 


N-TYPE 
N CONTACT SILICON 
P CONTACT™ | P-TYPE 
SILICON 


NP JUNCTION 


—@ 


Solar cell. 


solar concentrator—A device that increases the 
intensily of solar energy by optical means. 

solar constant— The standard intensity of solar 
radiation impinging on the earth’s atmosphere at the mean 
distance between earth and sun. lt is the energy equivalent 
of 1.353 kilowatts of electricity per square meter. Under 
clear skies some 80 to 90 percent of this radiation reaches 
the ground; under heavy cloud cover, 10 percent or less. 
The average energy rate at the earth’s surface is about 
l kW per square meter. 
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solar day—A day that contains exactly 24 hours 
(1440 minutes). During a solar day the sun rotates slightly 
more than 360° about its axis with respect to “fixed” stars. 
Compare siderial day. 

solar-energy conversion — The process of chang- 
ing solar radiation into electrical or mechanical power, 
either directly or by using a heat engine. 

solar furnace — An optical system that is designed 
to produce a high temperature in a specified area by the 
optical direction and concentration of solar radiation on 
that area. The system usually consists of a collecting 
system that may have reflective optics concentrators, or 
a combination of both, and a tracking system that keeps 
the collecting and directing system properly oriented to 
the sun. 

solar noise — Electromagnetic radiation from the sun 
at radio frequencies. 

solar radiation— Radiation from the sun that is 
made up of a very wide range of wavelengths, from the 
long infrared to the short ultraviolet, with its greatest 
intensity in the visible green at about 5000 angstroms 
(500 nm). The solar radiation received on the earth’s 
surface is restricted to the visible and near infrared, since 
the air strongly absorbs the wavelengths located at either 
end of the spectrum. 

solar simulation — The simulation of solar radiation 
in the infrared and ultraviolet spectrum for the analysis 
of extraterrestrial sunlight and its effects on spacecraft, 
materials, and components. 

solder— 1. A readily meltahle metal or alloy that 
produces a bond at a junction of two metal surfaces. True 
solder must have a lower melting point than the metals 
being joined and must also be capable of uniting with the 
metals to be joined. 2. An alloy that melts at relatively 
low temperatures and is used to join or seal metals with 
higher melting points. Solder alloys melt over a range of 
temperatures; the temperature at which a solder begins 
to melt is the solidus, and the temperature at which it is 
completely molten is the liquidus. 

solderability—The ability of a conductor to be 
“wetted” by hot solder and to form a strong low-resistance 
bond with the solder. 

solder bumps — The round solder balls bonded to a 
transistor contact area and used to make connection to a 
conductor by face-down bonding techniques. 

solder contact—A contact haying a cup, hollow 
cylinder, eyelet, or hook to accept a wire for a conven- 
tional soldered termination. 

solder cup — The end of a terminal or similar device 
into which a contact is inserted before being soidered. 

solder dam—A dielectric composition screened 
across a conductor to limit molten solder from spreading 
farther onto solderable conductors. 

solder eye — A solder-type terminal provided with a 
hole at its end through which a wire can be inserted prior 
to being soldered. A ring-shaped contact termination of a 
printed-circuit connector for the same purpose. 

solder eyelet—An eyelet, or hole, in a contact 
through which a wire may be mechanically connected to 
the contact prior to soldering. 

solder flux— A substance that transforms a passive, 
contaminated metal surface into an active, clean, solder- 
able surface. Generally, all such fluxes should prevent 
oxidation during heating, ‘ower interfacial surface ten- 
sions, be thermally stable, be easily displaced by molten 
solder, be noninjurious to components, rernove easily if 
desired, remove oxide, and penetrate films. 

solder ground—A conducting path to ground due 
to dripping or overhanging solder. 

soldering — 1. The joining of metallic surfaces (e.g., 
electrical contacts) by melting a metal or an alloy (usually 
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tin and lead) over them. 2, A process of joining metallic 
surfaces with solder, without the melting of the base 
metals. A soldered connection has metallic continuity 
and therefore excellent long-term reliability. See soft 
soldering; hard soldering. 

soldering dross— Usually a combination of tin 
oxide and lead oxide in a ratio closely resembling the 
parent metal. In practice this floating mass of tarnish 
also contains other metal reaction products — sulfides and 
organic residues such as burned flux, etc. Dross contains 
the metallic impurities picked up during soldering. This 
occurs only when the impurity concentrations exceed the 
solubility limits and when intermetallics are formed that 
float to the surface. 

soldering fluid— A liquid used with wave solder 
systems that can be intermixed with solder to reduce the 
surface tension of solder, promote wetting, and eliminate 
the formation of dross. See also soldering oils. 

soldering gun— 1. A pistol-shaped soldering tool 
having a trigger switch to turn it on. Operates from 
117 volts ac and has an integral stepdown transformer 
with a single-turn secondary that quickly heats the copper 
soldering loop. 2. Category of soldering tool. Pistol-grip 
guns have trigger action control of low or high tip tem- 
peratures for general use, with output ranges commonly 
rated at 100/140, 145/210, or 240/325 watts; temperature- 
controlled guns designed for solid-state electronics work 
with interchangeable power heads for varying fixed-tip 
temperatures. 

soldering iron — 1. A soldering tool consisting of a 
heating element to heat the tip and melt the solder, plus 
a heat-insulated handle. 2. An electrically heated copper- 
tipped tool that heats the work and melts solder to make 
a soldered joint. 

soldering-iron tip — A high-purity copper-substrate 
form, iron plated 0.006 to 0.030 inch (0.254 to 1.127 mm) 
thick, hot tin dipped in the working area, with the remain- 
ing surface immunized by nickel-chromium plating. The 
working area of the tip is usually fabricated for access 
and maximum heat transfer to the work point. 

soldering oils— Liquid compounds formulated for 
use as the oil in oil intermix wave-soldering equipment 
and as pot coverings on still solder pots. 

solder joint— The point of bonding between solder 
and component surfaces, 

solderless connection — The joining of two metal- 
lic parts by pressure only, without soldering, brazing, or 
using any method that requires heat. 

solderless connector—A device for clamping 
two wires firmly together to provide a good connection 
without solder. A common form is a cap with tapered 
internal threads that are twisted over the exposed ends of 
the wires. 

solderless contact — See crimp contact. 

solderless lug—A terminal lug that holds the 
conductor it terminates by compressing it under a screw. 

solderless terminals — Small metal parts used for 
joining a wire to another wire or to a stud by the method 
of crimping. 

solderless wrap — Also called wire wrap. A method 
of connection in which a solid wire is tightly wrapped 
around a rectangular, square, or V-shaped terminal by 
means of a special tool. 

solderless wrapped connection— Also called 
wire-wrapped connection or wrapped connection. A con- 
nection made by wrapping wire that is under tension 
around a square or rectangular terminal. 

solder lug—Device to which wire is secured by 
soldering. Solder lugs are attached to a printed circuit 
board, termination strip, chassis, or electrical component. 
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solder mask — A printed-circuit-board technique in 
which everything is coated with a plastic except the 
contacts to be soldered. 

solder short—A defect that occurs when solder 
forms a short-circuit path between two or more conduc- 
tors. 

sole — In a magnetron or a backward-wave oscillator, 
an electrode used to carry a current that produces a 
magnetic field in the desired direction. 

solenoid — |. An electric conductor wound as a spi- 
ral with a small pitch, or as two or more coaxial spirals. 
2. An electromagnet having an energized coil approxi- 
mately cylindrical in form and an armature whose motion 
is reciprocating within and along the axis of the coil. 
3. A coil of wire surrounding a movable iron bar that is 
located in such a way that when the coil is energized the 
core is drawn into it. 4. An electromagnet with a movable 
steel core (plunger), used to translate electrical energy into 
linear mechanical motion, The wire coil is wound on a 
cylindrical or rectangular tube, and the similarly shaped 
plunger (which may be solid or laminated steel) extends 
about half way into the tube, in its deenergized position. 
When the coil is energized by direct current, the plunger 
is drawn into the tube by magnetic attraction, and the 
external mechanism connected to the plunger is activated 
accordingly. Solenoids designed for operation on alter- 
nating current are constructed like the dc types, except 
that the plunger is equipped with the “shading” coil that 
maintains the magnetic field between alternations of the 
current, to reduce hum and eliminate chatter. 5. An elec- 
tromagnet with a movable core, or plunger, which, when 
it is energized, can move a small mechanical part a short 
distance. 6. A device that converts electrical energy into 
mechanical work by providing force only during a linear 
closing stroke. 
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solenoid valve— 1. A combination of an electro- 
magnet plunger and an orifice to which a disc or plug can 
be positioned to either restrict or completely shut off a 
flow. (Orifice closure or restriction occurs when the elec- 
tromagnet actuates a magnet plunger.) 2. A combination 
of two basic functional units: (a) a solenoid (electromag- 
net) with its plunger (or core), and (b) a valve containing 
an orifice in which a disc or plug is positioned to stop or 
allow flow. The valve is opened or closed by movement 
of the magnetic plunger (or core), which is drawn into the 
solenoid when the coil is energized. 

solid—A state of matter in which the motion of 
the molecules is restricted. They tend to remain in one 
position, giving rise to a crystal structure. Unlike a liquid 
or gas, a solid has a definite shape and volume, 

solid circuit— A semiconductor network fabricated 
in one piece of material by alloying, diffusing, doping, 
etching, and cutting, and using jumper wires as necessary. 

solid conductor — An electrical conductor consist- 
ing of a single wire. 
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solid electrolyte — A solid semiconductor in direct 
contact with a thin nonconductive oxide coating. 

solid-electrolyte fuel cell — A self-contained fuel 
cell in which oxygen is the oxidant and hydrogen is 
the fuel. The oxidant and fuel are kept separated by a 
solid electrolyte that has a crystalline structure and a low 
conductivity. 

solid-electrolyte tantalum capacitor— Also 
called solid tantalum capacitor. A tantalum capacitor with 
a solid semiconductor electrolyte instead of a liquid. A 
wire anode is used for low capacitance values, and a sin- 
tered pellet for higher values. 
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solid logic technology — The use in computers of 
miniaturized modules that make possible faster circuitry 
because of the reduced distances current must travel. 
solidly grounded — Also called directly grounded. 
Grounded through an adequate grounded connection in 
which no impedance has been inserted intentionally. 
solid metal mask — A thin sheet of metal with an 
etched pattern used in contact printing of film circuits. 
solid silicon circuit— Semiconductor circuit that 
employs a single piece of silicon material in which the 
various circuit elements (transistors, diodes, resistors, 
and capacitors) are formed by diffusion in the planar 
configuration. By combining oxide masking, diffusion, 
metal deposition, and alloying, a complex network with 
active and passive components is made completely within 
a die that is part of a single semiconductor wafer. 
Often, thin-film devices are applied to the surface of 
the silicon wafer to provide passive circuit elements 
beyond the range of solid silicon technology. External 
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connections are made through small wires soldered, 
welded, or thermocompression-bonded to selected points 
of the surface. 

solid state — 1. Pertaining to circuits and compo- 
nents using semiconductors. 2. The physics of materials 
in their solid form. Examples of solid-state materials 
are transistors, diodes, solid-state lasers, metals, and 
alloys, etc. 3. Technology utilizing solid semiconductors 
in place of vacuum tubes for amplification, rectification, 
and switching. 4. A silicon or germanium semiconduc- 
tor device, such as a diode, transistor, or integrated cir- 
cult; or circuits, equipment, or systems made from such 
devices. 5. A circuit or system that does not rely on vac- 
uum or gas-filled tubes to control or modify voltages 
and currents. 6. The electronic components that convey 
or control electrons within solid materials, e.g., transis- 
tors, germanium diodes, and integrated circuits. 7. Refers 
to the electronic properties of crystalline materials, gener- 
ally semiconductors. As opposed to vacuum and gas-filled 
tubes that function by flow of electrons through space, or 
by flow through ionized gases, solid-state devices involve 
the interaction of light, heat, magnetic field, and electric 
currents in crystalline materials. Compared with earlier 
vacuum-tube devices, solid-state components are smaller, 
less expensive, more reliable, use less power, and generate 
less heat. 

solid-state atomic battery — A device in which a 
radioactive material and a solar cell are combined. The 
radioactive material emits particles that enter the solar 
cell, which in turn produces electrical energy. 

solid-state bonding — The process of forming a 
metallurgical joint between similar or dissimilar metals 
by causing adjoining atoms at the joint interface to 
combine by interatomic attraction in the solid state. (This 
process is different from diffusion bonding in that no 
atomic diffusion is required.) The adjoining surfaces to 
be bonded must be atomically clean and must be brought 
within atomic distances before such a bond can become 
established. 

solid-state circuit—A complete circuit formed 
from a single block of semiconductor material. See also 
monolithic integrated circuit. 

solid-state component—A component whose 
operation depends on the control of electric or magnetic 
phenomena in solids (for example, a transistor, crystal 
diode, or ferrite). 

solid-state computer — A computer built primarily 
from solid-state electronic circuit elements. 

solid-state device— 1. Any element that can con- 
trol current without moving parts, heated filaments, or 
vacuum gaps. All semiconductors are solid-state devices, 
although not all solid-state devices (for example, trans- 
formers) are semiconductors. 2. An electronic device that 
operates by virtue of the movement of electrons within a 
solid piece of semiconductor material. 3. Electronic com- 
ponent that controls electron flow through a solid material 
such as a crystal; for example, a transistor, diode, or inte- 
grated circuit. 

solid-state imaging system — An imaging system 
that uses a mosaic of tiny light-sensitive semiconductors 
(phototransistors) to produce individual outputs that are 
then converted into a coherent video signal. 

solid-state integrated circuits—The class of 
integrated components in which only solid-state matenals 
are used. 

solid-state lamp — 1. A pn junction that emits light 
when forward biased. Made from a complex compound of 
gallium, arsenic, and phosphorus called gallium arsenide 
phosphide. Its light output is typically at 670 nanometers. 
It characteristically looks like a forward-biased diode with 
a breakdown voltage in the region of 1.6 volts. 2. An 
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electroluminescent semiconductor that emits low-intensity 
radiation in the green or red regions. Used as an indicator 
lamp. 

solid-state laser—A laser using a transparent 
substance (crystalline or glass) as the active medium, 
doped to provide the energy states necessary for lasing. 
The pumping mechanism Is the radiation from a powerful 
light source, such as a flash tube. Ruby lasers are solid- 
state lasers. 

solid-state physics — The branch of physics that 
deals with the structure and properties of solids, including 
semiconductors (i.e., a material whose electric resistivity 
is between that of insulators and conductors). Generally 
used semiconductors are silicon and germanium. 

solid-state relay— Abbreviated SSR. 1. A relay 
that employs solid-state semiconductor devices as 
components. 2. A factory-built and packaged product 
used for switching an ac load. It has an isolated 
input/output construction that permits the current to be 
switched electronically without moving parts. Optical and 
transformer coupling are among the methods used to 
achieve input/output isolation and permit coupling from 
the control circuit to the trigger circuit. SSRs are used 
in place of electromechanical relays when there is a 
need for compatibility with digital logic drive circuits, 
where an electromagnetic coil and contacts would cause 
interference problems. 3. An on/off control device in 
which the load current is conducted by one or more 
semiconductors, €.g., a power transistor, SCR, or triac. 
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solid-state switch — A no-contact switch that com- 
pletes a circuit by means of solid-state components. 

solid-state watch — A timepiece that uses a quartz 
crystal or other precise frequency resonator in conjunc- 
tion with low-power MOS integrated circuits. Employs 
liquid crystals or light-emitting diodes to indicate hours, 
minutes, seconds, data, months, days of the week, etc., in 
a digital and/or alphanumeric format, 

solid tantalum capacitor — See solid-electrolyte 
tantalum capacitor. 

solidus — The highest temperature at which a metal 
or alloy is completely solid. 

solid wire — Wire that consists of a single conductor, 
not of multiple strands. 

solion — Contraction of solution ion. An electrochem- 
ical sensing and control device in which ions in solution 
carry electric charges to give amplification corresponding 
to that of vacuum tubes and transistors. 

solion integrator — A precision electrochemical cell 
housed in glass and containing four small platinum 
electrodes in a solution of potassium iodide and iodine. 
The integrator anode and cathode make up the covers 
of a small cylindrical volume (less than 0.00025 in.*, or 
0.0041 cm*) for storing electrical information in the form 
of ions. The integrator cathode contains a fixed amount 
of hydraulic porosity for completing the internal-solution 
path to the other two electrodes. 
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solo manual — See swell manual. 

Sommerfeld formula — An approximate wave- 
propagation relationship that may be used when distances 
are short enough that the curvature of the earth may be 
neglected in the computations. 

Sommerfeld's equation — Equation for ground- 
wave propagation that relates field strength at the surface 
of the earth at any distance from a transmitting antenna to 
the field strength at unit distance for given ground losses. 

Sonalert—A solid-state tone-emitting device (P. R. 
Mallory & Co., Inc.). 

sonar — Acronym for sound navigation and ranging. 
Also called active sonar if it radiates underwater acoustic 
energy, or passive (listening) sonar if it merely receives 
the energy generated from a distant source. 1. Apparatus 
or technique of obtaining information regarding under- 
water objects or events through the transmission and 
reception of acoustic energy. Two well-known uses are 
to detect submarines and fish. 2. A system that uses 
underwater sound, at sonic or ultrasonic frequencies, to 
detect and locate objects in the sea. Sonar signals can 
also be used as a communication medium. The various 
systems generally may be divided into three basic classi- 
fications: passive (listening only), echo-ranging (active), 
and communication. 
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sonar background noise — In sonar, the total noise 
presented to the final receiving element that interferes 
with the reception of the desired signal. 

sone—1.A unit of loudness. A simple tone of 
frequency 1000 hertz, 40 dB above a listener’s threshold, 
produces a loudness of | sone. The loudness of any sound 
that is judged by the listener to be n times that of the l- 
sone tone is n sones. 2. A value for loudness. May be 
used for overall evaluation of a sound or of a frequency 
band. The sone scale is linear (in contrast to decibels, 
which are logarithmic). 

sones per bark—Loudness density defined as 
a function of subjective pitch. When loudness density 
is integrated over subjective pitch, the result is total 
loudness. 

sonic — |. Pertaining to the speed of sound. 2. Utiliz- 
ing sound waves, 

sonic altimeter— An altimeter that determines the 
height of an aircraft above the earth by measuring the 
time the sound waves take to travel from the aircraft to 
the ground and back, based on the fact that the velocity 
of sound at sea level is 1080 feet per second (329 m/s) 
through dry air at OC (32°F). 
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sonic applicator — A self-contained electromechan- 
ical transducer for local application of sound for thera- 
peutic purposes. 

sonic cleaning—The cleaning of contaminated 
materials by the action of intense sound waves produced 
in the liquid into which the material is immersed. 

sonic delay line — A device in which electroacous- 
tic transducers and the propagation of an elastic wave 
through a medium are used to produce the delay of an 
electrical signal. 

sonic drilling — The cutting or shaping of materials 
with an abrasive slurry driven by a reciprocating tool 
attached to an electromechanical transducer. 

sonic frequencies — Vibrations that can be heard 
by the human ear (from about 15 hertz to approximately 
20,000 hertz). 

sonic motion detector — A sensor that detects the 
motion of an intruder by his or her disturbance of an 
audible sound pattern generated within the protected area. 

sonic soldering — The method of joining metals by 
the use of mechanical vibration to break up the surface 
oxides. 

sonic speed — See speed of sound. 

sonic thermocouple—A_ thermocouple so 
designed that gas moves past the junction with a velocity 
of mach 1 or greater, resulting in maximum heat transfer 
to the junction. 

sonne — Also called consol. A radionavigational aid 
that provides a number of rotating characteristic signal 
zones. A bearing may be determined by observation (and 
interpolation) of the instant when transition occurs from 
one zone to the following zone. 

sonobuoy— Also called a radiosonobuoy. 1. A 
device used to locate a submerged target (e.g., a 
submarine). By means of a hydrophone system in the 
water, a sonobuoy detects the noises and converts them 
into radio signals, which are transmitted to a receiver in 
an airplane. Each sonobuoy transmits on one of several 
possible frequencies, and the receiver in the airplane has 
a channel selector so the operator can switch from one 
to another. 2. A passive sonar device (to distinguish it 
from an active sonar system, which transmits a signal 
and listens for an echo) that uses hydrophones to convert 
acoustic signals from natural phenomena, such as wave 
motion, or from ships or submarines into electrical 
signals. These signals are filtered and sent to the surface 
for transmission to a surface vessel or aircraft for further 
processing. 
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sonoluminescence — |. The creation of light in liq- 
uids by sonically induced cavitation. 2. The luminescence 
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of a substance resulting from its exposure to ultrasonic 
waves. 

sonometer—A frequency meter whose operation 
depends on its mechanical resonance with the vibrations 
of a variable length of stretched wire. 

sonoptography — The use of sound waves to obtain 
a 3D image of an object. No lenses are required. In 
essence, a two-stage process in which the diffraction pat- 
tern of an object irradiated by sound waves is biased by 
a coherent sound wave and recorded. The resultant pat- 
tern, like the hologram, then is interrogated with a suitable 
coherent light source to obtain a three-dimensional image. 

sonoradiography — The diagnostic procedure that 
uses ultrasonic energy to probe the body and, with the 
help of laser beams, a reflecting membrane to produce a 
three-dimensional picture. 

sophisticated — A piece of equipment, system, etc., 
that is complex and intricate, or requires special skills to 
operate. 

sophisticated vocabulary—An advanced and 
elaborate set of computer instructions, enabling the com- 
puter to perform such intricate operations as linearizing, 
extracting square roots, selecting the highest number, etc. 

sorption— The combination of absorptive and 
adsorptive processes in the same material. 

sort— |. To arrange items of information according 
to rules that depend on a key or field contained by the 
items. 2. A function performed by a program, usually part 
of a utility package; items in a data file are arranged or 
rearranged in a logical sequence designated by a keyword 
or field in each item in the file. 3. A procedure designed 
to arrange a group of elements in random order into some 
kind of a sequence. Examples include the bubble sort, the 
selection sort, and the partition sort. 4. The process of 
arranging data in a specific order. 

sorter— A machine that sorts cards according to the 
position of coded holes. 

SOS— 1. A distress signal used in radiotelegraphy. 
2. Abbreviation for silicon on sapphire. A CMOS technol- 
ogy in which a layer of silicon is epitaxially grown on a 
sapphire wafer, with specific regions subsequently etched 
away between individual transistors. Each device is thus 
totally isolated from other devices. Since sapphire is an 
insulator, SOS is a subset of SOI (silicon-on-insulator) 
technology. Both SOI and SOS technologies provide for 
high levels of radiation hardness. 

SOT — Abbreviation for small outline transistor. A 
small plastic package with gull wing leads for mounting 
discrete semiconductor devices on printed circuit boards. 
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sound — 1. Also called a sound wave. An alteration 
in pressure, stress, particle displacement or velocity, etc., 
propagated in an elastic material, or the superposition 
of such propagated alterations. 2. Also called a sound 
sensation. The auditory sensation usually evoked by 
the alterations described in (1) above. 3. An undulatory 
motion of air or other elastic medium, which can produce 
the sensation of hearing when incident on the ear. 
(Sound requires a medium for propagation, for unlike 
electromagnetic waves, sound cannot travel through a 
vacuum. ) 

sound absorption—The conversion of sound 
energy into some other form (usually heat) in passing 
through a medium or on striking a surface. 

sound-absorption coefficient—The incident 
sound energy absorbed by a surface or medium, expressed 
in the form of a fraction. 

sound analyzer — A device for measuring the ampli- 
tude and frequency of the components of a complex 
sound. It usually consists of a microphone, an amplifier, 
and a wave analyzer. 

sound articulation—The percent of articulation 
obtained when the speech units are fundamental sounds 
(usually combined into meaningless syllables). 

sound bars— Alternate dark and light horizontal 
bars caused in a television picture by audio-frequency 
voltage reaching the video-input circuit of the picture 
tube. 

sound board — A hardware adapter that dramatically 
adds digital sound reproductions capabilities to IBM- 
compatible computers. 

sound carrier— The frequency-modulated carrier 
that transmits the sound portion of television programs. 

sound concentrator—A parabolic reflector used 
with a microphone at its focus to obtain a highly directive 
pickup response. 

sound-effect filter—A filter, usually adjustable, 
designed to reduce the passband of a system at low and/or 
high frequencies in order to produce special effects. 

sound energy — The total energy in a given part of 
a medium, minus the energy that would exist there if no 
sound waves were present. 

sound-energy density— At a point in a sound 
field, the sound energy contained in a given infinitesimal 
part of the medium, divided by the volume there. The 
commonly used unit is the erg per cubic centimeter. 

sound-energy flux— The average rate at which 
sound energy flows through any specified area for a given 
period. The commonly used unit is the erg per second. 

sound-energy flux density— See sound intensity. 

sounder — See telegraph sounder. 

sound field—A region in any medium containing 
sound waves. 

sound film — Motion-picture film having a sound 
track along one side of the picture frames for simultaneous 
reproduction of the sounds that accompany the film. A 
beam of light is projected through the sound track and is 
modulated at an audio rate by the variations in the width 
or density of the track. A phototube and amplifier then 
convert these modulations into sound. 

sound gate—A mechanical device through which 
film is passed in a projector to convert the sound track into 
audio signals that can be amplified and reproduced. In a 
television camera used for pickups, a sound gate provides 
the sound accompaniment for the motion picture being 
televised. Associated with the sound gate are an exciter 
lamp, a lens assembly, and a phototube. 

sound head—The part of a sound motion-picture 
projector that converts the photographic or magnetic 
sound track on the film into audible sound signals. 
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sounding — Determination of the depth of water or 
the altitude above the carth. 

sound intensity — Also called specific sound-energy 
flux or sound-energy flux density. The average rate of 
sound energy transmitted in a specified direction through 
a unit area normal to this direction at the point considered. 
The common unit is the erg per second per square 
centimeter, although sound intensity expressed in watts 
per square centimeter may occasionally be used. 

sound intensity level—The amount of sound 
power passing through a unit area. 

sound level —A measure of the overall loudness of 
sounds on the basis of approximations of equal loudness 
of pure tones. It is expressed in decibels with respect to 
0.0002 microbar. 

sound-level meter — An instrument— including a 
microphone, amplifier, output meter, and frequency- 
weighting networks — for the measurement of noise and 
sound levels. The measurements approximate the loud- 
ness level obtained for pure tones by the more elaborate 
ear-balance method. 

sound-on-sound recording—1.A method by 
which material previously recorded on one track of a tape 
may be recorded on another track while simultaneously 
adding new material to it. 2. A method of tape recording 
in which an original sound track may be impressed with 
an added sound track for special effects, such as one 
performer appearing to play two instruments, etc. 

sound-powered telephone set— 1. A telephone 
set in which the transmitter and receiver are passive 
transducers; operating power is obtained from the speech 
input only. The voice sound waves operate a moving coil 
or variable-reluctance transmitter to produce the current 
waves transmitted to the telephone line. No external 
power is used, but the output level is lower than that 
of a battery-powered phone. 2. A telephone set whose 
transmitter is a dynamic microphone. It requires no power 
other than that of the voice of the user. 

sound-power level— 1. The ratio, expressed in 
decibels, of the sound power emitted by a source to a 
standard reference power of 107} watt. 2. The number 
of watts of acoustic power radiated by a noise source. 

sound power of a source — The total sound energy 
radiated by the source per unit of time. The common unit 
is the erg per second, but the power may also be expressed 
in watts. 

sound pressure — The instantaneous pressure minus 
the static pressure at some point in a medium when a 
sound wave is present. 

sound-pressure level— Abbreviated SPL. 1. In 
decibels, 20 times the logarithm of the ratio of the 
pressure of a sound to the reference pressure, which 
must be explicitly stated (usually, either 20 Pa, 2 x 
107* microbar, or 1 microbar). 2. The pressure of an 
acoustic wave stated in terms of newtons/square meter, 
dynes/square centimeter, or microbars. (One microbar is 
approximately equal to one millionth of the standard 
atmospheric pressure.) 

sound probe— A small microphone (or tube added 
to a conventional microphone) for exploring a sound field 
without significantly disturbing it. 

sound recordings — Records, tapes, or other sonic 
components upon which audio intelligence is inscribed or 
recorded or can be reproduced. 

sound-recording system—A combination of 
transducing devices and associated equipment for storing 
sound in a reproducible form. 

sound-reflection coefficient — Also called acous- 
tical reflectivity. Ratio at which the sound energy reflected 
from a surface flows on the side of incidence to the inci- 
dent rate of flow. 
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sound-reproducing system— A combination of 
transducers and associated equipment for reproducing 
prerecorded sound. 

sound sensation — See sound, 2. 

sound-sensing detection system—An alarm 
system that detects the audible sound caused by an 
attempted forcible entry into a protected structure. The 
sysiem consists of microphones and a control unit contain- 
ing an amplifier, accumulator, and a power supply. The 
unit’s sensitivity is adjustable so that ambient noises or 
normal sounds will not initiate an alarm signal. However, 
noises above this preset level or a sufficient accumulation 
of impulses will initiate an alarm. 

sound sensor — A sensor that responds to sound; a 
microphone. 

sound spectrum—The frequency components 
included within the range of audible sound. 

sound stage— The area between the two or more 
speakers of a stereo or quad setup where subjective sound 
images or imaginary speakers seem to be, providing a 
wide area of apparent sound source. 

sound takeoff—The connection or coupling at 
which the 4.5-MHz frequency-modulated sound signal in 
a television receiver is obtained. 

sound track—The narrow band that carries the 
sound in a movie film. It is usually along the margin 
of the film, and more than one band may be used (e.g., 
for stereophonic sound). 

sound-transmission coefficient (of an inter- 
face or septum)— Also called acoustical transmittiv- 
ity. The ratio of the transmitted to the incident sound 
energy. Its value is a function of the angle of incidence 
of the sound. 

sound wave — See sound, 1. 

sound-with-sound— 1. A special provision in 
some recorders that allows the record head for one 
channel to be used for listening to that track while 
adding new material in exact synchronism on the adjacent 
track. Playing and mixing both simultaneously produces 
a composite sound without the degradation of one sound 
otherwise caused by a dubbing step in sound-on-sound 
mixing. 2. A process by which a program is recorded on 
one track, then monitored as a second program is recorded 
on another track. 

source — 1. The device that supplies signal power to 
a transducer. 2. In a field-effect transistor, the electrode 
that corresponds to the cathode of a vacuum tube. 
3. Supply of energy, or device upstream from a sink. 
See also sink. 4. Terminal that usually sources carriers. 
In MOS devices, which are usually symmetrical, it can 
be interchanged with the drain terminal in a circuit. 
5. The working-current terminal (at one end of the 
channel in a FET) that is the source of holes (p-channel) 
or free electrons (n-channel) flowing in the channel. 
Corresponds to the emitter in a bipolar transistor. 6. The 
device that switches positive dc to a load. The current 
flows from the sensor into the load. 7. The origin of 
radiant energy, such as a light-emitting diode. 8. User- 
written instruction statements prior to translation by a 
computer into machine-executable form. 9. One of the 
three regions that form a field-effect transistor. Majority- 
carriers (electrons in an n-channel FET or holes in a 
p-channel FET) originate at the source and flow across 
the channel to the drain as a result of the electric field 
applied between source and drain. 

source address—1n computer systems having a 
source-destination architecture, the source address is the 
address of the device address or memory location from 
which data is being transferred. 

source code— 1. A nonexecutable computer pro- 
gram written in a high-level language. A compiler or 
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assembler must translate the source code into object code 
(machine language) that the computer can understand and 
process. 2. Virtually any computer language, from assem- 
bly to high-level, that doesn't fit the definition of object 
code. 

source connector—One of three classifications 
of fiber-optic connectors that interconnect a light source 
(typically a LED) to a fiber-optic cable. A metal connector 
shell that is mounted on a circuit board or attached to 
a panel provides heat sinking and EMI protection. See 
bundle connector. 

source-cutoff current — The current into the source 
terminal of a depletion-type transistor with a specified 
gate-to-drain voltage applied to bias the device to the off 
state. 

source data automation — The methods of record- 
ing information in coded forms on paper tapes, punched 
cards, or tags that can be used repeatedly to produce many 
other records without rewriting. 

source document— A paper containing informa- 
tion that is to be read into the computer. 

source electrode—One of the electrodes in a 
field-effect transistor. It is analogous to the emitter in a 
transistor or the cathode in a vacuum tube. Represented 
by the symbol S. 

source impedance—i. The impedance that a 
source of energy presents to the input terminals of a 
device. 2. The impedance that a meter or other instru- 
ment sees; i.e., the impedance of the driving circuit when 
measured from the input terminals of the meter. 

sourcing — Redesign or modification of existing 
equipment to eliminate a source of electromagnetic inter- 
ference. When sourcing is not feasible, engineers are 
forced to resort to suppression, filtering, or shielding. 

source language — 1. The language used to prepare 
a problem as the input for a computer operation. 2. In a 
computer, the language from which a statement is trans- 
lated. 3. The original language used by the programmer, 
on which a translator program operates. 4. In general, any 
language that is to be translated into another (target) lan- 
guage; usually, however, it refers to the language used by 
a programmer to program a system. 

source load — A load with a current whose direction 
is toward its input. A source load must be driven by a 
current source. 

source machine — The computer used to translate 
the source program into the object program. 

source module — In a computer, a series of state- 
ments expressed in the symbolic language of an assembler 
or compiler and constituting the entire input to a single 
execution of the assembler or compiler. 

source program-— 1. A computer program written 
in a language designed for ease of expression of a 
class of problems or procedures by humans. Á generator, 
assembler, translator, or compiler routine translates the 
source program into an obiect program in machine 
language. 2. The original program, as written by the 
programmer, from which a working program system is 
derived, 3. A program, in either hard-copy or stored form, 
written in a high-level language (source language) other 
than machine language, which requires translation by the 
assembler, compiler, or interpreter program before it can 
be run on the computer. 4. A program written by a human, 
either in assembly or in a high-level language. 

source recording — The recording of information 
in machine-readable form, such as punched cards or tape, 
magnetic tape, etc. Once in this form, the information 
may be transmitted, processed, or reused without a need 
for manual processing. 
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source statement—A computer program writ- 
ten in other than machine language, usually in three- 
letter mnemonic symbols that suggest the definition of 
the instruction. There are two kinds of source state- 
ments: executive instructions, which translate into oper- 
ating machine code (op code), and assembly directives, 
which are useful in documenting the source program but 
generate no code. 

source/tape switch —A control found on control 
amplifiers with tape monitor jacks, and on recorders with 
monitor heads; allows comparison of the signal being fed 
to the tape (source) with the signal just recorded. 

source terminal —The terminal electrically con- 
nected to the region from which majority carriers flow 
into the channel of a field-effect transistor. 

south pole — In a magnet, the pole into which mag- 
netic lines of force are assumed to enter after emerging 
from the north pole. 

space —1.An impulse that, in a neutral circuit, 
causes the loop to open or causes the absence of a signal, 
whereas in a polar circuit it causes the loop current to 
flow in a direction opposite to that for a mark impulse. 
A space impulse is equivalent to a binary 0. 2. In some 
codes, a character that causes a printer to leave a character 
width with no printed symbol. 3. The signaling state used 
to represent a binary 0. See mark. 4. One of two states 
describing the condition of a teleprinter’s loop. The space 
is characterized by an open-loop condition. The mark state 
indicates a closed loop. 

space  —attenuation— 1. The loss of energy, 
expressed in decibels, of a signal in free air caused 
by such factors as absorption, reflection, scaltering, and 
dispersion. 2. Reduction of a TV satellite signal strength 
due to the fact that the beam spreads out after leaving the 
antenna. It is a major factor in path loss. 

space charge — 1. The negative charge caused by 
the cloud of electrons that forms in the space between the 
cathode and plate of a vacuum tube because the cathode 
emits more electrons than are attracted immediately to 
the plate. 2. An electrical charge distributed throughout a 
volume or space. 

space-charge debunching—In a microwave 
tube, a process in which the bunched electrons are dis- 
persed due to the mutual interactions between electrons 
in the stream. 

space-charge effect — Repulsion of electrons emit- 
ted from the cathode of a thermionic vacuum tube by 
electrons accumulated in the space charge near the cath- 
ode. 

space-charge field — The electric field that occurs 
inside a plasma due to the net space charge in the volume 
of the plasma. 

space-charge grid— A grid, usually positive, that 
controls the position, area, and magnitude of a potential 
minimum or of a virtual cathode adjacent to the grid. 

space-charge region—The region around a pn 
junction in which holes and electrons recombine, leaving 
no mobile charge carriers and a net charge density 
different from zero. See also depletion layer. 

space-charge tube— A tube in which the space 
charge is used to greatly increase the transconductance. 
A positively charged grid is placed next to the cathode, 
in front of the control grid. This enlarges the space charge, 
moving it out to where the control grid can have a greater 
effect on it and hence on the plate current. 

space coordinates — A three-dimensional system 
of rectangular coordinates. The x and y coordinates lie in 
a reference plane tangent to the earth, and the z coordinate 
is perpendicular. 

space current—The total current between the 
cathode and all other electrodes in a vacuum tube. 
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spaced antenna—An antenna system used for 
minimizing local effects of fading at shortwave receiving 
stations. So called because it consists of several antennas 
spaced a considerable distance apart. 

spaced-antenna direction finder— A direction 
finder comprising two or more similar but separate 
antennas coupled to a common receiver. 

space detection and tracking system—A 
system that can detect and track space vehicles from the 
earth and report the orbital characteristics of such vehicles 
to a central control facility. 

space diversity — See space diversity reception. 

space diversity gain — The improvement in radio 
reception, expressed in decibels, obtained by combining 
the signals from two receiving antennas physically sepa- 
rated by not less than 5 wavelengths. 

space diversity reception— Also called space 
diversity. 1. Diversity reception from receiving antennas 
placed in different locations. 2. A method of diversity 
radio reception in which the receiving antennas are 
physically separated, vertically or horizontally, by 5 
wavelengths or more. 

spaced-loop direction finder — A spaced-antenna 
direction finder in which the individual antennas are loops. 

space factor —Ratio of the effective area utilized to 
the total area in a winding section. 

space harmonics — Harmonics in the distribution 
of flux in the air gap of a resolver. They may be 
determined as a percent of fundamental by a Fourier 
analysis of the flux distribution antenna. Space harmonics 
cause angular inaccuracy. 

space-hold —In a computer, the normal no-traffic 
line condition by which a steady space is transmitted. 

space pattern — On a test chart, a pattern designed 
for the measurement of geometric distortion. The EIA ball 
chart is an example. 

space permeability — The factor that expresses the 
ratio of magnetic induction to magnetizing force in a 
vacuum. In the cgs electromagnetic system of units, the 
permeability of a vacuum is arbitrarily taken as unity. 

space phase — Reaching corresponding peak yalues 
at the same point in space. 

space quadrature — The difference in the position 
of corresponding points of a wave in space, the points 
being separated by one-quarter of the wavelength in 
question. 

space radio station— An amateur radio station 
located on an object that is beyond, is intended to go 
beyond, or has been beyond the major portion of the 
earth’s atmosphere. 

spacer cable — A means of primary power distribu- 
tion that consists of three partially insulated or covered 
phase wires and a high-strength messenger-ground wire, 
all mounted in plastic or ceramic insulating spacers. 

space-to-mark transition—The transition, or 
switching, from a spacing impulse to a marking impulse. 
(Teletypewriter term.) 

space wave — The radiated energy consisting of the 
direct and ground waves. 

spacing — The distance between stereo microphones 
or speakers. 

spacing end distortion—End distortion that 
lengthens the spacing impulse by advancing the mark- 
to-space transition. (Teletypewriter term.) 

spacing interval — The interval between successive 
telegraph signal pulses. During this interval, either no 
current flows or the current has the opposite polarity from 
that of the signal pulses. 
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spacing pulse— In teletypewriter operation, the 
signal interval during which the selector unit does not 
operate. 

spacing wave— Also called back wave. In tele- 
graphic communication, the emission that takes place 
between the active portion of the code characters or while 
no code characters are being transmitted. 

spacistor— 1. A semiconductor device consisting of 
one pn junction and four electrode connections. It is 
characterized by a low transient time for carriers to flow 
from the input to the output. 2. Multiple-terminal solid- 
state device, similar to a transistor, that achieves high- 
frequency operation up to about 10,000 MHz by injecting 
electrons or holes into a space-charge layer that rapidly 
forces these carriers to a collecting electrode. 

spade connector—A terminal with a slotted 
tongue and nearly square sides. 

spade contact— A contact with fork-shaped female 
members designed to dovetail with spade-shaped male 
members. Alignment in this type of connection is very 
critical if good conductivity is to be achieved. 

spade lug—A solder lug that has an open end so 
that it can be slipped under the head of a binding screw. 

spade tips— Notched, flat metal strips connected to 
the end of a cord or wire so that it can be fastened under 
a binding screw. 

spade-tongue terminal— A slotted-tongue termi- 
nal designed to be slipped around a screw or stud without 
removal of the nut. 

spaghetti — 1. Heavily varnished cloth tubing some- 
times used to provide insulation for circuit wiring. 2. A 
form of tubular insulation that can be slipped over wires 
before they are connected to terminals. 

span — 1. The part or space between two consecutive 
points of support in a conductor, cable, suspension 
strand, or pole line. 2. The reach or spread between two 
established limits, such as the difference between high and 
low values in a given range of physical measurements. 

span adjustment — See sensitivity adjustment. 

s-parameters — Abbreviation for scattering parame- 
ters. A group of measurements taken at different frequen- 
cies that represent the forward and reverse gain and the 
input and output reflection coefficients of a microwave 
component when the input and output ports of the com- 
ponent are terminated in specified impedances — usually 
50 ohms. 

spark— 1. The abrupt, brilliant phenomenon that 
characterizes a disruptive discharge. 2. A single, short 
electrical discharge between two electrodes. 3. The brief 
flash of light from the arc. 4. The bridging or jumping of 
a gap between two electrodes by a current of electricity. 

spark capacitor— A capacitor connected across a 
pair of contact points, or across the inductance that causes 
the sparx, for the purpose of diminishing sparking at these 
points. 

spark coil — An induction coil used to produce spark 
discharges. 

spark duration — 1. The time between the moment 
when the electrons first jump a gap and the moment when 
the current ceases to flow across it. 2. The length of time 
a spark is established across a spark gap or the length of 
time current flows in a spark gap. 

spark electrodes-—The conductive element on 
each side of a spark gap through which current flows 
to and from the gap. 

spark energy—The amount of energy dissipated 
between the electrodes of a spark gap. This is normally 
expressed as a steady-state wattage as though dissipated 
for a full second. Normally expressed in milliwatt seconds 
or milliioules. 
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spark frequency— The totai number of sparks 
occurring per second in a spark transmitter (not the 
frequency of the individual waves). 

spark gap— The arrangement of two electrodes 
between which a disruptive discharge of electricity may 
occur, and such that the insulation is self-restoring after 
the passage of a discharge. 

spark-gap modulation — Modulation in which a 
controlled spark-gap breakdown produces one or more 
pulses of energy for application to the element in which 
the modulation is to take place. 

spark-gap modulator—A modulator employed 
in certain radar transmitters. A pulse-forming line is 
discharged across either a stationary or a rotary spark gap. 

spark-gap oscillator — A type of oscillator consist- 
ing essentially of an interrupted high-voltage discharge 
and a resonant circuit. 

sparking — Intentional or accidental spark discharge, 
as between the brushes and commutator of a rotating 
machine, between the contacts of a relay or switch in 
a solid tantalum capacitor, or at any other point, in which 
a circuit is broken. 

sparking voltage — The minimum voltage at which 
a spark discharge occurs between electrodes of a given 
shape at a given distance apart under given conditions. 

spark killer— Also called spark suppressor. An 
electric network, usually a capacitor and resistor in series, 
connected across a pair of contact points (or across the 
inductance that causes the spark) to diminish sparking at 
these points. 

spark lag — The interval between attainment of the 
sparking voltage and passage of the spark. 

sparklies— Also known as snow. 1. Weak-signal 
noise that appears as dot or streak interference in a 
satellite TY picture. Loss of lock in an FM video 
demodulator causes this, In extreme cases, tearing or 
loss of the picture may result, 2, Small black and/or 
white blips or dots in a television picture, indicating an 
insufficient signal-to-noise ration. 

sparkover — Breakdown of the air between two elec- 
trical conductors, permitting the passage of a spark. 

spark plate — In an automobile radio, a metal plate 
insulated from the chassis by a thin sheet of mica. It 
bypasses the noise signals picked up by the wiring under 
the hood. 

spark plug— An assembly that includes a pair of 
electrodes and insulator. It provides a spark gap in an 
engine cylinder. 

spark-quenching device — See spark suppressor. 

spark recorder — A recorder in which the recording 
paper passes through a spark gap formed by a metal plate 
underneath and a moving metal pointer above the paper. 
Sparks from an induction coil pass through the paper, 
periodically burning small holes that form the record 
trace. 

spark source — A device used to produce a short- 
circuit pulse of luminous energy by an electrical discharge 
between two closely spaced electrodes either in air or in 
a controlled atmosphere at a pressure usually greater than 
half an atmosphere. 

spark spectrum — The spectrum produced in a sub- 
stance when the light from a spark passes between termi- 
nals made of that substance or through an atmosphere of 
that substance. 

spark suppression—The use of a capacitor or 
resistor across contacts that break currents in inductive 
circuits, to prevent excessive sparking when the contacts 
break. Á capacitor and resistor in series may also be used. 

spark suppressor — Also called a spark-quenching 
device, spark killer, or an arc suppressor. An electric 
network, such as a capacitance and resistance in series or 
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a diode connected across a pair of contacts, to diminish 
sparking (arcing) at these contacts. 

spark test— A test performed on wire and cable to 
determine the amount of detrimental porosity or defects 
in the insulation. 

spark transmitter— A radio transmitter in which 
the source of radio-frequency power is the oscillatory 
discharge of a capacitor through an inductor and a 
spark gap. 

spatial coherence — The phase relationship of two 
wave trains in space. 

spatial distribution — The directional properties of 
a speaker, transmitting antenna, or other radiator. 

spatial frequency — The number of black and white 
line pairs displayed on a screen per degree of visual angle. 
Spatial frequency is expressed as cycles per degree or as 
lines per inch for a given viewing distance. 

SPDT — Abbreviation for single-pole, double-throw. 
A three-contact switching arrangement that connects a 
circuit to one of two alternate connections. 

speaker — Abbreviated spkr. Also called a loud- 
speaker. An electroacoustic transducer that radiates acous- 
tic power into the air with essentially the same waveform 
as that of the electrical input. 
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speaker efficiency — Ratio of the total useful sound 
radiated from a speaker at any frequency to the electrical 
power applied to the voice coil. 

speaker impedance — The rated impedance of the 
voice coil of a speaker. 

speaker-reversal switch —A switch for connect- 
ing the left channel to the right speaker and vice versa on 
a stereo amplifier. It is a means of correcting for improper 
left-right orientation in the program source, 

speaker system— A combination of one or more 
speakers and all associated baffles, horns, and dividing 
networks used to couple the driving electric circuit and 
the acoustic medium together. 

speaker voice coil — In a moving-coil speaker, the 
part that is moved back and forth by electric impulses and 
is fastened to the cone in order to produce sound waves. 

speaking arc—A dc arc on which audio-frequency 
currents have been superimposed. As a result, the arc 
reproduces sounds in a manner similar to a speaker, and 
its light output will vary at the audio rate required for 
sound-film recording. 

special-effects generator — An apparatus used in 
the production of videotapes, this unit makes possible 
smooth switching of camera inputs and provides a wide 
variety of screen techniques, such as split and wipes. 
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special-event station — Station licensed at a spe- 
cific land location for operation related to the celebration 
of an event, past or present, that is unique, distinct, and 
of general interest to either the public or to amateur radio 
operators, for the purpose of bringing public notice to the 
amateur radio service. 

special-function key— A key on a keyboard that 
often has no predefined purpose but that can be pro- 
grammed to send one or more useful commands. 

special-purpose computer—A computer 
designed to solve a restricted class of problems, as con- 
trasted with a general-purpose computer. 

special-purpose language — A programming lan- 
guage that is designed to satisfy a single specific objective. 

special-purpose logic — Proprietary features of a 
programmable controller that allow it to perform logic 
not normally found in relay ladder logic. 

special-purpose motor — A motor possessing spe- 
cial operating characteristics and/or special mechanical 
construction designed for a particular application and not 
included in the definition of a general-purpose motor. 

special-purpose relay — A relay whose application 
requires special features not characteristic of general- 
purpose or definite-purpose relays. 

specific acoustic impedance — Also called unit- 
area acoustic impedance. The complex ratio of sound 
pressure to particle velocity at a point in a medium. 

specific acoustic reactance— The imaginary 
component of the specific acoustic impedance. 

specific acoustic resistance — The real compo- 
nent of the specific acoustic impedance. 

specifications — 1. A published set of instructions 
for doing work in a uniform, standard manner. 2. Detailed 
description of the characteristics of a component, device, 
or system. 3. A clear, complete, and accurate statement 
of the technical requirements descriptive of a material, an 
item, or a service, and of the procedure to be followed to 
determine if the requirements are met. 

specific coding — Digital-computer coding in which 
all addresses refer to specific registers and locations. 

specific conductance — See electrolytic conduc- 
tion. 

specific conductivity —The conducting ability of a 
material in mhos per cubic centimeter. It is the reciprocal 
of resistivity. 

specific damping of an instrument— See rela- 
tive damping of an instrument. 

specific dielectric strength—The dielectric 
strength per millimeter of thickness of an insulating 
material, 

specific gravity— The weight of a substance com- 
pared with the weight of the same volume of water at the 
same temperature. 

specific heat— 1. The capacity of a material to be 
heated at a given temperature (expressed as calories per 
degree Celsius per gram) compared with water, which 
has a specific heat of 1. 2. The amount of heat required 
to raise a specified mass by one unit of a specified 
temperature. 

specific inductive capacity — See dielectric con- 
Stant. 

specific magnetic moment— The saturation 
moment of a magnetic material per unit weight. It is 
expressed in terms of emu/gram. 

specific program — Digital-computer programming 
for solving a specific problem. 

specific repetition rate — In loran, one of a set of 
closely spaced repetition rates derived from the basic rate 
and associated with a specific set of synchronized stations. 
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specific resistance -—The resistance of a conduc- 
tor. It is expressed in ohms per unit length per unit area, 
usually circular mil feet. See also resistivity, 1. 

specific routine—-A  digital-computer routine 
expressed in specific computer coding and used to solve a 
specific mathematical, logical, or data-handling problem. 

specific sound-energy flux — See sound intensity. 

spectral — 1. Being a function of wavelengths. 
2. Pertaining to or as a function of wavelength. Spectral 
quantities are evaluated at a single wavelength. 

spectral bandwidth— The difference between the 
wavelengths of single-peak devices at which the radiant 
intensity is 50 percent (unless otherwise stated) of the 
maximum value. 

spectral characteristic — 1. The relationship be- 
tween the radiant sensitivity of a phototube and the 
wavelength of the incident radiant flux. It is usually 
shown by a graph. 2. The relation, usually shown by a 
graph, between the emitted radiant power per wavelength 
interval and the wavelength. 

spectral coherence — A measure of the extent to 
which the output of a photodetector is restricted to a single 
wavelength or band of wavelengths; color response. 

spectral contour plotter —A spectrum analyzer 
that presents a three-dimensional contour plot of analog 
signals, heart sounds, brain waves, etc. 

spectral density — A value of a function whose inte- 
gral over a frequency interval represents the contributions 
of the signal components within that frequency interval. 

spectral energy distribution — Abbreviated SED. 
A plot of energy as a function of wavelength for a given 
light. 

spectral intensity—A function that precisely 
defines the spectrum and has the units of voltage squared 
per unit frequency. 

spectral output (of a light-emitting diode) — A 
description of the radiant-energy or light-emission char- 
acteristic versus wavelength. This information is usually 
given by stating the wavelength at peak emission and the 
bandwidth between half-power points or by means of a 
curve. 

spectral purity—A measure of how much the 
spectrum of the output of a signal generator deviates from 
that of a pure sine wave. 

spectral radiant flux— The radiant flux per unit 
wavelength interval, usually in watts per nanometer. 

spectral radiant reflectance — That fraction of 
the power in a light beam that is reflected from a surface. 
In less precise usage, called reflectivity. 

spectral response — Also called spectral sensitivity 
characteristic. 1. The relative amount of visual sensation 
produced by one unit of radiant flux of any one wave- 
length. The human eye or a photocell exhibits greatest 
spectral response to the wavelengths producing yellow- 
green light. 2. The variation of responsivity of the detector 
with the wavelength of the impinging radiation. 

spectral sensitivity—The color response of a 
photosensitive device. 

spectral sensitivity characteristic — See spectral 
response 

spectral voltage density — The rms voltage cor- 
responding to the energy contained in a frequency band 
having a width of 1 hertz. For the spectral voltage density 
at a given frequency, the band is centered on the given 
frequency. 

spectrogram— A machine-made graphic represen- 
tation of sounds in terms of their component frequencies. 
Time is shown on the horizontal axis, frequency on the 
vertical axis, and intensity by the darkness of the mark. 
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spectrograph — An instrument with an entrance slit 
and dispersing device that uses photography to obtain a 
record of the spectral range. The radiant power passing 
through the optical system is integrated over time, and the 
quantity recorded is a function of the radiant energy. 

spectrometer— A test instrument that determines 
the frequency distribution of the energy generated by any 
source and displays all components simultaneously. 

spectrophotoelectric— 1. Pertaining to the depen- 
dence of photoelectric phenomena on the wavelength of 
the incident radiation. 2. Characteristic of the relation- 
ship between photoelectric activity and the wavelength of 
incident radiation. 

spectrophotometer— An instrument for measur- 
ing spectral transmittance or reflectance. 

spectrophotometric analysis—The detection 
and measurement, relative to wavelength, of spectral 
reflectance, spectral transmittance, or spectral emittance. 

spectrophotometry — |. A process of making com- 
parisons between parts of light spectra by means of a 
photometric device in combination with a spectrometer. 
2. Study of the reflection or transmission properties of 
specimens as a function of wavelength. 

spectroradiometer — An instrument for measuring 
the radiant energy from a source at each wavelength 
through the spectrum. Spectral regions are separated either 
by calibrated filters or by a calibrated monochromator. 
The detector is usually an energy recciver, such as a 
thermocouple. 

spectroscope— An instrument used to disperse 
radiation into its component wavelengths and to observe 
or measure the resultant spectrum. 

spectroscopy — 1. The branch of optics that deais 
with radiations in the infrared, visible, and ultraviolet 
regions of the spectrum. 2. The measurement and inter- 
pretation of the electromagnetic radiation absorbed or 
emitted when molecules, atoms, or ions change from one 
intemal energy level to another. Such a change could be 
caused by incident radiation of the kind supplied by a 
laser. In the case of molecules, the wavelengths corre- 
sponding to the energy transitions that occur are mainly 
established by mechanical motions like rotation and vibra- 
tion. These motions show up in the infrared region of 
the spectrum— from beyond the red end of the visible 
region at 0.8 nm to about 100 um, where the microwave 
region begins. The molecules’ electrical properties deter- 
mine the intensities of the energy transitions. In order to 
determine whether a given type of molecule is present, 
it is only necessary to pass a range of IR wavelengths 
through the substance and note the position and intensity 
of the peaks and valleys of the detected beam. Use of 
a spectrum “dictionary” then shows what materials are 
present. 3. The branch of science dealing with the theory 
and interpretation of spectra. 

spectrum— 1. A continuous range of electromag- 
netic radiations, from the longest known radio waves to 
the shortest known cosmic rays. Light, which is the vis- 
ible portion of the spectrum, lies about midway between 
these two extremes. 2. The frequency components that 
make up a complex waveform. The band of frequencies 
necessary for transmission of a given type of intelligence. 
3. The range of frequencies considered in a system, 4. The 
distribution of the amplitude of the components of a time- 
domain signal as a function of frequency. 5. The wave- 
lengths or frequencies associated with any system one 
may wish to describe, such as the visible spectrum, the 
infrared spectrum, the entire electromagnetic spectrum, 
etc. 6. The entire range of electromagnetic energy used in 
transmission of voice, data, and television. When applied 
to light, and/or lasers, it includes the frequencies from 
shortwave ultraviolet through infrared energy. 
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spectrum analysis — 1. The study of energy distri- 
bution across the frequency spectrum for a given electrical 
signal. 2. The process of determining the magnitude of 
frequency components of a signal, i.e., magnitude of the 
Fourier transform. 

spectrum analyzer— 1. A scanning receiver that 
automatically tunes through a selected frequency spec- 
trum and displays on a CRT or a chart a plot of amplitude 
versus frequency of the signals present at its input. Á spec- 
trum analyzer is, in effect, an automatic Fourier analysis 
plotter. 2. A test instrument that shows the frequency dis- 
tribution of the energy emitted by a pulse magnetron. It 
also is used in measuring the Q of resonant cavities and 
lines, and in measuring the cold impedance of a mag- 
netron. 3. Test equipment that displays the energy present 
at all input signal frequencies over a finite period of time. 
Spectrum analyzers can be synchronized with a sweep- 
ing oscillator to display the frequency response of audio 
equipment or sound systems. 4. An instrument that dis- 
plays the power or voltage of a time-domain signal as a 
function of frequency. 
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spectrum intervals — Frequency bands represented 
as intervals on a frequency scale. 

spectrum level — For a specified signal at a partic- 
ular frequency, the level of that part contained within a 
band | hertz wide, centered at the particular frequency. 

spectrum locus — The locus of a point representing 
the colors of the visible spectrum in a chromaticity 
diagram. 

spectrum-selectivity characteristic—A mea- 
sure of the increase in the minimum input-signal power 
over the minimum detectable signal required to produce 
an indication on a radar indicator, if the received sig- 
nal has a spectrum different from that of the normally 
received signal. 

spectrum signature analysis— The evaluation 
of electromagnetic interference from transmitting and 
recelving equipment in order to determine operational and 
environmental compatibility. 

spectrum utilization characteristics — The com- 
piled data of either transmitters or receivers that describes 
operational parameters such as bandwidth, sensitivity, sta- 
bility, antenna pattern, power output, etc. Also describes 
the capabilities of the equipment to either reject or sup- 
press unwanted electromagnetic energy. 

specular reflection —Reflection of light, sound, or 
radio waves from a surface so smooth that its inequalities 
are small in comparison with the wavelength of the 
incident rays. As a result, each incident ray produces a 
reflected ray in the same plane. 
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SPEDAC — Acronym for solid-state, parallel, expand- 
able, differential-analyzer computer. A high-speed digital 
differential analyzer using parallel logic and arithmetic, 
solid-state circuitry, and modular construction and capa- 
ble of being expanded in computing capacity, precision, 
and operating speed. 

speech amplifier—A voltage amplifier made 
specifically for a microphone. 

speech audiometer— An audiometer for measur- 
ing either live or recorded speech signals. 

speech clipper—1.A_ speech-amplitude-limiting 
circuit that permits the ayerage modulation percentage 
of an amplitude-modulated transmitter to be increased. 
2. Circuit using one or more biased diodes to limit the 
wave crests of speech frequency signals. Used in speech 
amplifiers of transmitters to maintain a high average mod- 
ulation percentage. 

speech compression— 1. A modulation technique 
that makes use of certain properties of the speech signal 
in transmitting adequate information regarding quality, 
characteristics, and the sequential pattern of a speaker’s 
voice over a narrower frequency band than otherwise 
would be necessary. 2. A means of boosting the ayerage 
level of voice signals to provide increased “talk power” 
of higher average modulation levels, 

speech frequency — See voice frequency. 

speech-interference level — A value for rating the 
effect of background noise on the intelligibility of speech. 

speech interpolation—The method of obtaining 
more than one voice channel per voice circuit by giving 
each subscriber a speech path in the proper direction only 
at the times when his or her speech requires it. 

speech inverter— An apparatus that interchanges 
high and low speech frequencies by removing the car- 
rier wave and transmission of only one sideband in 
a radiotelephone. This renders the speech unintelligible 
unless picked up by apparatus capable of replacing the 
carrier wave in the correct manner. See also scrambler 
circuit. 

speech level—The energy of speech (or music), 
measured in volume units on a volume indicator. 

speech scrambler — 1. A device to provide privacy 
to voice communications via wire or radio. (The simplest 
iS an inverter that changes low frequencies to high, and 
vice versa at the receiving end.) 2. See scrambler circuit. 

speech synthesizer -— A system used in research to 
generate speech from electrical signals in order to study 
human vocal patterns. 

speed calling — A feature that allows numbers to be 
dialed with abbreviated codes. 

speed control—The act of precisely increasing or 
decreasing the speed of a driven gear or shaft by an 
electrical or mechanical means. 

speed limit— A control function that prevents the 
controlled speed from exceeding prescribed limits. 

speed of light— The speed at which light travels: 
186,284 miles per second, or 3 x 10° m/s. 

speed of sound— Also called sonic speed. The 
speed at which sound waves travel through a medium (in 
air and at standard sea-level conditions, about 750 miles 
per hour or 1080 feet per second, or 329 m/s). 

speed of transmission — Also called rate of trans- 
mission. The instantaneous rate of processing information 
by a transmission facility. Usually measured in characters 
or bits per unit time. 

speed-ratio control— A control function that main- 
tains a preset ratio of the speeds of two drives. 

speed regulation — A figure of merit indicating the 
change in motor speed from no load to full load expressed 
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as a percentage of full-load speed. Speed regulation is 
generally established at rated speed. 
speed regulator— A regulator that maintains or 
varies the speed of a motor at a predetermined rate. 
speedup capacitor — 1. A capacitor used in RCTL 
to permit faster turn-on of the transistor in response to a 
change in input; it also helps overcome the storage delay 
of the transistor itself. 2. See commutating capacitor. 
spelling checker—A program that checks the 
words in a computer file against a previously recorded 
list, querying or correcting words not on that list. 
sphere gap — A spark gap with spherical electrodes. 
It is used as an excess-voltage protective device. 
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sphere-gap voltmeter— An instrument for mea- 
suring high voltages. It consists of a sphere gap, and the 
electroces are moved together until the spark will just 
barely pass. The voltage can be calculated from gap spac- 
ing and the electrode diameter, or read directly from a 
calibrated scale. 

spherical aberration — 1. Image defects (e.g., blur- 
ring) due to the spherical form of a lens or mirror. These 
defects cause a blurred image because the lens or mirror 
brings the central and marginal rays to different focuses. 
Common types of spherical aberration are astigmatism 
and curvature of the field. 2. The optical error introduced 
by the fact that incident rays at different distances from the 
optical axis are focused at different points along the axis 
by reflection from spherical mirror surfaces or refraction 
by spherical lenses. 

spherical candlepower— In a lamp, the average 
candlepower in all directions in space. It is equal to the 
total luminous flux of the lamp, measured in lumens, 
divided by 47. 

spherical coordinates — A system of polar coor- 
dinates that originate in the center of a sphere. All points 
lie on the surface of the sphere, and the polar axis cuts 
the sphere at its two poles. 

spherical-earth attenuation — Attenuation of 
radio waves over an imperfectly conducting spherical 
earth in excess of the attenuation that would occur over 
a perfectly conducting plane. 

spherical earth factor — Ratio between the electri- 
cal field strengths that would result from propagation over 
an imperfectly conducting spherical earth and a perfectly 
conducting plane. 

spherical stylus—-A cartridge stylus whose shape 
is conical, with the downward-facing point of the cone 
rounded to a specified radius of curvature, usually 0.5 or 
0.7 mil (12.7 or 17.8 um). 
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spherical wave — A wave in which the wavefronts 
are concentric spheres. 

sphygmocardiograph — A device for simultaneous 
recording of heartbeat and pulse. 

sphygmogram — A graphic recording of the move- 
ments, forms, and forces of an arterial pulse. 

sphygmomanometer — An instrument for measur- 
ing blood pressure, especially that in the arteries. 

spider — Highly flexible ring, washer, or punched 
flat member used in a dynamic speaker to center the 
voice coil on the pole piece without appreciably hindering 
the in-and-out motion of the voice coil and its attached 
diaphragm. 

spider bonding -——A method used for connecting an 
integrated-circuit chip to its package leads or to a film- 
type substrate for hybrid constructions. Instead of running 
individual wires from each bonding pad on the chip to 
the corresponding package lead, a preformed leac frame 
is placed over the chip, and all connections are made by 
a single operation of a bonding machine. 

spider-web antenna—An all-wave receiving 
antenna having several lengths of doublets connected 
somewhat like the web of a spider to give favorable 
pickup characteristics over a wide range of frequencies. 

spider-web coil — A fiat coil having an open weave 
somewhat like the bottom of a woven basket. It was used 
in older radio receivers. 

spike — Also called a transient. 1. An abrupt transient 
that comprises part of a pulse but exceeds its average 
amplitude considerably. 2, A pulse of short duration and 
of greater amplitude than an average pulse. 3. A distortion 
in the form of a pulse waveform of relatively short 
duration superimposed on an otherwise regular or desired 
pulse waveform. 4. A burst of extra voltage in a power 
line, lasting only a fraction of a second. 

spike discriminator — A circuit used in a transpon- 
der to discriminate against pulses of extremely short dura- 
tion, such as might be caused by ignition noise. 

spike-leakage energy—The radio-frequency 
energy per pulse transmitted through tr and pre-tr tubes 
before and during the establishment of the steady-state 
radio-frequency discharge. 

spike noise—In a chopper, the static field noise 
caused by insulating material; can be observed if the 
chopper is followed by a wideband amplifier. 

spiking — Short, multiple, irregular bursts of laser- 
output radiation. Spiking is characteristic of pulse lasers, 
especially flash-pumped solid-dielectric types (e.g., ruby, 
neodymium in glass). The spike duration is typically 0.2 
to 2 microseconds. 

spill — The redistribution and hence loss of informa- 
tion from a storage element of a charge-storage tube. 

spillover positions — Storage positions in which 
backlogged traffic that accumulates when a send channel 
is inoperative or unusually busy is held for transmission 
immediately on the availibility of a channel. 

spin block—A loop created when a process keeps 
checking the state of a flag or status bit while waiting for 
an event to occur. 

spindle— The upward-projecting shaft used on a 
phonograph tumtable for positioning and centering the 
record. 

spinel — See silicon on sapphire. 

spinner — 1. An automatically rotatable radar antenna, 
together with its associated equipment. 2, The part of 
a mechanical scanner :hat is rotated about an axis; 
generally, use of the term is restricted to cases of relatively 
high-speed rotation. 

spinning electron — An electron that spins with an 
angular momentum. 
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spinthariscope—-An instrument for viewing the 
scintillations of alpha particles on a luminescent screen. 

spin wave—A moving magnetic disturbance in a 
ferrite. The presence of an alternating magnetic field 
with its frequency near that of the natural precessional 
frequency of a spin tends to increase the precession angle. 
This increase in precession angle is passed from atom to 
atom by dipole and exchange interactions. 

spin-wave amplitude — The difference between the 
precession angles of two spins. 

spiral distortion — In camera tubes or image tubes 
using magnetic focusing, a form of distortion in which 
image rotation varies with distance from the axis of 
symmetry of the electron optical system. 

spiral four— A quad in which the four conductors 
are twisted about a common axis, the two sets of opposite 
conductors being used as pairs. 

spiral scanning — Scanning in which the maximum 
radiation describes a portion of a spiral, with the rotation 
always in one direction. 

spkr— Abbreviation for speaker. 

SPL — Abbreviation for sound-pressure level. 

splashproof——A device or machine so constructed 
and protected that external splashing will not interfere 
with its operation. 

splashproof motor — An open motor in which the 
ventilating openings are so constructed that drops of liquid 
or solid particles falling on it, or coming toward it in a 
straight line at any angle not greater than 100° from the 
vertical, cannot enter either directly or by striking and 
running along a surface of the motor. 

splatter — Adjacent-channel interference due to over- 
modulation of a transmitter by abrupt peak audio signals. 
It is particularly noticeable for sounds containing high- 
frequency harmonics. 

splice — 1. A device used for joining two or more 
conductors. 2. A joint connecting conductors with 
good mechanical strength and good conductivity; a 
terminal that permanently joins two or more wires. 
3. Nonseparable junction joining optical conductor to 
optical conductor. 4. An in-line connection between two 
wires that results in a single conductor. 5. A physical join 
between pieces of tape 6. A connection of two cables 
in which each pair in one cable is connected to the 
corresponding pair in the other. 

splice insulation — Insulation used over a splice. 

splicer— Any device that holds magnetic recording 
tape ends in place for properly aligned splices. Many 
splicers are automatic to some extent, emitting the tape 
and trimming the edges of the splice by means of built-in 
cutting edges. 

splicing block— 1. A nonautomatic recording tape 
splicer consisting of an elongated block of metal or plastic 
with a shallow groove to hold the tape and a narrow 
slot, usually diagonal, across the middle of the block to 
guide the cutting blade. Splices are made with a special 
splicing tape that generally needs no edge trimming. 2. A 
tool for tape editing consisting of a nonmagnetic metal 
block with a guide channel that holds magnetic recording 
tape in precise alignment. Additional straight and diagonal 
grooves provide a path for a razor blade to follow for 
cutting the tape so it can be spliced effectively. 

splicing loss — See coupling loss, 1. 

splicing tape—aA pressure-sensitive, nonmagnetic 
tape designed for joining two pieces of magnetic tape; 
characterized by high flexibility and an adhesive that 
will not flow out from under the splice and, thus, cause 
adhesion between adjacent layers on the reel. 

spline — A piecewise curve adhering to certain conti- 
nuity conditions at the node points. 
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split—1. Of radar tracks, the separation of radar 
data from a single track to such a degree that one 
or more additional tracks can be initiated manually or 
automatically; a similar condition exists when a raid is 
separated to such an extent that it can be represented on 
a situation display as two or more raids. 2. Initiation of 
split tracks, raids, or groups by a direction center track 
monitor or by programming means. 

split-anode magnetron—-A magnetron with an 
anode divided into two segments, usually by parallel slots. 

split-conductor cable—A cable in which each 
conductor is composed of two or more insulated conduc- 
tors normally connected in parallel. 

split fitting— A conduit fitting, bend, elbow, or tee 
split longitudinally so that it can be positioned after the 
wires have been drawn into the conduit. The two parts 
are held together usually by screws. 

split frequency — The frequencies between the 10- 
kHz channels assigned by the FCC for use by U.S. 
broadcasters. 

split gear—A type of gear designed to minimize 
backlash. The method consists of splitting one gear of a 
meshing pair and so connecting a spring between the two 
halves that pressure is exerted on both sides of the teeth 
of the other gear. 

split hydrophone—A direction hydrophone in 
which the electroacoustic transducers are divided and 
arranged so that each division can induce a separate elec- 
tromotive force betwecn its own terminals. 

split image —Two or more scenes appearing on a 
television screen as a result of trick photography at the 
studio. 

split-phase — Characteristic of any device (such as 
an induction motor) that derives a second phase from 
a single-phase alternating current source by using a 
capacitive or inductive reactor. 

split-phase motor—1.A single-phase induction 
motor having an auxiliary winding connected in parallel 
with the main winding, but displaced in magnetic position 
from the main winding so as to produce the required 
rotating magnetic field for starting. The auxiliary circuit 
is generally opened when the motor has reached a 
predetermined speed. 2. A single-phase induction motor 
that is momentarily converted to two-phase (polyphase, 
self-starting) motor by inclusion of an additional primary 
power winding displaced 90° from the main windings 
to provide required starting torque. Occasionally the 
auxiliary windings are designed to operate full time rather 
than momentarily. 

split projector—A directional projector in which 
electroacoustic transducing elements are divided and 
arranged so that each division can be energized separately 
through its own terminals. 

split rotor plate — See serrated rotor plate. 

split-sound system — An early television receiver 
IF system in which the audio and video IF signals 
were separated right after the mixer stage and amplified 
in separate IF stages. Replaced by the more current 
intercarrier sound system. 

split-stator capacitor—A capacitor comprising 
two isolated stators that function in series with a common 
rotor. 

split-stator variable capacitor—A_ variable 
capacitor with a rotor section common to two separate 
stator sections. Used for balancing in the grid and plate 
tank circuits of transmitters. 

split-streaming — See bandsplitting. 

splitter— 1. A device with one input that provides 
two or more outputs to allow multiple receiver hookups 
to one antenna. Can be passive (an antenna coupler) 
or active, providing gain. 2. A passive device similar 
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to an antenna coupler but designed to match a 75-ohm 
impedance. 3. A device that takes a signal and splits it 
into two or more identical but lower power signals. 

split transducer — A directional transducer in which 
electroacoustic transducing elements are divided and 
arranged so that each division is electrically separate. 

split winding — An equal division of a winding that 
will allow series or parallel external connection of the 
divided winding (four external leads) of a servomotor. 

spoiler—A rod grating mounted on a parabolic 
reflector to cause the radiation pattern to change from 
a pencil beam to a cosecant-squared pattem. When the 
reflector and grating are rotated through 90° with respect 
to the feed antenna, one pattern changes to the other. 

spontaneous emission— |. Emission occurring 
without stimulation or quenching after excitation. 
2. Radiation produced when a quantum mechanical 
system falls spontaneously from an excited state to 
a lower state. Emission of this radiation occurs in 
accordance with the laws of probability and without 
regard for the presence of similar radiation at the same 
time. 

spoofing — The defeat or compromise of an alarm 
system by tricking or fooling its detection devices, such 
as by short circuiting part or all of a series circuit, cutting 
wires in a parallel circuit, reducing the sensitivity of a 
sensor, or entering false signals into the system. Spoofing 
contrasts with circumvention. 

spooi— A flanged form serving as the foundation on 
which a coil is wound. 

spooler— A system program that permits I/O trans- 
fers to be queued for an I/O device, thereby permitting the 
requesting task to continue executing even when it cannot 
immediately use the F/O device. Spoolers are commonly 
used with very slow sequential-output-only devices, such 
as printers. 

spooling — Abbreviation for simultaneous peripheral 
operations online. Process of allowing programs using 
slow output devices to complete execution rapidly. Data is 
temporarily stored in buffers or queues for later low-speed 
transmission concurrent with normal system operation. 

sporadic E ionization — ionization that appears in 
the atmosphere at E-layer heights, is more noticeable at 
higher latitudes, and occurs at all times of the day. It may 
be caused by particle radiation from the sun. 

sporadic E layer— A portion that sometimes breaks 
away from the normal E layer in the ionosphere and 
exhibits unusual erratic characteristics. 

sporadic propagation— Abnormal and unpre- 
dictable radio transmission that only occurs occasionally. 
Caused by unusual intense ionization in some part of the 
E layer of the 1onosphere. 

sporadic reflections — Also called abnormal reflec- 
tions. Sharply defined, intense reflections from the spo- 
radic E layer. Their frequencies are higher than the critical 
frequency of the layer, and they occur anytime, anywhere, 
and at any frequency. 

spot— 1. The area instantaneously affected by the 
impact of an electron beam of a cathode-ray tube. 2. See 
land, 2. 3. The smallest luminescent area of the screen 
surface instantaneously excited by the impact of an 
electron beam. 

spot beam — A satellite beam that covers a relatively 
small geographical area. 

spot bonding —-See yield-strength-controlled bond- 
ing. 

spot distortion — Undesirable asymmetry or defect 
in the spot shape. 

spot jamming — Jamming of a specific frequency or 
channel. 

spot noise factor —-See spot noise figure. 
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spot noise figure — Also called spot noise factor. 
Ratio of the output noise of a transducer to the portion 
attributable to the thermal noise in the input termination 
when the termination has a standard noise temperature 
(290°K). The spot noise figure is a point function of input 
frequency. 

spot projection — In facsimiie: 1. An optical method 
in which the scanning or recording spot is delineated by 
an aperture between the ligat source and the subject copy 
or record sheet. 2. The optical system in which the scan- 
ning or recording spot is the size of the area being scanned 
or reproduced. 

spot protection — Protection of objects such as 
safes, art objects, or anything of value that could be 
damaged or removed from the premises. 

spot size—The smatiest area of light that can be 
produced by a CRT, 

spot speed— 1. in facsimile, the length of the 
scanning line times the number of lines per second. 2. In 
television, the product of the length (in units of elemental 
area, i.e., in spots) of the scanning line and the number 
of scanning lines per second. 

spottiness — Bright spots scattered irregularly over 
the reproduced image in a television receiver due to 
human-made or static interference entering the television 
system at some point. 

spot welding—1!.A resistance welding process 
whereby welds are made between two or more overlap- 
ping sheets of metal by pressing them together between 
two electrodes arranged to conduct current to the outer 
surfaces of the overlapped sheets. The tips of one or both 
of the electrodes are restricted in arca to approximately 
the diameter of the spot weld desired. 2. Resistance weld- 
ing in which the current is directed through the entire area 
under the electrode tip. Welding is usually performed by 
a rocker-arm type spot welder. 

spot wobble — An externally produced oscillating 
movement of an electron beam and its resultant spot. Spot 
wobble is used to eliminate the horizontal lines across the 
screen and thus make the picture more pleasing. 

spray fluxing—A specialized wave-solder fluxing 
technique in which a fine stainless-steel screen drum is 
rotated in liquid flux. The amount of flux transferred 
is controlled by the rotational speed of the drum and 
air pressure. The drum contains air jets. See also brush 
fluxing; foam fluxing; wave fluxing. 

spray-gun soldering — Soldering fluxed and heated 
parts by blowing molten solder on them from a gas or 
electrically heated gun. 

spreader— |. An insulating crossarm used to hold 
the wires of a transmission line apart. 2. The crossarm 
separating the parallel wire elements of an antenna. 

spread groove — A groove cut between recordings. 
The groove, which bas an abnormally high pitch, sepa- 
rates the recorded material but still enables the stylus to 
travel from one to the next. 

spreading anomaly — That part of the propagation 
anomaly that is identifiable with the geometry of the ray 
pattern. 

spreading loss — The transmission loss suffered by 
radiant energy. The effect of spreading, or divergence, is 
measured by this loss. 

spreadsheet— 1. A computer program that sets up 
an electronic spreadsheet in which the lines and columns 
are automatically calculated according to formulas chosen 
by the user. When one number is changed, the program 
will automatically change all the sums and multiples 
that are affected. 2. A program that provides automatic 
calculations on any numbers and formulas that are input. 

spread spectrum transmission — 1. A commu- 
nications technique that involves transmitting information 
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that has been multiplied by a pseudo-random noise (PN) 
sequence that essentially spreads it over a relatively wide 
frequency bandwidth. The receiver detects and uses the 
same PN sequence to “despread” the frequency bandwidth 
and decode the transmitted information. This communi- 
cations technique allows greater signal density within a 
given transmission bandwidth and also provides a high 
degree of signal encryption and security in the process. 
2. A communications technique in which many different 
signal waveforms are transmitted in a wide band. Power 
is spread thinly over the band so narrow-band radios can 
operate within the wide band without interference. 

spring — A resilient, flat piece of metal forming or 
supporting a contact member in a jack or a key. 

spring-actuated stepping relay—A stepping 
relay in which cocking is done electrically and operation 
is produced by spring action. 

spring contact — 1. A relay or switch contact, usu- 
ally of phosphor bronze and mounted on a flat spring. 2. A 
device employing a current-carrying cantilever spring that 
monitors the position of a door or window. 

spring contact probe — Also called spring pin or 
spring probe. The element that provides the electrical 
connection between a particular node on the product to be 
tested and the verifier electronics, Usually spring loaded 
to allow some thickness, lead length, and other product 
variations. 

spring curve—aA plot of the spring force on the 
armature of a relay versus armature travel. 

spring-finger action — The design of a contact, as 
used in a printed circuit connector or a socket contact, 
permitting easy stress-free Spring action to provide contact 
pressure and/or retention. 

spring pile-up — An assembly of all contact springs 
operated hy one armature lever. 

spring-return switch — A switch that returns to its 
normal position when the operating pressure is released. 

spring stop — In a relay, the member used to control 
the position of a pretensioned spring. 

spring stud—lIn a relay, an insulating member that 
transmits the armature motion from one movable contact 
to another in the same pileup. 

sprocket holes — Holes punched on each line of a 
perforated tape used as a timing reference and for driving 
certain transports. 

sprocket pulse— 1. A pulse generated by one 
of the magnetized spots that accompany every charac- 
ter recorded on magnetic tape. During read operations, 
sprocket pulses permit regulation of the timing of the read 
circuits and provide a count of the number of characters 
read from the tape. 2. A pulse generated by a sprocket 
or driving hole in a paper tape; this pulse serves as the 
timing pulse for reading or punching the tape. 

SPST — Abbreviation for single-pole, single-throw. A 
two-contact switching arrangement that opens or closes 
one circuit; the circuit may be normally open or normally 
closed. 

spurious counts — See spurious tube counts. 

spurious emanations — Unintentional and unde- 
sired emissions from a transmitting circuit. 

spurious emission — See spurious radiation. 

spurious modulation — Undesired modulation of 
an oscillator; for example, frequency modulation resulting 
from mechanical vibration. 

Spurious pulse —In a scintillation counter, a pulse 
not purposely generated or directly due to ionizing 
radiation. 

spurious pulse mode— An unwanted pulse mode 
that is formed by the chance combination of two or 
more pulse modes and is indistinguishable from a pulse 
interrogation or reply. 
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spurious radiation — Also called spurious emission. 
Emissions from a radio transmitter at frequencies out- 
side its assigned or intended emission frequency. Spurious 
emissions include harmonic emissions, parasitic emis- 
sions, and intermodulation products, but exclude emis- 
sions in the immediate vicinity of the necessary band, 
which are a result of the modulation process for the trans- 
mission of information. 

spurious response —1. Any undesired response 
from an electric transducer or similar device. 2. The sen- 
sitivity of a circuit to signals of frequencies other than 
the frequency to which the circuit is tuned. 3. In elec- 
tronic warfare, undesirable signal images in the intercept 
receiver as a result of mixing of the intercepted signal with 
harmonics of the receiver local oscillators. 4. A character- 
istic of a spectrum analyzer wherein displays appear that 
do not conform to the calibration of the radio-frequency 
dial. 5. Response of a frequency-selective system to an 
undesired frequency. 

spurious-response attenuation — The ability of 
a receiver to discriminate between a desired signal to 
which it is resonant and an undesired signal at any other 
frequency to which it is simultaneously responsive. 

spurious-response ratio—Ratio of the field 
strength at the frequency that produces a spurious 
response to the field strength at the desired frequency, 
each field being applied in turn to produce equal outputs. 
Image ratio and intermediate-frequency response ratio are 
special forms of spurious-response ratio. 

spurious-response rejection — The ability of an 
FM tuner to reject spurious signals falling outside the 
tuned frequency, or the immunity of the tuner itself 
to the production of spurious signals as the result of 
intermodulation, etc. 

spurious signal— 1. An unwanted signal generated 
either in the equipment itself or externally and heard (or 
seen) as noise. 2. Undesired signals appearing external 
to an equipment or circuit. They may be harmonics of 
existing desired signals, high-frequency components of 
complex waveshapes, or signals produced by incidental 
oscillatory circuits. 3. An undesired false signal. 

spurious transmitter output — Any component of 
the radio-frequency output that is not implied by the type 
of modulation and the specified bandwidth. 

spurious transmitter output, conducted—A 
spurious output of a radio transmitter that is conducted 
over a tangible transmission path such as a power 
line, control circuit, radio-frequency transmission line, 
waveguide, etc. 

spurious transmitter output, extraband—A 
spurious transmitter output that lies outside the specified 
band of transmission. 

Spurious transmitter output, inband— A spuri- 
ous transmitter output that lies within the specified band 
of transmission. 

spurious transmitter output, radiated — A spu- 
rious output radiated from a radio transmitter. (The asso- 
ciated antenna and transmission lines are not considered 
part of the transmitter.) 

spurious tube counts— Also called spurious 
counts. The counts in radiation-counter tubes other than 
background counts and those caused directly by the radi- 
ation to be measured. They are caused by electrical leak- 
age, failure of the quenching process, etc. 

spurt tone — A short-duration audio-frequency tone 
used for signaling or dialing selection. 

sputtering— Also called cathode sputtering. 1. A 
process sometimes used in the production of a metal 
master disc. In this process the original is coated with 
an electric conducting layer by means of an electric dis- 
charge in a vacuum. 2. A thin-film technique in which 
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material for the film is ejected from the surface of the bulk 
source when the source is subjected to 10n bombardment. 
3. Dislocation of surface atoms of a material bombarded 
by high-energy atomic particles. 4. A method of deposit- 
ing a thin film or material onto a substrate. The substrate 
is placed in a large demountable vacuum chamber having 
a catnode made of the metal or ceramic to be sputtered. 
The chamber is then operated so as to bombard the cath- 
ode with positive ions. As a result, small particles of the 
material tall uniformly on the substrate. 5. A deposition 
process wherein a surface, or target, is immersed in an 
inert-gas plasma and is bombarded by ionized molecules 
that eject surface atoms, The process is based on the dis- 
integration of the target material under ion bombardment. 
Atoms broken away from the target material by gas ions 
deposit on the part (substrate), forming a thin film. 

SQ — A matrix system developed by CBS, Inc, 

s-quad — Also called simple quad. An arrangement 
of two parallel paths, each of which contains two elements 
in series. 

square— A unit area, i.e., the ratio of length/ 
width = 1. 

square-law 
detector. 

square-law detection— Detection in which the 
output voltage is substantially proportional to the square 
of the input voltage over the useful range of the detector. 

square-law detector— Also called square-law 
demodulator. A detector in which the output signal current 
is proportional to the square of the radio-frequency input 
voltage. Operation of this circuit depends on nonlinearity 
of the detector characteristic, rather than on rectification, 

square-law scale meter—A meter in which the 
deflection is proportional to the square of the applied 
energies, 

square-loop ferrite —A ferrite with a rectangular 
hysteresis loop. 

square-loop material —Ferromagnetic material 
having a squareness ratio approaching 1. Compare rect- 
angular loop. 

squareness —The ratio of the residual induction 
to the maximum induction obtained at the maximum 
magnetizing field being used. It can be considered as a 
figure of merit of the flatness of the decaying magnetizing 
curve. 

squareness ratio — 1. For a magnetic material in a 
symmetrically cyclically magnetized condition, the ratio 
of the flux density at zero magnetizing force to the 
maximum flux density. 2. The ratio of the flux density to 
the maximum flux density when the magnetizing force has 
changed halfway from zero toward its negative limiting 
value. 

square wave — 1. A square- or rectangular-shaped 
periodic wave that alternately assumes two fixed values 
for equal lengths of time, the transition time being 
negligible in comparison with the duration of each fixed 
value. 2. An ac periodic waveform in which voltage 
alternates rapidly from a positive peak value to the 
negative peak value, and vice versa, after a delay. 

square-wave  amplifier— A  resistance-coupled 
amplifier (in effect, a wideband video amplifier) that 
amplifies a square wave with a minimum of distortion. 

square-wave generator— A signal generator for 
producing square or rectangular waves. It is useful for 
testing the frequency response of wideband devices. See 
also square-wave testing, 

square-wave response— In camera tubes, the 
ratio of the peak-to-peak signal amplitude given by a test 
pattern consisting of alternate black and white bars of 
equal widths to the difference in signal between large 
areas of black and white having the same illuminations 
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as the bars. Horizontal square-wave response is measured 
if the bars are perpendicular to the horizontal scan, and 
vertical square-wave response is measured if they are 
parallel. 

square-wave testing — The use of a square wave 
signal to test the frequency response of a wideband device. 
The output wave seen on an oscilloscope will show how 
much the square wave was distorted in passing through 
the device. 

squaring circuit—1. A circuit that changes a sine 
wave or other wave into a square wave. 2. A circuit that 
contains nonlinear elements and that produces an output 
voltage proportional to the square of the input voltage. 

squawker— The midrange speaker of a three-way 
System. 

squeal — 1. Audible tape vibrations, primarily in the 
longitudinal node, caused by a frictional excitation at the 
heads and guides. 2. In a radio receiver, a high-pitched 
tone heard together with the wanted signal. 

squealing — The high-pitched noise heard along with 
the desired intelligence in a radio receiver. It is due to 
interference between stations or to oscillation in one of 
the receiver circuits. 

squeegee — The part of a screen printer used in 
thick-film circuit manufacturing that pushes the compo- 
sition across the screen and through the mesh onto the 
substrate. 

squeezable waveguide—Jn radar, a variable- 
width waveguide for shifting the phase of the radio- 
frequency wave traveling through it. 

squeeze section— A length of waveguide whose 
critical dimension can be altered to correspond to changes 
in the electrical length. 

squeeze track—A variable-density sound track in 
which variable width with greater signal-to-noise ratio is 
obtained by means of adjusting masking of the recording 
light beam and simultaneously increasing the electric 
signal applied to the light modulator. 

squegger— A self-quenching oscillator in which the 
suppression occurs in the grid circuit. 

squegging — A self-blocking condition in an oscil- 
lator circuit, 

squegging oscillator — See blocking oscillator, 1. 

squelch — To automatically quiet a receiver by reduc- 
ing its gain in response to a specified characteristic of the 
input. 

squelch circuit — 1. A circuit for preventing a radio 
receiver from producing an audio-frequency output in the 
absence of a signal having predetermined characteristics. 
A squelch circuit may be operated by signal energy 
in the receiver passband, by noise quieting, or by a 
combination of the two (ratio squelch). It may also be 
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operated by a signal having modulation characteristics 
(selective squelch). 2. A circuit that silences a receiver 
in the absence of signals above a certain level of signal 
strength. This squelch threshold is usually adjustable and 
will stop background noise from reaching the speaker but 
will activate the receiver when an intelligible signal 1s 
detected. 

squib — Contained powder charge and initiating 
device that, when energized, produces heat and pressure. 

squint — In radar, an ambiguous term meaning either 
the angle between the two major-lobe axes in a lobe- 
switching antenna or the angular difference between the 
axis of antenna radiation and a selected geometric axis 
such as the axis of the reflector. 

squint angle —The angle between the physical axis 
of the antenna center and the axis of the radiated beam. 

squirrel-cage induction motor— An induction 
motor in which the secondary circuit, usually the rotor, 
consists of a squirrel-cage winding (two discs connected 
along their circumference with copper bars) arranged in 
slots in the iron core. 

squirrel-cage motor — A rugged electric motor that 
basically consists of two components: a wound stator and 
the rotor assembly, which most typically consists of a 
laminated cylindrical iron core with slots for conductors. 
The unit rotates when a moving magnet field induces a 
current in the shorted rotor conductors. 

squirrel-cage winding—A permanently short- 
circuited winding that is usually uninsulated and has its 
conductors uniformly distributed around the periphery of 
the machine, and is joined by continuous end rings. 

squitter—-In radar, random firing (intentional or 
otherwise) of the transponder transmitter in the absence 
of interrogation. 

SRAM — Abbreviation for static random-access mem- 
ory. A read/write memory in which the data are latched 
and retained. SRAMs do not lose their contents as long as 
power is on. This memory does not need to be refreshed 
as does a DRAM. 

S/rf meter — An indicator on some CB transceivers 
to indicate relative strength of an intercepted signal 
when receiving, and the relative rf power output when 
transmitting. 

SSB — See single sideband. 

SSFM—A system of multiplex in which single- 
sideband subcarriers are used to frequency modulate a 
second carrier. 

SSI— Abbreviation for small-scale integration. 1. A 
classification of ICs by size, applicable to chips that con- 
tain less than 12 gates or circuits of equivalent complex- 
ity. 2. A circuit of under 10 gates, generally involving 
one metallization level implementing one circuit function 
in monolithic silicon. 3. The earliest form of integrated- 
circuit technology. A typical SSI circuit contains from one 
to four logic circuits. 

SS loran — Sky-wave-synchronized loran. Loran in 
which the slave station is controlled by the sky wave 
from the master station rather than the ground wave. This 
method is used with unusually long base lines. 

SSPM— A system of multiplex in which single- 
sideband subcarriers are used to phase-modulate a second 
Carrier. 

SSR — Abbreviation for solid-state relay. 

SSTV— Abbreviation for Slow Scan Television. 
1. Sending still images (usually black and white) by 
means of audio tones over telephone lines or on the 
MF/HF bands. Transmission times vary from a few 
seconds to several minutes. 2. A television system that 
employs a slow rate of horizontal scanning suitable 
for transmission of printed matter, photographs, and 
illustrations, 
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stability — 1. The ability of a component or device to 
maintain its nominal operating characteristics after being 
subjected to changes in temperature, environment, current, 
and time. It is usually expressed in either percent or parts 
per million for a given period of time. 2. The ability of 
a power supply to maintain a constant output voltage (or 
current) over a period of time under fixed conditions of 
input, load, and temperature. Usually expressed in terms 
of a voltage (or current) change over a fixed length of 
time. 3. The ability to maintain effectiveness within rea- 
sonable bounds in spite of large changes in environment. 
4. For a feedback-control system or element, the property 
such that its output will ultimately attain a steady-state dc 
level within the linear range and without continuing exter- 
nal stimuli. 5. The overall ability of a resistor to maintain 
its initial resistance value over extended periods when 
subjected to any combination of environmental conditions 
and electrical stresses. 6. The ability of a motor-control 
system to operate at or near a constant speed over a wide 
load range without oscillations in speed (hunting). 7. A 
measure of deviations from a rated output over long peri- 
ods. 8. Fluctuations in accuracy, or drift, over a given 
period. 

stability factor—The measure of the bias stability 
of a transistor amplifier. It is defined as the change in 
collector current, 7c, per change in cutoff current, Ic. 

stabilivolt —A gas-filled tube containing a number of 
concentric, coated iron electrodes. It is used as a source 
of practically constant voltage for apparatus drawing only 
small currents, 

stabilization — 1. The introducing of stability into a 
circuit. 2. A process by means of which the output of 
electromechanical transducers is optimized by adjusting 
magnetic and mechanical parameters for its maximum 
magnetic permanency, to maintain its output stable under 
changing environmental and external conditions. 3. The 
reduction of variations in voltage or current not due to 
prescribed conditions. 4. The treatment of a permanent- 
magnet material designed to increase the permeance of 
its magnetic properties. This process may include such 
conditions as heat, shock, or demagnetizing fields so 
that the magnet will produce a constant magnetic field. 
Stabilization generally refers only to magnetic stability 
wherein if the disturbing influence were removed and 
the magnet remagnetized, any magnetic changes can be 
completely restored. Flux changes caused by internal 
structural changes are permanent in character and cannot 
be restored simply by remagnetization. 

stabilization bake— A preconditioning performed 
on finished material to ensure reliability in commercial 
end use. In semiconductors this procedure accelerates 
any inherent metallurgical and/or chemical degradation 
within the device and takes care of over 95 percent of 
the failures due to infant mortality. In addition, it acts to 
stabilize such semiconductor parameters as current gain 
(beta), breakdown voltage, and diode leakage. 

stabilization network — A network used to prevent 
oscillation in an amplifier with negative feedback. 

stabilized feedback — See negative feedback. 

stabilized flight— A type of flight in which control 
information is obtained from inertia-stabilized references 
such as gyroscopes. 

stabilized local oscillator — An extremely stable 
radio-frequency oscillator used as a local oscillator in 
the superheterodyne radar receiver in a moving-target 
indicator system. 

stabilized master oscillator —The master oscil- 
lator in complex microwave systems that acts as the 
frequency reference for all rf signals within the system. 
Usually crystal and temperature controlled for maximum 
frequency stability. 
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stabilized shunt-wound motor — A shunt-wound 
motor to which a light series winding has been added to 
prevent a rise in speed, or to reduce the speed when the 
load increases. 

stabilized winding — Also called tertiary winding. 
An auxiliary winding used particularly in star-connected 
transformers to (a) stabilize the neutral point of the fun- 
damental frequency voltage, (b) protect the transformer 
and the system from excessive third-harmonic voltages, 
or (c) prevent telephone interference caused by third- 
harmonic currents and voltages in the lines and earth. 

stabistor— A voltage-limiting semiconductor. A 
diode designed to break over and conduct at a certain 
voltage. This is the normal forward conduction of a diode 
and is also characteristic of Zener diodes, which avalanche 
into conduction when breakdown (backward) voltage is 
exceeded. 

stable element— In navigation, an instrument or 
device that maintains a desired orientation independently 
of the vehicle motion. 

stable oscillation—- A response that does not 
increase indefinitely with time; the opposite of an unstable 
oscillation. 

stable platform — Also called a gyrostabilized plat- 
form. A gyro instrument that provides accurate azimuth, 
pitch, and roll attitude information. In addition to serv- 
ing as reference elements, they are used for stabilizing 
accelerometers, star trackers, and similar devices in space. 

stable strobe — A series of strobes that behaves as 
if caused by a single jammer. 

stack — |. That portion of a computer memory and/or 
registers used to temporarily hold information, usually the 
contents of the internal registers within a microprocessor 
chip, 2. See pileup, 1. 3. A block of successive memory 
locations that is accessible from one end on a last- 
in first-out basis (LIFO). The stack is coordinated with 
the stack pointer, which keeps track of storage and 
retrieval of each byte of information in the stack. A stack 
may be any block of successive information locations 
in the read/write memory. 4. A series of extra data 
registers, found especially in calculators using reverse 
Polish notation. The stack is used as a “first-in, last-out” 
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type of memory. Data is shifted into the stack by 
pressing an operational key, and is shifted down by 
pressing an operational key. The lowest registers and 
any subsequent registers on a nonrandomly accessible 
basis allow storage of intermediate results prior to their 
reuse with a later completing operation. Thus, access 
to parentheses (brackets) is automatic on pressing the 
ENTER key. A four-level stack (X, Y, Z, t) has the 
capability of three levels of parentheses (three sets of 
brackets). 5. A data area allocated to a process from 
which individual stack frames are allocated. 6. A region 
of memory that works by special rules, Each time the 
computer stores a word there, it goes on top of the stack 
and all the previously stored words move down one level. 
When a computer takes a word off the top of the stack, 
everything moves up one level, until the stack is empty. 
The computer has access only to the top of the stack. 
Piling a word on the stack is called a push, and taking 
a word off is called a pull or a pop. 7. A sequence of 
memory locations used in LIFO (last-in, first-out) fashion 
that stores, or stacks, computer words when the computer 
receives an interrupt request. A stack pointer specifies the 
last-in entry (or where the next-in entry will go). 8. A 
dynamic, sequential data list, usually contained in system 
memory, having special provisions for program access 
from one end or the other. Storage and retrieval of data 
from the stack is generally automatically performed by the 
processor. 9. A last-in, first-out structure that preserves 
the chronological ordering of information. Stacks are 
necessary for subroutines and interrupt management. A 
stack is manipulated by two basic instructions: push 
and pop. 

stacked array— 1. An antenna system consisting 
of two or more antennas connected together and placed 
with respect to each other to increase the gain in a 
specific direction or directions, 2. A group of several 
identical microwave antennas placed one above the other 
to increase the gain of an antenna. They are connected 
in proper phase relationship, so that their signals are 
additive. 

stacked-beam radar— A three-dimensional radar 
system in which elevation information is derived by 
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emitting narrow beams placed one above the other to 
cover a vertical segment, azimuth information is obtained 
by horizontal scanning of the beam, and range information 
is obtained from the echo-return time. 

stacked-diode laser — A type of laser used when a 
great amount of power is required. Avoiding the bulk of 
large numbers of optical lenses, this instrument offers high 
output intensity and a small emitting region at reasonable 
drive currents. 

stacked dipole antenna— Antenna in which the 
antenna directivity is increased by providing a number 
of identical dipole elements, excited either directly or 
parasitically. The resultant radiation pattern will depend 
on the number of dipole elements used, the spacing and 
phase difference between the elements, and the relative 
magnitudes of the currents. 

stacked heads— Also called inline heads. An 
arrangement of magnetic recording heads used for stereo- 
phonic sound. The two heads are directly in line, one 
above the other. 

stack frame — A contiguous data area allocated for 
every activation of a routine; holds parameter values, 
local variables, temporary variables, and return-linkage 
information. 

stack pointer— 1. A register that comes into use 
when the microprocessor must service an interrupt—a 
high-priority call from an external device for the central 
processing unit to suspend temporarily its current oper- 
ations and divert its altention to the interrupting task. A 
CPU must store the contents of its registers before it can 
move on to the interrupt operation. It does this in a stack, 
so named because information 1s added to its top, with the 
information already there being pushed further down. The 
stack thus is a last-in, first-out type of memory. The stack- 
pointer register contains the address of the next unused 
location in the stack. 2. The counter or register used to 
address a stack in the memory. 

stage — 1. A term usually applied to an amplifier to 
mean one step, especially if part of a multistep process; 
or the apparatus employed in such a step. 2. A hydraulic 
amplifier used in a servovalve. Servovalves may be single- 
stage, two-stage, three-stage, etc. 3. A single section of a 
multisection circuit or device. 

stage-by-stage elimination — A method of locat- 
ing trouble in electronic equipment by using a signal 
generator to introduce a test signal into each stage, one at 
a time, until the defective stage is found. 

stage efficiency — Ratio of useful power (alternat- 
ing current) delivered to the load to the power at the input 
(direct current). 

stagger — Periodic positional error of the recorded 
spot along a recorded facsimile line. 

staggered heads— An infrequently used arrange- 
ment of magnetic recording heads for stereophonic sound. 
The heads are 17/2 inch (30.95 mm) apart. Stereo tapes 
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recorded with staggered heads cannot be played on 


recorders using stacked heads, and vice versa. 

staggered tuning —A means of producing a wide 
bandwidth in a multistage IF amplifier by tuning to 
different frequencies by a specified amount. 

staggering — The offsetting of two channels of dif- 
ferent carrier systems from exact sideband-frequency 
coincidence in order to avoid mutual interference. 

staggering advantage — A reduction in intelligible 
crosstalk between identical channels of adjacent carrier 
systems as a result of using slightly different frequency 
allocations for the different systems. 

stagger time— The interval between the times of 
actuation of any two contact sets. 

stagger-tuned amplifier — An amplifier consisting 
of two or more stages, each tuned to a different frequency. 

stagnation thermocouple —A type of thermo- 
couple in which a high recovery factor is achieved by 
stagnating the flow in a space surrounding the junction. 
This results in a high response time as compared with an 
exposed junction. 

staircase —A video test signal containing several 
steps at increasing luminance levels. The staircase signal 
is usually amplitude modulated by the subcarrier fre- 
quency and is useful for checking amplitude and phase 
linearities in video systems. 

staircase generator—A special-purpose signal 
generator that produces an output that increases in steps; 
thus, its output waveform has the appearance of a 
staircase. 

staircase signal—A waveform consisting of a 
series of discrete steps resembling a staircase. 

stall torque— 1. The torque that the rotor of an 
energized motor produces when restrained from motion. 
2. The torque developed by a servomotor at speed in 
excess of 1 rpm but less than 0.5 percent of the syn- 
chronous speed with a rated voltage and frequency of the 
proper phase relationship applied to both windings. 3. See 
holding torque. 

stalled-torque control— A control function used 
to control the drive torque at zero speed. 

stalo— Acronym for stabilized local oscillator. A 
highly stable oscillator, usually stabilized by feedback 
from a very high-Q LC circuit such as a high-Q cavity. 
Used as part of a moving-target indication device in 
conjunction with a radar. 

stamped printed wiring — Wiring that is produced 
by die stamping and that is bonded to an insulating base. 

stamper— A negative (generally made of metal by 
electroforming) from which finished records are molded. 

stand-alone — 1. Pertaining to a device that requires 
no other piece of equipment along with it to complete 
its own operation or function. 2. A system or piece of 
equipment that is capable of doing its job without being 
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connected to anything else. 3, Self-contained, not requir- 
ing any special add-ons or supports, e.g., a stand-alone 
word processor. 4. Word-processing equipment that con- 
tains all the necessary components within itself, allowing 
it to operate entirely by itself. This and shared logic are 
the two major types of word-processing equipment. 

stand-alone system-—A microcomputer software 
development system that runs on a microcomputer with- 
out connection to another computer or a time-sharing 
system. This system includes an assembler, editor, and 
debugging aids. It may include some of the features of a 
prototyping kit. 

stand-alone terminal — See intelligent terminal. 

standard — 1. An exact value, or a concept estab- 
lished by authority, custom, or agreement, that serves as 
a model or rule in the measurement of a quantity or in the 
establishment of a procedure. 2. A device used to main- 
tain continuity of value in the units of measurement by 
periodic comparison with higher-echelon or national stan- 
dards. 3. An agreement on a definition. By referencing 
standards, which may be either test methods or physical 
or electrical descriptions, a component or system having 
desired properties may be obtained. 4. A specification for 
data communication that is widely accepted and imple- 
mented by communications vendors. Standards may be 
formal (published by a recognized standards organization) 
or de facto (accepted without formal publication). 

standard antenna— An open single-wire antenna, 
including the lead-in wire, having an effective height of 
four meters. 

standard beam approach— Abbreviated SBA. 
A VHF, 40-MHz continuous-wave low-approach system 
using a localizer and markers. The two main-signal lobes 
are tone-modulated with the Morse-code letters E and 
T (e and —). These modulations form a continuous tone 
when the aircraft is on its course. The airborne equipment 
is usually instrumented for visual reference, but may be 
used aurally in some applications. 

standard broadcast band — The band of frequen- 
cies extending from 530 to 1710 kilohertz. 

standard broadcast channel — The band of fre- 
quencies occupied by the carrier and two sidebands of a 
broadcast signal. The carrier frequency is at the center, 
with the sidebands extending 5 kHz on either side. 

standard broadcast station—A radio station 
operated on a frequency between 530 and 1710 kHz 
for the purpose of transmitting programs intended for 
reception by the general public. 

standard candle—A unit of candlepower equal 
to a specified fraction of the visible light radiated by 
a group of 45 carbon-filament lamps preserved at the 
National Bureau of Standards, the lamps being operated at 
a specified voltage. The standard candle was originally the 
amount of light radiated by a tallow candle of specified 
composition and shape. 

standard capacitor— A capacitor whose capaci- 
tance is not likely to vary. It is used chiefly in capacitance 
bridges. 

standard cell —1. A primary cell that serves as a 
standard of voltage. 2. Predefined circuit elements that 
may be selected and arranged to create a custom or semi- 
custom integrated circuit more easily than through orig- 
inal (custom) design. Cell libraries provide the building 
blocks from which designers create ASICs (application- 
specific integrated circuits). 

standard component— A component that is reg- 
ularly produced by some manufacturer and is carried in 
stock by one or more distributors. 

standard deflection — 1. In a galvanometer having 
an attached scale, one scale division. 2. In a galvanometer 
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without an attached scale, 1 millimeter when the scale 
distance is 1 meter. 

standard deviation — 1. A measure of the variation 
of data from the average. It is equal to the root mean 
square of the individual deviations from the average. 
2. A measure of dispersior. of data or of a variable. The 
standard deviation is computed by finding the difference 
between the average and actual observations, squaring 
each difference, summing the squared differences, finding 
the average squared difference (called the variance), and 
then taking the square root of the variance. 3. A statistical 
measure used most often when analyzing experimental 
data. The standard deviation of a set of data is the measure 
of the dispersion of data values about the mean. 

standard electrode potential —An equilibrium 
electrode potential for an electrode in contact with an 
electrolyte in which all of the components of a specified 
chemical reaction are in their standard states. The standard 
state for an ionic constituent is unit ion activity. 

standard error— Applied to statistics such as the 
mean to provide a distribution within which samples of 
the statistics are expected to fall. 

standard eye—An observer that has red and 
infrared luminosity functions. 

standard facility — In programming actions, a basic 
communications electronics functional entity that is engi- 
neered to satisfy a specific communications electronics 
operational requirement. An associated standard facility 
equipment list describes the facility functionally and indi- 
cates the material required for the standard facility. 

standard-frequency service —A radiocommuni- 
cation service that transmits for general reception speci- 
fied standard frequencies of known high accuracy. 

standard-frequency signal— One of the highly 
accurate signals broadcast by the National Bureau of 
Standards radio station WWV on 2.5, 5, 10, 15, 20, and 
25 MHz. 

standard-gain horn— A waveguide device that has 
essentially flared out its waveguide dimensions to specific 
lengths that match (with certain gain) the incoming energy 
to the atmosphere. The applications include using these 
horns for reflectors and lenses, pickup horns for sampling 
power, and receiving and transmitting antennas. 

standardization — The process of establishing by 
common agreement engineering criteria, terms, principles, 
practices, materials, items, processes, equipment, parts, 
subassemblies, and assemblies to achieve the greatest 
practicable uniformity of items of supply and engineer- 
ing practices, to ensure the minimum feasible variety of 
such items and practices, and to effect optimum inter- 
changeability of equipment parts and components. 

standard luminosity curve— An empirically 
derived function that describes the response of the eye to 
radiation of different wavelengths. (The terms luminous 
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and illumination indicate that this function is taken into 
account.) 

standard microphone—A microphone whose 
response is known for the condition under which it is 
to be used. 

standard noise temperature — A standard refer- 
ence temperature (T) for noise measurements, taken as 
290 K. 

standard observer — A hypothetical observer who 
requires standard amounts of primaries in a color mixture 
to match every color. 

standard pitch —-The tone A at 440 hertz. 

standard play— An arbitrary description given to 
identify a spool of “thick” recording tape with a specified 
playing time according to reel size. For example, a 7-inch 
(17.8-cm) spool will hold 1200 ft (366 m) of standard- 
play tape; a 5-inch (12.7-cm) spool will hold 600 ft 
(182 m). The actual playing time is then dependent on 
tape speed. 

standard propagation— Propagation of radio 
waves over a smooth, spherical earth of uniform dielectric 
constant and conductivity, under standard atmospheric 
refraction. 

standard reference temperature — In a thermis- 
tor, the body temperature for which the nominal zero- 
power resistance is specified. 

standard refraction — The refraction that would 
occur in an idealized atmosphere; the index of refraction 
decreases uniformly with height at the rate of 39 x 
1076 per Kilometer. 

standard register of a motor meter— Also 
called a dial register. A four- or five-dial register, each 
dial being divided into ten equal parts numbered from 0 to 
9. The dial pointers are geared so that adjacent ones move 
in opposite directions at a 10-to-1 ratio. 

standard resistor— Also called a resistance stan- 
dard. A resistor that is adjusted to a specified value, is 
only slightly affected by variations in temperature, and is 
substantially constant over long periods of time. 


Standard resistor. 


standard rod gap—aA gap between the ends of 
two half-inch square rods. Each rod is cut off squarely 
and mounted on supports so that it overhangs the inner 
edge of each support by a length equal to or greater 
than half the gap spacing. It is used for approximate 
measurements of crest voltages. 

standard seawater conditions — Seawater with a 
static pressure of 1 atmosphere, a temperature of 15°C, 
and a salinity such that the velocity of sound propagation 
is exactly 1500 meters per second. 
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standard source—In fiber optics, the reference 
optical power source to which emitting and detecting 
devices are compared for calibration purposes. 

standard sphere gap— A gap between two metal 
spheres of standard dimensions. It is used for measuring 
the crest value of a voltage by observing the maximum 
gap spacing at which sparkover occurs when a voltage is 
applied under known atmospheric conditions. 

standard subroutine — In a computer, a subroutine 
that is applicable to a class of problems. 

standard television signal—A signal that con- 
forms to accepted specification. 

standard test conditions—The environmental 
conditions under which measurements should be made 
when disagreement of data obtained by various observers 
at different times and places may result from making 
measurements under other conditions 

standard test-tone power—One milliwatt 
(0 dBm) at 1000 hertz. 

standard voltage generator — See signal genera- 
tor, 1. 

standard volume indicator — A volume indicator 
with the characteristics prescribed by the American Stan- 
dards Association. 

standby— 1. The condition of equipment that will 
permit complete resumption of stable operation within a 
short period of time. 2. A duplicate set of equipment to 
be used if the primary unit becomes unusable because of 
malfunction. 

standby battery — A storage battery held in reserve 
to serve as an emergency power source in event the 
regular power facilities at a radio station, hospital, etc., 
fail, 

standby power generator — An alternating-current 
generator, held in reserve and used to supply the necessary 
ac power requirements when there is failure of commer- 
cially supplied ac power. 

standby power supply — Equipment that supplies 
power to a system in the event the primary power is lost. It 
may consist of batteries, charging circuits, auxiliary motor 
generators, or a combination of these devices. 

standby redundancy — That redundancy wherein 
the alternative means of performing the function is 
inoperative until needed and is switched upon failure of 
the primary means of performing the function. 

standby register — A register in which accepted or 
verified information can be stored to be available for 
a rerun in the event of a mistake in the program or a 
malfunction in the computer, 

standby transmitter— A transmitter installed and 
maintained ready for use whenever the main transmitter 
is out of service. 

standing current— The current present in a circuit 
in the absence of signal. 

standing-on-nines carry — A system of executing 
the carry process in a computer. If a carry into a given 
place produces a carry from there, the incoming carry 
information is routed around that place. 

standing wave—Also called stationary wave. 
1. The distribution of current and voltage on a 
transmission line formed by two sets of waves traveling 
in opposite directions, and characterized by the presence 
of a number of points of successive maxima and minima 
in the distribution curves. At points where the voltages 
of the two waves add, there will be a voltage antinode; 
at points where the voltages subtract, there will be a 
voltage node. The nodes and antinodes do not move, 
and the resultant wave is called a standing wave. 2. The 
combination of two waves having the same frequency and 
amplitude and traveling in opposite directions. Standing 
waves are indicated by a stationary set of nodes spaced 
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one-half wavelength apart along the propagation direction 
of the waves. The modes of optical resonators are standing 
waves produced as the radiation travels back and forth 
between highly reflecting walls. 

standing-wave detector — See 
meter. 

standing-wave 
meter. 

standing-wave loss factor — Ratio of the trans- 
mission loss in a waveguide when it is unmatched com- 
pared w:th the loss when it is matched. 

standing-wave meter— Also called a standing- 
wave indicator or detector. An instrument for measuring 
the standing-wave ratio in a transmission line. It may also 
include means for finding the location of maximum and 
minimuin amplitudes. 

standing-wave ratio — Abbreviated SWR. The 
ratio of current (or voltage) at a loop (maximum) in the 
transmission line to the value at a (minimum) node. It is 
equal to the ratio of the characteristic impedance of the 
line to the impedance of the load connected to the output 
end of the line. 

standing-wave-ratio bridge — Abbreviated SWR 
bridge. A bridge for measuring the standing-wave ratio 
on a transmission line to check the impedance match. 

standing waves—The behavior of air pressure 
waves in an enclosed room or box, giving rise to 
resonances that occur, They are created by the effects 
of multiple sound reflections between opposite walls, and 
cycle at frequencies determined by the distance between 
them. In effect, the room acts as a resonator. 

standoff insulator— 1. An insulator used to hold a 
wire or other radio component away from the structure 
on which it is mounted, 2. An insulator used to support 
a high-voltage lead, such as an antenna feeder, at some 
distance from the mounting surface. 

star chain—A group of navigational radio trans- 
mitting stations comprising a master station about which 
three or more slave stations are symmetrically located. 

star-connected circuit—A polyphase circuit in 
which all current paths within the region that limits the 
circuit extend from each of the points of entry of the 
phase conductors to a common conductor (which may be 
the neutral conductor). 

star connection — See wye connection. 

Stark effect—The splitting or shifting of spectral 
lines or energy levels due to an applied electric field. 

starlight—A scene illumination of 1/10,000 of a 
footcandle. 

star network — A set of three or more branches with 
one terminal of each connected at a common node. 

star-quad cable—Four wires laid together and 
twisted as a group. 

start bit— In asynchronous transmission, the first bit 
used to indicate the beginning of a character; normally, a 
space condition that serves to prepare the receiving equip- 
ment for the reception and registration of the character. 

start dialing signal—A signal transmitted from 
the incoming end of a circuit, after receipt of a seizing 
signal, to indicate that the circuit conditions necessary 
for receiving the numerical routine information have been 
established. 

start element— In certain serial transmissions, the 
initial element of a character, used for the purposes of 
synchronization. In Baudot teletypewriter operation, the 
start element is one space bit. 

starter— 1. An auxiliary electrode used to initi- 
ate conduction in a glow-discharge cold-cathode tube. 
2. Sometimes referred to as a trigger electrode. A control 
electrode whose principal function is to establish suffi- 
cient ionization to reduce the anode breakdown voltage 
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in a gas tube. 3. An electric controller for accelerating a 
motor from rest to normal speed. 

starter breakdown voltage — The voltage required 
to initiate conduction across the starter gap of a glow- 
discharge cold-cathode tube, all other tube elements being 
held at cathode potential before breakdown. 

starter gap — The conduction path between a starter 
and the other electrode to which the starting voltage is 
applied in a glow-discharge cold-cathode tube. 

starter voltage drop —The voltage drop across the 
starter gap after conduction is established there in a glow- 
discharge cold-cathode tube. 

starting anode-—The anode that establishes the 
initial arc in a mercury-arc rectifier tube. 

starting circuit breaker—-A device whose prin- 
cipal function is to connect a machine to its source of 
starting voltage. 

starting current of an oscillator— The value of 
oscillator current at which self-sustaining oscillations will 
start under specified loading. 

starting electrode — The electrode that establishes 
the cathode spot in a pool-cathode tube. 

starting reactor—A reactor for decreasing the 
starting current of a machine or device. 

starting torque—Also called pull-in torque. 
l. The maximum load torque with which motors can start 
and come to synchronous speed. 2. The torque necessary 
to initiate motion of a system. 

starting voltage—The voltage necessary for a 
gaseous voltage regulator to become ionized or to start 
conducting. As soon as this happens, the voltage drops to 
the operating value. 

start lead — Also called inside lead. The inner termi- 
nation of a winding. 

startover— A program function that causes an inac- 
tive computer to become active. 

start-record signal — In facsimile transmission, the 
signal that starts the converting of the electrical signal to 
an image on the record sheet. 

start signal—The signal that couverts facsimile- 
transmission equipment from standby to active. 

start-stop multivibrator— See monostable multi- 
vibrator; flip-flop multivibrator. 

start-stop system — A system in which each group 
of code elements that represents an alphabetical signal is 
preceded by a start signal and followed by a stop signal. 
The start signal prepares the receiving mechanism to 
receive and register the character. The stop signal causes 
the receiving mechanism to come to rest in preparation 
for reception of the next character. 

start-stop transmission — The method of trans- 
mission used in a start-stop system. 

start-up — The time between equipment installation 
and the full operation of the system. 

start-without-error rate — Stepping rate at which 
a Stepper motor with no external load inertia can start and 
stop without losing a step. 

start-without error torque— Also called pull-in 
torque. Force moment produced by a stepper motor when 
started at a fixed frequency or step rate. 

starved amplifier—An amplifier employing pen- 
tode tubes in which the screen voltage is set 10 percent 
below the plate voltage and the plate-load resistance is 
increased to 10 times the normal value. Thus, the ampli- 
fication factor is greatly increased— often a stage gain of 
2000 is achieved. 

stat-—A prefix used to identify electrostatic units 
in the cgs system. See also statampere; statcoulomb; 
statfarad; stathenry; statmho; statohm; statvolt. 


statampere — staticizer 


statampere —The cgs electrostatic unit of electric 
current, equal to 3.3356 x 107*% ampere (absolute). 

statcoulomb — The cgs electrostatic unit of charge, 
equal to 3.3356 x 1071% coulomb (absolute). 

state — 1. The condition of a circuit, system, etc. 
2. The condition at the output of a circuit that represents 
logical O or logical 1. 3. A condition or set of conditions 
considered together, especially one of the two normal 
sets of operating conditions of a gate or flip-flop. 4. The 
logical 0 or 1 condition in PC memory or at a circuit's 
input or output. 

state code— A coded indication of what state the 
CPU is in —responding to an interrupt, servicing a DMA 
request, executing an I/O instruction, etc. 

state diagram — A representation of the stable states 
of a process, and the vectored paths by which the process 
passes to and from these states. 

state machine —A sequential-logic system whose 
outputs depend on previous and present inputs (for 
example, a counter), as opposed to processes that are 
functions of present inputs alone. 

statement—In computer programming, a meaning- 
ful expression or generalized instruction written in a 
source language. 

state of charge — The condition of a storage cell or 
battery in terms of the remaining capacity. 

state table — Also called state transition table. A list 
of the outputs of a logic circuit based on the inputs and 
previous outputs. Such a circuit has memory and cannot 
be described by a simple truth table. 

state transition table — See state table. 

statfarad — The cgs electrostatic unit of capacitance, 
equal to 1.11263 x 107% farad (absolute). 

stathenry —The cgs electrostatic unit of inductance, 
equal to 8.98766 x 107" henrys (absolute). 

static — 1. See atmospherics. 2. A form of informa- 
tion storage in shift registers and memories whereby 
information will be retained as long as power is applied. 
3. Capable of maintaining the same state indefinitely (with 
power applied) without any change of condition. Not 
requiring a continuous refreshing. 4. A state in which a 
quantity does not change appreciably within an arbitrar- 
ily long time interval. 5. In burn-in, the quality of a test 
wherein the device is subject to either forward or reverse 
bias applied to appropriate terminals; voltages are unvary- 
ing throughout test. 

statically balanced arm—A type of tonearm 
whose masses are first balanced about the pivot, then 
deliberately unbalanced by approximately 1 gram in order 
to provide the required tracking force. 

static analysis — Examination of a program (usually 
via computer) for errors and inconsistencies, without 
actual execution. 

static behavior — The bchavior of a control system 
or an individual unit under fixed conditions (as contrasted 
to dynamic behavior, under changing conditions). 

static breakdown voltage — The voltage at which 
a transient suppressor begins to conduct when subjected 
to slow-rising dc. Does not account for transient rise-time 
rates. 

static burn-in — High-temperature test with device 
subjected to unvarying voltage rather than to operating 
conditions; either forward or reverse bias. 

static cell—A memory cell; basically a cross- 
coupled flip-flop. Some power is consumed at all times 
through the two loads. Some newer designs reduce the 
power required to maintain the state of the flip-flop by 
using high-resistance polysilicon load resistors. 

static characteristic — The relationship between a 
pair of variables such as electrode voltage and electrode 
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current, all other voltages being maintained constant. This 
relationship is usually represented by a graph. 

static charge — 1. The accumulated electric charge 
on an object. 2. An electric charge held on the surface of 
an object. 

static check—Of a computer, consists of one or 
more tests of computing elements, their interconnections, 
or both, performed under static conditions. 

static control— A control system in which control 
functions are performed by solid-state devices. 

static convergence —Convergence of the three 
electron beams at the center of the aperture mask in 
a color picture tube. The term static applies to the 
theoretical paths the beams would follow if no scanning 
forces were present. 

static decay—-In a storage tube, decay that is a 
function only of storage surface properties, such as lateral 
or transverse leakage. 

static detector — A device used to detect presence 
of static charges of electricity, which could cause explo- 
sions in hazardous atmospheres. 

static device— As associated with electronic and 
other control or information-handling circuits, the term 
static refers to devices with switching functions that have 
no moving parts. 

static dump — In a computer, a dump performed at 
a particular time with respect to a machine run, often at 
the end of the run. 

static electricity — Stationary electricity — i.e., in 
the form of a charge in equilibrium, or considered 
independently of the effects of its motion. 

static electrode potential— The electrode poten- 
tial measured when there is no net current between the 
electrode and electrolyte. 

static eliminator—1!. A device for reducing atmo- 
spheric static interference in a radio receiver. 2. One of 
a broad range of devices that neutralize nonconductive 
materials by producing a region of ionized air through 
which the charged material can pass. Induction static bars 
consist of a row of grounded metallic points or tufts 
placed as close as possible to the moving material with- 
out touching it. Radioactive static bars employ a coating 
of radioactive substance facing toward the material to 
be discharged at a distance of about 1 inch. Electrical 
static bars have a series of points maintained at high volt- 
age, most frequently capacitively coupled to the voltage 
source so that they are shock-free even when touched. 
A small power unit energizes the electrical bars, which 
are about 1 inch (2.54 cm) from the moving material. 
lonizing air guns and blowers also neutralize static. See 
antistatic sprays. 

static error — An error that does not depend on the 
time-varying nature of a variable. 

static field — A field that is present between the poles 
of either a permanent magnet or an electromagnet that has 
a direct current passing through its coils. 

static focus — The focus attained when the electron 
beam is theoretically at rest or is at the position it would 
occupy if scanning energy were not applied. 

static forward-current transfer ratio—In a 
transistor, the ratio, under specified test conditions, of the 
de output current to the de input current. 

static input resistance — In a transistor, the ratio 
of the de input voltage to the de input current. 

staticize — 1. In a computer, to perform a conversion 
of serial or time-dependent parallel data into a static form. 
2. Occasionally, to retrieve an instruction and its operands 
from storage prior to executing the instruction. 

staticizer— A storage device that is able to take 
information sequentially in time and put it out in parallel. 
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static line regulation — The output voltage varia- 
tion of a power supply as the line voltage is varied slowly 
from rated minimum to rated maximum, with the load 
current held at the nominal value. 

static load regulation — The output voltage varia- 
tion of a power supply as load current is varied slowly 
from 0 to 100 percent of rating, with the input line voltage 
held at the nominal value. 

static machine —A machine for generating an 
electric charge, usually by induction. 

static measurement— A measurement taken under 
conditions in which neither the stimulus nor the environ- 
mental conditions fluctuate. 

static memory — 1. A type of semiconductor mem- 
ory in which the basic storage element can be set to either 
of two states, in which it will remain so long as the power 
stays on. See aiso dynamic memory. 2. A type of semi- 
conductor read/write random-access memory that does not 
require periodic refresh cycles. 3. An MOS memory that 
uses a flip-flop as a storage element. It does not need to 
be refreshed, does not require a clock, and does not lose 
its contents as long as power is applied. 

static MOS array—A circuit made up of MOS 
devices that does not require a clock signal. 

static noise — Noise resulting from lightning, aurora, 
or other atmospheric discharges. 

static power conversion equipment— Any 
equipment that converts electrical power from one form 
to another without the use of moving parts such as rotors 
or vibrators. Static implies the use of semiconductors. 

static pressure — Also called hydrostatic pressure. 
The pressure that would exist at a certain point in a 
medium with no sound waves present. In acoustics, the 
commonly used unit is the microbar. 

static printout——In a computer, a printout of data 
that is not one of the sequential operations and occurs 
after conclusion of the machine run. 

static RAM — Memory that does not require refresh- 
ing because of the cell circuit design although it is still 
volatile, losing data on removal of power. SRAM is more 
expensive than DRAM, but is faster and requires less con- 
trol circuitry. 

static register — A computer register that retains its 
information in static form. 

static regulator — A transmission regulator in which 
the adjusting mechanism is in self-equilibrium at any 
setting, and control power must be applied to change the 
setting. 

static sensitivity — In phototubes, the direct anode 
current divided by the incident radiant flux of constant 
value. 

static shift register—A shift register in which 
logic flip-flops are used for storage. This technique, in 
integrated form, results in greater storage-cell size and 
consequently in shorter shift-register lengths. Its primary 
advantage is that information is retained as long as power 
is supplied to the device. A minimum clock rate is not 
required, and, in fact, the device can be unclocked. 

static skew— 1. A measure of the distance that 
the output from one track is ahead or behind (i.e., 
leading or lagging) the output of another track as a tape 
is transported over the read head. 2. The long-term or 
average misalignment of a drive's read head as referenced 
to a master skew tape. Results from gap scatter and 
misadjustment. 

static storage — In computers, storage in which the 
information does not change position (e.g., electrostatic 
storage, flip-flop storage, binary magnetic-core storage, 
etc.). The opposite of dynamic storage. 
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static subroutine — A digital-computer subroutine 
involving no parameters other than the address of the 
operands, 

static switch—A semiconductor switching device 
in which there are no moving parts. 

static torque — See locked-rotor torque. 

static transconductance —Ir a transistor, the 
ratio of the de output current to the dc input voltage, 

station — |. One or more transmitters, receivers, and 
accessory equipment required to carry on a definite 
radiocommunication service. The station assumes the 
classification of the service in which it operates. 2, An 
input or output point in a communications system, such 
as the telephone set in a telephone system or the point 
at which a business machine interfaces the channel on a 
leased private line. 

stationarity — The absence of variations with ‘ime in 
the special intensity and amplitude distribution of random 
noise. 

stationary appliance — An appliance that is not 
easily moved from one place to another in normal use. 

stationary battery — A storage battery designed for 
service in a permanent location. 

stationary contacts—Those members of contact 
pairs that are not moved directly by the actuating system. 

stationary field—A constant field —i.e., one in 
which the scalar (or vector) al any point does not change 
during the time interval under consideration. 

stationary wave — See standing wave. 

station authentication — Security measure 
designed to establish the authenticity of a transmitting 
or receiving station. 

station battery —The electrical power source for 
signaling in telegraphy. 

station break— 1. A cue given by the station origi- 
nating a program, to notify network stations that they may 
identify themselves to their audiences, broadcast local 
items, etc. 2. The actual time taken in (1) above. 

station license —The instrument of authorization 
for a radio station in the amateur radio service. 

station-to-station call —A telephone call in which 
the calling party does not specify that he or she wishes to 
reach a particular person at the called point. 

statistical multiplexer — See ITDM. 

statistical multiplexing — Multiplexing by provid- 
ing bandwidth on the multiplexed data line only for those 
channels that have data available for transmission. No 
bandwidth is wasted on terminals that are not sending 
data. 

statmho — The cgs electrostatic unit of conductance, 
equal to 1.11263 x 107!” mho (absolute). 

statohm — The cgs electrostatic unit of resistance, 
equal to 8.98766 x 10~!! ohms (absolute). 

stator— 1. The nonrotating part of the magnetic 
structure in an induction motor. 1t usually contains the 
primary winding. 2. The stationary plates of a variable 
capacitor, 3. The conducting surfaces of a switch, Similar 
to the commutator in electrical rotating mechanisms. 

stator of an induction watthour meter — A volt- 
age circuit, one or more current circuits, and a magnetic 
circuit combined so that the reaction with currents induced 
in an individual, or a common, conducting disc exerts a 
driving torque on the rotor. 

stator plates — The fixed plates of a variabie capa- 
citor. 

status — The present condition of a device. Usually 
indicated by flag flip-flops or special registers. See flag. 

status line — A simple method of representing some 
state of a device in an interconnection scheme. 
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status register —Register used in a computer to 
hold status information inside a functional unit, such as 
an MPU, a PIC, a DMAC, or an FDC. A typical MPU’s 
status register provides carry, overflow, sign (“negative”), 
zero, and interrupt. It could also include parity, enable 
(interrupts), or mask. 

status word register — A group of binary numbers 
that informs the user of the present condition of the 
microprocessor. 

statvolt — The cgs electrostatic unit of voltage, equal 
to 299.796 volts (absolute). 

stave — One of the number of individual longitudinal 
elements that comprise a sonar transducer. 

stay cord — A component of a cable, usually a high- 
tensile textile, used to anchor the cable ends at their points 
of termination to keep any pull on the cable from being 
transferred to the electrical connection. 

steady state — 1, A condition in which circuit values 
remain essentially constant, occurring after all initial 
transients or fluctuating conditions have settled down. 
2. A term used to specify the current through a load or 
electric circuit after the inrush current is complete. A 
stable run condition. 3. A characteristic of a condition 
exhibiting only minor change over an arbitrarily long 
period. 

steady-state deviation — The difference between 
the final value assumed by a specified variable after the 
expiration of transients and its ideal value. 

steady-state oscillation — Also called steady-state 
vibration. Oscillation in which the motion at each point 
is a periodic quantity. 

steady-state regulation—Slow changes in the 
output voltage of a power supply following an input- 
voltage and/or load-iinpedance variation; it is usually 
expressed in volts (AV) or as a percentage of the nominal 
output. 

steady-state value—The value of a current or 
voltage after all transients have decayed to negligible 
values. 

steady-state vibration— See steady-state oscilla- 
tion. 

steatite—A ceramic consisting chiefly of a sili- 
cate of magnesium. Because of its excellent insulating 
properties — even at high frequencies —it is used exten- 
sively in insulators and as a circuit substrate. 

steer—To adjust by electrical means the polar 
response pattern of an antenna or the direction of current 
in a circuit. 

steerable antenna— |. An antenna whose major 
lobe can be readily shifted in direction. 2. A multielement 
antenna in which the phase relationship between the 
elements is electronically adjustable. Thus, the antenna 
beam can be steered in direction and adjusted for beam 
width. 

Stefan-Boltzmann constant— 1.38 x 107% J-K”*. 
The constant of proportionality between blackbody radi- 
ated power and temperature. 

Stefan-Boltzmann law — The total emitted radiant 
energy per unit of a blackbody is proportionate to the 
fourth power of its absolute temperature. 

Steinmetz coefficent— A factor by which the 1.6 
power of the magnetic flux density must be multiplied 
to give the approximate hysteresis loss of an iron or 
steel sample in ergs per cubic centimeter per cycle when 
that sample is undergoing successive magnetization cycles 
having the same maximum flux density. 

stenode circuit— A superheterodyne receiving cir- 
cuit in which a piezoelectric unit is used in the 
intermediate-frequency amplifier to balance out all fre- 
quencies except signals at the crystal frequency, thereby 
giving very high selectivity. 
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step — To use the step-and-repeat method. 

step and repeat— 1. A method of dimensionally 
positioning multiples of the same or intermixed functional 
patterns on a given area of a photoplate or a film by 
repetitions, or contact or projection printing of a single 
original pattern of each type. 2. A method of positioning 
multiples of the same pattern on a mask or wafer. 
3. A process wherein the conductor or resistor pattern is 
repeated many times in evenly spaced rows onto a single 
film or substrate. 

step-and-repeat camera— A type of camera that 
has scales or other arrangements by which successive 
exposures can be lined up and equally spaced on a sheet 
of film. It is used in manufacturing microcircuits. 

step-and-repeat fix technique—A mechanical 
technique that provides for linear indexing of a movable 
platform carrying a wafer or photographic plate. Applica- 
tions of this technique are in the testing of a device wafer, 
and in the masking operation that is part of the process 
of fabricating microelectronic devices. 

step-and-repeat printer—A projection printer 
that is capable of reproducing a multiplicity of images 
from a master transparency on a single support coated 
with a photosensitive layer by indexing the receiving 
material from position to position. Such accessories or 
attachments find use in microcircuit production. 

step angle— Also called increment. The nominal 
angle through which the rotor shaft of a stepper motor 
moves between adjacent step positions. The angle is 
specified in degrees. For a 200-step per revolution motor, 
the step angle is 1.8”. 

step-by-step automatic telephone system— A 
switching system that employs successive step-by-step 
selector switches that are actuated by current impulses 
from a telephone dial. 

step-by-step switch — A bank-and-wiper switch in 
which the wipers are moved by individual electromagnetic 
ratchets. 

step calibration — Also called interval calibration. 
Often confused with sense step, that is, the application 
of a calibration resistor to produce a deliberate electrical 
unbalance. 

step counter— In a computer, a counter used in 
the arithmetical unit to count the steps in multiplication, 
division, and shift operations. 

step down — To decrease the yalue of some electrical 
quantity, such as a voltage. 

step-down transformer — A transformer in which 
the voltage is reduced as the energy is transferred from 
its primary to its secondary winding. 

step fiber— A glass optical fiber that has a core of 
uniform optical density. That is, there is a step function 
change between the optical density of the cladding and 
the optical density of the core. When attenuation of 
signal was the primary practical problem, step fiber was 
acceptable, and still is acceptable, for limited information 
rate application. 

step function—1. A signal characterized by 
instantaneous changes between amplitude levels. The 
term usually refers to a rectangular-front waveform used 
for making tests of transient response. 2. An essentially 
nonperiodic waveform that has a transistion from one 
voltage level to another, the time of which is negligible 
compared with the total duration of the waveform. 

step-function  response— See transient res- 
ponse, 2. 

step generator —A device for testing the linearity 
of an amplifier. A step wave is applied to the amplifier 
input and the step waveform observed, on an oscilloscope, 
at the output. 
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step input— A sudden but sustained change in an 
input signal. 

step load change — An instantaneous change in the 
magnitude of the load current. 

stepped index fiber— 1. A fiber composed of a 
core glass of one index of refraction and a different 
cladding material of a lower index of refraction. The fiber 
is characterized by a sharp change in index of refraction at 
the interface of the two materials. 2. An optical fiber that 
confines most photons to the fiber’s core because they 
ricochet off the surface, back toward the center. Since 
the photons skip from side to side at different angles 
while other photons are traveling more or less unimpeded 
straight down the center of the fiber, the photons consti- 
tuting a piece of a message gradually become more and 
more scattered and eventually deteriorate into meaning- 
less noise unless picked up, amplified, and retransmitted 
by repeaters every few hundred yards or so. 

stepped oxide — A technique of forming the SiO, 
layer of each electrode in two thicknesses so that a two- 
level potential well can be formed with one voltage. (MIS 
technology term.) 

stepper — Photo equipment used to transfer a reticle 
pattern onto a wafer. Because of its limited field of view, 
low throughput, and high cost, such equipment is usually 
used only for feature size smaller than 1.5 microns, where 
resolution and line-width control are critical. 

stepper motor — 1. A motor whose normal opera- 
tion consists of discrete angular motions of essentially 
uniform magnitude, rather than continuous rotation. 2. A 
digital device that converts electrical pulses into pro- 
portionate mechanical movement. Each revolution of the 
motor shaft is made in a series of discrete identical 
steps. The design of the motor usually provides for clock- 
wise and/or counterclockwise rotation. (Thus, the stepper 
is ideally suited for many positional and control appli- 
cations.) 3. Electromagnetical prime mover that rotates 
through fixed angles in response to applied pulses. The 
motor accordingly permits use of digital signals to con- 
trol mechanical motion or position. In addition, the high 
holding torque associated with each step permits a step- 
ping motor to replace devices such as brakes and clutches, 
with a gain in system reliability. 4. A device that converts 
pulsating direct current into rotary mechanical motion. 
Each dc pulse rotates the stepper a certain fraction of 
one revolution. The rotor is magnetically held at its 
last position. 5, A bidirectional permanent-magnet motor 
that turns through one angular increment for each pulse 
applied to it. 6. An electric motor that moves incremen- 
tally. 7. A device that translates electrical pulses into pre- 
cise mechanical movement. The output shaft may deliver 
rotary or linear motion. 

steppers — Specially designed electric motors that 
revolve from pole to pole under control of sequentially 
energized field windings. Two principle designs are 
currently available: variable reluctance and permanent 
magnet. 

stepping — See zoning, 1. 

stepping rate — A measure of stepper motor speed — 
the number of steps through which the motor rotates in a 
specified time, usually 1 second. 

stepping relay — Also called rotary stepping switch 
(or relay) or stepping switch. 1. A multiposition relay in 
which moving wiper contacts mate with successive sets of 
fixed contacts in a series of steps, moving from one step to 
the next in successive operations of the relay. 2. A switch 
that electromechanically steps its wipers across a bank of 
contacts. 

stepping switch — See stepping relay. 

step-recovery diode— Also called snap varactor. 
l. A varactor in which forward voltage injects carriers 
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across the junction, but before the carriers can combine, 
the voltage reverses and carriers return to their origin in a 
group. The result is the abrupt cessation of reverse current 
and a harmonic-rich waveform. 2. A special form of pn 
junction in which the charge storage and switching char- 
acteristics are optimized for use in microwave-frequency 
multipliers and comb generators. The device stores charge 
while in forward conduction, and a large reverse bias cur- 
rent can be obtained until all the charge is removed. The 
device impedance then goes from a low value to a very 
high one in transition times as low as 50 picoseconds. 

step response — Motor-shaft rotational response of 
a stepper motor to a step command related to time. 

step-servo motor — A device that, when properly 
energized by dc voltage, indexes in definite angular 
increments. 

steps per revolution — The total number of steps 
required for the output shaft of a dc stepping motor 
to rotate 360”, or one complete revolution. Steps per 
revolution is calculated by dividing the step angle into 
360°. 

steps per second — The number of angular move- 
ments accomplished by the motor of a de stepping motor 
in | second. This figure replaces the rpm figure of a stan- 
dard drive motor. 

step stress test — A test consisting of several stress 
levels applied sequentially for periods of equal duration 
to a sample; during each period a stated stress level is 
applied, which is increased from one step to the next. 

step-strobe marker — A form of strobe marker in 
which the discontinuity is in the form of a step in the time 
base. 

step up-—To increase the value of an electrical 
quantity, such as a voltage. 

step-up transformer — A transformer in which the 
voltage is increased as the energy is transferred from the 
primary to the secondary winding. 

step voltage — The potential difference between two 
points on the earth’s surface separated by a distance of 
one pace, or about 3 feet or 91.4 cm, in the direction of 
maximum potential gradient. 

step-voltage regulator—A device consisting of 
a regulating transformer and a means for adjusting the 
voltage or the phase relation of the system circuit in steps, 
usually without interrupting the load. 

steradian— 1. The unit of solid angular measure, 
being the subtended surface area of a sphere divided by 
the square of the sphere’s radius. There are 47 steradians 
in a sphere. The steradian is the unit of solid angular 
Measurement often used in problems of illumination. 
2. The solid angle described by a unit area on a sphere 
from a point source at unity distance and located at the 
center of the sphere, e.g., 1 sq ft illuminated at a distance 
of 1 ft. 

sterance — Describes the intensity per unit area of a 
source. 
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Sterba antenna—A series-fed array of adjacent, 
broadside-firing, transposed square loops that have half- 
wave sides and are spaced a distance of approximately 
one-half wavelength. 

Sterba curtain— A stacked dipole antenna array that 
consists of one or more phased half-wave sections and 
a quarter-wave section at each end. The array can be 
oriented for either vertical or horizontal radiation and can 
be fed at either the center or the end. 

stereo-— A prefix denoting haying or dealing with 
three dimensions. 

stereo — See stereophonic. 

stereo adapter — Also called a stereo control unit. 
A device used with two sets of monophonic equipment to 
make them act as a single stereo system. 

stereo amplifier— An audio-frequency amplifier 
with two or more channels, for a stereo sound system. 

stereo broadcasting — See stereocasting. 

stereo cartridge — A phonograph pickup for repro- 
duction of stereophonic recordings. Its high-compliance 
needle is coupled to two independent voltage-producing 
elements. 

stereocasting— Also called stereo broadcasting. 
Broadcasting over two sound channels to provide stereo 
reproduction. This may be done by simulcasting, multi- 
casting, or multiplexing. 

stereocephaloid microphone—Two or more 
microphones arranged to simulate the acoustical patterns 
of human hearing. 

stereo control unit— See stereo adapter. 

stereo microphones — Two or more microphones 
spaced as required for stereo recording. 

stereophonic— |. Designating a sound reproduc- 
tion system in which sound ts delivered to the listener 
through at least two channels, creating the illusion of 
depth and of locality of source. 2. A two-channel record- 
ing and reproduction system more popularly referred to as 
stereo. At the recording studio, separate microphones are 
used for each recorded channel. The correct reproduction 
of stereo signals in the home gives to the listener a sense 
of direction of sound and, thus, realism. 3. A multiple- 
channel sound system or recording in which each channel 
carries a unique version of the total original performance. 
When the channels are blended acoustically, they recre- 
ate the breadth and depth of the original, adding a new 
dimension to reproduced sound. At least two channels 
are required for playback, although more than two may 
be used in recording. 4. Using two or more channels to 
create a spatial effect. 

stereophonic reception — Reception involving the 
use of two receivers having a phase difference in their 
reproduced sounds. The sense of depth given to the 
received program is analogous to the listener’s being in 
the same room as the orchestra or other medium. 

stereophonic separation — The ratio of the elec- 
trical signal caused in the right (or left) stereophonic 
channel to the electrical signal caused in the left (or right) 
stereophonic channel by the transmission of only a right 
(or left) signal. 

stereophonic sound system— A sound system 
with two or more microphones, transmission channels, 
and speakers arranged to give depth to the reproduced 
sound. 

stereophonic subcarrier — A subcarrier employed 
in FM stereophonic broadcasting that has a frequency that 
is the second harmonic of the pilot subcarrier frequency. 

stereophonic subchannel — The band of frequen- 
cies from 23 to 53 kilohertz containing the stereophonic 
subcarrier and its associated sidebands. 

stereophonic system — A sound-reproducing sys- 
tem in which a plurality of microphones, transmission 
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channels, and speakers (or earphones) are arranged to 
afford a listener a sense of the spatial distribution of the 
sound sources. 

stereo pickup—A phonograph pickup used with 
stereo records, wherein a single stylus actuates two 
transducer elements, one of which reproduces the left 
channel and the other the right channel. 

stereo recording — The impressing of signals from 
two channels onto a tape or disc in such a way that the 
channels are heard separately on playback. The result is 
a directional, three-dimensional effect. 

stereoscope — A small instrument containing a pic- 
ture support and a pair of magnifying lenses, so arranged 
that the left eye sees only the picture taken with the left 
lens of the stereo camera, and the right eye only the 
right picture. If the camera lenses are separated by the 
interocular distance, and if the focal lengths of camera 
and stereoscope lenses are equal, then a true-to-scale, or 
orthoscopic, reproduction of the scene will be obtained. 
Stereoscopes are used extensively in photogrammetry for 
plotting the contour lines in a terrain recorded by aerial 
photography. 

stereoscopic — Imagery giving the illusion of being 
three-dimensional. 

stereoscopic television — A system of television 
broadcasting in which the images appear to be three- 
dimensional. 

stereo separation— A stereo receiver’s ability to 
keep the audio information in each channel separate from 
the other. 

stereosonic system — A recording technique using 
two closely spaced directional microphones with their 
maximum directions of reception 45° from each other. In 
this way, one picks up sound largely from the right and 
the other from the left, similar to middle-side recording. 

stick — CB radio term for any nondirectional antenna. 

stick circuit— A circuit used to maintain energiza- 
tion of a relay or similar unit through its own contacts. 

stickiness — The condition of physical interference 
with the operation of the moving part of an electrical 
indicating instrument. 

sticking —In computers, the tendency of a flip-flop 
to remain in, or to spontaneously switch to, one of its 
two stable states. 

stiff —A voltage source whose value is largely inde- 
pendent of the current drawn having a relatively low 
impedance. 

stiffness factor — The angular lag between the input 
and output of a servosystem. 

stilb — Abbreviated sb. The unit of luminance (photo- 
metric brightness) equal to | candela per square centime- 
ter. 

still— Photographic or other stationary illustrative 
material used in a television broadcast. 

stimularity — An arbitrary measure of sensitivity to 
stimulation. It is proportional to the quantum efficiency 
relative to incident radiation. 

stimulated emission— |. The emission of radia- 
tion by a system going from an excited electron energy 
level to a lower energy level under the influence of a 


radiation field. The emitted radiation is in phase with the 


stimulating radiation and produces a negative absorption 
condition. 2. Radiation similar in origin to spontaneous 
emission, but determined by the presence of other radi- 
ation having the same frequency. Since the phase and 
amplitude of the stimulated wave depend on the stimulat- 
ing wave, this radiation is coherent with the stimulating 
wave. Tbe rate of stimulated emission is proportional to 
the intensity of the stimulating wave. 3. In a laser, the 
emission of light caused by a signal applied to the laser 
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such that the response is directly proportional to, and in 
phase coherence with, the electromagnetic field. 

stimulus — 1. See excitation, 1. 2. An input parame- 
ter to a unit under test, e.g., voltage or current. See also 
measurand. 

stirring effect — The circulation in a molten conduc- 
tive charge due to the combined motor and pinch effects. 

stitch bond— 1. A wire bond made by laying the 
wire on the bonding pad and using thermocompression 
or ultrasonic scrubbing to form the joint, Note that in 
thermocompression wire bonding, the first termination is 
a bali bond, while subsequent terminations of the same 
wire are stitch bonds. 2. A bond made with a capillary- 
type bonding tool when the wire is not formed into a ball 
prior to bonding. 

stitch bonding — A bonding technique in which wire 
is fed through a capillary tube. A bent section of the 
wire 1s bonded to the contact area by the capillary. The 
capillary is removed and a cutter severs the wire, forming 
a new bend for the next bonding operation. 
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stitching — The process of welding thermoplastic 
materials by successive applications of two small elec- 
trodes that are connected to the output of a radio- 
frequency generator; a mechanism similar to that of a 
conventional sewing machine is used. 

stitch wire— A semiautomatic system of point-to- 
point interconnections in which gold-plated steel pins are 
pressed into holes in conventional printed-circuit boards. 
Teflon-insulated 30 AWG nickel wire is bonded to the 
pins. Electronic components are then soldered to terminal 
projections on the opposite side of the board. 

STL — Abbreviation for Schottky transistor logic. 

stochastic — The characteristic of events changing 
the probabilities of various responses. 

stochastic process — A random process. 

stock reel— Also called supply reel or storage reel. 
On a tape recorder, the reel from which unrecorded or 
unplayed tape is taken as the machine records on or 
plays it. 

stoichiometric impurity — A crystalline imperfec- 
tion caused in a semiconductor by a deviation from the 
stoichiometric composition. 

stopband — That part of the frequency spectrum that 
is subjected to specified attenuation of signal strength by 
a filter. (The part of the spectrum between the passband 
and the stopband is called the transition region.) 

stop bit— 1. A signal following a character or block 
that prepares the receiving device to receive the next 
character or block. 2. In asynchronous transmission, the 
last bit, used to indicate the end of a character (normally 
a mark condition) that serves to return the line to its idle 
or rest state. 

stop-copy — See copyguard. 
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stop-cycle timer-—A timer that runs through a 
single cycle and then stops until the starting signal is 
reinitiated. 

stop element— Also called stop signal. In certain 
types of serial transmission, the last element of a char- 
acter, used to ensure that the next start element will be 
recognized. 

stop instruction—A machine operation or routine 
that requires some manual action other than operation of 
the start key to continue processing. 

stop opening — In a camera, the size of the aperture 
that controls the amount of light passing through the lens. 

stopping potential — The voltage required to stop 
the outward movement of electrons emitted by photoelec- 
tric or thermionic action. 

stop-record signal— A facsimile signal used for 
stopping the conversion of the electric signal into an 
image on the record sheet. 

stop signal —The signal that transfers facsimile 
equipment from active to standby. 

storage — 1. The act of storing information. See also 
store, 1 and 2, 2. A computer section used primarily for 
storing information in electrostatic, ferroelectric. mag- 
netic, acoustic, optical, chemical, electronic, electrical, 
mechanical, etc., form. Such a section is sometimes called 
a memory, or a store, in British terminology. 3. In an 
oscilloscope, the ability to retain the image of an electrical 
event on the cathode-ray tube (CRT) for further analysis 
after that event ceases to exist. This image retention may 
be for only a few seconds with variable persistence stor- 
age, or it may be for hours with bistable storage. 4. The 
retention of data so that the data can be obtained at a 
later time. 5. A computer-oriented medium in which data 
is retained. Primary storage is the internal storage area 
where the data and program instructions are retained for 
active use in the system— normally core storage. Auxil- 
iary or external storage is for less active data. These may 
include magnetic tape, disk, or drum. 6. Synonymous with 
memory. 

storage access time-— In a computer, the time 
required to transfer information from a storage location 
to the local storage register or other location, where the 
information then becomes available for processing. 

storage allocation—The assignment of specific 
sections of computer memory to blocks of cata or 
instructions. 

storage battery—Two or more storage cells con- 
nected in series and used as a unit. 
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storage capacity — 1. The amount of information 
that a storage (memory) device can retain. lt is often 
expressed as the number of words the device can retain 
(given the number of digits and the base of the standard 
word). In the case of comparisons among devices that 


storage cell — storage tube 


use different bases and word lengths, the capacity is cus- 
tomarily expressed in bits. For example, a 1 K semicon- 
ductor memory can store 1024 bits, a 2 K semiconductor 
memory can store 2048 bits. Fixed memories usually con- 
tain instructions and therefore their capacity is sometimes 
expressed as the number of words of a certain length 
that they can hold. For example, 256 x 4 means that the 
memory can store 256 four-bit words, which makes it a 
1 K memory (1024 bits). The same 1 K memory could 
be a 128 x 8 memory. 2. The number of items of data 
that a storage device is capable of containing. Frequently 
defined in terms of computer words, or by a specific num- 
ber of bytes or characters. 

storage cell— 1. Also called a secondary cell. A cell 
that, after being discharged, can be recharged by sending 
an electric current through it in the opposite direction from 
the discharging current. 2. An elementary unit of storage 
(e.g., binary cell, decimal cell). 3. A cell that converts 
chemical energy into electrical energy by a reversible 
chemical reaction and that may be recharged by passing 
a current through it in the direction opposite to that of its 
discharge. 

storage counter—A counter in which a series 
of current pulses charge a capacitor, with each pulse 
raising the voltage to a higher level. A comparator 
circuit determines when the capacitor voltage reaches a 
predetermined level. Special techniques are frequently 
used to linearize the charging curve of the capacitor. 

storage CRT — A CRT that can retain a visual image 
for some length of time so that it is not necessary to 
refresh to avoid flicker. Thus, the picture can be written 
at a slower rate. The absence of refresh eliminates the 
refresh memory and reduces display-deflection and video- 
bandwidth requirements. The resultant system is available 
at a price less than that of most other systems. However, 
it does have deficiencies, such as low luminance and 
contrast and the need to rewrite an entire picture if any 
element is changed. 

storage cycle — 1. The periodic sequence of events 
that occur when information is transferred to or from a 
computer storage device. 2. Storing, sensing, and regen- 
eration from parts of the storage sequence. 

storage device — 1. A device into which data can 
be inserted, in which it can be retained, and from which 
it can be retrieved 2. A device used for storing data within 
a computer system, C.g., core storage, magnetic disk unit, 
magnetic tape unit, etc. 

storage element— |. An area that retains informa- 
tion distinguishable from that of adjacent areas on the 
storage area of charge-storage tubes. 2. The smallest part 
of a digital-computer storage facility, used for storage of 
a single bit. 

storage integrator—JIn an analog computer, an 
integrator used to store a voltage in the hold condition 
for future use while the rest of the computer assumes 
another computer control state. 

storage key —In a computer, an indicator that is 
associated with a storage block or blocks and that requires 
tasks to have a matching protection key in order to use 
the blocks. 

storage laser — Any laser that stores unusually high 
energy prior to discharge. For example, a storage diode 
laser is a laser in which some carriers are electrically 
excited for a time longer than the lasing period. 

storage life — Also called shelf life. 1. The minimum 
length of time over which a device, system, or trans- 
ducer can be exposed to specified environmental storage 
conditions without changing the performance beyond a 
specified tolerance. 2. The period during which a battery 
can be stored and remain suitable for use. 3. The length 
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of time an item can be stored under specified conditions 
and still meet specified requirements. 

storage location—1. A computer storage position 
that holds one machine word and usually has a specific 
address. 2. A position in storage where a character, byte, 
or word may be stored, 

storage medium — Any recording device or medium 
into which data can be copied and held until some later 
date, and from which the entire original data can be 
obtained. 

storage node — Also called a storage electrode. The 
structure in a DRAM cell on which the cell’s charge is 
stored. 

storage oscilloscope — 1. An instrument that has 
the ability to store a CRT display in order that it may 
be observed for any required time. This stored display 
may be instantly erased to make way for storage of a 
later event. 2. An oscilloscope used as the output device 
of analog and digital computers or in the analysis of 
nonperiodic events and the monitoring of slow signals. 
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storage print — In computers, a utility program that 
causes the requested core image, core memory, or drum 
locations to be recorded in either absolute or symbolic 
form on either the line printer or the delayed printer tape. 

storage protection — Also called memory protec- 
tion. In a computer, an arrangement by which access to 
storage is preventcd for reading, writing, or both. 

storage register—A collection of electronic cir- 
cuits that allows data (usually one or more computer 
words) to be stored until needed. 

storage surface — The part of an electrostatic stor- 
age tube on which storage of information takes place. 

storage temperature —The temperature of the 
medium immediately adjacent to the device at which the 
device, without power applied, may be stored indefinitely 
without deterioration. 

storage time — 1. The time during which the output 
current or voltage of a pulse is falling from maximum to 
zero after the input current or voltage has been removed. 
2. An increase in the time needed to turn off a transistor 
that has been driven into saturation. It results from the 
fact that a transistor in heavy conduction has many excess 
charge carriers moving in the collector region. When the 
base signal is changed to the cutoff level, collector current 
continues until all the excess charge carriers have been 
removed from the collector region. 

storage tube — 1. An electron tube into which infor- 
mation can be stored and later read out, usually a cathode 
ray tube with a storage screen that will retain charges 
impressed on it and thal can control an electron beam in 
some way, allowing changes to be read out. 2. A CRT 
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that stores images on a separate storage screen behind the 
viewing screen in the tube. Images then remain on the 
viewing screen until the storage screen is erased. Since a 
storage tube does not have to be refreshed, it can display 
an extremely large amount of data without flicker. 3. A 
cathode-ray tube combined with an electrostatic storage 
unit that is used to introduce, store, and retrieve infor- 
mation translated into electric charge form. 4. A CRT 
that retains an image for a considerable period without 
redrawing. 

store — l. To retain information in a device from 
which the information can later be withdrawn. 2. To 
introduce information into the device in (1) above. 3. A 
British synonym for storage. See storage, 2. 

store and forward—1.A data communications 
technique that accepts packets, stores them until they 
are validated and complete, and then forwards them 
to the next node on the packet path. 2. Process of 
message handling used in a message-switching system. 
3. Communications system in which messages received at 
intermediate routing points are recorded for later retrans- 
mission to a further routing point or the ultimate recipient. 

stored energy — The amount of energy stored in the 
primary of an electonic ignition system. In an inductive 
system the stored energy is 


Wp =1/2LP 


where 


W, = energy stored in the primary field, in joules 
L = primary inductance, in henrys 
I = current in the primary winding, in amperes 


In a capacitor discharge system, 
Wp = 1/2CE* 


where 

W ,=energy stored in the primary capacitor, in joules 
C = primary capacitance, in farads 

E = peak primary voltage, in volts 


stored-energy welding — A method of welding in 
which electric energy is accumulated (stored) electro- 
statically, electromagnetically, or electrochemically at a 
relatively slow rate and is then released at the required 
rate for welding. 

stored program— A set of instructions in the com- 
puter memory specifying the operations to be performed 
and the location of the data on which these operations are 
to be performed. 

stored-program computer — Also called general- 
purpose computer. 1. A computer in which the instruc- 
tions specifying the program to be performed are stored 
in the memory section along with the data to be oper- 
ated on. 2. A digital computer that, under control of its 
own instructions, can synthesize, and sometimes alter, 
stored instructions as though they were data and can sub- 
sequently execute these new instructions. 

stored program logic— A program stored in 
a memory unit containing logical commands to the 
remainder of the memory so that the same processes are 
performed on all problems. 

stored-response testing —Comparison of the 
actual output responses of the device under test with the 
expected correct output responses stored within the tester. 
The expected correct responses can be recorded from a 
known-good device or determined by manual analysis or 
software simulation. Stored-response testing often implies 
storage of the actual logic states, although such digital sig- 
natures as transition counts could be the stored responses. 
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stored routine— In computers, a series of stored 
instructions for directing the step-by-step operation of the 
machine. 

stored writing rate (of a storage oscillo- 
scope) —The highest rate of spot movement that will 
leave behind a stored image on the face of the cathode-ray 
tube, Faster spot movement will not leave an image, as in 
step-response displays with no vertical edges or sine-wave 
displays with the zero-crossing edges missing. 

store transmission bridge — A transmission bridge 
that consists of four identical impedance coils (the two 
windings of the back-bridge relay and the live relay 
of a connector, respectively) separated by two capaci- 
tors. It couples the calling and called telephones together 
electrostatically for the transmission of voice-frequency 
(alternating) currents, but separates the two lines for the 
transmission of direct current for talking purposes (talking 
current). | 

storm loading — The mechanical loading imposed 
on the components of a pole line by wind, ice, etc.. and 
by the weight of the components themselves. 

straight dipole — A half-wave antenna consisting of 
one conductor, usually centerfed. 

straightforward circuit—A circuit in which sig- 
naling is performed automatically and in one direction. 

straightforward trunking — In a manual telephone 
switchboard system, that method of operation in which 
one operator gives the order to another operator over the 
trunk that later carries the conversation. 

Straight-line capacitance —The variable-capa- 
citor characteristic obtained when the rotor plates are 
shaped so that the capacitance varies directly with the 
angle of rotation. 

straight-line code — The repetition of a sequence 
of instructions, with or without address modification, 
by explicitly writing the instructions for each repetition. 
Generally straight-line coding will require less execution 
time and more space than equivalent loop coding. If 
the number of repetitions is large, this type of coding 
is tedious unless a generator is used. The feasibility of 
straight-line coding is limited by the space required as 
well as the difficulty of coding a variable number of 
repetitions. 

straight-line frequency — The variable-capacitor 
characteristic obtained when the rotor plates are shaped so 
that the resonant frequency of the tuned circuit containing 
the capacitor varies directly with the angle of rotation. 

straight-line tracking arm— See radial tonearm. 

straight-line wavelength — The variable-capacitor 
characteristic obtained when the rotor plates are shaped 
so that the wavelength of resonance in the tuned circuit 
containing the capacitor varies directly with the angle of 
rotation. 

strain—The physical deformation, deflection, or 
change in length resulting from stress (force per unit 
area). The magnitude of strain is normally expressed in 
microinches per inch. 

strain anisotropy — A force that directs the magne- 
tization of a particle along a preferred direction relative 
to the strain. 

strain gage — 1. A resistive transducer whose elec- 
trical output is proportional to the amount it is deformed 
under strain. 2. A measuring element for converting force, 
pressure, tension, etc., into an electrical signal. 3. A 
device for measuring the expansion or contraction of an 
object under stress, comprising wires that change resis- 
tance with expansion or contraction. See also load cell. 
4. A sensor that produces a voltage or resistance change 
when a mechanical force is applied. 

strain-gage alarm system — An alarm system that 
detects the stress caused by the weight of an intruder as 
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he or she moves about a building. Typical uses include 
placement of the strain-gage sensor under a floor joist or 
under a stairway tread. 

strain-gage based — An instrument or transducer 
with a sensing element composed of bonded or unbonded 
strain gages. 

strain-gage sensor — A sensor that, when attached 
to an object, will provide an electrical response to an 
applied stress on the object, such as a bending, stretching, 
or compressive force. 

strain-gage transduction — The conversion of the 
measurand into a change in resistance caused by strain in 
four or, more rarely, two arms of a Wheatstone bridge. 

strain insulator — A single insulator, an insulator 
string, or two or more strings in parallel designed to 
transmit the entire pull of the conductor to, and insulate 
the conductor from, the tower or other support. 

strain pickup—A phonograph pickup cartridge 
using the principle of the strain gage. 

strain-sensitive cable— An electrical cable that 
is designed to produce a signal whenever the cable 
is strained by a change in applied force. Typical uses 
including mounting it in a wall to detect an attempted 
forced entry through the wall, fastening it to a fence 
to detect climbing on the fence, or burying it around 
a perimeter to detect walking or driving across the 
perimeter. 

strain wire — Wire having a composition such that 
it exhibits favorable strain-gage performance. Also the 
strain-sensitive filments that constitute the transfer elec- 
trical elements in certain transducers. 

strand — 1. One of the wires or groups of wires of any 
stranded conductor. 2. A bundle of wires that are twisted 
together to form a flexible cable capable of withstanding 
large tensile stress. 

stranded conductor—1.A conductor composed 
of a group of noninsulated wires, usually twisted. 2. See 
stranded wire. 

stranded wire— Also called stranded conductor. 
A conductor composed of a group of wires or any 
combination of groups of wires. The wires in a stranded 
conductor are usually twisted or braided together. 

stranding — The twisting together of small wires to 
form a single larger conductor. Used to provide long 
flexing life, limpness, ease of handling, or vibration 
resistance. 

stranding effect—The property of a stranded con- 
ductor to exhibit a higher de resistance than does a solid 
conductor of the same material and cross-sectional area. It 
is due to the relatively longer distance that current must 
travel when following a stranded conductor’s helically 
configured wires. 

strand lay—The distance of advance of one strand 
of a spirally stranded conductor in one turn, measured 
axially. 
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strap — 1. A wire or strip connected between the ends 
of the segments in the anode of a cavity magnetron to 
promote operation in the desired mode. 2. A bare or 
insulated conductor run from terminal to terminal of the 
same or adjacent components. 3. A connecting link or 
wire between two terminals. 4. To interconnect two or 
more terminals with strapping wire. 

strapping — 1. In a multicavity magnetron, the con- 
necting together of resonator segments that have the same 
polarity, so that undesired modes of oscillation are sup- 
pressed. 2. An interconnecting strap or straps. 

stratification — The separation of nonvolatile com- 
ponents of a thick film into horizontal layers during firing, 
due to large differences in density of the component. It 
is more likely to occur with a glass-containing conductor 
paste, and under prolonged or repeated firing. 

stratosphere — A calm region of the upper atmo- 
sphere characterized by little or no temperature change 
throughout. It is separated from the lower atmosphere 
(troposphere) by a region called the tropopause. 

stray capacitance — |. The capacitance introduced 
into a circuit by the leads and wires connecting the 
circuit components. 2. Any of the small unintentional 
capacitances that exist between wires or components 
in a circuit, particularly capacitance to ground. 3. The 
capacitance introduced into a circuit by the relative 
proximity of cables, wires, components, etc. 

stray current — A portion of the total current that 
flows over paths other than the intended circuit. 

stray-current corrosion— Corrosion that results 
when a direct current from a battery or their external 
source causes a metal in contact with an electrolyte to 
become anodic with respect to another metal in contact 
with the same electrolyte. Accelerated corrosion will 
occur at the electrode where the current direction is from 
the metal to the electrolyte and will generally be in 
proportion to the total current. 

stray field — The leakage magnetic flux that spreads 
outward from an inductor and does no useful work. 

stray magnetic field— Stray magnetic flux from 
nearby transformers or inductors that can link with 
conductors or other inductors to produce undesired and 
interfering noise voltages. 

strays — See atmospherics. 

streaking — Distortion in which televised objects 
appear stretched horizontally beyond their normal bound- 
aries. It is most apparent at the vertical edges, where there 
is a large transition from black to white or white to black, 
and is usually expressed as short, medium, or long streak- 
ing. Long streaking may extend as far as the right edge 
of the picture and, in extreme low-frequency distortion, 
even over a whole line interval. 

stream deflection amplifier— A fluidic device 
that utilizes one or more control streams to deflect power 
siream, altering the output. 

streamer breakdown — Breakdown caused by an 
increase in the field due to the accumulation of positive 
ions produced during electron avalanches. 

streaming — 1. The production of a unidirectional 
flow of currents in a medium where sound waves are 
present. 2. A nonstop save-and-restore technique wherein 
data is transmitted between a tape backup system and 
Winchester disk in a continuous stream without starting 
and stopping between data blocks. When all of the 
data has been transferred, the streaming drive stops. 
This technology allows for low-cost drives, since the 
requirement for search and overwrite of a single record 
is eliminated. A streaming drive does not need high- 
performance start/stopability, and the expensive servo 
electronics inherent in that function are also eliminated. 
3. A modem’s condition when it is sending a carrier 
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signal on a multidrop communication line and hasn't been 
polled. 

strength of a simple sound source — The rms 
raagnitude of the total air flow at the surface of a simple 
source in cubic meters per second (or cubic centimeters 
per second), where a simple source is taken to be a 
spherical source whose radius is smal] compared with 
one-sixth wavelength. 

strength of a sound source—The maximum 
instantaneous rate of volume displacement produced by 
the source when emitting a sinusoidal wave. 

stress — The force producing strain in a solid. 

stretched display — A PPI display having the polar 
plot expanded in one rectangular dimension. The equal- 
range circles of the normal PPI display become ellipses. 

stria-—A defect in optical materials, such as glass, 
plastic, or crystals, consisting of a more or less sharply 
defined streak of material having a slightly different index 
of refraction than the main body of the material. 

striation technique — Rendering sound waves visi- 
ble by using their individual ability to refract light waves. 

striking an arc — Starting an electric arc by touching 
two electrodes together momentarily. 

striking distance — The effective separation of two 
conductors having an insulating fluid between them. 

striking potential — 1. The voltage required to start 
an electric arc. 2. The lowest grid-to-cathode potential at 
which plate current begins flowing in a gas-filled triode. 

striking voltage — The value of voltage required to 
Start current in a gas tube. 

string — 1. In a list of items, a group of items that are 
already in sequence according to a rule. 2. A connected 
sequence of entities, such as characters, in a command 
string. 3. A contiguous set of memory addresses each of 
which contains a single alphanumeric character. Strings 
are often enclosed in quotes when written in program 
statements. 4. A line of symbols of indefinite length 
treated as a single unit. 5. The way a computer sees text. 
6. A sequence of characters. 

string electrometer— An electrostatic voltage- 
measuring instrument consisting of a conducting fiber 
stretched midway between and parallel to two conducting 
plates. The electrostatic field between the plates displaces 
the fiber laterally in proportion to the voltage between the 
plates. 

string-shadow instrument— An instrument in 
which the indicating means is the shadow (projected 
or viewed through an optical system) of a filamentary 
conductor whose position in a magnetic or an electric 
field depends on the measured quantity. 

strip — To remove insulation from a wire or cable. 

strip chart recorder -— 1. An instrument for record- 
ing Variations in the measurement of a quantity over time, 
using a moving pen on a long stnp of paper. 2. Data 
recorder that provides a record in the form of a graph on 
a strip of paper. Used to measure parameters whose val- 
ues do not change rapidly with time (one typical device 
has a specified response time of 0.25 second, full scale). 
Strip chart recorders are available in multipen models. 

strip contacts — Formed contacts in a continuous 
length, or strip, for use in an automatic installation 
machine. 

striping — In flowcharting, the use of a line across 
the upper portion of a symbol to indicate the presence 
of a detailed representation elsewhere in the same set of 
flowcharts. 

stripline — 1. Also called microstrip. Layout and 
interconnection method used for circuits that operate at 
very high frequencies, usually above | gigahertz. 2. Stnp 
transmission line. 3. A type of microwave transmission 
line used in integrated circuits, consisting of a narrow, 
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flat conductor sandwiched between, and insulated from, 
wider flat grounded conductors. 4. A type of transmission 
line configuration that consists of a single narrow conduc- 
tor parallel and equidistant to two parallel ground planes. 
5. A microwave conductor on a substrate. 

Strip-loaded diffused optical waveguide—A 
three-dimensional optical waveguide constructed from a 
two-dimensional diffused optical waveguide on whose 
surface has been deposited a dielectric strip of a lower 
refractive index material, thus confining the electromag- 
netic fields of the propagating mode to the vicinity of the 
strip, hence achieving a three-dimensional guide. 

stripper— A hand-operated or motor-driven tool for 
removing insulation from wires. 

stripping — 1. A process using cither acids or plasma 
to remove the resist coating of a wafer after the expo- 
sure, development, and etching steps. 2. Removing the 
insulation from a wire. 3. Removing the outer sheath or 
covering of a cable or wire, thus exposing the insulated 
wires. 

strip printer—A peripheral device used with a 
programmable controller to provide a hard copy of 
process number, status, and functions. 

strip transmission line —A microwave transmis- 
sion line in the form of a thin, narrow rectangular strip 
adjacent to a wide ground-plane conductor or between 
two wide ground-plane conductors. Separation of the con- 
ductors usually is achieved by using a low-loss dielectric 
material on which the conductors are formed by etching. 

strobe — 1. An intensified spot in the sweep of a 
deflection-type indicator, used as a reference mark for 
ranging or expanding the presentation. 2. An intensified 
sweep on a plan-position indicator or B-scope. Such a 
strobe may result from certain types of interference or 
it may be purposely applied as a bearing or heading 
marker. 3. On a console oscilloscope, a line representing 
the azimuth data generated by a jammed radar site. 4. See 
electronic flash. 5. An input to a counter or register that 
permits the asynchronous entry of parallel data. 6. A 
selection signal that is active when data is correct or. a bus. 
7. A control signal used to effect information transfers at 
the hardware level. 

strobe hold time— The time necessary to strobe 
parallel data into a counter or register completely. 

strobe marker— A small bright spot, a short gap, 
or other discontinuity produced on the line trace of a 
radar display to indicate the part of the time base that 
is receiving attention. 

strobe pulse — Also called sample pulse. 1. A pulse 
used to gate the output of a core-memory sense amplifier 
into a trigger in a register. 2. A pulse of duration less 
than the time period of a recurrent phenomenon, used for 
making a close investigation of that phenomenon. The 
frequency of the strobe pulse bears a simple relation to 
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that of the phenomenon, and the relative timing is usually 
adjustable. 3. A pulse that enables a system for a fixed 
period only. 

strobe release time — The time that must elapse 
after the strobe input is disabled before a clocking 
transition will be recognized by a counter. 

Strobolume — A trade name used to describe a high- 
intensity electronic stroboscope manufactured by General 
Radio Company. 

stroboscope — |. A light that flashes at a frequency 
that can be adjusted to coincide with any repeating 
motion. When the flashing rate is synchronized with the 
motion, the moving device appears to be stopped. Since 
the flashing rate is known, the speed of the device can be 
determined without physically contacting the device. A 
flashing rate slightly different from the synchronized rate 
makes the device appear to operate in slow motion. With 
the stroboscope, such characteristics of motion as whip, 
vibration, rotation, or chatter can be observed readily. 
2. Device that administers brief flashes of light for the 
purpose of observing the behavior of an object during a 
short interval of time. One of the most effective means 
for accomplishing this purpose is a gascous tube energized 
by the discharge of a capacitor. Light flashes as short as 
1 microsecond have been produced in this fashion. By 
illuminating moving machinery with intermittent flashes 
of light at the correct frequency, the machine can be made 
to appear stationary; by reducing or increasing the flash 
rate slightly, the machine will appear to move slowly in 
the forward or reverse direction. Many turntable platters 
carry a band of dots or lines around their rims, or on their 
under surfaces, lit by a neon lamp. When the platter speed 
is adjusted to exactly 33'/; or 45 rpm, the dots or lines 
appear to stand still. 

stroboscopic disc —A printed disc having several 
rings, each with a different number of dark segments. The 
pattern is placed on a rotating phonograph turntable and 
illuminated at a known frequency by a flashing discharge 
tube. The speed can then readily be determined by noting 
which pattern appears to stand still or rotate the slowest. 


Stroboscopic disc. 


stroboscopic light source — An electronic flash 
tube capable of repeated operation at hundreds or thou- 
sands of flashes per second for long periods. 

stroboscopic tachometer— A stroboscope with 
a scale calibrated in flashes or in revolutions per minute. 
The stroboscopic lamp is directed onto the rotating device 
being measured, and the flashing rate is adjusted until the 
device appears to be standing still. The speed can then be 
read directly from the scale. 

strobotron — 1. A type of glow lamp that produces 
intense flashes of light when fed with accurately timed 
voltage pulses. It is used in electronic stroboscopes 
for visual inspection of high-speed moving parts. 2. A 
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specified cold-cathode gas tube used to apply a shart- 
duration, high-power arc for a stroboscope. 

stroke — In character recognition, a straight line seg- 
ment or arc that forms a part of a graphic character. 

stroke centerline — In character recognition, a line 
equidistant from the two stroke edges. 

stroke edge — In character recognition, the region 
of discontinuity between a side of a stroke and the 
background, determined by averaging, over the length of 
the stroke, the irregularities produced by the printing and 
detection processes. 

stroke pattern — The pattern, formed by a character- 
generation CRT system, in which the characters are com- 
posed of a sequence of line segments (strokes) generated 
by the electron beam motion with time intervals between 
successive coordinates. The characters are formed within 
a rectangle by different combinations of vertical, horizon- 
tal, and diagonal strokes, coupled with intensity control 
signals. 

stroke speed — Also called scanning-line frequency 
or scanning frequency. The number of times per minute 
that a fixed line, perpendicular to the direction of scan- 
ning, is crossed in one direction by a scanning or record- 
ing spot in a facsimile system. 

stroke width — In character recognition, the distance, 
measured in the direction perpendicular to the stroke 
centerline, between the two edges of a stroke. 

structured logic design — A method of describing 
chip design through a hierarchical structure by which each 
level of component functions can be described by a lower 
level of functions. 

structured programming — Also called top-down 
programming. 1. A systematic procedure for writing pro- 
grams in modular form with a clear logical structure. 
Such programs are easy to understand and modify. 2. A 
set of conventions and rules that, when followed, yields 
programs that are easy to write, test, modify, and read. 
3. Techniques concerned with improving the program- 
ming process through better organization of programs and 
better programming notation to facilitate correct and clear 
description of data and control structures. 

stub — |. A short length of transmission line or cable 
joined as a branch to another transmission line or cable. 
2. A short section of transmission line, open or shorted at 
the far end, connected in parallel with a transmission line 
to match the impedance of the line to that of an antenna 
or transmitter. 

stub angle —A right-angle elbow for a coaxial rf 
transmission line, the inner conductor being supported by 
a quarter-wave stub. 

stub cable — A short branch from a principal cable. 
The end is often sealed until used. Pairs in the stub are 
referred to as stubbed-out pairs. 

stub matching — Using a stub to match a transmis- 
sion line to an antenna or load. 

stub-supported coaxial— A coaxial cable whose 
inner conductor is supported by short-circuited coaxial 
stubs. 

stub tuner—aA stub terminated by movable short- 
circuiting means and used for matching impedance in the 
line to which it is joined as a branch. 

stuck-at-1, stuck-at-0— A particular fault model 
in which a faulty node remains at a logical 1 or O state 
regardless of the inputs applied. 

stud — Threaded or serrated insert or post used for 
connecting wires or terminals. 

stud welding —A process in which the heat of an 
electric arc drawn between the fastener and the work melts 
a quantity of metal, after which the two heated parts are 
brought together under pressure. 
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stunt box— 1. A device for controlling the nonprint- 
ing functions of a Teletype terminal. 2. A mechanical unit 
that allows a teletype operator to add control features 
to the teleprinter; for example, an automatic nonover- 
line control that prevents printing over a message already 
typed. Controlling a remote device is another use for the 
stunt box. 

stutter —In facsimile, a series of undesired black 
and white lines sometimes produced when the signal 
amplitude changes sharply. 

STV — See subscription TV. 

stylus — Also called a needle. 1. The needlelike 
object used in a sound recorder to cut or emboss the record 
grooves. Generally it is made of sapphire, stellite, or steel, 
The plural is styli. 2. The pointed element that contacts 
the record sheet in a facsimile recorder. 3. A small piece 
of industrial-grade diamond or artificial sapphire, con- 
ically shaped, that tracks the groove in a phonograph 
record. Stylus motion is transmitted through the support- 
ing cantilever to the generating elements in the cartridge. 
Styli come in several shapes, such as elliptical or spheri- 
cal. 4. A hand-held object that provides coordinate input 
to the display device. 

stylus alignment— The position of the stylus with 
respect to the record. The correct position is perpendicu- 
lar. 

stylus drag — Also called needle drag. The friction 
between the reproducing stylus and the surface of the 
recording medium. 

stylus force— Also called vertical stylus force or 
tracking force, and formerly called needle pressure or 
stylus pressure. The downward force, in grams or ounces, 
exerted on the disc by the reproducing stylus. 

stylus oscillograph — An instrument in which a pen 
or stylus records, on paper or another suitable medium, 
the value of an electrical quantity as a function of time. 

stylus pressure — See stylus force. 

stylus radius — The radius in mils of the spherical tip 
that contacts the groove wall of a phonograph record. In 
an elliptical stylus there are two radii. The smaller radius 
applies to the sides of the stylus looking down on it, and 
the larger radius applies to the curvature that contacts the 
V groove, looking along the groove. 

subassembly — 1. Parts and components combined 
into a unit for convenience in assembling or servicing. A 
subassembly is only part of an operating unit; it is not 
complete in itself. 2. A portion of a complete equipment 
that has cne particular function in a single unit for 
ease of replacement. 3. A part of a complete assembly. 
Several subassemblies are usually required to complete 
an assembly. A subassembly is not normally capable of 
delivering an output by itself. 

subatomic — Smaller than atoms — i.e., electrons or 
protons. 

subatomic particles — The particies that make up 
the atom —1.e., protons, electrons, and neutrons. 

subcarrier — 1. A carrier used to generate a modu- 
Jated wave that is applied, in tum, as a modulating wave 
to modulate another carrier. 2. The carrier used in stereo 
broadcasting to accommodate the subchannel stereo com- 
ponents. Frequency is 38 kHz and is suppressed at the 
transmitter, leaving only the sidebands, but is reformed 
at the receiver for detection of the stereo components by 
doubling the synchronized 19-kHz pilot tone. 3. A second 
signal “piggybacked” onto a main signal to carry addi- 
tional information. In satellite television transmission, the 
video picture is transmitted over the main carrier. The 
corresponding audio is sent via an FM subcarrier. Some 
satellite transponders carry as many as four special audio 
or data subcarriers whose signals may or may not be 
related to the main programming. 4. A carrier wave that 
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modulates another higher-frequency carricr. In satellite 
transmissions, a 6.8 MHz audio subcarrier is often used 
to modulate the C-band carrier. In television, a 3.58 MHz 
subcarrier modulates the video carrier on each channel. 

subcarrier band—A band associated with a given 
subcarrier and specified in terms of maximum subcarrier 
deviation. 

subcarrier channel — The channel required to con- 
vey the telemetric information of a subcarrier band. 

subcarrier discriminator tuning unit— A device 
that tunes the discriminator to a particular subcarrier. 

subcarrier frequency shift — The use of an audio- 
frequency shift signal to modulate a radio transmitter. 

subcarrier oscillator—1.In a telemetry system, 
the oscillator that is directly modulated by the measurand 
or ifs equivalent in terms of changes in the transfer ele- 
ments of a transducer. 2. In a color television receiver, the 
crystal oscillator operating at the chrominance subcarrier 
frequency of 3.579545 MHz. 

subcarrier substrate — A small substrate of a film 
circuit that is mounted in tum onto a larger substrate. 

subcarrier transmission— A subdivision of car- 
rier transmission designed to increase the capacity of the 
telephone system. The term id used in other circumstances 
in a similar fashion to indicate a transmission modulated 
upon a carrier or subcarrier of a communication channel. 

subchannel—In a telemetry system, the route for 
conveying the magnitude of one subcommutated measur- 
and, 

subchassis — The chassis on which closely associ- 
ated components, such as those of an amplifier or power 
supply, are mounted. A subchassis is a building block, 
easily changed and usable in a variety of systems. 

subcircuit— A group of physically realizable compo- 
nents that performs a specific function, typically treated 
as a black box. 

subclutter visibility — The characteristic that relates 
to how well a radar equipped with a moving-target 
indicator can see through clutter. 

subcommutation — In a computer, the act of con- 
necting one data source to a sampled data system less 
frequently than other data sources. 

subcommutation frame— In PCM systems, a 
recurring integral number of subcommutator words that 
include the single subcommutation frame synchronization 
word. The number of subcommutator words is equal to 
an integral number of primary commutator frames. The 
length of a subcommutation frame is equal to the total 
number of words or bits generated as a direct output of 
the subcommutator. 

subcycle generator — A frequency-reduciag device 
used in telephone equipment to furnish ringing power at 
a submultiple of the power-supply frequency. 

subdivided capacitor — A capacitor in which sev- 
eral capacitors, known as sections, are mounted so that 
they may be used individually or in combination. 

subelement— A distinguishable portion of a circuit 
element (e.g., the emitter, collector, and base are subele- 
ments of an integrated bipolar transistor). 

subfigure — User-defined symbols that are used repe- 
titively in a drawing. 

subframe—aA complete sequence of frames during 
which all subchannels of a specific channel are sampled 
once. 

subharmonic — 1. A sinusoidal quantity whose fre- 
quency is an integral submultiple of the fundamental fre- 
quency of its related periodic quantity. A wave with half 
the frequency of the fundamental of another wave is called 
the second subharmonic of that wave; one with a third of 
the fundamental frequency is called a third subharmonic, 
etc. 2. A harmonic signal whose frequency is less than 
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that of the fundamental, being the fundamental frequency 
divided by an integral number. 3. A fractional multiple of 
the fundamental frequency. 

subjamming  visibility —The characteristic that 
relates to the ability of a particular radar antijam technique 
to see through jamming signals. 

subject copy — Also called copy. In facsimile, the 
material in graphic form to be transmitted for reproduction 
by the recorder. 

submarine cable —A cable designed for service 
under water; usually a lead-covered cable with a steel 
armor applied between layers of jute. 

submerged-resistor induction furnace — A fur- 
nace for melting a metal. It comprises a melting hearth, a 
descending melting channel closed through the hearth, a 
primary induction winding, and a magnetic core that links 
the melting channel and primary winding. 

submersible transformer—A transformer so 
constructed that it will operate when submerged in 
water under predetermined conditions of pressure and 
time —e.g., a subway transformer. 

subminiature tube—A small electron tube used 
generally in miniaturized equipment. 

subminiaturization — The technique of packaging 
discrete miniaturized parts, using assembly techniques 
that result in increased volumetric efficiency (e.g., a 
hybrid circuit). 

submultiple resonance—Resonance at a fre- 
quency that is a submultiple of the frequency of the 
exciting impulses. 

subnanosecond — Less than a nanosecond. 

subpanel— An assembly of electrical devices con- 
nected together that forms a simple functional unit in 
itself, 

subprogram — An independently compilable part of 
a larger computer program. 

subrefraction — Atmospheric refraction that is less 
than standard refraction. 

subroutine — 1. In computer technology, the por- 
tion of a routine that causes a computer to carry out a 
well-defined mathematical or logical operation. 2. Usually 
called a closed subroutine. One to which control may be 
transferred from a master routine, and returned to the mas- 
ter routine at the conclusion of the subroutine. 3. A set of 
instructions and constants necessary to direct a computer 
to carry out a well-defined mathematical, special, or logi- 
cal operation. A subroutine usually resides in mass storage 
and can be called by the computer whenever that specific 
function must be performed. It may be used over and over 
in the same program and in different programs. 4. A sub- 
program (group of instructions) reached from more than 
one place in a main program. The process of passing con- 
trol from the main program to a subroutine is a subroutine 
call, and the mechanism is a subroutine linkage. Often 
data or data addresses are made available by the main 
program to the subroutine. The process of returning con- 
trol from the subroutine to the main program is subroutine 
return. The linkage automatically returns control to the 
original position in the main program or to another sub- 
routine. See also nesting. 5. A short program segment that 
performs a specific function and is available for general 
use by other programs and routines. 6. Computer program 
segment identified by name and bracketed by a “subrou- 
tine” and a “return” statement. Execution is transferred to 
a subroutine when a subroutine call occurs. Subroutines 
save memory space at the expense of execution speed. 

subroutine call— See subroutine, 4. 

subroutine linkage — See subroutine, 4. 

subroutine reentry—In a computer, initiation of 
a subroutine by a program before the subroutine has 
completed its response to another program that called for 
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it. This can occur when a control program is subjected to 
a priority interrupt. 

subroutine return — See subroutine, 4. 

subscriber line —1. A line that connects a central 
office and a telephone station, private branch exchange, 
or other end equipment. 2. A telephone circuit from the 
central office to a subscriber’s telephone. 

subscriber loop — See local loop, 1. 

subscriber multiple —A bank of manual-switch- 
board jacks that provides outgoing access to subscriber 
lines and usually has more than one appearance across 
the switchboard. 

subscriber's drop— The line from a telephone 
cable to a subscriber’s building. 

subscriber’s equipment— That portion of a cen- 
tral station alarm system installed in the protected 
premises. 

subscriber set— Also called a customer set. An 
assembly of apparatus for originating or receiving calls 
on the premises of a subscriber to a communication or 
signaling service. 

subscript— A notation for use in a computer to 
specify one member of an array in which each member 
is referenced only in terms of the array name. 

subscripted variable —1. A variable with one or 
more following subscripts enclosed in parentheses. 2. A 
yariable that has one or more numbers attached to it, 
indicating its place in a series or array. 

subscription television — Abbreviated STV. 1. See 
pay television. 2. An over-the-air or broadcast pay TV 
service in which scrambled signals are sent to decoder 
boxes on TV sets for which viewers pay a fee to receive 
movies and sports programming. 

subscription television broadcast program — 
A television broadcast program intended to be received 
in intelligible form by members of the public only for a 
fee. 

subset— 1. In a telephone system, the handset or 
deskset at the station location. 2. Also known as a modem, 
data set, or subscriber set. A modulation/demodulation 
device designed to make business-machine signals com- 
patible with communications facilities. 3. The subscriber’s 
telephone instrument. 

Subsidiary Communications Authorization — 
See SCA. 

subsonic frequency — See infrasonic frequency. 

subsonic speed—aA speed less than the speed of 
sound. 

substation — 1. Any building or outdoor location at 
which electric energy in a power system is transformed, 
converted, or controlled. 2. A junction point where several 
transmission and distribution lines are tied together. 

substep — A part of a computer step. 

substitute —In a computer, to replace one element 
of information by another. 

substitute character — An accuracy-control char- 
acter, intended to be used in place of a character deter- 
mined to be invalid, in error, or not representable on a 
particular device. 

substitution emulation — See emulation. 

substitution interference measurement— A 
measurement in which the noise level of the source being 
measured is compared to a known level from a calibrated 
source; for example, an impulse generator for broadband 
noise or a sine-wave generator for cw. 

substitution method—A three-step method of 
measuring an unknown quantity in a circuit. First, some 
circuit effect dependent on the unknown quantity is 
measured os observed. Then a similar but measurable 
quantity is substituted in the circuit. Finally, the latter 
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quantity is adjusted to produce a like effect. The unknown 
value is then assumed to be equal to the adjusted known 
value. 

substrate — Also called base material. 1. The sup- 
porting material on or in which the parts of an integrated 
circuit are attached or made. The substrate may be passive 
(thin film, hybrid) or active (monolithic compatible). 2. A 
material on the surface of which an adhesive substance is 
spread for bonding or coating; any material that provides a 
supporting surface for other materials, especially materials 
used to support printed-circuit patterns. 3. The physical 
material upon which an electronic circuit is fabricated. 
Used primarily for mechanical support but may serve a 
useful thermal or electrical function. Also, a material on 
whose surface an adhesive substance is spread for bonding 
or coating, or any material that provides a supporting sur- 
face for other materials. 4. The base or support layer of a 
transistor or monolithic chip, which usually constitutes a 
major proportion of the total volume. When composed 
of ceramic, glass, or sapphire, the substrate functions 
mainly as a support during the operations of fabrication 
and encapsulation, However, when composed of heavily 
doped semiconductor material it normally performs the 
additional function of a distributed low-resistance con- 
nection tc the physically lowest region of the device. 
5. That part of an integrated circuit that acts as a support. 
6. A slab of insulating material used for structural support 
of thick-film depositions and assembly components, usu- 
ally high-purity (96 to 99 percent) alumina. See alumina. 
7. The material on which the chips and other components 
are mounted, comparable to a printed circuit board. Sub- 
strate materials in common use include glass, sapphire, 
silicon, alumina, beryllia, and porcelainized steel. 8. The 
underlying material on which a microelectronic device is 
built. 

substrate base material — The supporting material 
on which the elements of a thick-film circuit are deposited 
or attached. 

subsurface wave — An electromagnetic wave prop- 
agated through water or land. Operating frequencies for 
communications may be limited to approximately 35 kHz 
due to attenuation of high frequencies. 

subsynchronous— Having a frequency that is a 
submultiple of the driving frequency. 

subsynchronous reluctance motor — A form of 
reluctance motor with more salient poles in the primary 
winding. As a resuit, the motor operates at a constant 
average speed that is a submultiple of its apparent 
synchronous speed. 

subsystem — |. A major, essential, functional part 
of a system. The subsystem usually consists of several 
components. 2. A part or division of a system that in 
itself has the properties of a system. 3. An organization of 
computer components (e.g.. a tape drive and controller) 
that comprises a functional unit that is part of a larger 
system. 

subtractive filter— An optical filter that is of a 
certain color and eliminates that color when placed in 
the path of white light. 

subtractive process— A printed circuit manufac- 
turing process in which a conductive pattern is formed 
by the removal of portions of the surface of a metal-clad 
insulator by chemical means (etching). 

subtractor— An operational amplifier circuit in 
which the output is proportional to the difference between 
its two input voltages or between the net sums of its pos- 
itive and negative inputs. 

subvoice-grade channel— A channel whose band- 
width is less than that of a voice-grade channel. Such a 
channel usually is a subchannel of a voice-grade line. 
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(According to common usage, a telegraph channel is 
excluded from this definition.) 

subwoofer—A speaker that is specifically made 
to reproduce the lowest of audio frequencies, between 
approximately 20 Hz and 100 Hz. 

success ratio — The ratio of the number of success- 
ful attempts to the total number of trials. It is frequently 
used as a reliability index. 

suckout — A hole in the response pattern of a tuned 
circuit due to the self-resonance of components at certain 
frequencies. 

sudden commencement— Magnetic storms that 
start suddenly (within a few seconds) and simultaneously 
all over the earth. 

sudden ionospheric disturbances — The sudden 
increase in ionization density in lower parts of the iono- 
sphere, caused by a bright solar chromospheric eruption. 
It gives rise to a sudden increase of absorption in radio 
waves propagated through the low parts of the ionosphere, 
and sometimes to simultaneous disturbances of terres- 
trial magnetism and earth current. The change takes place 
within one or a few minutes, and conditions usually return 
to normal within one or a few hours. 

Suhi effect— When a strong transverse magnetic 
field is applied to an n-type semiconducting filament, the 
holes injected into the filament are deflected to the surface. 
Here they may recombine rapidly with electrons and, thus, 
have a much shorter life, or they may be withdrawn by a 
probe as though the conductance had increased. 

suicide control — A control function that uses neg- 
ative feedback to reduce and automatically maintain the 
generator voltage at approximately zero. 

sulfating — The accumulation of lead sulfate on the 
plates of a lead-acid storage battery. This reduces the 
energy-storing ability of the battery and causes it to fail 
prematurely. 

sulfation — The lead sulfate that forms on battery 
plates as a result of the battery action that produces 
electric current. 

sulfonated polystyrene sensor— Also called 
Pope cell. An ion-exchange device with good response, 
accuracy, and long-term stability whose resistance 
changes exponentially with humidity and temperature. 

sum — The combination of two electrical signals of 
the same electrical polarity. The total electrical energy 
produced by combining the two different signals of a 
stereo program. 

sum channel—A combination of left and right 
stereo channels identical to the program, which may be 
recorded or transmitted monophonically. 

summary punch — A punch-card machine that may 
be attached to another machine in such a way that it will 
punch information produced, calculated, or summarized 
by the other machine. 

summary recorder—In computers, output equip- 
ment that records a summary of the information handled. 

summation check —A redundant computer check 
in which groups of digits are summed, usually without 
regard to overflow. The sum is then checked against a 
previously computed sum to verify the accuracy of the 
computation. 

summation frequency — A frequency that is the 
sum of two other frequencies that are produced simulta- 
neously. 

summation tone — A combination tone, heard under 
certain circumstances, whose pitch corresponds to a 
frequency equal to the sum of the frequencies of the two 
components. 

summing junction — The input terminal of an oper- 
ational amplifer that is inverted and has both input and 
feedback connected to it. 
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summing point— 1. A mixing point whose output is 
obtained by adding its inputs (with the prescribed signs). 
2. The input terminal to which the feedback loop from 
the output of an amplifier is returned. 

sum of products—A general form of Boolean- 
algebraic expression that can be implemented readily 
through the use of electronic gate circuits. 

sum operand — In a calculator, automatically adds 
first factors of any sequence of multiplication or division 
problems. Used when obtaining average unit price and 
standard deviation. 

superband — The frequency band from 216 to 300 
MHz, used for fixed and mobile radios and additional 
television channels on a cable system. 

supercardioid — Similar to cardioid but with a nar- 
rower response lobe. 

supercardioid microphone — A microphone hav- 
ing a cardioid “polar pattern” with an unusually high 
discrimination between sounds from the front and rear. 

supercommutation — |. Commutation at a higher 
rate by connection of a single data input source to equally 
spaced contacts of the commutator (cross patching). Cor- 
responding cross patching is required at the decommuta- 
tor. 2. The connection of one data source of a computer 
to a sampled-data system more frequently than other data 
sources are connected. 

superconducting — Exhibiting superconductivity. 

superconductivity — 1. The ability of certain alloys 
and metals, such as lead, tin, and vanadium, to conduct 
electricity with zero resistance. In general, electrical resis- 
tance falls as the temperature of a conductor decreases. 
For certain metals and alloys, resistance abruptly drops 
to nil when the temperature reaches a specific point 
near absolute zero. In recent years, superconductivity has 
been achieved at temperatures as high as —140°C. 2. The 
decrease in resistance of certain materials (lead, tin, thal- 
lium, etc.) as their temperature is reduced to nearly abso- 
lute zero. When the critical (transition) temperature is 
reached, the resistance will be almost zero. 

superconductors — Materials that exhibit super- 
conductivity. These are materials in which the resistance 
drops to almost zero at a temperature near absolute zero. 
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Superconductivity is exhibited by many of the metallic 
elements, their alloys, and intermetallic compounds. 

super-emitron — See image iconoscope. 

supergroup — In carrier telephony, five groups (60 
voice channels) multiplexed together and handled as a 
single unit. A basic supergroup occupies the 312 to 
552 kHz band. 

superhet — Slang for a superheterodyne receiver. 

superheterodyne receiver—1.A_ receiver in 
which the incoming modulated rf signals are usually 
amplified in a preamplifier and then fed into the mixer for 
conversion into a fixed, lower carrier frequency (called 
the intermediate frequency). The modulated IF signals 
undergo very high amplification in the TF-amplifier stages 
and are then fed into the detector for demodulation. 
The resultant audio or video signals are usually further 
amplified before being sent to the output. 2. A receiver 
that converts the incoming signal to an intermediate 
frequency and amplifies the signal at an intermediate 
frequency before detection. 

superheterodyne reception — A method of recei- 
ving radio waves in which heterodyne reception converts 
the voltage of the intermediate, but usually superaudible, 
frequency, which is then detected. 

superhigh frequency — Abbreviated SHF. The fre- 
quency band extending from 3 to 30 GHz (100 to 10 mm). 

superimpose —In a tape recorder, to record one 
or more signals over another without erasure, so that 
when a tape is played back, all recordings can be heard 
simultaneously. (Particularly useful if one wishes to have 
a spoken commentary with a musical background.) 

Supermalloy — Trade name of Arnold Engineering 
Company for a magnetic alloy with a maximum perme- 
ability greater than 1,000,000. 

supermode laser—A frequency-modulated laser 
whose output is passed through a second phase modulator 
driven 180° out of phase and with the same modulation 
index as the first modulator. All of the energy of the 
previously existing laser modes is compressed into a 
single frequency, with nearly the full power of the laser 
concentrated in that signal. 

superposed  circuit—An additional channel 
obtained in such a manner from one or more circuits nor- 
mally provided for other channels that all channels can 
be used simultaneously, without mutual interference. 

superposed ringing — Also called superimposed 
ringing. Party-line telephone ringing accomplished by 
using a combination of alternating and direct currents; 
direct current of both polarities is used to provide selective 
ringing. 

superposition — The process of adding two or more 
signals together and having each signal retain its unique 
identity. 

superposition theorem — When a number of volt- 
ages (distributed in any manner throughout a linear net- 
work) are applied to the network simultaneously, the 
current that flows is the sum of the component currents 
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that would flow if the same voltages had acted individu- 
ally. Likewise, the potential difference that exists between 
any two points is the component potential difference that 
would exist there under the same conditions. 

superpower—-A comparatively large power (some- 
times over 1,000,000 watts) used by a broadcasting station 
in its antenna, 

superradiance — In lasers, a rapid increase in inten- 
sity of fluorescent line emission with increasing excita- 
tion (pump) power. This intensity increase and associated 
line narrowing are attributed to coherent reinforcement 
of spontaneously emitted photons during a single pass 
through the active region. 

superrefraction — Abnormally large refraction of 
radio waves in the lower layers of the atmosphere, leading 
to abnormal ranges of operation. 

superregeneration— 1. A form of regenerative 
amplification frequency used in radio-receiver detecting 
circuits. Oscillations are alternately allowed to build up 
and are quenched at a superaudible rate. 2. Method used 
to produce greater regeneration than otherwise possible 
without the harmful effects of oscillation. See also quench 
frequency. 

superregenerative detector—A detector that 
functions on superregeneration to achieve extremely high 
sensitivity with a minimum of amplifier stages. 

superregenerative receiver — A receiver in which 
the regeneration is varied in such a manner that the circuit 
is periodically rendered oscillatory and nonoscillatory. 

supersensitive relay— A relay that operates on 
extremely small currents (usually less than 250 micro- 
amperes). 

supersonic — Faster than the speed of sound (approx- 
imately 750 mph or 1200 km/h). These speeds are usually 
referred to by the term mach or mach number. Mach 1 
equals the speed of sound; mach 2, twice the speed of 
sound, etc. 

supersonic communication — Communication 
through water by manually keying the sound output of 
echo-ranging equipment used on ships. 

supersonic frequency — See ultrasonic frequency. 

supersonics — 1. The general term covering phe- 
nomena associated with speeds higher than that of sound 
(e.g., aircraft and projectiles that travel faster than sound). 
2. The general term covering the use of frequencies above 
the range of normal hearing. 

supersonic sounding — A system of determining 
ocean depths by measuring the time interval between the 
production of a supersonic wave just below the surface 
of the water and the arrival of the echo reflected from the 
bottom. The sounds are transmitted and received by either 
magnetostriction or piezoelectric units, and electronic 
equipment is employed to provide a continuous indication 
of depth (sometimes with a permanent recording). 

supersync signal — A combination horizontal- and 
vertical-sync signal transmitted at the end of each scan- 
ning line in commercial television. 

superturnstile antenna — A stacked antenna array 
in which each element is a batwing antenna. 

supertweeter — A tweeter used usually in four-way 
or five-way systems only for extremely high frequencies. 

Super Video Graphics Array — See SVGA. 

supervised lines — Interconnecting lines in an alarm 
system that are clectrically supervised against tampering. 
See also line supervision. 

supervisor — 1. A routine or routines carried out in 
response to a requirement for changing or interrupting 
the flow of operation through a central processing unit, 
or for performance of input-output operations; therefore, 
the medium for coordinating the use of resources and 
maintaining the flow of operations through the central 
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processing unit. Hence, a control routine executed in 
supervisor state. 2. A program that helps manage the 
operation of a computer system. 

supervisory alarm system — An alarm system that 
monitors conditions or persons or both and signals any 
deviation from an established norm or schedule. Examples 
are the monitoring of signals from guard patrol stations 
for irregularities in the progression along a prescribed 
patrol route, and the monitoring of production or safety 
conditions such as sprinkler water pressure, temperature, 
or liquid level. 

supervisory circuit— An electrical circuit or radio 
path that sends information on the status of a sensor or 
guard patrol to an annunciator. For intrusion alarm sys- 
tems, this circuit provides line supervision and monitors 
devices. See also supervisory alarm system. 

supervisory control — 1. A system by which selec- 
tive control and automatic indication of remote units is 
provided by electrical means over a relatively small num- 
ber of common transmission lines. (Carrier-current chan- 
nels on power lines can be used for this purpose.) 2. An 
arrangement for selectively controlling remotely located 
equipment by electrical means. 

supervisory control signaling — Characters or 
signals that actuate equipment or indicators at a remote 
terminal automatically. 

supervisory signal —A signal for attracting the 
attention of an attendant in connection with switching 
apparatus, etc. 

supervoltage — A voltage applied to X-ray tubes 
operating between 500 and 2000 kilovolts. 

supplementary group — In wire communications, 
a group of trunks that provides direct connection of 
local or trunk switching centers by way of other than 
a fundamental route. 

supplementary insulation — An independent insu- 
lation provided in addition to the functional insulation to 
ensure protection against electrical shock hazard in the 
event that functional insulation should fail. 

supply port — In a fluidic device, the port at which 
power is provided to an active device. 

supply reel — 1. Ina tape recorder, the feed reel from 
which the tape unwinds while playing or recording. 2. On 
a tape recorder, the reel generally on the left side of the 
recording head stack. It has a full reel of tape prior to 
beginning of the recording. 

supply voltage — The voltage obtained from a power 
supply to operate a circuit. 

support chips — |. Integrated circuits, exclusive of 
the microprocessor unit (the central processing unit of 
the microcomputer), that are required to complete a 
system. These chips must be compatible with the selected 
microprocessor and are generally part of the same family 
as the microprocessor unit. The degree of the support 
chip’s flexibility and availability is what will determine 
the total capability of a microcomputer system and, thus, 
becomes a significant factor in the selection of one system 
over another. 2. Semiconductor chips required to make 
the MPU functional, such as a clock generator. Includes 
chips that directly interface with the MPU to enhance its 
function, such as a DMA or a dedicated MCU supplied 
by a manufacturer as a standard part. Also includes chips 
that are not connected directly to the MPU but which 
enhance its function, such as a modem. A support chip 
may or may not contain memory. A memory with YO 
ports would be considered a support chip, whereas a chip 
containing only memory would be classified as a memory 
device. 

support software — A library of software tools used 
selectively or in total to produce software. This :1brary 
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may consist of compiler, link, editors, source update 
programs, etc. 

suppressed carrier — 1. That type of system which 
results in the suppression of the carrier frequency from 
the transmission medium. The intelligence of a carrier 
wave after modulation is contained in either sideband, 
and normally only one sideband is transmitted; the 
other sideband and carrier frequency are suppressed. 
The intelligence is recovered at the receiving end by 
inserting a carrier frequency from a local source that, 
when combined with the incoming signal, produces the 
original frequencies with which the transmitting carrier 
was modulated. 2. A method of transmission in which 
one or more sidebands are transmitted but the carrier is 
not transmitted. 

suppressed-carrier operation — See suppressed- 
carrier transmission. 

suppressed-carrier transmission — Trans- 
mission in which the carrier frequency is either partially 
or totally suppressed. One or both sidebands may be trans- 
mitted. 

suppressed time delay — Deliberate displacement 
of the zero of the time scale with respect to the time 
of emission of a pulse, in order to simulate electrically 
a geographical displacement of the true position of a 
transponder. 

suppressed-zero instrument— An indicating or 
recording instrument in which the zero position is below 
the end of the scale markings. 

suppression — 1. Elimination of any component of 
an emission—e.g., a particular frequency or group 
of frequencies in an audio- or radio-frequency signal. 
2. Reduction or elimination of noise pulses generated by 
a motor or motor generator. 3. Elimination of unwanted 
signals or interference by means of shielding, filtering, 
grounding, component relocation, or sometimes redesign. 
4. An optical function in online or offline printing devices 
by which they can ignore certain characters or character 
groups transmitted through them. 5. The reduction to an 
acceptable level of a certain frequency or frequencies. 

suppression pulse — The pulse generated in an air- 
bome transponder by coincidence of the first interrogation 
pulse and the control pulse. This pulse, also known as a 
killer pulse, is used to suppress unwanted interrogations 
from the side lobes. 

suppressor — |. A resistor used in an electron-tube 
circuit to reduce or prevent oscillation or the generation 
of unwanted rf signals. 2. A resistor in the high-tension 
lead of the ignition system in a gasoline engine. 

suppressor grid—A grid interposed between two 
positive electrodes (usually the screen grid and the plate) 
primarily to reduce the flow of secondary electrons from 
one to the other. 

suppressor pulse —The pulse used to disable an 
ionized flow field or beacon transponder during intervals 
when interference would be encountered. 

surface acoustic wave—A sound or acoustic 
wave that travels on the surface of the optically polished 
surface of a piezoelectric material. This wave travels at 
the speed of sound but can pass frequencies as high as 
several gigahertz. Its amplitude decays exponentially with 
substrate depth. 

surface analyzer — An instrument that measures or 
records irregularities in a surface. As a crystal-pickup 
stylus or similar device moves over the surface, the 
resulting voltage is amplified and fed to an indicator or 
recorder that magnifies the surface irregularities as high 
as 50,000 times. 

surface asperities—Small projecting imperfec- 
tions on the surface coating of a tape that limit and cause 
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variations in head-to-tape contact. A term useful in dis- 
cussions of friction and modulation noise. 

surface barrier — A barrier formed automatically at 
a surface by the electrons trapped there. 

surface-barrier transistor — Abbreviated SBT. A 
wafer of semiconductor material into which depressions 
have been etched electrochemically on opposite sides. 
The emitter- and collector-base junctions or metal-to- 
semiconductor contacts are then formed by electroplat- 
ing a suitable metal onto the semiconductor in the 
etched depressions. The original wafer constitutes the base 
region. No longer manufactured. 

surface conductance — Conductance of electrons 
along the outer surface of a conductor. 

surface-controlled avalanche transistor — A 
transistor in which the avalanche breakdown voltage is 
controlled by an external field applied through surface 
insulating layers, and which permits operation at frequen- 
cies up to the 10-GHz range. 

surface diffusion — The high-temperature injection 
of atoms into the surface layer of a semiconductor 
material to form the junctions. Usually a gaseous diffusion 
process. 

surface duct— An atmospheric duct for which the 
lower boundary is the surface of the earth. 

surface electromagnetic waves —Waves that 
propagate along the interface between two different media 
without radiation, with exponentially decaying evanescent 
fields on both sides of the interface. 

surface insulation — Also called oxalizing or insu- 
lazing. A coating applied to magnetic-core laminations 
to retard the passage of current from one lamination to 
another. 

surface leakage — The passage of current over the 
surface of an insulator rather than through it. Surface 
leakage in new components is very low, but when a 
component is installed in equipment and exposed to dust, 
dirt, moisture, and other degrading environments, leakage 
Current can increase and cause problems. 

surface mounting — 1. Connecting discrete compo- 
nents directly to foil patterns without using holes. 2. A 
packaging technique that attaches components directly to 
a circuit board rather than using leads, thus saving space. 

surface noise— Also called needle scratch. 1. In 
mechanical recording, the noise caused in the electrical 
output of a pickup by irregular contact surfaces in the 
groove. 2. Noise generated by contact of a phonograph 
stylus with minute particles of dust or other irregularities 
in a record groove. Can also be caused by excessive wear 
of a disc or by poor-quality coating on recording tape. 

surface of position— Any surface defined by a 
constant value of some navigational coordinate. 

surface recombination rate — The rate at which 
free electrons and holes recombine at the surface of a 
semiconductor. 

surface recording — Storage of information on a 
coating of magnetic material such as that which is used 
on magnetic tape, magnetic drums, etc. 

surface reflection — Also called Fresnel loss. The 
part of the incident radiation that is reflected from the 
surface of a refractive material. It is directly proportional 
to the refractive index of the material and is reduced for a 
given wavelength by application of an appropriate surface 
coating. 

surface resistance — The ratio of the direct voltage 
applied to an insulation system to the current that passes 
across the surface of the system. In this case, the 
surface consists of the geometric surface and the material 
immediately in contact with it. The thin layer of moisture 
at the interface between a gas and a solid usually has the 
greatest effect on surface resistance. 
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surface resistivity —1. The resistance between 
opposite edges of a surface film 1 cm square. Since the 
length and width of the path are the same, the centimeter 
terms cancel. Thus, units of surface resistivity are actually 
ohms. To avoid confusion with usual resistance values, 
surface resistivity is normally given in ohms per square. 
It is measured by determining the resistance between two 
straight conductors Í cm apart, pressed upon the surface 
of a slab of the material. Water-absorbent materials usu- 
ally show a lower resistivity than nonabsorbent ones. 
2. The resistance of the surface of an insulating material 
to the dc current. 

surface states — Discontinuities and contaminants 
at the surface of a semiconductor devicc, which tend 
to change the surface characteristics and promote device 
parameter instability. 

surface-temperature resistor — A platinum resis- 
tance thermometer designed for installation directly on the 
surface whose temperature is being measured. 

surface wave — 1. A subclassification of the ground 
wave. So called because it travels along the surface of the 
earth. 2. A wave that travels along the interface between 
two media without radiation, such as an electric wave on 
the surface of a wire surrounded by air. 3. A radio wave 
that reaches the reception point from the transmitter by 
traveling along the surface of the earth rather than by 
reflection from the ionosphere. 

surface-wave filter—A filter whose operation is 
based on the use of the interlaced, deposited electrode 
pairs and acoustic surface waves on a single crystal sub- 
strate. The device operates on traveling-wave principles, 
not a lumped-element concept. 
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surface-wave transmission line — Abbreviated 
SWTL. Ideally, a nonradiating broadband transmission 
line that functions by guiding electromagnetic energy 
in the surrounding air. A surface line allows coupling 
to the field anywhere along the guide (in contrast to 
an ordinary waveguide, in which the internal fields are 
complete. y screened from external space by metal walls). 
A noncontacting device can be used to couple some or all 
of the energy to or from the line. 

surfing — 1. Casually roaming around the Internet. 
2. Exploring the World Wide Web. Commonly called 
surfing the Net. 

surfing the Net— Navigating the Internet; usually, 
random Web browsing. 

surge — 1. Sudden current or voltage changes in a cir- 
cuit. 2. A transient variation in the current and/or potential 
al a point in the circuit. 3. An oversupply of voltage from 
the power company, lasting as long as several seconds. A 
strong surge can damage electronic equipment. 


surge admittance — Reciprocal of surge impedance. 
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surge-crest ammeter — A special magnetometer 
used with magnetizable links to measure the crest value 
of transient electric currents. 

surge current rating — The maximum current pulse 
that can be carried by a semiconductor diode for the 
specified length of time, repetition frequency, waveform, 
and temperature. 

surge generator — See impulse generator, 1. 

surge impedance — See characteristic impedance. 

surge-limiting capacitor — A capacitor intended to 
limit the maximum voltage across the terminations by 
acting as a low impedance to surges. 

surge suppressor — Also called voltage clipper or 
thyrector. A two-terminal device (pnp) that will conduct 
in either direction above a specified voltage and polar- 
ity, but otherwise acts as a blocking device to current. It 
essentially is a back-to-back diode with avalanche char- 
acteristics for protecting circuitry from high alternating 
voltage peaks or transients. 

surge voltage (or current)— 1. A large, sudden 
change of voltage (or current), usually caused by the 
collapse of a magnetic field or by a shorted or open circuit 
element. 2. The maximum voltage (or current) to which 
the capacitor should be subjected under any conditions. 
This includes transients and peak nipple at the highest line 
voltage. 

surge-voltage recorder — See Lichtenberg figure 
camera. 

surround — The part of a speaker cone by which its 
outside edge is anchored, usually corrugated. 

surround sound — 1. A system of audio reproduc- 
tion that uses four or more speakers to simulate the full 
three-dimensional effect of a live musical performance or 
cinematic environment. 2. An audio system that includes 
front and rear channels and sometimes a front and center 
channel to stimulate the full three-dimensional effect of a 
live performance. 

surveillance — 1. Systemic observation of air, sur- 
face, or subsurface areas by visual, electronic, pho- 
tographic, or other means. 2. Control of premises 
for security purposes through alarm systems, closed- 
circuit television (CCTV), or other monitoring methods. 
3. Supervision or inspection of industrial processes by 
monitoring those conditions that could cause damage if 
not corrected. See also supervisory alarm system. 

surveillance radar — In air traffic control systems, a 
radar set or system used in a ground-controlled approach 
system to detect aircraft within a certain radius of an 
airport and to present continuously to the radar operator 
information as to the position, in distance and azimuth, 
of these aircraft. 

surveillance radar station—JIn the aeronautical 
radionavigation service, a land station employing radar to 
detect the presence of aircraft. 

survivability — The measure of the degree to which 
an item will withstand hostile human-made environments 
and not suffer abortive impairment of its ability to 
accomplish its designated mission. 

SUS — See silicon unilateral switch. 

susceptance — |. The reciprocal of reactance, and 
the imaginary part of admittance. It 1s measured in 
siemens. 2. The component of (sinusoidal) current in 
quadrature with the terminal voltage of a circuit, divided 
by that voltage. 

susceptance standard —A standard with which 
small, calibrated values of shunt capacitance are intro- 
duced into 50-ohm coaxial transmission arrays. 

susceptibility — 1. Ratio of the induced magnetiza- 
tion to the inducing magnetic force. 2. The undesired 
response of an equipment to emissions, interference, or 
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transients, or to signals other than those to which the 
equipment is intended to be responsive. 

susceptibility meter — A device for measuring low 
values of magnetic susceptibility. 

susceptiveness — The tendency of a telephone sys- 
tem to pick up noise and low-frequency induction from 
a power system. lt is determined by telephone-circuit 
balance, transpositions, wire spacing, and isolation from 
ground. 

suspension — A wire that supports the moving coil 
of a galvanometer or similar instrument. 

suspension galvanometer— An early type of 
moving-coil instrument in which a coil of wire was 
suspended in a magnetic field and would rotate when it 
carried an electric current. A mirror attached to the coil 
deflecting a beam of light, causing a spot of light to travel 
on a scale some distance from the instrument. The effect 
was a pointer of greater length but no mass. 
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sustain —In an organ, the effect produced by cir- 
cuitry that causes a note to diminish gradually after the 
key controlling the note has been released. 

sustained oscillation— 1. Oscillation in which 
forces outside the system but controlled by it maintain a 
periodic oscillation at a period or frequency that is nearly 
the natural period of the system. 2. Continued oscillation 
due to insufficient attenuation in the feedback path. 

sustained start — An electrical signal for starting a 
timer that is of any duration longer than the timer setting. 

sustaining current — The current required to main- 
tain ionization across a spark gap. 

SVGA — Abbreviation for Super Video Graphics Array. 
An enhancement from VGA monitors. SVGA monitors 
can display a resolution up to 1028 x 768 and up to 
16.7 million colors. 

sw — Abbreviation for shortwave. 

swamping resistor — In transistor circuits, a resis- 
tor placed in the emitter lead to mask (minimize the effects 
of) variations caused in the emitter-base junction resis- 
tance by temperature variations. 

swamp resistance — A small amount of resistance, 
provided by a resistor with a negative or small positive 
resistance-lemperature coefficient, placed in series with 
the coil of an electrical indicating instrument to reduce 
the overall temperature coefficients of the instrument. The 
resistor also may be used for adjustment of the terminal 
resistance of the meter. 

swap — Refers to the process of moving part of a 
program from the main memory to external storage (tape 
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or disk) so that another piece of program can be moved 
from external storage to main memory. Swapping reduces 
computer efficiency, but it allows the system to get along 
with less memory. 

swapping — 1. A time-sharing term referring to the 
transfer of a currently operating program from system 
memory to an external storage device, the replacement 
of that program by a program of higher priority, and the 
restoration of the temporarily stored program following 
execution of the higher-priority program. 2. A feature of 
an Operating system that permits suspended tasks to be 
moved to secondary storage in order to generate enough 
memory space so that the next task of the ready list can 
be loaded into memory (if it is not already resident) and 
executed. The task will be swapped back into system 
memory when it is scheduled to resume execution. This 
movement to and from secondary storage may occur many 
times to a given task before its executing is complete. 

sweating— Soldering by assembling and heating 
parts previously coated with solder. 

SWECS — Abbreviation for small wind energy con- 
version systems. A system with a generating capacity less 
than 100,000 kW. 

sweep—The crossing of a range of values of a 
quantity for the purpose of delineating, sampling, or 
controlling another quantity. Examples of swept quantities 
are the displacement of a scanning spot on the screen of 
a cathode-ray tube, and the frequency of a wave. 

sweepable equalizer— An equalizer whose center 
frequency is continuously variable over a given frequency 
range, but the Q is not variable. 

sweep accuracy —The accuracy of the trace hori- 
zontal displacement in an oscilloscope compared with the 
reference independent variable, usually expressed in terms 
of average rate error as a percent of full scale. 

sweep amplifier— An amplifier stage designed to 
increase the amplitude of the sweep voltage. 

sweep circuit—A circuit that produces, at regular 
intervals, an approximately linear, circular, or other move- 
ment of the beam in a cathode-ray tube. 

sweep delay — The time between the application of 
a pulse to the sweep-trigger input of an oscilloscope and 
the start of the sweep. 

sweep-delay accuracy — The accuracy of an indi- 
cated sweep delay in an oscilloscope, usually specified in 
error terms. 

sweep expander — See sweep magnifier. 

sweep-frequency generator — 1. A signal source 
capable of changing frequency automatically and in 
synchronism with a display device. The frequency sweep 
can be obtained by either mechanical or electronic means. 
2. An oscillator that generates an audio or radio frequency 
that is repetitively swept, low to high or high or low, over 
a preset band of frequencies to provide a test signal for 
wideband devices. 

sweep-frequency record — A test record on which 
a series of constant-amplitude frequencies have been 
recorded. Each frequency is typically repeated 20 times 
per second, starting at 50 Hz and continuing up to 10 kHz 
or higher. 

sweep generator — Also called timing-axis oscilla- 
tor. Á circuit that applies voltages or currents to the deflec- 
tion elements in a cathode-ray tube in such a way that the 
deflection of the electron beam is a known function of 
time against which other periodic electrical phenomena 
may be examined, compared, and measured. 

sweeping receivers — Automatically and continu- 
ously tuned receivers designed to stop and lock on when 
a signal is found or to continually plot band occupancy. 

sweep jammer — An electric jammer that sweeps a 


narrow band of electronic energy over a broad bandwidth. 
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sweep linearity — The maximum displacement error 
of the independent variable between specified points on 
the display area in an oscilloscope. 

sweep lockout— A means for preventing multiple 
sweeps when operating an oscilloscope in a single-sweep 
mode. 

sweep magnifier — Also called sweep expander. A 
circuit or control for expanding part of the sweep display 
cf an oscilloscope. 

sweep oscillator— An oscillator used to develop 
a sawtooth voltage that can be amplified to deflect the 
electron beam of a cathode-ray tube. See also sweep 
generator. 

sweep switching — The alternate display of two or 
more time bases or other sweeps using a single-beam 
CRT. Comparable to dual- or multiple-trace operation of 
a deflection ampliñer. 

sweep test — Pertaining to cable, checking the fre- 
Guency response by generating an rf voltage whose fre- 
quency is varied back and forth through a given frequency 
range at a rapid constant rate while observing the results 
on an oscilloscope. 

sweep-through—A jamming transmitter that 
sweeps through a radio-frequency band and jams each fre- 
quency briefly, producing a sound like that of an aircraft 
engine. 

sweep voltage — The voltage used for deflecting an 
electron beam. It may be applied to either the magnetic 
deflecting coils or the electrostatic plates. 

swell manual— Also called solo manual. In an 
organ, the upper manual normally used to play the 
melody. See also manual, 2. 

swept resistance — The portion of the total resis- 
tance of a potentiometric transducer over which the slider 
travels when the device is operated through its total range. 

swim-—-The phenomenon in which the constructs on 
a CRT screen appear to move about their normal position. 
It can be observed when the refresh rate is slow and is 
not some multiple or submultiple of line frequency. In 
some cases, swim is a result of instability in the digital- 
to-analog converters in the display controller 

swimming — Lateral shifting of a thick-film conduc- 
tor pattern on molten glass crossover patterns. 

swing — |. The variation in frequency or amplitude 
of an electrical quantity. 2. The total variation of voltage, 
current, or frequency. 3. The arc traversed by the needle 
of a meter. 

swingback permeability — See reversible perme- 
ability. 

swinger — 1. A swinging short. 2. See swing short. 

swinging — |. Momentary variations in frequency of 
a received wave. 2. Existing only for short periods. 

swinging arm— A type of mounting and feed used 
to move the cutting head at a uniform rate across the 
recording disc in some recorders. All phonograph pickups 
are of the swinging-arm type. 

swinging choke — 1. A filter inductor designed with 
an air gap in ifs magnetic circuit so its inductance 
decreases as the current through it increases. When used 
in a power-supply filter, a swinging choke can maintain 
approximately critical inductance over wide variation in 
load current 2. An audio-frequency choke whose core is 
operated saturated with flux. It is used at the input of 
a power-supply filter for improved voltage regulation. 
lts inductance is at a maximum for small currents, and 
charges (swings) to a minimum for large currents. 

swing short— Also called swinger. A come-and-go 
(intermittent) short produced by a pair of wires swinging 
together in the wind. 
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swiss-cheese packaging — Also called imitation 
2D. A high-density packaging technique in which passive 
and active components are inserted into holes punched in 
printed circuit board substrates and attached by soldering 
or thermocompression bonding or by means of conductive 
epoxy adhesive. 

switch —1. A mechanical or electrical device that 
completes or breaks the path of the current or sends it 
over a different path. 2. In a computer, a device or pro- 
gramming technique by means of which selections are 
made. 3. A device that connects, disconnects, or transfers 
one or more circuits and is not designated as a con- 
troller, relay, or control valve. The term is also applied 
to the functions performed by switches. 4. A mechan- 
ical component for opening or closing (interrupting or 
completing) one or more electrical circuits. In electron- 
ics, as opposed to the electrical industry, switches tend 
to be low-voltage, low-current units scaled to the size 
of the equipment in which they function. Switches suit- 
able for opening and closing 120- and 240-volt ac line 
current and various dc and signal-level voltages under 
100 volts de predominate. 5. A mechanical or electronic 
device designed for conveniently interrupting, complet- 
ing, or changing connections in electrical circuits when- 
ever desired or necessary. Mechanical types may control 
more than one circuit by incorporating multiple-contact 
elements that are controlled by the same actuator. Elec- 
tronic switches ordinarily control only a single electrical 
circuit. 

switchboard—!.A manually operated apparatus 
at a telephone exchange. The various circuits from 
subscribers and other exchanges terminate here, so 
that operators can establish communications between 
two subscribers on the same exchange or on different 
exchanges. 2. A single large panel or an assembly 
of panels on which are mounted the switches, circuit 
breakers, meters, fuses, and terminals essential to the 
operation of electrical equipment. 3. An attended console 
where telephone subscribers’ lines appear for answering 
and calling. An operator interconnects lines and trunks 
and supervises the connections. 

switch detector — A detector that extracts informa- 
tion from the input waveform only at instants determined 
by a selector pulse. 

switched capacitor — A technique commonly used 
in analog signal processing to create filtering and signal 
conditioning circuits. 

switched line — Also called dial-up line. A commu- 
nications link for which the physical path may vary with 
each usage, such as the public telephone network. 

switched network— Also called public switched 
network and switched message network. 1. The network 
by which switched telephone service is provided to the 
public. 2. A multipoint network with circuit switching 
capabilities. The telephone network is a switched network, 
as are Telex and TWX. 

switcher— 1. A catchall term for a power source 
that employs switching techniques to achieve higher- 
efficiency regulation. Can include line switchers and con- 
ventional transformer/rectifier ac-operated power sources 
employing switching regulator techniques. 2. A device 
that allows the pictures from a number of cameras to be 
viewed on one monitor. 3. See switching power supply. 

switch-fader— A control that permits each of two or 
more cameras to be selectively fed into the distribution 
system. The fader permits gradual transition from one 
camera to another. 

switch gear— A general term covering switching, 
interrupting, control, metering, protective, and regulating 
devices; also assemblies of these devices and associated 
interconnections, accessories, and supporting structures, 


switch hook — switching transistor 


used primarily in connection with the generation, trans- 
mission, and distribution of electric power. 

switch hook — A switch associated with the structure 
on a telephone set that supports the receiver or handset. 
The switch is operated when the receiver or handset is 
removed from or replaced on the support. 

switching — 1. Making, breaking, or changing the 
connections in an electrical circuit. 2. The action of 
turning a device On and off. 

switching amplifier— 1. One whose output stage 
rapidly switches output power between transistor satura- 
tion and cutoff. Average output current is varied by con- 
trolling switching frequency, pulse amplitude, duty cycle, 
or any combination of these factors. Usually, however, 
switching amplifiers control power by modulating either 
pulse width or pulse frequency. Switching rates can be 
varied up to about 100 kHz. Since a switching amplifier 
controls output power by varying on-off time ratio of the 
output pulses, amplifier heat dissipation varies little from 
a nominal rating and is much less than that of amplifiers 
that consume unused power. However, switching ampli- 
fiers generate transients that can upset the operation of 
nearby electronic circuits. 2. See class D amplifier. 

switching center—1.A location at which data 
from an incoming circuit is routed to the proper 
outgoing circuit. 2. A group of equipment within a relay 
station for automatically or semiautomatically relaying 
communications traffic. 3. A location where an incoming 
call/message is automatically or manually directed to one 
or more outgoing circuits. 4. See switching office. 

switching characteristics — An indication of how 
a device responds to an input pulse under specified driving 
conditions. 

switching circuit — A circuit that pcrforms a switch- 
ing function. In computers, this is performed automati- 
cally by the presence of a certain signal (usually a pulse 
signal). When combined, switching circuits can perform 
a logical operation. 
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Switching circuits. 


switching coefficient — The derivative of applied 
magnetizing force with respect to the reciprocal of the 
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resultant switching time. It is usually determined as the 
reciprocal of the slope of a curve of reciprocals of 
switching times versus the values of applied magnetizing 
forces, which are applied as step functions. 

switching control— An installation in a wire sys- 
tem where telephone or teletypewriter switchboards are 
installed to interconnect circuits. 

switching current— The current through a device 
at the switching voltage point. 

switching device—Any device or mechanism, 
either electrical or mechanical, that can place another 
device or circuit in an operating or nonoperating state. 

switching differential— The difference between 
the operate and release points of a switch, caused by 
hysteresis. It can be in units of amperes, volts, inches, 
gausses, etc. See hysteresis. 

switching diode — A diode that has a high resistance 
(corresponding to an open switch) below a specified 
applied voltage but changes suddenly to a low resistance 
(closed switch) above that voltage. 

switching equipment — Equipment located in the 
telephone company offices that makes the interconnection 
between the station equipment of two or more subscribers. 

switching hysteresis—The principle associated 
with sensors, such that the operate point is not at the 
same level as the release point. In solid-state sensors it 
is accomplished with negative-resistance devices, and in 
mechanical switches it results from the storing of potential 
energy before the transition occurs. 

switching mode — A way of utilizing a vacuum tube 
or transistor so that (except for negligibly small transition 
times) it is either in cutoff or saturation. A transistor 
operated in this mode can switch large currents with little 
power dissipation. 

switching office — Also called switching center. A 
location where either toll or local telephone traffic is 
switched or connected from one line or circuit to another. 

switching pad— A transmission-loss pad automat- 
ically inserted into or removed from a toll circuit for 
different desired operating conditions. 

switching power supply — Also called switcher. A 
power supply (usually dc output) that achieves its output 
regulation by means of one or more active power-handling 
devices that are alternately placed in the off and on States. 
Distinguished from linear or dissipative power supplies, in 
which regulation is achieved by power-handling devices 
whose conduction is varied continuously over a wide 
range that seldom (if ever) includes the full off or full 
on condition. See figure on page 753. 

switching regulator — A power supply design that 
achieves efficient regulation by commuting the input 
voltage into a filter circuit. 

switching time— 1. The interval between the 
reference time and the last instant at which the 
instantaneous- voltage response of a magnetic cell reaches 
a stated fraction of its peak value. 2. The interval between 
the reference time and the first instant at which the 
instantaneous integrated-voltage response reaches a stated 
fraction of its peak value. 3. The time for a multiplexer to 
change from one channel to the next with the new output 
signal remaining within a specified percentage of its final 
value. Expressed for a maximum voltage transition. 

switching transients— Transient voltage spikes 
that appear at a multiplexer’s output when the multiplexer 
is switched from one channel to another and one of the 
switches is turned off. Such spikes may cause inaccurate 
measurements if output is sampled, digitized, or integrated 
during this time. 

switching transistor—A three-terminal device 
with one terminal controlling the electrical impedance 
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between the other two. Typical transistor switching cir- 
cuits include inverters, converters, switching voltage reg- 
ulators, and relay and solenoid drivers. 

switching trunk — A trunk that runs between a long- 
distance office and a local exchange office and is used for 
completing a long-distance call. 

switching voltage — The maximum forward voltage 
a device can sustain without breaking over into full 
conduction. 

switchplate —A small plate attached to a wall to 
cover a push-button or other type of switch. 

switch register — A physical register made up of a 
number of manual switches, typically equal to the number 
of bits in the computer, and generally located on the 
computer control panel. The switch register is used to 
manually enter addresses and data into the computer’ s 
memory and to manually intervene in program execution. 
The function performed by a physical switch register can 
also be implemented by software, with switches being set 
through a terminal device or a memory location. 

switch room — That part of a telephone central office 
building that houses switching mechanism and associated 
apparatus. 

switchtail ring counter— A type of ring counter 
in which the output of one stage is inverted before being 
applied as an input to the next stage. An even number of 
states equal to 2n (where n is the number of flip-flops) 
normally is produced. For example, a modulo-10 counter 
can be made from five flip-flops. Each flip-flop changes 
states on every fifth count. Decoding of all 10 states is 
accomplished conveniently with 10 two-input gates. A 
switchtail ring counter will contain the complement of the 
information it contained initially after n clock pulses, and 
will contain the initial information again after 2n clock 
pulses. 


switch train— A sequence of switches through 
which connection must be made when a circuit between 
a calling telephone and a called telephone is established. 

SWL — Shortwave listener; one who tunes the short- 
wave bands as a hobby. 

SWR — Abbreviation for standing-wave ratio. 

SWR bridge — See standing-wave-ratio bridge. 

SWR meter—An external or built-in circuit that 
measures the standing-wave ratio at the transceiver end 
of the antenna transmission line. 

SWTL — Abbreviation for surface-wave transmission 
line. 

syllabic companding — Companding in which the 
effective gain variations are made at speeds allowing 
response to the syllables of speech but not to individual 
cycles of the signal wave. 

syllable articulation — Also called percent of syl- 
labic articulation. The percent of articulation obtained 
when the speech units considered are syllables (usu- 
ally meaningless and usually of the consonant-vowel- 
consonant type). 

symbol — 1. A simplified design representing a part 
in a schematic circuit diagram. 2. A letter represerting a 
particular quantity in formulas. 

symbolic — 1. Having to do with the representation 
of something by a conventional sign. 2. Represented by 
the usual alphanumeric symbols. 

symbolic address — Also called a floating address. 
In digital-computer programming, a label chosen in a 
routine to identify a particular word, function, or other 
information independent of the location of the information 
within the routine. 

symbolic code — Also called pseudocode. A code 
by which programs are expressed in source language; 
that is, storage locations and machine operations are 
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referred to by symbolic names and addresses that do 
not depend on their hardware-determined names and 
addresses. Contrasted with computer code. 

symbolic coding—In digital computer program- 
ming, any coding system using symbolic rather than actual 
computer addresses. 

symbolic debugger —A system software interac- 
tive debugging utility in which the debugging software 
has access to program symbol tables, and a programmer 
can refer to memory location names rather than absolute 
addresses. This is a valuable facility for use with relocat- 
able code or paged systems in which task code may not be 
loaded at the same memory address each time it executes. 

symbolic deck—A deck of cards punched in pro- 
grammer coding language rather than binary language. 

symbolic execution — Reconstructing the logic and 
actions along a program path via symbolic rather than 
actual data. 

symbolic language — Human-oriented program- 
ming language. Any programming language prepared in 
coding other than a specific machine language, and which 
thus must be translated by compiling, assembly, etc. 

symbolic-language programming — Also called 
assembly-language programming. The writing of program 
instructions in a language that facilitates the translation 
of programs into the binary code through the use of 
mnemonic convention. 

symbolic layout editors — Software design tools 
that allow the designer to place symbols representing 
circuit elements (for example, transistors, logic gates, or 
even registers) instead of having to redesign them each 
time they are used. 

symbolic logic—A special computer or control 
system language composed of symbols that the 
instrumentation can accept and handle. Combinations of 
these symbols can be fed in to represent many complex 
operations. 

symbolic programming — A program using sym- 
bols instead of numbers for the operations and locations 
in a computer. Although the writing of a program is easier 
and faster, an assembly program must be used to decode 
the symbol into machine language and assign instruction 
locations. 

symbol table — A table constructed by an assembler 
or compiler to bind symbolic labels to their actual 
addresses. 

symmetrical — Balanced; i.e., having equal charac- 
teristics on each side of a central line, position, or value. 

symmetrical alternating quantity — An alternat- 
ing quantity for which all values separated by a half period 
have the same magnitude but opposite sign. 

symmetrical avalanche rectifier — An avalanche 
rectifier that can be triggered in either direction. After 
triggering, it presents a low impedance in the triggered 
direction. 

symmetrically cyclically magnetized condi- 
tion — The condition of a cyclically magnetized material 
when the limits of the applied magnetizing forces are 
equal and of opposite sign. 

symmetrical transducer (with respect to spec- 
ified terminations) — A transducer in which all possi- 
ble pairs of specified terminations can be interchanged 
without affecting the transmission. 

symmetrical transistor — A transistor in which the 
collector and emitter are made identical, so either can be 
used interchangeably. 

sync — 1. Short for synchronous, synchronization, 
synchronizing, etc. 2. The maintenance of correct time 
relationships between events, 1.e., synchronization. 

syncable — Capable of being synchronized. 
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sync compression— 1. The reduction in gain 
applied to the sync signal over any part of its amplitude 
range with respect to the gain at a specified reference 
level, 2. The reduction in the amplitude of the sync sig- 
nal, with respect to the picture signal, occurring between 
two points of a circuit. 

sync generator — 1. An electronic device that sup- 
plies pulses to synchronize a television system. 2. A 
device for generating a synchronizing signal. 

synchro —1. A small motorlike device containing 
a stator and a rotor and capable of transforming an 
angular-position input into an electrical output, or an 
electrical input into an angular output. When several 
synchros are correctly connected together, all rotors 
will line up at the same angle of rotation. 2, A range 
of ac electromechanical devices that are used in data 
transmission and computing systems. A synchro provides 
mechanical indication of its shaft position as the result of 
an electrical input, or an electrical output that represents 
some function of the angular displacement of its shaft. 
Such components are basically variable transformers. As 
the rotor of a synchro rotates it causes a change in synchro 
voltage outputs. Major types or classes of synchros 
include torque synchros, control synchros, resolvers, and 
induction potentiometers (linear synchro transmitters). 


GENERATOR 


Synchro. 


synchro control differential generator—A 
rotary component for modifying the synchro control 
generator output signal to correspond to the addition or 
subtraction from the generator shaft angle. Usually used 
with a synchro control generator and synchro control 
transducer. 

synchro control generator — A rotary component 
for transforming the shaft angle to a corresponding set of 
electrical signals for ultimate retransformation to the shaft 
position in a remote location. 

synchro control transformer — A rotary compo- 
nent that accepts signals from a generator or differential 
generator for reconversion to the shaft angle with the aid 
of a servomechanism. Often used by itself as an angle- 
to-signal transducer, but usually with a synchro control 
generator and synchro control differential generator. 

synchro differential generator —A synchro unit 
that receives an order from a synchro generator at its 
primary terminals, modifies this order mechanically by 
any desired amount according to the angular position 
of the rotor, and transmits the modified order from its 
secondary terminals to other synchro units. 

synchro differential motor — A motor that is elec- 
trically similar to the synchro differential generator except 
that a damping device is added to prevent oscillation. Its 
rotor and stator are both connected to synchro generators, 
and its function is to indicate the sum of or difference 
between the two signals transmitted by the generators. 
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synchro generator—A synchro that has an elec- 
trical output proportional to the angular position of its 
rotor. 

Synchroguide — A type of control circuit for hori- 
zontal scanning in which the sync signal, oscillator yolt- 
age pulse, and scanning voltage are compared and kept 
in synchronism. 

synchro motor — A synchro in which the rotor-shaft 
position is dependent on the electrical input. 

synchronism — 1. The phase relationship between 
two or more quantities of the same period when their 
phase difference is zero. 2. Applied to the synchronous 
motor, the condition under which the motor runs at a 
speed that is directly related to the frequency of the power 
applied to the motor and is not dependent upon other 
variables. 

synchronization — |. The precise matching of two 
waves or functions. 2. The process of keeping the elec- 
tron beam on the television screen in the same position 
as the scanning beam at the transmitter. 3. In a carrier, 
that degree of matching in frequency between the carrier 
used for modulation and the carrier used for demodulation 
that is sufficiently accurate to permit efficient functioning 
of the system. 4. The maintenance of correct time rela- 
tionships between events. Examples in recording include 
synchronization of sound and film for motion-picture use, 
synchronization of a slide-changing projector with a tape 
by means of signals recorded on the tape, and selective 
synchronization, used to synchronize several tracks when 
they are recorded one at a time. 

synchronization error— In navigation, the error 
due to imperfect timing of two operations (may or may 
not include the signal transmission time). 

synchronization mode — The level at which data 
on a communications link is synchronized. Start-stop 
mode denotes character-by-character synchronization; 
synchronous mode denotes frame-by-frame (or block 
level) synchronization. 

synchronization pulses — Pulses originated by the 
transmitting equipment and introduced into the receiv- 
ing equipment to keep the equipment at both locations 
operating in step. 

synchronize —1. To adjust the periodicity of an 
electrical system so that it bears an integral relationship 
to the frequency of the periodic phenomenon under 
investigation. 2. To lock one element of a system into 
step with another. The term usually refers to locking a 
receiver to a transmitter, but it can refer to locking the data 
terminal equipment bit rate to the data set frequency. 3. In 
television, to maintain two or more scanning processes in 
phase. 

synchronized sweep —A sweep that would free- 
run in the absence of an applied signal, but is synchro- 
nized by the presence of the signal. 

synchronized waveforms — A condition whereby 
the timing of one waveform is related to the timing of 
another waveform. 

synchronizer — 1. The component of a radar set that 
generates the timing voltage for the complete set. See also 
timer, 3. 2. A computer storage device used to compensate 
for a difference in a rate of flow of information or 
time of occurrence of events when information is being 
transmitted from one device to another. 

synchronizing-pulse selector — A circuit used to 
separate synchronizing pulses from commutated pulse 
trains. 

synchronizing reactor — A current-timiting reactor 
that is connected momentarily across the open contacts of 
a circuit-interrupting device for synchronizing purposes. 
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synchronizing relay— A relay that functions when 
two alternating-current sources are in agreement within 
predetermined limits of phase angle and frequency. 

synchronizing separator— See amplitude separa- 
tor. 

synchronizing signal — See sync signal. 

synchronous — |. In step or in phase, as applied 
to two devices or machines. 2. A term applied to a 
computer in which the performance of a sequence of 
operations is controlled by equally spaced clock signals 
or pulses. 3. Having a constant time interval between 
successive bits, characters, or events. The term implies 
that all equipment in the system is in step. 4. Operation 
of a switching network by a clock pulse generator. More 
critical than asynchronous timing but requires fewer and 
simpler circuits. 5. Describes modems, terminals, and 
transmissions in which all bits are of equal duration. 
Synchronous transmissions must always be associated 
with a clocking signal to keep the receiver and transmitter 
in step. 6. A communications protocol in which the data 
characters and bits are transmitted at a fixed rate with 
the transmitter and receiver synchronized. This eliminates 
the need for start-stop elements and provides greater 
transmission efficiency. 7. Term used to describe a device 
or system in which all events occur in a predetermined 
timed sequence. 

synchronous booster converter—A synchro- 
nous converter connected in series with an ac generator 
and mounted on the same shaft. It is used for adjusting 
the voltage at the commutator of the converter. 

synchronous capacitor— A rotating machine run- 
ning without mechanical load and designed so that its field 
excitation can be varied in order to draw a leading current 
(like a capacitor) and thereby modify the power factor of 
the ac system or influence the load voltage through such 
change in power factor. 

synchronous clock — An electric clock driven by a 
synchronous motor, for operation on an ac power system 
in which the frequency is accurately controlled. 

synchronous communication—A method of 
transferring serial binary data between computer systems 
or between a computer system and a peripheral device; 
binary data is transmitted at a fixed rate, with the transmit- 
ter and receiver synchronized. Synchronization characters 
are located at the beginning of each message or block of 
data to synchronize the flow. 

synchronous communications satellite — A 
communications satellite whose orbital speed is adjusted 
so that the satellite remains above a particular point on 
the surface of the earth. | 

synchronous computer— A digital computer in 
which all ordinary operations are controlled by clock 
pulses from a master clock. 

synchronous converter — A synchronous machine 
that converts alternating current to direct current and vice 
versa. The armature winding is connected to the collector 
rings and commutator. 

synchronous data communications — A serial 
VO hardware protocol in which the transmitter and 
receiver are synchronized to a common clock signal. 

synchronous demodulation —JIn a color televi- 
sion receiver, the process of separately detecting the I 
and Q sidebands of the color subcarrier system. 

synchronous demodulator — Also called a syn- 
chronous detector. 1. A demodulator in which the ref- 
erence signal has the same frequency as the carrier or 
subcarrier to be demodulated. It is used in color televi- 
sion receivers to recover either the I or the Q signals 
from the chrominance sidebands. 2. A double-balanced, 
full-wave demodulator. The basic operation is similar to 
that of the chroma demodulation system except that the 
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45.75-MHz reference carrier is generated inside of the IC 
rather than in a separate crystal oscillator referenced to 
burst signal as is done with the chroma. The only sig- 
nals that are detected are the ones that are in phase with 
the demodulation signal produced by the carrier genera- 
tor. Signals that are not synchronized with the IF carrier, 
such as the adjacent-channel video and sound carriers and 
random noise, are not detected. This requires less exten- 
sive trapping of interfering signals in earlier IF stages. 
3. A detector sensifive to signals close to or at a particu- 
lar frequency that is the same as the frequency of a control 
signal, applied independently. The synchronous detector 
is also phase-sensitive and is used in bridge and other null 
circuits as an antinoise device. 

synchronous detector— See synchronous demod- 
ulator. 

synchronous device—A device that transfers 
information at its own rate and not at the convenience 
of any interconnected device. 

synchronous gate— A time gate in which the 
output intervals are synchronized with the incoming 
Signal. 

synchronous generator—A circuit designed to 
synchronize an externally generated signal with a train of 
clock pulses. The generator produces precisely one output 
pulse for cach cycle of the input signal. The output pulse 
thus has a width equal to that of the period of the clock 
pulse train. 

synchronous idle character — A communication 
control character used to provide a signal for synchro- 
nization of the equipment at the data terminals. 

synchronous induction motor— A motor with 
the rotor laminations cut away, exposing the rotor and 
definite poles. Also, a motor that has definite poles, 
but the poles are permanent magnets. This term is also 
applied to a wound-rotor (slip-ring) motor that is started 
as an induction motor and, when near synchronism, has 
dc applied to two of the rings to operate as a true 
synchronous motor. 

synchronous inputs — 1. Those inputs of a flip-flop 
that do not control the output directly, as do those of a 
gate, but only when the clock permits and commands. 
Called J and K inputs or ac set and reset inputs. 2. Inputs 
to a flip-flop that affect the output only at the time the 
clock signal changes from a particular level to the other 
level. 

synchronous inverter — See dynamotor. 

synchronous logic — The type of digital logic used 
in a system in which logical operations take place in 
synchronism with clock pulses. 

synchronous machine — 1. A machine that has an 
average speed exactly proportionate to the frequency of 
the system to which it is connected. 2. A system whose 
operation is tied to data-independent liming or a system 
clock. 

synchronous modem— aA line-termination unit 
that uses a derived clocking signal to perform bit syn- 
chronization with incoming data. 

synchronous motor— 1. An induction motor that 
runs at synchronous speed. Its stator windings have 
the same arrangement as in nonsynchronous induction 
motors, but the rotor does not slip behind the rotating 
magnetic stator field. 2. Type of ac electric motor in 
which rotor speed is related directly to frequency of power 
supply. 3. A motor that runs at a speed in step with the 
power-station frequency (fundamental or harmonic of the 
alternator speed). Often started as an induction motor 
and converted to synchronous operation as it approaches 
synchronous speed. 4. An alternating-current motor that 
operates at a speed determined solely by the frequency 
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of the supply power and does not slow down as its load 
increases. 

synchronous multiplexer — A multiplexer that can 
time-interleave two data streams into one higher-speed 
stream. In a system using these types of multiplexers, all 
peripheral equipment in the system must be under the 
control of a master synchronizing device or clock. 

synchronous operation — Operation of a system 
under the control of clock pulses. 

synchronous rectifier — A rectifier in which con- 
tacts are opened and closed at the correct instant by either 
a synchronous vibrator or a commutator driven by a syn- 
chronous motor. 

synchronous shift register — Shift register that 
uses a clock for timing of a system operation and in which 
only one state change per clock pulse occurs. 

synchronous speed — A speed value related to the 
frequency of an ac power line and the number of poles in 
the rotating equipment. Synchronous speed in revolutions 
per minute is equal to the frequency in hertz divided by 
the number of poles, with the result multiplied by 120. 

synchronous system — 1. A system in which the 
sending and receiving instruments are operating continu- 
ously at substantially the same frequency and are main- 
tained in a desired phase relationship. 2. A system in 
which all events are synchronized by a common clock 
pulse. 

synchronous torque — |. The maximum load tor- 
que with which a motor can be loaded after it comes 
to synchronous speed. These torques are usually higher 
than starting torques. 2. Torque that a synchronous motor 
develops after de field excitation is applied; the total 
Steady-state torque available to drive the load. 

synchronous transfer — An I/O transfer that takes 
place in a certain amount of time without regard to 
feedback from the receiving device. 

synchronous transmission— 1. Data transmis- 
sion in which characters and bits are transmitted at a fixed 
rate, with the transmitter and receiver synchronized by a 
clock source. This eliminates the need for individual start 
bits and stop bits surrounding each byte, thus providing 
greater efficiency. Compare with asynchronous transmis- 
sion. 2. Transmission in which the sending and receiving 
instruments operate continuously at the same frequency 
and are held in a desired phase relationship by correction 
devices. 

synchronous vibrator — An electromagnetic vibra- 
tor that simultaneously converts a low de voltage to a low 
alternating voltage and applies it to a power transformer, 
from which a high alternating voltage is obtained and rec- 
tified. In power packs, it eliminates the need for a rectifier 
tube. 

synchroscope — 1. An instrument used to deter- 
mine the phase difference or degree of synchronism of two 
alternating-current generators or quantities. 2, An oscillo- 
scope on which recurrent pulses or waveforms may be 
observed, and which incorporates a sweep generator that 
produces one sweep for each pulse. 

synchro system—A system for obtaining remote 
indication or control by means of self-synchronizing 
motors such as selsyns and equivalent types. 

synchro-torque receiver — A relatively low-impe- 
dance positioning device that generates its own torque 
when driven by a suitable synchro-torque transmitter. 

synchro-torque — transmitter—A positioning 
device that generates electrical information of sufficient 
power to drive a suitable torque receiver. 

synchrotron—A device for accelerating charged 
particles (e.g., electrons) in a vacuum. The particles 
are guided by a changing magnetic field while being 
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accelerated many times in a closed path by a radio- 
frequency electric field. 

synchrotron noise—-Radio noise caused by the 
acceleration of charged particles to high speeds. 

synchrotron radiation— Also called magnetic 
bremsstrahlung. The radiation produced by relativistic 
electrons as they travel in a region of space containing 
magnetic fields. 

sync level— The level of the peaks of the synchro- 
nizing signal. 

sync limiter— A circuit used in television circuits 
lo prevert sync pulses from exceeding a predetermined 
amplitude. 

sync pulse — Part of the sync signal in a television 
system. 

sync section— A color TV circuit comprising a 
keyer, burst amplifier, phase detector, reactance tube, 
subcarrier oscillator, and quadrature amplifier. 

sync separator — The circuit that separates the 
picture signals from the control pulses in a television 
system. 

sync signal— Also called a synchronizing signal. 
The signal employed for synchronizing the scanning. In 
television it is composed of pulses at rates related to the 
line and field frequencies. 

sync-signal generator — A synchronizing signal 
generator for a television receiver or transmitter. 

syntax— i. The rules that govern the structure of 
expressions in a language. 2. The grammar of a program- 
ming language, that is, rules about how commands may 
be used and how they fit together. 3, Set of grammatical 
rules defining valid constructs of a language. 4. Structure 
of expressions in a language and the rules governing the 
structure of a language. 5. The way in which words are 
put together to form valid computer commands. 

synthesis —The combination of parts to form a 
whole. 

synthesizer— 1. A device that can generate a num- 
ber of crystal-controlled frequencies for multichannel 
communications equipment, 2, A system for generating 
a precise and stable frequency whose accuracy is deter- 
mined by quartz crystal oscillators, instead of induc- 
tance/capacitance tuned circuits. As compared with the 
latter, a synthesizer circuit can result in a tuner or trans- 
mitter whose frequency setting is known with great accu- 
racy and that is free from drift or other tuning errors. True 
digital tuners (as opposed to those which tune convention- 
ally but nave digital frequency displays) use synthesizers 
in order to advance in discrete steps from one exact 
channel frequency to another without passing through the 
unwanted frequencies in between. 

synthesizer frequency meter—A device for 
measuring frequency by utilizing a synthesized crystal- 
based signal for the internally generated signal. 

synthetic display generation — Logical and nume- 
rical processing to display collected or caiculated data in 
symbolic form. 

synthetic speech — Artificially reproduced acoustic 
signals that are recognizable as human speech. 

syntony—The condition in which two oscillating 
circuits have the same resonant frequency. 

system— 1. An assembly of component parts linked 
together by some form of regulated interaction into an 
organized whole. 2. A collection of consecutive opera- 
tions and procedures required to accomplish a specific 
objective. 3. A collection of units combined to work a 
larger integrated unit having the capabilities of all the 
separate units. 4. The complete computer assembly, with 
CPU, memory, I/O, plus any required devices or peripher- 
als for the application intended. 5. A set of interconnected 
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elements constituted to achieve a given objective by per- 
forming a specific function. 

system analysis — The examination of an activity, 
procedure, method, technique, or business to determine 
what must be accomplished and how the necessary 
operations may best be accomplished by using electronic 
data-processing equipment. 

systematic distortion — Distortion of a periodic or 
constant nature, such as bias or characteristic distortion; 
the opposite of fortuitous distortion. 

systematic error— 1. The magnitude and direction 
of the tendency of a measuring process to measure some 
quantity other than the one intended. 2. An error of the 
type that has an orderly character that can be corrected 
by calibration. 

systematic inaccuracies — Those inaccuracies due 
to inherent limitations in the equipment. 

system bus—aA general-purpose backbone used to 
connect processors, memory, and peripherals to form a 
computer system. 

system deviation—The instantancous difference 
between the value of a specified system variable and the 
ideal value of the same system variable. 

system effectiveness—A measure of the degree 
to which an item can be expected to fulfill a set of 
specified mission requirements, which may be expressed 
as a function of availability, dependability, and capability. 

system element—One or more basic elements, 
together with other components necessary to form all or 
a significant part of one of the general functional groups 
into which a measurement system can be classified. 

system engineering—A method of engineering 
analysis whereby all the elements in a system, including 
the process itself, are considered. 

system failure rate —The number of occasions 
during a given time period on which a given number of 
identical systems do not function properly. 

system ground — One common point to which the 
grounds for various pieces of equipment in a system are 
connected. The system ground is generally the best point 
to connect to earth ground. 

system input unit-—A device defined as a source 
of an input job stream. 

system integration—The process of matching 
physical, electrical, and logical characteristics of different 
components so that they work together. 

system layout — In a microwave system, a chart or 
diagram showing the number, type, and termination of 
circuits used in the system, 

system library —The assemblage of all cataloged 
data sets at an installation. 

system macroinstruction — A predefined macro- 
instruction that makes available access to operating sys- 
tem facilities. 

system master tapes — Magnetic tapes that con- 
tain programmed instructions necessary for preparation 
of a computer before programs are run. 

system network diagram— A diagram showing 
each station and its relationship to the other stations in a 
network of stations and to the control point(s). 

system noise — The output of a system when it is 
operating with zero input signal. 

system of beams—The three electron beams 
emitted by the triple electron-gun assembly in a color 
tube. They occupy positions equidistant from a common 
axis and are spaced 120° apart around the axis. 

system of units—An assembiage of units for 
expressing the magnitudes of physical quantities. 
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system output unit—An output device that is 
shared by all jobs and onto which specified output 
information is transcribed. 

system overshoot— The largest value of system 
deviation following the dynamic crossing of the ideal 
value as a result of a specified stimulus. 

system reliability —The probability that a system 
will perform its specified task properly under stated 
conditions of environment. 

system residence volume — The volume in which 
the nucleus of an operating system and the highest-level 
index of the catalog are located. 

system resonance — The fundamental resonance of 
the woofer/enclosure combination. Related to the low- 
frequency performance of the systems, but not without 
ambiguity, especially when comparing different types of 
enclosures. Not to be confused with free-air resonance of 
the woofer. 

systems analyst—A person skilled in solving 
problems with a digital computer. He or she analyzes and 
develops information systems. 

systems-implementation languages — Essen- 
tially compilers with assemblerlike features. These allow 
the programmer to take advantage of compiler-level lan- 
guages, but revert to assembler languages when necessary. 

system software —1. Software that is intimately 
associated with the operating system, e.g., kernel routines, 
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system services, and system support software. 2. All the 
programs that tie together and coordinate the devices that 
make up the computer system. It includes such programs 
as loaders, compilers, interpreters, and input/output rou- 
tines. 3. That collection of programs which controls the 
computer and helps people use the computer. Generally, 
supervisory and support modules, as opposed to applica- 
tion programs. This includes assemblers, editors, debug- 
gers, operating systems, compilers, I/O drivers, loaders, 
and other utility programs. 4. A program that acts to 
assist the applications program and is usually not vis- 
ible to the user. It takes the form of controlling and 
utilizing the internal resources of the computer. It keeps 
track of time, sequences, and events, and performs the 
input and output functions. This is the program that 
is used for general applications and, when made part 
of a memory medium such as disk, tape, semiconduc- 
tor, or bubble memory, is referred to as the system 
firmware. 

systems programs — Computer programs provided 
by a computer manufacturer. Examples are operating 
systems, assemblers, compilers, debugging aids, and 
input/output programs. 

system support — Functions such as language trans- 
lators, debugging tools, diagnostics, and libraries that 
enable a system user or programmer to write and test 
tasks in an efficient manner. 


T— l. Symbol for transformer or absolute tempera- 
ture. 2. Abbreviation for prefix tera- (101). 

tab —- 1. See land, 2. 2. A nonprinting spacing action 
on a typewriter or tape preparation device, the code of 
which is necessary to the tab sequential format method 
of programming. 3. Term used to describe construction 
of wound capacitors whereby the two electrode foils, 
separated by dielectric, are positioned one above the 
other with a margin of dielectric completely surrounding 
the edges of both foils. Foil tabs, placed in the wound 
capacitor during winding, span the margin for connection 
to the leads. 

table — 1. A collection of data, each item of which is 
uniquely identified by a label, its position with respect to 
the other items, or some other means. 2. A set of data 
values, 

table lockup — 1. A computer technique that stores 
a table of data in a computer so that the data can be used 
during the running of the program. 2. In a computer, a 
method of controlling the location to which a jump or 
transfer is made. It is used especially when there is a 
large number of alternatives, as in function evaluation in 
scientific computations. 

tablet — An input device that digitizes coordinate data 
indicated by stylus position. 

tab sequential format— A means for identification 
of a computer word by the number of tab characters in the 
block preceding the word. The initial character in each 
word is a tab character. Words must be presented in a 
certain order, but all characters in a word except the tab 
character may be omitted when the command that word 
represents is not desired. 

tabulate — |. To arrange data into a table. 2. To print 
totals. 

tabulated cylinder — Translation of a curve along a 
direction line with upper and lower limits on the distance 
of translation. 

tabulator — A machine (e.g., a punch-card machine) 
that reads information from one medium and produces 
lists, totals, or tabulations on separate forms or continuous 
paper strips. 

tachometer — 1. An instrument used to measure the 
frequency of mechanical systems by the determination of 
angular velocity, 2. A transducer that gives an electric 
output signal proportional to the rotational speed of a 
shaft. 3. A device for measuring rate by counting the 
number of pulses that occur in a given period. 4, An 
instrument designed to measure the rate of rotation of 
components such as shafts. 

tachometer generator — A small generator attached 
to a rotating shaft for the purpose of generating a voltage 
proportional to the shaft speed. In speed-control circuits, 
a tachometer may be coupled to the shaft of the motor 
whose speed is to be controlled. A change of motor speed 
will produce a change of tachometer output voltage. This 
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change of voltage can be used as an error signal to restore 
the speed to the desired value. 

tacky state —The condition of a material when it 
exhibits an adhesive bond to another surface. 

TACS — Abbreviation for Total Access Communica- 
tion System. An analog cellular radio protocol used in the 
United Kingdom. 

tactical — 1. Of or relating to combat tactics. 2. Of 
or occurring at the battlefront. 3. Using or being weapons 
of force employed at the battlefront. 

tactical air navigation — A short-range UHF air- 
navigation system that presents accurate information to 
a pilot in two dimensions, distance and bearing from a 
selected ground station. 

tactical call sign — Call sign that identifies a tactical 
command or tactical communication facility. 

tactical communications system — Systems that 
provide internal communications within tactical air ele- 
ments, composed of transportable and mobile equipment 
assigned as unit equipment to the supporting tactical unit. 

tactical frequency — Radio frequency assigned to 
a military unit to be used in the accomplishment of a 
tactical mission. 

tag — 1. A label attached to a piece of data in a data- 
flow computer that says where the data is to be used in 
a program. 2. Also called a sentinel. In digital-computer 
programming, a unit of information whose composition 
differs from that of other members of the set so that it 
can be used as a marker or label. 

Tagged Image File Format— Abbreviated TIFF. 
A high-resolution bit-mapped graphics format for stor- 
ing scanned images on IBM PCs and compatibles and 
Macintosh computers. 

tail—1. A small pulse following the main pulse and 
in the same direction, or the slow decay following the 
main body of the pulse. 2. The free end of wire extending 
beyond the bond impression of a wire bond from the heel. 

tail clipping— A method of sharpening the trailing 
edge of a pulse. 

tailing — See hangover, 1. 


tailor-made — tantalum (electrolytic) capacitor 


tatlor-made— Also called custom. Referring to a 
program or programs that are specially written for one 
particular task, for one set of people. Tailor-made software 
is usually commissioned by an individual customer, and 
not sold to anyone else. 

tail pull — The act of removing the excess wire left 
when a wedge or ultrasonic bond is made. 

tail pulse — A pulse in which the decay time is much 
longer than the rise time. 

tails-out— 1. Storage of a nonreversing tape on the 
takeup reel rather than on the supply reel, to avoid the 
tape-distorting interval winding stresses and uneven wind 
of high-speed rewinding. 2. In the case of reversing tapes 
(i.e., cassettes or four track open-reel tapes), storing the 
tape wound on whichever reel (or hub) it ends up on after 
having been played or recorded. 

tail-warning radar set— A radar set placed in the 
tail of an aircraft to warn of aircraft approaching from the 
rear. 

takeup reel — 1. The reel that accumulates the tape 
as it is recorded or played on a tape recorder. 2. The reel 
on a tape recorder that is on the nght side of the head 
stack and is empty prior to beginning the recording. 

talbot—A unit of luminous energy in the mksa 
system equal to 1 lumen-second. 

talk-back—A voice intercommunicator; an inter- 
com. 

talker echo — An echo that reaches the ear of the 
person who originated the sound. 

talking battery —The dc voltage supplied by the 
central office to the subscriber’s loop to operate the carbon 
transmitter in the handset. 

talking path — The transmission path of a telephone 
circuit, making up the tip and ring conductors and the 
equipments connected to them. 

talk-listen switch — A switch on an intercommuni- 
cation unit to switch the speaker as required to function 
cither as a reproducer or as a microphone. 

talk-off — The tendency of a dual-tone multifre- 
quency (DTMF) system to respond falsely to other- 
than-valid DTMF signals. Talk-off criteria are generally 
specified very subjectively — sometimes in such broad 
terms as “good” or “poor.” 

tally light— Signal lights installed at the front and 
back of television cameras to inform performers and crew 
members when a particular camera is on the air. 

tamper device— 1. Any device, usually a switch, 
that is used to detect an attempt to gain access to intrusion 
alarm circuitry, such as by removing a switch cover. 2. A 
monitor circuit to detect any attempt to modify the alarm 
circuitry, such as by cutting a wire. 

tamper switch — A switch that is installed in such a 
way as to detect attempts to remove the enclosure of some 
alarm system components, such as control box doors, 
switch covers, junction box covers, or bell housings. 
The alarm component is then often described as being 
“tampered,” 

tandem — See cascade. 

tandem office—%In a telephone system, an office 
that interconnects the local end offices over tandem 
trunks in a densely settled exchange arca where it is not 
economical to provide direct interconnection between all 
end offices. The tandem office completes all calls between 
the end offices but is not connected directly to subscriber’s 
Stations. 

tandem transistor — Two transistors in one package 
and internally connected together. 

tangent— A straight line that touches the circumfer- 
ence of a circle at one point. 

tangent galvanometer— A galvanometer consist- 
ing of a small compass mounted horizontally in the center 
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of a large vertical coil of wire. The current through the 
coil is proportional to the tangent of the angle at which 
the compass needle is deflected. 

tangential component— A component acting at 
right angles to a radius. 

tangential pickup arm— A pickup arm that main- 
tains the longitudinal axis of the stylus tangent to the 
record grooves throughout the entire movement of the 
arm across the record. 

tangential sensitivity — A term generally applied as 
an indication of quality in a receiving system. This term 
can be used to define the minimum signal level that can 
be detected above the background noise. However, it is 
usually expressed as that signal power level that causes a 
3-dB rise above the noise-level reading. 

tangential sensitivity on look-through — The 
strength of the target signal, measured at the receiver 
terminals, required to produce a signal pulse having twice 
the apparent height or the noise. 

tangential wave path — In radio-wave propagation 
of a direct wave over the earth, a path that is tangential 
to the surface of the earth. The tangential wave path is 
curved by atmospheric refraction. 

tangent of loss angle — The ratio of the equivalent 
series resistance and the capacitive reactance of a capaci- 
tor obtained at a sinusoidal alternating voltage of specified 
frequency. 

tangent sensitivity — The slope of the line tangent 
to the response curve at the point being measured. 

tank — 1. A unit of acoustically operating delay-line 
storage containing a set of channels. Each channel forms 
a separate recirculation path. 2. See tank circuit, 2. 

tank circuit—1. A circuit capable of storing elec- 
trical energy over a band of frequencies continuously 
distributed about a single frequency at which the circuit 
is said to be resonant or tuned. The selectivity of the 
circuit is proportionate to the ratio between the energy 
stored in the circuit and the energy dissipated. This ratio 
is often called the O of the circuit. 2. Also called a tank. 
A parallel-resonant circuit connected in the plate circuit 
of an electron-tube generator. 

tantalum (electrolytic) capacitor— An elec- 
trolytic capacitor with a tantalum foil or sintered-slug 
anode. 
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tantalum-foil electrolytic capacitor— A capaci- 
tor that consists of two tantalum foil electrodes with an 
oxide on the anode, separated by layers of absorbent paper 
saturated with an operating electrolyte. 

tantalum oxide—-A dielectric material used in 
capacitors; it is formed electrochemically in a thin film 
on surfaces of tantalum metal. 

T-antenna — Any antenna consisting of one or more 
horizontal wires, with the lead-in connected approxi- 
mately in the center. 

tap—-1. A fixed electrical connection to a specified 
position on the element of a potentiometer, transformer, 
etc. 2, A branch. Applied to conductors, such as a battery 
tap, and to miscellaneous general use. 3. A connection of 
the terminal end of one conductor to another conductor 
at some point along its run; the process of making such 
a connection. Also, a connection or connection point 
brought cut of a winding, as in a transformer, at some 
point between the ends of the winding, for controlling 
output ratios. 4. Connection on the phone line that lets 
a third party listen to what is being said in a telephone 
conversation. 

tap center — A connection to the electrical midpoint 
of a coil, resistor, or transformer winding. 

tap conductor— A conductor, usually short but 
longer than a pigtail, that serves to connect utilization 
equipment to the serving circuit. 

tap crystal-—— A compound semiconductor that stores 
current when stimulated by light and then gives up 
energy in the form of flashes of light when subjected to 
mechanical tapping. 

tape — 1. Plastic ribbons with one side coated metal- 
lically to receive impressions from a recording head, or, 
if already recorded, to induce signals in a playback head. 
Tape is regularly wound on reels or packaged in maga- 
zines or cartridge form. 2. See punched tape. 3. A ribbon 
of flexible material—e.g., friction, magnetic, punched, 
etc. 4. A strip of material, which may be punched, coated, 
or impregnated with magnetic or optically sensitive sub- 
stances, used for data input, storage, or output. The data 
is stored serially in several channels across the tape trans- 
versely to the reading or writing motion. Tape has a far 
higher storage capacity than disk storage of similar vol- 
ume, but it takes much longer to write or recover data to 
tape than to disk. 
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tape cable — Also called flat flexible cable. A form 
of flexible multiple conductor in which parallel strips of 
metal are imbedded in an insulating material. 


tape cartridge — A magazine or holder for a length 
of magnetic tape that by its design avoids the necessity for 
manual threading or handling. Usually compatible oniy 
with one specific type of machine. See also tape magazine. 

tape character— Information consisting of bits 
stored across the several longitudinal channels of a tape. 

tape-controlled carriage — A paper-feeding device 
automatically controlled by a punched paper tape. 

tape copy— A message received in tape form as the 
result of a transmission. 

tape deck—1i.The basic assembly of a tape 
recorder, consisting of the tape-moving mechanism (the 
tape transport) and a head assembly. Some decks also 
include recording and playback preamplifiers; these prop- 
erly are called tape recorders. Some have playback-only 
preamplifiers; these have no standard name but are often 
called tape players. 2. A tape recorder that does not 
include power amplifiers or speakers. 

tape distributor— A machine that reads prerecorded 
paper tape. 

tape drive — i. A mechanism for moving tape past a 
head; tape transport. 2. The motor and associated mech- 
anism that pulls the tape past the playing or recording 
heads. 

tape feed — A mechanism that feeds the tape to be 
read or sensed by a computer or other data-handling 
system. 

tape guides— Grooved pins of nonmagnetic mate- 
rial mounted at either side of the recording-head assembly. 
Their function is to position the magnetic tape on the head 
as it is being recorded or played. 

tape head — The transducer on a tape recorder past 
which the tape runs during record or replay. It applies a 
magnetic field to the tape during the recording process 
and provides electrical output during replay. 

tape hiss — Sibilant background noise heard when a 
tape is played. Although some of this noise is directly 
altributable to irregularities of the oxide coating, some 
also is contributed by the recording circuitry. 

tape lifters—A system of movable guides that 
automatically divert tape from contact with the recorder 
heads during the fast forward or rewinding mode of 
operation, thus preventing head wear. 

tape limited — Pertaining to a computer operation in 
which the time required for the reading and writing of 
tapes is greater than the time required for computation. 

tape loop — A length of magnetic tape with the ends 
joined together to form an endless loop. Used either on a 
standard recorder, a special message-repeater unit, or in 
conjunction with a cartridge device, it enables a recorded 
message to be played back repetitively, there is no need 
to rewind the tape. 

tape magazine — Also called a tape cartridge. A 
container holding a reel of magnetic recording tape, which 
can be played without being threaded manually. 

tape mark— A special record indicating end of file. 

tape monitor — 1. A circuit that permits the check- 
ing of recordings by taking the signal directly from the 
tape a moment after the recording is made. This is only 
possible on three-head recorders. 2. An interruption in the 
signal path of a preamplifier, from which the selected 
input signal is supplied to an external tape recorder, and 
to which the playback output of the recorder is returned 
for further amplification and processing. Tape monitor cir- 
cuits allow one to listen to a tape as it is recorded, ensuring 
it is being recorded properly. They also allow the use 
of external signal processing devices such as equalizers, 
noise reducers, and expanders, and are sometimes known 
as external processor loops for that reason. 

tape-on surface-temperature resistor— A 
surface-temperature resistor installed by adhering the 
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sensing element to the surface with a piece of pressure- 
sensitive tape. 

tape parity — Parity error that occurs when informa- 
tion is transferred to or from magnetic tape. 

tape-path center line — The locus or path traced by 
an imaginary point, located on the recording tape midway 
between its edges, as it travels from reel-to-reel through 
guides, past heads, and between capstan and pressure 
rollers. For correct tracking and minimum tape distortion, 
the entire path should lic in a single plane located above 
the motor board at a height compatible with head-gap 
locations. 

tape perforator— A device that records a teletype- 
writer or data message by punching holes in paper tape, 
under control of either a local keyboard or an incoming 
signal. 

tape phonograph — See tape player. 

tape player — Sometimes called a tape phonograph 
or a tape reproducer. A unit for playing recorded tapes. It 
has no facilities for recording. 

tape punch—A peripheral device that generates 
(punches) holes in a paper tape to produce a hard copy 
of PC memory contents. 

taper —In communication practice, a continuous or 
gradual change in electrical properties with length — e.g., 
as obtained by a continuous change of cross section of a 
wavelength or by the distribution and change of resistance 
of a potentiometer or rheostat. 

tape reader—- 1. A peripheral device for converting 
information stored on punched paper tape to electrical 
signals for entry into PC memory. 2. A unit that is capable 
of sensing data from punched tape. 

tape recorder —— A mechanical-electronic device for 
recording voice, music, and other audio-frequency mate- 
rial. Sound is converted to electrical energy, which in 
turn sets up a corresponding magnetic pattern on iron 
oxide particles suspended on paper or plastic tape. Dur- 
ing playback, this magnetic paltern is reconverted into 
electrical energy and then changed back to sound through 
the medium of headphones or a speaker. The recorded 
material may be converted to a visual display by the use 
of an oscilloscope, other visual indicator, or a graphic 
recorder. See also videotape recording. 

tapered potentiometer— A continuously adjust- 
able potentiometer whose resistance varies nonuniformly 
along the element, being greater or less for equal slider 
movement at various points along the resistance element. 

tapered transmission line — See tapered wave- 
guide. 

tapered waveguide — Also called a tapered trans- 
mission line. A waveguide in which a physical or elec- 
trical characteristic changes continuously with distance 
along the axis of the guide. 

tape relay— A method in which perforated tape is 
used as the intermediate storage in the process of relaying 
messages between transmitting and receiving stations. 

tape-relay station— A component of a communi- 
Cations center that carries out the function of receiving 
and forwarding messages by means of tape relay. 

tape reproducer— See tape player. 

tape reservoir — That part of a magnetic tape system 
used to isolate the tape storage inertia (i.e., tape reels, etc.) 
from the drive system. 

taper pin — A pin-type contact having a tapered end 
designed to be inserted into a tapered hole. 

tape skew — The deviation of a tape from following 
a linear path when transported across the heads, causing a 
time displacement between signals recorded on different 
tracks and amplitude differences between the outputs from 
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individual tracks owing to variations in azimuth align- 
ment. The adjectives static and dynamic are used to dis- 
tinguish between the steady and fluctuating components 
of the tape skew. 

tape speed — The speed at which tape moves past 
the head in the recording or playback mode. The standard 
tape speed for home use is 71% ips (19.05 cm/s) or half 
this speed (33⁄4 ips). One-fourth or even one-eighth this 
speed is also used, but usually only for music when special 
high-quality tape is utilized. The professional recording 
speed for music mastering is usually 15 ips (38.1 cm/s). 

tape-speed errors— Any variation in tape speed 
from the normal speed over the record or reproduce head, 
regardless of cause. 

tape-speed variations — See flutter, 1. 

tape splicer—A device for splicing magnetic tape 
automatically or semiautomatically. 

tape station — See tape unit. 

tape threader—A device that makes easier the 
threading of magnetic recording tape onto the reel. 

tape-to-card — Pertaining to equipment or methods 
used to transfer data from magnetic or punched tape to 
punched cards. (No longer in use.) 

tape-to-head speed— The relative speed of the 
tape and head during normal recording or replay. (The 
tape-to-head speed coincides with the tape speed in 
conventional longitudinal recording, but it is considerably 
greater than the tape speed in systems where the heads are 
scanned across or along the tape.) 

tape-to-tape converter—A device for changing 
from one form of input/output medium or code to another, 
i.e., magnetic tape to paper tape (or vice versa) or eight- 
channel code to five-channel code. 

tape transmitter—1. A machine actuated by pre- 
viously punched paper tape and used for high-speed 
code transmission. 2. A facsimile transmitter designed for 
transmission of subject copy printed on narrow tape. 

tape transport— See transport. 

tape-transport mechanism — See motor board. 

tape unit— Also called tape station. A device that 
contains a tape drive and the associated heads and 
controls. 

tape-wound core — Also known as bimag. A mag- 
netic core consisting of a plastic or ceramic toroid around 
which is wound a strip of thin magnetic tape possessing a 
square hysteresis-loop characteristic. A tape-wound core 
is used principally as a shift-register element. 

tap lead—tThe lead connected to a tap on a coil 
winding, 

tapped control —A rheostat or potentiometer hav- 
ing a fixed tap at some point along the resistance element, 
usually to provide fixed grid bias or automatic tone com- 
pensation. 

tapped line — A delay line in which more than two 
terminal pairs are associated with a single sonic-delay 
channel. 

tapped resistor— A wirewound fixed resistor hav- 
ing one or more additional terminals along its length, 
generally for voltage-divider applications. 

tapped winding — A coil winding with connections 
brought out from turns at various points. See figure on 
page 763. 

tapper bell— A single-stroke bell designed to pro- 
duce sound of low intensity and relatively high pitch. 

tap switch —A multicontact switch used chiefly for 
connecting a load to any one of a number of taps on a 
resistor or coil, 

target— 1. In a camera tube, a structure employing 
a storage surface that is scanned by an electron beam 
to generate an output-signal current corresponding to the 
charge-density pattern stored thereon. 2. Also called an 


Chapter 1 
DC Review and Pre-Test 


Electronics cannot be studied without first 
understanding the basics of electricity. This 
chapter is a review and pre-test on those 


aspects of direct current (DC) that apply to 
electronics. By no means does it cover the 
whole DC theory, but merely those topics that 
are essential to simple electronics. 

This chapter reviews the following: 

Current flow 

Potential or voltage difference 

Ohm's law 

Resistors in series and parallel 

Power 

Small currents 

Resistance graphs 

Kirchhoff's Voltage Law 

Kirchhoff's Current Law 

Voltage and current dividers 

Switches 

Capacitor charging and discharging 

Capacitors in series and parallel 


Current Flow 


1 Electrical and electronic devices work 
because of an electric current. 

Question 

What is an electric current? 

Answer 

An electric current is a flow of electric 
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Tapped 
winding. 


anticathode. In an X-ray tube, an electrode or part of 
an electrode on which a beam of electrons is focused 
and from which X-rays are emitted. 3. In radar, a specific 
object of radar search or surveillance. 4. Any object that 
reflects energy back to the radar receiver. 5. In image 
pickup tubes, a structure employing a storage surface that 
is scanned by an electron beam to generate a signal output 
current corresponding to a charge-density pattern stored 
thereon. The structure may include the storage surface 
that is scanned by an electron beam, the backplate, and 
the intervening dielectric. 

target acquisition—lIn radar operation, the first 
appearance of a recognizable and useful signal returned 
from a new target. 

target capacitance —In camera tubes, the capac- 
itance between the scanned area of the target and back- 
plate. 

target cutoff voltage — In camera tubes, the lowest 
target voltage at which any detectable electrical signal, 
corresponding to a light image on the sensitive surface of 
the tube, can be obtained. 

target discrimination—The characteristic of a 
guidance system that permits it to distinguish between 
two or more targets in close proximity. 

target fade — The loss or decrease of signal from the 
target due to interference or other phenomena. 

target glint — See scintillation, 2, 

target identification — A visual procedure by which 
a radar target is positively identified as either hostile or 
friendly. 

target integration—A system of increasing the 
sensitivity of a TV camera when viewing a static scene 
by cutting off the beam for a predetermined number of 
frames and reading out the information in the first frame 
after beam turn-on. 

target language — The language into which some 
other language is to be properly translated. In computers, 
any language (such as object code) into which another 
language (such as source code) is translated. 

target noise—Reflections of a transmitted radar 
signal from a target that has a number of reflecting 
elements randomly oriented in space. 

target reflectivity —The degree to which a target 
reflects electromagnetic energy. 

target scintillation — The apparent random move- 
ment of the center of reflectivity of a target observed 
during the course of an operation. 

target seeker— In a missile homing system, the 
element that senses some feature of the target so that the 
resulting information can be used to direct appropriate 
maneuvers to maintain a collision course. 

target signature — The characteristic pattern of a 
given target when displayed by detection and classifica- 
tion equipment. 

target system-— 1. The computer that is being 
emulated on another system. 2. The microcomputer under 
development: the prototype. 

target voltage — In a camera tube with low-velocity 
scanning, the potential difference between the thermionic 
cathode and the backplate. 
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tariff — The published rate for utilization of a specific 
unit of equipment, facility, or type of service provided by 
a communications common carrier. Also the vehicle by 
which the regulating agency approves or disapproves such 
facilities or services. Thus, the tariff becomes a contract 
between customer and common carrier. 

task— 1. A unit of work for the central processing 
unit as determined by the control program; therefore, the 
basic multiprogramming unit under the control program. 
2. A software module in which code is executed in a 
sequential manner. 

task control block—The consolidation of the 
control information that has to do with a task. 

task dispatcher—The control-program function 
that selects a task from the task queue and gives control 
of the central processing unit to that task. 

tasking— The capability of a computer to process 
more than one set of instructions, or task, at a time. 

task list— A system data structure containing a list 
of tasks within the system. 

task management— Those functions of the control 
program by which the use of the central processing unit 
and other resources by tasks 1s regulated. 

task queue — A queue that contains control informa- 
tion for all tasks in a system at any given time. 

task state — The status of a task; it may be undefined, 
ready to execute, executing, or suspended awaiting some 
event. 

taut-band galvanometer — A galvanometer whose 
moving coil is suspended between two taut ribbons. 

taut-band suspension — In an indicating instru- 
ment, a mechanical arrangement in which the moving 
element is suspended by means of a thin, flat conducting 
ribbon at each end. The ribbons normally are in tension 
sufficient to maintain the lateral motion of the moving 
element within limits that permit the freedom of useful 


motion for any mounting position of the instrument. A 


restoring torque is produced within the nbbons when the 
moving element rotates. 

TBC — Abbreviation for time base corrector. A device 
that corrects time base stability errors (errors in the rate 
at which a signal is occurring) during tape playback. 

TC — 1. Abbreviation for teleconferencing. The use 
of telecommunications to link physically separated 
individuals or groups for purposes of holding a meeting. 
The technology can range from a simple speakerphone 
to elaborate custom-designed telecenference rooms 
equipped with two-way audio, graphics, and video. 
See also teleconference. 2. Abbreviation for temperature 
coefficient. 

T carrier — A time-division-multiplexed service, nor- 
mally supplied by the telephone company, that usualiy 
operates a digital transmission facility at an aggregate data 
rate of 1.544 Mbps and above. 

TC capacitor— Abbreviation for temperature-com- 
pensating capacitor. 

Tchebychev filters — Filter networks that are 
designed to exhibit a predetermined ripple in the passband 
(ripple amplitudes from 0.91 dB to 3 dB are common) in 
exchange for which they provide a more rapid attenuation 
above cutoff— which, unlike their passband response, is 
monotonic. 

Tchebychev function—A mathematical function 
whose curve ripples within certain bounds (See ripple, 
2). This produces an amplitude response more square than 
that of the Butterworth function, but with less desirable 
phase and time-delay characteristics. There is an entire 
family of Tchebychev functions (0.1 ripple, 0.5 ripple, 
etc.). 

T-circulator — A circulator consisting of three identi- 
cal rectangular waveguides joined asymmetrically to form 
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a T-shaped structure, with a ferrite post or wedge at the 
center of the structure. Power that enters any waveguide 
emerges from only one adjacent waveguide. 

TCR — Abbreviation for temperature coefficient of 
resistance. 

TDD/TTY —Acronym for tone dialing for the 
deaf/teletype. A method by which the hearing impaired 
can type messages over normal phone lines using special 
equipment. 

TDM — See time-division multiplexing. 

TDMA— Abbreviation for time division multiple 
access. A method of sharing a transmission medium by 
dividing the time into “slots” and allocating those slots to 
users on a network. 

TDR — Abbreviation for time-delay relay. 

teach box — A hand-held control with which a robot 
can be programmed. 

tearing — Distortion observed on the television screen 
when the horizontal synchronization is unstable. Groups 
of horizontal lines are displaced in an irregular manner, 
creating the appearance of parts of the image having been 
tom away. 

teaser transformer—A transformer of two T- 
connected, single-phase units for three-phase to two-phase 
or two-phase to three-phase operation; it is connected 
between the midpoint of the main transformer and the 
third wire of the three-phase system. 

teasing — In the life testing of switches, the slow 
movement of rotor contacts making and breaking with 
Stator contacts. 

technical control board—In a switch center 
or relay station, a testing position at which there are 
provisions for making tests on switches and associated 
access lines and trunks. 

technical load—The portion of the opera- 
tional power load of a facility that is required 
for communications-electronics, tactical-operations, and 
ancillary equipment. It includes power for lighting, air 
conditioning, or ventilation necessary for full continuity 
of communications-electronics operation. 

technician — A person who works directly with sci- 
entists, engineers, and other professionals in every field of 
science and technology. Technicians’ duties vary greatly, 
depending on their field of specialization. But in general, 
the scientist or engineer does the theoretical work, and 
the technician translates theory into action. 

technician license—A class of amateur radio 
license issued in the United States by the FCC for the 
primary purpose of operation and experimentation on 
frequencies above 50 MHz. 

technology — 1. To organize the means for satisfying 
needs and desires. 2. Know-how applied to get a job done. 

tecnetron — A high-power multichannel field-effect 
transistor similar to a triode tube in that it has anode 
and cathode connections on opposite ends of a small 
germanium rod (and a grid connection between them). 

TED — Abbreviation for transferred electron device. A 
gate-controlled, Gunn-effect unit. The triode TED consists 
of an anode, cathode, and Schottky barrier gate. The 
device resembles a Gunn diode. It has a threshold and 
a negative-resistance region that produces oscillation at 
the transit-time frequency, which depends on the anode- 
cathode spacing. 

tee junction — Also spelled T-junction. A junction of 
waveguides in which the longitudinal guide axes form a 
T. The guide that continues through the junction is called 
the main guide; the one that terminates at a junction, the 
branch guide. 

telautograph— Also called a telewriter. A writing 
telegraph instrument in which the movement of a pen in 
the transmitting apparatus varies the current and thereby 
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causes the corresponding movement of a pen at the remote 
receiving instrument. 

tele-— A prefix, from Greek, that means distant or at 
a distance. 

telecamera — Abbreviation for a television camera. 

telecardiophone — An amplifying stethoscope that 
permits heart sounds to be heard at a distance. 

telecast — Abbreviation for television broadcas- 
ting — specifically, a television program, or the act of 
broadcasting a television program. 

telecasting — The broadcasting of a television pro- 
gram. 

telecommand — One-way transmission to modify, 
initiate, or terminate functions of a device at a distance. 

telecommunication — 1. All types of systems in 
which electric or electromagnetic signals are used to trans- 
mit information between or among points. Transmission 
media may be radio, light, or waves in other portions of 
the electromagnetic spectrum; wire; cable; or any other 
medium. 2. Data transmission between a compuling sys- 
tem and remotely located devices via a unit that per- 
forms the necessary format conversion and controls the 
rate of transmission. 3. Pertaining to the art and science 
of telecommunication. 4. Any transmission, emission, or 
reception of signs, signals, writing, images, or sounds, or 
intelligence of any nature by wire, radio, visual, or other 
electromagnetic systems. 5. Generally refers to the recep- 
tion and/or transmission of information — whether in dig- 
ital or analog form—by telephone, telegraph, and the 
like. 6. The transmission/reception between terminals, or 
between terminals and computers, of (digitized) informa- 
tion or messages over telephone lines or by wireless trans- 
mission. 7. Communication by electrical transmission, 
such as television, radio, telephone and telegraph, that is 
carried over a distance. 8. The conversion and transmis- 
sion of information from a computer to another device at 
a distance. 9, The process of moving data from one point 
to another. 10. Synonym for data communication. The 
transmission of information from one point to another. 

telecommunication lines — Telephone and other 
communication lines that are used to transmit messages 
from one location to another. 

teleconference— 1. A conference between persons 
who are remote from one another but linked together 
by a telecommunications system. 2. Electronically linked 
meeting conducted among groups of people in geograph- 
ically separated locations. Three forms of teleconference 
currently exist. A typical video mode includes an audio 
system, a facsimile device, and a storage unit for the 
display of prepared material. An audio teleconference 
lacks live-video capability but nonetheless usually utilizes 
graphic-display equipment. In a computer teleconference, 
data is transmitted by keyboard and then printed out. 
3. A meeting conducted via telephone lines between two 
or more groups of individuals who are physically sepa- 
rated. It provides a low-cost technique of bringing people 
together via telephone channels and also overcomes prob- 
lems imposed by distance and time. 

telegenic — The suitability of a subject or model for 
televising. 

telegram — Any written matter that is transmitted by 
telegraphy. 

telegraph — 1. A system that employs interruptions 
or polarity changes of direct current for the transmission 
of signals. 2. A system of communication using coded 
signals. 

telegraph channel— 1. The transmission media 
and intervening apparatus involved in the transmission 
of telegraph signals in a given direction between two 
intermediate telegraph installations. A means of one-way 
transmission of telegraph signals. 2. A communication 
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path that is suitable for transmitting telegraph signals 
between two points. The required bandwidth depends on 
the signaling speed. 

telegraph circuit— A complete circuit over which 
signal currents flow between transmitting and receiving 
apparatus in a telegraph system. It sometimes consists of 
an overhead wire or cable and a return path through the 
ground. 

telegraph concentrator— A switching arrange- 
ment by means of which a number of branch or subscriber 
lines or station sets may be connected to a lesser number 
of trunk lines, operating positions, or instruments through 
the medium of manual or automatic switching devices to 
obtain more efficient use of facilities. 

telegraph distributor— A device that effectively 
associates one direct current or carrier telegraph channel 
in rapid succession with the elements of one or more 
signal-sending or signal-receiving devices. 

telegraph-grade circuit—A circuit suitable for 
transmission by teletypewriter equipment. Normally the 
circuit is considered to employ dc signaling at a maximum 
speed of 75 bauds. 

telegraph key — A single-pole, single-throw switch 
that can be rapidly operated by hand so as to form the 
dots and dashes of telegraph code signals by opening and 
closing contacts to modulate current. 

telegraph-modulated waves — Continuous waves 
whose amplitude or frequency is varied by means of 
telegraphic keying. 

telegraph repeater — Apparatus that receives tele- 
graph signals from one line and retransmits corresponding 
signals on another line. 

telegraph selector—A device that performs a 
switching operation in response to a definite signal or 
group of successive signals received over a controlling 
circuit. 

telegraph signal distortion — The time displace- 
ment of transitions between conditions, such as marking 
and spacing, with respect to their proper relative positions 
in perfectly timed signals. The total distortion 1s the alge- 
braic sum of the bias and the characteristic and fortuitous 
distortions. 

telegraph sounder — A telegraph receiving instru- 
ment in which an electrornagnet attracts an armature each 
time a pulse arrives. This armature makes an audible 
sound as it hits against its stops at the beginning and 
end of each current impulse, and the intervals between 
these sounds are translated from code into the received 
message by the operator. 

telegraph transmission speed— The rate at 
which signals are transmitted. This may be measured by 
the equivalent number of dot-cycles per second or by 
the average number of letters or words transmitted and 
received per minute. 

telegraph transmitter — A device for controlling a 
source of electric power in order to form telegraph signals. 

telegraph wave —A completely random two-level 
signal. 

telegraphy — 1. A system of telecommunication for 
the transmission of graphic symbols, usually letters or 
numerals, by the use of a signal code. It is used primarily 
for record communication. 2, Any system of telecommu- 
nication for the transmission of graphic symbols or images 
for reception in record form, usually without gradation 
of shade values. 3. The science of communicating at a 
distance by means of coded current pulses sent over wire 
circuits. 

telelectrocardiograph — A device for transmission 
and remote reception of electrocardiograph signals. 

telematics — Alsc called telematique. 1. A capability 
in telecommunications, computers, and semiconductors. 
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2. The integration of computer-processing applications 
with telecommunications capabilities. 

telemeter— 1. To transmit analog or digital reports 
of measurements and observations over a distance (e.g., 
by radio transmission from a guided missile to a con- 
trol or recording station on the ground). 2. A complete 
measuring, transmitting, and receiving apparatus for indi- 
cating, recording, or integrating the value of a quantity at 
a distance by electric translating means. 

telemetering— A measurement accomplished with 
the aid of intermediate means that allow perception, 
recording, or interpretation of data at a distance from a 
primary sensor. The most widely employed interpretation 
of telemetering restricts its significance to data transmitted 
by means of electromagnetic propagation. 

telemeter service — Metered telegraph transmission 
between paired telegraph instruments over an intervening 
circuit adapted to serve a number cf such pairs on a 
shared-time basis. 

telemetry — |. The science of sensing and measur- 
ing information at some remote location and transmit- 
ting the data to a convenient location to be read and 
recorded. 2. The transmission of measurements obtained 
by automatic sensors and the like over communications 
channels. 3. The practice of transmitting and receiv- 
ing the measurement of a variable for readout or other 
uses, The term is most commonly applied to electric 
signal systems. 4. Transmission and collection of data 
obtained by sensing conditions in a real-time environ- 
ment. 5. Transmission of coded analog data, often real- 
time parameters, from a remote site. 

telemetry beacon—A system whereby two or 
more reply pulses are transmitted by the beacon for the 
transmission of data from the test vehicie to the ground 
station. 

telemetry cable — Cable used for the transmission 
of information from instruments to the peripheral record- 
ing equipment, 

telemetry frame — In PCM systems, one complete 
sampling of words or channels of information at a 
given rate; in time-division multiplexing, one complete 
commutator revolution. 

telemetry frame rate— The frequency derived 
from the period of one frame. 

teleoperator—A mobile robot controlled by a 
human operator. Teleoperators are most often used in 
areas that would be hazardous to human beings. 

telephone — Combination of apparatus for convert- 
ing speech energy into electrical waves, transmitting the 
electrical energy to a distant point, and there reconverting 
the electrical energy to audible sounds. 

telephone address — The complete 10-digit num- 
ber that specifies the location of a particular telephone. 
Consists of a 3-digit area code, a 3-digit central office 
code, plus a 4-digit station number. 

telephone answering machine —A device that 
answers a telephone in the subscriber’s absence, plays 
a recorded message, and then records messages from 
callers before disconnecting. When the subscriber returns 
he or she can rewind and play back all messages 
recorded in his or her absence, or the subscriber can 
interrogate the telephone answering machine remotely by 
sending appropriate tones from another telephone and 
then listening to the recorded messages. 

telephone capacitor — A fixed capacitor connected 
in parallel with a telephone receiver to bypass rf and 
higher audio frequencies and thereby reduce noise. 

telephone carrier current— A carrier current used 
for telephone communication so that more than one 
channel can be obtained on a single pair of wires. 


telephone central office — teletypewriter code 


telephone central office—A switching unit, 
installed in a telephone system that provides service to 
the general public, that has the necessary facilities for 
terminating and interconnecting lines and trunks. 

telephone channel— |. A channel suitable for the 
transmission of telephone signals. 2. A communication 
path suitable for carrying voice message traffic between 
two points. 

telephone circuit— A complete circuit over which 
audio and signaling currents travel between two telephone 
subscribers communicating with each other in a telephone 
system. 

telephone company— Any common carrier pro- 
viding public telephone system service. There are about 
2500 telephone companies in the United States. 

telephone current— An electric current produced 
or controlled by the operation of a telephone transmitter. 

telephone instrument— A subscriber's complete 
telephone set. 

telephone jack — See phone jack. 

telephone network— The arrangement of trunks, 
subscriber lines, centralized switching locations, etc., used 
to switch calls and make connections between various 
customers. 

telephone number — In the United States, a seven- 
digit number assigned to a telephone. It contains a three- 
digit central office code. 

telephone pickup — Any of several devices used to 
monitor telephone conversations, usually without direct 
connection to the telephone line and operating on the 
principle of mutual magnetic coupling. 

telephone plug — See phone plug. 

telephone receiver — The portion of the telephone 
instrument held closely to the human ear that converts the 
analog electrical speech signal into sound waves. 

telephone relay — 1. A relay used in telephone sys- 
tem switching equipment. 2. Any high-density, multipole 
relay intended for signal level switching in communica- 
tions and data processing. These relays may have self- 
wiping contacts, that is, bifurcated pole blades that scrape 
over mating surfaces to remove minor oxide buildup. 

telephone repeater — An assemblage of amplifiers 
and other equipment employed at points along the line to 
rebuild the signal strength in a telephone circuit. 

telephone ringer — An electric bell that operates on 
low-frequency alternating or pulsating current and is used 
for indicating a telephone call to a station being alerted. 

telephone system—A group of telephones plus 
the lines, trunks, switching mechanisms, and all other 
accessories required to interconnect the telephones. 

telephone transmitter— 1. A microphone used in 
a telephone system. See also microphone. 2, A transducer 
that uses voice sound pressure on a diaphragm to translate 
the acoustic message into an analog electrical signal. 

telephone wire— A general term referring to many 
different types of communication wire. It refers to a class 
of wires and cables, rather than a specific type. 

telephony — 1. The transmission of speech current 
over wires, enabling two persons to converse over almost 
any distance. 2. A telecommunications system for trans- 
mitting speech or other sounds. 

telephoto— Also called telephotography. A pho- 
toelectrical transmission system for point-to-point or 
air-to-ground transmission of high-definition pictorial 
information. 

telephotography — See telephoto. 

telephoto lens— A lens system that is physically 
shorter than its rated focal length. It is used in still, movie, 
and television cameras to enlarge images of objects 
photographed at comparatively great distances. 
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telepoint— A cordless telephone system in which 
a subscriber can make but not receive phone calls in 
public areas that have been equipped with telepoint base 
stations. The system is not mobile — the user must remain 
essentially in a fixed location throughout the duration of 
the call. Both service and equipment are less expensive 
than cellular. 

teleprinter — 1. See printer, 1. 2. Trade name used 
by Western Union for its telegraph terminal equipment. 
3. See teletypewriter. 

teleprocessing — 1. A form of information handling 
in which the data-processing system Operates in conjunc- 
tion with communication facilities (originally a trademark 
of International Business Machines Corp.). 2. The pro- 
cessing of data that is received from or sent to remote 
locations by way of telecommunication lines. Such sys- 
tems are essential to hook up remote terminals or connect 
geographically separated computers. 

teleprompter — A device mounted on the front of 
a camera that projects copy on a semireflective mirror 
placed directly in front of the lens so the performer can 
read lines while appearing to look at the camera. 

teleran — A navigational system in which radar and 
television transmitting equipment are employed on the 
ground, with television receiving equipment in the air- 
craft, to televise the image of the ground radar PPI scope 
to the aircraft along with map and weather data. 

telering— A frequency-selector device for the pro- 
duction of ringing power. 

telerobotics — Remote operation systems that mimic 
human movements through machinery. 

telesis — Progress intelligently planned and directed; 
the attainment of desired ends by the application of 
intelligent human effort to the means. 

telesynd— Telemeter or remote-control equipment 
that is synchronous in both speed and position. 

Teletype — 1. A trademark of Teletype Corporation 
for a series of teleprinter equipment such as tape punches, 
reperforators, page printers, etc., used in communications 
systems. Now often incorrectly used as a generic term to 
indicate any similar piece of equipment. 2. A peripheral 
electromechanical device for inserting or recording a 
program into or from a PC memory in either a punched 
paper tape or printed ladder diagram format. 

teletypewriter— Also known as a teleprinter. 1. See 
printer, 1. 2. A generic term referring to the basic equip- 
ment made by Teletype Corporation and to teleprinter 
equipment. The teletypewriter uses eletromechanical func- 
tions to generate codes (Baudot) in response to a human 
input to a manual keyboard. 3. A keyboard machine that 
can transmit and receive alphabetical, numerical, and cer- 
tain control (nonprinting) characters as a train of pulses on 
two wires. Attachments can be fitted for punching paper 
tape and printing on a roll of paper at the same time, also 
for reading tape and printing the message that is read. 
4. A keyboard printing unit that is often used to enter 
information into a computer and to accept output from 
a computer. The widest usage of the teletypewriter is as 
an input/output device in minicomputer systems, a remote 
terminal in a time-sharing system, and an operator console 
for computer systems. 

teletypewriter code — A special code in which each 
code group is made up of five units, or elements, of equal 
length that are known as marking or spacing impulses. The 
five-unit start-stop code consists of five signal impulses 
preceded by a start impulse and followed by a stop impulse. 
Each impulse except the stop impulse is 22 milliseconds 
in length; the stop impulse is 32 milliseconds (based on 
60-word-per-minute operation). 
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teletypewriter exchange service— 1. A com- 
mercial service that provides teletypewriter communica- 
tion on the same basis as telephone service, through central 
switchboards to stations in the same city or other cities. 
2. Abbreviated TWX. A public teletypewriter exchange 
(switched) service in the United States and Canada for- 
merly owned by AT&T but now belonging to Western 
Union. Baudot and ASCII-coded machines are used. 

teletypewriter signal distortion — With respect to 
a stop-start teletypewriter signal, a shift of the transition 
points of the signal pulses from their proper positions in 
relation to the beginning of the start pulse. The magnitude 
of the distortion is expressed as a percentage of a perfect 
unit pulse length. 

teletypewriter switching system— A total mes- 
sage switching system whose terminals are teletypewriter 
equipment. 

teletypewriter test tape—aA tape perforated so 
that it contains the identification of the transmitting station 
followed by repetitions of the letters RY and a test that 
consists of letters and figures. 

televise — The act of converting a scene or image 
field into a television signal for transmission. 

television — Abbreviated TV. 1. A telecommunica- 
tion system for transmission of transient images of fixed 
or moving objects. 2. A system for converting visual 
images into electrical signals that can be transmitted (by 
radio or wire) to distant receivers, where the signals are 
reconverted to the original visual images and displayed 
on a CRT. 

television and radar navigation—A naviga- 
tional system that (a) employs ground-based search radar 
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equipment along an airway to locate aircraft flying near 
that airway; (b) transmits, by television means, informa- 
tion pertaining to these aircraft and other information to 
the pilots of properly equipped aircraft; and (c) provides 
information to the pilots appropriate for use in the landing 
approach. 

television bandwidth — The range of frequencies 
within which a television broadcast transmission must fall, 
generally assigned to be from 54 to 890 MHz. 

television broadcast band—The frequencies 
assignable to television broadcast stations in the band 
extending from 54 to 806 MHz. These frequencies are 
grouped into channels, as follows: channels 2 through 4, 
54 to 72 MHz; channels 5 and 6, 76 to 88 MHz; channels 
7 through 13, 174 to 216 MHz; and channels 14 through 
69, 470 to 806 MHz. 

television broadcast station — A radio station for 
transmitting visual signals, and usually simultaneous aural 
signals, for general reception. 

television camera— Abbreviated TV camera. A 
camera that contains an electronic image tube in place 
of a photographic film. The image formed on the tube 
face by a lens is scanned rapidly by a moving electron 
beam. The beam current varies with the local brightness 
of the image, which is transmitted to the viewer’s set, 
where it controls the brightness of the scanning spot in a 
cathode ray tube. The scanning spots at the camera and 
the viewing tube must be accurately synchronized. 

television channel — A band of frequencies 6 mega- 
hertz wide in the television broadcast band, assigned to 
television broadcasting stations. The channel for associ- 
ated sound signals may or may not be considered part 


Channel Band Channel 
number (megahertz) number 

2 54-60 29 
3 60-66 30 
4 66-72 31 
5 76-82 32 
6 82-88 33 
7 174-180 34 
8 180-186 35 
9 186-192 36 
10 192-198 37 
11 198-204 38 
12 204-210 39 
13 210-216 40 
14 470-476 41 
15 476-482 42 
16 482-488 43 
17 488 —494 44 
18 494-500 45 
19 500-506 46 
20 506-512 47 
21 512-518 48 
22 518-524 49 
23 524-530 50 
24 530-536 51 
25 536 - 542 52 
26 542-548 53 
27 548-554 54 
28 554-560 55 
56 


Band Channel Band 
(megahertz) number (megahertz) 
560-566 57 728-734 
566-572 58 734-740 
572-578 59 740-746 
578-584 60 746-752 
584-590 61 752-758 
590-596 62 758-764 
596-602 63 764-770 
602-608 64 770-776 
608-614 65 776-782 
614-620 66 782-788 
620-626 67 788-794 
626-632 68 794—800 
632-638 69 800-806 
638-644 70° 806-812 
644-650 71* 812-818 
650-656 72° 818-824 
656-662 73" 824-830 
662—668 74 830-—83€ 
668-674 75 836-842 
674-680 76" 842-848 
680-686 77* 848-854 
686-692 78" 854-866 
692-698 79" 860-866 
698-704 80" 866-872 
704-710 81 872-878 
710-716 827 878-884 
716-722 83" 884-890 

722-728 


-The frequencies between 806 and 890 MHz, formerly allocated to television broadcasting, are now allocated to the land mobile 


services. Operation, on a secondary basis, of some television translators may continue on these frequencies, 
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of the television channel. There are a total of 12 VHF 
and 56 UHF television channels, beginning with chan- 
nel 2 and ending with channel 69. Former UHF channels 
70 through 83 are now either used by repeaters or are 
directly assigned to the land mobile service. Frequency 
ranges begin at 54 MHz and extend to 806 MHz. 

television engineering — See radio engineering. 

television interference — Abbreviated TVI. Inter- 
ference in the reception of the sound and/or video portion 
of a television program by a transmitter or another device. 

television monitor— A television receiver that 
receives the signals generated by a television camera 
directly, or remotely through a radio link. It may be used 
to check image and sound reception continuously, as a 
closed-circuit television system for security and surveil- 
lance, or in editing. 

television pickup station— A land mobile station 
used for the transmission of television program material 
and related communications from the scenes of events 
occurring at points removed from television broadcast 
station studios to the television broadcast stations. 

television picture monitor—A special-purpose 
television set for displaying picture signals in broadcast 
or closed-circuit television systems. Applications are in 
studio master control, for tape monitoring, for control of 
picture quality in studios and intercity network relays, and 
for the display of pictures for audiences. 

television radar air navigation—A system in 
which aircraft positions are determined by ground radar, 
and the resulting PPI display, superimposed on a map, is 
transmitted to the aircraft by television. By this means, 
each pilot can observe the position of his aircraft in 
relation to others. 

television receive only— Abbreviated TVRO. 
Small satellite earth stations designed to receive satellite- 
relayed television programming, but having no provision 
for transmitting to the satellite. Typically small home sys- 
tems. 

television receiver — A radio receiver for convert- 
ing incoming electric signals into television pictures and 
the associated sound. 

television reconnaissance — Air reconnaissance 
by optical or electronic means to supplement photographic 
and visual reconnaissance. 

television relay system — A system of two or more 
stations for transmitting television relay signals from point 
to point, using radio waves in free space as a medium. 
Such transmission is not intended for direct reception by 
the public. 

television repeater— A repeater used in a televi- 
sion circuit. 

television screen— In a television receiver, the 
fluorescent screen of the picture tube. 

television signal —The audio signal and video 
signal that are broadcast simultaneously to produce the 
sound and picture portions of a televised scene. 
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television transmitter— The ageregate radio-fre- 
quency and modulating equipment necessary to supply to 
an antenna system the modulated radio-frequency power 
by which all component parts of a complete television 
signal (including audio, video, and synchronizing signals) 
are concurrently transmitted. 

televoltmeter— A telemeter that measures voltage. 

telewattmeter— A telemeter that measures power. 

telewriter — See telautograph. 

telex — 1. An audio-frequency teleprinter system used 
in Great Britain to provide teletypewriter service over 
telephone lines. 2. An automatic teleprinter exchange 
service available worldwide through various common 
carriers. Western Union is the carrier in the United States. 
It is similar to TWX. Only Baudot equipment is provided, 
but business machines may be used also. 3. A dial-up 
telegraph service enabling its subscribers to communicate 
directly and temporarily among themselves by means of 
start-stop apparatus and circuits of the public telegraph 
network. The service operates worldwide. Computers can 
be connected to the telex network. 

telluric current— See earth current, 1. 

telpak— A communications-carrier service for the 
leasing of wideband channels between points. 

Telstar — A low-altitude active communications satel- 
lite used for microwave communication and satellite 
tracking. 

tempco— Abbreviation for temperature coefficient. 

temperature coefficient— Abbreviated TC or 
tempco. 1. A factor used to calculate the change in the 
characteristics of a substance, device, or circuit element 
with changes in its temperature. 2. The percentage change 
in the output voltage (or current) of a regulated power 
supply due to a variation of ambient temperature. The 
values are usually expressed as a percentage per degree 
Celsius and restricted to the specified ambient range of 
the unit. 3. A measure of a sensor’s sensitivity, specifi- 
cally the rate at which a parameter (such as resistance or 
voltage) changes with temperature. It is usually expressed 
as a percent per degree (either Fahrenheit or Celsius), and 
may be positive or negative. 

temperature coefficient of capacitance — Often 
referred to as the TC characteristic. The amount of 
capacitance change of a capacitor per degree change in 
temperature. For capacitors that exhibit a relatively lin- 
ear capacitance change with temperature, the temperature 
coefficient 1s commonly expressed in parts per million 
per degree Celsius (ppm/°C). Capacitors with a nonlinear 
capacitance change are more often described in terms of 
percent capacitance change for a given temperature. 

temperature coefficient of frequency— The 
rate at which the frequency changes with temperature, 
generally expressed in hertz per megahertz per degree 
Celsius at a given temperature. 

temperature coefficient of permeability — A 
coefficient expressing the change in permeability as the 
temperature rises or falls. It is expressed as the rate of 
change in permeability per degree. 

temperature coefficient of resistance — Abbre- 
viated TCR. 1. The ratio of the change in resistance 
(or resistivity) to the original value for a unit change 
in temperature. The temperature coefficient over the 
temperature range from t to t,, referred to the resistance 
R, at temperature t, is determined by the following ratio: 


Ry = R, 
R, (t ~ 1) 
where ¢ is the temperature, preferably in degrees Celsius. 


The value will be positive unless otherwise indicated by a 
negative sign. 2, The maximum change in resistance per 
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unit change in temperature, usually referred to in parts 
per million (ppm) per degree Celsius and specified over a 
temperature range. The temperature is that of the resistor 
itself, not ambient temperature. 

temperature coefficient of voltage drop — The 
change in the voltage drop of a glow-discharge tube, 
divided by the change in ambient temperature or in the 
temperature of the envelope. 

temperature coefficient value —The expected 
percentage change per degree of temperature difference 
from a specified temperature. 

temperature-compensated zener diode— A 
positive-temperature-coefficient reversed-bias zener diode 
(pn junction) connected in series with one or more 
negative-temperature forward-biased diodes within a sin- 
gle package. 

temperature-compensating capacitor — 
Abbreviated TC capacitor. A capacitor whose capacitance 
varies with temperature in a known and predictable man- 
ner. Normally this characteristic is specified with a P 
or N (positive or negative: to indicate the direction of 
change) followed by a number that indicates the change 
in parts per million per degree Celsius (centigrade). Such 
capacitors are used extensively in oscillator circuits to 
compensate for changes due to temperature variations in 
the values of other components. 

temperature compensation — The process where- 
by the effects of an increase or decrease in ambient 
temperature are canceled (e.g., as in the case of an oscil- 
lator that is required to maintain a stable output frequency 
regardless of ambient temperature changes). 

temperature control — 1. A switch actuated by a 
thermostat responsive to changes in temperature; used to 
maintain temperature within certain limits. 2. A control 
device responsive to temperature. 

temperature cycling — A type of accelerated test 
in which systems or devices are subjected alternately to 
high and low temperatures to simulate diurnal temperature 
fluctuations. 

temperature derated voltage —The maximum 
voltage that may be applied continuously to the terminals 
of a capacitor at a staled temperature between the rated 
and the maximum temperature. 

temperature derating — Lowering the voltage, cur- 
rent, or power rating of a device or component when it is 
used at elevated temperatures. 

temperature detector— An instrument used to 
measure the temperature of a hody. Any physical property 
that is dependent on temperature may be employed, such 
as the differential expansion of two bodies, thermoelec- 
tromotive force at the junction of two metals, change of 
resistance of a metal, or the radiation from a hot body. 

temperature-limited — The condition of a cathode 
when all the electrons emitted from it are drawn away by 
a strong positive field, The only way to increase the flow 
of electrons is to raise the cathode temperature. 

temperature relay— A relay that functions at a 
predetermined temperature. 

temperature rise — Also called T rise. 1. The dif- 
ference between the initial and final temperature of a com- 
ponent or device. Temperature rise is expressed in degrees 
Celsius or Fahrenheit, usually referred to an ambient tem- 
perature, and equals the hot-spot temperature minus the 
ambient temperature. 2. Temperature change of a terminal 
from a no-load condition to a full-current load. 

temperature saturation — See filament saturation. 

temperature sensor—See thermistor; thermo- 
couple, 3. 

temperature shock—A rapid change from one 
temperature extreme to another. 
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temperature-wattage characteristic — In a ther- 
mistor, the relationship, for a specific ambient tempera- 
ture, between the temperature of the thermistor and the 
applied steady-state power. 

temporary magnet— A magnetized material hav- 
ing a high permeability and low retentivity. 

temporary memory — A read and write memory 
containing information that can be changed by the internal 
circuitry of the electronic switching system. 

temporary storage — l. Internal storage locations 
in a computer reserved for intermediate and partial results. 
2. Memory locations or registers reserved for immediate 
and partial results obtained during the execution of a 
program. 

TEM wave — Abbreviation for transverse electromag- 
netic wave. 

tens complement—1. An arithmetic process 
employed in a computer to perform decimal subtractions 
through the use of addition techniques. The tens- 
complement negative of a number is obtained by 
individually subtracting each digit in the number from 
9 and adding 1 to the result. 2. The radix cornplement in 
decimal notation. 

tensilized tape—A variety of polyester backing 
that has been “prestretched” to prevent further severe 
elongation when subjected to excessive tension. A tape 
that does not stretch before breaking can be spliced back 
together without loss of program material. 

tensiometer — A device for determining the lautness 
of a supporting wire or cable. 

tension — 1. Mechanical—the condition of strain 
that tends to stretch. 2. Electrical — the potential or elec- 
trostatic voltage. 

tension arm—An arm, or feeler, over which a 
recording tape rides as it enters or leaves the heads. lt 
is lightly spring loaded to take up any tape slack and 
maintain a uniform tension in order to reduce flulter. 
Should the tape end or break, the arm causes the transport 
to shut off. 

tenth-power width— In a plane containing the 
direction of the maximum of a lobe, the full angle between 
the two directions in that plane, about the maximum, in 
which the radiation intensity is one-tenth the maximum 
value of the lobe. 

tera-— Abbreviated T. Prefix for the numerical quan- 
tity of 10!?, 

terabyte — A unit of memory equal to approximately 
l trillion bytes. 

terahertz— One million megahertz, or 10! hertz. 
Letter symbol: THz. 

teraohm— One million megohms, or 10° ohms. 

teraohmmeter— An instrument used to measure 
extremely high resistance. 

terminal — 1. A point of connection for two or more 
conductors in an electrical circuit. 2. A device attached to 
a conductor to facilitate connection with another conduc- 
tor. 3. A point in a system or communication network at 
which data can be either inserted or removed. 4. A device 
that permits access to a central computer, usually includ- 
ing a typewriterlike keyboard and either CRT or typing 
device (teletypewriter) on which the operator’s input and 
the computer's output can be displayed. 5. Any device 
capable of sending and/or receiving information over a 
communications channel. 6. The means by which data is 
entered into a computer system and by which the deci- 
sions of the system are communicated to the environment 
it affects. A wide variety of terminal devices have been 
built, including teleprinters, special keyboards, light dis- 
plays, cathode-ray tubes, thermocouples, pressure gauges 
and other instrumentation, radar units, and telephones. 7. 
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A device designed to terminate a conductor that is to be 
affixed to a post, stud, chassis or another conductor, or 
the like, to establish an electrical connection. Types of 
terminals include ring, tongue, spade, flag, hook, blade, 
quickconnect, offset, and flanged. 

terminal area— 1. A portion of a microelectronic 
circuit used for making electrical connections to the 
conductor pattern——e.g., an enlarged pad (area) on a 
semiconductor die. 2. A portion of a printed circuit 
used for making electrical connections to the conductive 
pattern, such as the enlarged portion of conductor material 
surrounding a component mounting hole, 

terminal block — An insulating base or slab equipped 
with one or more terminal connectors for the purpose of 
making electrical connections thereto. 

terminal board — Also called a terminal strip. 1. An 
insulating base or slab equipped with terminals for con- 
necting wiring. 2. Board fabricated from an insulating 
material containing a single or multiple row or arrange- 
ment of termination points for the purpose of making 
connections, 3. An insulated mounting for terminal con- 
nections. Terminal strips are available with threaded holes 
to accept threaded screws or with threaded studs to accept 
fastening washers and nuts. If terminal areas are separated 
by an insulating barrier, the terminal strips are called bar- 
rier blocks. 
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terminal box— A housing in which cable pairs are 
brought out to terminations for connections. 

terminal brush—A brush with long bristles for 
cleaning fuses and terminals in a terminal box. 

terminal connector—A connector that joins a 
conductor to a lead, terminal pad (solid or laminated 
block), or round terminal stud of electrical apparatus. 

terminal cutout pairs— Numbered, designated 
pairs brought out of a cable at a terminal. 

terminal emulation — 1. A situation in which spe- 
cial software makes a computer behave as though it were 
a terminal connected to another computer. 2. The process 
by which an asynchronous terminal, such as a PC, can 
communicate with a synchronous computer system, such 
as a mainframe or minicomputer. This is done by imi- 
tating (emulating) the operations of the mainframe’s or 
mini’s synchronous terminals. 

terminal equipment—1. At the end of a com- 
munications channel, the equipment essential for con- 
trolling the transmission and/or reception of messages. 
2. Telephone and teletypewriter switchboards and other 
centrally located equipment to which wire circuits are ter- 
minated. 3. Assemblage of communications-type equip- 
ment required to transmit and/or receive a signal on a 
channel or circuit, whether it be delivery or relay. 4. In 
radio relay systems, usually refers to equipment used at 
points where intelligence is inserted or derived, as dis- 
tinct from equipment used to relay a reconstituted signal. 
5. Any equipment at the end of communications lines that 
sends and/or receives certain signals for specific services. 
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For example, telephones and teletypewriters are terminal 
devices; so are many datasets. 

terminal guidance— 1. Guidance applied to a 
guided missile between midcourse guidance and arrival 
at the target. 2. Electronic, mechanical, visual, or other 
assistance given an aircraft pilot to facilitate arrival at, 
landing upon, or departure from an air landing or air-drop 
facility. 

terminal hole — Also called component hole. A hole 
used for the attachment and electrical connection of 
component terminations, including pins and wires, to a 
printed board. 

terminal impedance — 1. The complex impedance 
seen at the unloaded output or input terminals of trans- 
mission equipment or a line in otherwise normal operating 
condition. 2. See terminal resistance. 

terminal leg — See terminal stub. 

terminal lug—1. A threaded lug to which a wire 
may be fastened in a terminal box. 2. A cylindrical piece 
of metal, either solid or hollow and of two or more 
diameters, that can be stacked, flared, swaged, or pressed 
into a hole for the purpose of connecting leads or extemal 
wires to the conductive pattern. 

terminal mode— Condition of a PC when it is 
connected to a host computer. 

terminal pad — An alternate term for terminal area. 

terminal pair— An associated pair of accessible 
terminals (e.g., the input or output terminals of a device 
or network.) 

terminal repeater— 1. An assemblage of equip- 
ment designed specifically for use at the end of a commu- 
nication circuit-—as contrasted with the repeater, which 
is designed for an intermediate point. 2. Two microwave 
terminals arranged to provide for the interconnection of 
separate systems, or separate sections of a system. 

terminal resistance — Also called terminal impe- 
dance. The total resistance measured between the input 
terminals of a meter. For an ac meter, it is the effec- 
tive dc resistance measured by the voltage-doubling or 
substitution technique with rated end-scale input of the 
appropriate frequency applied. 

terminal resistor — A resistor used as a terminating 
device. 

terminal room—In telephone practice, a room 
associated with a central office, private branch exchange, 
or private exchange that contains distributing frames, 
relays, and similar apparatus. 

terminal station— The microwave equipment and 
associated multiplex equipment employed at the ends of 
a microwave system. 

terminal strip — See terminal board. 

terminal stub — Also called terminal leg. A piece of 
cable that comes with a cable terminal for splicing into 
the main cable. 

terminal unit— Abbreviated TU. 1. An apparatus 
that terminates the considered interface system and by 
means of which a connection (and translation, if required) 
is made between the considered interface system and 
another external interface system. 2. The RTTY equiv- 
alent of a modem. It contains a modulator, demodulator, 
and loop power supply. 3. Equipment usable on a com- 
munication channel for either input or output. 

terminal VHF omnirange — Very high frequency 
omnirange, normally low powered, complete with a local 
monitoring device that will automatically shut down the 
facility if it is not operating properly. 

terminated line — A transmission line terminated in 
a resistance equal to the characteristic impedance of the 
line, so that there is no reflection or standing waves. 

terminating — The closing of the circuit at either end 
of a line or transducer by connection to some device. 
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Terminating does not imply any special condition, such 
as the elimination of reflection. 

terminating capacitor——A capacitor sometimes 
used as a terminating device for a capacitance sensor 
antenna. The capacitor allows the supervision of the 
sensor antenna, especially if a long wire is used as the 
sensor. 

terminating device— A device that is used to 
terminate an electrically supervised circuit. It makes 
the electrical circuit continuous and provides a fixed 
impedance reference (end of line resistor) against which 
changes are measured to detect an alarm condition. The 
impedance changes may be caused by a sensor, tampering, 
or circuit trouble. 

termination— 1. A load connected to a transmission 
line or other device. To avoid wave reflections, it must 
match the characteristic impedance of the line or device, 
2. A waveguide technique; the point at which energy 
flowing along a waveguide continues in a nonwaveguide 
mode of propagation. 3. The terminals at an antenna to 
which the transmission line is connected (screw terminals, 
solder connections, coaxial connector, etc.). 

termination block—A nonconductive material on 
which are provided several termination points. 

ternary — 1. A numerical system of notation using the 
base 3 and employing the characters 0, 1, and 2. 2. Able 
to assume three distinct states. 

ternary code— A code in which each element may 
be any one of three distinct kinds or values. 

ternary gates— Ternary circuits that operate on 
three logic states at a time — that is, in base 3 arithmetic 
instead of base 2. 

ternary incremental representation—A type 
of incremental representation in which the value of an 
increment is rounded to one of three values plus or minus 
one quantum or zero. 

ternary pulse-code modulation— A form of 
pulse-code modulation in which each element of infor- 
mation is represented by one of three distinct values, e.g., 
positive pulses, negative pulses, and spaces. 

terrain-avoidance radar— Airborne radar that 
provides a display of terrain ahead of a low-flying airplane 
to permit horizontal avoicance of obstacles. 

terrain-clearance indicator — A device for mea- 
suring the distance from an aircraft to the surface of the 
sea or earth. 

terrain error — In navigation, the error resulting from 
distortion of the radiated field by the nonhomogeneous 
characteristics of the terrain over which the radiation in 
question has been propagated. 

terrain-following radar -— Airborne radar that pro- 
vides a display of terrain ahead of a low-flying aircraft to 
permit manual control, or signals for automatic control, 
to maintain constant altitude above the ground. 

terrestrial interference — Abbreviated TI. Inter- 
ference of earth-based microwave communications with 
reception of satellite broadcasts. 

terrestrial-reference flight— Stabilized flight in 
which control information is obtained from terrestrial 
phenomena (e.g., flight in which basic information derived 
from the magnetic field of the earth, atmospheric pressure, 
and the like is fed into a conventional automatic pilot). 

tertiary coil — A third coil used in the output trans- 
former of an audio amplifier to supply a feedback voltage. 

tertiary winding—-1. A winding added to a trans- 
former, in addition to the conventional primary and sec- 
ondary windings, to suppress third harmonics or to make 
connections to a power-factor-correcting device. 2. See 
stabilized winding. 

tesla — The SI unit of magnetic fiux density, equal to 
1 weber per square meter. Letter symbol: T. 
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Tesla coil — An air-core transformer used for devel- 
oping high-voltage discharge at a very high frequency. It 
has a few turns of heavy wire as the primary and many 
turns of fine wire as the secondary. 

test—-A procedure or sequence of operations for 
determining the manner in which equipment is function- 
ing or the existence, type, and location of any trouble. 

test bed — A test site that either contains or simulates 
all hardware and software interfaces. 

test bench— Equipment designed specifically for 
making overall bench tests on equipment in a particular 
test setup under controlled conditions. 

test board —A switchboard equipped with testing 
apparatus arranged so that connections can be made from 
it to telephone lines or central office equipment for testing 
purposes. 

test clip —A spring clip fastened to the end of an 
insulated wire to enable quick temporary connections 
when circuits or devices are being tested. 

test driver — Tool providing the facilities needed to 
execute a program, e.g., inputs or files, and commands. 
May also evaluate outputs and produce reports. 

testing level— The value of power used for refer- 
ence, represented by 0.001 watt working into 600 ohms. 

test jack — 1. A jack that makes a circuit or circuit 
element available for testing purposes. 2. In recent prac- 
tice, a jack that is multiplied with the operating jack on 
the switchboard. 

test language— A procedure or programming lan- 
guage designed or adapted for the development of test 
specifications and routines. 

test lead—i.A flexible, insulated lead wire that 
usually has a test prod on one end. It is ordinarily used for 
making temporary electrical connections. The insulation 
normally is rubber; the standard colors are red ane black. 
2. A flexible insulated lead used chiefly for connecting 
meters and test instruments to a circuit under test. 

test loop — A cycle of tests that can be repeated over 
and over, e.g., to locate intermittent faults. 

test oscillator—-A test instrument that can be set 
to generate an unmodulated or tone-modulated radio- 
frequency signal at any frequency needed for aligning or 
servicing receivers and/or amplifiers. 

test pattern—A geometric pattern containing a 
group of lines and circles, used for testing the perfor- 
mance of a television receiver or transmitter by revealing 
the following video-signal characteristics: horizontal lin- 
earity, vertical linearity, contrast, aspect ratio, interlace, 
Streaking, ringing, vertical resolution, and honzontal reso- 
lution. The camera is focused on the chart, and the pattern 
is viewed for fidelity at the monitor. 
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test point— 1. A connection to which no instrument 
is permanently connected, but which is intended for tem- 
porary, intermittent, or future connection of an instrument, 
2, A convenient, safe access to a circuit or system. 

test prod—-A sharp metal point used for making a 
touch connection to a circuit terminal, It has an insulated 
handle and a means for electrically connecting the point 
to a test lead. 

test program — 1. A software component that imple- 
ments a test procedure. 2. A particular group of test 
sequences or test patterns, 

test record—A phonograph disc designed to test 
the quality and characteristics of turntables, pickups, 
amplifiers, etc. 

test routine —In a computer: 1. A synonym for 
check routine. 2. Generally both the check and the diag- 
nostic routines. 

test sequence—A group of test steps or test 
patterns. 

test set— 1. One or more instruments required for 
servicing of a particular type of equipment. 2. Also 
called analyzer, circuit verifier, and tester. An assembly 
of instruments that electrically simulate and monitor 
electronic equipment. Some test sets are used to service 
equipment. 

test to failure — The practice of inducing increased 
electrical and mechanical stresses in order to determine 
the maximum capability of a device so that conservative 
use in subsequent applications will thereby increase its 
life through the derating determined by these tests. 

test tone — A tone used in circuit identification for 
purposes of locating trouble or making adjustments. 

tetrad — A group of four, especially a group of four 
pulses used to express a digit in the scale of 10 or 16. 

tetrode— A four-electrode electron tube containing 
an anode, a cathode, a control electrode (grid), and one 
additional electrode that is ordinarily a screen grid. 

tetrode junction transistor — See double-base 
junction transistor. 

tetrode transistor — A junction transistor with two 
electrode connections to the base to reduce interelement 
capacitance (in addition to the normal emitter and collec- 
tor elements, each having one connection). 

Te value —The temperature at which the resistance 
of a centimeter cube is 1 megohm. 

TE wave — Abbreviation for transverse electric wave. 

text—1.In U.S. ASCH and communications, a 
sequence of characters treated as an entity if it is 
preceded by one STX communication control character 
and terminated by one EXT communication control 
character. 2. The control sections of an object or load 
module, considered together. 3. The part of a message or 
transaction between the control information of the header 
and that of the trace section or tail that constitutes the 
information to be processed or delivered to the addressed 
location. 4. The main part of the message that is sent from 
a data source (host) to a data link (terminal). Jt is usually 
preceded by a header and followed by an “End of Text” 
signal. 

text editing —-A general term that encompasses any 
rearrangement or change performed on textual material, 
such as deleting, adding, or reformatting. 

text fonts —A complete set of one-character type. 

T flip-flop — 1. Also called binary. A type of flip-flop 
whose outputs change state each time the input-signal 
voltage falls from 1 to O and remain unchanged when 
the input-signal voltage rises from O to 1. Thus, there 
is one change in output state for every two changes in 
input signal, and the frequency of the output is half the 
frequency of the input. 2. A flip-flop with only one input. 
When a pulse appears on the input, the flip-flop changes 
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states. (Used in ripple counters.) 3. Also called toggle or 
trigger flip-flop. A circuit that performs the divide-by-two 
function; frequently used in counting applications. 

thallofide cell—-A photoconducting cell that has 
thallium oxysulfide as the light-sensitive agent. 

THD — Abbreviation for total harmonic distortion. 

theoretical acceleration at stall— A figure of 
merit derived from the stall-torque to rotor-inertia ratio, 
which indicates how rapidly a motor will accelerate from 
Stall. 

theoretical 
quency. 

theoretical cutoff frequency — Also called theo- 
retical cutoff. The frequency at which, disregarding the 
effects of dissipation, the attenuation constant of an elec- 
tric structure changes from zero to a positive value or vice 
versa. 

theoretical electrical travel —The shaft travel 
over which the theoretical function characteristic of a 
precision potentiometer extends, as determined from the 
index point. 

theremin — An electronic musical instrument consist- 
ing of two radio-frequency oscillators that beat against 
each other to produce an audio-frequency tone, in a man- 
ner similar to a beat-frequency audio oscillator. The pitch 
and volume are varied by hand capacitance. 

thermal—A general term for all forms of thermo- 
electric thermometers, including a series of couples, ther- 
mopiles, and single thermocouples. 

thermal agitation — 1. Movement of the free elec- 
trons in a material. In a conductor they produce minute 
pulses of current. When these pulses occur at the input of 
a high-gain amplifier in the conductors of a resonant cir- 
cuit, the fluctuations are amplified together with the signal 
currents and heard as noise, 2. Also called thermal effect. 
Minute voltages arising from random electron motion, 
which is a function of absolute temperature expressed in 
kelvins. 3. In a semiconductor, the random movement of 
holes and electrons within a crystal due to the thermal 
(heat) energy. 

thermal-agitation voltage — The potential differ- 
ence produced in circuits by thermal agitation of the 
electrons in the conductor. 

thermal alloying — The act of uniting two different 
metals to make one common metal by the use of heat. 

thermal ammeter — See hot-wire ammeter. 

thermal breakdown— 1. A form of breakdown 
in which decomposition or melting occurs due to the 
temperature rise resulting from the applied electric stress. 
2. A runaway condition in a dielectric, the loss factor of 
which increases with temperature. Dielectric loss heats the 
material, producing an increase in temperature. Therefore, 
the dielectric loss increases still more, producing a further 
increase in temperature, and so on. 

thermal circuit breaker — A circuit breaker whose 
operation depends on temperature expansion due to elec- 
trical heating. 

thermal coefficient of resistance — The change 
in the resistivity of a substance due to the effects of 
temperature only. Usually expressed in ohms per ohm 
per degree change in temperature. 

thermal compensation—A method employed to 
reduce or eliminate the thermal effects on one or more of 
the performance parameters of a transducer. 

thermal compression bonding — Diffusion bond- 
ing whereby two carefully prepared surfaces are brought 
into intimate contact under carefully controlled conditions 
of temperature, time, and clamping pressure. Plastic defor- 
mation is induced by the combined effects of pressure 
and temperature, which in turn results in atom movement 
causing the development of a crystal lattice bridging the 


cutoff — See theoretical cutoff fre- 


charge. The electric charge usually consists of 
negatively charged electrons. However, In 
semiconductors, there are also positive charge 
carriers called holes 

2 There are several methods that can be 
used to generate an electric current. 

Question 

Write at least three ways an electron flow (or 
current) can be generated. 

Answer 

The following ts a list of the most common 
ways to generate current: 

Magnetically —This includes the induction of 
electrons in a wire rotating within a 

magnetic field. An example of this would be 
generators turned by water, wind, or steam, 
or the fan belt in a car. 

Chemically —This involves the 

electrochemical generation of electrons by 
reactions between chemicals and electrodes 
(as in batteries). 

Photovoltaic generation of electrons  —This 
occurs when light strikes semiconductor 
crystals (as in solar cells). 

Less common methods to generate an electric 
current include the following: 

Thermal generation —This uses temperature 
differences between thermocouple junctions. 
Thermal generation is used in generators on 
Spacecrafts that are fueled by radioactive 
material. 
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gap between the facing surfaces and results in bonding. 
(Time is a critical factor in controlling the ambient tem- 
perature at the area to be bonded and the size of the bond 
that is formed.) Generally, the process is performed under 
a protective atmosphere of inert gas to keep the surfaces 
to be bonded clean while they are being heated. 

thermal conduction — 1. The transfer of thermal 
energy by processes having no net movement of mass 
and having rates proportional to the temperature gradient. 
2. The rate of flow of heat through a material by thermal 
conduction. 

thermal conductivity — A measure of the ability of 
a substance to conduct heat. Expressed in terms of calories 
of heat conducted per second per square centimeter per 
centimeter of thickness per degree Celsius difference in 
temperature from one surface to the other. 

thermal conductor ——A material that readily trans- 
mits heat by conduction. 

thermal contraction — The shrinkage exhibited by 
most metals when cooled. 

thermal converter — Also called thermocouple con- 
verter, thermoelectric converter, thermoelectric genera- 
tor, or thermoelement. One or more thermojunctions in 
thermal contact with, or an integral part of, an elec- 
tric heater, so that the electromotive force developed by 
thermoelectric action at the output terminals gives a mea- 
sure of the input current in the heater. 

thermal cutout — 1. An overcurrent protective device 
that contains a heater element that affects a fusible mem- 
ber and thereby opens the circuit. 2. A heat-sensitive 
switch that automatically opens the circuit of an electri- 
cal device when the operating temperature of the device 
exceeds a predetermined value. 

thermal derating factor— The factor by which the 
power dissipation rating must be reduced with an increase 
of ambient or case temperature. 

thermal detector — See bolometer. 

thermal drift— A change in the output of a regu- 
lated power supply over a period of time, due to changes 
in internal ambient temperatures not normally related to 
environmental changes. Thermal drift is usually associ- 
ated with changes in line voltage and/or load changes. 

thermal effect —See thermal agitation, 2. 

thermal emf—The electromotive force generated 
when the junction of two dissimilar metals is heated. See 
also Seebeck emf. 

thermal endurance — An indication of the relative 
life expectancy of a product when exposed to operating 
temperatures much higher than normal room temperature. 

thermal equilibrium —The condition that exists 
when a system and its surroundings are at the same 
temperature. 

thermal expansion — |. Physical expansion result- 
ing from an increase in temperature; it may be linear 
and volumetric. 2. The expansion of a material when sub- 
jected to heat. 

thermal flasher— An electric device that automati- 
cally opens and closes a circuit at regular intervals, owing 
to alternate heating and cooling of a bimetallic strip heated 
by 2 resistance element in series with the circuit being 
controlled. 

thermal generation — The creation of a hole and 
a free electron by freeing a bound electron through the 
addition of heat energy. 

thermal instrument— An instrument that depends 
on the heating effect of an electric current for its operation 
(e.g., thermocouple and hot-wire instruments). 

thermal ionization— Ionization due to high tem- 
perature (e.g., in the electrically conducting gases of a 
fiame). 

thermal junction — See thermocouple. 
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thermal lag — The time expended in zaising the entire 
mass of a cathode structure to the temperature of the 
heater. 

thermal life — The operating life of a device under 
varying ambient temperatures. 

thermal microphone—A microphone depending 
for its action on the variation in the resistance of an 
electrically heated conductor that is being alternately 
increased and decreased in temperature by sound waves. 

thermal noise — Also called resistance, Johnson, and 
white noise. 1. Random circuit noise associated with the 
thermodynamic interchange of energy necessary to main- 
tain thermal equilibrium between the circuit and its sur- 
roundings. See also Johnson noise. 2. Noise generated by 
the random thermal motion of charged particles. 3. A volt- 
age, produced by the random motion of free electrons in a 
conductor, whose value is instantaneously fortuitous with 
time and whose spectral components uniformly embrace 
the electromagnetic gamut— albeit the bandwidth of 
many practical circuits limit both the noise spectrum and 
magnitude as well. Thermal noise is characterized by a 
normal distribution of levels. 4. A type of electromagnetic 
noise produced in conductors or in electronic circuitry that 
is proportional to temperature. 5. Noise that occurs in all 
transmission media and communications equipment as a 
result of random electron motion (which is a function of 
temperature). Thermal noise sets the lower limit for the 
sensitivity of a receiving system. 

thermal noise level —The equivalent rms voltage 
value, over a stated bandwidth, of all energy components 
generated by a resistor at a stated resistor temperature 
with no externally supplied current through the resistor. 

thermal oxidation — The formation of a self-oxide 
on the exposed surfaces of a semiconductor. 

thermal printer—1.A nonimpact printing device 
that utilizes a special heat-sensitive paper. The paper 
passes over a matrix of dot heating elements. As data 
is fed to the printer, dot elements relating to specific 
characters are heated, which changes the cotor of the 
paper at that point to reveal individual characters. 2. A 
printer that forms characters in a dot matrix by selectively 
heating printhead elements as they move across the paper. 
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thermal protector— A current- and temperature- 
responsive device used to protect another device against 
overheating due to overload. 

thermal radiation—Commonly known as heat. 
i. Radiation produced by the action of heat on molecules 
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or atoms. Its frequency extends between the extremes of 
infrared and ultraviolet. 2. The process of electromagnetic 
emission in which the radiated energy is extracted from 
the thermal excitation of atoms or molecules. 

thermal rating — 1. A statement of the permissible 
temperature rating, beyond which unsatisfactory perfor- 
mance occurs, 2. The maximum or minimum temperature 
at which a material or component will perform its function 
without undue degradation. 

thermal regenerative cell —A fuel-cell system in 
which there is continuous regeneration of the reactants 
from the products formed during the cell reaction. 

thermal relay — A relay that responds to the heating 
effect of an energizing current, rather than to the electro- 
magnetic effect. Delay between the start of the energizing 
current and the switching response is generally predictable 
and sometimes adjustable. 

thermal resistance — 1. Ratio of the temperature 
rise to the rate at which heat is generated within a 
device under steady-state conditions. 2. The resistance of 
a substance to the conductivity of heat. 3. That change 
in the electrical resistance of a material when subjected 
to heat. 4. Of a semiconductor device, the quotient of the 
temperature difference between two specified points or 
regions and the heat flow between these two points or 
regions under conditions of thermal equilibrium. 

thermal resistivity — Thermal resistance of a unit 
cube of material. 

thermal resistor — An electronic device that makes 
use of the change in resistivity of a semiconductor with 
changes in temperature. See thermistor. 

thermal response time — The time from the occur- 
rence of a step change in power dissipation until the 
junction temperature reaches 90 percent of the final value 
of junction-temperature change, when the device-case or 
ambient temperature is held constant. 

thermal runaway — 1. A regenerative condition in a 
transistor, whereby heating at the collector junction causes 
collector current to increase, which in turn causes more 
heating, etc. The temperature can rapidly approach levels 
that are destructive to the transistor. 2. An unstable con- 
dition common in bipolar transistors occurring because 
collector current and gain both increase with device tem- 
perature. Permanent damage can result if circuit precau- 
tions are not taken. 

thermal sensitivity set-—A permanent change 
in sensitivity due to temperature effects only. Usually 
expressed as the difference in sensitivity at room tem- 
perature before and after a temperature cycle over the 
operating temperature range of the transducer. 
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thermal shock—-1. A sudden, marked change in 
the temperature of the medium in which a component 
or device operates. 2. The effect of heat or cold applied 
at such a rate that nonuniform thermal expansion or 
contraction occurs within a given material or combination 
of materials. In connectors, the effect can cause inserts and 
other insulation materials to pull away from metal parts. 

thermal telephone receiver— Also called ther- 
mophone. An electroacoustic transducer, such as a tele- 
phone receiver, in which the temperature of a conductor 
is caused to vary in response to the current input, thereby 
producing sound waves as a result of the expansion and 
contraction of the adjacent air. 

thermal time constant—1. The time from the 
occurrence of a step change in power dissipation until 
the junction temperature reaches 63.2 percent of the final 
value of junction-temperature change, when the device- 
case or ambient temperature remains constant. 2. In a 
thermistor, the time required for 63.2 percent of the 
change from initial to final body temperature after the 
application of a step change in temperature under zero- 
power conditions. 

thermal time-delay relay— A type of relay in 
which the time interval between energization and actu- 
ation is determined by the thermal storage capacity of the 
actuator critical operating temperature, power input, and 
thermal insulation. 

thermal time-delay switch— 1. An overcurrent 
protective device containing a heater element and thermal 
delay. 2. A switch whose contacts control a load circuit 
and are delayed from operating for a predetermined time 
interval. Operation of the contacts is by the effect of heat 
generated by current through a heater. 

thermal tuning— Adjusting the frequency of a 
Cavity resonator by using thermal expansion to vary its 
shape. 

thermic — Pertaining to heat. 

thermion— An ion, either positive or negative, that 
has been emitted from a heated body. Negative thermions 
are electrons (thermoelectrons). 

thermionic — 1. Pertaining to the emission of elec- 
trons by heat. 2. Pertaining to the emission of electrons 
or ions from an incandescent body. 

thermionic cathode — See hot cathode. 

thermionic converter— Also called thermionic 
generator or thermoelectron engine. A device that produces 
electrical power directly from heat. One type contains 
a heated cathode to emit electrons and a cold anode to 
collect them, thereby causing a current. Both electrodes 
are enclosed in a vacuum or gas-filled envelope. 
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thermionic current — Current due to directed move- 
ments of thermions (e.g., the flow of electrons from the 
cathode to the plate in a thermionic vacuum tube). 

thermionic detector— A detector circuit in which 
a thermionic vacuum tube delivers an audio-frequency 
signal when fed with a modulated radio-frequency signal. 

thermionic diode — A diode electron tube that has 
a heated cathode. 

thermionic emission— l. Emission of electrons 
from a solid body as a result of elevated temperature. 
See also Edison effect. 2. That portion of the emission of 
electrons from a hot cathode in a vacuum tube which is 
due solely to the elevated temperature of the cathode. 

thermionic energy conversion — The direct pro- 
duction of electricity by means of the electron emission 
from a teated substance. 

thermionic generator — See thermionic converter. 

thermionic grid emission— Also called primary 
grid emission. The current produced by the electrons 
thermionically emitted from a grid. Generally it is due 
to excessive grid temperatures or to contamination of the 
grid wires by cathode coating material. 

thermionic rectifier—A rectifier utilizing a ther- 
mionic vacuum tube to convert alternating current into 
unidirectional current. 

thermionic tube — See hot-cathode tube. 

thermionic work function — The energy required 
to transter electrons from a given metal to a vacuum or 
some other adjacent medium during thermionic emission. 

thermistor — Also called thermal resistor. 1. A ther- 
mally sensitive solid-state semiconducting device made 
by sintering mixtures of the oxide powders of various 
metals. (Made in many shapes, such as beads, disks, 
flakes, washers, and rods, to which contact wircs are 
attached.) As its temperature is increased, the electrical 
resistance (typicaliy) decreases. The associated tempera- 
ture coefficient of resistance is extremely high, nonlin- 
ear, and most frequently negative. The large temperature 
coefficients and the nonlinear resistance temperature char- 
acteristics of thermistors enable them to perform many 
unique regulatory functions. 2. A passive semiconductor 
device whose electrical resistance varies with temperature. 
Its temperature coefficient of resistance is high, nonlin- 
ear, and usually negative. 3. A solid-state semiconducting 
structure (basically one of the bolometers) that changes 
electrical resistance with temperature. Materially, some 
kind of ceramic composition is used. It is of much higher 
electrical resistance than metallic bolometers and, hence, 
requires much higher voltages to become useful. 4. A 
resistor with a high temperature coefficient of resistance, 
exhibiting a definite, reliable, repeatable response to tem- 
perature change. Negative temperature coefficient (TC) 
types show an exponential decrease in resistance as tem- 
perature increases. Positive TC types show an increase 
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thermoammeter— Also called a thermocouple 
ammeter. An ammeter that is actuated by the voltage 
generated in a thermocouple through which the current 
to be measured is sent. It is used chiefly for measuring 
radio-frequency currents. 

thermocompensator—In pH meters, a temper- 
ature-sensitive device sometimes used to make electronic 
adjustments in the circuit that are required due to changes 
in the temperature of the solution. 

thermocompression bond — A bond formed by 
two elements through the simultaneous application of heat 
and pressure. No additional materials are used to assist the 
fusing. Common types of thermocompression bonds are 
wedge, ball (nailhead), and stitch. See ball bonc; stitch 
bond. 

thermocompression bonding— |. A method of 
interconnecting ICs in a circuit by bonding thin gold wires 
between conducting patterns of a circuit and to the IC 
chip’s metal preforms by means of heat and pressure. 
2. The joining of two materials by the combined effects 
of heat and pressure. 
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thermocouple— Also called thermal junction. 
|. Temperature transducer comprising a closed circuit 
made of two different metals. If the two junctions are 
at different temperatures, an electromotive force is devel- 
oped that is proportional to the temperature difference 
between the junctions. This is called the Seebeck effect. 
2. Dissimilar metals that, when welded together, develop 
a small voltage dependent on the relative temperature 
between the hotter and the colder junction. Banks of ther- 
mocouples connected together in series of parallel make 
up a thermopile. Either may be thought of as a weak bat- 
tery that converts radiant to electrical energy. 3. A device 
for measuring temperature in which two electrical conduc- 
tors of dissimilar metals are joined at the point of heat 
application and a resulting voltage difference, directly 
proportional to the temperature, is developed across the 
free ends and is measured potentiometrically. 4. A pair of 
dissimilar-metal wires, joined so that when their junction 
is heated, the thermoelectric effect causes a voltage to be 
generated that is proportional to the temperature. 
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thermocouple ammeter — See thermoammeter. 

thermocouple contact—A contact of special 
material used in connectors employed in thermocouple 
applications. Materials often used are iron, constantan, 
copper, chromel, alumel, and others. 

thermocouple converter — See thermal converter. 

thermocouple instrument— An electrothermic 
instrument in which one or more thermojunctions are 
heated by an electric current, causing a direct current to 
flow through the coil of a suitable direct-current mecha- 
nism such as one of the permanent-magnet, moving-coil 
type. 

thermocouple junction—A pair of electrically 
dissimilar metals that make intimate contact and generate 
a voltage related to temperature. 

thermocouple lead wire — An insulated pair of 
wires used from the thermocouple to a junction box or 
to the recording instrument. 

thermocouple thermometer — See thermoelectric 
thermometer. 

thermocouple vacuum gage—A vacuum gage 
that depends for its operation on the thermal conduction 
of the gas present. The pressure being measured is a 
function of the electromotive force of a thermocouple 
whose measuring junction is in thermal contact with a 
heater carrying a constant current. Thermocouple vacuum 
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gages ordinarily are used over a pressure range of 107! 
to 107? mm Hg. 

thermocouple wire —A wire drawn from special 
metals or alloys and calibrated to established specifica- 
tions for use as a thermocouple pair (e.g., iron, constantan, 
alumel, etc.). 

thermodynamics — 1. The study of the relationship 
between heat and other forms of energy. 2. Examination 
of the processes whereby heat energy is converted into 
other forms of energy. 

thermoelectric arm-— Also called thermoelectric 
leg. The portion of a thermoelectric device having the 
electric current density and the temperature gradient 
approximately parallel or antiparallel and having electrical 
connections made at its extremities to a part in which the 
opposite relation between the direction of the temperature 
gradient and the electric current density exists. 

thermoelectric converter — A device capable of 
converting heat energy directly into electrical energy. See 
also thermal converter. 

thermoelectric cooler— 1. A device utilizing the 
Peltier phenomenon to provide a silent, nonmoving cooler 
having a controllable cooling rate. 2. A solid-state device 
that cools as current passes through it. 

thermoelectric couple — A thermoelectric device 
in which there are two arms of unlike composition. 
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thermoelectric device— A general term for ther- 
moelectric heat pumps and generators. 

thermoelectric effect—The electromotive force 
produced by the difference in temperature between two 
junctions of dissimilar metals in the same circuit. 

thermoelectric engine — See thermoelectric con- 
verter. 

thermoelectric generator — See thermal converter. 

thermoelectric heating device-—A thermoelec- 
tric heat pump used for adding thermal energy to a body. 

thermoelectric heat pump—-A device in which 
the direct interaction of an electrical current and heat flow 
is used to transfer thermal energy between bodies. 

thermoelectricity — 1. The direct conversion of heat 
into electricity. 2. The reciprocal use of electricity to cre- 
ate heat or cold. See also Peltier effect; Seebeck effect; 
Thomson effect. 3. Electricity produced by the agency of 
heat alone. See also thermocouple. 

thermoelectric junction — 1. A thermojunction, as 
in a thermocouple. 2. A junction between dissimilar wires 
in a thermocouple or thermopile. A potential difference is 
created at that junction by the application of heat. 

thermoelectric leg — See thermoelectric arm. 

thermoelectric manometer — A manometer (pres- 
sure-measuring instrument) that depends on the variation 
of thermoelectromotive force (voltage due to heat) with 
pressure. 
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thermoelectric series — A series of metals arranged 
in the order of their thermoelectric powers. 

thermoelectric solar cell — A solar cell that uses 
a thermoelectric converter, consisting of two sheets of 
metal with a semiconductor sandwiched between them, 
to generate electricity. 

thermoelectric thermometer— Aiso called a 
thermocouple thermometer. A thermometer employing 
one or more thermocouples, of which one set of measur- 
ing junctions is in thermal contact with the body whose 
temperature is to be measured, while the temperature of 
the reference junctions is either known or otherwise taken 
into account. 

thermoelectromotive force— 1. The voltage 
developed due to the differences in temperature between 
parts of a circuit containing two or more different metals. 
2. The algebraic sum of the Peltier emf at a thermocouple 
junction and the Thomson emf in the thermocouple 
metals. 

thermoelectron— The electron emitted from a 
heated body. 

thermoelectron engine— See thermionic con- 
verter. 

thermoelement— A device consisting of a thermo- 
couple and a heating clement arranged for measuring 
small currents. See also thermal converter. 

thermogalvanometer— An instrument for measur- 
ing smali high-frequency currents from their heating 
effect. Generally it consists of a de galvanometer con- 
nected to a thermocouple that is heated by a filament 
carrying the current to be measured. 

thermogram — High-resolution images resulting 
from a series of thermal scans using a bolometer. 

thermograph — Radiation chart that plots heat emit- 
ted by the body. 

thermography— 1. The process of recording the 
distribution of temperature over the surface of an object 
by detecting the heat radiation from it. The detection 
may be by the effect of radiation on an infrared-sensitive 
phosphor or by the use of cholesteric liquid crystals that 
exhibit brilliant colors with temperature change. 2. The 
recording of a scanned pattern on a photographic medium, 
utilizing the infrared radiation naturally emitted by the 
object, as well as infrared receptors, such as photoelectric 
cells. 3. The technique of producing pictures from heat. 

thermojunction — One of the contact surfaces bet- 
ween the two conductors of a thermocouple. The 
thermojunction in thermal contact with the body under 
measurement is called the measuring junction, and the 
other thermojunction is called the reference junction. 

thermojunction battery —A nuclear-type battery 
that converts heat into electrical energy directly by the 
thermoelectric or the Seebeck effect. 

thermoluminescence— |. The production of light 
in a material by moderate heat. 2, An alternative term for 
incandescence. 

thermomagnetic— 1. Pertaining to the effect of 
temperature on the magnetic properties of a substance. 
2. Pertaining to the effect of a magnetic field on the 
temperature distribution in a conductor. 

thermometer — An instrument for measuring tem- 
perature. Electrical versions depend on the change in 
resistance of a material with temperature, the voltage 
procuced in a thermocouple, or various other effects of 
temperature. 

thermophone— An electroacoustic transducer in 
which sound waves of calculable magnitude are produced 
by the expansion and contraction of the air adjacent to 
a conductor whose temperature varies in response to a 
current input. Sze also thermal telephone receiver. 
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thermopile —A group of thermocouples connected 
in series. Specifically: 1. A device used to measure radiant 
power or energy. 2. A source of electric energy. 3. Battery 
of thermocouples, consisting of alternate rods of anti- 
mony and bismuth suitably joined and connected to a 
galvanometer. Thermopiles are used for the measurement 
of heat where thermometers cannot be employed. 

thermoplastic — 1. A term describing plastic mate- 
rials that can be made to flow repeatedly by applying 
heat. Lowering the temperature causes hardening. See 
thermosetting. 2. A type of plastic that can be remelted a 
number of times without any important change in prop- 
erties. For example, nylon, lexan, and PVC are thermo- 
plastic plastics, Such plastics are resilient after molding. 
3. A classification of resin that can be readily softened 
and resoftened by repeated heating. 

thermoplastic flow test— For an insulating mate- 
rial, a measure of the resistance to deformation when 
subjected to heat and pressure. 

thermoplastic material— A plastic materia! that 
can be softened by heat and rehardened into a solid state 
by cooling. This remelting and remolding can be done 
many times. 

thermoplastic polyesters— Family of plastics 
with excellent dimensional stability, electrical properties, 
toughness, and chemical resistance. 

thermoplastic recording — A recording process in 
which information is placed onto plastic tape electroni- 
cally. A special electron gun, fed by a digital or scanner 
input, writes a charge in narrow bands on a moving film 
coated with a plastic that has a low melting point. The 
film is heated by an rf heater that melts the plastic coating, 
permitting it to be deformed by electrostatic and surface- 
tension forces in proportion to the charge laid down by 
the beam of the electron gun. The ridges cool quickly 
and form a diffraction grating that can then be viewed, 
projected by suitable optics, or read out by a flying-spot 
scanner. The system operates in a high vacuum. 

thermosetting — 1. A term describing plastic mate- 
rials that are capable of becoming essentially insoluble 
or infusible when cured. Once cured, these materials do 
not soften or flow. See thermoplastic. 2. A term used to 
describe materials that are processed using steam or radi- 
ation. After processing the materials cannot be made to 
flow under the application of heat. 3. A classification of 
resin that cures by chemical reaction when heated and, 
when cured, cannot be resoftened by heating. 

thermosetting material — Plastic that hardens when 
heat and pressure are applied. Unlike a thermoplastic, it 
cannot be remelted or remolded. 

thermosetting plastic — A type of plastic in which 
an irreversible chemical reaction takes place while it 
is being molded under heat and pressure. This type of 
plastic cannot be reheated or softened without adversely 
affecting its properties. Melamine and diallyl-phthalate 
are thermosetting plastics. 

thermostat — A mechanism that can be set to operate 
at definite temperatures and can convert the expansion of 
heated metal or fluid into sufficient movement anc power 
to operate small devices, control electric circuits or small 
valves, etc. 

thermostatic switch— 1. A temperature-operated 
switch that receives its operating energy by thermal 
conduction or convection from the device being controlled 
or operated. 2. A switch whose function is controlled by 
variations of temperature and whose contacts make or 
break a load circuit automatically when the temperature of 
the ambient space in which its sensing element is placed 
or the temperature of the surface on which it is fixed 
reaches a predetermined value. 
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Thermostat. 


thermostat wire—Single or multiple-conductor 
wire, bare soft solid-copper conductor, usually PVC insu- 
lated. May be twisted and/or jacketed. May have enam- 
eled or nylon covered conductors and may have a metal 
armor covering. May also have asbestos insulations., It is 
used to transmit electrical signals between the thermostat 
and the heating or cooling unit. 

theta — Brain wave signals whose frequency is approx- 
imately 3.5 to 7.5 Hz. The associated mental state is 
fuzzy, unreal, uncertain, daydreamlike, or ambiguous. 

theta polarization — The state of the wave whereby 
the E vector is tangential to the meridian lines of some 
given spherical frame of reference. 

Thevenin’s theorem—The current that will flow 
through an impedance Z; when connected to any two 
terminals of a linear network between which an open- 
circuit voltage E and impedance Z previously existed is 
equal to the voltage E divided by the sum of Z and Z,. 

thick film — 1. Pertaining to a film pattern usually 
made by applying conductive and insulating materials 
to a ceramic substrate by a silk-screen process. Thick 
films can be used to form conductors, resistors, and 
capacitors. 2. Successive layering of resistive, dielectric, 
and conductive inks on a substrate by a type of screening 
process. 3. Technology using pastes to form conductor, 
resistor, and insulator patterns; usually screened onto the 
substrate and cured by firing at temperatures of 800°C 
to 900°C. While less expensive than thin films, thick- 
film resistors exhibit somewhat poorer matching and 
temperature coefficients. 4. A layer of resistive, dielectric, 
or conductive paste that is deposited on a substrate by 
screen printing, then fired at an elevated temperature to 
drive off the binder and sinter the solids. By definition, 
the thickness is greater than 10* angstroms (0.0004 inch), 
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although characteristically it is 0.0004 to 0.001 inch (6.3 
to 25 um). 

thick-film assembly — Network deposited on a 
ceramic substrate, in combination with discrete active 
elements, forming a complete hybrid functional circuit. 

thick-film circuit— 1. A microelectronic assembly 
in which the passive circuit elements and their intercon- 
nections are defined on a ceramic substrate by using the 
silk-screen process. The active elements are added as dis- 
crete chips or packaged devices. 2. Conductive, resistive, 
and/or capacitive network deposited on a substrate using a 
metallic or resistive film that is more than 5 micrometers 
in thickness. 3. A completed assembly of a thick-film sub- 
strate and possible add-on components, with its appropri- 
ate terminations and packaging. 4. A microcircuit whose 
passive Components consist of a ceramic-metal combina- 
tion deposited on a given substrate by screening and firing 
processes. 

thick-film hybrid integrated circuits — The phys- 
ical realization of a hybrid integrated circuit fabricated on 
a thick-film network. 

thick-film hybrids— 1. A hybrid circuit in which 
conductive and resistive pastes are deposited on a sub- 
strate and heated. Heating hardens the paste and fuses it to 
the substrate. Once hardened, the resistive pastes become 
thick-film resistors, named because the thickness is about 
] mil (25 jm). Capacitors, discrete semiconductors, and 
ICs are then added to the circuit. 2. A thick-film circuit 
with add-on components other than encapsulated chips. 

thick-film network — A thick-film circuit that does 
not have add-on components. 

thick-film process — 1. A method in which elec- 
tronic circuit elements — resistors, conductors, capaci- 
tors, etc. — are produced by applying specially formulated 
pastes to a ceramic substrate in a defined pattern and 
sequence. The substrate containing the “green pattern” 
is fired at a relatively high temperature to mature the cir- 
cuit elements and bond them integrally to the substrate. 
The term thick film distinguishes this technology from 
thin-film practice, in which circuit elements are made 
by evaporation or sputtering in a high-vacuum environ- 
ment. Circuits produced by this technology are identified 
by several descriptive phrases: thick-film passive cir- 
cuits or thick-film hybrid circuits when active devices are 
included. 2. A method of manufacturing hybrid circuits 
by screen deposition of conductive, resistive, or insulating 
films thicker than 0.005 inch (127 um). Thick-film struc- 
tures generally contain only conductors, resistors, and 
Capacitors, with any other required components added as 
discrete devices. 

thick-film resistor— A fixed resistor whose resis- 
tance element is a film considerably more than 0.001 inch 
(25 um) thick. 
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Thick-film hybrid integrated circuit. 
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thick-film resistor, conductor, and dielectric 
compostions — The principal materials for making 
thick-film circuits, available in paste form and consisting 
of mixtures of metal, oxide, and glass powders. 

thick-film resistor network — A combination of 
several resistors manufactured by incorporating the use of 
precious metal inks, screer. printed and fired onto alumina 
substrates. 

thick films— Layers of resistive, dielectric, and 
conductive inks that are deposited on a substrate. The 
deposition process, similar to graphic silk screening, 
employs a fine-mesh screen to hold the pattern for the 
components that are to be deposited. The pattern is 
produced by photographic means, and wherever the inks 
are not to be deposited, the holes in the mesh are blocked 
by an emulsion. 

thick-film substrate — A supporting material (com- 
monly alumina) on which circuit elements such as con- 
ductors, resistors, inductors, and capacitors have been 
realized by a printing and firing technique. 

thickness vibration — Vibration of 4 piezoelectric 
crystal in the direction of its thickness. 

thin fiim— 1. A film of conductive or insulating 
material, usually deposited by sputtering or evaporation, 
that may be made in a pattern to form electronic 
components and conductors on a substrate or used as 
insulation between successive layers of components. 
2. The deposition of thin layers of a substance on an 
insulating base in a vacuum by a microelectronic process. 
3. A conductive, resistive, and/or capacitive passive 
network deposited on a substrate using a metallic or 
resistive film that is less than 5 micrometers in thickness. 
4. Metal film used to fabricate conductors and resistors, 
usually a few hundred angstroms thick. Commonly used 
resistor materials are nickel-chromium, tantalum nitride, 
and silicon-chromium. These films are usually deposited 
using sputtering, vacuum evaporation, or electron-beam 
techniques. 5. A method of manufacturing hybrid circuits 
in which evaporation or sputtering techniques are 
used to deposit very thin films of material onto a 
substrate. These film structures generally contain only 
conductors, resistors, and capacitors, with any other 
required components added as discrete devices. 

thin-film assembly— Passive or active network 
deposited on a suitable substrate using vapor or vac- 
uum deposition techniques. The components may be pro- 
duced individually, they may be totally integrated, or 
they may be combined as hybrids with the advantages 
of extremely small size and weight plus a low cost for 
a high-volume production. Thin-film assembly requires 
considerable engineering effort and sophisticated produc- 
tion equipment. 

thin-film capacitor— A capacitor utilizing a metal 
oxide as the dielectric or insulating material. Both the 
electrodes and the dielectric are deposited in layers 
on a substrate. This device is usually associated with 
microelectronics and integrated and thin-film circuits. 

thin-film circuit— 1. A microcircuit in which the 
component element and interconnections are fabricated 
from thin deposited films of metal, semiconductor, and 
dielectric material, generally on an insulating substrate 
such as ceramic or sapphire. The term thin is usually 
taken to imply films having a thickness on the order of 
1 micrometer. 2. A circuit whose passive components are 
deposited on a given substrate by sputtering or vacuum 
processes. 

thin-film deposition (chemical vapor type) — A 
technique that involves a decomposition and reaction 
between gases on the surface of a heated substrate 
such that a solid layer is nucleated and grown. Metals 
are generally derived from the decomposition of the 


metal halides. Insulators may be formed by reacting 
metal halides with oxygen (oxides), ammonia (nitrides), 
diborane (borides), etc. 

thin-film deposition (evaporation type) — Popu- 
lar technique for depositing thin film in vacuum, accom- 
plished by heating the source material in a low-pressure 
chamber so that it vaporizes and then condenses onto all 
cooler surfaces in line of sight from the source. 

thin-film deposition (sputtering type) — =vapo- 
ration produced by ion bombardment of the source 
material, known as cathode sputtering. 

thin-film deposition materials (conductors and 
resistors) — Metals such as aluminum, gold, chromium, 
nickel, platinum, tungsten, alloys, and cermets devosited 
as electrical conductors and resistors on silicon or other 
substrates. 

thin-film deposition materials (inorganic di- 
electrics) -— Film compounds produced by various vac- 
uum evaporation processes and deposited on substrates 
to perform electrical functions. Examples include sili- 
con monoxide, ZnS, CaF, SiO,, Al,O3, SizNa, and other 
chemical compounds. 

thin-film deposition materials (organic dielec- 
trics) —Insulating film compounds produced when 
organic vapors are heated under conditions in which 
polymerization and deposition occur. Examples are 
parylent, butadene, acrolein, and divinylbenzene. 

thin-film deposition materials (semiconduc- 
tors)— Polycrystalline films deposited by vacuum or 
flash evaporation to produce high-purity single-crystal 
silicon or other semiconductor substances. 

thin-film formation — A process that is either addi- 
tive, by pattern formation through masks, or subtractive, 
by selective etching of predeposited films from a sub- 
Strate. 

thin-film hybrid integrated circuit — The physical 
realization of a hybrid integrated circuit fabricated on a 
thin-film network, 

thin-film hybrids — Hybrid circuits that are made 
by placing the substrate in a vacuum chamber and 
depositing films of conductive and resistive material 
on the entire substrate. The material is photoetched in 
selected patterns to form conductive interconnections 
and thin-film resistors. These resistors are approximately 
0.1 mil (25 um) thick, Unencapsulated components are 
then added either by soldering or chemical bonding. 

thin-film integrated circuit — 1. An integrated cir- 
cuit consisting of a passive substrate on which the various 
passive elements (resistors and capacitors) are deposited 
in the form of thin-patterned films of conductive or non- 
conductive material. Active components (transistors and 
diodes) are attached separately as individually packaged 
devices or in unpackaged (chip) form, or may be formed 
integrally by thin-film techniques. See also hybrid thin- 
film circuit. 2. A device consisting of a number of electri- 
cal elements entirely in the form of thin films deposited in 
a pattern on a supporting material. 3. The physical real- 
ization of a number of electric elements entirely in the 
form of thin films deposited in a patterned relationship 
on a structural supporting material. 

thin-film memory — In a computer, a storage device 
made of thin disks of magnetic material deposited on 
a nonmagnetic base. Its operation is simtlar to the core 
memory. See also core memory, 1; storage, 2. 

thin-film microelectronics — Circuits made up of 
two-dimensional passive and essentialiy two-dimensional 
active elements mounted or deposited on thin wafers of 
an insulating substrate material. 

thin-film optical modulator— A device made 
of mulitlayered films of material of different optical 
characteristics capable of modulating transmitted light 
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by using electroacoustic, electro-optic, or magneto-optic 
effects to obtain signal modulation. Thin-film optical 
modulators are used as component parts of integrated 
optical circuits. 

thin-film optical multiplexer— A multiplexer con- 
sisting of layered optical materials that make use of 
electroacoustic, electro-optic, or magneto-optic effects to 
accomplish the multiplexing. Thin-film optical multiplex- 
ers may be component parts of integrated optical circuits. 

thin-film optical switch — A switching device for 
performing logic operations using light waves in thin 
films, usually supporting only one propagation mode, 
making use of electroacoustic, electro-optic, or magneto- 
optic effects to perform switching functions, such as are 
performed by semiconductor gates (AND, OR, NOT). 
Thin-film optical switches may be component parts of 
integrated optical circuits. 

thin-film optical waveguide — An optical wave- 
guide consisting of thin layers of differing refractive 
indices, the lower indexed material on the outside or as a 
substrate, for supporting usually a single electromagnetic 
wave propagation mode with laser sources. The thin-film 
waveguide lasers, switches, modulators, filters, directional 
couplers, and related components need to be coupled from 
their integrated optical circuits to the optical waveguide 
transmission media, such as optical fibers and slab dielec- 
tric waveguides. 

thin-film resistor network—A combination of 
several resistors manufactured by deposition of appro- 
priate alloys and metals onto glass silicon and alumina 
substrates using vacuum techniques. 

thin films— Resistive materials of submicrometer 
thickness made of nichrome or tantalum (or other exotic 
metal). They are deposited onto a substrate by vacuum 
deposition or by rf sputtering under a vacuum. Thin-film 
resistors provide excellent tolerances, are very stable with 
temperature changes, but are costly to apply, necessitating 
the use of expensive vacuum equipment. 

thin-film semiconductor — A semiconductor pro- 
duced by the deposition of an appropriate single-crystal 
layer on a suitable insulator. 

thin-film solar cell — A solar cell that is lightweight 
and flexible due to its construction by vacuum deposition 
of a semiconductor material (e.g., gallium arsenide or 
cadmium sulfide) onto a thin plastic or metal substrate. 
It is used as a power source in spacecraft because of its 
light weight. 

think time—The time the user of a time-sharing 
system spends sitting at his or her terminal but not using 
the computer. 

thin-walled conduit— Metallic tubing used to 
enclose insulated wires in an electrical circuit. 

thin-wall ring magnet— A type of ceramic perma- 
nent magnet in which the axial length is greater than the 
wall thickness or the wall thickness is less than 15 percent 
of the outside diameter. 

third harmonic— A sine-wave component having 
three times the fundamental frequency of a complex wave. 

third-harmonic distortion—The rms _ third- 
harmonic voltage divided by the rms fundamental voltage. 
This value often is used as a measure of distortion 
in an essentially symmetrical system, such as ac-biased 
recording. 

third-party traffic — Amateur radiocommunication 
by or under the supervision of the control operator at an 
amateur radio station on behalf of anyone other than the 
control operator. 

thixotropic — 1. A property of a paste or liquid that 
describes its ability to flow more readily when agitated or 
sheared. Thixotropy of a paste is a necessary condition for 
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screen ability. 2. Description of materials that are gel-like 
at rest but fluid when agitated. 

thixotropy —The property of a coating compound 
that provides low viscosity during agitation, but will 
thicken to reduce runoff when allowed to stand for a short 
period. 

Thomson bridge — See Kelvin bridge. 

Thomson coefficient— The ratio of the voltage 
between two points on a metallic conductor to the 
difference in temperature between the same points. 

Thomson effect— The production or absorption of 
heat (in addition to the 7*R loss) by a current between two 
points within a temperature gradient in a homogeneous 
conductor. Whether the heat is given off or absorbed 
depends on the direction of the current. 

Thomson electromotive force—The voltage 
that exists between two points that are of different 
temperatures in a conductor. 

Thomson heat—The thermal energy absorbed or 
produced due to the Thomson effect. 

thoriated filament— A tungsten vacuum-tube fila- 
ment to which a small amount of thorium has been added 
to improve emission. The thorium comes to the surface 
and is primarily responsible for the electron emission. 

thread — See chip, 1. 

three-address — Pertaining to an instruction format 
that contains three address parts. 

three-address code — Also called instruction code. 
In computers, a multiple-address code that includes three 
addresses, usually two addresses from which data is taken 
and one address where the result is entered. Location of 
the next instruction is not specified, and instructions are 
taken from storage in preassigned order. 

three-address instruction — 1. In computers, an 
instruction that includes an operation and specifies the 
location of three registers. See also three-address code. 
2. An instruction that can separately specify two sources 
and a destination. 

three-channel stereo—A stereo recording or 
reproduction system that uses three spaced microphones 
for recording and three sound reproducers for playback. 

three-conductor jack—Receptacle having three 
through circuits: tip, ring, and sleeve. 

three-layer diode— Also called diac. A two- 
terminal voltage-controlled device exhibiting a bilateral 
negative resistance characteristic. The device has sym- 
metrical switching voltages ranging from 20 to 40 volts 
and is specifically designed for use as a trigger in ac 
power-control circuits such as those using triacs. 

three-level maser (or laser)— A maser or laser 
system that involves the ground state and two other 
energy levels. Laser action usually takes place between 
the intermediate and ground states. The pump populates 
the intermediate state by way of the highest state. When 
applied to a maser, this pump brings the population of 
the highest state and the ground state into equilibrium. 
Maser action may take place cither between the upper 
and intermediate levels or between the intermediate and 
ground levels, depending on the relaxation times of the 
different transitions. 

three-phase circuit—A combination of circuits 
energized by alternating electromotive forces that differ 
in phase by one-third of a cycle, or 120 electrical degrees. 
In practice, the phases may vary several degrees from the 
specified angle. 

three-phase current— A current delivered through 
three wires — each wire serving as the return for the other 
two, and the three current components differing in phase 
successively by one-third of a cycle, or 120 electrical 
degrees. 
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three-phase, four-wire system— An ac supply 
system comprising four conductors: three connected as 
in a threc-phase, three-wire system and the fourth to the 
neutral point of the supply, which may be grounded. 

three-phase motor — 1. An ac motor operated from 
a three-phase circuit. 2. A true polyphase induction motor 
with three or more power windings designed specifically 
to operate from a three-phase power source. lt is self- 
starting. 

three-phase, seven-wire system-—A system of 
ac supply from groups of three single-phase transform- 
ers connected in a Y. Thus, a three-phase, four-wire, 
erounded-neutral system of a higher voltage for power is 
obtained. the neutral wire being common to both systems. 

three-phase, three-wire system — An ac supply 
system comprising three conductors, between successive 
pairs of which are maintained alternating differences of 
potential successively displaced in phase by one-third of 
a cycle, 

three-plus-one instruction — In digital computer 
programming, a four-address instruction in which one of 
the addresses always specifies the location of the next 
instruction to be performed. 

three-pole switch — An arrangement of three single- 
pole switches coupled together to operate three contacts 
simultaneously. 

three-position relay — Sometimes called a center- 
stable polar relay. A relay that may be operated to three 
distinct positions. 

three-pulse cascade canceler — A moving-target 
indicator technique in which two 2-pulse cancelers are 
cascaded together. This improves the velocity response. 

three-quarter bridge—A bridge connection in 
which one of the diode rectifiers has been replaced by 
a resistor. 


ac(rms) 


Three-quarter bridge. 


three-state — See tristate. 

three-state logic—-A logic family that may be in 
one of three states rather than the usual two — high, low, 
or high impedance. In the high-impedance state the output 
voltage is unaltered. Logic in a high-impedance state may 
be easily and permanently connected to a bus. 

three-way speaker system— A sound-reproduc- 
ing system using three separate speakers, each designed 
for a specific portion of the audio spectrum (high, low, and 
middle frequencies). The high- and low-frequency speak- 
ers are known as the tweeter and woofer, respectively. 

three-way switch — A switch that can connect one 
conductor to any one of two other conductors. 

three-wire system—A system of electric supply 
comprising three conductors, one of which (known as the 
neutral wire) is maintained at a potential midway between 
the potential of the other two (referred to as the outer 
conductors). Part of the load may be connected directly 
between the outer conductors, the remainder being divided 
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as evenly as possible into two parts, each of which is 
connected between the neutral and one outer conductor. 
There are thus two distinct supply voltages, one being 
twice the voltage of the other. 

threshold — 1. The point at which an effect is first 
produced, observed, or otherwise indicated. 2. In a mod- 
ulation system, the smallest value of carrier-to-noise ratio 
at the input of the demodulator for ail values above which 
a small percentage change in the input carrier-to-noise 
ratio produces a substantially equal or smaller percentage 
change in the output signal-to-noise ratio. 3. That point 
at which an indication exceeds the background or ambi- 
ent. 4. A minimal signal-to-noise input required to allow 
a video receiver to deliver an acceptable picture. 

threshold current—1. The minimum current at 
which a gas discharge becomes self-sustaining. 2. The 
minimum forward current for which the ¡aser is in a lasing 
state at a specified temperature. 

threshold decoding—A decoding procedure so 
arranged that the decision on the symbol that was 
transmitted is based on a majority count of the parity- 
check equations involving that symbol. 

threshold element—A dcvice that performs the 
logic threshold operation, but in which the contribution 
to the output determination by the truth of each input 
statement has a weight associated with that statement. 

threshold field — The least magnetizing force in a 
direction that tends to decrease the remanence, which, 
when applied either as a steady field of long duration or 
as a pulsed field appearing many times, will cause e stated 
fractional change of remanence. 

threshold frequency — The frequency at which the 
quantum energy is just sufficient to release photoelectrons 
from a given surface. 

threshold of audibility — Also called threshold of 
detectability or threshold of hearing. For a specified 
signal, the minimum effective sound pressure of a signal 
capable of evoking an auditory sensation in a specified 
fraction of the trials. The characteristics of the signal, the 
manner in which it is presented to the listener, and the 
point at which the sound pressure is measured must all be 
specified, This threshold is usually expressed in decibels 
relative to 0,0002 microbar, 

threshold of detectability — See threshold of audi- 
bility. 

threshold of discomfort— Also called threshold 
of feeling. For a specified signal, the minimum effective 
sound-pressure level that, in a specified fraction of the 
trials by a battery of listeners, will stimulate the ear 
to the point at which the sensation of feeling becomes 
uncomfortable. This threshold is customarily expressed 
in decibels relative to 0.0002 microbar. 

threshold of feeling — See threshold of discomfort. 

threshold of hearing — See threshold of audibility. 

threshold of luminescence — See luminescence 
threshold. 

threshold of sensitivity —The smallest stimulus or 
signal that will result in a detectable output. This phrase 
is frequently used to describe the voltage point at which 
an operations monitor or event marker will trigger. 

threshold signal — In navigation, the smallest sig- 
nal capable of producing a recognizable change in the 
positional information. 

threshold-triggered flip-flop — A flip-flop whose 
state changes when the actuating signal passes through a 
certain voltage level, regardless of the rate at which the 
voltage changes. 

threshold value — 1. The minimum input that pro- 
duces a corrective action in an automatic control system. 
2. The minimum level for which there is a measurable 
output. 
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threshold voltage — 1. The level of input voltage at 
which a binary logic circuit changes from one logic state 
to the other. 2. The voltage at which a pn junction begins 
to conduct current. 3. In a solid-state lamp, the voltage 
at which emission of light begins. 4. The minimum gate 
voltage needed to turn on an MOS enhancement-mode 
device. 

throat— 1. Part of the flare or tapered parallel-plate 
guide immediately adjacent to and connected to the main 
run of a waveguide. 2. The smaller cross-sectional area 
of a hom. 

throat microphone — A microphone wom around 
the throat and actuated by vibrations of the larynx as the 
user talks. It is used in jet airplanes, tanks, and other 
places where background noise would drown out the 
conversation. 

through connection — |. Electrical continuity be- 
tween patterns on double-sided or multilayer boards 
established by means of plated-through holes or jumper 
wires. 2. An electrical connection between conductive 
patterns on opposite sides of an insulating base, e.g., 
plated-through hole or clinched jumper wire. 

through path — The transmission path from the loop 
input signal to the loop output signal in a feedback control 
loop. 

throughput— 1. A measure of the efficiency of a 
system; the rate at which the system can handle work. 
2. The speed with which problems or segments of prob- 
lems are performed in a computer. Throughput varies 
from application to application and is meaningful only 
in terms of a specific application. 3. The total useful 
information processed or communicated over a given 
period; expressed in bits per second, packets per second, 
or some similar measurement. This quantity is frequently 
used for system comparisons. For example, a communica- 
tion system with a throughput of 50 messages per second 
is Superior to a system with a throughput of 30 messages 
per second. 4. The total amount of data that can be manip- 
ulated per second. Throughput takes into consideration 
such machine characteristics as basic architecture, execu- 
tion speed, logic capability, and software sophistication, 
but is more directly related to the size of a computer’s 
real addressable memory 

throughput rate — 1. The highest rate at which a 
multiplier can switch from channel to channel at its 
specified accuracy. This rate is determined by the settling 
time. 2. An a/d converter or a data-acquisition system 
can convert a finite number of points in any given time. 
Throughput rate is an expression of that quantity and 
depends both on the time required to make a conversion 
and the time required to set up the unit to make the next 
conversion. In a data-acquisition system, throughput rate 
includes the effects of the composite delay arising from 
switching and settling times of the MUX, settling time of 
the amplifier, and acquisition time of the sample-and-hold. 

through repeater—A microwave repeater that is 
not equipped to provide for connections to any local 
facilities other than the service channel. 

through transfer function — The transfer function 
of the through path in a feedback control loop. 

throw — 1. In an electric motor or generator, the 
number of core slots spanned between the bottom leg of 
a coil and the top leg of the same coil. 2. Movement of 
a contact from one stationary point to another. A single- 
throw switch has a normally open or a normally closed 
circuit per pole. A double-throw switch has a normally 
open and a normally closed circuit per pole. 

throwing power—Referring to the ability of an 
anode used in an impressed-current cathodic-protection 
system to distribute its current over a large surface. It 
is principally dependent upon the anode voltage, current, 
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surface area, position of the anode with respect to the 
cathode, and the salinity and flow velocity of the water. 

throw-out spiral — See lead-out groove. 

thru-hole connection — Also called feed-thru con- 
nection and plated-through hole. A conductive mate- 
rial used to make electrical and mechanical connections 
between the conductive patterns on opposite sides of a 
printed circuit board. 

thru repeater— In a microwave system, a repeater 
station that is not equipped to be connected to any local 
facilities other than the service channel. 

thumbwheel switch —A rotating numeric switch 
used to input numeric information to a controller. 

thump — 1. A low-frequency transient disturbance in 
a system or component. 2. The noise caused in a receiver 
by telegraph currents when the receiver is connected to 
a telephone circuit on which a direct-current telegraph 
channel is superimposed. 3. A brief, unwanted low- 
frequency noise (transient) that may occur when system 
power is tumed on or off and is due to a lack of control 
in certain amplifier stages at that time. 

thyratron — 1. A hot-cathode gas tube in which one 
or more control electrodes initiate the anode current, but 
do not limit it except under certain operating conditions. 
2. A gas-filled triode in which a sufficiently large positive 
pulse applied to the control grid ionizes the gas and 
initiates conduction. Thereafter, the grid has no further 
effect, but conduction can be halted by reducing the plate 
voltage to zero (or less), or by reducing plate current to 
a value too small to maintain ionization. 
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thyratron gate — In computers, an AND gate con- 
sisting of a multielement gas-filled tube in which conduc- 
tion is initiated by the coincident application of two or 
more signals. Conduction may continue after one or more 
of the initiating signals have been removed. 

thyratron inverter— An inverter circuit in which 
thyratron tubes convert the dc power to ac power. 

thyrector— A silicon diode that acts as an insulator 
until its rated voltage is reached, and as a conductor above 
that voltage. It is used for ac surge-voltage protection. 

thyristor — 1. A bistable device comprising three or 
more junctions. At least one of the junctions can switch 
between reverse and forward voltage polarity within a 
single quadrant of the anode-to-cathode voltage-current 
characteristics. Used in a generic sense to include sil- 
icon controlled rectifiers and gate-control switches, as 
well as multilayer two-terminal devices. (Many countries 
use the term thyristor in place of the term pnpn-type 
switch.) 2. Member of a family of semiconcuctor switch- 
ing devices of which the silicon controlled rectifier (SCR) 
and the triac are the most commonly used. Thyristors are 
fabricated from four alternate layers of positive (p) and 
negative (n) semiconductor material. 3, An SCR or triac 


Electrochemical reaction —This occurs 


between hydrogen, oxygen, and electrodes 
(fuel cells). 

Piezoelectrical —This involves mechanical 
deformation of piezoelectric substances. For 


example, piezoelectric material in the heels 
of shoes power LEDs that light up when 
you walk. 

3 Most of the simple examples in this book 


contain a battery as the voltage source. As 
such, the source provides a potential 
difference to a circuit that enables a current 
to flow. An electric current is a flow of 
electric charge. In the case of a battery, 
electrons are the electric charge, and they 


flow from the terminal that has an excess 
number of electrons to the terminal that has 
a deficiency of electrons. This flow takes place 


in any complete circuit that is connected to 
battery terminals. It is this difference in the 
charge that creates the potential difference in 


the battery. The electrons try to balance the 
difference. 

Because electrons have a negative charge, 
they actually flow from the negative terminal 
and return to the positive terminal. This 
direction of flow is called electron flow . Most 
books, however, use current flow, which is in 
the opposite direction. It is referred to as 
conventional current flow , or simply current 
flow. In this book, the term conventional 


783 


Symbol. Juncticns. Characteristic. 


Thyrector. 


(which is a form of SCR) that can be used for switch- 
ing both positive and negative half cycles of ac. 4. A 
member of a class of semiconductor devices (made of at 
least four alternate p-n-p-n layers) that snap to a com- 
pletely on state for working current when a momentary 
pulse of control current is received and can (typically) 
be turned off only by interrupting the working current. 
Thyristors are mostly high-power devices. 5. A bistable 
semiconductor device comprising three or more junctions 
that can be made conductive at any instant when the anode 
(or principal) voltage is positive. The term thyristor may 
be used either as a generic term or as an abbreviation 
for reverse-blocking triode thyristor. 6. A device with 
turn-cn characteristics that can be controlled by exter- 
nally applied voltage or current. These devices generally 
consist of several interconnected layers of p- and n-type 
semiconductor material. 

thyrite—A silicon-carbide ceramic material with 
nonlinear resistance characteristics, Above a critical volt- 
age, the resistance falls considerably. 

THZ —- Letter symbol for terahertz (10'* hertz). 

tickler— A smail coil connected in series with the 
anode circuit of an electron tube and inductively coupled 
to a grid-circuit coil. The tickler coil is used chiefly in 
regenerative detector circuits, to establish feedback or 
regeneration. 

tie cable—1.A cable between two distributing 
frames or distributing points. 2. A cable between private 
branch exchanges. 3. A cable between a private branch 
exchange switchboard and the main office. 4. A cable 
connecting two other cables. 

tie line— 1. See interconnection, i. 2. A private- 
line communication channel of the type communications 
common carriers provide for joining two or more points. 

tie point— 1. An insulated distributing point (other 
than an active terminal connection) where junctions 
of component leads are made in circuit wiring. 2. An 
insulated terminal to which two or more wires are 
connected, 

tier array — An array of antenna elements, one above 
the other. 

ties —- 1. Electrical connections or straps. 2. Tie wires. 

tie trunk—A telephone line or channel directly 
connecting two private branch exchanges. 

tie wire — Wire that connects a number of terminals 
together. 

tie wires — Short pieces of wire used to tie open-line 
wires to insulators. 

TIFF — See tagged image file format. 

TIF  files—Tagged image file format files. 
Bit-mapped graphic images popular among desktop 
publishexs. 

TIG —- Abbreviation for tungsten inert-gas welding. A 
technique using a tungsten electrode, generally without 
a filler material. Popular for light-metal gages and high- 
precision work. 

tight coupling — See close coupling. 


thyrite — time constant 


tilt — 1. In radar, the angle between the axis of radi- 
ation in the vertical plane and a reference axis, which is 
normally the horizontal. 2. See wave tilt. 3. The angle 
an antenna makes with the horizontal. 4. A deviation 
from the ideal low-frequency response; unsatisfactory 
low-frequency response. 

tilt angle —In radar, the angle between the vertical 
axis of radiation and a reference axis (normally the 
horizontal). 

tilt controls — In a color television receiver employ- 
ing the magnetic-convergence principle, the three controls 
used to tilt the vertical center rows in the three colored 
patterns produced by a dot-generator signai. 

tilt error— 1. In navigation, the ionospheric error 
component due to nonuniform height. 2. The difference 
between the true tilt and the mechanical tilt. The sign is 
such that when it is algebraically added to the mechanical 
tilt, the result is the true tilt. See also antenna tilt error. 

tilting —1. Forward inclination of the wavefront of 
radio waves traveling along the ground. The amount of 
tilt depends on the electrical constants of the ground. 
2. Changing the angle of a television camera to follow 
a moving object being televised. 3. Changing the vertical 
angle of a directional antenna. 

TIM — Abbreviation for transient intermodulation dis- 
tortion. 

timbre — Also called tone color or musical quality. 
1, The character of a musical tone that distinguishes one 
musical instrument from another playing the same note. 
The difference between two steady tones having the same 
pitch and degree of volume is called the difference in 
timbre. Timbre depends mostly on the relative intensity 
of the different harmonics and the frequencies of the most 
prominent harmonics. 2. The tonal quality of sound based 
on the pitch and the relative mix of fundamental and 
harmonic frequencies. 

time — The measure of the duration of an event. The 
fundamental unit of time is the second. 

time assignment speech interpolation — Tele- 
phone switching equipment whereby a person is con- 
nected to idle circuits when he starts talking, and is 
disconnected when he stops talking. 

time base — A voltage generated by the sweep circuit 
of a cathode-ray-tube indicator. Its waveshape is such 
that the trace is either linear with respect to time or, if 
nonlinear, is still at a known fiming. 

time clock—A loosely used term sometimes refer- 
ring to time switches, sometimes to interval timers, or to 
any type of timer. 

time-code generator— A timer with an absolute 
time reference having digital outputs suitable for machine 
interpretation. Dial or numeric display may be included. 

time-compression multiplexing —A method of 
providing the appearance of full-duplex communication 
over a single twisted-pair half- duplex copper loop. Data 
are buffered at each end and sent across the line at double 
the subscriber data rate, with the two ends taking turns. 

time constant— 1. The time required for an expo- 
nential quantity to change by an amount equal to 0.632 
times the total change that will occur. Specifically: (a) In a 
capacitor-resistor circuit, the number of seconds required 
for the capacitor to reach 63.2 percent of its full charge 
after a voltage is applied. The time constant of a capacitor 
having a capacitance C in farads in series with a resistance 
R in ohms is equal to R x C. (b) In an inductor-resistor 
circuit, the number of seconds required for the current 
to reach 63.2 percent of its final value. The time con- 
stant of an inductor having an inductance Z in henrys 
and resistance R in ohms is equal to L/R. 2. The time 
required for a motor to accelerate from 0 to 63.2 percent 
of its final no-load speed when the rated voltage, with the 


time constant of a capacitor — time flutter 


proper phase relationship, is applied. 3. A measure of the 
rapidity with which a transducer responds to a change in 
temperature. It is the time required for the sensor to com- 
plete 63.2 percent of its exponential response to a step 
change in temperature and is highly dependent on the 
thermal conductivity of the medium measured. Time con- 
stant must match the speed of which it is a part. In general, 
small sensors respond more rapidly than large ones. 

time constant of a capacitor — The product of the 
insulation resistance and the capacitance of a capacitor. 

time constant of fall — The time required for a pulse 
to fall from 70.7 percent to 26.0 percent of its maximum 
amplitude, excluding spikes. 

time-current characteristics of a fuse —The 
relation between the root-mean-square alternating current 
or direct current and the time for the fuse to perform the 
whole or some specified part of its interrupting function. 
Usually shown as a curve. 

timed acceleration — A control function that auto- 
matically controls the speed increase of a drive as a 
function of time. 

time date generator—A device used in surveil- 
lance that electronically produces a single-row display of 
day, time, and date information on any standard TV screen 
(or raster). 

timed deceleration— A control function that auto- 
matically controls the speed decrease of a drive as a 
function of time. 

time delay—1. The time required for a signal to 
travel between two points in a circuit. 2. The time 
required for a wave to travel between two points in space. 
3. The total elapsed time or lag required for a given 
command to be effected after the command is given. 
4. Also called envelope delay. The slope of the phase- 
versus-frequency curve at a specified frequency. In a loose 
sense, this is the time it takes a designated point in a wave 
to pass through a filter. 

time-delay circuit— A circuit that delays the trans- 
mission of an impulse signal, or the performance of a 
transducer, for a definite desired length of time. 

time-delay closing relay — See time-delay starting 
relay. 

time-delay generator— A device that accepts an 
input signal and provides a delay in time before the 
initiation of an output signal. 

time-delay relay — Also called slow-action relay. 
1. A relay in which there is an appreciable interval of time 
between the energizing or deenergizing of the coil and 
the movement of the armature (e.g., slow-operating relays 
and slow-release relays). 2. A device in which a defined 
delay occurs between the application or removal of the 
control current and the switching of the load current. 
3. An electronic device with either relay or solid-state 
output that performs a retarding function on receipt of 
instruction. 4. A reset timer with delayed contacts. 5. A 
relay with electromagnetic action that provides a specified 
time interval between the energizing of the coil and the 
actual contact closure. The timing interval can be preset 
and the delay may be achieved either by mechanical 
clockwork or electronic means. 

time-delay spectrometry — An acoustic measure- 
ment technique utilizing a real-time spectrum analyzer. 

time-delay starting relay — Also called time-delay 
closing relay. A device that functions to give a desired 
amount of time delay before or after any point or 
operation in a switching sequence or protective relay 
system. 

time-delay stopping or opening relay—A 
time-delay device that serves in conjunction with the 
device that initiates the shut-down, stopping, or opening 
operation in an automatic sequence. 
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time-derived channel— Any of the channels 
obtained by time-division multiplexing of a channel. 

time discriminator — A circuit in which the sense 
and magnitude of the output is a function of the time 
difference of, and relative time sequence between, two 
pulses. 

time-distribution Aanalyzer-——Also called time 
sorter. Án instrument that indicates the number or rate 
of occurrence of time intervals falling within one or more 
specified ranges. The time interval is defined by the sep- 
aration between members of a pulse pair. 

time-division data link— Radiocommunications 
that use time-division techniques for channel separation. 

time-division multiplex channel —A path estab- 
lished for a segment of time during which the central 
station equipment obtains a signal indicating the status of 
a signal-encoding device. 

time-division multiplexer— A device that samples 
all data input from different low-speed devices, and 
retransmits all the samples in an equal amount of time. 

time-division multiplexing — Abbreviated TDM. 
1. Multiplexing by assigning each low-speed channel its 
own time slot during which it transmits data. 2. A pro- 
cess by which two or more channels of information are 
transmitted over the same link by allocating a differ- 
ent time interval for the transmission of each channel. 
3. A signaling method characterized by the sequential 
and noninterfering transmission of more than one sig- 
nal in a communication channel. Signals from all ter- 
minal locations are distinguished from one another by 
each signal occupying a different posítion in time with 
reference to synchronizing signals. 4. A system of multi- 
plexing in which channels are established by connecting 
terminals one at a time at regular intervals by means of 
an automatic distribution. 5. The multiplexing technique 
that provides for the independent transmission of several 
pieces of information on a time-sharing basis by sam- 
pling, at frequent intervals, the data to be transmitted. 
6. A data-communication technique for combining sev- 
eral lower-speed channels into one facility or transmission 
path at a higher speed; each low-speed channel is allot- 
ted a specific position in the signal stream based on time. 
Thus, the information on the low-speed input channels is 
interleaved at higher speed on the multiplexed channel. 
At the receiver, the signals are separated to reconstruct 
the individual low-speed channels. 

time domain—1. An analysis of a waveform in 
terms of how the parameter of interest, voltage for 
example, varies with time. (The sine wave can help to 
visualize this concept. At any instant in time the voltage 
has only a single unique value. But as time progresses, the 
voltage rise and fall describes the familiar smooth curve. 
A square wave, on the other hand, is a picture in the time 
domain of a voltage that repeatedly changes abruptly from 
one value to another.) 2. A measurement technique where 
the results are plotted or shown against a scale of time, in 
contrast to frequency domain where the results are plotted 
on a scale of frequency. 

timed-release circuit — A circuit designed to auto- 
matically release other connected circuits after a preset 
interval. 

time-edit — To prevent the time code in a computer 
from being recorded or transmitted when no data samples 
are being passed, or, conversely, to record or transmit the 
time code with each data sample passed. 

time flutter—A variation in the synchronization of 
components of a radar system, leading to variations in 
the position of the observed pulse along the time base 
and reducing the accuracy with which the time of arrival 
of a pulse may be determined. 
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time frame — In telemetry, the time period containing 
all elements between corresponding points of two succes- 
sive reference markers. 

time gain — See sensitivity-time control. 

time gate— A transducer that has an output during 
chosen time intervals only. 

time harmonics — High-frequency components gen- 
erated by nonlinearity in a resolver magnetic circuit. In ac 
resolvers with no dc components present, time harmon- 
ics are odd multiples of the fundamental frequency. Time 
harmonics appear as a component of null voltage. 

time-interval selector — A circuit that functions to 
produce a specified output pulse when and only when 
the time interval between two input pulses is between set 
limits. 

time lag — 1. The interval between application of any 
force and full attainment of the resultant effect. 2. The 
interval between two phenomena. 

time-lapse VTR—A videotape recorder that pro- 
vides a continuous record of events over a period of from 
12 to 48 hours on one reel of videotape. 

time-mark generator—A circuit that produces 
accurately spaced pulses for display on the screen of an 
oscilloscope. 

time modulation — Modulation in which the time of 
occurrence of a definite part of a waveform is made to 
vary in accordance with a modulating signal. 

time of persistence—The time that elapses 
between the instant of removal of the excitation and the 
instant at which the luminance or radiance has dropped 
to a stated fraction of its initial value, usually 10 percent. 

time-out — The interval of time allotted for certain 
Operations to occur (for example, response to polling or 
addressing) before operation of the system is interrupted 
and must be started again. 

time pattern — A picture-tube presentation of hori- 
zontal and vertical lines or rows of dots generated by two 
stable frequency sources operating at multiples of the line 
and field frequencies. 

time phase — Reaching corresponding peak values 
at the same instants of time, though not necessarily at the 
same points in space. 

time pulse distributor— A device or circuit for 
allocating timing pulses or clock pulses to one or more 
conducting paths or control lines in a specified sequence. 

time quadrature — Differing by a time interval 
corresponding to one-fourth the time of one cycle of the 
frequency in question. 

timer—.1. A special clock mechanism or motor- 
operated device used to perform switching operations at 
predetermined time intervals. 2. An assembly of electric 
circuits and associated equipment that provides the fol- 
lowing: trigger pulses, sweep circuits, intensifier pulses, 
gate voitage, blanking voltages, and power supplies. 
3. The part of a radar set that initiates pulse transmis- 
sion and synchronizes this with the beginning of indicator 
sweeps, timing of gates, range markers, etc. See also syn- 
chronizer, 1. 4. An instrument that measures the interval 
between events. The term event may encompass anything 
from persons moving through a turnstile to oscillations in 
the highest-freauency radar bands. 

time resolution — The smallest interval of time that 
can be measured with a given system. 

time response — An output, expressed as a function 
of time, that results from a specified input applied under 
specified operating conditions. 

timer motor — A synchronous clock motor having a 
definite output speed determined by the number of poles 
in the stator and the reduction of the associated gear train, 
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time sequencing — In a computer, switching signals 
generated by a program purely as a function of accurately 
measured elapsed time. 

time series analysis — Analysis of any variable 
classified by time, in which the values of the variable 
are functions of the time periods. 

time share—To use a device for two or more 
purposes on a time-sharing basis. 

time sharing — 1. A method of operation in which a 
computer facility is shared by several users for different 
purposes at (apparently) the same time. Although the 
computer actually services each user in sequence, the 
high speed of the computer makes it appear as if the 
users were all handled simultaneously. 2. A means of 
making more efficient use of a facility by allowing 
more than one using activity access to the facility on a 
sequential basis. 3. A computer system in which CPU 
time and system resources are shared simultaneously 
by several operators engaged in unrelated tasks and 
located at terminals remote from the central processing 
unit. The speed of the computer gives the appearance 
of simultaneously performing multiple jobs. Programs 
performing the individual jobs are swapped at high speeds 
under direction of the scheduling formulas or plan for 
the time-sharing system, thus assuring each user a system 
response within a few seconds (almost the exact opposite 
of a batch system). 4. The use of the same computer 
memory for two or more simultaneous tasks. 

time-sharing system — See TSS. 

time signals — Time-controlled radio signals broad- 
cast by government-operated radio station WWV at reg- 
ular intervals each day on several frequencies. 

time signal service — Radiocommunication service 
for the transmission of timc signals of stated high 
precision, intended for general reception. 

time slicing— 1. The sharing of CPU time among 
several software processes by giving each process a 
defined interval (slice) of the CPU”s time. 2. A type of 
operation in which a computer works on one program for 
a short time, then goes to another program and works on 
that for a short time, and so forth. 3. A technique that 
shares microprocessor time among several processes. A 
quantum of time allocated to a process ts termed a time 
slice. 

time sorter — See time-distribution analyzer. 

time stability— The degree to which a component 
value is maintained to a stated degree of certainty 
(probability) under stated conditions of use over a stated 
period of time. It is usually expressed in + percent or + 
per unit (ppm) change per 1000 hours of continuous use. 

time switch—A clock-controlled switch used to 
open or close a circuit at one or more predetermined 
times. Usually refers to repeat cycle timers with a dial 
graduated with time of day (in 24-hour type) or with time 
and day (in 7-day type). Has means of adjusting the time 
when circuits are turned on or off, usually with pins or 
clips. Used for turning lights on at night, ringing bells in 
offices, schools, etc. 

time-to-digital conversion — The process of con- 
verting an interval of time into a digital number. 

time window— In random-sampling-oscilloscope 
technique, the part of the signal period that is displayed. 

timing — The procedure of adjusting the ignition dis- 
tributor so the sparks will occur at the spark plugs at the 
correct time in relation to the position of the piston on 
the compression stroke. 

timing axis oscillator — See sweep generator. 

timing lag — The number of engine degrees retard in 
timing caused by electrical lag in the system. Generally 
stated as number of engine degrees per 1000 rpm engine 
speed. 
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timing light—A stroboscope unit that is connected 
to the secondary ignition circuit of an internal-combustion 
engine to produce flashes of light in unison with the firing 
of a specific spark plug. By directing these flashes of light 
on the whirling timing marks, the marks appear to stand 
still. By adjusting the distributor, the timing marks may 
be properly aligned, thus setting the timing. 

timing-pulse distributor— Also called waveform 
generator. A computer circuit driven by pulses from the 
master clock. It operates in conjunction with the operation 
decoder to generate timed pulses needed by other machine 
circuits to perform the various operations. 

timing relay—A form of auxiliary relay used to 
introduce a definite time delay in the performance of a 
function. 

timing signal — Any signal recorded simultaneously 
with data to provide a time index. 

timing tape — A variety of leader tape having printed 
indications of intervals of 7!/ inches (19.05 cm) along 
its length to facilitate measuring off a desired number of 
seconds’ worth of leader. 

tinkertoy— An attempt at modularization whereby 
wafers, with one or more component parts printed or 
mounted on them, are stacked vertically, with intercon- 
necting wiring stiff enough to provide support running 
through holes around the periphery of the wafer. 

tin-lead — An alloy used for the majority of solder- 
ing operations in the electronics industry. Usually, an 
alloy close to the eutectic composition (62 percent tin, 
38 percent lead) is chosen to permit usage of the lowest 
possible soldering temperature, thereby reducing risk of 
damage to temperature-sensitive components. 

tinned — Covered with metallic tin to permit easy 
soldering. 

tinned wire—A copper wire that has been coated 
with a layer of tin or solder to prevent corrosion and to 
simplify soldering. 

tinning — A process of coating a conductor surface 
with solder. 

tinsel — Flat ribbons of bronze, silver, or copper alloy 
spiraled around a textile core of cotton, nylon, etc. Used 
in telephone and electronics applications as conductors in 
line cords, microphone cords, and retractile cords. 

tinsel conductor— A type of electrical conductor 
comprising a number of tiny threads, each thread having 
a fine, flat ribbon of copper or cadmium bronze closely 
spiraled about it. Used for small cables requiring limpness 
and extra-long flex life (c.g., used with headsets or 
handsets). 

tinsel wire — 1. A very flexible conductor made by 
wrapping one or more thin ribbon conductors over a nylon 
string core. Used to make telephone cords. 2. A low- 
voltage stranded wire in which each strand is a very thin 
conductor ribbon spirally wrapped around a textile yarn. 
Insulation is generally a textile braid. Intended usage is 
for severe flexing. 

tint — A mixture of a color with white light. 

tip — 1. The contacting part at the end of a plug or 
probe. 2. Also called tip side. The end of the plug used to 
make circuit connections in a manual switchboard. The 
tip is the connector attached to the positive side of the 
common battery that powers the station equipment. By 
extension, it is the positive battery side of a communica- 
tions line. 

tip and ring—Traditional telephone terminology 
for positive and negative. In old-style telephone switch- 
boards, the tip (positive) wire was the one that connected 
to the tip of the plug; the ring (negative) wire was con- 
nected to a slip ring in the jack. 

tip jack — Also called a pup jack. A small single-hole 
jack for a single-pin contact plug. 
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tip mass — The effective mass at the tip of the stylus 
of a pickup cartridge. (Modern techniques have reduced 
this mass toward | milligram or below.) 

tipoff — The last portion of a vacuum-tube bulb to be 
melted and sealed after evacuation of the bulb. 

tip-ring-sleeve (TRS) phone plug— A three- 
conductor phone plug commonly used for balanced audio 
connections. 

tip side — Also called a tip wire. The conductor of a 
circuit associated with the tip of a plug or the tip spring 
of a jack. See also tip, 2. 

tip-sleeve (TS) phone plug-—A two-conductor 
phone plug (or jack) commonly used for unbalanced audio 
connections. 

tip wire — See tip side. 

T-junction — See tee junction. 

TM wave— Abbreviation for transverse magnetic 
wave. 

TMr n Wave — In a rectangular waveguide, the trans- 
verse magnetic wave for which m and n are the number 
of half-period variations of the magnetic field along the 
longer and shorter transverse dimensions, respectively. 

TNG — A threaded connector for miniature coax; TNC 
is said to be short for threaded-Neill-Concelman. (Con- 
trast with BNC.) 

T-network — A network composed of three branches. 
One end of each branch is connected to a common 
junction point. The three remaining ends are connected 
to an input terminal, an output terminal, and a common 
input and output terminal. 


T-network. 


TO can— Abbreviation for transistor-outline metal- 
can package. 

TO-5— A small cylindrical IC package about 0.375 
inch (9.5 mm) in diameter and made of metal; it can have 
up to 12 pins protruding from the bottom of the can. 

to-from indicator— An instrument that forms part 
of the omnirange facilities and is used for resolving the 
180° ambiguity. 

toggle — 1. A flip-flop. The term implies that the flip- 
flop will change state upon receipt of a clock pulse, and 
is used mainly with reference to flip-flops connected as a 
counter, in which the process of changing state is called 
toggling. 2. To use switches to enter data into the memory 
of a computer. 3. To change states abruptly in such a way 
that the process goes to completion once a critical point is 
reached, even if the actuating cause is removed; in logic 
circuits, a change of state of a flip-flop or Schmitt trigger. 
4, See T flip-flop. 5. The ability, through the use of a 
windowing program, to allow a user to switch back and 
forth between different PC applications programs, as well 
as between PC and mainframe or mini applications. 

toggle frequency — In a digital circuit, the number 
of times per second that the circuit changes state. 

toggle rate — Twice the frequency at which a flip- 
flop completes a full cycle encompassing both states. 
Usually used to denote the maximum input frequency that 
a flip-flop can follow. 

toggle switch — 1. A switch with a projecting lever 
whose movement through a small arc opens or closes 
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one or more electric circuits. 2. A panel-mounted switch 
with an extended lever; normally used for on/off switch- 
ing. 3. A switch having a lever (toggle), the movement 
of which results either directly or indirectly in the con- 
nection or disconnection of the switch terminations in a 
specified manner. Any indirect action through an actuating 
mechanism should be such that the speed of connection 
and/or disconnection is independent of the speed of lever 
movement. 

tokamak — A doughnut-shaped plasma confinement 
device for research into the problems associated with 
nuclear fusion. 

token — 1. A group of bits used in some bus networks 
to signal network access by a particular station. 2. The 
information package that contains a piece of data and a 
description of its location in a computer program. 

token passing—A protocol that gives a terminal 
permission to transmit on a token ring LAN. A unique 
bit pattern, called a token, circulates around the ring from 
terminal to terminal. The terminal that possesses the token 
has permission to transmit. 

token ring network— A local area network (LAN) 
in a circle configuration. Messages are sent when one 
computer attaches a message to a special bit pattern 
(called a token) as it travels around the circle. 

tolerance — |. A permissible deviation from a speci- 
fied value. A frequency tolerance is expressed in hertz or 
as a percentage of the nominal frequency; an orientation 
tolerance, in minutes of arc; a temperature tolerance, in 
degrees Celsius; and a dimensional tolerance, in deci- 
mals or fractions. 2. A permissible deviation from spec- 
ified capacitance (resistance, inductance, etc.) values, 
characteristics, and physical dimensions. 3. A specified 
allowance for error from a desired or measured quantity. 
4, Maximum error or variation from the standard permis- 
sible in a measuring instrument. 5. Maximnm electrical 
or mechanical variation from specifications that can be 
tolerated without impairing the operation of a device. 

toll—-1. In public switched systems, a charge for a 
connection beyond an exchange boundary, based on time 
and distance. 2. Any part of telephone plant, circuits, or 
services for which toli charges are made. 

toll call — 1. Telephone call to points beyond the area 
within which telephone calls are covered by a flat monthly 
rate or are charged for on a message unit basis. 2. A 
telephone call, subject to charge, for a destination outside 
of the local service area of the calling station. 

toll center— Also called toll office and toll point. 
1. The basic toll switching entity; a central office where 
channels and toll-message circuits terminate. While this is 
usually one particular central office in a city, larger cities 
may have several central offices where toll-message cir- 
cuits terminate. 2. A major telephone distribution center 
that distributes calls from one major metropolitan area to 
another. 

toll-free number — See enterprise number. 

toll office — See toll center. 

toll point — See toll center. 

toll restriction — The action of preventing restricted 
telephones from making calls to toll or other restricted 
points. A restrictor counts the first three digits dialed and 
diverts calls to forbidden codes either to a busy tone, a 
recorded announcement, or an operator. 

toll-terminal loss — On a toll connection, that part 
of the overall transmission loss attributable to the facilities 
from the toll center through the tributary office to and 
including the subscriber’s equipment. 

tone — 1. A sound wave capable of exciting an audi- 
tory sensation having pitch. 2. A sound sensation having 
pitch. 
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tonearm — 1. The pivoted arm of a record player that 
extends over the record and holds the pickup cartridge. 
Wires from the cartridge mn through the arm to the 
preamplifier, usually located on the underside of the 
turntable mounting board. 2. The portion of a record 
player that supports the phono cartridge and maintains 
it in the correct relationship to the record surface and 
the spiral groove. On conventional pivoted tonearms, 
the cartridge is mounted at an offset angle and with a 
slight overhang beyond the turntable center to reduce 
the tracking error. The mass of the cartridge and the 
forward portion of the arm is balanced by an adjustable 
counterweight, and the desired vertical tracking force is 
supplied by a slight mass unbalance or a spring. 

tone burst-—A single sine-wave frequency, 50 to 
500 microseconds long, having a rectangular envelope, 
used for testing the transient response of speakers. 

tone channel — An intelligence or signaling circuit 
in which on-off or frequency-shift modulation of a 
frequency (usually an audio frequency) is used as a means 
of transmission. 

tone control—1.A control, usually part of a 
resistance-capacitance network, used to alter the fre- 
quency response of an amplifier so that the listener can 
obtain the most pleasing sound. In effect, a tone con- 
trol accentuates or attenuates the bass or treble portion 
of the audio-frequency spectrum. 2. A circuit designed to 
increase or decrease the amplification in a specific fre- 
quency range, with little or no effect at other frequencies. 
Bass tone controls usually affect frequencies below a 
turnover frequency that may vary between 100 and 
1000 Hz. Treble tone controls are typically hinged to 
affect frequencies above 1500 Hz. The range of a tone 
control (the maximum amount by which it can vary the 
amplification within its operating range) is typically about 
+15 dB, but may be as low as +7 dB or as great as 
+20 dB. (Equalizers can provide tone control over five 
or more frequency bands.) 

tone dialing — See pushdown dialing. 

tone generator — A device for providing an audio- 
frequency current suitable for testing audio-frequency 
equipment or for signaling. 

tone keyer—An instrument device that converts 
direct-current impulses to audio tones, for line transmis- 
sion or for keying a transmitter. 

tone localizer— See equisignal localizer. 

tone-modulated waves— Waves obtained from 
continuous waves by amplitude-modulating them at an 
audio frequency in a substantially periodic mannez. 

tone modulation— A type of code-signal trans- 
mission obtained by causing the radio-frequency carrier 
amplitude to vary at a fixed audio frequency. 

tone pad — An array of 12 or 16 numbered keys that 
generate the standard telephone dual-tone multifrequency 
(DTMF) dialing signals. 

toner — 1. Charged carbon particles, dry or suspended 
in a liquid solvent, used to produce a dark image on a 
light medium, 2. Minute, dry particles of resin and carbon 
black that are used to create images. In the electrostatic 
copying process, toner is capable of accepting an electrical 
charge. It is carried to the photoconductor by a developer 
medium and transferred to the surface of a copy sheet by 
a series of successively greater electrical charges. 

tone reversal — Distortion of the recorder copy in 
facsimile. It causes the various shades of black and white 
not to be in the proper order. 

tone signaling — The transmission of supervisory, 
address, and alerting signals over a telephone circuit by 
means of voice frequency tones. Also used in “touch tone” 
dialing. 
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tongue — The portion of a solderless terminal that 
projects from the barrel, 

Tonotron—A multimode, selective-erasure storage 
tube. 

tool function—In automatic control of machine 
tools, a command that identifies a specific tool and calls 
for the use of that tool. 

TO package —Can-type IC chip configuration, an 
outgrowth of the original TO transistor package. Most 
common are the TO-5, TO-18, and TO-47. The IC chip is 
mounted within the package, interconnected to terminals 
on the can, and then hermetically sealed. TO stands for 
transistor outline. 

top cap—A terminal in the form of a metal cap at 
the top of some vacuum tubes and connected to one of 
the electrodes. 

top-down programming—See structured pro- 
gramming. 

top-hat resistors —- Film resistors having a projec- 
tion on one side allowing a notch to be cut into the center 
of the projection to effectively form a serpentine resis- 
tance and thereby increase the resistivity. 

top-loaded vertical antenna — A vertical antenna 
that is larger at the top, resulting in a modified current 
distribution that gives a more desirable radiation pattern 
vertically. A series reactor may be connected between 
the enlarged portion of the antenna and the remaining 
structure. 

topology — 1. The physical arrangement and rela- 
tionship of interconnected nodes and lines in a network. 
Linear bus, mesh, star, token ring, and point-to-point are 
the major LAN topologies. 2. The surface layout of the 
elements comprising an IC, 

tornadotron— A millimeter wave device that gen- 
erates radio-frequency power from an enclosed, orbiting 
electron cloud excited by a radio-frequency field when 
subjected to a strong, pulsed magnetic field. 

torn-tape relay—A method of receiving messages 
in tape form, breaking the tape, and retransmitting the 
message in tape form. 

torn-tape switching center — A location at which 
operators tear off the incoming printed and punched paper 
tape and transfer it manually to a machine for transmission 
over the proper outgoing circuit, 

toroid— 1. A surface, or its closed solid, generated 
by any closed plane rotating about a straight line in its 
own plane — the resulting configuration being doughnut 
shaped, 2. A highly efficient type of coil wound on a 
ring or doughnut type of core. The toroid provides for 
high concentrated magnetic field within itself, and has a 
minimum magnetic flux leakage (external field). 

toroidal coil —A coil wound in the form of a toroidal 
helix. 

toroidal core — A ring-shaped core. 

toroidal permeability — Under stated conditions, 
the relative permeability of a toroidal body of the given 
material. The permeability is determined from measure- 
ments of a coil wound on the toroid such that stray fields 
are minimized or can be neglected. 

torque — A force that tends to produce rotation or 
twisting. 

torque amplifier —A device with input and output 
shafts and supplying work to rotate the output shaft so 
that its position corresponds to that of the input shaft but 
does not impose any significant torque on the latter. 

torque-coil magnetometer—A magnetometer 
that depends for its operation on the torque developed 
by a known current in a coil capable of turning in the 
field to be measured. 
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torque gradient—The torque required in inch- 
ounces to pull a specific energized synchro 1° away from 
its normal position. 

torque motors — A motor that is designed to provide 
its maximum torque under the condition of stall or locked- 
rotor. A second criteria of torque motors is that they 
must be capable of remaining in a stalled condition for 
prolonged periods. 

torque of an instrument— Also called deflecting 
torque. The turning moment produced on the moving 
element by the quantity to be measured or by some 
quantity dependent thereon acting through the mechanism. 

torquer — A device that produces torque about an axis 
of freedom in response to a signal input. 

torque-to-inertia ratio — See acceleration at stall. 

torr— The unit of pressure used in the measurement 
of a vacuum. It is equal to 1/50 of a standard atmosphere, 
and for practical purposes may be considered equivalent 
to one millimeter of mercury (mm Hg). 

torsiometer— An instrument for measuring the 
amount of power that a rotating shaft is transmitting. 

torsion galvanometer— A galvanometer in which 
the force between the fixed and moving systems is 
measured by the angle through which the supporting head 
of the moving system must be rotated to return the moving 
system to zero. 

torsion-string galvanometer— A sensitive gal- 
vanometer in which the moving system is suspended by 
two parallel fibers that tend to twist around each other. 

total capacitance — The capacitance between a 
given conductor and all other conductors in a system when 
all other conductors are connected together. 

total combined regulation — The change in output 
of a regulated power supply arising from simultaneous 
changes in all of the specified operating conditions, when 
the direction of such changes is such as to make their 
effects additive. It may be stated as a percentage of the 
specified output and/or as an absolute value. 

total connected load— The total current drawn 
in amperes, or power consumption in watts, of all of 
the utilization equipment connected to all or any given 
segment of a wiring system. 

total distortion—The sum total of all forms of 
signal distortions. 

total emission— The magnitude of the current 
produced when electrons are emitted from a cathode under 
the influence of a voltage such that all the electrons 
emitted are drawn away from the cathode. 

total emissivity —The ratio of radiation emitted by 
a surface to the radiation emitted by the surface of a 
blackbody under identical conditions. Important condi- 
tions that affect emissivity of a material are surface finish, 
color, temperature, and wavelength of radiation. Emissiv- 
ity may be expressed for radiation of a single wavelength 
(monochromatic emissivity), for total radiation of a spec- 
ified range of wavelengths (total spectral emissivity), or 
for total radiation of all wavelengths (total emissivity). 

total excursion —The application of a stimulus, in 
a controlled manner, over the span of an instrument. 

total flux-—The luminous flux emitted by a light 
source in all directions. 

total harmonic distortion— Abbreviated THD. 
1. The ratio of the power at the fundamental frequency, 
measured at the output of the transmission system con- 
sidered, to the power of all harmonics observed at the 
output of the system because of its nonlinearity, when 
a single-frequency signal of specified power is applied 
to the input of the system. It is expressed in decibels. 
2. The square root of the sum of the squares of the root- 
mean-square harmonic voltages divided by the root-mean- 
square fundamental voltage. 3. The ratio of the sum of 
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the amplitudes of all signals harmonically related to the 
fundamental and the amplitude of the fundamental sig- 
nal. 4. A measure of the distortion produced in an audio 
system as a result of the production, by the system, of 
harmonics or multiples of the original audio signal. 

total internal reflection — When light passes from 
one medium to another that is optically less dense (e.g., 
from glass to air), the ray is bent away from the normal. 
If the incident ray meets the surface at such an angle that 
the refracted ray must be bent away at an angle of more 
than 90°, the light cannot emerge at all, and is totally 
internally refiected. 

totalizing — To register a precise total count from 
mechanical, photoelectric, electromagnetic, or electronic 
inputs or detectors. 

total losses of a ferromagnetic part — Under 
stated conditions, the power absorbed and then dissipated 
as heat when a body of ferromagnetic material is placed 
in a time-varying magnetic field. 

total losses of a _ transformer— The losses 
represented by the sum of the no-load and load loses. 

total luminous flux — The total light emitted in all 
directions by a light source. 

totally enclosed motor—A motor so enclosed as 
to prevent the free exchange of air between the inside and 
the outside of the case, but not sufficiently enclosed to be 
termed airtight. 

totally unbalanced currents — See push-push 
currents. 

total range of an instrument— Also called the 
range of an instrument. The region between the limits 
within which the quantity measured is to be indicated or 
recorded. 

total regulation —The arithmetic sum of changes 
in output of a regulated power supply arising from 
changes in each of the specified operating conditions 
(current, voltage, or power) when such changes are 
applied individually and in a manner to make their effects 
additive. It may be stated as a percentage of the specified 
output and/or as an absolute value. 

total resistance — The dc resistance of a (precision) 
potentiometer between the input terminals with the shaft 
positioned so as to give a maximum resistance value. 

total spectral emissivity — See total emissivity. 

total telegraph distortion— Telegraph transmis- 
sion impairment expressed in terms of time displace- 
ment of mark-space and space-mark transitions from their 
proper positions and given in percent of the shortest per- 
fect pulse, called the unit pulse. 

total transition time — In a circuit, the time interval 
between the point of 10 percent input change and the 
point of 90 percent output change. It is equal to the sum 
of the delay time and rise (or fall) time. 

totem pole amplifier— A push-pull amplifier cir- 
cuit that provides a single-ended output signal without the 
use of a transformer. Used mainly in the output stages of 
transistor audio amplifiers. 

TO-3—A large metal IC housing, approximately 
1.5x 11 inch (3.8 x 2.5 cm) having up to eight pins. 
When properly heat-sinked, this case is used where high- 
power dissipation takes place. 

touch call — See pushdown dialing. 

touch control—A control circuit that actuates a 
circuit when two metal areas or a preselected area are 
bridged by one’s finger or hand. 

touchscreen—A_ touch-sensitive display screen, 
whereby users can interact with a computer and select 
options by simply pointing with a finger instead of using 
a pointing device such as a mouse. Typically used in a 
kiosk. 
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touch sensitivity — The sensitivity of a capacitance 
sensor at which the alarm device will be activated only 
if an intruder touches or comes in very close proximity 
(about 1 cm or 0.39 in) to the protected object. 

Touch-Tone —A service mark of the American 
Telephone and Telegraph Company that identifies its 
push-button (DMTR) dialing service. The signal form is 
multiple tones in the audio-frequency range. 


HIGH GROUP (Hz) 
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Touch-Tone dialing — Push-button telephone dial- 
ing in which the direct-current pulsing technique of the 
rotating dial is replaced by a combination of tones to 
provide proper automatic switching. 

Touch-Tone telephone set— Designation for a 
telephone set using a push-button multifrequency dial. 
Each digit consists of combining one lower frequency 
with one higher frequency, e.g., the digit 8 consists of 
combining 852 Hz and 1336 Hz. 

touch voltage — The potential difference between a 
grounded metallic structure and a point on the earth’s 
surface equal to the normal maximum horizontal reach 
(approximately 3 feet or 0.91 m). 

tourmaline — A strongly piezoelectric natural or syn- 
thetic crystal. 

tower— A structure usually used when an antenna 
must be mounted higher than 50 feet (15.24 m). 

tower loading —The load placed on a tower by its 
own weight, the weight of the wires and insulators with 
or without ice covering, the wind pressure acting on both 
the tower and the wires, and the tension in the wires. 

tower radiator — A metal tower structure used as a 
transmitting antenna. 

Townsend criterion —The relationship expressing 
the minimum requirement for breakdown in terms of the 
ionization coefficients. 

Townsend discharge — An electrical discharge in 
a gas at moderate pressure (above about 0.1 millimeter 
of mercury). It corresponds to corona, and is free from 
space charges. 

Townsend ionization coefficient — The average 
number of ionizing collisions made by an electron as it 
drifts a unit distance in the direction of an applied electric 
force. 

T-pad—A pad made up of resistance elements 
arranged in a T-network (two resistors inserted in one 
line, with a third between their junction and the other 
line). 

TP tape — See triple-play tape. 
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tr— 1. Abbreviation for transient response. 2. Abbre- 
viation for transmit-receive. 

trace — 1. The pattern on the screen of a cathode-ray 
tube. 2. Software used for extremely detailed testing of 
the validity of an application program or other software. 
Data is stored in RAM as a program executes; when 
the program halts, a predetermined number of steps are 
available for examination. 

traceability —1. Symbol identification that permits 
symbols to be traced throughout a software system. Also, 
continuity between program versions. See also auditing. 
2. The ability to track a manufactured item through the 
steps of its manufacture. 

trace interval — The interval corresponding to the 
direction of sweep used for delineation. 

trace line — The visible or recordable path traced on 
the screen of a CRT by a moving spot. 

tracer— |. A radioisotope that is mixed with a stable 
material to trace the material as it undergoes chemical and 
physical charges. 2. A thread of contrasting color woven 
into the insulation of a wire for identification purposes. 
3. In automatic machine control, a sensing element that 
is made to follow the outline of a contoured template and 
produce the desired control signals. 4. See signal tracer. 

trace routine — Special type of debugging routine 
that develops a sequential record of specified events in 
the execution of a program. 

tracer program — Analysis tool that searches pro- 
grams for unreachable (dead) code. 

trace width—The distance between two points on 
opposite sides of a trace on an oscilloscope at which 
luminance is 50 percent of maximum. If the trace departs 
from a well-behaved (approximately Gaussian) form, it 
should be smoothed for the purpose of measurement. 

tracing— The process of determining from what 
location in a telephone or computer network a call has 
originated. 

tracing distortion — The nonlinear distortion intro- 
duced in the reproduction of a mechanical recording when 
the curve traced by the reproducing stylus is not an exact 
replica of the modulated groove. 

tracing routine — See trace routine. 

track — 1. A path that contains reproducible informa- 
tion left on a medium by recording means energized from 
a single channel. 2. In electronic computers, that portion 
of a moving-type storage medium accessible to a given 
reading station (e.g., film, drum, tapes, disks). See also 
band, 3; channel, 3. 3. To follow a point of radiation to 
obtain guidance. 4. The path on the magnetic tape along 
which a single channel of sound is recorded. 5. One of the 
ring-shaped sequence of sectors defined on the magnetic 
surface of a disk or drum. A floppy disk has 77 tracks, 
numbered from O to 76. Tracks are arranged concentri- 
cally. 6. The actual line of movement of an aircraft or a 
rocket over the surface of the earth; a projection of the 
history of the flight path on the surface. 7. The trace of 
a moving target on a plan-position-indicator radar screen 
or an equivalent plot. See also tracking. 

trackability — How well the pickup system will track 
high amplitude and velocity modulation on a phonograph 
record at a given tracking weight. 

trackball — A data-entry device consisting of a sphere 
mounted in a small open-topped box. This sphere is hand 
operated by rotating it about either its x or y axis. The 
rotation is translated into digital data and stored in special 
input registers. The registers are then read by the host 
computer. The most common use of a trackball is in the 
control of cursor and tracking-symbol movements. It can 
also be used wherever it is desired to continuously vary 
display or process parameters. 
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track-command guidance —A missile guidance 
method in which both target and missile are tracked by 
separate radars and commands are sent to the missile to 
correct its course. 

track configuration— The number of separate 
recorded tracks that a machine can play or record. Thus, 
a two-track machine makes or plays two parallel tracks, 
each occupying slightly less than half the width of the 
tape. A four-track machine makes or plays four paral- 
lel tracks, two in the same playing direction on a two- 
channel machine, or four in the same playing direction 
on a quadraphonic machine. Monophonic machines can 
be full-track, half-track, or quarter-track. 

track-hold memory — A circuit that, in its track 
mode, develops an output that follows (ideally) the input 
exactly, or is proportional to it; and then, in its hold mode, 
maintains the output constant (ideally) at the value it had 
at the instant the circuit was commanded to change from 
track to hold. 

track homing — The process of following a line of 
position known to pass through an object. 

tracking — |. The process of keeping a radio beam, 
or the cross hairs of an optical system, set on a 
target — usually while determining the range of the target. 
2, The maintenance of proper frequency relationships in 
circuits designed to be simultaneously varied by ganged 
operations. 3. The accuracy with which the stylus of a 
phonograph pickup follows a prescribed path over the 
surface of the record. 4. The ability of a multigun tube 
to simultaneously superimpose information from each 
gun. Tracking error is the maximum allowable distance 
between the displays of any two guns. 5. The ability 
of an instrument to indicate at the division line being 
checked when energized by corresponding proportional 
values of actual end-scale excitation. 6. The intercon- 
necting of power supplies in such a manner that one 
unit serves to control all units in series operation. In 
this manner, the output voltage of the slave units fol- 
lows the variations of the master. 7. The difference at 
any shaft position between the output ratios of any two 
commonly actuated similar electrical elements expressed 
as a percentage of the single total voltage applied to them. 
8. The process of following the movement of a satellite 
or rocket by radar, radio, and photographic observations. 
9. The moving of a tracking symbol on the face of a 
CRT with a light-pen. The meaning can also be extended 
to include the movement of any graphical image on the 
screen, using any of the data entry devices. 10. The abil- 
ity of a power supply to maintain a fixed ratio between 
multiple outputs regardless of variations in line, load, or 
ambient temperature. In supplies with symmetrical plus- 
and-minus outputs, tracking maintains equal amplitudes 
of opposite polarity, referred to the common terminal. 
11. The accuracy of indication of an analog meter having 
a nonlinear scale. 

tracking accuracy—The ability to indicate at a 
division line being checked when a meter is energized 
by corresponding proportional values of actual end-scale 
excitation, expressed as a percentage of actual end-scale 
value. Tracking accuracy is usually within one and one- 
half times the rated full-scale accuracy of the meter. 

tracking antenna— A directional antenna system 
that automatically changes in position or characteristics 
to follow the motion of a moving signal source. 

tracking error— 1. In lateral mechanical recording, 
the angle between the vibration axis of the mechanical 
system of the pickup and a plane that contains the tangent 
to the unmodulated record groove and is perpendicular to 
the recording surface at the point of needle contact. 2. In 
horizontal recording, the angle between the body of a 
phonograph cartridge and the tangent of a groove at the 


791 


point of a stylus contact. Ideally the angle should be zero, 
but can be maintained at less than 0.5” per inch (0.19* per 
centimeter) of playing radius in a well-designed tonearm. 
Excessive error can cause increased distortion on heavily 
recorded passages, especially near the inner grooves of 
the record, 
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tracking filter — An electronic device that attenuates 
unwanted signals and passes the desired signal by the use 
of phase-lock techniques that reduce the effective band- 
width of the circuit and eliminate amplitude variations. 

tracking force—The downward force applied to 
a stylus by means of an adjustment on the tonearm. 
Sometimes specified as a recommended range or a single 
force, in grams. It is usually advisable to track near 
the upper rather than the lower suggested value, since 
distortional record damage from mistracking at too low 
a force is more objectionable than the slightly increased 
wear from the higher force. A large stylus has a large 
groove contact area, and thus can tolerate a higher 
tracking force. See also stylus force. 

tracking jitter — See jitter, 2. 

tracking range — Also called lock-in range. The 
range of input frequency about fo under which a phase- 
locked loop, once locked, will remain locked. This is a 
function of loop gain, since the phase detector output is 
bounded and can drive the oscillator only over a certain 
frequency range. The tracking range may be controlled, 
if desired, by limiting the input signal to the oscillator. 

tracking resistance — See arc resistance. 

tracking spacing — The distance between the center 
line of adjacent tracks on a recording tape. In the typical 
case of longitudinal tracks 50 mils (1.27 mm) wide, the 
tracking spacing is 70 mils (1.78 mm). 

tracking spot—-A moving spot used for target 
indication on a radar. 

tracking weight — The downward force of a pickup 
stylus that ensures optimum reproduction of recorded 
groove modulation with minimum wear of groove wall 
and stylus. 

track-while scan—A radar system utilizing elec- 
tronic-computer techniques whereby raw data is used to 
track an assigned target, compute target velocity, and 
predict its future position without interfering with the 
scanning rate. 

track width -—The width of the track on a record- 
ing tape, corresponding to a given record gap. The most 
common track widths encountered in longitudinal record- 
ing are 48 and 50 mils (1.22 and 1.27 mm), several such 
tracks being accommodated on a half-inch-wide (1.27 cm) 
tape. 

TRACON — Abbreviation for Terminal Radar App- 
roach Control. An air traffic control facility that is 
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responsible for areas designated as terminal control areas, 
the exact size of which differs depending on the facility, 
but typically extends to about 30 miles (48 kilometers) 
from the airport tower. 

tractive force — The force that a permanent magnet 
exerts on a ferromagnetic object. 

traffic — 1. Messages handled by communication or 
amateur stations. 2. The messages sent and received over 
a communication channel. 

traffic diagram — A chart or drawing that shows the 
movement and control of traffic over a communication 
system, 

traffic distribution — The routing by which commu- 
nications traffic passes through a terminal to a switchboard 
or dialing center. 

traffic-flow security — Protection of the contents of 
messages by transmitting an uninterrupted flow of random 
text over a wire or radio link, with no indication that 
an interceptor may be used to determine which portions 
of this steady stream constitute encrypted messages and 
which portions are nearly random filler. 

traffic forecast — Traffic level prediction on which 
communication system management decisions and engi- 
neering effort are based, 

trailer— 1. Tough, nonmagnetic tape spliced at the 
end of the recorded material on a tape that is expected 
to receive rough or frequent handling. Usually has one 
matte-finished surface for writing, and 1s often available 
in a variety of colors for coding purposes. See also leader. 

trailer record — A record that follows one or more 
records and contains information related to those records. 

trailers — Bright streaks at the right of large dark 
areas, or dark areas or streaks at the right of bright areas, 
in a televised picture. The usual cause is insufficient gain 
at low video frequencies. 

trailing blacks — See following blacks. 

trailing edge — The transition of a pulse that occurs 
last, such as the high-to-low transition of a high clock 
pulse. 

trailing-edge pulse time — The time at which the 
instantaneous amplitude last reaches a stated fraction of 
the peak pulse amplitude. 

trailing reversal — See following blacks; following 
whites. 

trailing whites — See following whites. 

train—A sequence of units of apparatus linked 
together to forward or complete a telephone call. 

trainer—1. The representation of an operating 
system by computers and its associated equipment and 
personnel. 2. Electronic equipment used for training 
operators of radar or sonar apparatus by simulating signals 
received under operating conditions in the field. 

train time—The period required for synchronous 
modems used on two- or four-wire leased lines to equalize 
the line and recover timing from the received data. This 
time, which applies primarily to full-duplex initialization, 
is especially important for multipoint operations. For 
either two- or four-wire circuits, actual transmission 
and reception cannot occur until both receiving and 
transmitting modems are synchronized. Train time is often 
referred to as RTS/CTS delay or poll response. It varies 
from 8.5 to about 40 ms. Faster modems use longer 
equalization times, and have longer train times. 

tramlines —A pattern on an A-scope appearing as a 
number of horizontal lines above the daseline. The effect 
is produced by a continuous wave modulated with a low- 
frequency signal. 

trans — Abbreviation for transmitter. Also abbrevi- 
ated xmtr or xmitter. 

transaction file —In a computer, a file containing 
information relating to current activities or transactions. 
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transaction processing—A processing method 
in which transactions are executed immediately after 
they are received by the computer. The largest single 
application for fault-tolerant computers, which involves 
repetitive, typically financial, tasks in banking, stock 
trading, and the like. 

transadmittance — From one electrode to another, 
the alternating components of the current of the second 
electrode divided by the alternating component of the 
voltage of the first electrode, all other electrode voltages 
being maintained constant. As most precisely used, the 
term refers to infinitesimal amplitudes. 

transceiver — The combination of radio transmitting 
and receiving equipment in a common housing, usually 
for portable or mobile use and employing some common 
circuit components for both transmitting and receiving. 

transceiving data link — Integrated data processing 
by means of punched cards, using transceivers as terminal 
equipment. The transmission path can be wire or radio. 

transconductance — Symbolized g,,. Also called 
mutual conductance. An electron-tube rating equal to the 
change in anode current divided by the change in grid 
voltage causing the anode-current change. The unit of 
transconductance is the siemens; a more commonly used 
unit is the microsiemens (107° siemens). 

transconductance amplifier— An amplifier that 
supplies an output current proportional to its input voltage. 
From its output terminals the amplifier appears to be a 
current source with a high output impedance Z,. Its input 
impedance Zin >> Z, and the output impedance Z, > Zi, 
where Z, and Z; are the source and load impedances. 

transconductance meter — Also called a mutual- 
conductance meter. Án instrument for indicating the 
transconductance of a grid-controlled electron tube. 

transconductance tube tester— Also called a 
mutual-conductance or dynamic mutual-conductance tube 
tester. A tube tester with circuits set up in such a manner 
that the test is made by applying an ac signal of known 
voltage to the control grid, and the tube amplification 
factor or mutual conductance is measured under dynamic 
operating conditions. 

transconductor— An active or passive network 
whose short-circuit output current is a specific, accurately 
known, linear or nonlinear function of the input voltage, 
thereby establishing a predetermined relationship between 
input voltage and output current. 

transcribe — 1. To copy, with or without translating, 
from one external storage medium of a computer to 
another. 2. To copy from a computer into a storage 
medium or vice versa. 

transcriber — Equipment associated with a comput- 
ing machine for the purpose of transferring input or output 
data from a record of information in a given language to 
the medium and language used by a digital computing 
machine, or from a computing machine to a record of 
information. 

transcription— 1. An electrical recording (e.g., a 
high-fidelity, 33 '/-rpm record) containing part or all of 
a (radio) program. It may be either an instantaneous 
recording disc or a pressing. 2. A phonograph record, 
especially the 33'4-rpm 16-inch (40.6-cm) record, used 
to record broadcast programs. 

transdiode — A transistor so connected that the base 
and collector are actively maintained at equal potentials, 
although not connected together. The loganthmic transfer 
relationship between collector current and base-emitter 
voltage very closely approximates that of an ideal diode. 

transducer — 1. A device that when actuated by sig- 
nals from one or more systems or media can supply 
related signals to one or more other systems or media, 
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2, A device, component, machine, system, or combination 
of these that converts energy from one form to another. 
The energy may be in any form, such as electrical, 
mechanical, acoustical, etc. The term transducer is often 
restricted to a device in which the magnitude of an applied 
stimulus is converted into an electrical signal proportional 
to the quantity of the stimulus. 3. A device used to con- 
vert physical parameters, such as temperature, pressure, or 
weight, into electrical signals. 4. A device that converts 
information from one physical form to another. Exam- 
ples include the phono cartridge (mechanical to electrical), 
speaker (electrical to acoustical), and microphone (acous- 
tical to electrical), 5. A force-measuring device. It has the 
characteristics of providing an output, usually electrical, 
that serves as the measurement of load, force, compres- 
sion, pressure, etc., when placed along the sensitive axis 
of the force cell. 6. An electromechanical device for trans- 
lating a physical quantity such as pressure, temperature, 
displacement, acceleration, etc., into a proportional elec- 
trical quantity, such as voltage or current. 7. A device that 
converts somcthing measurable into another form; often, a 
physical property such as temperature or flow into an elec- 
trical signal. Frequently used interchangeably with sensor. 

transducer-coupling system efficiency — The 
power output at the point of application, divided by the 
electrical power input into the transducer. 

transducer efficiency — Ratio of the power output 
to the electrical power input at the rated power. 

transducer equivalent noise pressure (of an 
electroacoustic transducer or system used 
for sound reception) — Also called equivalent noise 
pressure. For a sinusoidal plane-progressive wave, the rms 
sound pressure that, if propagated parallel to the principal 
axis of the transducer, would produce an open-circuit 
signal voltage equal to the rms of the inherent open- 
Circuit noise voltage of the transducer in a transmission 
band having a bandwidth of 1 hertz and centered on the 
frequency of the plane sound wave. 

transducer gain-—Ratio of the power that the 
transducer delivers to the load under specified operating 
conditions to the available power of the source. 

transducer insertion loss — See insertion loss. 

transducer loss— Ratio of the available power of 
the source to the power that the transducer delivers to the 
load under specified operating conditions. 

transducer pulse delay-—The interval of time 
between a specified point on the input pulse and on its 
related output pulse. 

transfer — 1. To transmit, or copy, information from 
one device to another, 2. To jump. 3. The act of trans- 
ferring. 4. In electrostatography, the act of moving a 
developed image, or a portion thereof, from one sur- 
face to another without altering its geometrical config- 
uration (e.g., by electrostatic forces or by contact with an 
adhesive-coated surface). 5. In a computer, to terminate 
one sequence of instructions and start another. 

transfer accuracy — The input-to-output error as a 
percentage of the input. Transfer accuracy depends on the 
source impedance, switch resistance, load impedance if 
the multiplexer is not buffered, and the signal frequency. 

transfer admittance — 1. The complex ratio of the 
current at the second pair of terminals of an electrical 
transducer to the clectromotive force applied between the 
first pair, all pairs of terminals being terminated in any 
specified manner. 2. The reciprocal of transfer impedance. 

transfer characteristic — 1. The relationship, usu- 
ally shown by a graph, between the voltage of one 
electrode and the current to another electrode, all other 
electrode voltages being maintained constant. 2, The char- 
acteristics pertaining to the degree of output activity for 
an input stimulus, or vice versa. 3. Function that when 


current flow is used in all circuits. 


Later in this book, you see that many 
semiconductor devices have a symbol that 
contains an arrowhead pointing In the 
direction of conventional current flow. 

Questions 


A. Draw arrows to show the current flow in 
Figure 1.1 . The symbol for the battery shows 
its polarity. 
Figure 1.1 


B. What indicates that a potential difference IS 
present? —_—__—_ <  —ć —ć 
C. What does the potential difference cause? 


D. What will happen if the battery IS 
reversed? — —_— —ć —ć —ć 

Answers 

A. See Figure 1.2 . 

Figure 1.2 
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multiplied by an input magnitude will give a resulting out- 
put magnitude. 4. Relation between the illumination on a 
camera tube and the corresponding output-signal current, 
under specified conditions of illumination. 

transfer charge —The net electric charge moved 
from one terminal of a capacitor to another through an 
external circuit. 

transfer check— In a computer, verification of 
transmitted data by temporarily storing, retransmifting, 
and comparing. Also a check to see if the transfer or 
jump instruction was properly performed. 

transfer circuit — A circuit that connects communi- 
cation centers of two or more separate networks in order 
to transfer the traffic between the networks. 

transfer constant — Also called the image-transfer 
constant. One-half the natural logarithm of the complex 
ratio of the voltage times current entering a transducer 
to that leaving the transducer when it is terminated in its 
image impedance. 

transfer contact — See break-make contact. 

transfer control — See jump. 

transfer current — The starter-gap current required 
to cause conduction across the main gap of a glow- 
discharge cold-cathode tube. 

transfer efficiency — The percentage of total charge 
that is transferred in a charge-coupled device from one 
position to another during readout. 

transfer factor—Number relating the input and 
output currents of a transducer. See propagation cons- 
tant, 2. 

transfer function—-1. A characterization of a 
system (for example, mechanical structure of filter) by 
determining how the system responds to input energy 
at different frequencies. It may be measured by one 
of three methods: (a) applying a single sine wave and 
measuring the response to that sine wave, then varying the 
frequency of the sine wave and noting the change in the 
system’s response, (b) applying specially shaped random 
noise (many frequencies simultaneously) and observing 
the system response, or (c) applying an impulse (also 
containing a broad range of frequencies). The transfer 
function can be derived by dividing the cross-spectral 
density ky the power spectral density of the input or 
driven signal. 2. A mathematical expression that describes 
the relationship between the values of a set of conditions 
at two different times, typically at the beginning and 
end of a process. 3. The mathematical expression that 
relates the output and input of any characteristics of a 
filier as a function of frequency. The function usually 
is complex and therefore usually contains components 
corresponding tc both attenuation and phase. 4. The 
mathematical expression of the relationship between a 
simple scale factor, representing the effects of any linear 
transmitting or recording medium when a waveform is 
evaluated as frequency components, and the frequency. 

transfer-function analyzer— An instrument that 
measures the amplitude and phase response of the output 
of a circuit relative to the input over a range of frequen- 
cies. 

transfer impedance — Ratio of the potential differ- 
ence applied at one pair of terminals of a network to the 
resultant current at another pair of terminals (all terminals 
being terminated in any specified manner). 

transfer instruction — An instruction, signal, or 
operation that conditionally or unconditionally specifies 
the location of the next instruction and directs a computer 
to that instruction. 

transfer loss — See coupling loss. 

transfer operation— 1. An operation that moves 
data from one storage location or one storage medium 


transfer charge — transformer-coupled amplifier 


to another. Transfer is sometimes taken to refer specif- 
ically to movement between different media; storage to 
movement within the same medium. 2. In a computer, 
transferring information from an accumulator to mem- 
ory, or from memory to an accumulator; pushing into or 
popping out of the stack; or moving information to the 
program counter, stack pointer, etc. 

transfer rate — The rate at which a transfer of data 
between the computer registers and storage, input, or 
output devices may be performed. It is usually expressed 
as a number of characters per second. 

transfer ratio—From one point to another in a 
transducer at a specified frequency, the complex ratio of 
the generalized force or velocity at the second pcint to 
that applied at the first point. 

transferred charge — The net electric charge moved 
from one terminal of a capacitor to another through an 
external circuit. 

transferred charge characteristic — The mathe- 
matical function that relates transferred charge to capaci- 
tor voltage. 

transfer switch — A form of air switch arranged so 
that a conductor connection can be transferred from one 
circuit to another without interrupting the current. 

transfer time — 1. The time required for a transfer 
to be made in a digital computer. 2. In a relay, the total 
time — after contact bounce has ceased—between the 
breaking of one set of contacts and the making of another. 

Transfluxor—A trade name (RCA) for a binary 
magnetic core having two or more openings. Control 
of the transfer of magnetic flux between the three or 
more legs of the magnetic circuits provides ways to store 
information, gate electrical signals, etc. 

transform— 1. To convert a current or voltage 
from one magnitude to another, or from one type 
to another, 2.In digital-computer programming, to 
change information in structure or composition without 
significantly altering the meaning or value. 3. To pass 
through a transformer. 4. To change data or equations 
from rectangular to polar coordinates, or vice versa. 

transformation point-—The temperature at which 
an alloy or metal changes from one crystal state to another 
as it heats or cools. 

transformation ratio — The ratio between electrical 
output and input under certain specified conditions. 

transformer — |. An electrical device that, by elec- 
tromagnetic induction, transforms electric energy from 
one or more circuits to one or more other circuits at the 
same frequency, but usually at a different voltage and cur- 
rent value. 2. An electrical device that changes voltage in 
direct proportion to the ratio of the number of turns of its 
primary and secondary windings. 
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Air core. iran core. 


Transformer. 


transformer build —The amount of window area 
used in constructing a transformer. 

transformer-coupled amplifier— An amplifier 
whose stages are coupled together by transformers. 
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transformer-coupled solid-state relay — A relay 
in which the control is applied to the primary of a low- 
power transformer, and the resulting secondary voltage 
triggers the thyristor switch to the load. 

transformer coupling—Use of a transformer 
between stages of an amplifier, ¡.e., to connect the anode 
circuit of one stage to the grid circuit of the following 
stage. 

transformerless receiver —A receiver in which 
the power-line voltage is applied directly to series- 
connected tube heaters or filaments and to a rectifier 
circuit instead of first being stepped up or down in voltage 
by a power transformer. 

transformer load loss— Losses in a transformer 
that are incident to the carrying of the load. Load losses 
include J*R loss in the windings due to load current, stray 
loss due to stray fluxes in the winding core, clamps, etc., 
and to circulating current, if any, in parallel windings. 

transformer loss — Expressed in decibels, the ratio 
of the signal power that an ideal transformer of the same 
impedance ratio would deliver to the load impedance to 
the signal power delivered by the actual transformer. 

transformer oil—A high-quality insulating oil 
in which windings of large power transformers are 
sometimes immersed to provide high dielectric strength, 
insulation resistance, and flash point, plus frecdom from 
moisture and oxidation. 

transformer read-only store—%In computers, a 
type of read-only store in which the presence or absence 
of mutual inductance between two circuits is the condition 
that determines whether a binary 1 or 0 is stored. 

transformer vault— An isolated enclosure, either 
above or below ground, with fire-resistant walls, ceiling, 
and floor for unattended transformers and their auxiliaries. 

transformer voltage ratio—The ratio of the 
root-mean-square primary terminal voltage to the root- 
mean-square secondary terminal voltage under specified 
conditions of load. 

transforming section — A length of waveguide or 
transmission line of modified cross section, or with a 
metallic or dielectric insert, used for impedance trans- 
formation. 

transhybrid loss— 1. The transmission loss at a 
given frequency measured across a hybrid circuit when 
connected to a given two-wire termination and balancing 
network. 2. The loss (isolation) between the transmit and 
receive branches of a four-wire line. Transhybrid loss is 
directly dependent on the degree of balance between the 
two-wire line and its balancing network. 

transient — 1. A phenomenon caused in a system by 
a sudden change in conditions, and which persists for a 
relatively short time after the change. 2. A distinct line 
or series of lines perpendicular to the direction of scan- 
ning produced in the recorded copy immediately follow- 
ing a sudden change in density. 3. A momentary surge 
on a signal or power line. It may produce false signals 
or triggering impulses and cause insulation or compo- 
nent breakdowns and failures. 4. Signal component of 
fast-rising leading side and usually of short duration. 
5. A pulse, damped oscillation, or other temporary phe- 
nomenon occurring in a circuit or system. 6. Intermediate 
unstable state. 7. A change in a variable that disappears 
during transition from one steady-state operating condi- 
tion to another. 8. Signals that exist for a brief period 
prior to the attainment of a steady-state condition. May 
include overshoots, damped sinusoidal waves, etc. 

transient analyzer — An electronic device for repeat- 
edly producing a succession of equal electric surges of 
small amplitude and of adjustable waveform in a test cir- 
cuit and presenting this waveform on the screen of an 
oscilloscope. 


transient behavior — In a power supply, the general 
attitude of response in terms of amplitude and time. 

transient distortion— 1. Distortion due to the 
inability of a system to reproduce or amplify transients 
linearly. 2. Distortion of a transient signal component 
such as produced by resonance and lack of damping, the 
effect being overshoot or ringing following the fast-rising 
leading side of the signal component. 

transient intermodulation distortion — Abbre- 
viated TIM 1. Distortion that occurs in an amplifier 
having a large amount of negative feedback in its main 
feedback loop and a certain amount of time or phase 
delay between the input and output signals. If a very fast 
transient musical signal or pulse is fed to such amplifiers, 
the feedback needed to reduce the amplitude of that signal 
at the input (and later) stages arrives too late, and an 
overload or momentary clipping occurs. At the instant 
of such clipping, other program-signal elements are also 
distorted or even obliterated. 2. Intermodulation distortion 
that occurs only momentarily during brief transients or 
signal peaks. 

transient magnistor — A high-speed saturable reac- 
tor in which an alternating electric current in the form of 
a sine-wave carrier or pulses is passed through a signal 
winding and modulated by variations of current passing 
through a control coil. 

transient motion — Any motion that has not reached, 
or has ceased to be, a steady state. 

transient oscillation-—A momentary oscillation 
that occurs in a circuit during switching. 

transient overshoot — The largest transient devi- 
ation of the measured quantity following the dynamic 
crossing of the final value as a result of the application 
of a specified stimulus. 

transient peak-inverse voltage — Under specified 
conditions, the maximum allowable instantaneous value 
of nonrecurrent reverse (negative) voltage that may be 
applied to the anode of an SCR with the gate open. 

transient phenomena — Rapidly changing actions 
occurring in a circuit during the interval between closing 
of a switch and settling to steady-state conditions, or any 
other temporary actions occurring after some change in a 
circuit or its constants. 

transient recovery time— Also called recovery 
time, transient response time, or response time. 1. The 
interval between the time a transient deviated from 
a specified amplitude range and the time it returns 
and remains within the specified amplitude range. The 
amplitude range is centered about the average of the 
Steady-state values that exist immediately before and 
after the transient. 2. The time required for the output 
voltage of a power supply to come back to within a level 
approximating the normal dc output following a sudden 
change in load current. 

transient regulation — The degree of freedom of a 
system from variations in voltage and frequency caused 
by sudden changes, operational switching, emergency 
system faults, power transfers, etc. 

transient response — |. The transient of a depen- 
dent variable resulting from an abrupt change of an inde- 
pendent variable with all other variables constant. 2. Also 
called step-function response. Commonly, the charac- 
teristic response of a system to a unit sweep or unit 
impulse. The elements of transient response most com- 
monly specified are rise time, fall time, overshoot, under- 
shoot, preshoot, and ringing. 3. (Input line changes) The 
transient of an output variable (voltage, current, or power) 
of an electronic power supply resulting from an abrupt 
specified change of input line voltage, with all other con- 
ditions held constant. 4. (Load changes) The transient 
of an output variable (voltage, current, or power) of an 
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electronic power supply resulting from an abrupt spec- 
ified change of load, with all conditions held constant. 
5. Ability to respond to percussive signals cleanly and 
instantly. 6. The ability of an amplifier or transducer to 
handle and faithfully reproduce rapid changes in signal 
amplitudes. A very short rise time is a measure of this 
characteristic. 7. The closed-loop step function response 
of an amplifier under small-signal conditions. 8. The abil- 
ity of an amplifier, microphone, or speaker to follow 
sudden changes in signal levels. 

transient response time — See transient recovery 
time. 

transient state — The condition in which a variable 
temporarily behaves in ar erratic manner instead of 
changing smoothly and predictably. 

transistance — 1. The characteristic of an electrical 
e‘ement that makes possible the control of voltages, cur- 
rents, or flux so as to produce gain or switching action in 
a circuit, Examples of the physical realization of transis- 
tance occur in transistors, diodes, and saturable reactors. 
2. An electronic characteristic exhibited in the form of 
voltage or current gain or in the ability to control] voltages 
or currents in a precise and nonlinear manner. (Examples 
of parts showing transistance: transistors, diodes, vacuum 
tubes.) 3. A function of transistors. An electrical prop- 
erty that causes applied voltage to create amplification or 
accomplish switching. 

transistor— =. An active semiconductor device hav- 
ing three or more electrodes and capable of performing 
almost all the functions of tubes, including rectification 
and amplification. Germanium and silicon are the main 
materials used, with impurities introduced to determine 
the conductivity type (n-type has an excess of free elec- 
trons; p-type, a deficiency). Conduction is by means of 
electrons (elementary particles having the smallest neg- 
ative electrical charge that can exist) and holes (mobile 
electron vacancies equivalent to a positive charge). 2. A 
tiny chip of crystalline material, usually silicon, that 
amplifies or switches electric current. It is a three-terminal 
semiconductor device. A small current (base current) 
applied to one terminal can control a larger current (col- 
lector current) between the cther two terminals. For ele- 
mentary purposes, a transistor can be looked at as a 
resistor whose value can be changed from a high to a 
low value by applying a current to the base lead. 3. A 
three-terminal active semiconductor device that provides 
current amplification. A bipolar transistor is comprised 
of base, emitter, and coilector and is a current-controlled 
device with a low input impedance. A field-effect transis- 
tor has gate, source, and drain electrodes and is a high- 
impedance, voltage-controlled device. The first transistor 
was invented at Beil Laboratories in 1947 by Nobel-Prize 
physicists John Bardeen, William Shockley, and Walter 
Bratain. 
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transistor action— The physical mechanism of 
amplification in a junction transistor. 

transistor amplifier— An amplifier in which the 
required amplification is produced by one or more tran- 
Sistors. 

transistor base -—The region between an emitter 
and a collector of a transistor, into which minority carvers 
are injected. 

transistor chip— An unencapsulated transistor ele- 
ment of very small size used in microcircuits. 

transistor dissipation—The power dissipated in 
the form of heat by the collector. The difference between 
the power supplied to the collector and the power 
delivered by the transistor to the load. 

transistorized — Pertaining to equipment or a design 
in which transistors instead of vacuum tubes are used. 

transistor oscillator— An oscillator that uses a 
transistor in place of an electron tube. 

transistor-outline metal-can package — Abbre- 
viated TO can. A type of package that resembles a 
transistor can, but generally is larger and has more leads. 
The pins are arranged in a circular pattern in the base. 
This type of package is often used for MSI, LSI, and 
MOS ICs. 

transistor parameters — The performance charac- 
teristics of a transistor or class of transistors. 

transistor pentode—A transistor designed for 
mixing, modulating, or switching and contaming the 
equivalent of three emitters, a base, and a collector. 

transistor radio— A radio receiver that uses tran- 
sistors in place of electron tubes. 

transistor region — The region around a pn junction 
in which the majority carriers from each side of the junc- 
tion diffuse across it to recombine with their respective 
counterparts. 

transistor-resistor logic — Abbreviated TRL. An 
early form of logic-circuit design that was employed prior 
to the advent of monolithic circuits. The input elements 
are resistors; however, unlike RTL there is only one active 
output transistor. In discrete circuit designs, this logic 
form was the least expensive since it required a minimum 
number (one) of active devices. 

transistor seconds — Also called fallouts. Those 
transistors that remain after the firsts (units meeting 
rigid specifications for a specific application) have been 
removed from the production line. 

transistor symbols— Symbols used to represent 
transistors on schematic diagrams. 
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transistor testers——Equipmeni and instruments 
that detect or measure leakage current, breakdown volt- 
age, gain, or saturation voltage. Some testers are computer 
operated. 

transistor-transistor logic — Abbreviated TTL or 
T?L. Also called multiemitter transistor logic. 1. A logic- 
circuit design similar to DTL, with the diode inputs 
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replaced by a multiple-emitter transistor. In a four-input 
DTL gate, there are four diodes at the input. A four-input 
TTL gate will have four emitters of a single transistor 
as the input element. TTL gates using npn transistors are 
positive-level NAND gates or negative-level NOR gates. 
2. A relatively high-speed and inexpensive bipolar logic 
circuit most commonly used in today’s logic designs. 
3. Any logic gate circuit that uses a multiemitter npn tran- 
sistor to perform the positive AND function, followed 
by one or more transistors to add power to (and possi- 
bly invert) the output. Operating speed is generally faster 
than that of DTL. 4. A widely used form of semicon- 
ductor logic. Its basic logic element is a multiple-emitter 
transistor. TTL is characterized by fairly high speed and 
medium power dissipation. 

transit angle—The product of angular frequency 
and the time taken for an electron to cross a given path. 

transition— 1. The process in which a quantum- 
mechanical system makes a change between energy lev- 
els. During this process, energy is either emitted or 
absorbed, usually in the form of photons, phonons, or 
kinetic energy of particles. Transitions that involve pho- 
tons alone are called direct radiative transitions, whereas 
those that require a combination of a photon and a phonon 
are called indirect transitions. 2. The instance of chang- 
ing from one state (such as a positive voltage) to a second 
state (such as a negative voltage) in a serial transmission. 

transitional function—A transfer function that 
represents a compromise made between the classical types 
of functions (Tchebychev, Butterworth, Gaussian, etc.) as 
a result of the fact that each classical function has certain 
advantages and disadvantages. In general, however, better 
functions than the transistional functions are available if 
the transfer function is optimized with respect to its own 
particular requirement. 

transition band— The range of frequencies that 
bound a passband/stopband interface. 

transition card —A card that signals the computer 
that the reading-in of a program has ended and that the 
carrying out of the program has started. 

transition counts —A particular digital signature 
used in logic-board testing. 

transition element — An element used for coupling 
different types of transmission systems, e.g., for coupling 
a coaxial line to a waveguide. 

transition error—In an encoder, the difference 
between the shaft angle at which a code-position change 
should occur and the angle at which it actually does occur. 

transition factor — See reflection factor, 1. 

transition frequency — Also called crossover fre- 
quency. |. In a disc-recording system, the frequency cor- 
responding to the point of intersection of the asymptotes 
to the constant-amplitude and the constant-velocity por- 
tions of its frequency-response curve. This curve is plotted 
with output-voltage ratio in decibels as the ordinate, and 
the logarithm of the frequency as the abscissa. 2. In a tran- 
sistor, the product of the magnitude of the small-signal, 
common-emitter, forward-current transfer ratio times the 
frequency of measurement when this frequency is high 
enough that the magnitude is decreasing with a slope of 
approximately 6 dB per octave. 

transition layer — See transition region, 1. 

transition-layer capacitance —See depletion- 
layer capacitance. 

transition loss— At any point in a transmission 
system, the ratio of the available power from that part 
of the system ahead of the point under consideration to 
the power delivered to that part of the system beyond the 
point under consideration. 
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transition oscillator — A negative-transconductance 
oscillator employing a pentode tube with a capacitor con- 
nected between the screen and suppressor grids. The sup- 
pressor grid periodically divides the current between the 
screen grid and anode, thereby producing oscillations. 

transition point—A point at which the circuit 
constants change in such a way that a wave being 
propagated along the circuit is reflected. 

transition region — |. Also called transition layer. 
The region, between two homogeneous semiconductor 
regions, in which the impurity concentration changes. 
2. The area, between the passband and the stopband, in 
which the attenuation of a filter is neither great nor small. 
The narrower the transition region, the more difficult is the 
design of the filter. 3. The region around a pn junction in 
which the majority carriers of each side diffuse across the 
junction to recombine with their respective counterparts. 

transition temperature — The temperature below 
which the electrical resistance of a material becomes too 
small to be measured. 

transition time— The time required for a voltage 
change from one logic level to the opposite level, as 
measured between specified points on the transition 
waveform. The transition times from high to low level 
and from low to high level generally are different. 

transitron — A thermionic tube circuit whose action 
depends on the negative transconductance of the suppres- 
sor grid of a pentode with respect to the screen grid. 

transit time — 1. The time taken for a charge carrier 
to cross a given path. 2. The average time a minority 
carrier takes to diffuse from emitter to collector in a 
junction transistor. 3. The time an electron takes to cross 
the distance between the cathode and anode. 

transit-time mode — A condition of oscillator oper- 
ation, corresponding to a limited range of drift-space 
transit angle, for which the electron stream introduces a 
negative conductance into the coupled circuit. 

translate — 1. To change computer information from 
one language to another without significantly affecting 
the meaning. 2. To change one binary word to another, 
or to change to a different pair of binary signal levels, 
for the purpose of achieving compatibility between parts 
of a system. 3. To transform information in a way that 
preserves meaning, i.e., from one code to another or from 
one language to another. 

translation ——The conversion of a message to a 
different set of symbols. For example, in instrumentation, 
the changing of conventional algebraic expressions into 
machine language for computer programming. 

translational morphology —The structural char- 
acterization of an electronic component in which it is 
possible to identify the areas of patterns of resistive, con- 
ductive, dielectric, and active materials in or on the sur- 
face of the structure with specific corresponding devices 
assembled to perform an equivalent function. 

translation frequency — The 2220-MHz (2.2-GHz) 
frequency difference between an uplink and a downlink 
signal of a satellite TV system. 

translation loss— Also called playback loss. The 
loss in the reproduction of a mechanical recording, 
whereby the amplitude of motion of the reproducing 
stylus differs from the recorded amplitude in the medium. 

translator— 1. A device that transforms signals from 
the form in which they were generated into a useful form 
for the purpose at hand. 2. A television receiver and low- 
power transmitter that receives television signals on one 
channel and retransmits them on another channel (usually 
a UHF channel) to valleys and like areas that cannot 
receive the direct signals. 3. In telephone equipment, 
the device that converts dialed digits into call-routing 
information. 4. In electric computers, a network or system 
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that has a number of inputs and outputs and is connected 
so that input signals representing information expressed 
in a certain code result in output signals that represent the 
input information in a different code. 5. A generic term 
for any system that converts one language into another. 

translator package—A computer program that 
allows a user program (in binary) to be converted into a 
usable forra for computer manipulation. See also program 
assembly. 

transliterate —To change the characters of one 
alphabet to the corresponding characters of another 
alphabet. 

translucent— Partially transparent. In optics the 
notion of imperfect, or diffused, light transmission 1s gen- 
erally implicd. Thus, a translucent material may conduct 
light but not clear images. 

transmissibility — Ratio of the response amplitude 
of the system in steady-state forced vibration to the 
excitation amplitude. The ratio may be between forces, 
displacements, velocities, or accelerations. 

transmission — |. Conveying electrical energy from 
point to point along a path. 2. The transfer of a signal, 
message, or other form of intelligence from one place 
to another by electrical means. 3. The dispatching of a 
signal, message, or other form of intelligence by wire, 
radio, telegraphy, telephony, facsimile, or other means; 
the signaling of data over communications channels. 4. A 
series of characters, messages, or blocks, including control 
information and user data, sent over a communication 
channel. 

transmission anomaly—The difference, in deci- 
bels, between the total loss in intensity and the reduction 
in intensity that would be due to an inverse-square diver- 
gence. 

transmission band—tThe range of frequencies 
above the cutoff frequency of a waveguide, or the 
comparable useful frequency range for any other type of 
transmission device. 

transmission cable — |. Two or more transmission 
lines. If the structure is flat, it is sometimes called 
flat transmission cable to differentiate it from a round 
structure, such as a jacketed group of coaxial cables. See 
transmission line. 2. A signal-carrying circuit composed 
of conductors and dielectric material with controlled 
electrical characteristics, used for the transmission of 
high-frequency or narrow-pulse type signals. 

transmission coefficient—For a transition or 
discontinuity between two transmission media at a given 
frequency. the ratio of some quantity associated with 
the transmitted wave at a specified point in the second 
medium to the same quantity associated with the incident 
wave at a specified point in the first medium. 

transmission facility — 1. The transmission medium 
and all the associated equipment required to transmit a 
message. 2. Cable and/or radio facility constituting inter- 
switch trunks and subscriber access lines. 

transmission factor— Ratio of flux transmitted to 
flux incident. Inverse of opacity. 

transmission function—The ratio of the output 
voltage to the input yoltage of a filter expressed in terms 
of magnitude and phase (or delay). 

transmission gain — |. See gain. 2. The increase in 
the power of an electrical signal from one point in the 
circuit to another. 

transmission gate — The solid-state equivalent of a 
relay, having terminals that are connected to each other 
or not depending on the application of a separate control 
voltage. (In CMOS logic it is bidirectional.) 

transmission level — The level of signal power at 
any point in a transmission system. It is equal to the ratio 
oí the power at that point to the power at some point 
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in the system chosen as a reference point. This ratio is 
usually expressed in decibels. 

transmission line — 1. A material structure forming 
a continuous path from one place to another, and used 
for directing the transmission of electromagnetic energy 
along this path. 2. A conductor or series of conductors 
used for conveying electrical energy from a source to 
a load. 3. One or more insulated conductors arranged 
to transmit electrical energy signals from one locality 
to another. 4. A signal-carrying circuit with controlled 
electrical characteristics usec to transmit high-frequency 
or narrow-pulse signals. 

transmission-line coupler — A coupler that allows 
the passage of electric energy in either direction between 
balanced and unbalanced transmission lines. 

transmission-line loss — 1. The difference in the 
amount of energy delivered at the output of a transmitter 
and the amount of energy absorbed by the antenna. 
For example, if a transmitter delivers 3 watts and the 
transmission line (coaxial cable) loss is 1 dB. the antenna 
will absorb approximately 2.4 watts since 20 percent of 
the available power is lost in the transmission line. 2. The 
power lost when a radio signal is fed from the antenna to 
the receiver through coaxial cable; expressed in decibels. 

transmission-line-tuned frequency meter — A 
frequency meter using a tuned length of wire or a coaxial 
cavity as the frequency-determining element. 

transmission link — The path over which informa- 
tion flows from sender to receiver. 

transmission loss — The decrease or loss in power 
during transmission of energy from one point to another. 
Usually expressed in decibels. 

transmission measuring set—A measuring 
instrument comprising a signal source and a signal 
receiver having known impedances, for measuring the 
insertion loss or gain of a network or transmission path 
connected between those impedances. 

transmission mode — A form of waveguide propa- 
gation along a transmission line characterized by the pres- 
ence of transverse magnetic or transverse electromagnetic 
waves. Waveguide transmission modes are designated by 
integers (modal numbers) associated with the orthogonal 
functions used to describe the waveform. These integers 
are known as waveguide-mode subscripts. They may be 
assigned from observations of the tranverse field compo- 
nents of the wave and without reference to mathematics. 

transmission modes — Simplex transmission goes 
only one way; simplex with back-channel, one way with 
limited talk-back handshaking. Half-duplex transmission 
is bidirectional but in one direction at a time; full-duplex 
is simultaneously bidirectional. 

transmission modulation— Amplitude modula- 
tion of the current in the reading beam of a charge-storage 
tube as the beam passes through aperatures in the storage 
surface. The degree of modulation depends on the stored 
charge patiern. 

transmission primaries — The set of three pri- 
maries, either physical or nonphysical, each chosen to 
correspond in amount to one of the three independent 
signals contained in the color-picture signal. The I, Q, 
and Y signals. 

transmission regulator — A device that maintains 
the transmission substantially constant over a system. 

transmission response — The conversion of elec- 
trical energy traveling at the speed of light to sonic energy 
traveling at the speed of sound. 

transmission security — That part of communica- 
tions security resulting frora all measures intended for 
protection of transmissions from unauthorized intercep- 
tion, traffic analysis, and imitative deception. 
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transmission selective — The transmission of elec- 
tromagnetic energy at wavelengths other than those that 
are reflected or absorbed. 

transmission speed — The number of information 
elements sent per unit time, usually expressed as bits, 
characters, word groups, or records per second or per 
minute. 

transmission system— l. An assembly of ele- 
ments capable of functioning together to transmit signal 
waves. 2. One of two broad groups of communication 
means, distinguished by their information-carrying band- 
width and referred to as either wideband or narrow- 
band transmission systems. The wideband system includes 
tropospheric scatter radio relay and submarine cables, 
and has an information bandwidth of more than four 
voice-frequency (3 to 4 kHz bandwidth) channels. The 
narrow-band system includes high-frequency radio (sin- 
gle sideband, amplitude modulated, ionospheric scatter) 
and landlines, and has an information-carrying bandwidth 
of four voice channels or less. 

transmission time— The absolute time interval 
between transmission and reception of a signal. 

transmission-type frequency meter—A fre- 
quency meter in which a tuned electrical circuit or a cavity 
is used to transmit the energy from the signal source under 
test to a detecting load. 

transmission wavemeter— A device that makes 
use of a cavity to transmit maximum power at resonance 
so that maximum deflection is obtained on a readout meter 
at the frequency of resonance. 

transmit—-To send a program, message, or other 
information from one location to another. 

transmit current— The current drawn by a trans- 
ceiver when in the transmit mode. 

transmit-on-alarm—A security device that acti- 
vates only when triggered. Most security devices are of 
this nature; however, in multiplexing systems, it is usually 
impossible to determine whether or not transmit-on-alarm 
devices are actuated or whether the transmitter has failed 
or the communication channel is inoperative. 

transmit-on-interrogation —The response of a 
security device that stores an alarm until it is interrogated 
in an appropriate manner. Used in multiplexed systems to 
avoid the problem of two simultaneous transmissions of 
alarm by two or more different stations. 

transmit-receive switch — Also called a tr switch, 
tr box, tr tube, or duplexing assembly. An automatic 
device employed in a radar to prevent the transmitted 
energy from reaching the receiver, but allowing the 
received energy to do so without appreciable loss. 
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transmit-receive tube — See tr tube. 
transmittal mode-——The method by which the 
contents of an input buffer are made available to the 


program and the method by which records are made 
available by a program for output. 

transmittance — 1. Of a material, the ratio of the 
radiant power transmitted through the material to the 
incident radiant power. 2. As a transfer function, a 
response function for which the variables are measured 
at different ports (terminal pairs). 

transmitted-carrier operation — Amplitude- 
modulated carrier transmission in which the carrier wave 
is transmitted. 

transmitted wave — See refracted wave. 

transmitter-—1. Equipment used to generate and 
amplify an rf carrier signal, modulate this carrier 
with intelligence, and radiate the modulated rf carrier 
into space. 2. In telephony, the microphone that con- 
verts sound waves into electrical signals at an audio- 
frequency rate. 3, Apparatus for converting electrical 
energy received from a source into radio-frequency elec- 
tromagnetic energy capable of being radiated. 4. The 
device in a telephone handset used to convert speech to 
electrical energy. 5. A device that translates the low-level 
output of a sensor or transducer to a higher-level signal 
suitable for transmission to a site where it can be further 
processed. 

transmitter distributor—-In teletypewriter opera- 
tions, a motor-driven device that translates teletypewriter 
code combinations from perforated tape into electrical 
impulses and transmits these impulses to one or more 
receiving stations. 

transmitter frequency tolerance — The extent to 
which the carrier frequency of a transmitter may legally 
depart from the assigned frequency. 

transmitter start code — Usually a two-letter call 
that is sent to an outlying machine to automatically turn 
on its tape transmitter. 

transmitting antenna— A device for converting 
electrical energy into electromagnetic radiation capable 
of being propagated through space. 

transmitting current response — Of an electro- 
acoustic transducer used for sound emission, the ratio of 
the sound pressure apparent at a distance of 1 meter in 
a specified direction from the effective acoustic center 
of the transducer to the current flowing at the electric 
input terminals. Usually expressed in decibels above a 
reference-current response of 1 microbar per ampere. 

transmitting efficiency (projector efficiency) — 
Ratio of the total acoustic power output of an electro- 
acoustic transducer to the electric power input. 

transmitting element— In fiber optics, the light- 
radiating side of the terminus in an optical conductor. 

transmitting loop loss — That part of the repetition 
equivalent assignable to the station set, subscriber line, 
and battery supply circuit that are on the transmitting end. 

transmitting power response (projector power 
response) — Of an electroacoustic transducer used for 
sound emission, the ratio of the effective sound pressure 
apparent at a distance of 1 meter in a specified direction 
from the effective acoustic center of the transducer to the 
electric power input. Usually expressed in decibels above 
a reference response of 1 microbar square per watt of 
electric input. 

transmitting station—A location at which the 
transmitter of a radio system and its antenna and asso- 
ciated equipment are grouped. 

transmitting voltage response — Of an electro- 
acoustic transducer used for sound emission, the ratio of 
the sound pressure apparent at a distance of 1 meter in 
a specified direction from the effective acoustic center of 
the transducer to the signal voltage applied at the electric 
input terminals. Usually expressed in decibels above a 
reference-voltage response of one microbar per volt. 
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transolver-—A servo unit with a three-phase stator 
and a two-phase rotor that can be used either as a 
contro! transmitter (with one rotor phase excited and the 
other shorted) or as a control transformer with the signal 
obtained from one phase of the rotor, making sure the 
other phase is equally loaded to preveni unbalances. 

transonic speed — A speed of 600 to 900 miles per 
hour (965 to 1448 km/h), corresponding to about Mach 
0.8 to 1.2. 

transparent — 1. Implying clear and unimpeded tran- 
sit of light. Window glass is a common example. 2. A 
computer process or function that is invisible to the user. 

transparent computer voice —Digitized and 
reconstructed voice that 80 percent of uncued listeners 
would not recognize as having come from a computer. 

transparent device —A device on a communica- 
tions network that functions without making its presence 
known to the end terminals. 

transponder — |. A combination receiver, frequency 
converter, and transmitter package designed to receive 
a signal and to retransmit it on another frequency. 
Broadcast and telecommunication satellites are equipped 
with transponders, which have a typical output of 5 
to 10 watts and operate over a frequency band with a 
36 to 72 megahertz bandwidth in the L, C, Ku, and 
sometimes Ka bands. Communication satellites typically 
have between i2 and 24 onboard transponders, although 
the INTELSAT VI has 50. 2. A component designed to 
eceive a signal and to retransmit it on another frequency. 
3. A radio transmitter-receiver that transmits identifiable 
signals automatically when the proper interrogation 1s 
received. See also pulse repeater. 4. A device (usually 
in the form of a radio transmitter) which sends a confirm- 
ing or identifying message or releases a stored message 
after being triggered by an interrogator. Used on commu- 
nication satellites. 5. A microwave repeater that receives, 
amplifies, downconverts, and retransmits signals from a 
communication satellite. 

transponder dead time —The time interval be- 
tween the start of a pulse and the earliest instant at which 
a new pulse can be received or produced by a transponder. 

transponder efficiency— A ratio expressed as a 
percentage of the number of replies to the number of 
interrogations from a transponder. 

transponder suppressed time delay — The over- 
all fixed delay between reception of an interrogation and 
the transmission of a reply. 

transport — Also called tape transport. 1. Platform or 
deck of a tape recorder on which the motor (or motors), 
reels, heads and controls are mounted. It includes those 
parts of the recorder other than the amplifier, preamplifier, 
speaker, and case. 2. That portion of a tape recorder which 
holds the reels of magnetic tape and draws the tape at a 
constant speed past the recording and playback heads. 

transportable transmitter— Sometimes called a 
portable transmitter. A transmitter designed to be readily 
carried from place to place, but normally not operated 
while in motion. 

transport time —In an automatic system, the time 
required to move an object, element, or information 
between two predetermined positions. 

transposition — The interchanging of the relative 
positions of the conductors in an open-wire line to reduce 
noise, interference, and crosstalk. 

transposition blocks——Spreaders used to space 
and reverse the relative positions of two conductors at 
fixed intervals. 

transposition section — A length of open-wire line 
to which a fundamental transposition design or pattern is 
applied as a unit. 
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transradar— A bandwidth-compression system for 
use in long-range narrow-band transmission of radio 
signals from a radar receiver to a remote location. 

transrectification — The rectification that occurs in 
one circuit when an alternating voltage is applied to 
another circuit. 

transrectification characteristic—The graph 
obtained by plotting the direct voltage values for one 
electrode of a vacuum tube as abscissas against the 
average current values in the circuit of that electrode as 
ordinates, for various values of alternating voltage applied 
to another electrode as a parameter. The alternating 
voltage is held constant for each curve, and the voltages 
on other electrodes are maintained constant. 

transrectification factor — The change in average 
current of an electrode, divided by the change in the 
amplitude of the alternating sinusoidal voltage applied to 
another electrode (the direct voltages of this and other 
electrodes being maintained constant). 

transrectifier — A device, ordinarily a vacuum tube, 
in which rectification occurs in one electrode circuit when 
an alternating voltage is applied to another electrode. 

transresistance amplifier — An amplifier that sup- 
plies an output voltage proportional to an input current. 
The transfer function of the amplifier is e@,/ij, = Rm, 
where R,, is the transresistance. 

transverse-beam traveling-wave tube — A trav- 
eling-wave tube in which the electron beam intersects the 
signal wave rather than moving in the same direction. 

transverse crosstalk coupling — Between a dis- 
turbing and a disturbed circuit in any given section, the 
vector summation of the direct couplings between adja- 
cent short lengths of the two circuits, without dependence 
on intermediate flow in nearby circuits. 

transverse electric wave — Abbreviated TE wave. 
In a homogeneous isotropic medium, an electromagnetic 
wave in which the electric field vector is everywhere per- 
pendicular to the direction of propagation. The dominant 
mode in a rectangular waveguide is TE). 

transverse electromagnetic wave — Abbreviated 
TEM wave. In a homogeneous isotropic medium, an elec- 
tromagnetic wave in which the electric and magnetic field 
vectors both are everywhere perpendicular to the direction 
of propagation. This 1s the normai mode of propagation 
in coaxial line, open-wire line, and stripline. 

transverse-field traveling-wave tube — A trav- 
eling-wave tube in which the traveling electric fields that 
interact with the electrons are essentially transverse to the 
average motion of the electrons. 

transverse interference — Interference cccurring 
across terminals or between signal leads. 

transverse magnetic E-mode — A type of mode 
in which the longitudinal component of the magnetic field 
is zero and the longitudinal component of the electric field 
is not zero, 

transverse magnetic wave— Abbreviated TM 
wave. In a homogeneous isotropic medium, an electro- 
magnetic wave in which the magnetic field vector is 
everywhere perpendicular to the direction of propagation. 

transverse magnetization — Magnetization of a 
recording medium in a direction perpendicular to the 
line of travel and parallel to the greater cross-sectional 
dimension. 

transverse recording — The technique of rotating 
heads that are oriented perpendicular to the edge and 
surface of the tape. 

transverse wave —AÁ wave in which the direction 
of displacement is perpendicular to the direction of 
propagation at each point of the medium. When the 
direction of displacement forms an acute angle with the 
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direction of propagation, the wave is considered to haye 
both a longitudinal and a transverse component. 

trap — 1. A selective circuit that attenuates undesired 
signals but does not affect the desired ones. See also wave 
trap. 2. A crystal imperfection that can trap carriers. 3. An 
unprogrammed conditional jump to a known location, 
the jump being activated automatically by hardware; the 
location from which the jump occurs is recorded. 4. A 
device, usually a switch, installed within a protected 
area, which serves as secondary protection in the event 
a perimeter alarm system is successfully penetrated. 
Examples are a trip-wire switch placed across a likely 
path for an intruder, a mat switch hidden under a rug, 
or a magnetic switch mounted on an inner door. 5. A 
volumetric sensor installed so as to detect an intruder in 
a likely traveled corridor or pathway within a security 
area. 6. A CPU-initiated interrupt that is automatically 
generated when a predetermined condition, such as an 
illegal instruction, a breakpoint, a specified error, or power 
failure, is detected. Two vector locations are dedicated 
for each trap type. The vector locations contain the pc 
and ps for the trap service routine. 7. A method of 
catching computer program error when illegal instructions 
are executed or illegal memory locations are accessed. 
8. A frequency-sensitive device that is used to attenuate 
specific signals that cause interference. 

TRAPATT diode — Abbreviation for trapped plasma 
avalanche transit time diode. 1. A microwave avalanche 
diode that has either an n+pp+ or a p+nn+ structure. It 
may be manufactured from either silicon or germanium. 
When the diode is biased into breakdown, an electron-hole 
plasma fills the entire p or n region, and the voltage 
across the diode drops. A large current, induced by the 
low residual electric field, extracts the plasma from the 
diode. After the plasma is removed, the current drops 
and voltage rises. Energy stored in the resonant circuits 
of an oscillator raises the voltage above breakdown, and 
the cycle repeats. 2. A semiconductor microwave diode 
that, when its junction is biased into avalanche, exhibits 
a negative resistance at frequencies below the transit- 
time frequency range of the diode due to generation 
and dissipation of trapped clectron-hole plasma resulting 
from the intimate interaction between the diode and a 
multiresonant microwave cavity. 

TRAPATT oscillator — See trapped avalanche trig- 
gered transit (TRAPATT) oscillator. 

trapezoidal distortion — Distortion in which a tele- 
vised picture has the shape of a trapezoid (wide at top or 
bottom) instead of a rectangle. It is due to the interaction 
between the vertical- and horizontal-deflection coils (or 
plates) of the cathode-ray tube. 

trapezoidal generator — An electronic circuit that 
produces a trapezoidal voltage wave. 

trapezoidal pattern — An oscilloscope pattern that 
indicates the percentage of modulation in an amplitude- 
modulated system. 
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trapezoidal wave — |. A trapezoidal-shaped wave- 
form. 2. A square wave onto which a sawtooth has been 
superimposed. It is a yoltage wave necessary to give a lin- 
ear deflection current through the coils of a magnetically 
deflected cathode-ray tube. 

trapped avalanche triggered transit (TRA- 
PATT) oscillator — Oscillator device composed of a 
semiconducting diode in a coaxial resonating cavity. 
When the biasing current is applied to the diode, high- 
frequency waves are emitted into the cavity, where they 
are reflected back and forth and eventually produce a 
radio-frequency output. 

trapped flux-— In a material in the superconducting 
State, magnetic flux linked with a closed superconducting 
loop. 

trapped plasma avalanche transit time 
diode — See TRAPATT diode. 

trapping — 1. The holding of electrons or holes by 
any of several mechanisms in a crystal, thereby preventing 
them from moving. 2. In a computer, instructions that 
cause initiation by the central processing unit of an 
internal interrupt that transfers control to a subroutine 
which activates the desired operation of the instruction. 
Also, the subroutine can be changed, thereby causing the 
operation on the instruction to be changed. 

trap wire — A low-voltage wire used at hinge points 
where severe flexing occurs, usually in burglar alarm 
systems. It is made with tinsel conductor. 

traveling detector— A probe mounted on a slider 
and free to move along a longitudinal slot cut into a 
waveguide or coaxial transmission line. The traveling 
detector is connected to auxiliary measuring apparatus 
and used for examining the relative magnitude of any 
standing-wave system. 

traveling plane wave—A plane wave in which 
each frequency component has an exponential variation of 
amplitude and a linear variation of phase in the direction 
of propagation. 

traveling wave—The resulting wave when the 
electric variation in a circuit takes the form of translation 
of energy along a conductor, such energy being always 
equally divided between current and potential forms. 

traveling-wave amplifiers — A two-port amplifier 
in which the input signal excites a space-charge wave at 
one end of a slab of negative-differential-resistivity bulk 
material. The wave travels through the material between 
ohmic contacts that serve as a transmission line. The 
charge builds as it moves, so the output is a larger version 
of the input. 

traveling-wave magnetron—A traveling-wave 
tube in which the electrons move in crossed static elec- 
tric and magnetic fields that are substantially normal to 
the direction of wave propagation. 

traveling-wave magnetron oscillations — Oscil- 
lations sustained by the interaction between the 
space-charge cloud of a magnetron and a traveling 
electromagnetic field with approximately the same phase 
velocity as the mean velocity of the cloud. 

traveling-wave parametric amplifier — A para- 
metric amplifier that has a continuous iterated structure 
incorporating nonlinear reactors and in which the sig- 
nal, pump, and difference-frequency waves are propagated 
along the structure. 

traveling-wave phototube—A traveling-wave 
tube that has a photocathode and a window that admits 
a modulated laser beam, which causes the emission of a 
current-modulated photoelectron beam. This beam is then 
accelerated by an electron gun and directed into the helical 
slow-wave structure of the tube. 

traveling-wave tube — Abbreviated TWT. A tube 
in which a stream of electrons interacts continuously or 
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repeatedly with a guided electromagnetic wave moving 
substantially in synchronism with it, and in such a way 
that there is a net transfer of energy from the stream to 
the wave. 

traveling-wave-tube amplifier — A power-ampli- 
fying piece of equipment yielding about 30 dB of gain 
over broad bandwidths. The units are built around cer- 
tain TWTs in the most commonly used frequency bands, 
and they have external modulation circuitry incorpo- 
rated. 

traveling-wave-tube interaction circuit — An 
extended electrode arrangement used in a traveling- 
wave tube to propagate an electromagnetic wave in such 
a manner that the traveling electromagnetic fields are 
retarded to the point at which they extend into the space 
occupied by the electron stream. 

tr box — See transmit-receive switch. 

tr cavity — The resonant portion of a tr switch. 

treble — 1. The higher part in harmonic music or 
voice; of high or acute pitch. In music, the frequencies 
from middle C (261.63 hertz) upward. 2. The upper range 
of audio frequencies. 

treble boost — Deliberate adjustment of the ampli- 
tude-frequency response of a system or component to 
accentuate the higher audio frequencies. 

tree — A set of connected branches without meshes. 

treeing — A progressive type of insulation failure in 
which branching hollow channels slowly penetrate the 
insulation at rather low applied voltages. 

tree network — See hierarchical network. 

tremolo — 1. The amplitude modulation of an audio 
tone, widely used in musical-instrument amplifiers to cre- 
ate effects that add to the capability of the instrument 
itself. It is a musical effect characterized by a subaudio 
modulation of the musical tone. When amplitude modu- 
lation is used, it is called tremolo; a frequency modula- 
tion effect is termed vibrato. 2. A warbling or fluctuating 
effect, approximately seven times per second, in the tone 
of an instrument characterized by a variation in intensity 
rather than pitch. See alse vibrato, 3. A regular varia- 
tion in the amplitude of a sound, generally at a frequency 
between 0.5 and 20 Hz. 

TRF — Abbreviation for tuned radio frequency. 

tri-— Abbreviation for triode. 

triac — Also called bidirectional triode thyristor. 1. A 
bidirectional rectifier (essentially two SCRs in parallel) 
that functions as an electrically controlled switch for 
ac loads and having an npnpn structure that can be 
triggered into either forward or reverse conduction by a 
pulse applied to its gate electrode. A triac will pass an 
alternating current. 2. A thyristor that can be triggered 
into conduction in either direction. Terrrinals are called 
main terminal | and gate. 3. A semiconductor device that 
functions as an electrically controlled switch for ac loads. 
The triac is one type of thyristor. 


ANODE 2 ANODE 2 
GATE ANODE 1 GATE | | ANDDE 1 
Symbol. Junctions. 


”0N” STATE 


V 
“OFF* STATE 


BREAKOVER 
VOLTAGE 


Characteristic 


Triac. 


triad —- 1. Three radio stations operated as a group for 
determining the position of aircraft or ships. 2. A group 
of three dots, one of each color-emitting phosphor, on 
the screen of a color picture tube. 3. A group of three 
bits or three pulses, usually in sequence on one wire or 
simultaneously on three wires. 4. Also called a triplex. 
A group of three insulated conductors twisted together 
without (or with) a sheath overall. Usually color-coded 
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for identification. 5. In a color CRT, one set of red, green, 
and blue phosphors. 

triangulation— A method of finding the location of 
a third point by taking bearings from two fixed points 
a known distance apart. The third point will be at the 
intersection of the two bearing lines. 

triax—A type of shielded conductor that employs 
a shield and jacket over the primary insulation, plus a 
second shield and jacket over all. Aside from applications 
requiring maximum attenuation of radiated signals or 
minimum pickup of external interference, this cable can 
also be used to carry two separate signals. 

triaxial cable — 1. A special form of coaxial cable 
containing three conductors. 2. A three-conductor cable 
with one conductor in the center, a second circular 
conductor shield concentric with the first, and a third 
circular conductor shield insulated from and concentric 
with the first and second, and a braid or impervious sheath 
overall. 

Triaxial? speaker— Trade name applied to the 
three-way speakers manufactured by Jensen Sound 
Laboratories, Division of Pemcor, Inc., consisting of three 
electrically independent speaker elements mounted on a 
common (single) speaker frame. 


HIGH-FREQUENCY 
UNIT 


MID-FREQUENCY  LOW-FREQUENCY 
UNIT UNIT 


MID-FREQUENCY 
HOAN 


LOW-FREQUENCY HIGH-FREQUENCY 


MID-FREQUENCY 
HORN DIAPHRAGM HORN 


Triaxial speaker. 


tribo-—A prefix meaning due to or pertaining to 
friction. 

triboelectric — Pertaining to electricity generated by 
friction. 

triboelectricity — Electrostatic charges generated duc 
to friction between different materials. 

triboelectric series — A list of substances arranged 
so that any of them can become positively electrified 
when rubbed with one farther down the list, or negatively 
charged when rubbed with one farther up the list. 

triboluminescence — Luminescence that arises from 
friction. Usually occurs in crystalline materials. 

tributary circuit— A circuit that connects an indi- 
vidual drop, or drops, to a switching center. 

tributary station — A communications terminal con- 
sisting of equipment compatible for the introduction of 
messages into, or reception from, its associated relay 
Station. 
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Triboelectric Series 
Positive 


Asbestos 
Rabbit fur 
Glass 

Mica 

Nylon 

Wool 

Cat fur 

Silk 

Paper 
Cotton 
Wood 
Lucite 
Sealing wax 
Amber 
Polystyrene 
Polyethylene 
Rubber balloon 
Sulfur 
Celluloid 
Hard rubber 
Vinylite 
Saran Wrap 
Negative 


trickle charge — 1. A continuous charge of a storage 
battery at a slow rate approximately equal to the internal 
losses and suitable to maintain the battery in a fully 
charged condition. 2. A continuous direct current, usually 
very low, that is applied to a battery to maintain it at 
peak charge or to recharge it after it has been partially 
or completely discharged. Usually applied to nickel- 
cadmium (nicad) or wet-cell batteries. 

trickle charger—A device for charging a storage 
battery at a low rate continuously, or for several hours at 
one time. 

tricolor camera — A television camera designed to 
separate reflected light into three frequency groups, each 
corresponding to the light energies of the three primary 
colors. The camera transforms the intensity variations of 
each primary into amplitude variations of an electrical 
signal. 

tricolor picture tube —A picture tube that repro- 
duces a scene in terms of the three light primaries. 

tricon—A radionavigational system in which an 
airborne receiver accepts pulses from a triplet (chain of 
three stations) in a variable time sequence so that the 
pulses arrive at the same time even though traveling over 
paths of various lengths. 

trigatron — An electronic switch in which breakdown 
of an auxiliary gap initiates conduction. 

trigger — 1. To cause, by means of one circuit, action 
to start in another circuit, which then functions for a 
certain length of time under its own control. 2. A pulse 
that starts an action or function; for example, a triggered 
sweep or delay ramp. 3. A timing pulse used to initiate 
the transmission of signals through the appropriate circuit 
signal paths. 

trigger action — The instantaneous initiation of main 
current flow by a weak controlling impulse in a device. 

trigger circuit— 1. A circuit with two conditions of 
stability, with means for passing spontaneously or through 
application of an external stimulus from one to the other 
when certain conditions are satisfied. See also flip-flop, 
1. 2. A circuit in which an electron tube performs the 
function of a relay. Impulses applied to the input of the 


B. The battery symbol indicates that a 
difference oof potential (also called voltage ) is 
being supplied to the circuit. 

C. Voltage causes current to flow if there is a 
complete circuit present, as shown in Figure 
1.1 
D. The current flows in the opposite direction. 


Ohm's’ Law 


4 Ohm's law States the fundamental 
relationship between voltage, current, and 
resistance. 

Question 


What is the algebraic formula for Ohm's law? 


V=IXR 
This is the most basic equation in electricity, 
and you should know it well. Some electronics 
books state Ohm's law as E = IR. E and V 
are both symbols for voltage. This book uses 
V to indicate voltage. When V is used after a 
number in equations and circuit diagrams, it 
represents volts, the unit of measurement of 
voltage. Also, in this formula, resistance is the 
opposition to current flow. Larger resistance 


results in smaller current for any given 
voltage. 
5 Use Ohm's law to find the answers In 


this problem. 
Questions 


803 


tube produce corresponding impulses in the output circuit, 
starting a chain of events. 

trigger countdown— A process that reduces the 
repetition rate of a triggering signal. 

trigger diode — A symmetrical three-layer avalanche 
diode used to control SCRs and triacs. It has a symmet- 
rical switching mode and therefore fires whenever the 
breakover voltage is exceeded in either polarity of applied 
voltage. 

triggered blocking oscillator — A blocking oscil- 
lator that can be reset to its starting condition by the 
application of a trigger voltage. 

triggered spark gap — A fixed spark gap in which 
the discharge passes between two electrodes and is struck 
(started) by an auxiliary electrode called the trigger, to 
which low-power pulses are applied. 

triggered sweep — In a cathode-ray oscilloscope, a 
sweep initiated by a signal pulse. 

trigger electrode — See starter, 2. 

trigger flip-flop — See T flip-flop. 

trigger gap— A gas-discharge device with three 
electrodes that can be triggered upon command. Two 
electrodes provide the main conduction path, and the third 
electrode serves as the trigger. 

triggering — The starting of circuit action, which then 
continues for a predetermined time under its own control. 

triggering signal — The signal from which a trigger 
is derived. 

trigger level— 1. In a transponder, the minimum 
receiver input capable of causing the transmitter to emit 
a reply. 2. The instantaneous level of a triggering signal 
at which a trigger is to be generated. Also the name of 
the control that selects the level. 

trigger point— The amplitude point on the input 
pulse at which triggering of the sweep of a cathode-ray 
oscilloscope occurs. 

trigger pulse — A pulse used for triggering. 

trigger-pulse steering — In transistors, the routing 
or directing of trigger signals (usually pulses) through 
diodes or transistors (called steering diodes or transistors) 
so that the signals affect only one of seyeral associated 
circuits. 

trigger recognition — In random-sampling-oscillo- 
scope technique, the process of making a response to a 
suitably applied trigger, such as the time reference for the 
time window. 

trigistor — A bistable pnpn semiconductor component 
with characteristics comparable to those of a flip-flop or 
bistable multivibrator. 

tri-gun color picture tube — See tri-color picture 
tube. 

trim— To make a fine adjustment in a circuit or a 
circuit element. 

trim control — On some regulated power supplies, a 
control used to make minor adjustments of output voltage. 

trimmer capacitor— Also called a trimmer. 1. A 
small variable capacitor associated with another capacitor 
and used for fine adjustment of the total capacitance of 
the combination. 2. A small capacitor, usually adjustable 
by screwdriver, that is placed in parallel with a larger 
capacitor and used to tune the high-frequency end of 
the circuit more precisely. 3, A small adjustable circuit 
element connected in series or parallel with a circuit 
element of the same kind such that its adjustment sets 
the combination of the two to a desired value. 

trimmer potentiometer——A lead-screw-actuated 
potentiometer. 

trimmer resistor — A small rheostat used in place of 
a fixed resistor to permit adjustment of resistance values 
in a circuit during initial calibration of an equipment or 
when recalibration is required. 
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Trimmer capacitor. 


trimming — 1. The fine adjustment of capacitance, 
resistance, or inductance in a circuil. 2. The process of 
using abrasive or laser technique to accurately remove 
film material from a substrate to change (increase) the 
resistance value. Thick films are trimmed using either 
abrasives or lasers; thin-film resistors are laser trimmed. 
Automated laser trimming is possible using computer- 
controlled systems. 3. The process of cutting away a 
portion of a thick-film resistor in order to raise the 
nominal resistance value. Resistors can often be trimmed 
to within 1 percent of a desired value. Cutting is done 
with an air abrasive tool or with a laser beam. The width 
of the cut is called the kerf. 

trimming potentiometer — An electrical mechani- 
cal device with three terminals. Two terminals are con- 
nected to the ends of a resistive element, and one terminal 
is connected to a movable conductive contact that slides 
over the element, thus allowing the input voltage to be 
divided as a function of the mechanical input. It can func- 
tion as either a voltage divider or rheostat. 

trim notch—The notch made in a resistor by 
(rimming to obtain the design value. See kerf. 

trinistor—A_ three-terminal silicon semiconductor 
device with characteristics similar to those of a thyratron; 
used for controlling large amounts of power. 

trinoscope —1. Any assembly of three kinescopes 
producing the red, green, and blue images required for 
tricolor television optical projection (e.g., for theater 
TV). 2. A color television viewing system with three 
kinescopes, three lenses, and three deflection yokes used 
to form the red, green, and blue images required for a 
tricolor television projection. 

triode — A three-electrode electron tube containing an 
anode, a cathode, and a control electrode (grid). 

triode amplifier — An amplifier in which only triode 
tubes are used. 

triode field-effect transistor — A field-effect tran- 
sistor having a gate region, a source region, and a drain 
region. Where no confusion is possible, the term may be 
abbreviated to field-effect triode. 

triode-heptode converter—A superheterodyne 
converter circuit that uses a triode local oscillator and 
a heptode converter, both contained in one envelope. 

triode-hexode converter—A_superheterodyne 
converter circuit that uses a triode local oscillator and 
a hexode converter, both contained in one envelope. 

triode laser — A gas laser whose light output may be 
modulated by applying signal voltages to an integral grid. 

triode-pentode — A dual-purpose vacuum tube con- 
taining a triode and a pentode in the same envelope. 

triode pnpn-type switch—A pnpn-type switch 
having an anode, cathode, and gate terminal. 

triode thyristor— A three-electrode thyristor, of 
which one electrode is the gate. Commonly it has three 
terminals. 
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trip coil —An electromagnet in which a moving 
armature trips a circuit breaker or other protective device 
and thereby opens a circuit under abnormal conditions. 

trip computer — Digital and push-button dashboard 
electronic system (Chrysler Corp.) that displays readout 
of speed, miles, fuel, time, and performs computations 
involving any of these parameters. 

trip-free relay — See tripping relay. 

triple-conversion receiver—A communications 
receiver in which three different intermediate frequencies 
are employed to give better adjacent-channel selectivity 
and greater image-frequency suppression. 

triple detection — See double superheterodyne recep- 
tion. 

triple diffused — Pertaining to transistors fabricated 
within a monolithic substrate by three diffusion steps. 

triple-play tape— Abbreviated TP tape. Very thin 
recording tape of which it is possible to wind 3600 ft 
(1097 m) onto a 7-inch (17.8-cm) spool. This would give 
180 minutes of playing time at 3 ips (9.525 cm/s). 

triple-stub transformer— A microwave trans- 
former consisting of three stubs placed a quarter- 
wavelength apart on a coaxial line. The stubs are adjusted 
in length to compensate for impedance mismatch. 

triplet— 1. Three radionavigational stations operated 
as a group for the determination of position. 2. The 
waveform of the output voltage of a delay line when 
the input pulse has a width approximately equal to the 
resolution of the delay line. 

triplex — See triad, 4. 

triplex cable —A cable made up of three insulated 
single-conductor cables twisted together with or without 
a common insulating covering. 

triplexer—-A dual duplexer that permits the use of 
two receivers simultaneously and independently in a 
radar system by disconnecting the receivers during the 
transmitted pulse. 

triplex system — A system for simultaneously send- 
ing two messages in one direction and one message in the 
other direction over a single telegraph circuit. 

tripod — A three-legged camera support. 

tripping device — A mechanical or electromagnetic 
device used for opening (turning off) a circuit breaker or 
starter, either when certain abnormal electrical conditions 
occur or when a catch is actuated manually. 

tripping relay — Also called trip-free relay. A device 
that functions to trip a circuit breaker, contactor, or 
equipment, or to permit immediate tnpping by other 
devices, or to prevent immediate reclosure of a circuit 
interrupter in case it should open automatically even 
though its closing circuit is maintained closed. 

trip protection circuit—A protective circuit that 
electrically interrupts the output when an overload occurs. 

trip voltage -— Also called firing voltage. The voltage 
at which ionization occurs under any circumstances. 

trip-wire switch—A switch that is actuated by 
breaking or moving a wire or cord installed across a floor 
space. 

trisistor — A fast-switching semiconductor consisting 
of an alloyed junction pnp device in which the collector 
is capable of electron injection into the base. Its charac- 
teristics resemble those of a thyratron electron tube, and 
the switching time is in the nanosecond range. 

tristate — Also called three-state. 1. Logic systems 
utilizing three conditions on one line: a definite applied 
high voltage (logical 1); a definite low voltage (logical 
0); and an open circuit or undefined state, permitting 
another part of the circuit to determine whether the line 
will be high or low. Usually refers to device outputs or 
systems using outputs of the tristate type. Useful in a 
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bus-organized system. 2. An output configuration found 
in several logic families that 1s capable of assuming three 
output states: high, low, and high impedance. The feature 
is useful for interconnecting large numbers of devices on 
the same wires while allowing only one to control the 
levels of the lines at a given time. 

tristate device — A device that has three states: on, 
off, and electrically disconnected. 

tristimulus values-—The amounts of each of the 
three primary colors that must be combined to match a 
sample. 

tri-tet oscillator— A crystal-controlled, electron- 
coupled vacuum-tube oscillator that is isolated from the 
output circuit through use of the screen-grid electrode 
as the oscillator anode. Used for multiband operation 
because it generates strong harmonics of the crystal 
frequency. 

tritium — A radioactive isotope of hydrogen with an 
atomic number of 3. 

TRL — Abbreviation for transistor-resistor logic. 

Trojan horse — 1. Software that, while performing a 
useful function, has hidden in it code for a program that 
performs security-breaching or fraudulent functions. 2. A 
program or data that seems innocuous when loaded into 
a system or network but later facilitates an attack by a 
hacker or a virus. 

trombone — An adjustable U-shaped coaxial line 
matching assembly. 

tropicalization — A chemical treatment developed to 
combat the fungi that ruin electronic equipment in hot, 
humid jungle regions. 

tropo — See tropospheric scatter communication. 

troposphere — The lower layer of the earth’s atmo- 
sphere, extending to about 60,000 feet (18,300 m) at the 
equator and 30,000 feet (9150 m) at the poles. In this area 
the temperature generally decreases with altitude, clouds 
form, and convection is active. 

tropospheric scatter—The propagation of radio 
waves by scattering as a result of irregularities or discon- 
tinuities in the physical properties of the troposphere. 

tropospheric scatter communication — Also 
called tropo. A method or system of transmitting, within 
the troposphere, microwaves in the UHF or SHF bands 
to effect radiocommunication between two points on the 
earth’s surface separated by moderate distances of from 
70 to 600 miles (112 to 965 km). Such a span or hop 
may be augmented by other spans in tandem to permit 
end-to-end or through circuits up to many thousands of 
miles. More specifically, this method of communication is 
now generally understood to embrace a radio system that 
permits communication over the distances indicated, with 
excellent reliability and good information capacity, using 
relatively high transmitted power, frequency modulation, 
and highly sensitive receiving apparatus. 

tropospheric superrefraction — The phenomenon 
occurring in the troposphere whereby radio waves are bent 
sufficiently to be returned to the earth. 

tropospheric wave —A radio wave that is propa- 
gated by reflection from a place of abrupt change in the 
dielectric constant of its gradient in the troposphere. In 
some cases, the ground wave may be so altered that new 
components appear to arise from reflections in regions of 
rapidly changing dielectric constants; when these compo- 
nents are distinguishable from the other components, they 
are called tropospheric waves. 

trouble — Failure of a circuit or element to perform 
in a standard manner. 

trouble-location problem — A computer test prob- 
lem whose incorrect solution supplies information on the 
location of faulty equipment. It is used after a check prob- 
lem has shown that a fault exists. 
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troubleshoot — See troubleshooting. 

troubleshooting — Also troubleshoot. 1. Locating 
and diagnosing malfunctions or breakdowns in equipment 
by means of systematic checking or analysis. 2. The work 
necessary to discover the cause of trouble; also implies 
the correction of the trouble by elimination of the cause. 

trouble unit— A weighting figure applied to indicate 
the expected performance of a telephone circuit or circuits 
in a given period of time. 

tr switch — See transmit-receive switch. 

tr tube—Transmit-receive tube. A gas-filled rf 
switching tube that permits use of the same antenna for 
both transmitting and receiving by preventing the trans- 
mitted power from damaging the receiver. (Usually, a tr 
unit consists of a cavity containing a discharge gap that 
connects the transmitter to the antenna, and a coupling 
circuit that connects the antenna to the receiver when the 
discharge gap is not fired, indicating that the transmitting 
tube is quiescent.) 

true bearing — A bearing given in relation to geo- 
graphic north, as opposed to a magnetic bearing. 

true complement — See radix complement. 

true course — A course in which the direction of the 
reference line is true rather than magnetic north. 

true credit balance— In a calculator, when the 
answer is negative, the minus sign automatically appears 
in the display. 

true homing — The following of a course in such a 
way that the true bearing of an aircraft or other vehicle is 
held constant. 

true north — Geographic north. 

true chm — The actual value of the practical unit of 
resistance. It is equal to 10? absolute electromagnetic units 
of resistance. 

true power—The average power consumed by a 
circuit during one complete cycle of alternating current. 

true radio bearing — See radio bearing. 

true random noise-—A noise characterized by a 
normal or Gaussian distribution of amplitudes. 

true value —The value of a physical quantity that 
would be attributed to an object or physical system if that 
value could be determined with no error. 

truncate — 1. To drop digits of a number of terms 
in a Series, thereby lessening precision. For example, the 
value 3.14159265 (r) when truncated to five figures is 
3.1415, whereas it could be rounded off to 3.1416. 2. To 
conclude a computational process according to some rule; 
for example, to stop the evaluation of a power series at 
a specified term. 3. The dropping of digits or characters 
from one end of a data item, causing loss of precision or 
information. 

truncated paraboloid—— A paraboloid reflector in 
which a portion of the top and bottom have been cut 
away to broaden the main radiated lobe in the vertical 
plane. 

truncation —The process of dropping one or more 
digits at the left or right of a number without changing 
any of the remaining digits. For example, in most oper- 
ations the number 3847.39 would become 3847.3 when 
truncated one place at the right, whereas the same num- 
ber would become 3847.4 when rounded correspondingly. 
See also round off. 

truncation error — The error resulting from the use 
of only a finite number of terms of an infinite series, or 
from the approximation of operations in the infinitesimal 
calculus by operations in the calculus of finite differences. 

trunk— 1. A single message circuit between two 
points, both of which are switching centers and/or indi- 
vidual message distribution points. 2. A communications 
channel between two different offices, or between groups 
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of equipment within the same office. 3. A telephone 
line or channel between two central offices or switching 
devices, which is used in providing telephone connections 
between subscribers. 4. A major link in a communication 
system, usually between two switching centers. 

trunk circuit — A circuit that connects two switching 
centers. 

trunk facility — That part of a communication chan- 
nel connecting two or more leg facilities to a central or 
satellite station. 

trunk group — Those trunks connecting two points, 
both of which are switching centers and/or individual 
message distribution points and which make use of the 
same multiplex terminal equipments. 

trunk hunting—A method by which an incoming 
call is switched to the next consecutive number if the 
first called number is busy. 

trunk loss — That part of the repetition equivalent 
assignable to the trunk used in the telephone connection. 

truth table — 1. A tabulation that shows the relation 
of all output logic levels of a digital circuit to all possible 
combinations of input logic levels in such a way as to 
characterize the circuit functions completely. 2. A matrix 
that describes a logic function by listing all possible 
combinations of inputs and by indicating the outputs for 
each combination. 

TSC — Abbreviation for transmitter start code. 

TSS — Abbreviation for time-sharing system. A com- 
puter operating system in which the processor’s time is 
shared among simultaneous users, resulting in an interac- 
tive facility. 

TTL or T?L— Abbreviation for transistor-transistor 
logic. A bipolar technology used for producing logic 
gates. Positioned in the evolution of logic families after 
RTL (resistor-transistor logic) and DTL (diode-transistor 
logic) and before ECL (emitter-coupled logic) and CMOS. 
See gate. 


TTL or T?L compatible —The ability of a device 
or circuit to be connected directly to the input or output 
of TTL logic devices. Such compatibility eliminates the 
need for interfacing circuitry. 

TTL-compatible circuits — Circuits that meet the 
input/output interface standards of transistor-transistor 
logic (TTL) circuits. These can be TTL circuits them- 
selves, or circuits made with other technologies that con- 
form to TTL standards. 

TTY — An abbreviation of Teletype or teletypewriter 
unit. 

TU — See terminal unit. 

tuba — A powerful land-based radar jamming trans- 
mitter operated between 480 and 500 MHz. It was devel- 
oped during World War II for use against night fighter 
planes. 

tube — A hermetically sealed glass or metal envelope 
in which conduction of electrons takes place through a 
vacuum or gas. 

tube bridge — An instrument used in the precise 
measurement of vacuum-tube characteristics. It contains 
one or more bridge-type measuring circuits, plus power 
supplies and signal sources for all possible electrode 
combinations. 

tube coefficients— Constants that describe the 
characteristics of a thermionic vacuum tube (e.g., ampli- 
fication factor, mutual conductance, ac plate resistance). 

tube complement— The number and types of 
electron tubes required in an electronic equipment. 

tube count — A terminated discharge produced by an 
ionizing event in a radiation-counter tube. 

tube drop — The voltage measured across a tube, 
from plate to cathode, when the tube is conducting at 
its normal current rating. 
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tube electrometer—. A thermionic vacuum tube 
adapted for use as an electrometer to measure potential 
difference. 

tube heating time—The time required for the 
coolest portion of a mercury-vapor tube to attain its 
operating temperature. 

tubing —Extruded nonsupported plastic materials 
designed as protection and electrical insulation for 
exposed components of electrical and electronic assem- 
blies; as opposed to a coated, braided, or woven tube, 
termed sleeving. 

tube noise —Noise originating in a vacuum tube 
(e.g., from shot effect, thermal agitation, etc.). 

tube shield—A metallic enclosure placed over a 
vacuum tube to prevent external fields from interfering 
with the function of the tube. 

tube socket — A receptacle that provides mechanical 
support and electrical connection for a vacuum tube. 

tube tester— A test instrument for indicating the 
condition of vacuum tubes used in electronic equipment. 

tube voltage drop— The anode voltage in an 
electron tube during conduction. 

tubular capacitor—A paper, ceramic, or elec- 
trolytic capacitor shaped like a cylinder; leads or lugs 
project from one or both ends. 

tunable-cavity filter — A microwave filter in which 
tuning can be accomplished by adjustment of one or more 
screws that project into the cavity or by adjustment of the 
positions of one or more rectangular or circular irises in 
the cavity or waveguide. 

tunable echo box— An echo box consisting of 
an adjustable cavity operating in a single mode. When 
the echo box is calibrated, the setting of the plunger at 
resonance will indicate the wavelength. 

tunable magnetron—A magnetron that can be 
tuned mechanically or electronically over a limited band 
of frequencies. 

tuned — Adjusted to resonate or operate at a specified 
frequency. 

tuned amplifier— An amplifier in which the load is 
a tuned circuit. Thus, the load impedance and amplifier 
gain vary with the frequency. 

tuned-anode oscillator— See tuned-plate oscilla- 
tor. 

tuned antenna — An antenna designed, by means of 
its own inductance and capacitance, to provide resonance 
at the desired operating frequency. 

tuned-base oscillator—A transistor oscillator 
comparable to a tuned-grid electron-tube oscillator. The 
frequency-determining device (resonant circuit) is located 
in the base circuit. 

tuned circuit — 1. A circuit consisting of inductance 
and capacitance that can be adjusted for resonance at 
the desired frequency. 2. A circuit that is adjusted to be 
resonant at a particular frequency. 

tuned-collector oscillator — A transistor oscillator 
comparable to the tuned-plate electron-tube oscillator. The 
frequency-determining device is located in the collector 
circus. 

tuned dipole — A dipole antenna that resonates at its 
operating frequency. 

tuned filter— A resonant arrangement of electronic 
components that either attenuates signals at a particular 
frequency and passes signals at other frequencies, or vice 
versa. 

tuned-filter oscillator — An oscillator in which a 
tuned filter is used. 

tuned-grid oscillator— An oscillator whose fre- 
quency is determined by a parallel-tuned tank in the grid 
circuit. The tank is coupled to the plate to provide the 
required feedback. 
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tuned-grid, tuned-anode oscillator — See tuned- 
grid, tuned-plate oscillator. 

tuned-grid, tuned-plate oscillator — Also called 
tuned-grid, tuned-anode oscillator. An oscillator having 
parallel-resonant circuits in both the plate and the grid 
circuits, The necessary feedback is provided by the plate- 
to-grid interelectrode capacitance. 


GRID PLATE 
TANK TANK 


Tuned-grid, tuned-plate 
oscillator. 


tuned-plate oscillator— Also called tuned-anode 
oscillator. An oscillator whose frequency is determined 
by a parallel-tuned tank in the plate circuit. The tank is 
coupled to the grid to provide the required feedback. 

tuned radio-frequency amplifier — Abbreviated 
TRF amplifier. A tuned amplifier using resonant-circuit 
coupling and designed to operate at radio frequencies. 
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Tuned radio-frequency amplifier. 


tuned radio-frequency receiver— Abbreviated 
TRF receiver. A radio receiver consisting of several 
amplifier stages that are tuned to resonate at the carrier 
frequency of the desired signal by a ganged variable- 
tuning capacitor. The amplified signals at the original 
carrier frequency are fed directly into the detector for 
demodulation. The resultant audio-frequency signals are 
again amplified, and are then reproduced by a speaker. 

tuned radio-frequency transformer— Abbre- 
viated TRF transformer. A transformer used for selective 
coupling in radio-frequency stages. 

tuned-reed frequency meter — A vibrating-reed 
instrument for measuring the frequency of an alternating 
current. 

tuned relay—aA relay having mechanical or other 
resonating arrangements that limit the response to currents 
at one particular frequency. 

tuned resonating cavity—A resonating cavity 
half a wavelength long, or some multiple of a half 
wavelength, used in connection with a waveguide to 
produce a resultant wave with the amplitude in the cavity 
greatly exceeding that of the wave in the guide. For 
reception of waves, a detecting grating can be placed 
at the point of maximum amplitude in the cavity to 
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convert the energy to a form suitable for amplification 
in a telephone or television circuit. A tuned cavity is a 
nonreflecting termination for a guide. 

tuned rope — Long lengths of chaff cut to the various 
lengths necessary for tuning to different wavelengths. 

tuned transformer—-A transformer whose associ- 
ated circuit elements are adjusted as a whole to be reso- 
nant at the frequency of the alternating current supplied 
to the primary, thereby causing the secondary voltage 
to build up to higher values than would otherwise be 
obtained. 

tuner— In the broad sense, a device for tuning. 
Specifically, in radio-receiver practice: 1. A packaged unit 
capable of producing only the first portion of the functions 
of a receiver and delivering either rf, IF, or demodulated 
information to some other equipment. 2. That portion 
of a receiver that contains the circuits that are tuned 
to resonance at the received-signal frequency and those 
which are tuned to the local-oscillator frequency. 3. A 
radio or TV receiving circuit; a high-fidelity component 
containing such circuits. 

tungar rectifier—A gaseous rectifier containing 
argon gas. It is employed in battery chargers and low- 
voltage power supplies. 

tungar tube — A phanotron (hot-cathode gas-filled 
rectifier tube) having a heated filament serving as the 
cathode and a graphite disc as the anode in a bulb filled 
with low-pressure argon. Used chiefly in battery chargers. 

tungsten— A metal used in the manufacture of 
filaments for vacuum tubes and in making contact points 
for switches and other parts where sparking may occur. 
After the tungsten is made ductile by rolling, swaging, 
and hammering, it is very tough. 

tungsten filament— A filament used in incandes- 
cent lamps, and in thermionic vacuum tubes and other 
tubes requiring an incandescent cathode. Smaller tung- 
sten filaments are operated in a vacuum, whereas those 
for larger lamps are used in an inert gas at about ordinary 
atmospheric pressure. 

tungsten lamp— An evacuated bulb containing a 
tungsten filament that is heated by passing an electric 
current through it. 

tuning — 1. The adjustment relating to frequency of 
a circuil or system to secure optimum performance. 
Commonly, the adjustment of a circuit or circuits to 
resonance. 2. Making changes in a program to improve 
its performance without altering its results. 

tuning capacitor—1.A variable capacitor for 
adjusting the natural frequency of an oscillatory or reso- 
nant circuit. 2. A variable capacitor that is intended to be 
mechanically actuated frequently throughout its life. 

tuning circuit— A circuit containing inductance and 
capacitance, either or both of which may be adjusted to 
make the circuit responsive to a particular frequency. 

tuning coil—A variable inductance for adjusting the 
natural frequency of an oscillatory or resonant circuit. 

tuning control—A control knob that adjusts all 
tuned circuits sumultaneously. 

tuning core—Normally a molded iron core for 
permeability tuning, into which an adjusting screw has 
been cemented or molded. 

tuning diode — A varactor diode used for rf tuning. 
This includes functions such as automatic frequency 
control and automatic fine tuning. 

tuning eye— Slang for a cathode-ray tuning indi- 
cator, 

tuning fork— A two-pronged hard-steel device that 
vibrates at a definite natural frequency when struck or 
when set in motion by electromagnetic means. Used in 
some electronic equipment as an accurately controllable 
source of signals, because its vibrations can be formed 
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readily into audio-frequency signals by means of pickup 
coils. 

tuning-fork contact— A U-shaped female contact 
that resembles a tuning fork. It may be stamped or formed. 

tuning-fork drive— Control of an oscillator by 
continuous vibrations of a tuning fork. A high harmonic 
of the oscillating signal obtained from the fork is selected 
by filter circuits and is strongly amplified to determine 
the main oscillator frequency in a transmitter or other 
equipment. 

tuning in — Adjusting the tuning controls of a receiver 
to obtain maximum response to the signals of the station 
it is desired to receive. 

tuning indicator — A device that indicates whether 
or not a receiver is tuned accurately. It is connected to 
some circuit in which current or voltage is maximum or 
minimum when the receiver is accurately tuned to give 
the strongest output signal. 

tuning meter— A direct-current meter connected to 
a receiver circuit and used for determining whether the 
receiver is accurately tuned to a station. 

tuning probe— An essentially lossless probe of 
adjustable penetration extending through the wall of a 
waveguide or cavity resonator. 

tuning range — The frequency range over which a 
tuned circuit can be adjusted. 

tuning screw— A screw or probe inserted into a 
transmission line (parallel to the E field) to produce 
susceptance of magnitude and sign that depend on the 
depth of penetration of the screw. 

tuning stub—1.A short length of transmission 
line, usually with the free end shorted, connected to a 
transmission line to provide impedance matching. 2. A 
type of inductor element, usually adjustable, connected 
to a transmission line at intervals to improve the voltage 
distribution. 

tuning susceptance — The normalized susceptance 
of an atr tube in its mount due tc its deviation from the 
desired resonance frequency. 

tuning wand — See neutralizing tool. 

tunnel action (in a pn junction)—A process 
whereby conduction occurs through the potential barrier 
due to the tunnel effect and in which electrons pass in 
either direction between the conduction band in the n- 
region and the valence band in the p-region. (Tunnel 
action, unlike the diffusion of charge carriers, involves 
electrons only, and for all practical purposes the transit 
time is negligible.) 

tunne] cathode— A metal-insulator-metal sand- 
wich. Electrons tunnel from the metal substrate and appear 
in the metal film as hot electrons. Some of the hat elec- 
trons have sufficient energy to pass over the cathode 
surface barrier into the vacuum. 

tunnel diode— Also called Esaki diode. 1. A pn 
diode to which has been added a large amount of impurity. 
The tunnel diode has high-speed charge movement and 
a negative-resistance region above a minimum level of 
applied voltage. With the addition of suitable external 
circuits, it can be used as an oscillator or amplifier. 
2. A two-layer device similar to the rectifier diode. As 
a small voltage is applied, current staris to flow. Increase 
the voltage a little more and current drops to zero. 
Add still a little more voltage and the current increases 
again. At still higher voltages it responds like an ordinary 
diode. That first surge of current is called tunneling. 
3. A heavily doped junction diode based on tunneling 
effect: the piercing of a potential barrier by a low-energy 
electron. Has a forward negative resistance, and is an 
excellent low-noise microwave amplifier. It has no upper- 
frequency limitation. 4. A diode utilizing the tunnel effect. 
It gives rise to negative differential conductance in a 
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Tunnel diode. 


certain range of the forward direction of the current- 
voltage characteristic. 

tunnel effect— 1. The piercing of a potential hill 
by a carrier, which would be impossible according to 
classical mechanics, but the probability of which is not 
zero according to wave mechanics, if the width of the 
hill is small enough. The wave associated with the carrier 
is almost totally reflected on the first slope, but a small 
fraction crosses the hill. 2. In a pn transition region, a 
process whereby conduction occurs through a potential 
barrier and in which electrons pass in either direction 
between the conduction band in the n-region and the 
valence band in the p-region. The tunnel effect, unlike 
the diffusion of charge carriers, involves electrons only 
and is for all purposes an instantaneous process. 

tunneling — An observed effect of the ability of 
certain atomic particles to pass through a barrier that they 
cannot pass over because of the required energy level. 
It is based on a law of quantum mechanics that predicts 
that the particles have a finite probability for tunneling 
according to their quantum-mechanical nature. 

tunnel rectifier — A tunnel diode that has a relatively 
low peak-current rating in comparison with other tunnel 
diodes employed in memory-circuit applications. 

tunnel resistor — A resistor containing a thin layer 
of metal plated across a tunneling junction, so that the 
characteristics of a tunnel diode and an ordinary resistor 
are combined. 

tunnel triode — A transistorlike device in which the 
emitter-base junction is a tunnel diode and the collector- 
base junction is a conventional diode. 

tunneluminescence — The emission of light from 
a phosphor film deposited on the surface of a thin-film 
metal-oxide-metal sandwich. 

turbidimeter — See opacimeter. 

turbulence amplifier— 1. Fluidic digital element 
using laminar-to-turbulent flow transition to create the 
control effect. 2. A fluidic device in which the power jet 
is at a pressure such that it is in the transition region of 
laminar stability and can be caused to become turbulent 
by a secondary jet or by sound. 

turn — One complete loop of wire. 

turnaround time — 1. The interval between the time 
at which a job is submitted to a batch processing system 
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and the time at which the results are returned. 2. The 
actual time required to reverse the direction of transmis- 
sion in a half-duplex circuit. For most communications 
facilities, time is required for line machine reaction. (A 
typical time is 200 milliseconds on a half-duplex tele- 
phone connection.) 3. The period required for half-duplex 
modems to reverse the direction of transmission on dial- 
up or two-wire leased lines. This includes the time for 
reversing the echo suppressors used on the two-wire sim- 
plex paths between telephone central offices. These sup- 
pressors are placed between central offices to prevent 
signals from one transmission path from crossing over 
into another. Also, for synchronous modems, turnaround 
time covers line equalization and bit synchronization. A 
full-duplex modem has no turnaround time when used 
in a point-to-point link, since it can transmit and receive 
information simultaneously. 

turn factor — Under stated conditions, the number of 
turns that a coil of given shape and dimensions placed on 
a core in a given position must have for a coefficient of 
self-inductance of 1 henry to be obtained for the core. 

turnkey — 1. A computer console containing a single 
control, usually a power switch, that can be turned on 
and off only with a key. 2. A design and/or installation 
in which the user receives a complete running system 
3. Pertaining to a computer system sold in a ready-to-use 
State. 

turn-off delay time —The time interval between 
occurrence of the trailing edge of a fast input pulse and the 
occurrence of the 90-percent point of the negative-going 
output waveform. 

turn-off reversal — A polarity reversal of the output 
of the electronic power supply occurring from the turning 
off of the power of a regulated power supply. 

turn-off thyristor— A thyristor that can be turned 
from the on state to the off state, and vice versa, 
with appreciable gain by applying control signals of 
appropriate polarities to the gate terminal. 

turn-off time—The time that a switching circuit 
(gate) takes to stop the current in the circuit it is 
controlling. 

turn-on delay time— The time interval from the 
occurrence of the leading edge of a fast input pulse to 
the occurrence of the 10-percent point of the positive- 
going output waveform, assuming that the rise time of 
the incoming pulses is 0.1 of the rise time of the element 
to be measured under loaded conditions. 

turn-on overshoot— Overshoots occurring from 
the turning on of power of a regulated power supply. 

turn-on reversal — A polarity reversal of the output 
of the power supply occurring from the turning on of the 
power supply of a regulated power supply. 

turnover cartridge — A phonograph cartridge adap- 
ted, by the use of two styli, to play both large- and 
fine-groove records. 

turnover frequency — 1. in disc recording, the fre- 
quency below which constant-amplitude recording is used 
and above which constant-velocity recording is employed. 
2. The knee of the tone control or filter frequency 
response curve. Though normally thought of as the fre- 
quency at which the control begins to have its effect, the 
turnover point is actually the frequency at which response 
has already been altered by 3 dB relative to the unfiltered 
signal. Some tone controls and filters offer a choice of 
turnover frequencies that are usually switch-selected. 

turnover pickup—Also called dual pickup. A 
pickup designed for playing both standard and micro- 
groove records, using a single magnetic structure. See also 
turnover cartridge. 
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Turntable. 


turns ratio — The ratio of the number of turns in the 
primary winding to the number in the secondary winding 
of a transformer. 

turnstile antenna— An antenna composed of two 
dipole antennas normal to each other and with their axes 
intersecting at their midpoints. Usually the currents are 
equal and in-phase quadrature. 

turntable — 1. The round platter on which a phono- 
graph record rests during cutting or playback. Also refers 
to the platter and its driving motor and associated parts, as 
a high-fidelity component. 2. In tape recording, the rotat- 
ing flat disc on which the reel (or, in some professional 
machines, the tape “pie’’) lies slightly raised above the 
recorder’s front or top panel. The turntable is usually fit- 
ted with a center spindle and gripping keys of some kind 
to keep the reel centered and prevent it from slipping 
against the rotation of the turntable. 

turntable rumble — See rumble, 1. 

turret—A revolving plate mounted at the front of 
some television cameras and carrying two or more lenses 
of different types to permit rapid interchange of lenses. 

turret tuner— A television-receiver tuner containing 
a separate set of resonating circuit elements for each 
channel. Each set is mounted on an insulating strip or 
strips placed on a drum rotated from the channel position 
for the desired channel. 

TV — Abbreviation for television. 

TV camera— An optical device, consisting of lens, 
electron beam tube, and preamplifier, that converts an 
optical image into an electrical signal. 

TV channel — See television channel. 

TVI— Abbreviation for television interference. 

TV recording — A permanent record of video signals 
recordec. photographically, electronically, or by other 
means, and which may be displayed through a television 
system or projected as a motion-picture film. 

TVRO — See television receive oniy. 

TVT — See TV terminal. 

TV terminai— Abbreviated TVT. A keyboard and 
electromagnetic deflection-type display unit that utilizes 
an ordinary (or modified) TV set as a display. 

tweaking — 1. The process of adjusting an electronic 
receiver Circuit to optimize its performance. 2. The fine 
tuning of a circuit with overly critical adjustments, 


repeated several times until no further improvement in 
performance is obtained. This usually requires consider- 
able skill and is not recommended as a requirement in 
circuits for production or construction by a hobbyist with 
limited technical resources. 

tweeter— Also called a high-frequency unit. 1. A 
speaker intended to reproduce the very high frequencies, 
usually those above 3000 Hz, in a high-fidelity audio sys- 
tem. Units may be ionic, ribbon, electrostatic, or dynamic 
types. 2. A high-frequency speaker (driver) specializing 
in treble reproduction. 

twelve punch — A punch in the top row of a card. 

twenty-one type repeater — A two-wire telephone 
repeater in which one amplifier serves to amplify the 
telephone currents in botb directions. The circuit is 
arranged so that the input and output terminals of the 
amplifier are in one pair of conjugate branches, while the 
lines in the two directions are in another pair. 

twenty-two type repeater — A two-wire telephone 


repeater with two amplifiers. One amplifies the telephone 


currents being transmitted in one direction, and the other 
the telephone currents being transmitted in the other 
direction. 

twilight— A scene illumination of approximately one 
footcandle. 

twin axial cable—A single shielded twisted-pair 
cable that has low-loss signal transmission and high noise 
immunity. 

twin cable —1. A cable composed of two parallel 
insulated stranded conductors having a common covering. 
2. A pair of insulated conductors twisted and/or sheathed 
or held together mechanically and not identifiable from 
each other in a common covering. 

twin check — A continuous check of computer opera- 
tions accomplished by duplication of equipment ard auto- 
matic comparison of results. 

twin coaxial cable —A configuration containing 
two separate, complete coaxial cables laid parallel or 
twisted around each other in one complex. 

twinflex— British word for twisted pair of wires or 
twin lead. 

twin lead — Also called twin line. A type of transmis- 
sion line covered by a solid insulation and comprising two 
parallel conductors, the impedance of which is determined 
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by their diameter and spacing. The three most common 
impedance values are 75, 150, and 300 ohms. 


Twin lead. 


twin line — See twin lead. 

twinning — |. The intergrowth of two crystal regions 
having opposite oriented axes. Two types of twinning 
may occur: electrical and optical. In electrical twinning, 
the electrical senses of the crystal axes are reversed 
and the twinned regions will interfere with one another 
piezoelectrically. It is this effect that limits the high- 
temperature utility of quartz as a piezoelectric material. 
2. A defect of natural quartz crystals, in which both the 
right and left quartz are in the same crystal. 

twin-T network— See parallel-T network. 

twin triode — Two triode vacuum tubes in a single 
envelope. 

twin wire — A cable composed of two small, parallel, 
insulated conductors having a common covering. 

twist— 1. The progressive rotation of the cross sec- 
tion of a waveguide about the Jongitudinal axis. 2. The 
deviation from a plane surface measured from one cor- 
ner to the corner diagonally opposite. 3. The difference 
(in decibels) between DTMF high-group and low-group 
signal levels, mathematically defined as 10 log (high- 
group power)/(low-group power). Measured at the DTMF 
receiver, it’s a function of both the level difference gen- 
erated by the signal source and the gain-frequency char- 
acteristic of the transmission facility. 

twisted joint— A union of two conductors wound 
tightly around each other. A sleeve may be used, and it 
and the conductors twisted. 

twisted pair—1.A cable composed of two small 
insulated conductors twisted together without a common 
covering. The two conductors of a twisted pair are usually 
substantially insulated, so that the combination is a special 
case of a cord. 2. Two insulated wires (signal and return) 
that are twisted around each other in a spiral pattern 
mainly to cancel the effects of electrical noise. Since 
both wires have nearly equal exposure to any electrostatic 
or electromagnetic interference, the differential noise is 
slight. 

twister— A piezoelectric crystal that generates a 
voltage when twisted. 

twistor—A computer memory element containing 
inclined helical windings of magnet wire on a 
nonmagnetic wire, with another winding over the helix. 
Information is stored m the form of polarized helical 
magnetization. 

two-address — In a computer, having the property 
that each complete instruction includes an operation 
and specifies the location of two registers, usually one 
containing an operand and the other the result of the 
operation. 

two-address code—A computer code that uses 
two address instructions. 

two-address instruction — A computer instruction 
that includes an operation and specifies the location of two 
registers. 
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two-conductor jack —Receptacle having two cir- 
cuits, tip and sleeve. 

two-cored screened cable — British term for two- 
conductor shielded cable. 

two-dimensional circuitry— See thin-film inte- 
grated circuit. 

two-fluid cell —A cell having unlike electrolytes at 
the positive and negative electrodes. 

two-hole directional coupler — A directional cou- 
pler that consists of two parallel coaxial lines in contact, 
with holes or slots through their contacting walls at two 
points one-quarter wavelength apart. With this device, a 
portion of the rf energy traveling in one direction through 
the main line may be extracted, while energy traveling in 
the opposite direction is rejected. It is necessary that one 
end of the secondary line be terminated in its character- 
istic impedance. 

two-level system—A laser that uses only two 
electron energy levels. Electrons in the ground state (level 
1) are pumped to the excited state (level 2). The electrons 
then surrender their energy by stimulated emission and 
return to the ground state. 

two-out-of-five code —A type of positional nota- 
tion in which each decimal digit is represented by five 
binary digits; two of the five are of one kind (for example, 
1s) and three are of the other kind (for example, Qs). 

two-part code — A randomized code with an encod- 
ing section and a decoding section. In the encoding sec- 
tion, the plaintext groups are arranged in alphabetical or 
other significant order, accompanied by their code groups 
in nonalphabetical or random order. In the decoding sec- 
tion, the code groups are arranged in alphabetical or 
numerical order and accompanied by their meanings given 
in the encoding section. 

two-phase — Also called quarter phase. Having a 
phase difference of 90 electrical degrees, or one quarter- 
cycle. 

two-phase  current—Two currents delivered 
through two pairs of wires at a phase difference of one 
quarter-cycle (90°) between them. 

two-phase dynamic— Pertaining to a dynamic 
logic circuit that uses two clock signals to control the 
processing of information through the circuit or logic 
system. 

two-phase, five-wire system — An alternating- 
current supply in which four of its conductors are 
connected as in a four-wire, two-phase system and the 
fifth is connected to the neutral points of each phase and 
usually grounded. Despite its name, it is strictly a four- 
phase, five-wire system. 

two-phase, four-wire system—A system of 
alternating-current supply comprising two pairs of con- 
ductors, between one pair of which is maintained an 
alternating difference of potential displaced in phase by 
one-quarter of a period from an alternating difference of 
potential of the same frequency maintained between the 
other pair. 

two-phase, three-wire system — An alternating- 
current supply consisting of three conductors. Between 
one conductor (known as the common return) and each 
of the other two, alternating differences of potential that 
are 90° out of phase with each other are maintained. 

two-piece contact—-A contact made of two or 
more separate parts joined by swedging, brazing, or other 
means of fastening to form a single contact. This type 
provides the mechanical advantages of two metals but 
also has the inherent electrical disadvantage of difference 
in conductivity. 

two-pilot regulation— The use of two pilot fre- 
quencies within a transmitted band so that the change in 
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attenuation due to twist can be detected and compensated 
for by a regulator. 

two-plus-one address — Pertaining to an instruc- 
tion that contains two operand addresses and one control 
address. 

two-port network — A network with two ports. 

two-pulse canceler— A moving-target indicator 
canceler that compares the phase variation of two succes- 
sive pulses received from a target. It discriminates against 
signals with radial velocities that produce a Doppler fre- 
quency equal to a multiple of the pulse-repetition fre- 
quency. 

two-quadrant multiplier — Of an analog computer, 
a multiplier in which operation is restricted to a single sign 
of one input variable only. 

twos complement — Pertaining to a form of binary 
arithmetic used in a computer to perform binary sub- 
tractions with addition techniques. The twos-complement 
negative of a binary number is formed by complementing 
each bit in the number and adding 1 to the result. 

twos-complement binary — An alternate and more 
widely used code to represent negative values. With this 
code, zero and positive values are represented as in nat- 
ural binary, and all negative values are represented in a 
twos-complement form. That 1s, the twos complement of 
a number represents a negative value so that interface to 
a computer or microprocessor is simplified. 

two-source frequency keying—Keying in 
which the modulating wave shifts the output frequency 
between predetermined values derived from independent 
sources. 

two-state device—A mechanical or electronic 
device that, except during the time it is changing between 
states, is intended to be operated in either of two states 
or conditions. 

two-terminal network—A network that is con- 
nected by only two terminals to an external system. 

two-terminal-pair network — Also called a four- 
pole, quadripole, or quadrupole network. A network with 
four accessible terminals grounded in pairs. One terminal 
of each pair may coincide with a network node, 

two-tone keying — Keying in which the modulat- 
ing Wave causes the carrier to be modulated with one 
frequency for the marking condition and a different fre- 
quency for the spacing condition. 

two-tone modulating—A method of modulating 
in which two different carrier frequencies are used for the 
two signaling conditions. 

two track (half track)— A tape format in which 
the width of the tape is recorded in two parallel mag- 
netic tracks, separated by an unrecorded guard band. As 
compared with four-track recording, the two-track system 
gives improved dynamic range and can be edited with- 
out loss of program, since the tape is passed in a single 
direction only. 

two-track recorder — See dual-track recorder. 

two-track recording — On quarter-inch-wide tape, 
the arrangement by which only two channels of sound 
may be recorded, either as a stereo pair in one direction 
or as separate monophonic tracks (usually in opposite 
directions). 

two-value capacitor motor—A capacitor motor 
that uses different values of effective capacitance for 
Starting and running. 

two-wattmeter method — A method of measuring 
total power in a balanced or unbalanced three-phase 
system by adding the readings of two wattmeters, each 
with its current coil in one phase and its voltage coil 
connected between it and the third phase. 
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two-way amplifier— An amplifier in which the 
right and left channels of a stereo system are both 
amplified simultaneously by the same tubes, using push- 
pull circuitry but feeding one signal to the input grids in 
parallel instead of push-puil. The parallel and push-pull 
signals are then separated by two output transformers in 
a matrixing circuit. 

two-way communication — Communication be- 
tween radio stations, each having both transmitting and 
receiving equipment. 

two-way radio—Radiotelephone communications 
between fixed points (base stations) and portable units. 

two-way repeater — See repeater. 

two-way switch—A switch used for controlling 
electrical or electronic equipment, components, or circuits 
from either of two positions. 

two-way system — A speaker in which the low and 
the high frequencies are reproduced separately by two 
electrically independent speaker elements, each of which 
is provided with a suitable sound-radiating system. 

two-way, three-way, etc. — Refers to the number 
of frequency bands into which a speaker’s output is 
divided. A two-way system divides the spectrum into 
two such bands, one of which is handled by a woofer 
or woofers, the other by a tweeter or tweeters. A three- 
way system would have one or more woofers, midrange 
speakers, and tweeters. Systems up to five-way are 
available. 

two-wire channel— A two-way circuit for trans- 
mission in either direction. 

two-wire circuit— 1. A metallic circuit formed by 
two conductors insulated from each other. It is possible to 
use the two conductors as cither a one-way transmission 
path, a half-duplex path, or a duplex path. Also used in 
contrast with a four-wire circuit to indicate a circuit using 
one line or channel for transmission of electric waves 
in both directions. 2. A communications circuit that uses 
a single pair of wires for both transmitted and received 
information. 

two-wire repeater— A repeater thal can be used 
for transmission in both directions over a two-wire 
circuit. In carrier operation, it usually makes use of the 
principle of frequency separation for the two directions 
of transmission. 

two-wire system — 1. A system of electric supply 
comprising two conductors, with the load connected 
between them. 2. A system in which all communication 
takes place over a two-wire circuit or the equivalent. 

TWT — Abbreviation for traveling-wave tube. 

TWX — See teletypewriter exchange service, 2. 

Twystron—A very high power, hybrid microwave 
tube combining the input section of a high-power klystron 
with the output section of a traveling-wave tube. It 
is characterized by high operating efficiency and wide 
bandwidths. 

.TXT files— Text files. These are usually just plain 
text that can be read by most programs. 

type acceptance — Equipment authorization granted 
by the FCC to ensure that equipment will function prop- 
erly in the service for which it has been accepted. 

type A facsimile —Facsimile communication in 
which the images are built up of lines of constant-intensity 
dots. 

type A waves — Continuous waves. 

type A, waves — Unmodulated, keyed, continuous 
waves. 

type A waves— Modulated, keyed, continuous 
waves. 

type Az waves — Continuous waves modulated by 
music, speech, or other sounds. 


type A, waves — type-printed telegraphy 


type A, waves — Superaudio frequency-modulated 
continuous waves, as used in a facsimile system. 

type As waves —Superaudio frequency-modulated 
continuous waves, as used in television. 

type Ay waves — Composite transmissions and cases 
not covered by type A through type A; waves. 

typebar—A linear type element that contains all 
printable symbols. 
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type B facsimile — Facsimile communication in 
which the images are built up of lines of dots having 
a varying intensity (e.g., in telephotography and photo- 
radio). 

type B waves — Keyed, damped waves. 

type-printed telegraphy— Telegraphy in which 
the message is automatically printed at the receiving 
station. 


What is the voltage for each combination 
resistance and current values? 


A. R = 20 ohms, I = 0.5 amperes 
V= 
B. R = 560 ohms, | = 0.02 amperes 
V=_ 
C. R = 1,000 ohms, I = 0.01 amperes 
MO AS Sa 
D. R = 20 ohms | = 1.5 amperes 
E A 
Answers 
A. 10 volts 
B. 11.2 volts 
C. 10 volts 
D. 30 volts 
6 You can rearrange Ohm's law 
calculate current values. 
Questions 


What is the current for each combination 
voltage and resistance values? 
A. V = 1 vot, R = 2 ohms 


V = 2 volts R = 10 ohms 


| 

B 

| 

C. V = 10 vols, R = 3 ohms 
| 

D 

| 


V = 120 vols, R = 100 ohms 
Answers 
A. 0.5 amperes 
B. 0.2 amperes 
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UART — See universal asynchronous receiver/trans- 
mitter. 

ubitron— An amplifier or oscillator in which an 
undulating electron beam interacts with an rf wave. The 
kinetic energy of the beam is converted into rf energy (0- 
type interaction). The undulation of the beam is produced 
by a periodic magnetic field. This field gives the beam 
a transverse velocity component that interacts with the rf 
wave. 

U-bolt— A U-shaped bolt threaded on both ends, for 
fastening antennas to masts. 

UG—-The two-letter designation that precedes the 
number on connectors for coaxial cable. It means Uni- 
versal Government. 

UHF — 1. Abbreviation for ultrahigh frequency. 2. In 
television, a term used to designate channels 14 through 
69. 

UJT — Abbreviation for unijunction transistor. 

UL — Abbreviation for Underwriters Laboratories, Inc. 

UL certificated — For certain types of products that 
have met UL requirements and for which it is impractical 
to apply the UL Listing Mark or Classification Marking 
to the individual product, a certificate is provided that the 
manufacturer may use to identify quantities of material 
for specific job sites or to identify field-installed systems. 

UL listed — Signifies that production samples of the 
product have been found to comply with established 
Underwriters Laboratories” requirements and that the 
manufacturer is authorized to use the Laboratories” List- 
ing Marks on the listed products that comply with the 
requirements, contingent on the follow-up services as a 
check of compliance. 

ultimately controlled variable —The quantity 
whose control is the end purpose of an automatic control 
system. 

ultimate sensitivity or threshold — One-half the 
dead band in a graphic recorder. When the instrument 
1s balanced at the center of the dead band, it denotes the 
minimum change in measured quantity required to initiate 
pen response. 

ultimate trip current— The smallest value of 
current that will cause tripping of a circuit breaker under 
a given set of ambient conditions. 

ultimate trip limits— The values of overload of 
a circuit breaker at which the minimum and maximum 
limits of the time-current curve become asymptotic; i.e., 
the limits of current that will trip or not trip the breaker 
“ultimately.” Minimum and maximum limits of ultimate 
trip are often called calibration. 

ultor— An adjective used to identify the picture-tube 
anode or element farthest from the cathode, the anode to 
which the highest voltage is applied, or the voltage itself 
(e.g., the ultor anode is the second ancde of the picture 
tube, and the ultor voltage is the voltage applied to it). 
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ultor element— The element that receives the high- 
est de voltage in a cathode-ray tube. 

ultra-audible frequency—See ultrasonic fre- 
quency. 

ultra-audion— Any of several special vacuum-tube 
circuits employing regeneration. 

ultra-audion circuit— A regenerative detector cir- 
cuit in which a parallel-resonant circuit is connected 
between the grid and the plate of a vacuum tube, and 
a variable capacitor is connected between the plate and 
cathode to control the amount of regeneration. 

ultra-audion oscillator— A variation of the Col- 
pitts oscillator in which the resonant circuit employs a 
transmission-line section. 


RF AC 
OUTPUT 


Ultra-audion oscillator. 


Ultrafax— A trade name of RCA for a system in 
which printed information is transmitted by radio, fac- 
simile, and television at high speeds. 

ultrahigh frequency — Abbreviated UHF. Fre- 
quency band: 300 to 3000 MHz. Wavelength: 100 to 
10 centimeters. 

ultrahigh-frequency converter— A circuit used 
to convert UHF television signals to VHF in order to 
permit UHF television reception on a VHF receiver. 

ultrahigh-frequency generator — Any device for 
generating ultrahigh-frequency alternating currents (e.g., 
a conventional negative-grid generator; a positive-grid, 
or Barkhausen, generator; a magnetron; and a velocity- 
modulation, or electron-beam, generator such as the 
klystron). 

ultrahigh-frequency loop—Generally a single- 
loop antenna used in ultrahigh-frequency work tc secure 
a nondirectional radiation pattern in the plane of the loop. 
The doughnut-shaped pattern is perpendicular to the loop. 
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ultrahigh-frequency translator— A television- 
broadcast translator station that transmits on a UHF TV- 
broadcast channel. 

ultralinear amplifier—A class AB or B audio 
amplifier using pentodes or high-power-output beam- 
power tubes whose screen voltages are taken from taps 
on a specially wound output transformer rather than 
from a fixed de source. This form of operation results 
in a considerable decrease in distortion in high-fidelity 
systems. 

ultramicrometer— An instrument for measuring 
very small displacements by electrical means (e.g., by 
the variation in Capacitance produced by the movement 
being measured). 

ultramicrowave — Having wavelengths of about 
107? to 107? cm. 

ultrashort waves—Radio waves shorter than 10 
meters in wavelength (about 30 MHz in frequency). 

ultrasonic — 1. Having a frequency above that of 
audible sound—i.e., between sonic and hypersonic. 
2. Sound waves that vibrate at frequencies beyond the 
hearing power of human beings (above 16,000 Hz). Com- 
mercial and military applications include ultrasonic clean- 
ing, gauging, cutting, detection instruments, and welding. 

ultrasonic bond — A contact area where two materi- 
als are joined by means of ultrasonic energy and pressure. 

ultrasonic bonding— 1. A process for joining 
metal parts by the scrubbing action and energy transfer 
of a tool vibrating at an ultrasonic rate. This method is 
used to attach leads to pads on silicon devices. 2. A pro- 
cess involving the use of ultrasonic energy and pressure 
to join two materials. 3. A joining technique for wire and 
lead attachment that employs pressure plus an ultrason- 
ically introduced scrubbing action to form a molecular 
bond. 
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Ultrasonic bonding. 


ultrasonic brazing — See ultrasonic soldering. 

ultrasonic cleaner—A device using ultrasonic 
pressure waves to clean objects. 

ultrasonic cleaning —A method of cleaning that 
uses cavitation in fluids caused by applying ultrasonic 
vibrations to the fluid. 

ultrasonic cleaning equipment — Ultrasound used 
in the cleaning of metal and optical parts by virtue of its 
vibration rates. Large acoustic forces break off particles 
and contaminants from surfaces. 

ultrasonic cleaning tank—A heavy-gage, pol- 
ished stainless-steel tank with transducers mounted on the 
bottom or sides. 

ultrasonic coagulation — The bonding together of 
small particles by the action of ultrasonic waves. 

ultrasonic cross grating — Also called grating. 
The two- or three-dimensional space grating produced 
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Ultrasonic cleaning tank. 


when ultrasonic beams having different directions of 
propagation intersect. 

ultrasonic delay line — Also called an ultrasonic 
storage cell. A contained medium (usually a liquid such 
as mercury) in which the signal is delayed because of 
the longer propagation time of the sound waves in the 
medium. 

ultrasonic densitometer — An instrument device 
for determining the thickness or density of an object or 
material based on the time required for an ultrasonic 
signal to penetrate to a receiver and/or echo back to a 
receiver adjacent to another transmitter. 

ultrasonic detector—A device— either mechan- 
ical, electrical, thermal, or optical—for detecting and 
measuring ultrasonic waves. 

ultrasonic diagnosis— A method of obtaining 
information from within the body in a visual presentation 
without employing ionizing radiation. It differs from X- 
ray in that the form of energy used is high-frequency 
sound, or ultrasound, which is inaudible. The sound is 
transmitted in very brief pulses followed by relatively 
lengthy “silent” intervals. Also, in contrast to X-ray 
techniques, in which the film is placed behind the tissue 
being examined, ultrasonic information is picked up at the 
original point of transmission in the form of echoes from 
internal structures. These returning echoes are converted 
to electrical energy and displayed in either a static or 
dynamic pattern, as desired, on a cathode-ray-tube screen. 

ultrasonic disintegrator— An apparatus for using 
the pressure wave produced by an ultrasonic generator to 
tear cells apart. 

ultrasonic drill— A special type of drill that has a 
magnetostrictive transducer attached to a tapered cone that 
serves as a velocity transformer. With an appropriate tool, 
practically any shape of hole can be drilled in brittle and 
hard material. 

ultrasonic flaw detector — Equipment comprising 
an ultrasonic generator, transducer, detector, and display; 
used to detect flaws or cracks in solids from the reflection 
pattem of ultrasonic signals observed on a cathode-ray 
tube, 

ultrasonic frequency — Also called an ultra-audible 
frequency. 1. Any frequency above the audio range, but 
commonly applied to elastic waves propagated in gases, 
liquids, or solids. 2. Sound frequencies that are above the 
range of human hearing; approximately 20,000 Hz and 
higher. 
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ultrasonic generator— A device for producing 
mechanical vibrations at frequencies above the range of 
human hearing. Typically, such a device consists of an 
rf oscillator whose output is applied to a piezoelectric 
crystal. 

ultrasonic grating constant—The distance be- 
tween diffracting centers of the sound wave producing 
particular light-diffraction spectra. 

ultrasonic immersion—Cleaning technique de- 
pending on cavitation (rapid formation of tiny bubbles 
in a cleaning liquid). Cavitation is created by ultrasonic, 
high-intensity sound waves. The agitation of imploding 
bubbles scrubs the immersed part. 

ultrasonic inspection—A nondestructive testing 
method of locating internal defects in a part by send- 
ing ultrasonic impulses (inaudible high-frequency sound 
waves of 0.5 to 11 megahertz) into the part and measur- 
ing the time required for these impulses to penetrate the 
material, be reflected from the opposite side or from the 
defect, and return to the sending point. 

ultrasonic level detector— A level detector con- 
sisting of an ultrasonic receiver and transmitter located in 
one wall of a container or vessel. With nothing to obstruct 
the beam, it is reflected from the opposite wall. When 
the level of the liquid or other material in the container 
reaches the beam, the liquid or material acts as a reflec- 
tor, thus reducing the reflection time and indicating that 
a given level has been reached. 

ultrasonic light diffraction—The formation of 
optical diffraction spectra when a beam of light is passed 
through a longitudinal sound-wave field. The diffraction 
results irom the periodic variation of the light refraction 
in the sound field. 

ultrasonic light modulator— A device containing 
a fluid that, by action of ultrasonic waves passing through 
the fluid, modulates a beam of light passed transversely 
through the fluid. 

ultrasonic material dispersion — The production 
of suspensions or emulsions of one material in another by 
the action of high-intensity ultrasonic waves. 

ultrasonic motion detector—A sensor that 
detects the motion of an intruder through the use of ultra- 
sonic generating and receiving equipment. The device 
operates by filling a space with a pattern of ultrasonic 
waves; the modulation of these waves by a moving object 
is detected and initiates an alarm system. 

ultrasonic plating — The chemical or electrochemi- 
cal deposition and bonding of one or more solid materials 
to the surface of another material by the use of vibrational 
wave energy. 

ultrasonic probe—A rod for directing ultrasonic 
force, used in a disintegration or foreign-body location 
application. 

ultrasonic rejection—The level of rejection of 
the 19-kHz pilot tone and 38-kHz voltage-controlled 
oscillator frequency in a stereo FM receiver. The intrinsic 
rejection of a stereo decoder is the logarithmic ratio of the 
level of 19-kHz and 38-kHz reference tones with only the 
standard deemphasis filter at the decoder outputs. 

ultrasonics —The general subject of sound in the 
frequency range above 15 kilohertz. 

ultrasonic sealing — A film sealing method based 
on the application of vibratory mechanical pressure at 
ultrasonic frequencies (20 to 40 kHz). Electrical energy is 
converted into ultrasonic vibrations by a magnetostrictive 
or piezoelectric transducer. The vibratory pressures at the 
film interface in the sealing area produce localized heat 
losses that cause the plastic surfaces to melt, thereby 
forming the seal. 

ultrasonic soldering—-1. A method of forming 
2 nonporous, continuously metallic connection between 
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metal or alloy parts without necessarily employing 
chemicals or mechanical abrasives. Instead, vibrational 
wave energy, heat, and a separate alloy or metal having 
a melting point below 800°F (427°C) and also below that 
of the metals ox alloys being joined are used. 2. Soldering 
in which the surface oxide coating of the base metal is 
removed by ultrasonic vibration. 

ultrasonic space grating — Also called grating. A 
periodic spatial variation in the index of refraction caused 
by the presence of acoustic waves within the medium. 

ultrasonic storage cell — See ultrasonic delay line. 

ultrasonic stroboscope— A light interrupter in 
which the light beam is modulated by an ultrasonic field. 

ultrasonic therapy— The use of ultrasonic vibra- 
tions for therapeutic purposes. 

ultrasonic thickness gage — A thickness gage in 
which the propagation time of an ultrasonic beam through 
a sheet of material is translated into a measure of the 
thickness of the material. 

ultrasonic transducer—A device that takes the 
electrical oscillations produced by the ultrasonic gener- 
ators and transforms them into mechanical oscillations. 
Typical transducer materials are piezoelectric (e.g., quartz 
or barium titanate) or magnetostrictive (e.g., nickel). 
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ultrasonic waves — Waves having a frequency in 
the ultrasonic range. 

ultrasonic welding — 1. A process that joins two 
pieces of metal by a form of diffusion bonding. The 
metals to be welded are clamped between a rigid anvil 
and a probe, which is vibrated at ultrasonic frequency. 
The vibration removes any surface oxide film by a simple 
mechanical scrubbing action, thus exposing the metal 
surfaces. Then plastic deformation caused by the imposed 
mechanical clamping load causes the atom movement 
necessary to joint the two crystal lattices, creating a 
strong, bonded, monolithic structure at the joint line. 
Some heat is generated by friction caused by the rubbing 
of the one surface upon the other. This heat undoubtedly 
aids the diffusion mechanism that occurs but is obviously 
insufficient to cause welding by itself. 2. Method of 
fusing two plastic parts by ultrasonic vibrations that are 
produced by mechanical motion of a converter, expanding 
and contracting some 20,000 times per second. The 
vibratory energy is channeled through a horn and applied 
to thermoplastic materials. This creates the frictional heat 
to produce a molecular interaction and weld materials. 

ultrasonic wire bonder-— Equipment unit that 
fastens fine wire onto a substrate by use of ultrasonic 
energy. 

ultrasonography — A medical diagnostic technique 
in which pulses of ultrasonic energy are directed into the 
body, and returning echoes are detected. 

ultraviolet— |. Pertaining to electromagnetic radia- 
tions at wavelengths beyond the violet end of the spectrum 
of visible radiation. Because of the shorter wavelengths 
(200 to 4000 angstrom units), the photons of ultraviolet 
light have enough energy to initiate most chemical reac- 
tions and to degrade some plastics. 2. The invisible region 
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of the spectrum immediately beyond the violet end and 
between the wavelengths of approximately 1000 to 3800 
angstroms. 

ultraviolet erasable PROM — See UV erasable 
PROM. 

ultraviolet lamp — 1. A lamp providing a high pro- 
portion of ultraviolet radiation (e.g., arc lamps, mercury- 
vapor lamps, or incandescent lamps in bulbs of a special 
glass that is transparent to ultraviolet rays). 2. A type of 
lamp that emits a great quantity of ultraviolet radiation. 
This may be an arc lamp encased in a bulb of a glass that 
is transparent to ultraviolet rays. 

ultraviolet rays — Radiation in the ultraviolet region. 

umbilical cable —A lifeline cable used for the main 
power supply to a missile in order to launch it. It is 
attached by means of a connector, which detaches as 
the missile becomes airborne. (Usually seen as a cable 
waving like a snake alongside the missile as it moves off 
the launching pad.) 

umbilical connector—A device for connecting 
cables to a rocket or missile prior to launch. It is removed 
(unmated) from the missile at the time of launching. 

umbrella antenna— An antenna in which the wires 
are guyed downward in all directions from a central pole 
or tower to the ground, somewhat like the ribs of an open 
umbrella. 

unamplified back bias—A degenerative voltage 
developed across a fast time-constant circuit within an 
amplifier stage itself. 

unbalanced — 1. Lacking the conditions for bal- 
ance. 2. Frequently, a circuit having one side grounded. 
3. Differential mutual impedance or mutual admittance 
between two circuits that ideally would have no coupling. 

unbalanced circuit — A circuit whose two sides are 
electrically unlike. 

unbalanced line — A transmission line in which the 
voltages on the two conductors are not equal with respect 
to ground (e.g., a coaxial line), 

unbalanced output — An output in which one of the 
two output terminals is substantially at ground potential. 

unbalanced wire circuit—A circuit whose two 
sides are electrically unlike. 

unblanking — The turning on of the CRT beam. 

unblanking generator — A circuit for producing 
pulses that turn on the beam of a cathode-ray tube. 

unblanking pulse — A pulse that turns on the beam 
of a cathode-ray tube. 

unblocked record—A record contained in a file 
in which each block contains only one record or record 
segment. 

unbonded strain gage—A pressure-sensing ele- 
ment made up of resistance strain-gage wire elements 
arranged in a Wheatstone bridge. It can have two or four 
active arms, which respond to a pressure applied to the 
transducer. The unbonded strain-gage wires are suspended 
in air and are activated by a mechanism attached to a 
diaphragm or other pressure-responding element. 

unbundling — Pricing certain types of software and 
services separately from the hardware. 

uncertainty —A number or numbers assigned to a 
measurement as an assessment of all the errors associated 
with the process producing the measurement. See also 
accuracy. 

uncharged — Having a normal number of electrons 
and, hence, no electrical charge. 

unconditional —In a computer, not subject to con- 
ditions external to the specific instruction. 

unconditional jump — A computer instruction that 
interrupts the normal process of obtaining the instructions 
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in an ordered sequence and specifies the address from 
which the next instruction must be taken. 

unconditional transfer of control—In a digital 
computer that obtains its instructions serially from an 
ordered sequence of addresses, an instruction that causes 
the following instruction to be taken from an address that 
becomes the first of a new sequence. 

uncontrolled terminal—A user terminal that is 
online all the time and does not contain line-control logic 
for polling and calling. 

undamped natural frequency — The frequency at 
which a system with a single degree of freedom will 
oscillate, in the absence of damping, upon momentary 
displacement from the rest position by a transient force. 

undamped oscillations — Oscillations that have a 
constant amplitude for their duration. 

undamped wave— A wave whose amplitude does 
not change. 

undefined record — A record contained in a file in 
which the records have not been defined as being fixed- 
length records or variable-length records. 

underbunching — The condition whereby the bun- 
cher voltage of a velocity-modulation tube is lower than 
the value required for optimum bunching of the electrons. 

undercompounded— A generator in which the 
output voltage drops as the load is increased. 

undercurrent relay —A relay that functions when 
its coil current falls below a predetermined value. 

undercut — In a printed circuit board, the reduction 
of the cross section of a metal-foil conductor due to the 
removal of metal from beneath the edge of the resist by 
the etchant. 

undercutting — A cutting with too shallow a groove 
or with insufficient lateral movement of the stylus during 
sound disc recordings. 

underdamped— A degree of damping that is not 
sufficient to prevent oscillation in the output of a system 
following application of an abrupt stimulus. 

underdamping—1.In a system, the condition 
whereby the amount of damping is so small that the 
system executes one or more oscillations when subjected 
to a single disturbance (either constant or instantaneous). 
2. Oscillation of the transducer output about a final steady 
value in response to a step change in the measurand. After 
an initial overshoot, the oscillation amplitude decreases. 
3. See periodic damping. 

underflow —1.In a computer, the generation of 
a quantity smaller than the accepted minimum (c.g., 
floating-point underflow). 2. Pertaining to the condition 
that arises when a machine computation yields a nonzero 
result that is smaller than the smallest nonzero quantity 
that the intended unit of storage is capable of storing. 
(Contrast with overflow.) 3. When a calculator’s capacity 
is exceeded, some of the least significant digits are 
discarded and the resulting display is sometimes zero. 

underglaze — A glass or ceramic glaze applied to a 
substrate prior to the screening and firing of a resistor. 

underground cable — A cable installed below the 
surface of the earth. 

under insulation — The insulation under wire that is 
brought from the center of a coil over the top or bottom 
wall. 

underlap — Recorded elemental areas that are smaller 
than normal — specifically, the space between the recorded 
elemental area in one recording line of a facsimile system 
and the adjacent elemental area in the next recording line, 
or the elemental areas in the direction of the recording 
line. 

underload relay—aA relay that operates when the 
load in a circuit drops below a certain value. 
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undermodulation — Insufficient modulation of a 
transmitter due to misadjustment or to insufficient modu- 
lation signal. 

underpass — A semiconductor component that per- 
mits two conductors to cross each other without a short 
circuit between them. Generally, it is in the form of a 
low-value resistor covered by a silicon dioxide layer that 
isolates the top conductor; the resistor is part of the bottom 
conductor. 

underpower relay—A relay that functions when 
the power decreases below a predetermined value. 

underscan — Reducing the height and width of the 
video picture so that the edges, and, thus, portions of 
blanking, can be observed. 

undershoot — 1. The initial transient response to a 
unidirectional change in input, which precedes the main 
transition and is opposite in sense. See also precursor. 
2. The crossing of the base line in the direction opposite to 
that of the principal pulse, but with insufficient amplitude 
to be considered a bipolar pulse. 

underthrow distortion — Distortion resulting when 
the maximum amplitude of the signal wavefront is less 
than the steady-state amplitude that would be attained by 
a prolonged signal wave, 

undervoitage protection — Also called low-volt- 
age protection, The effect of a device to cause and 
maintain the interruption of power to the main circuit 
upon the reduction or failure of voltage. 

undervoltage relay — A relay that operates when its 
coil voltage falls below a predetermined value. 

underwater sound projector — An electroacous- 
tic transducer designed to convert electric waves into 
sound waves, which are radiated in water for reception 
at a distance. 

Underwriters Laboratories, Inc. — Abbreviated 
UL. 1. An independent, nonprofit product-safety testing 
and certification organization that operates laboratories 
for the examination and testing of devices, systems, and 
materiais to ensure that they meet standards for safety. 
Acceptance is usually indicated by tags or by labels 
on devices showing the words “UL Approved” or “UL 
Listed,” 2. A corporation supported by some underwriters 
for the purpose of establishing safety standards on types 
of equipment and components. 

undistorted wave — A periodic wave in which both 
the attenuation and the velocity of propagation are the 
same for all sinusoidal components, and in which the same 
sinusoidal component 1s present at all points. 

undisturbed-one output——A 1 output of a mag- 
netic cell to which no partial-read pulses have been 
applied since that cell was last selected for writing. 

undisturbed-zero output— A 0 output of a mag- 
netic cell to which no partial-write pulses have been 
applied since that cell was last selected for reading. 

unfired tube — The condition of tr, atr, and pre-tr 
tubes when there is no radio-frequency glow discharge at 
either the resonant gap or the resonant window. 

unfurlabie antenna— A device that can be unfolded 
to form a larger antenna. 

ungrounded — Not intentionally connected to ground 
except through high-impedance devices. 

ungrounded system — A system in which no point 
is directly connected to earth except through potential 
or ground-detecting transformers or other very high 
impedance devices. 

uniaxial magnetic anisotropy—<A property of 
magnetic thin film in which the direction of magnetization 
is always parallel to the easy axis unless an external force 
acts upon it. 
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uniconductor waveguide — A waveguide consist- 
ing of a rectangular or cylindrical metallic surface sur- 
rounding a uniform dielectric medium. 

unidirectional — Flowing in only one direction (e.g., 
direct current). 

unidirectional antenna — An antenna with a single, 
well-defined direction of maximum gain. 

unidirectional bus — A bus used by any individual 
device for one-way transmission of messages only, that 
is, either input only or output only. 

unidirectional coupler— A directional coupler that 
samples only one direction of transmission. 

unidirectional current— A direct current; i.e., one 
that is always positive or always negative — never alter- 
nating. 

unidirectional log-periodic antenna— A broad- 
band antenna in which the cut-out portions of a log- 
periodic antenna are placed at an angle to each other to 
produce a unidirectional radiation pattern whose major 
lobe is in the backward direction, off the apex of the 
antenna. The impedance and the radiation paltern are 
essentially constant for all frequencies. 

unidirectional microphone — A microphone that 
is most sensitive to sounds arriving at it from one 
direction. 

unidirectional pulses — Single-polarity pulses that 
all rise in the same direction. 

unidirectional pulse train — A pulse train in which 
all pulses rise in the same direction. 

unidirectional transducer—A transducer that 
responds to stimuli in only one direction from a reference 
zero or rest positton. 

uniform corrosion—A form of corrosion that 
results from shifting anodic and cathodic areas evening 
out metallic thinning. In more complex cases, erosion 
constantly deprives the metal of its protective coating 
(e.g., oxides), exposing it to continuing corrosion. 

uniform field — A field in which the scalar (or vector) 
has the same value at every point in the region under 
consideration at that instant. 

uniformity — In terms of magnetic tape properties, 
a figure of merit relating to the ability of the tape to 
deliver a steady and consistent output level upon being 
recorded with a constant input. Usually expressed in 
decibel variation from average at a midrange frequency. 

uniform line—A line with substantially identical 
electrical properties throughout its length. 

uniform plane wave — A plane wave with constant- 
amplitude electric and magnetic field vectors over the 
equiphase surfaces. Such a wave can only be found in 
free space, at an infinite distance from the source. 

uniform precession — The condition in which the 
magnetic moments of all atoms in a sample are parallel 
and precess in phase about the magnetic field. Uniform 
precession occurs in the regions where the magnetic field 
is uniform. A spin wave is a phase distortion of this 
condition. 

uniform waveguide — A waveguide whose physical 
and electrical characteristics do not change with distance 
along its axis. 

uniground — Also called single-point ground. A sin- 
gle point in an electrical system connected to ground to 
eliminate noise currents. 

unijunction transistor — Abbreviated UJT. 1. For- 
merly called # double-base diode. A three-terminal semi- 
conductor device that exhibits a stable negative-resistance 
characteristic between two of its terminals. It is this 
negative-resistance feature that makes the UJT suitable 
for the applications with which it is associated — thyristor 
trigger circuits, oscillator circuits, timing circuits, bistable 


unilateral area track — unipole 


EMITTER 


JUNCTION 


Construction. 


lao 


Schematic. 


Unijunction transistor. 


circuits, etc. 2. A type of transistor that has easily control- 
lable on-off characteristics and excellent voltage-sensing 
characteristics. 3. A three-terminal semiconductor having 
only one pn junction and exhibiting a stable open-circuit 
negative-resistance property. 

unilateral area track—-A sound track in which only 
one edge of the opaque area is modulated in accordance 
with the recorded signal. However, there may be a second 
edge modulated by a noise-reduction device. 

unilateral bearing— A bearing obtained with a 
radio direction finder having unilateral response, elimi- 
nating the chance of a 180” error. 

unilateral conductivity — Conductivity in only one 
direction (e.g., in a perfect rectifier). 

unilateral element— A two-terminal element with 
a zero voltage-to-current characteristic (or the equivalent) 
on one side of the origin. 

unilateralization — A special case of neutralization 
in which the feedback parameters are completely balanced 
out. In transistors, these feedback parameters include a 
resistive in addition to a capacitive component. Unilater- 
alization changes a network from bilateral to unilateral. 

unilateral network—1. A network in which any 
driving force applied at one pair of terminals produces 
a response at a second pair, but yields no response when 
the driving force is applied in the other direction. 2. A 
network that does not pass currents and signals equally 
well in both directions. For example, a network containing 
a rectifying element. 

unilateral switch — A semiconductor device similar 
to a miniature SCR. It switches at a fixed voltage that 
depends on its internal construction. 

unilateral transducer— See unidirectional trans- 
ducer. 

uninterruptible power system—A solid-state 
power conversion system to provide regulated ac power 
to critical loads. Such a system provides uninterrupted 
power even during brownouts and blackouts. 

unipolar — 1. Having but one pole, polarity, or direc- 
tion, With respect to amplifier power supplies, having an 
output that varies in only one polarity from zero and, 
therefore, always contains a dc component. 2. See neutral 
transmission. 3. Refers to transistors in which the work- 
ing current flows through only one type of semiconductor 
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material, either n-type or p-type. In unipolar transistors, 
the working current consists of either positive or negative 
electrical charges, but never both. All MOS IC transis- 
tors are unipolar. Unipolar (MOS) IC transistors operate 
slower than bipolar IC transistors, but take up much less 
space on a chip and are much more economical to man- 
ufacture. 

unipolar field-effect transistor — A field-control- 
led majority-carrier device wherein the conductance of 
a semiconductor channel is modulated by a transverse 
electric field. The field is controlled by the combination 
of gate bias V,, and the net voltage Vas between channel 
drain and source. 

unipolar pulse — A pulse that has appreciable ampli- 
tude in only one direction. 

unipolar transistor—1.A_ transistor in which 
charge carriers are of only one polarity. See also field- 
effect transistor, 2. Transistor formed from a single type 
of semiconductor material, either n-channel or p-channel, 
as employed in field-effect transistors. 
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unipole — 1. An all-pass filter section with one pole 
and one zero. 2. A hypothetical antenna that radiates 
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and receives equally in al) directions. See also isotropic 
antenna. 

unipotential 
cathode, 

unipotential electrostatic Jens—aA simple elec- 
trostatic lens having a focus that 1s controled by a single 
potential difference. 

unit— 1. A computer portion or subassembly that 
constitutes the means of accomplishing some inclusive 
operation or function (e.g., an arithmetic unit). 2. The 
specific magnitude of a quantity set apart by appropriate 
definition and serving as a basis for the comparison 
or measurement of like quantities; the lowest standard 
quantity in any system of measurement. The unit of 
electrical energy. for example, is the kilowatthour. 3. One 
of the transceivers covered by a CB station license when 
more than one transceiver is used. 4. An assembly or 
device capable of independent operation. 

unit-area acoustic impedance— See specific 
acoustic impedance. 

unitary code—A code having only one digit, the 
number of times it is repeated determining the quantity it 
represents. 

unit charge — The electrical charge that will repel a 
force of 1 dyne on an equal and like charge | centimeter 
away in a vacuum, assuming each charge is concentrated 
at a point. 

United States of America Standards Insti- 
tute — See American National Standards Institute. 

unit interval — See signal element. 

unit length — The basic element of time for deter- 
mining code speeds in message transmission. 

unit load — The electrical load imposed on a driver 
output by the receiver inputs. The actual values for a unit 
load are specified by the device manufacturer. The unit 
load is helpful to a logic system designer in determining 
bus drive requirements. 

unit magnetic pole —A pole with a strength such 
that when it is placed 1 centimeter away from a like pole, 
the force belween the two is | dyne, 

unitor — In computers, a device or circuit that per- 
forms a function corresponding to the Boolean operation 
of union. See also OR gate. 

unit pulse — See baud. 

unit record equipment — Equipment using punched 
cards as input data, such as collators, tabulating machines, 
etc. 

unit sequence starting relay—A device that 
functions to start the next available unit in a multiple- 
unit equipment on the failure or on the nonavailability of 
the normally preceding unit. 

unit sequence switch —A switch used to change 
the sequence in which units may be placed in and out of 
service in multiple-unit equipment. 

unit step current (or voltage) — A current (or volt- 
age) that undergoes an instantaneous change in magnitude 
from one constant level to another. 

unit substation transformer — A transformer that 
is mechanically and electrically connected to and coordi- 
nated in design with one or more switch-gear or motor- 
controiled assemblies or combinations thereof. 

unit torque gradient—The torque gradient of 
a synchro, measured when the synchro is electrically 
connected to another synchro of the same size. 

unit under test— Abbreviated UUT. Any system, 
set, subsystem, assembly, or subassembly undergoing 
testing. 

unitunnel diode— 1. A diode similar to a tunnel 
diode, but specially treated to give peak reverse currents 
in the microampere region while providing high forward 


cathode —See indirectly heated 
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conductance at low voltage levels. 2. A tunnel diode 
whose peak and valley point currents are approximately 
equal. 

unity coupling — Perfect magnetic coupling between 
two coils, so that all the magnetic flux produced by 
the primary winding passes through the entire secondary 
winding. 

unity gain— An amplifier or active circuit in which 
the output level ts the same as the input ievel has unity 
gain. 

unity-gain bandwidth — The frequency at which 
the open-loop gain reaches unity, based on a 6-dB-per- 
octave crossing. It is a measure of the gain-frequency 


product of an amplifier. 


unity-gain crossover frequency — The frequency 
at which the curve of open-loop voltage gain of an 
amplifier crosses through unity gain, or zero decibels. 

unity power factor— A power factor of 1.0. It is 
obtained only when current and voltage are in phase (e.g., 
in a circuit containing only resistance, or in a reactive 
circuit at resonance). 

universal asynchronous receiver/transmit- 
ter — Abbreviated UART. 1. A device that will inter- 
face a word-parallel controller or data terminal to a 
bit-serial communication network, 2. A serial-to-parallel 
and parallel-to-serial converter. 3. An integrated circuit 
designed to handle serial/parallel/serial conversion and 
transmission of data. 4. Commonly used LSI circuit that 
serves as a universal, single-package, TTL-compatible, 
full-duplex, serial communication line controller and data 
interface. 5. A sophisticated integrated circuit that accepts 
serial data and retransmits it as parallel data and vice 
versa. 6. A two-way, serial-to-parallel (and reverse) con- 
verter chip. UARTs are either dedicated or programmable; 
the latter permits selection of variabies such as type of 
parity and word length. UART clock frequency is gener- 
ally 16 times the baud rate. 7. A logic circuit that converts 
parallel information to an asynchronous serial format, and 
serial information to a parallel format. Useful for con- 
necting processors having parallel data buses to serial I/O 
lines. 8. A logic circuit that can connect a parallel I/O 
bus to either an asynchronous or a synchronous serial I/O 
line. 

universal motor— 1. A series-wound motor design- 
ed to operate at approximately the same speed and output 
on direct current or on a single-phase alternating current 
of not more than 60 hertz and approximately the same 
rms voltage. 2. A motor with wound field and armature, 
with a commutator to make dc operation possible. When 
all windings are connected in series, it will operate on 
ac as well as dc, although the higher the ac frequency 
the more carefully the iron must be laminated to prevent 
excess eddy-current heating loss. 

universal output transformer — An output trans- 
former having a number of taps on its winding. By proper 
choice of connections, it can be used between the audio- 
frequency output stage and the speaker of practically any 
radio receiver or audio amplifier. 

universal pattern — Circuit board pattern accommo- 
dating standard package configurations, such as DIPs. 

universal product code — See UPC. 

universal receiver — Also called an ac/dc receiver. 
A receiver with no power transformer and, thus, capable 
of operating from either ac or dc power lines without 
changes in its internal connections. 

universal shunt— See Ayrton shunt. 

universal time — Abbreviated UT, Also called Green- 
wich mean time and Greenwich civil time. A standard 
based on the rotation of the earth on its axis, with reference 
to the position of the sun. 

universe — See population. 


UNIX — urgency 


UNIX— A complex and powerful multiuser computer 
operating system written in the C language originally 
developed, marketed, and trademarked by AT&T. It needs 
a computer with a large amount of RAM (random-access 
memory or storage capacity). UNIX allows a computer to 
handle multiple users and programs simultaneously and 
has TCP/IP built-in. It is the most common operating 
system for servers on the Internet. It also allows software 
to be moved (known as porting) to computers of different 
sizes or types. UNIX is available in several related 
versions. 

unload — In a computer: 1. To remove the tape from 
the columns of a recorder by raising or lowering the 
recording head. 2. To remove a portion of the address 
part of an instruction. 3. See also dump. 

unloaded antenna— An antenna with no added 
inductance or capacitance. 

unloaded applicator impedance (dielectric 
heaters) — The complex impedance measured at the 
point of application and at a specified frequency without 
the load material in position. 

unloaded line — A line with no loading coils. 

unloaded Q (switching tubes) — Also called the 
intrinsic O. The Q of a tube unloaded by either the 
generator or termination. 

unloading amplifier— An amplifier capable of 
reproducing or amplifying a given voltage signal while 
drawing negligible current from the voltage source. 

unloading circuit—In an analog computer, a com- 
puting element or combination of computing elements 
capable of reproducing or amplifying a given voltage 
signal while drawing negligible current from the voltage 
source, thus decreasing the loading errors. 

unmodulated — Having no modulation; e.g., a car- 
rier that is transmitted during moments of silence in radio 
programs, or a silent groove in a disc recording. 

unmodulated groove — Also called a blank groove. 
In mechanical recording, the groove made in the medium 
with no signal applied to the emitter. 

unoriented—A structure in which the crystallo- 
graphic axes of the grains of a metal are not aligned to 
give directional magnetic properties. 

unpack-—In a computer, to separate combined items 
of information, each into a separate machine word. 

unsaturated logic— A form of logic containing 
transistors operated outside the region of saturation; for 
example, current-mode logic (CML) and emitter-coupled 
logic (ECL). 

unserved energy—The amount of energy not 
delivered as a result of an equipment outage. 

untuned —Not resonant at any of the frequencies 
being handled. 

unusable samples—In random-sampling-oscillo- 
scope technique, those samples not falling within the time 
window. 

unweighted noise — The measured noise level in 
electronic equipment, with a measuring device that is 
sensitive to a wide range of frequencies that extend 
beyond the audible spectrum. 

unwind — In a computer, to code all the operations of 
a cycle, at length and in full, for the express purpose of 
eliminating all red-tape operations. 

UPC— Abbreviation for universal product code. A 
product identification system designed to assign a unique 
number to every product in distribution. A 10-digit bar 
code, with the first 5 digits identifying the manufacturer, 
the second 5 identifying the item. Each digit is repre- 
sented by the ratio of the widths of adjacent stripes and 
white areas. Used with optical checkout scanning devices 
that retrieve item price from a computer. 


820 


upconverter— 1. A device that increases the fre- 
quency of a transmitted signal. 2. A type of parametric 
amplifier that is characterized by the frequency of the out- 
put signal being greater than the frequency of the input 
signal. 

update-—1. To search a file (such as a particular 
record in a computer tape) and select one entry, then 
perform some operation to bring the entry up-to-date. 
2. In a computer, to modify an instruction so that the 
address numbers in it are increased by a specified amount 
each time the instruction is executed. 3. Generally applied 
to computer files in which records are added, deleted, or 
amended to ensure that the latest information is contained 
in the file. 

update-response time — The interval between the 
entry of new data into a system and the display of that 
data. 

updating — The act of bringing information up to the 
current value, 

up/down counter — Also called reversible counter. 
A counter with the capability of counting in an ascending 
or descending order, depending on the logic present at the 
up/down inputs, 

uplink — 1. An rf link from a site on the earth or from 
an aircraft to a satellite. 2, The earth-to-geosynchronous 
satellite microwave link and related components, such as 
earth station transmitting equipment. The satellite contains 
an uplink receiver; uplink components in the earth station 
are involved with the processing and transmission of 
signals to the satellite. 3. The communications path from 
the earth to the satellite. 4. The earth station electronics 
and antenna that transmit information to a communication 
satellite for relay back to the ground. 

upload — |. The process of transferring communica- 
tions instructions or data from terminals, including PCs, 
into a mainframe or host computer system. 2. To send a 
file from one computer to another via modem or other 
telecommunication method. See also download. 

upper operating temperature —The maximum 
temperature to which a material can be subjected and still 
maintain specified operating characteristics within limits. 

upper sideband — |. The higher frequency or group 
of frequencies produced by an amplitude-modulation 
process. 2. In carrier transmission, the band of frequencies 
that is higher than the carrier frequency. It is the sum of 
the instantaneous values of the carrier frequency and the 
modulating frequency. 

upset-duplex system — A direct-current telegraph 
system in which a station between any two pieces of 
duplex equipment may transmit signals by opening and 
closing the line circuit and thereby upsetting the duplex 
balance. | 

upset welding—A resistance-welding process 
wherein the weld is made simultaneously over the entire 
area of abutting surfaces or progressively along the joint 
with the aid of rolls or clamps that force the abutting 
surfaces together. The pressure is applied before heating 
starts and is maintained throughout the heating period. 

up time —1. The time during which an equipment 
is either operating or available for operation, as opposed 
to down time, when no productive work can be accom- 
plished. 2. That element of active time during which an 
item is either alert, reacting, or performing a mission. 

up-time ratio — The quotient of up time divided by 
up time plus down time. 

urea plastic material—A thermosetting plastic 
material, with good dielectric qualities, used for radio- 
receiver cabinets, instrument housing, etc. 

urgency—The degree to which a process requires 
attention; determined by the process’s priority. 
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URL— Abbreviation for Uniform Resource Locator. 
An HTTP address used by the World Wide Web to specify 
a certain site. 

usable samples — In random-sampling-oscilloscope 
technique, those samples falling within the time window. 

USART— Acronym for universal synchronous/asyn- 
chronous receiver/transmitter. See universal asynchronous 
receiver/transmitter, 

USASCII — Abbreviation for USA Standard Code for 
Information Interchange. The standard code, using a 
coded character set consisting of 7-bit coded charac- 
ters (bits including parity check), for information inter- 
change among data-processing communication systems 
and associated equipment. The USASCII set consists of 
control characters and graphic characters. Synonymous 
with ASCI. 

USASCSOCR — The United States of America Stan- 
dard Character Set tor Optical Characters. 

USASI— Abbreviation for United States of America 
Standards Institute, the successor to ASA (American 
Standards Association). 

USB-compatible — Universal Serial Bus Compati- 
ble. A new technology that allows connection of many 
different kinds of peripherals to a PC using “hubs” 
to allow as many as 127 devices to be connected to 
a single attachment point, lt can handle traffic up to 
12 Mb/sec. 

U scan—A parallel reading method to prevent 
ambiguity in the readout of polystrophic codes at the 
code-position transitions by reading one to two sets of 
brushes, depending on the state of a control or selector bit. 

useful life —The total time a device operates between 
debugging and wcarout. 

Usenet — A worldwide system of discussion groups, 
with cemments passed among hundreds of thousands of 
machines. Usenet is completely decentralized, with over 
10,000 discussion areas, called newsgroups. 

user-defined key—-A key whose function or pro- 
gram can be changed, so that a command or sequence 
of commands can be executed with a single keystroke. 
Same as programmable key and soft-function key. Unlike 
a special-function key, a user-defined key may have a 
predefined purpose. 

user-friendly— Term used to describe computer 
hardware or software that is easy to use, by virtue 
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of its design and the facilities that are offered to the 
user. 

user interface —The collection of screen formats, 
editing tools, commands, and software tools by which a 
user interacts with a computer. 

user-to-user service —A switching method that 
permits a direct user-to-user connection that does not 
include provision for message store-and-forward service. 

utilities — 1. Programs used to perform a routine 
task. 2. Standard routines of often-used functions, usually 
supplied as part of system software. 

utility-—A (usually small) application or computer 
subroutine designed with a very particular task in mind, 
like converting between two formats. 

utility program — |. A program providing basic con- 
veniences, such as capability for loading and saving pro- 
grams, for observing and changing values in a computer, 
and for initiating program execution. The utility program 
eliminates the need to rewrite a program every time a 
designer wants to perform a common function. 2. A com- 
puter program made available by the operating system to 
save programmers the bother of writing their own pro- 
grams to do often-needed tasks. 

utility routine — A standard routine, usually part of 
a larger software package, that performs a service and/or 
program maintenance function, such as file maintenance, 
file storage and retrieval, media conversions, and produc- 
tion of memory and file printouts. 

utilization factor — In electrical power distribution, 
the ratio of the maximum demand of a system (or part 
of a system) to the rated capacity of the system (or part) 
under consideration. 

Utilogic — A line of digital ICs built around a basic 
AND and a basic NOR circuit. The AND has multiple 
emitter inputs; the NOR has emitter-follower inputs. The 
output for the AND is an emitter follower, and for the 
NOR, a totem-pole arrangement. A J-K binary element is 
also included in the line. 

UUT — Abbreviation for unit under test. 

UV erasable PROM — Abbreviation for ultraviolet 
erasable PROM. A programmable read-only memory that 
can be cleared (set to 0) by exposure to intense ultraviolet 
light. After being cleared, it may be reprogrammed. 

UVROM— An ultraviolet light erasable read-only 
memory. The memory is totally erased when exposed to 
ultraviolet light for a minimum of 20 minutes. 


V —- 1. Letter symbol for volt. 2. Symbol for voltmeter. 
3. Schematic symbol for vacuum tube. 

Vec — Symbol for the supply voltage to an integrated 
circuit with respect to ground. 

Vo, Vss, Vec, Vee —In an MOS circuit, the des- 
ignation of the power-supply terminal serving the drain, 
source, collector, or emitter. The double subscript refers to 
the power-supply terminal, while a single subscript ref- 
erences the parameter at the element of a device. For 
example, Vc is the voltage measured on the collector 
itself, while Vcc is the (constant) voltage supplied to 
the collector circuit. Note: In CMOS, the term Vpp has 
been adopted as a convention referring to the positive 
power-supply terminal, although it is actually applied to 
the source of a p-channel transistor. 

VA— Letter symbol for voltampere. 

vac — Abbreviation for vacuum. 

vaccine —A program to detect the presence of a 
computer virus. 

vacuum — Abbreviated vac. Theoretically, an en- 
closed space from which all air and gases have been 
removed. However, since such a perfect vacuum is never 
attained, the term is taken to mean a condition whereby 
sufficient air has been removed so that any remaining 
gas will not affect the characteristics beyond an allowable 
amount. 

vacuum capacitor — A capacitor consisting usually 
of two concentric cylinders enclosed in a vacuum to raise 
the breakdown voltage. 

vacuum deposition— A process in which a sub- 
stance is heated in a vacuum enclosure until the substance 
vaporizes and condenses (deposits) on the surface of 
another material in the enclosure. This process is used in 
the manufacture of resistors, capacitors, microcircuits, and 
semiconductor devices. The deposited material is called a 
thin film. 

vacuum envelope — The airtight envelope that con- 
tains the electrodes of an electron tube. 

vacuum evaporation — A process in which a mate- 
rial is vaporized and the vapor deposits itself, through 
openings in a mask, onto a substrate to form a thin film. 

vacuum gage — A device that indicates the absolute 
gas pressure in a vacuum system (e.g., in the evacuated 
parts of a mercury-arc rectifier). 

vacuum impregnation — Filling the spaces between 
electric parts or turns of a coil with an insulating com- 
pound while the coil or parts are in a vacuum. 

vacuum level — The degree of a vacuum, as deter- 
mined by the pressure: rough vacuum (760 torr to 1 torr), 
medium vacuum (1 torr to 107* torr), high vacuum (107? 
torr to 107° torr), very high (hard) vacuum (10~° torr 
to 107? torr), ultrahigh (ultrahard) vacuum (below 107? 
torr). 
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vacuum metalizing—A process in which surfaces 
are given a thin coating of metal by exposing them to 
metallic vapor produced by evaporation under vacuum 
(one millionth of normal atmospheric pressure), 

vacuum phototube — 1. A phototube that is evacu- 
ated to such a degree that its electrical characteristics are 
essentially unaffected by gaseous ionization. 2. A photo- 
tube that functions within a vacuum and therefore elim- 
inates the effect of gaseous ionization on its electrical 
properties. 

vacuum pickup—A handling instrument with a 
small vacuum cup on one end, used to pick up chip 
devices. 

vacuum range — For a communications system, the 
maximum range computed for an atmospheric attenuation 
of zero. 

vacuum seal— An airtight junction between compo- 
nent parts of an evacuated system. 

vacuum switch—A switch in which the contacts 
are enclosed in an evacuated bulb, usually to minimize 
sparking. 

vacuum tank—An airtight metal chamber that 
contains the electrodes and in which the rectifying action 
takes place in a mercury-arc rectifier. 

vacuum tight — See hermetic. 

vacuum tube — An electron tube evacuated to such 
a degree that its electrical characteristics are essentially 
unaffected by the presence of residual gas or vapor. 

vacuum-tube amplifier— An amplifier in which 
electron tubes are used to control the power from the 
local source. 

vacuum-tube characteristics -— Data that shows 
how a vacuum tube will operate under various electrical 
conditions. 

vacuum-tube keying — A code-transmitter keying 
system in which a vacuum tube is connected in series 
with the plate-supply lead going to the winding in the 
plate circuit of the final stage. The grid of the tube is 
connected to its filament through the transmitting key so 
that when the key is open, the tube is blocked, interrupting 
the plate supply to the output stage. Closing the key allows 
plate current once more through the keying tube and the 
output tubes. 

vacuum-tube modulator— A modulator in which 
a vacuum tube is the modulating element. 

vacuum-tube oscillator— A circuit in which a 
vacuum tube is used to convert de power into ac power 
at the desired frequency. 

vacuum-tube rectifier— A tube that changes an 
alternating current to an unidirectional pulsating direct 
current. 

vacuum-tube transmitter — A radio transmitter in 
which electron tubes are utilized to convert the applied 
electric power into radio-frequency power. 


C. 3.3 amperes 
D. 1.2 amperes 

7 You can rearrange Ohm's law to 
calculate resistance values. 
Questions 
What is the resistance for each combination of 
voltage and current values? 


A. V = 1 volt, | = 1 ampere 
RO S ete 
B. V = 2 volts, | = 0.5 ampere 
E ere 
C. V = 10 volts, | = 3 amperes 
A ee 
D. V = 50 volts, | = 20 amperes 
NA ne 
Answers 
A. 1 ohm 
B. 4 ohms 
C. 3.3 ohms 
D. 2.5 ohms 
8 Work through these examples. In each 


case, two factors are given and you must 
find the third. 

Questions 

What are the missing values? 

A. 12 volts and 10 ohms. Find the current. 
B. 24 volts and 8 amperes. Find the 
resistance. = —_— —<ć < <ç — ç —ć 

C. 5 amperes and 75 ohms. Find the voltage. 
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vacuum-tube voltmeter— Abbreviated VTVM. 
See electronic voltmeter. 

vaience—AÁ number representing the proportion 
in which an atom is able to combine with other 
atoms. It generally depends on the number and arrange- 
ment of electrons in the outermost shell of cach type 
of atom. 

valence band — 1. In the spectrum of a solid crystal, 
the range of energy states containing the energies of 
ihe valence electrons that bind the crystal together. In a 
semiconductor material, it is just below the conduction 
band, separated from it by the forbidden gap. 2. The 
band of atomic energy levels containing the valence 
electrons, 1.e., those electrons in the outer shell of an atom. 
In an insulating or semiconductor material, the valence 
band energy level is below the conduction band. In a 
conducting material—for example, copper, aluminum, 
silver, gold, and lead—the valence-band energy level 
is above the conduction-band energy, thus allowing the 
electrons to be more free to move as an electric current. 

valence bond— Also called a bond. The bond 
formed between the electrons of two or more atoms. 

valence electrons — |. The electrons of an atom in 
the outer shell that determine the chemical valency of the 
atom. 2. Electrons in the valence band of a semiconductor, 
where they are free to move under the influence of an 
electric field. 
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Valence electrons. 


valence shell— The electrons that form the outer- 
most shell of an atom. 

validate — To ensure correctness of data that has been 
(previously) or is being entered by any of a number of 
means, including check digit, batch total, numeric only 
field, and verification. 

valiclation — The process of verifying that execution 
of a system in its specified environment causes no opera- 
tional problems. Includes prevention, diagnosis, recovery, 
and correction of errors. 

validity — Correctness; specifically, how closely 
repeated approximations approach the desired (i.e., 
correct) result. 

validity check — 1. A check to determine that a code 
group actually represents a character in the particular code 
being used. 2. A computer input-data check based on 
known limits for variables in given fields. 

valley — A dip between two peaks in a curve. 

valley current—In a tunnel diode, the current 
measured at the positive voltage for which the current 
has a minimum value from which it will increase if the 
voltage is further increased. 


vacuum-tube voltmeter — Van Atta array 
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Valley current. 


valley point — The point on the characteristic of a 
tunnel diode corresponding to the lowest voltage greater 
than the peak point voltage for which the differential 
conductance is zero. 

valley-point current—The current value at the 
valley point. 

valley-point emitter current— The currert flow- 
ing in the emitter of a unijuuction transistor when the 
device is biased to the valley point. 

valley-point voltage— The voltage value at the 
valley point. 

valley voltage—lIn a tunnel diode, the voltage 
corresponding to the valley current. 

value— 1. The magnitude of a physical quantity. 
2. The quantitative measure of a signal or variable. 

value analysis — The systematic use of techniques 
that serve to identify a required function, establish a value 
for that function, and finally to provide that function at 
the lowest overall cost. This approach focuses on the 
functions of an item rather than the methods of producing 
the present product design. 

value theory — The assignment of numerical signif- 
icance to the worths of alternative choices. 

valve —1.A British term for a vacuum tube. 2. A 
device permitting current flow in one direction only (e.g., 
a rectifier). 3. A device or system that is capable of flow 
diversion, cutoff, or modulation. 

valve tube — See kenotron, |. 

Van Allen radiation belts — Two doughnut-shaped 
belts of high-energy particles that surround the earth 
and are trapped in its magnetic field. They were first 
discovered by Dr. James A. Van Allen of Iowa State 
University. 

Van Atta antenna—A retrodirective array of 
antenna elements so interconnected that an incident wave 
produces a radiated beam from the array in the direction 
of the incident wave reversed over a significant range of 
angles of incidence, as in the case of an optical auto- 
collimator, Versions of the array may contain amplifiers, 
circulators, and mixers, and may direct the transmitted 
beam, with or without modifications, in a direction or 
directions other than that of the incident wave reversed. 

Van Atta array — An antenna array designed so that 
the received signal is reflected back toward its source in 
a narrow beam to provide signal enhancement without 
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amplification. It consists of pairs of comer reflectors or 
other elements equidistant from the center of the array 
and connected together by means of low-loss transmission 
line. 

Van de Graaff accelerator— An electrostatic- 
generator type of particle accelerator from which the 
voltage is obtained by picking up static electricity at one 
end of the machine (on a rubber belt) and carrying it to 
the other end, where it is stored. 
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Van de Graaff generator. 


vane-anode magnetron— A cavity magnetron in 
which the walls between adjacent cavities have parallel 
plane surfaces. 

vane attenuator—A waveguide device designed 
to preset attenuation in a circuit by sliding a resistive 
element from the side wall of the waveguide to the center 
for maximum attenuation. This method of attenuation 
is used in precision calibrated attenuation readings, and 
resetting must be made. Some of its countless applications 
are calibrations of other attenuators, directional couplers, 
filters, and other lossy components, in antenna-pattern 
measurements, noise-level measurements, and for setting 
power levels to desired values. 

vane-type instrument— A measuring instrument 
in which the pointer is moved by the force of repulsion 
between fixed and movable magnetized iron vanes, or by 
the force between a coil and a pivoted vane-shaped piece 
of soft iron. 

vane-type magnetron—aA cavity magnetron in 
which the walls between adjacent cavities have plane 
surfaces. 

V-antenna— A V-shaped arrangement of conductors, 
the two branches being fed equally in opposite phase at 
the apex. 

vapor pressure — The pressure of the vapor accu- 
mulated above a confined liquid (e.g., in a mercury-vapor 
rectifier tube). 

vaporware — A jocular term for products or compo- 
nents that have been announced by a vendor that do not 
yet exist and may never exist, 
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var— Letter symbol for voltampere reactive. The unit 
of reactive power, as opposed to real power in watts. One 
var is equal to one reactive voltampere. 

VAR — Abbreviation for visual-aural range. 

varactor— Also called varactor diode, silicon capac- 
itor, voltage-controlled capacitor, and voltage-variable 
capacitor. 1. A two-terminal solid-state device that uti- 
lizes the voltage-variable capacitance of a pn junction. 
In the normal semiconductor diode, efforts are made to 
minimize inherent capacitance, while in the varactor, this 
capacitance is emphasized. Since the capacitance varies 
with the applied voltage, it is possible to amplify, multi- 
ply, and switch with this device. 2. Semiconductor diode 
that exhibits a change in capacitance with a change in 
applied voltage when operated in a reverse-biased condi- 
tion. Varactors are used as voltage-variable capacitors in 
tuned circuits. 

varactor diode—A two-terminal semiconductor 
device in which use is made of the fact that its capacitance 
varies with the applied voltage. See also varactor. 

varactor-tuned oscillator — An oscillator in which 
a varactor diode is used in the frequency-determining 
networks that encompass the circuit's active device(s). 

varhour meter— Also called a reactive voltampere- 
hour meter. An electricity meter that measures and regis- 
ters the integral (usually in kilovarhours) of the reactive 
power of the circuit into which the meter is connected. 

variable —.1. Any factor or condition that can be 
measured, altered, or controlled (e.g., temperature, pres- 
sure, flow, liquid level, humidity, weight, chemical com- 
position, color). 2, A quantity that can take on any of a 
given set of values. 3. In a computer, a symbol whose 
numeric value changes from one iteration of a program 
to the next or within each iteration of a program. 

variable-area track— A sound track divided later- 
ally into opaque and transparent areas. A sharp line of 
demarcation between these areas forms an oscillographic 
trace of the waveshape of the recorded signal. 

variable-capacitance diode — Abbreviated VCD. 
A semiconductor diode in which the junction capacitance 
present in all semiconductor diodes has been accentuated. 
An appreciable change in the thickness of the junction- 
depletion layer and a corresponding change in the capac- 
itance occur when the dc voltage applied to the diode is 
changed. 

variable-capacitance transducer — A transducer 
that measures a parameter or a change in a parameter by 
means of a change in capacitance. 

variable capacitor—-1. A capacitor that can be 
changed in capacitance by varying the useful area of its 
plates, as in a rotary capacitor, or by altering the distance 
between them, as in some trimmer capacitors. 2. A 
capacitor whose capacitance can be varied by varying 
the separation between a pair of plates, or by varying 
the depth of insertion of interleaved plates. (Most widely 
used for tuning radio-frequency circuits.) 

variable-carrier modulation— See controlled- 
carrier modulation. 

variable-compression capacitor— A capacitor 
in which the capacitance can be varied by compressing a 
stack of electrode and dielectric layers. 

variable concentric capacitor — An air dielectric 
capacitor in which the capacitance can be varied by the 
axial movement of a rotor in a stator. 

variable connector — 1. A flowchart symbol repre- 
senting a sequential connection that is not fixed, but which 
can be varied by the flowcharted procedure itself. 2. The 
device that inserts instructions in a program correspond- 
ing to the selection of paths appearing in a flowchart. 
3. The computer instructions that cause a logical chain to 
take one of several alternative paths. 
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variable coupling — Inductive coupling that can be 
varied by moving the windings. 

variable-cycle operation — Computer operation in 
which any cycle is started at the completion of the 
previous cycle, instead of at specified clock times. 

variable-density track — A sound track of constant 
width and usually, but not necessarily, of uniform light 
transmission on any instantaneous transverse axis. The 
average light transmission varies along the longitudinal 
axis in proportion to some characteristic of the applied 
signal. 

variable-depth sonar— A sensor that can be low- 
ered by cable from a ship or helicopter, through the 
thermal layers, to detect submarines operating at deeper 
levels. 

variable disc capacitor — A solid-dielectric capac- 
itor in which the capacitance can be varied by rotating a 
metal or metallized disc. 

variable-erase recording — The method of record- 
ing on magnetic tape by selective erasure of a prerecorded 
signal. 

variable field—A field in which the scalar (or 
vector) at any point changes during the time under 
consideration. 

variable-frequency oscillator — Abbreviated 
VFO. A stable oscillator whose frequency can be adjusted 
over a given range. 

variable-frequency synthesizer — An instrument 
that translates the stability of a single frequency, usually 
obtainec from a frequency standard, to any one of 
many other possible frequencies. In common usage, such 
instruments are called simply frequency synthesizers. 

variable inductance — Also called variable induc- 
tor. A coil whose inductance can be varied. 
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variabie-inductance pickup — A phonograph pick- 
up in which the movement of a stylus causes the induc- 
tance tc vary accordingly. 

variable-inductance transducer— A transducer 
in which the output voltage is a function of the change in 
a variable-inductance element. 

variable-length record — In a computer, pertaining 
to a file in which there is no constraint on the record 
length. (Opposite of fixed-length record.) 

variable monoergic— A type of emission in which 
the magnitude of the homogeneous particle or radiation 
energy is continuously variable over broad limits; e.g., 
the proton energy from some types of accelerators can be 
controlled by varying the high voltage. 

variable-mu pressure transducer— A device 
that converts mechanical input pressure to a proportional 
electrical output based on the change of the mu of 
its Magnetic circuit due to the applied pressure (Villari 
effect), 

variable-mu tube — See remote-cutoff tube. 
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variable point — Pertaining to a system of numera- 
tion in which the position of the radix point is indicated 
by a special character at that position. 

variable radio-frequency radiosonde — A radio- 
sonde whose carrier frequency is modulated Sy the 
magnitude of the meteorological variables being sensed. 

variable reluctance — Principle employed in cer- 
tain phonograph pickups. Deflections of the stylus when 
playing a record make an armature vibrate between the 
poles of an electromagnet. The reluctance is the ratio of 
magnetic force to magnetic flux in a magnetic field. Vari- 
ations due to stylus movement create variations in the 
current through the electromagnet. 

variable-reluctance microphone — Also called a 
magnetic microphone. A microphone that depends for its 
operation on the variations in reluctance of a magnetic 
circuit. 

variable-reluctance pickup-——1. A phonograph 
cartridge that derives its electrical output signal from 
change effected in a magnetic circuit by means of some 
mechanical device such as a moving coil or magnet. 2. A 
type of cartridge that generates its signal from the relative 
motions of a magnetic field and a coil or coils (either 
the field or the coils may move, depending on cartridge 
design). The output is proportional to the velocity of 
the stylus motion. This requires an equalization circuit 
in the preamplifier to restore proper frequency balance, 
since records are cut with more nearly constant-amplitude 
than constant-velocity characteristics. 3. A phonograph 
pickup that depends for its operation on the variation of 
a resistance. 
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variable-reluctance stepping motor— A motor 
with a soft-iron rotor that is made to step by sequential 
excitation of stator coils. It requires complementary 
equipment to furnish the sequencing pulses. 

variable-reluctance transducer — Also called a 
magnetic transducer. A transducer that depends for its 
operation on the variations in reluctance of a magnetic 
circuit, 

variable-resistance transducer—A transducer 
in which the signal output depends on the change in a 
resistance element. 

variable resistor— A wirewound or composition 
resistor whose resistance may be changed. See also 
potentiometer, 1; rheostat. 
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variable-speed motor -— A motor whose speed can 
be adjusted within certain limitations, regardless of load. 

variable-speed scanning—A scanning method 
whereby the optical density of the film being scanned 
determines the speed at which the scanning beam in the 
cathode-ray tube of a television camera is deflected. 

variable transformer— An iron-core transformer 
with provision for varying its output voltage over a limited 
range, or continuously from zero to maximum — generally 
by the movement of a contact arm along exposed turns 
of the secondary winding. 

variable tubular capacitor— A solid-dielectric 
capacitor in which the capacitance can be varied by the 
axial movement of an electrode within a tube. 

variable vane capacitor —A capacitor in which 
the capacitance can be varied by rotating the rotor vanes 
between the stator vanes. 

Variac — An autotransformer that contains a toroidal 
winding and a rotating carbon brush so that the output 
voltage is continuously adjustable from zero to line 
voltage plus 17 percent. Trade name of General Radio 
Company, 

variance -—A measure of the fluctuations of data 
around the mean. 

variants — 1. Two or more cipher or code groups that 
have the same plain-language equivalent. 2. Two or more 
plaintext meanings that are represented by a single code 
group. 

variate — See random variable, 1. 

variation -—The angular difference between a true and 
a magnetic bearing or heading. 

varicap — See varactor. 

varindor— An inductor whose inductance varies 
markedly with the current in the winding. 

variocoupler— A radio transformer with windings 
that have an essentially constant self-impedance, but the 
mutual impedance between them is adjustable. 

variolosser— A device whose loss can be controlled 
by a voltage or current. 

variometer — A variable inductor consisting of a pair 
of series- or parallel-connected coils whose axes can be 
varied one with respect to the other. The change in mutual 
inductance causes a change in the total inductance. 

varioplex — A telegraph switching system that estab- 
lishes connections on a circuit-sharing basis between a 
number of transmitters in one locality and corresponding 
receivers in another locality over one or more intervening 
channels. Maximum use of channel capacity is obtained 
by employing momentary storage of signals and allocat- 
ing circuit time in rotation among the transmitters that 
have information in storage. 

varistor—From “variable resistor.” 1. A two- 
electrode semiconductor device with a voltage-dependent 
nonlinear resistance that drops markedly as the applied 
voltage is increased. 2. A passive resistorlike circuit 
element whose resistance is a function of the current 
through it. The current through it is a nonlinear function 
of the voltage across its terminals; hence, a self-varying 
resistance. See also voltage-dependent resistor. 3. A 
voltage-dependent symmetrical resistor with a high degree 
of nonlinearity (the resistance does not change linearly 
as a function of the applied voltage). The value of the 
resistance is very high at voltages lower than nominal 
and very quickly changes to an extremely low value of 
resistance as the applied voltage is increased above the 
nominal voltage. The device is used as a voltage-transient 
or voltage-surge suppressor to improve the reliability 
of a voltage-sensitive circuit. It provides instantaneous 
response to high voltage, with good temperature stability 
and excellent clamping characteristics. The device is 
normally connected across its input terminals or across the 
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ac power source, providing protection with an effective 
low resistance somewhat above the normal input or line 
voltage values. One of the varistor’s main uses is to 
protect electronic equipment against lightning. It is also 
used to protect against sudden or transient surges of 
voltage in an ac power line. See also MOV. 

Varley loop —aA type of Wheatstone-bridge circuit 
that gives, in one measurement, the difference in resis- 
tance between two wires of a loop. 

varmeter — Also called a reactive voltampere meter. 
An instrument for measuring reactive power in either vars, 
kilovars, or megavars. If the scale is graduated in kilovars 
or megavars, the instrument is sometimes designated a 
kilovarmeter or megavarmeter. 

varnished cambric— A linen or cotton fabric that 
has been impregnated with varnish or insulating oil and 
baked. It is used as insulation in coils and other radio 
parts. 

varying duty — A requirement of service that demands 
operation at loads and for intervals of time, both of which 
may be subject to wide variation. 

varying-speed motor— A motor that slows down 
as the load increases (e.g., a series motor, or an induction 
motor with a large amount of slip). 

varying voltage control—A form of armature- 
voltage control obtained by impressing, on the armature, 
a voltage that varies considerably with a change in load 
and consequently changes the speed of the motor (e.g., 
by using a differentially compound-wound generator or a 
resistance in the armature circuit). 

V-beam system—aA radar system for measuring 
elevation. The antenna emits two fan-shaped beams, one 
vertical and the other inclined, which intersect at ground 
level. Each beam rotates continuously about a vertical 
axis, and the time elapsing between the two echoes from 
the target provides a measure of its elevation. 

VCD — Abbreviation for variable-capacitance diode. 

v-chip — A semiconductor that blocks the display of 
violent and/or pornographic material on a TV, Transmit- 
ters have to incorporate a signal for the system to function. 

VCO — Abbreviation for voltage-controlled oscillator. 

VCR— 1. Abbreviation for voltage-controlled resistor. 
2. Abbreviation for videocassette recorder (or player). 

V-cut— A type of oscillator-crystal cut in which the 
major plane surfaces are not parallel to the X, Y, or Z 
planes. 

VDR — See voltage-dependent resistor. 

VDT — Abbreviation for video display terminal. A 
CRT or gas-plasma tube display screen terminal or 
keyboard console that allows keyed or stored text to be 
viewed for manipulation or editing. 

VDU — 1. See video display unit. 2. Abbreviation for 
visual display unit. A display of data for use by human 
operators. Data is usually displayed as several rows of 
alphanumeric characters. 

vector—A quantity that has both magnitude and 
direction. Vectors commonly are represented by a line 
segment with a length that represents the magnitude and 
an orientation in space that represents the direction. See 
vector quantity. 

vector admittance —The ratio for a single sinu- 
soidal current and potential difference in a portion of a 
circuit of the corresponding complex harmonic current to 
the corresponding complex potential difference. 

vector-ampere —The unit of measurement of vec- 
tor power. 

vector cardiograph — An instrument that measures 
both the magnitude and the direction of heart signals by 
displaying cardiograph signals on any desired set of axes, 
usually x, y, and z. 
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vector diagram — An arrangement of vectors show- 
ing the relationships between alternating quantities having 
the same frequency. 

vectored interrupt — 1. An interrupt in a computer 
that carries its identity number or the address of its han- 
dler. 2. An interrupt scheme in which each interrupting 
device causes the operating system to branch to a differ- 
ent interrupt routine. This scheme is useful for a very fast 
interrup* response. 

vector field — In a given region of space, the total 
value of some vector quantity that has a definite value 
at each point of the region (e.g., the distribution of 
magnetic intensity in a region surrounding a current- 
carrying conductor). 

vector function — A function that has both magni- 
tude and direction (e.g., the magnetic intensity at a point 
near an electric circuit is a vector function of the current 
in that circuit). 

vector generator—-That part of the display con- 
troller which draws vectors on the screen. Control codes 
within the display list specify whether the vector genera- 
tors will move the beam in a blanked or unblanked mode. 
If the beam is unblanked, the vector will be drawn in a 
specified texture. 

vector impedance-—The ratio for a simple sinu- 
soidal current and potential difference in a portion 
of a circuit of the corresponding complex harmonic 
potential difference to the corresponding complex cur- 
rent. 

vector interrupt— A term used to describe a micro- 
processor system in which each interrupt, both internal 
and external, has its own uniquely recognizable address. 
This enables the microprocessor to perform a set of spec- 
ified operations that are preprogrammed by the user to 
handle each interrupt in a distinctively different man- 
ner. 

vector power—A vector quantity equal to the 
square root of the sum of the squares of the active and 
reactive powers. The unif is the vector-ampere. 

vector power factor — Ratio of the active power to 
the vector power. In sinusoidal quantities, it is the same 
as power factor. 

vector processing—A method for carrying out 
many repetitive mathematical operations with a single 
computer instruction. 

vector quantity — A quantity that has both magni- 
tude and direction. Examples of quantities that are vectors 
are displacement, velocity, force, and magnetic intensity. 

vector refresh display — See calligraphic display. 

vector scan — Technique of displaying images on a 
screen, particularly suitable for precision drawings and 
animation. It is available only on special visual display 
units. Images are created by moving an electron beam in 
the CRT to any place on the screen, just as a pen is moved 
in any direction on paper. The positions are specified as 
x and y coordinates. 

vectorscope — l. An oscilloscope with a circular 
time base of extreme stability (determined by the fre- 
quency of the color subcarrier). The instrument can be 
used to check the time delay between two signals because 
the phase difference at a particular frequency can be 
related to time difference. 2. Special synchroscope used 
in color TV camera and color encoder calibration. The 
vectorscope will graphically indicate on a CRT the abso- 
lute angles the different color signals describe in respect 
to a reference and to each other. These angles as read 
on the vectorscope represent the phase differences of the 
signals. 

vector stroke display — See calligraphic display. 

velocimeter — A continuous-wave reflection Doppler 
system used to measure the radial velocity of an object. 
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velocity —-A vector quantity that includes both mag- 
nitude (e.g., speed) and direction in relation to a given 
frame of reference. 

velocity error — The amount of angular displacement 
existing between the input and output shafts of a ser- 
vomechanism when both are turning at the same speed. 

velocity filter — A storage-tube device that blanks ali 
targets that do not move more than one resolution cell in 
less than a predetermined number of antenna scans. 

velocity hydrophone —A type of hydrophone in 
which the electric output is substantially proportional to 
the instantaneous particle velocity in the incident sound 
wave. 

velocity-lag error—A lag between the input and 
output of a device, proportional to the rate of variation of 
the input. 

velocity level — In decibels of a sound, 20 times the 
logarithm to the base 10 of the ratio of the particle velocity 
of the sound to the reference particle velocity. The latter 
must be stated explicitly. 

velocity microphone —A microphone in which the 
electric output corresponds substantially to the instanta- 
neous particle velocity in the impressed sound wave. lt 
is a gradient microphone of order one, and is inherently 
bidirectional. 

velocity-modulated amplifier— Also called a 
velocity-variation amplifier. An amplifier in which 
velocity modulation is employed for amplifying radio 
frequencies. 

velocity-modulated oscillator— Also called a 
velocity-variation oscillator. An electron-tube structure 
in which the velocity of an electron stream is varied 
(velocity-modulated) in passing through a resonant cavity 
called a buncher. Energy is extracted from the bunched 
electron stream at a higher level in passing through a 
second cavity resonator called the catcher. Oscillations 
are sustained by coupling energy from the catcher cavity 
back to the buncher cavity. 

velocity modulation — Also called velocity varia- 
tion, 1. Modification of the velocity of an electron stream 
by the alternate acceleration and deceleration of the elec- 
trons with a period comparable to that of the transit time in 
the space concerned. 2. Modulation of an electron stream 
by alternately accelerating and decelerating the electrons, 
thus grouping them into bunches. 

velocity of ligħt— A physical constant equal to 
2.99796 x 10'° centimeters per second. (More conve- 
niently expressed as 186,280 statute miles per second, 
or 161,750 nautical miles per second, or 328 yards per 
microsecond.) 

velocity of propagation — 1. The speed at which a 
disturbance (e.g., sound, radio, light waves) is radiated 
through a medium. 2. The ratio of the speed of the 
flow of an electric current in an insulated cable to the 
speed of light, expressed in percentage. In the case of 
coaxial cables, this ratio is 65 to 66 percent, where the 
insulation is polyethylene. 3. The speed of transmission 
of electrical energy through a cable compared with its 
speed through air, expressed as a percentage of the speed 
in free space. Radio-frequency signals are transmitted 
in free space at a speed of 186,280 statute miles per 
second (2.99796 x 10° m/s). Velocity of propagation is 
determined by the ratio of the dielectric constant of 
air to the square root of the dielectric constant of the 
insulation and is expressed in percent. 4. The speed 
with which a signal wave travels through a particular 
transmission, 

velocity pickup — A magnetic pickup whose output 
increase is a function of recorded velocity. (This differs 
from the ceramic pickup, whose output is a function of 
amplitude or deflection of the stylus.) 
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velocity resonance — See phase resonance. 

velocity sorting — The selecting of electrons accord- 
ing to their velocity. 

velocity spectrograph-— An apparatus for sepa- 
rating an emission of electrically charged particles into 
distinct streams in accordance with their speed, by means 
of magnetic or electric deflection. 

velocity transducer — A transducer that generates 
an output proportionate to the imparted velocities. 

velocity variation — See velocity modulation. 

velocity-variation amplifier — See velocity-modu- 
lated amplifier. 

velocity-variation oscillator — See velocity-modu- 
lated oscillator. 

Venn diagrams— Diagrams in which circles or 
ellipses are used to give a graphic representation of 
basic logic relations. Logic relations between classes, 
operations on classes, and the terms of the propositions 
are illustrated and defined by the inclusion, exclusion, 
or intersection of these figures. Shading indicates empty 
areas, crosses indicate areas that are not empty, and 
blank spaces indicate areas that may be either. Named 
for English logician John Venn, who devised them. 

vent—A controlled weakness somewhere in the 
enclosure of an aluminum electrolytic capacitor to per- 
mit pressure relief in case of failure due to shorting or 
improper installation of the capacitor. 

vented baffle-— An enclosure designed to properly 
couple a speaker to the air. 

ventilated transformer—A dry-type transformer 
that is so constructed that the ambient air may circulate 
through its enclosure to cool the transformer core and 
windings. 

venturi tube — A short tube with flaring ends and a 
constricted throat. It is used for measuring flow velocity 
by measurement of the throat pressure, which decreases 
as the velocity increases. 

verification— The process of checking the results 
of one data transcription against those of another, both 
transcriptions usually involving manual operations. See 
also check. 

verifier — 1. Of computers, a device on which a 
record can be compared or tested for identity character 
by character with a retranscription or copy as it is 
being prepared. 2. A machine that is used to check the 
correctness of manually recorded data. 

verify— 1. To check, usually with an automatic 
machine, one recording of data against another in order 
to minimize the number of human errors in the data 
transcription. 2. To make certain that the information 
being prepared for a computer is correct. 

vernier— 1. An auxiliary scale comprising subdivi- 
sions of the main measuring scale and, thus, permitting 
more accurate measurements than are possible from the 
main scale alone. 2. An auxiliary device used for obtain- 
ing fine adjustments. 

vernier capacitor— A variable capacitor placed in 
parallel with a larger tuning capacitor and used to provide 
a finer adjustment after the larger one has been set to the 
approximate desired position. 

vernier dial —A type of tuning dial used chiefly for 
radio equipment. Each complete rotation of its control 
knob moves the main shaft only a fraction of a revolution 
and thereby permits fine adjustment. 

vernitel — A precision device that makes possible the 
transmission of data with high accuracy over standard 
frequency-modulated telemetering systems. 

vertex — See node, 1. 

vertex plate — A matching plate placed at the vertex 
of a reflector. 
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vertical — In 45/45 recording, the signal produced by 
a sound arriving at the two microphones simultaneously 
and 180° out of phase, causing the cutting stylus to move 
vertically. 

vertical amplification — Signal gain in the circuits 
of an oscilloscope that produces vertical deflection on the 
screen. 

vertical-amplitude controls — See parabola con- 
trols. 

vertical antenna—A vertical metal tower, rod, 
or suspended wire that is used as a receiving and/or 
transmitting antenna. 

vertical blanking — Blanking of a television picture 
tube during the vertical retrace. 

vertical-blanking interval — The brief time between 
television fields required for the scanning electron gun to 
retrace from the bottom of the image to the top to begin 
scanning the next field. The interval occupies 16,667 mil- 
liseconds and occurs at the end of each 262.5 field scan 
lines. There are 21 usuable lines in this interval, which 
are devoted to 6 vertical synch pulses and 12 equalizing 
pulses, as well as additional horizontal pulse intervals. 

vertical-blanking pulse— In television, a pulse 
transmitted at the end of each field to cut off the cathode- 
ray beam while it returns to the start of the next field. 

vertical-centering control —A control provided in 
a television receiver or cathode-ray oscilloscope to shift 
the entire image up or down on the screen. 

vertical compliance — The ability of a reproducing 
stylus to move vertically while in the reproducing position 
on a record. 

vertical-deflection electrodes — The pair of elec- 
trodes that move the electron beam up and down on 
the screen of a cathode-ray tube employing electrostatic 
deflection, 

vertical dynamic convergence — Convergence of 
the three electron beams at the aperture mask of a color 
picture tube during the scanning of cach point along a 
vertical line at the center of the tube. 

vertical-field-blanking interval —See vertical- 
blanking interval 

vertical field-strength diagram — A representa- 
tion of the field strength at a constant distance from, and 
in a vertical plane passing through, an antenna. 

vertical frame transfer—A CCD configuration 
in which all charges accumulated during an integration 
period are rapidly moved out of the optically active area 
and to an identical optically shielded CCD area where the 
accumulation is read out at a slower pace during the next 
integration period. 

vertical-frequency response — In an oscilloscope, 
the band of frequencies passed, with amplification between 
specified limits, by the amplifiers that produce vertical 
deflection on the screen, 

vertical-hold control — See hold control. 

vertical-incidence transmission — The transmis- 
sion of a radio wave vertically to the ionosphere and back. 
The transmission remains practically the same for a slight 
departure from the vertical (e.g., when the transmitter and 
receiver are a few kilometers apart). 

vertical-lateral recording — A technique of mak- 
ing stereo phonograph discs by recording one signal lat- 
erally, as in monophonic records, and the other vertically, 
as in hill-and-dale-transcriptions. 

vertical linearity control— A control that permits 
adjustment of the spacing of the horizontal lines on 
the upper portion of the picture to effect linear vertical 
reproduction of a television scene. 

vertically polarized wave — 1. An electromagnetic 
wave with a vertical electric vector. 2. A linearly polar- 
ized wave with a horizontal field vector. 
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vertical MOS — See YMOS. 

vertical polarization — 1. Transmission in which 
the transmitting and receiving antennas are placed in a 
vertical plane, so that the electrostatic field also varies in 
a vertical plane. 2. Transmission of radio waves whose 
undulations vary vertically with respect to the earth. 

vertical quarter-wave stub— An antenna with a 
vertical portion that is electrically one quarter-wavelength 
long. It is used generally with a ground plane at the base 
of the stub. 

vertical radiator — A transmitting antenna perpen- 
dicular to the earth’s surface. 

vertical recording—Also called hill-and-dale 
recording. Mechanical recording in which the groove 
modulation is perpendicular to the surface of the recording 
medium. 

vertical redundance —In a computer, an error 
condition that exists when a character fails a parity check, 
ie., has an even number of bits in an odd-parity system 
or vice versa. 

vertical resolution — 1. On a television test pattern, 
the number of horizontal wedge lines that can be clearly 
discerned by the eye before they merge together. 2. The 
number of horizontal lines that can be seen in the 
reproduced image of a television pattern. 

vertical retrace — 1. The return of the electron beam 
from the bottom of the image to the top after each vertical 
sweep. 2. The return of the electron beam to the top of 
the picture tube screen or the pickup tube target at the 
completion of the field scan. 

vertical scanning —- Scanning that proceeds in a 
series of vertical lines. 

vertical scrolling — The ability of a word processor 
to move vertically, a line at a time, up and down through 
a display page or more of text. This allows text that will 
not fit on a video display screen to be accessed for review 
or editing. Used in systems that have a display buffer 
(memory area) larger than the display screen capacity. 

vertical speed transducer— An instrument that 
furnishes an electrical output that is proportionate to the 
vertical speed of the aircraft or missile in which it is 
installed. 

vertical structured metal-oxide silicon power 
field-effect transistor — See VMOS power FET. 

vertical stylus force — See stylus force. 

vertical sweep — The downward movement of the 
scanning beam from top to bottom of the televised picture. 

vertical sync— The synchronizing pulses used to 
define the end of one television field and the start of 
the next, occurring at a rate of approximately 59.94 Hz 
(color) and 60 Hz (black and white). 

vertical-synchronizing pulse— Also called 
picture-synchronizing pulse. One of the six pulses trans- 
mitted at the end of each field in a television system. It 
maintains the receiver in field-by-field synchronism with 
the transmitter. 

vertical tracking — The phonograph pickup stylus 
motion path that is near vertical. Applies to hill-and-dale 
recordings on stereo discs. 

vertical tracking force — The minimum downward 
force at which a phonograph cartridge works without 
mistracking, i.e., a momentary hop by the stylus (making 
a raspy sound) or a jump into the next groove. 

very high frequency — Abbreviated VHF. Fre- 
quency band: 30 to 300 MHz. Wavelength: 10 to 
| meters. 

very large-scale integration — See VLSI. 

very long range —A classification of ground radar 
sets by slant range, applied to those with a maximum 
range exceeding 250 miles (402 km). 
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very low frequency — Abbreviated VLF. Frequency 
band: below 30 kHz. Wavelength: above 10,000 meters. 

very short range — Classification of ground radar 
sets by slant range, applied to those with a maximum 
range of less than 25 miles (40.2 km). 

vestigial — Pertaining to a remnant or remaining part. 

vestigial sideband — Amplitude-modulated trans- 
mission in which a portion of one sideband has been 
largely suppressed by a transducer having a gradual cutoff 
in the neighborhood of the carrier frequency. 
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vestigial-sideband filter —A filter that is inserted 
between an AM transmitter and its transmitting antenna 
to suppress part of one of the sidebands. 

vestigial-sideband transmission — Also called 
asymmetric-sideband transmission. Signal transmission 
in which one normal sideband and the corresponding 
vestigial sideband are utilized. 

vestigial-sideband transmitter — A transmitter in 
which one sideband and only a portion of the other are 
transmitted. 

v/f converter — See voltage-to-frequency converter. 

VFO — Abbreviation for variable-frequency oscillator. 

VGA— Abbreviation for Video Graphics Array. A 
VGA monitor has a 480 x 640 display resolution and can 
display up to 256 colors simultaneously. A video standard 
for IBM PC and compatible computers. 

V-groove metal-oxide silicon — See VMOS. 

VHF — 1. Abbreviation for very high frequency. 2. In 
television, a term used to designate channels 2 through 13. 

VHF omnirange— Abbreviated VOR. A specific 
type of range operating at VHF and providing radial lines 
of position in a direction determined by the bearing selec- 
tion within the receiving equipment. A nondirectional 
reference modulation is emitted, along with a rotation 
pattern that develops a variable modulation of the same 
frequency as the reference modulation, Lines of position 
are determined by comparing the phase of the variable 
with that of the reference. 

VHLL — Abbreviation for very high-level language. 
Usually a problem or requirements description language, 
ranging in form from the highly abstract to plain English. 

VHSIC — Abbreviation for very high-speed integrated 
circuits. 

via — 1. A vertical conductor or conductive path form- 
ing the interconnection between multilayer hybric circuit 
layers. 2. Means of passing from one layer or side of a 
printed circuit board to the other. 

via hole—A plated-through hole that establishes 
electrical continuity but which is not intended for a 
component lead. See plated-through hole. 

vibrating bell — A bell having a mechanism designed 
to strike repeatedly and as long as it is actuated. 

vibrating-reed meter — Also called reed frequency 
meter. A frequency meter consisting of a row of steel 
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reeds, each having a different natural frequency. All 
are excited by an electromagnet fed with the alternating 
current whose frequency is to be measured. The reed 
whose frequency corresponds most nearly with that of 
the current vibrates, and the frequency is read on a scale 
beside the row of reeds. 

vibrating-reed relay — 1. A type of relay in which 
an alternating or a self-interrupted voltage is applied 
to the driving coil so as to produce an alternat- 
ing or pulsating magnetic field that causes a reed to 
vibrate. 2. A type of relay that is actuated by sound 
frequency. Can be triggered by an electrical resonant 
circuit, or simply by a mechanically induced sound 
vibration. 

vibrating-wire tranducer— A transducer that uti- 
lizes a thin wire suspended in a magnetic field; the change 
in tension of the wire reflects a frequency-modulating 
output. 

vibration — 1. A continuously reversing change in the 
magnitude of a given force. 2. A mechanical oscillation 
or motion about a reference point of equilibrium. 

vibration analyzer—A device used to analyze 
mechanical vibrations. 

vibration-detection system— An alarm system 
that employs one or more contact microphones or vibra- 
tion sensors that are fastened to the surfaces of the area 
or object being protected to detect excessive levels of 
vibration. The contact microphone system consists of 
microphones, a control unit containing an amplifier and an 
accumulator, and a power supply. The unit's sensitivity 1s 
adjustable so that ambient noises or normal vibrations will 
not initiate an alarm signal. In the vibration sensor system, 
the sensor responds to excessive vibration by opening a 
switch in a closed-circuit system. 

vibration galvanometer— An ac galvanometer in 
which a reading is obtained by making the natural 
oscillation frequency of the moving element equal to the 
frequency of the current being measured. 

vibration isolator— A resilient support that tends to 
isolate a system from steady-state excitation or vibration. 

vibration meter— Also called a vibrometer. An 
apparatus comprising a vibration pickup, calibrated ampli- 
fier, and output meter, for the measurement of displace- 
ment, velocity, and acceleration of a vibrating body. 

vibration pickup — A microphone that responds to 
mechanical vibrations rather than to sound waves. In one 
type, a piezoelectric unit is employed; the twisting or 
bending of a Rochelle-salt crystal generates a voltage that 
varies with the vibration being analyzed. 

vibration sensitivity —The peak instantaneous 
change in output at a given sinusoidal vibration level for 
any One stimulus value within the range of an instrument 
or equipment. It is usually expressed in percentage of 
full-scale output per vibratory “g” over a given frequency 
range. It may also be specified as a total error in 
percentage of full-scale output for a given vibratory 
acceleration level. 

vibration sensor — A sensor that responds to vibra- 
tions of the surface on which it is mounted. It has a 
normally closed switch that will momentarily open when 
it is subjected to a vibration with sufficiently large ampli- 
tude. Its sensitivity is adjustable to allow for the different 
levels of normal vibration, to which the sensor should 
not respond, at different locations. See also vibration- 
detection system. 

vibration survey—A method of determining the 
natural frequency of a transducer by observation of the 
output waveform upon the application of a shock or 
tapping of sufficient magnitude to initiate oscillation of 
the instrument. 
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vibration test—A test to determine the ability of 
a device to withstand physical oscillations of specified 
frequency, duration, and magnitude. 

vibration welding — Method of fusing two plastic 
parts by vibrating (rubbing) the mating surfaces together 
at relatively low frequencies, 90 to 120 Hz. 

vibrato —1. A musical embellishment that depends 
primarily on periodic variations of frequency, often 
accompanied by variations in amplitude and waveform. 
The quantitative description of vibrato is usually in terms 
of the corresponding modulation of frequency (typically 5 
to 7 Hz), amplitude, or waveform, or all three. 2. Regular 
variation in the frequency of a sound, generally at a 
frequency between 2 and 15 times per second. This fre- 
quency modulation by a low-frequency oscillator is com- 
monly used with guitars, organs, synthesizers, and the 
human voice. 

vibrator —1.A vibrating reed that is driven like 
a buzzer and has contacts arranged to interrupt direct 
current to the winding(s) of a transformer, resulting in an 
alternating current being supplied from another winding to 
the load. 2. Electromagnetic device that is used to change 
a continuous steady current into a pulsating current. 3. An 
electromagnetic device for converting a direct voltage into 
an alternating voltage. 

vibrator power supply — A power supply incorpo- 
rating a vibrator, step-up transformer, rectifier, and filters 
for changing a low dc voltage to a high dc voltage. 

vibratron— A triode with an anode that can be moved 
or vibrated by an external force. Thus, the anode current 
will vary in proportion to the amplitude and frequency of 
the applied force. 

vibrometer — See vibration meter. 

video — 1. Pertaining to the bandwidth and spectrum 
position of the signal resulting from radar or televi- 
sion scanning. In current usage, video means a band- 
width on the order of several megahertz and a spec- 
trum position that goes with a dc carrier. 2. A prefix to 
the name of television parts or circuits that carry pic- 
ture signals. 3. Radar or television signals that actuate 
a cathode-ray tube. 4. Composite video contains color 
and luminance (brightness information) as well as hor- 
izontal and vertical synch pulses during the horizontal 
and vertical blanking intervals. One line of video, for 
instance, amounts to approximately 52 microseconds in 
visible horizontal scan time, and 63.5 microseconds for 
a complete line, including the color burst and horizontal 
synch. 

video adapter — An expansion board in a computer 
that provides enhanced display capabilities. 

video amplifier— 1. An amplifier that provides 
wideband operation in the frequency range of approx- 
imately 15 hertz to approximately 5 megahertz. 2. An 
amplifier designed for linear amplification over a wide 
range of frequencies from dc (zero) to over about 
10 MHz. 3. A wideband amplifier used for passing picture 
signals. 

video band — The frequency band utilized to transmit 
a composite video signal. 

video carrier — 1. The television signal whose mod- 
ulation sidebands contain the picture, sync, and blanking 
signals. 2. A frequency that is 1.25 MHz above the lower 
edge of the assigned 6-MHz frequency band of a TV 
channel. At channel 2, for instance, with a bandwidth of 
54 to 60 MHz, the video carrier rests at 55.25 MHz. 

videocassette — A plastic shell containing two reels 
and a given length of videotape. 

videocassette recorder— Abbreviated VCR. A 
device for recording and playing video images on mag- 
netic tapes that are contained in plastic cases. 
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videocast— 1. To broadcast a program by means of 
television. 2. A program so broadcast. 

VideoCipher 1, II— A trademark for a video/audio 
encryption system developed by M/A-COM LINKABIT, 
Inc. VCI uses digital video and audio encryption; VCH 
uses analog video and digital audio encryption. 

video compression— 1. The reduction of the 
number of bits needed to describe a video image. 
2. A digital technique to compress several video chan- 
nels into the bandwidth normally required by one 
channel, 

videc correlator — A radar circuit that enhances the 
capability for automatic target detection; supplies data for 
digital target plotting; and provides improved immunity 
to noise, interference, and jamming. 

video data digital processing — Digital process- 
ing of video signals for pictures transmitted by way of 
a television link. A computer is used to compare each 
scanned line with adjacent lines so that extreme changes 
resulting from electromagnetic interference can be elimi- 
nated. 

video detector—The demodulator circuit that 
extracts the picture information from the amplitude- 
modulated intermediate frequency in a television receiver. 

video dialtone —An FCC term for the new gen- 
eration of home-distribution video systems that deliver 
compressed digital signals over switched networks to an 
interactive set-top box in the user premises. 

video digitizing — The process of capturing, convert- 
ing, and storing video images for use by a computer. 

video disc — See optical video disc. 

video discrimination — A radar circuit that reduces 
the frequency band of the video-amplifier stage in which 
it is used. 

video display unit-— Abbreviated VDU. A device 
for visual presentation of information. A CRT is a typical 
video display unit. 

video freeze — A TV mode which makes it possible 
to “freeze” an image to study specific details at ease, e.g., 
to make notes of certain program information like phone 
numbers. 

video frequency —1. The frequency of the signal 
voltage containing the picture information that arises from 
the television scanning process. In the present United 
States television system, these frequencies are limited 
from approximately 30 Hz to 4 MHz. 2. A band of 
frequencies extending from less than 100 hertz to several 
megahertz. 

video-frequency amplifier — A device capable of 
amplifying those signals that comprise the periodic visual 
presentation. 

video-gain control— A control for adjusting the 
amplitude of a video signal. Two such controls are 
provided in the matrix section of some color television 
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receivers so that the proper ratios between the amplitudes 
of the three color signals can be obtained. 

video impedance — Cf a detector diode, the output 
impedance measured at the video frequency when the 
diode is operating under specified bias conditions. 

video integration—A method of improving the 
output signal-to-noise ratio by utilizing the redundancy 
of repetitive signals to sum the successive video signals. 

video integrator— A device that uses the redun- 
dance of repetitive signals to improve the output signal- 
to-noise ratio by summing the successive video signals. 

video inversion — A type of encoding or scrambling 
in which the transmitted downlink video signals are 
inverted. 

video mapping — The procedure whereby a chart 
of an area is electronically superimposed on a radar 
display. 

video masking — A method for the removal of chaff 
echoes and other extended clutter from radar displays. 

video mixer—aA circuit or device used to combine 
the signals from two or more television cameras. 

video moire — See moiré effect. 

video monitor — A high-quality television set (with- 
out rf circuits) that accepts video baseband inputs cirectly 
from a TV camera, VTR, or satellite TV receiver with no 
rf modulator required. 

video pair cable — A transmission cable containing 
low-loss pairs with an impedance of 125 ohms. Used 
for TV pickups, closed circuit TV, telephone carrier 
circuits, etc. 

video recording (magnetic tape) — The methods 
of recording data having a bandwidth in excess of 
100 kHz on a single track. 

video signal— 1. The picture signal in a television 
system— generally applied to the signal itself and the 
required synchronizing and equalizing pulses. 2. In televi- 
sion, the signal that conveys all of the intelligence present 
in the image, together with the necessary synchronizing 
and equalizing pulses. 3. That portion of the composite 
video signal that varies in gray-scale levels between ref- 
erence white and reference black. Aiso referred to as 
the picture signal, this is the portion that can be seen. 
4. The picture signal. A signal containing visua! infor- 
mation and horizontal and vertical blanking. See also 
composite video signal. 5. The output from a video graph- 
ics adapter incorporating the red (R), green (G), and 
blue (B) signals and the Juminance signal, or combina- 
tions of these signals, that pass to the video input of a 
monitor. 

video stretching—In navigation, a procedure 
whereby the duration of a video pulse is increased. 

video synthesizer— A video analog computer that 
accepts standard video signals from a camera, film chain, 
videotape or graphics generator, which it then processes 
and applies a combination of effects to in order to reshape 
and add motions (animation) to fixed graphics or live 
scenes. 

videotape—A wide magnetic tape designed for 
recording and playing back a composite black and white 
or color television signal. 

videotape recorder— Abbreviated VTR. 1.A 
device that permits audio and video signals to be recorded 
on magnetic tape and then played back without any 
processing, as with films, cn a CCTV monitor. 2. A 
device that translates the electrical signals of a VTR 
television camera into corresponding magnetic variations, 
which are recorded on magnetic tape; the original image 
can be displayed on a television receiver at a later time 
by reconversion of the magnetic variations, stored on the 
tape, into appropriate electrical signals. 
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videotape recording — Abbreviated VTR. A 
method of recording television picture and sound signals 
on tape for reproduction at some later time. 

videotex— 1. A system that links TV screens to mass 
databases through television or telephone-based com- 
munication channels. 2. A generic term for interactive 
services delivered to personal computers or adapted tele- 
vision sets in the home or office. 3. Technology that con- 
nects computerized text and graphics to a television screen 
via telephone lines. 4. A terminal-oriented communica- 
tion network that links users” equipment to a computer 
that maintains a database of information services. Video- 
tex services include shop-at-home catalogs, listings of 
community events, and message forwarding. 

videotext system-—A system for the widespread 
dissemination of textual and graphic information by 
wholly electronic means for display on low-cost terminals 
(often suitably equipped television receivers) under the 
selective control of the recipient using control procedures 
easily understood by untrained users. 

vidicon — |. A camera tube in which a charge-density 
pattem is formed by photoconduction and stored on 
that surface of the photoconductor which is scanned 
by an electron beam, usually of low-velocity electrons. 
2. A vacuum tube capable of changing light images 
into electrical voltage variations corresponding to the 
brightness of those images; a particular type of cathode- 
ray pickup tube used in some video cameras. 

viewer — A software application that permits visual 
display of content. See also browser, player. 

viewfinder — An auxiliary optical or electronic device 
attached to a television camera so the operator can see the 
scene as the camera sees it. 

viewfinder monitor — See electronic viewfinder. 

viewing angle — The angle through which an LCD 
display has acceptable contrast. 

viewing area —-The area of the CRT face that can 
be directly seen by the user. lts size is determined by the 
size Of the CRT and the area covered by the face mask. 

viewing mirror— A mirror used in some television 
receivers to reflect the image formed on the screen of the 
picture tube at an angle convenient to the viewer. 

viewing screen — The face of a cathode-ray tube on 
which the image is produced. 

viewing time — The time during which a storage tube 
presents a visible output that corresponds to the stored 
information. 

Villari effect-— A phenomenon in which a change in 
magnetic induction occurs when a mechanical stress is 
applied along a specified direction to a magnetic material 
having magnetostrictive properties. 

vinyl resin— A soft plastic used for making phon- 
graph records. 

virgin tape — See raw tape. 

virtual address — In a computer, an immediate, or 
real-time, address. 

virtual cathode— An electron cloud that forms 
around the outer grid in a thermionic vacuum tube when 
the inner grid is maintained slightly more positive than 
the cathode. 

virtual circuit — In packet switching, a network facil- 
ity that gives the appearance to the user of an actual 
end-to-end circuit; a dynamically variable network con- 
nection in which sequential data packets may be routed 
differently during the course of a virtual connection. Vir- 
tual circuits enable transmission facilities to be shared by 
many users simultaneously. 

virtual connection —A packet-switched data path 
between two terminals that performs as if the two devices 
were linked by a switched circuit. 
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virtual height— 1. The height of the equivalent 
reflection point that will cause a wave to travel to the 
ionosphere and back in the same time required for an 
actual reflection. In determining the virtual height, the 
wave is assumed to travel at uniform speed and the height 
is determined by the time required to go to the ionosphere 
and back at the assumed velocity of light. 2. The apparent 
height of a layer of the ionosphere. It is determined from 
the time interval between the transmitted signals and the 
ionospheric echo at vertical incidence (the radio wave 
penetrating the ionosphere perpendicular to it). 

virtual image — The optical counterpart of an object, 
formed at imaginary focuses by prolongations of light rays 
(e.g., the image that appears to be behind an ordinary 
miror). 

virtual memory — 1. The use of techniques by which 
the computer programmer may use the memory as though 
the main memory and mass memory were available 
simultaneously. 2. A technique that permits the user to 
treat secondary (disk) storage as an extension of core 
memory, thus giving the virtual appearance of a larger 
core memory to the programmer. 3. A technique for 
managing a limited amount of high-speed memory and a 
(generally) much larger amount of lower-speed memory 
in such a way that the distinction is largely transparent 
to a computer user. The technique entails some means of 
swapping segments of program and data from the lower- 
speed memory (which would commonly be a drum or 
disk) into the high-speed memory, where it would be 
interpreted as instructions or operated on as data. The 
unit of program or data swapped back and forth is called a 
page. The high-speed memory from which instructions are 
executed is real memory, while the lower-speed memory 
(drums or disks) is called virtual memory. 4. Any of 
several schemes in which the user-visible address space 
is divided into several subspaces, so that each of the 
subspaces in use can be placed anywhere in main memory. 
In some schemes, parts of the virtual memory may be on 
a mass-storage device. 

virtual PPI reflectoscope — A device for superim- 
posing a virtual image of a chart onto the PPI pattern. 
The chart is usually prepared with white lines on a black 
background to the scale of the PPI range scale. 

virtual reality— Abbreviated VR. 1. A technology 
that is computer generated and allows the user to interact 
with data that gives the appearance of a three-dimensional 
environment. The user can enter and navigate the 3D 
world portrayed as graphic images, and change viewpoints 
and interact with objects in that world as if inside that 
world, A virtual reality environment can be experienced 
using a headset and electronic gloves, or simply viewed 
on a monitor. 2. Sophisticated, multidimensional imaging 
systems and high-speed processing capabilities that create 
environments that users can interact with and manipulate 
directly. 

virtual storage — Storage space that may be viewed 
as addressable main storage, but is actually auxiliary 
storage (usually peripheral mass storage) mapped into 
read addresses; the amount of virtual storage is limited 
by the addressing scheme of the computer. 

virus — 1. A software program that attaches itself to 
another program in computer memory or on a disk, and 
spreads from one program to another. Viruses may dam- 
age data, cause the computer to crash, display messages, 
or lie dormant. 2. Any destructive self-replicating pro- 
gram. 3. A computer program written to secretly repro- 
duce itself across many computer systems. Viruses can 
cause serious software damage. 

viscometer— Also called a viscosimeter. A device 
for measuring the degree to which a liquid resists a change 
in shape. 


Answers 

A. 1.2 amperes 

B. 3 ohms 

C. 375 volts 

Inside the Resistor 

Resistors are used to control the current that 
flows through a portion of a circuit. You can 


use Ohm's law to select the value of a 
resistor that gives you the correct current In 
a circuit. For a given voltage, the current 


flowing through a circuit increases when using 
smaller resistor values and decreases when 
using larger resistor values. 


This resistor value works something like pipes 
that run water through a plumbing system. 
For example, to deliver the large water flow 
required by your water heater, you might use 
a 1-inch diameter pipe. To connect a 
bathroom sink to the water supply requires 
much smaller water flow and, therefore, 


works with a 1/2-inch pipe. In the same way, 


smaller resistor values (meaning less 
resistance) increase current flow, whereas 
larger resistor values (meaning more 
resistance) decrease the flow. 

Tolerance refers to how _ precise a stated 
resistor value is. When you buy fixed 
resistors (in contrast to variable resistors 


that are used in some of the projects in this 
book), they have a particular resistance value. 
Their tolerance tells you how close to that 
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viscosimeter — See viscometer. 

viscosity — 1. The frictional resistance offered by 
one part or layer of a liquid as it moves past an adja- 
cent part or layer of the same liquid. 2. The prop- 
erty of a liquid that resists internal flow; measured 
in units of poise or centipoise. Low-viscosity materi- 
als are usually thin, while high-viscosity materials are 
thick. 

viscous and magnetic damping — Damping by 
virtue of the viscosity of a fluid around the sensing 
element or of a magnetic field. 

viscous-dampened arm— A phonograph pickup 
arm mounied on a liquid cushion of oil, which provides 
high damping to eliminate arm resonances, It also protects 
the record groove and stylus; the arm does not fall on the 
record when dropped, but floats down gently. 

visibility factor— Also called display loss. Ratio 
of the minimum input-signal power detectable by ideal 
instruments connected to the output of a receiver to the 
minimum signal power detectable by a human operator 
through a display connected to the same receiver. The 
visibility factor may include the scanning loss. 

visible emission — Also called visible light. Radia- 
tion that is characterized by wavelengths of about 0.38 to 
0.77 micrometer. 

visible light — Electromagnetic wavelengths that can 
be seen by the human eye, ranging from 380 to 
770 nanometers. 

visible radiation— Radiation with wavelengths 
ranging from about 0.4 and 0.7 micrometer, correspond- 
ing to the visible spectrum of light. 

visible spectrum — That region of the electromag- 
netic spectrum to which the retina is sensitive and by 
which the eye sees. It extends from about 400 to about 
750 nanometers in wavelengths of the radiation. 

vision — The series of processes in which luminous 
energy incident on the eye is perceived and evaluated. 

visual-aural range — Abbreviated VAR. A special 
type of VHF range providing a pair of radial lines of 
position that are reciprocal in bearing and are displayed to 
the pilot on a zero-center, left-right indicator. This facility 
also provides a pair of reciprocal radial lines of position 
located 90° from the above visually indicated lines. These 
are presented to the pilot as aural A-N radio-range signals, 
which provide a means for differentiating between the two 
visually indicated lines (and vice versa). 

visual carrier frequency — The frequency of the 
television carrier that is modulated by the picture infor- 
mation. 

visual communication — Communication by opti- 
cal signs such as flags and lights. 

visualization — Graphic representation of abstract 
data usually relayed in text and numbers. 

visual radio range— Abbreviated VRR. A radio 
range whose course is followed by raeans of visual 
instruments. 

visual scanner—1.A device that generates an 
analog or digital signal by optically scanning printed or 
written data. 2. See scanner, 2. 

visual signal device —A pilot light, annunciator, 
or other device that provides a visual indication of the 
condition of the circuit or system being supervised. 

visual storage tube — An electron tube that stores 
and visually displays information by means of a cathode- 
ray beam scanning and charge storage mechanism. 

visual telephony —The transmission of picture 
information (television) by means of telephone lines. 

visual transmitter — Also called a picture transmit- 
ter. In television, the radio equipment for transmission of 
the picture signals only. 
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visual transmitter power — The peak power output 
during transmission of a standard television signal. 

vitreous — |. Having the nature of glass. 2. A term 
used in ceramic technology to indicate fired characteristics 
approaching being glassy, but not necessarily totally 
glassy. 

vitreous binder—A glassy material used in com- 
pounds to bind other particies together. This takes place 
after melting the glass and cooling. 

vitrification — 1. The progressive reduction in poros- 
ity of a ceramic material as a result of heat treatment 
or some other process. 2. The reduction of porosity in 
a ceramic product through the formation of a glassy 
bond. 

VLF — Abbreviation for very low frequency. 

VLSI— Abbreviation for very large-scale integration. 
Generally considered to be an IC with more than 1000 
gates. 

VLSI circuit — Abbreviation for very large-scale inte- 
grated circuit. See gate array, 3. 

VMOS — 1. Abbreviation for V-groove metal-oxide 
silicon —a variation of MOS technology. A manufactur- 
ing process (called isotropically etched double-diffusion 
MOS process) based on the technique of using V-shaped 
grooves in the silicon wafer to provide a third-dimensional 
surface. This allows for a smaller chip geometry than the 
(older) process using a two-dimensional area technique 
of manufacture. With smaller geometry, the same diam- 
eter wafer can, theoretically, yield more chips (roughly 
50 percent more) and thereby reduce the unil cost per 
chip considerably. The cost of processing a wafer gen- 
erally remains constant no matter how many chips it 
contains. 2. Abbreviation for vertical MOS. A semicon- 
ductor device in which current travels vertically in the 
semiconductor chip. A cross section shows a four-layer 
diffusion consisting of n+ at the top (source), p as the 
channel, n— as the drift region, and n+ as the drain. The 
layers’ dimensions are precisely controlied by diffusion 
processes. Unlike conventional bipolar transistors, VMOS 
devices exhibit high density because of their short chan- 
nel spacing: 1 um compared with bipolar devices typical 
5 um. 
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VMOS power FET — Abbreviation for vertical struc- 
tured metal-oxide silicon power field-effect transistor. 
In these semiconductor devices, current flows verti- 
cally from source to drain. This structure results in 
high current densities, low saturation resistance, excel- 
lent heat dissipation and power handling capabilities, 
low chip capacitance, and excellent wideband perfor- 
mance. 

vocabulary — A list of operating codes or instruc- 
tions available for writing the program for a given prob- 
lem and for a specific computer. 

vocoder — Abbreviation for voice-operated coder. A 
device used to compress the frequency bandwidth require- 
ment of voice communications. It consists of an electronic 
speech analyzer, which converts the speech waveform to 
several simultaneous analog signals, and an electronic 
speech synthesizer, which produces artificial sounds in 
accordance with analog control voltages. 

vodas — Abbreviation for voice-operated device, anti- 
sing. Á system for preventing the overall voice-frequency 
singing of a two-way telephone circuit by disabling one 
direction of transmission ai all times. 

voder — Abbreviation for voice-operation demonstra- 
tor. An electronic device capable of artificially producing 
voice sounds. It uses active devices in connection with 
electrical filters controlled through a keyboard. 

vogad — Abbreviation for voice-operated gain-adjust- 
ing device. A voice-operated device used to give a 
substantially constant volume output for a wide range of 
inputs. 

voice activated (sound activated) — Refers to a 
bug that radiates radio frequencies or a recorder that is 
activated only when sound is present in target area. 

voice analyzer — An electronic instrument for print- 
ing out waveforms corresponding to vocal characteristics; 
an aid in identifying speech problems as well as speakers. 

voice channel—A transmission path suitable for 
carrying analog voice signals (covering a frequency band 
of 250 to 3400 Hz) between two points. 

voice coder—A device that converts a speech 
signal into digital form prior to encipherment for secure 
transmission, and converts the digital signals back into 
speech at the receiving point. 

voice coil — Also called a speaker voice coil. 1. A 
coil attached to the diaphragm of a dynamic speaker and 
moved through the air gap between the pole pieces. 2. The 
moving coil in a dynamic speaker. It is suspended in the 
field of a permanent magnet and is fixed to the speaker 
diaphragm. 

voice/data system— An integrated communica- 
tions system for transmission of both voice and digital 
data signals. 

voice filter-—A parallel-resonant circuit connected in 
series with a line feeding several speakers. lts purpose 1s 
to remove the tubbiness of the male voice. The frequency 
of resonance is adjusted somewhere between 125 and 
300 Hz. 

voice frequency —Also called speech frequency. 
1. Any of the frequencies within the band of 32 to 
16,000 Hz that are audible to the human ear. 2, Any of 
the frequencies within the band of 300 to 3500 Hz that 
are normally used for telephone communication. 

voice-frequency carrier telegraphy— Carrier 
telegraphy in which the carrier currents have frequencies 
such that the modulated currents may be transmitted over 
a voice-frequency telephone channel. 

voice-frequency dialing—A method of dial- 
ing by which the direct-current pulses from the dial 
are transformed into voice-frequency alternating-current 
pulses. 
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voice-frequency telegraph system—aA tele- 
graph system by which many channels can be carried 
on a single circuit. A different audio frequency is used 
for each channel and is keyed in the conventional man- 
ner. Each frequency is generated by an oscillator. At the 
receiving end, the various audio frequencies are separated 
by filter circuits and are fed to their respective receiving 
circuits. 

voice-frequency telephony — Telephony in which 
the frequencies of the components of the transmitted elec- 
tric waves are substantially the same as the frequencies 
of corresponding components of the actualing acoustical 
waves. 

voice grade — A telephone circuit suitable for trans- 
mitting a bandpass from 300 to approximately 2700 Hz, 
or greater, with certain standards of noise and interference 
such that intelligible speech can be transmitted. 

voice-grade channel —1. A channel suitable for 
the transmission of speech, digital or analog data, or 
facsimile, generally with a frequency range of about 300 
to 3000 hertz. 2. A telephone circuit normally used for 
speech communication, accommodating frequencies from 
300 to 3000 Hz. 

voice-grade circuit—A switched (dial-up) or 
leased (dedicated) telephone circuit suitable for the trans- 
mission of speech, digital or analog data, or facsim- 
ile, generally with a frequency range of about 300 to 
3000 hertz. 

voice-grade line —A local telephone loop, or trunk, 
having a bandpass of approximately 300 to 3000 Hz. 

voice mail — Sophisticated telephone voice messages 
that are recorded and translated into digital bits for storage 
and manipulation. Voice mail systems use specialized 
hardware and software and can be incorporated into a 
PBX or used as stand-alone systems. 

voice-operated coder — See vocoder. 

voice-operated device — A device that permits the 
presence of voice or sound signals to affect a desired 
control. 

voice-operated device, antising— A system for 
preventing the overall voice-frequency singing of a two- 
way telephone circuit by disabling one direction of 
transmission at all times. Acronym: vodas. 

voice-operated gain-adjusting device—A 
voice-operated device used to give a substantially 
constant-volume output for a wide range of inputs. 

voice-operated loss control and suppressor — A 
voice-operated device that switches the loss out of the 
transmitting branch and inserts the loss into the receiving 
branch under control of the subscriber’s speech. 

voiceprint— A speech spectrograph sufficiently sen- 
sitive and detailed to identify individual human voices. 

voice recognition—The conversion of spoken 
words into computer text. Speech is first digitized and 
then matched against a dictionary of coded waveforms. 
The matches are then converted into text as if the words 
were typed on the keyboard. 

voice-recognition equipment vocabulary 
size — The number of utterances (words or short phrases) 
that can be distinctly recognized and digitally encoded. 
The larger the vocabulary, the more complex the source 
data that can be handled without special software. 

voice spectrum — The total fundamental frequency 
range of the human voice. 

voice synthesis — Technology that produces sound 
or voices by processing compressed digital signals and 
storing them in a memory in the same manner a human 
voice generates sound processed by the vocal tract and 
other organs. 

void — The absence of substance in a localized area. 
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volatile —1. A computer storage medium in which 
information cannot be retained without continuous power 
dissipation. 2. Capable of evaporating. 

volatile memory— |. In computers, any memory 
that can return information only as long as energizing 
power is applied. The opposite of nonvolatile memory. 
2. A read/write memory whose content is irretrievably lost 
when operating power is removed. Virtually all types of 
read/write semiconductor memories are volatile. See also 
nonvolatile memory. 

volatile storage— 1. A computer storage device 
in which the stored information is lost when the 
power is removed. 2. A storage medium in which data 
cannot be retained without continuous power dissipa- 
tion (e.g., acoustic delay lines, electrostatics, capaci- 
tors). 

volatile store-——A storage device in which stored 
data is lost when the applied power is removed (e.g., an 
acoustic delay line). 

volatility — With respect to memory, an inability to 
retain stored data in the absence of external power. 

Voldicon — The trade name of Adage, Inc., for a fam- 
ily of high-speed, all-semiconductor, current-balancing 
devices that use digital logic and readout for high-speed 
precisior measurement of analog signals. 

volt — Letter symbol: V. 1. The unit of measurement 
of clectromotive force. It is the difference of potential 
required to make a current of 1 ampere flow through a 
resistance of 1 ohm. 2. The difference of electric potential 
between two points of a conductor carrying a constant 
current of 1 ampere when the power dissipated between 
these points is equal to 1 watt. 

Volta effect — See contact potential. 

voltage — 1. Electrical pressure; i.e., the force 
that causes current through an electrical conductor. 
2. Symbolized by E. The greatest effective difference 
of potential between any two conductors of a circuit. 
3. The term most often used in place of electromotive 
force, potential, potential difference, or voltage drop, to 
designate electric pressure that exists between two points 
and is capable of producing a flow of current when 
a closed circuit is connected between the two points. 
4. Standard unit of magnitude of an electrical signal, 
named after Count A. Volta, inventor of the battery about 
1800. 

voltage amplification — Also called voltage gain. 
1. Ratio of the voltage across a specified load impedance 
connected to a transducer to the voltage across the input 
of the transducer. 2. The ratio of the voltage at the input 
of a device to the yoltage at the output from the deyice, 
expressed in decibels. 

voltage amplifier— An amplifier used specifically 
to increase a voltage. It is usually capable of delivering 
only a small current. 

voltage-amplifier tube —A tube that is designed 
primarily as a voltage amplifier. It has high gain, but 
delivers very little output power. 

voltage and power directional relay — A device 
that permits or causes the connection of two circuits when 
the voltage difference between them exceeds a glven 
value in a predetermined direction, and causes these two 
circuits to be disconnected from each other when the 
power flowing between them exceeds a given value in 
the opposite direction. 

voltage attenuation —Ratio of the voltage across 
the input of a transducer to the voltage delivered to 
a specified load impedance connected to the trans- 
ducer. 

voltage balance relay — A device that operates on 
a given difference in voltage between two circuits. 
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voltage breakdown — |. The voltage necessary to 
cause insulation failure. 2. A rapid increase of current 
flow, from a relatively low value to a relatively high 
value, upon the application of a voltage to a pn junction 
or dielectric. 

voltage-breakdown test — A test whereby a spec- 
ified voltage is applied between given points in a device 
to ascertain that no breakdown will occur at that specified 
voltage. 

voltage calibrator— Test equipment that supplies 
accurate ac voltages for comparison on a scope screen 
with other waveforms to determine their voltage level. 

voltage coefficient of capacitance — Also called 
voltage sensitivity. The quotient of the derivative with 
respect to voltage of a capacitance characteristic at a point 
divided by the capacitance at that point. 

voltage coefficient of resistivity—The max- 
imum change in nominal resistance value due to the 
application of a voltage across a resistor, after correct- 
ing for self-heating effects; usually expressed in percent 
or per-unit (ppm) change in nominal resistance per volt 
applied. 

voltage comparator— 1. An amplifying device 
with a differential input that will provide an output 
polarity reversal when one input signal exceeds the 
other. When operating with open loop and without 
phase compensation, operational amplifiers make fast and 
accurate voltage comparators. 2. A circuit that compares 
two analog voltages and develops a logic output when 
the voltages being compared are equal or one is greater 
or less than the reference level. 

voltage control— A method of varying the magni- 
tude of voltage in a circuit by means of amplitude control, 
phase control, or both. 

voltage-controlled capacitor — See varactor. 

voltage-controlled crystal oscillator -— A crystal 
oscillator whose operating frequency can be changed by 
applying a controlling voltage to introduce a phase shift 
in the oscillator circuit. 

voltage-controlled oscillator — Abbreviated 
VCO. 1. Any oscillator for which a change in tuning volt- 
age results in a predetermined change in output frequency. 
Frequency tuning is accomplished by either changing 
the bias voltage on a varactor diode in the frecuency- 
determining resonant network or the bias voltage to the 
active device. The former approach, although more com- 
plex than the latter method of tuning, is capable of mul- 
tioctave bandwidth. 2. A circuit that creates an ac output 
signal whose frequency is a function of the dc input yolt- 
age. 3. An oscillator whose frequency can be changed 
by means of an external control voltage. It is commonly 
found in synthesizers. 
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voltage-controlled resistor — Abbreviated VCR. 
A three-terminal variable resistor in which the resistance 
value between two of the terminals is controlled by a 
voltage potential applied to the third. 

voltage corrector— An active source of regulated 
power placed in series with the output of an unregulated 
supply. The voltage corrector senses changes in the 
output voltage (or current) and corrects for these changes 
automatically by varying its own output in the opposite 
direction so as to maintain the total output voltage 
constant. 

voltage/current crossover — The characteristic of 
a power supply that automatically converts the mode 
of operation of a power supply from voltage regulation 
to current regulation (or vice versa) as required by 
preset limits. The constant-current and constant-voltage 
settings are independently adjustable over specified limits. 
The region near the intersection of the constant-voltage 
and constant-current curves is designated by the term 
“crossover characteristics.” 

voltage-dependent resistor — Abbreviated VDR. 
Also called varistor or metal oxide varistor (MOV). 
A special type of resistor whose resistance changes 
appreciably, nonlinearly, and consistently in response to 
voltage across its terminals. 

voltage-directional relay — 1. A relay that func- 
tions in conformance with the direction of an applied 
voltage. 2. Á device that operates when the voltage across 
an open circuit breaker or contactor exceeds a given value 
in a given direction. 

voltage divider— Also called a potential divider. 
1. A resistor or reactor connected across a voltage and 
tapped to make a fixed or variable fraction of the applied 
voltage available. See also potentiometer, 1; rheostat. 
2. High-voltage resistance string, tapped resistor, poten- 
tiometer, adjustable resistors, or a series arrangement of 
two or more fixed resistors connected across a voltage 
source. Of the total voltage, a desired fraction is obtained 
from the intermediate tap, movable contact, or resistor 
junction. 
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voltage doubler— A voltage multiplier that rec- 
tifies each half cycle of the applied alternating volt- 
age separately, and then adds the two rectified volt- 
ages to produce a direct voltage having approximately 
twice the peak amplitude of the applied alternating 
voltage. 


VOLTS DC = 2 x PEAK VOLTS AC 
Voltage doubler. 
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voltage drop — 1. The difference in voltage between 
two points due to the loss of electrical pressure as 
a current flows through an impedance. 2. The voltage 
developed across the component or conductor by current 
through the resistance or impedance of that component 
or conductor. 3. The voltage developed between the 
terminals of a circuit component by current through the 
resistance or impedance of that part. See IR drop. 4. The 
decrease in voltage as a current traverses a resistance. 
5. The voltage measured across a resistance through 
which a current is flowing. 6. The voltage existing across 
each element of a series circuit. (Also true of a contact in 
series with its load where a voltage drop also exists.) The 
voltage present across the load will be the line voltage 
less the voltage drops across each element in series with 
the load. 

voltage endurance — See corona resistance. 

voltage feed — Excitation of a transmitting antenna 
by applying voltage at a point of maximum potential (at 
a voltage loop or antinode). 
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voltage feedback—A form of amplifier feed- 
back in which the voltage drop across part of the 
load impedance is put in series with the input-signal 
voltage. 
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voltage frequency converter—A circuit that 
produces an output frequency that varies with the voltage 
applied to its input. 

voltage gain — See voltage amplification. 

voltage generator -— A two-terminal circuit element 
with a terminal voltage independent of the current through 
the element. 

voltage gradient——The voltage per unit length 
along a resistor or other conductive path. 
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voltage inverter— A circuit having a response 
(output) proportional to a constant (the gain) times the 
input signal, but opposite in sign to it. In a unity-gain 
inverter, the output is —1 times the input. 

voltage jump — An abrupt change or discontinuity in 
the tube voltage drop during operation of glow-discharge 
tubes. 

voltage level — Ratio of the voltage at any point in 
a transmission system to an arbitrary value of voltage 
used as a reference. In television and other systems 
where waveshapes are not sinusoidal or symmetrical 
about a zero axis and where the sum of the maximum 
positive and negative excursions of the wave is important 
in system performance, the two voltages are given as 
peak-to-peak values. This ratio is usually expressed in 
dBV, signifying decibels referred to 1 volt peak-to- 
peak. 

voltage limit—A control function that maintains a 
voltage between predetermined values. 

voltage loop—aA point of maximum voltage in a 
stationary-wave system. A voltage loop exists at the ends 
of a half-wave antenna. 

voltage loss—The voltage between the terminals 
of a current-measuring instrument when the applied cur- 
rent has a magnitude corresponding to nominal end- 
scale deflection. In other instruments, the voltage loss 
is the voltage between the terminals at rated cur- 
rent. 

voltage-measuring equipment — Equipment for 
measuring the magnitude of an alternating or direct 
voltage. 

voltage multiplier—-1. A rectifying circuit that 
produces a direct voltage approximately equal to an 
integral multiple of the peak amplitude of the applied 
alternating voltage. 2. A series arrangement of capacitors 
charged by rapidly rotating brushes in sequence, giving a 
high direct voltage equal to the source voltage multiplied 
by the number of capacitors in series. 3. A precision 
resistor used in series with a voltmeter to extend its 
measuring range. 
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voltage node— 1. A point having zero voltage 
in a stationary-wave system (e.g., at the center of a 
half-wave antenna). 2. In a transmission system having 
standing waves, a point at which the voltage is a 
minimum. 

voltage offset — The amount of dc voltage present at 
an (instrumentation) amplifier’s output with a O-volt input. 
Initial offset may be adjusted to zero; however, offset- 
voltage shifts during operation can cause errors. Systems 
containing microcomputers can often correct offset with 
an auto-zero cycle, or the offset can be removed by a 
control adjustment. 

voltage plane—A conductor or portion of a con- 
ductor layer on or in a printed board that is main- 
tained at other than ground potential. It can also be 
used as a common voltage source for heat sinking or for 
shielding. 

voltage quadrupler — A rectifier circuit in which 
four diodes are employed to produce a dc voltage of four 
times the peak value of the ac input voltage. 

voltage-range multiplier — Also called an instru- 
ment multiplier, 1. A series resistor installed external to 
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the measurement device to extend its voltage range. 2. A 
precision resistor placed in series with a voltmeter to 
enable measurement of a high voltage with a voltmeter 
having a lower voltage range. 

voltage rating— Also called the working voltage. 
l. The maximum voltage that an electrical device or 
component can sustain without breaking down. 2. The 
maximum sustained voltage that can be safely applied to 
a capacitor up to a specified temperature without risking 
capacitor failure, 3. The maximum voltage at which a 
given device may be safely maintained during continuous 
use in a normal manner. 

voltage ratio (of a transformer) — Ratio of the rms 
primary terminal voltage to the rms secondary terminal 
voltage under specified load conditions. 

voltage-ratio box— See measurement voltage 
divider. 

voltage reference—A highly regulated voltage 
source used as a standard to which the output voltage 
of a power supply is continuously compared for purposes 
of regulation. 

voltage-reference diode -— A diode that develops 
across its terminals a reference voltage of specified 
accuracy when biased to operate within a specified current 
range. 

voltage-reference tube — A gas tube in which the 
voltage drop is essentially constant over the operating 
range of current and is relatively stable at fixed values 
of current and temperature. 

voltage reflection coefficient — The ratio of the 
complex electric field strength or voltage of a reflected 
wave to that of the incident wave. 

voltage-regulating transformer— A saturated- 
core type of transformer that holds the output voltage 
to within a few percent, with input variations up to +20 
percent. Considerable harmonic distortion results unless 
extensive filters are employed. 

voltage regulation—A measure of the degree 
to which a power source maintains its output voltage 
stability under varying load conditions. 

voltage regulator — 1. A circuit that holds an output 
voltage at a predetermined value or causes it to vary 
according to a predetermined plan, regardless cf normal 
input-voltage change or changes in the load impedance. 
2. A gas-filled electronic tube that has the property of 
maintaining a nearly constant voltage across its terminals 
over a considerable range of current through the tube. It 
is used in an electronic voltage regulator. 3. An electronic 
circuit used for controlling and maintaining a voltage at 
a constant level, 

voltage-regulator diode— 1. A diode that devel- 
Ops across its terminals an essentially constant voltage 
throughout a specified current range. 2. A diode that is 
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normally biased to operate in the breakdown region of 
its voltage-current characteristic and that develops across 
its terminals an essentially constant voltage throughout a 
specified current range. 

voltage-regulator tube — Also called a VR tube. 
A elow-discharge cold-cathode tube in which the voltage 
drop is essentially constant over the operating range of 
current, and which is designed to provide a regulated 
direct-voltage output. 
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voltage relay — A relay that functions at a predeter- 
mined value of voltage. 

voltage saturation — See plate saturation. 

voltage-sensitive resistor—A resistor (e.g., a 
varistor) whose resistance varies with the applied voltage. 

voltage sensitivity — 1. The voltage that produces 
standard deflection of a galvanometer when impressed 
on a circuit made up of the galvanometer coil and the 
external critical-damping resistance. The voltage sensitiv- 
ity is equal to the product of the current sensitivity and 
the total circuit resistance. 2. See voltage coefficient of 
capacitance. 

voltage spectrum — A function that is the square 
root of the spectral intensity; it is expressed in terms of 
voltage in a unit frequency band. 

voltage-stabilizing tube—A _ gas-filled glow- 
discharge tube normally working in that part of its 
characteristic where the voltage is practically independent 
of current drop within a given range. 

voltage standard— An accurately known voltage 
source (e.g., a standard cell) used for comparison with or 
calibration of other voltages. 

voltage standing-wave ratio — Abbreviated 
VSWR. In a stationary-wave system (such as in a 
waveguide or coaxial cable), the ratio of the amplitude 
of the electric field or voltage at a voltage maximum to 
that at an adjacent voltage minimum. 

voltage stress — That stress found within a material 
when subjected to an electrical charge. 

voltage-to-frequency converter — Abbreviated 
v/f converter. An electronic circuit that converts an input 
voltage into a train of digital output pulses at a rate that 
is directly proportional to the input. 

voltage to ground — The voltage between any live 
conductor of a circuit and earth (or common reference 
plane). 

voltage transformer — See potential transformer. 

voltage transients —Unpredictable and usually 
unavoidable spikes and surges of electrical power. 

voltage tripler— A rectifier circuit in which three 
diodes are employed to produce dc voltage equal to 
approximately three times the peak ac input voltage. 

voltage-tunable magnetron— A high-frequency 
continuous-wave oscillator operating in the microwave 
region. Power outputs begin in the milliwatts range and 
extend through hundreds of watts. 

voltage-tunable tube — An oscillator tube whose 
operating frequency can be changed by varying one or 
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more of its electrode voltages (e.g., a backward-wave 
magnetron). 

voltage-tuned cavity oscillator— Primarily a 
cavity oscillator with the addition of a varactor diode 
to slightly modify the cavity’s resonant frequency. These 
oscillators are capable of FM and/or phase-locking. 

voltage-tuned crystal oscillator—A crystal- 
controlled oscillator with a varactor diode in the 
frequency-determining network that is used to slightly 
vary the crystal frequency. 

voltage-type telemeter —A telemeter in which the 
translating means is the magnitude of a single voltage. 

voltage-variable capacitance diode —- Another 
name for varactor diode. 

voltage-variable capacitor — See varactor. 

voltage velocity limit— See slew rate, 2. 

voltaic ceil— An electric cell having two electrodes 
of unlike metals immersed in a solution that chemically 
affects one or both of them, thus producing an electro- 
motive force. The name is derived from Volta, a physicist 
who discovered this effect. 

voltaic couple — Two dissimilar metals in contact, 
resulting in a contact potential difference. 

voltaic pile — A voltage source consisting of alternate 
pairs of dissimilar metal discs separated by moistened 
pads, forming a number of elementary primary cells in 
series. 

volt-ammeter— An instrument calibrated to read 
both voltage and current. 

voltampere —- Letter symbol: VA. A unit of apparent 
power in an ac circuit containing reactance. It is equal to 
the potential in volts multiplied by the current in amperes, 
without taking phase into consideration. 

voltamperehour meter — An electricity meter that 
measures the integral, usually in kilovoltamperehours, of 
the apparent power in the circuit where the meter is 
connected. 

voltampere loss — See apparent power loss. 

voltampere meter — An instrument for measuring 
the apparent power in an alternating-current circuit. Its 
scale 1s graduated in voltamperes or kilovoltamperes. 

voltampere reactive — Also called wattless power. 
Component of the apparent power in an alternating- 
current circuit that is delivered to the circuit during part 
of a cycle, but is returned to the source during another 
part of the cycle. The practical unit of reactive power is 
the var, equal to 1 reactive voltampere. 

Volta's law— When two dissimilar conductors are 
placed in contact, the same contact potential is developed 
between them, whether the contact is direct or through 
one or more intermediate conductors. 

volt box — See measurement voltage divider. 

volt-electron — An obsolete expression for electron- 
volt, 

voltmeter— 1. An instrument for measuring poten- 
tial difference between two points. Its scale is usually 
graduated in volts. If graduated in millivolts or kilovolts, 
the instrument is usually designated as a millivoltmeter 
or a kilovoltmeter. 2. An instrument used for the mea- 
surement of electric voltage. The instrument may be of 
the electrostatic or tube type, but usually consists of a 
moving-coil ammeter connected in serics with a high 
resistance. The resistance of the meter being fixed, the 
current passing through it will be directly proportional to 
the voltage at the points where it is connected; thus, the 
instrument can be calibrated in volts. 

voltmeter-ammeter — A voltmeter and an ammeter 
combined into a single case, but with separate circuits. 

voltmeter sensitivity——The ratio, expressed in 
ohms per volt, of the total resistance of a voltmeter to 
its full-scale reading. 
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volt-ohm-milliammeter— A test instrument with 
several ranges, for measuring voltage, current, and resis- 
tance, 

volume — Also called power level. 1. The magnitude 
(measured on a standard volume indicator) of a complex 
audio-frequency wave, expressed in volume units. In 
addition, the term volume is used loosely to signify either 
the intensity of a sound or the magnitude of an audio- 
frequency wave. 2. The amount or a measure of energy 
in an electrical or acoustical train of waves. 3. A physical 
unit of storage media; for example, a reel of magnetic 
tape. A volume may contain part of a file, a complete file, 
or more than one file. Sections of one or more files may 
be contained in a volume, but not multiple sections of the 
same file. 4. The level of an audio signal or the intensity 
of a sound. 3. A unit of secondary storage media, such as 
a magnetic tape, disk pack, or flexible diskette. 

volume bar— When activated, a TV feature that 
displays a volume setting bar on-screen, showing the 
adjustment being made whenever volume levels are 
adjusted. 

volume compression — Also called automatic vol- 
ume compression. The limiting of the volume range to 
about 30 to 40 decibels at the transmitter to permit a 
higher average percentage modulation without overmod- 
ulation. Also used in recording to raise the signal-to-noise 
ratio. 

volume compressor— Audio-frequency control 
circuit that limits the volume range of a (radio) program 
at the transmitter to permit using a higher average percent 
modulation without risk of overmodulation. 

volume conductivity — See conductivity, |. 

volume control—A variable resistor for adjusting 
the loudness of a radio receiver or amplifying device. 

volume equivalent —- A measure of the loudness of 
speech reproduced over a complete telephone connection. 
It is expressed numerically in terms of the trunk loss of a 
working reference system that has been adjusted to give 
equal loudness. 

volume expander — A circuit that provides volume 
expansion. 

volume expansion —— See automatic volume expan- 
sion. 

volume indicator-—-An instrument for indicating 
the volume of a complex electric wave such as that 
corresponding to speech. 

volume lifetime — The average time interval between 
the generation and recombination of minority carriers in a 
homogeneous semiconductor. 

volume fimiter— An amplifier whose gain is auto- 
matically reduced when the average input volume to the 
amplifier exceeds a predetermined value, so that the out- 
put volume is maintained substantially constant. The nor- 
mal gain is restored whenever the input volume drops 
below the predetermined limit. 

volume-limiting amplifier—-An amplifier that 
reduces the gain whenever the input volume exceeds 
a predetermined value, so that the output volume is 
maintained substantially constant. The normal gain is 
restored whenever the input volume drops below the 
predetermined limit. 

volume magnetostriction — The relative volume 
change of a body of ferromagnetic material when the 
magnetization of the body is increased from zero to 
a specified value (usually saturation) under specified 
conditions. 

volume range — 1. Of a transmission system, the 
difference, expressed in dB, between the maximum and 
minimum volumes that the system can satisfactorily 
handle. 2. Of a complex audio-frequency signal, the 
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difference, expressed in dB, between the maximum and 
minimum volumes occurring over a specified period. 

volume recombination rate —The rate at which 
free electrons and holes recombine within the volume of 
a semiconductor. 

volume resistance —Ratio of the dc voltage 
applied to two electrodes in contact with or embedded 
in a specimen to the portion of the current between them 
distributed through the specimen. 

volume resistivity — 1. Ratio of the potential gradi- 
ent parallel to the current in a material to the current 
density. See also resistivity, 1. 2. Also called specific 
insulation resistance. The electrical resistance between 
opposite faces of a 1-cm cube of insulating material, com- 
monly expressed in ohm-centimeters. 3. The resistance of 
a material to de current as a measure of volume. Expressed 
in ohm-centimeters, 

volumetric displacement — The change in volume 


required to displace the diaphragm of a pressure trans- 


ducer from its rest position to a position corresponding to 
the application of a stimulus equal to the rated range of 
the transducer. 

volumetric efficiency — Also called packing factor. 
The ratio of parts volume to total equipment volume, 
expressed in percent. In modules, it is usual!y taken as the 
volume of component bodies only (not including leads, 
other interconnecting media, insulators, heat sinks. and 
so on) and based on nominal sizes of components and 
nominal outside module dimensions. 

volumetric radar—A radar capable of producing 
three-dimensional position data on several targets. 

volumetric sensor — A sensor with 2 detection zone 
that extends over a volume such as an entire room, part 
of a room or a passageway. Ultrasonic motion detectors 
and sonic motion detectors are examples of volumetric 
sensors. 

volume unit — Abbreviated vu. 1. The unit of trans- 
mission measurement for measuring the leve! of non- 
Steady-state currents. Zero level is the steady-state ref- 
erence power of 1 milliwatt in a circuit of 600 ohms 
characteristic impedance. 2. A measure of the power level 
of the voice wave. Zero volume unit is equivalent to 
+4 dBm for simple electrical waves (single frequencies), 
3. An arbitrary sound-level standard related to the decibel 
and used for calibrating recording levels. 

volume-unit indicator — Also called a vu indicator 
or volume-unit meter. An instrument calibrated to read 
audio-frequency power levels directly in volume units. 

volume-unit meter — See vu meter, 

volume velocity —The rate at which a medium 
flows through a specified area due to a sound wave, 

Von Hippel breakdown theory — Also called low- 
energy criterion. Breakdown occurs at fields for which 
the rate of recombination of electrons and positive holes 
is less than the rate of collisional ionization. Assumes no 
distribution in electron energies. 

VOR — Abbreviation for VHF omnirange. 

vortex amplifier — 1. A fluidic device in which the 
angular rate of a vortex is controlled to alter the output. 
2. A fluidic amplifier using momentum interaction to pro- 
duce stream rotation and consequent output modification. 

vowel articulation—The percent of articulation 
obtained when the speech units considered are vowels, 
usually combined with consonants into meaningless syl- 
lables. 

VR — See virtual reality. 

V-ring— In commutator construction, a specially 
shaped insulating structure having one or more V-shaped 
sections, 

VRR — Abbreviation for visual radio range. 

VR tube — Abbreviation for voltage-regulator tube. 
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VSWR — Abbreviation for voltage standing-wave ratio. 

VTF — Abbreviation for vertical tracking force. 

VTL— Abbreviation for variable threshold logic. 

VTM — See voltage-tunable magnetron. 

VTR — Abbreviation for videotape recording or video- 
tape recorder. 

VTVM — Abbreviation for vacuum-tube voltmeter. 

vu — Abbreviation for volume unit. 

vu  indicator— Abbreviation for 
indicator. 

vulcanized fiber—-A dense, homogeneous, cellu- 
losic material that has been partially gelantinized by 
swelling with a zinc chloride solution. It may be made 
in the form of sheets, rods, coils, or tubes, and it may 
be used for electrical insulation as well as in mechanical 
applications. 

vu meter — Abbreviation for volume-unit meter, 1. A 
volume indicator with a decibel scale and specified 
dynamic and other characteristics. It is used to obtain 
correlated readings of speech power necessitated by the 
rapid fluctuations in a level of voice currents. 2. Strictly, 
a recording-level meter whose indicator needle’s motion 
is damped according to a specified standard to allow it 
to respond at a certain speed to sudden impulses without 
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overshooting the mark by more than a certain amount. 
The term vu meter is loosely applied to practically any 
recording-level indicator that uses an indicator needle. 
3. A type of recording-level indicator that shows average 
signal levels in decibels relative to a fixed 0-dB reference 
level or in percent of maximum recommended modula- 
tion. The term is frequently used for any level meter 
using this scale, but it applies mostly to meters having 
a specified, standard degree of damping. 


PROGRAM 
LINE 
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W — 1. Letter symbol for watt. 2. Symbol for energy 
or work. 

wafer——1. A thin semiconductor slice of silicon or 
germanium with parallel faces on which matrices of 
microcircuits or individual semiconductors can be formed. 
After processing, the wafer is separated into dice or chips 
containing individual circuits. 2. A single section of a 
wafer switch. 3. Slice of semiconductor crystal material 
used as substrate for monolithic ICs, diodes, and tran- 
sistors. 4. The thin slice of semiconductor crystal from 
which many hundreds or thousands of single monolithic 
device chips are ultimately obtained. Normally all tech- 
niques, such as epitaxy, photolithography, diffusion, and 
passivation, are carried out on the wafer before it is 
scribed and broken into individual dice. 5. A thin slice, 
typically 5 to 30 mils thick, sawed from a cylindrical ingot 
(boule) of bulk semiconductor matenal (silicon or gallium 
arsenide}, 4 to 8 or more inches in diameter. Arrays of ICs 
or discrete devices are fabricated in the wafers during the 
manufacturing process. The wafer is then tested, scribed, 
and broken apart to produce semiconductor chips. 

wafer and die sorters— Equipment that automates 
the testing and sorting of semiconductor devices from 
wafer form. 

wafer fabrication — The process of epitaxial growth, 
impurity diffusion, oxide deposition, and metallization 
that forms the semiconductor devices on the wafer. 

wafer-handling equipment — Equipment used for 
processing silicon wafers using methods that include 
batch processing in a common carrier, air-bearing single- 
wafer processing, and a combination of batch and single- 
wafer processing. 

wafer probing — An electrical test of devices on 
the wafer, utilizing tiny probes to make contact with the 
metallized pads on the die. 

wafer socket— A vacuum-tube socket that consists 
of two punched sheets or wafers of an insulating material, 
separated by spring-metal clips that grip the terminal pins 
of the inserted tube. 

wafer switch— A rotary multiposition switch with 
fixed terminals on ceramic or Bakelite wafers. The rotor 
arm, in the center, is positioned by a shaft. Several decks 
may be stacked onto one switch and rotated by a common 
shat. 
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Wagner ground — A bridge with an additional pair 
of ratio arms, onto which the ground connection to the 
bridge is moved in order to effect a perfect balance, free 
from error. 

WAIS — See wide area information service. 

wait —A computer system service that causes a task 
to be suspended for a specified time or pending the 
occurrence of an event. 

waiting time — 1. In certain tubes (e.g., thyratrons), 
the time that must elapse between the turning on of their 
heaters and the application of plate voltage. 2. See access 
time, l. 

waldo — Mechanical hands that function as an exten- 
sion of human hands, such as those used to aandle 
radioactive materials. Now a scientific reality, the idea 
was first used in Robert A. Heinlein’s classic story 
“Waldo,” from whence came the name. 

walkie-lookie — A corapact, portable television cam- 
era used for remote broadcasts. The resultant electrical 
pulses are transmitted by microwave radio to a local con- 
trol point for retransmission over a standard television 
station. 

walkie-talkie —1. A two-way radio communication 
set designed to be carried by one person, usually strapped 
to the back, and capable of being operated while in 
motion. 2. A hand-held transceiver. 


Walkie-talkie, 2. 
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walk test light-—— A light on motion detectors that 
comes on when the detector senses motion in the area. 
It is used while setting the sensitivity of the detector and 
during routine checking and maintenance. 

walkthrough — Programming by giving a robot 
instructions one by one, with the robot executing each 
before recciving the next. The speed of the robot is 
increased when programming is satisfactory. A teach box 
is usually used. 

wall-attachment amplifier — 1. A family of fluidic 
elements that make use of flow-created low-pressure 
regions, causing fluid to adhere to an amplifier wall in 
a controlled manner. 2. A fluidic device in which the 
control of the attachment of a stream to a wall(s) (Coanda 
effect) alters the output. 

wall box—A metal box placed in the wall and 
containing switches, fuses, etc. 

wall outlet—A spring-contact device to which a 
portable lamp or appliance is connected by means of a 
plug altached to a flexible cord. The wall outlet is installed 
in a box and connected permanently to the power-line 
wiring of a home or building. 

Walls — The sides of the groove in a disc record. 

Walmsley antenna — An array of vertical rectangu- 
lar loops with a height of one wavelength and a spacing 
of one-half wavelength. The loops are arranged in paral- 
lel planes and are series fed at the centers of the longer, 
vertical sides, with appropriate transpositions of the feed 
lines. 

Walsh radiator— A type of speaker driver invented 
by Lincoln Walsh, in which a gently sloping cone, moving 
up and down, so displaces the air with its sloped sides as 
to radiate a cylindrical wavefront in a 360° horizontal 
circle. 

wamoscope — Abbreviation for a wave-modulated 
oscilloscope. A cathode-ray tube that includes detection, 
amplification, and display of a microwave signal in a sin- 
gle envelope, thus eliminating the local oscillator, mixer, 
IF amplifier, detector, video amplifier, and associated cir- 
cuitry in a conventional radar recciver. Tubes are available 
for a range of 2 to 4 GHz. 

WAN — Abbreviation for wide area network. A net- 
work that serves an area of hundreds or thousands 
of miles, using common-carrier-provided lines. Contrast 
with LAN. 

wander — See scintillation, 2. 

warble-tone generator — An oscillator whose fre- 
quency is varied cyclically at a subaudio rate over a fixed 
range. It is usually used with an integrating detector to 
obtain an averaged transmission or crosstalk measure- 
ment. 

warm boot— Also called soft start or warm start. 
lL. Partial restarting of a computer under operating system 
control without turning it off and on again. 2. Resetting 
the computer while power is on. See also soft start. 

warm-up time — 1. In an indirectly heated tube, the 
time that elapses, after the heater is turned on, before 
the cathode reaches its optimum operating temperature. 
2. The time, following power application to a device, 
required for the output to stabilize within specifications. 

warning net— Communications system established 
for the purpose of disseminating warning information of 
enemy movement or action to all interested commands. 

washout emitter process— A process used in 
the manufacture of semiconductor devices. It involves 
use of the same mask for both the emitter diffusion 
and the deposition of the ohmic contact. The aluminum 
metallization for the contact is permitted to form in the 
same hole that was used for the diffusion. 

waste instruction — See no-operation instruction. 

watch — See radio watch. 
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watchdog — In control systems, a combination of 
hardware and software that acts as an interlock scheme, 
disconnecting the system’s output from the process in 
event of system malfunction. 

water-activated battery— A primary battery that 
contains the electrolyte but requires the addition of (or 
immersion in) water before it becomes usable. 

water-cooled tube—A vacuum tube having an 
anode structure projecting through the glass envelope 
and constructed to permit circulation of water around the 
anode for cooling purposes during operation. 

water load—A matched waveguide termination in 
which the electromagnetic energy is absorbed in water. 
The output power is calculated from the difference in 
temperature between the water at the input and output. 

waterproof motor— A totally enclosed motor so 
constructed that it will exclude water applied in the form 
of a stream from a hose. Leakage may occur around 
the shaft, provided it is prevented from entering the oil 
reservoir and provision is made for automatically draining 
the motor. The means for automatic draining may be a 
check valve, or a tapped hole at the lowest part of the 
frame that will serve for application of a drain pipe. 

WATS — Abbreviation for Wide Area Telephone Ser- 
vice. Also called 800 or 888 service. 1. A service provided 
by telephone companies in the United States that permits 
a customer to make calls to or from telephones in a spe- 
cific nonlocal zone for a flat monthly charge. 2. A service 
that, among other things, allows people almost anywhere 
in the United States to call — without charge to them—a 
certain number. A familiar arrangement has a business 
paying monthly fees for a so-called 800 number that can 
be dialed by the public. In-WATS allows a central cus- 
tomer to call out. 

watt — Letter symbol: W. 1. A unit of the electric 
power required to do work at the rate of 1 joule per 
second. It is the power expended when | ampere of 
direct current flows through a resistance of 1 ohm. In 
an alternating-current circuit, the true power in watts is 
effective voltamperes multiplied by the circuit power fac- 
tor. (There are 746 watts in 1 horsepower.) 2. A measure 
of electrical or acoustical power. The electrical wattage 
rating of an amplifier describes the power it can develop 
to drive a loudspeaker. Acoustical wattage describes the 
actual sound produced by a loudspeaker in the given envi- 
ronment. (The two figures, in any given amplifier-speaker 
system, are necessarily very widely divergent inasmuch as 
the low efficiency of speakers necessitates their receiving 
relatively large amounts of amplifier power in order to 
produce satisfactory sound levels.) 

wattage rating— 1. The maximum power that a 
device can safely handle. 2. The maximum power that the 
resistor can dissipate, assuming a specific life, a standard 
ambient temperature, and a stated long-term drift from 
its no-load value. Increasing the ambient temperature 
or reducing the allowable deviation from the initial 
value (more-stable resistance value) requires derating the 
allowable dissipation. With few exceptions, resistors are 
derated linearly from full wattage at rated temperature to 
zero wattage at the maximum temperature. 

watthour— A unit of electrical work indicating the 
expenditure of | watt of electrical power for | hour. Egual 
to 3600 joules. 

watthour capacity—The number of watthours 
delivered by a storage battery at a specified temperature, 
rate of discharge, and final voltage. 

watthour constant of a meter — The registration, 
expressed in watthours, corresponding to one revolution 
of the rotor. 

watthour-demand meter—A combined watthour 
meter and demand meter. 


value their resistance will be. For example, a 
1,000-ohm resistor with + 5 percent tolerance 
could have a value of anywhere from 950 
ohms to 1,050 ohms. A 1,000-ohm resistor 
with + 1 percent tolerance (referred to as a 


precision resistor ) could have a value 
ranging anywhere from 990 ohms to 1,010 
ohms. Although you are assured that the 


resistance of a precision resistor will be close 
to its stated value, the resistor with + 1 
percent tolerance costs more to manufacture 
and, therefore, costs you more than twice as 
much as a resistor with + 5 percent. 

Most electronic circuits are designed to work 


with resistors with + 5 percent tolerance. The 
most commonly used type of resistor with + 
5 percent tolerance is called a carbon film 
resistor . This term refers to the 
manufacturing process in which a carbon film 
is deposited on an insulator. The thickness 
and width of the carbon film determines the 


resistance (the thicker the carbon film, the 
lower the resistance). Carbon film resistors 
work well in all the projects in this book. 

On the other hand, precision resistors contain 
a metal film deposited on an insulator. The 
thickness and width of the metal film 
determines the resistance. These resistors are 
called metal film resistors and are used In 
circuits for precision devices such as test 
instruments. 
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watthour meter— |. An electricity meter that mea- 
sures and registers the integral, usually in kilowatthours, 
of the active power of the circuit into which the meter 
is connected. This power integral is the energy delivered 
to the circuit during the integration interval. 2. A total- 
izing meter that registers the total electrical energy used, 
usually ia kilowatthours. 

wattless component— A reactive component. 

wattless power — See reactive power. 

watt oss — See power loss, 2. 

watimeter— An instrument for measuring the mag- 
nitude of the active power in an electric circuit. Its scale 
is usually graduated in watts. If graduated in kilowatts 
or megawatts, the instrument is usually designated as a 
kilowattmeter or megawattmeter. 

wattsecond — The amount of energy corresponding 
to 1 watt acting for | second. It is equal to | joule. 

wattsecond constant of a meter — The registra- 
tion, in wattseconds, corresponding to one revolution of 
the rotor. 

wave — 1. A physical activity that rises and falls, or 
advances and retreats, periodically as it travels through 
a medium. 2. Propagated disturbance, usually periodic, 
such as a radio wave or sound wave. If the periodic 
motion is regular and recurring, it is said to be aperiodic 
or damped. 

wave amplitude — The maximum change from zero 
of the characteristic of a wave. 

wave analyzer — An electric instrument for measur- 
ing the amplitude and frequency of the various compo- 
nents of a complex current or voltage wave. 

wave angle — The angle at which a wave is propa- 
gated from one point to another. 

wave antenna— Also called a Beverage antenna. 
A directional antenna composed of a parallcl horizontal 
conductor one-half to several wavelengths long, and 
terminated to ground in its characteristic impedance at 
the far end. 

wave band— |. A band of frequencies, such as that 
assigned to a particular type of communication service. 
2. The band of frequencies comprising an electrical wave. 

wave-band switch—A multiposition switch for 
changing the frequency band tuned by a receiver or 
transmitter. 

wave clutter — Clutter caused on a radar screen by 
echoes from sea waves. 

wave converter— A device for changing a wave 
from one pattern to another (c.g., baffle-plate, grating, 
and sheath-reshaping converters for waveguides). 

wave duct—1.A tubular waveguide capable of 
concentrating the propagation of waves within it. 2. A 
natural duct formed in air by atmospheric conditions. 
Waves of certain frequencies travel through it with more 
than average efficiency. 

wave equation— An equation that gives a math- 
ematical specification of a wave process or describes 
the performance of a medium through which a wave is 
passing. 

wave filter —A transducer for separating waves on 
the basis of their frequency. It introduces a relatively small 
insertion loss to waves in one or more frequency bands, 
and a relatively large insertion loss to waves of other 
frequencies. See also filter, 1. 

wave fluxing — A wave solder fluxing method. Flux 
is applied using the liquid wave principle to form a 
doubie-sided parabolic wave. Washing action of the wave 
promotes flux coverage of the underside surfaces, while 
capillary forces promote thru-hole penetration. See also 
brush fluxing; foam fluxing; spray fluxing. 

waveform— l. The shape of an electromagnetic 
wave. 2. A graphical representation of the relationship 
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between voltage, current, or power against time. It also 
provides a picture of the behavior of signals at given 
frequencies. 3. A geometrical shape as obtained by dis- 
playing a characteristic voltage or current as a function 
of time. 4. The variations in magnitude and polarity of a 
current or voltage with respect to time, plotted in graphic 
form. 
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Waveforms, 2. 


waveform-amplitude distortion — Sometimes 
called amplitude distortion. Nonlincar waveform dis- 
tortion caused by unequai attenuation or amplification 
between the input and output of a device. 

waveform analyzer— 1. An instrument that mea- 
sures the amplitude and frequency of the components in 
a complex waveform. 2. A frequency-selective voltmeter 
that can be used to determine the frequency and ampli- 
tude of each sine-wave component of a complex wave. 
3. An instrument that measures the amplitude of a wave- 
form over a specific period, with resolution usually in the 
low nanosecond range. 

waveform  digitization—- The earliest approach 
taken for speech synthesis. The technique relies on sam- 
pling of the waveform in the time domain at twice the 
highest frequency of interest (this is known as the Nyquist 
rate). Critical to the use of this technique is data compres- 
sion; otherwise, memory requirements are prohibitive. 

waveform encoding — A synthesis technique that 
reproduces speech by reconstructing the original speech 
waveform. 

waveform error— A change in measurement accu- 
racy of an average-reading ac meter, occurring when the 
waveform of the measured voltage or current departs from 
a pure sine-wave form. 

waveform generator — Also called arbitrary wave- 
form generator. 1. See timing-pulse distributor. 2. Au 
instrumentation that does not necessarily employ mathe- 
matically derived relationships between the output voltage 
and the time base to produce its output waveshape. Most 
generators of this type develop an output that follows 
a waveshape drawn out or copied manually from some 
existing natural phenomenon (e.g., an EKG trace or the 
stress versus elongation curve from a pull-to-fracture test 
of a metal sample) or specified via keyboard entries. The 
waveform may also follow tracings made manually on an 
accompanying digitizer tablet. 
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waveform influence — The change in meter indica- 
tion of the applied current and/or voltage caused solely 
by a change in waveform from a specified waveform. 

waveform monitor— 1. An oscilloscope desig- 
ned for viewing signal waveforms. 2. Án oscilloscope 
designed especially for viewing the waveform of a video 
signal. 

waveform recorder—A _ general-purpose, wave- 
form-capturing instrument with high-speed, high-resolu- 
tion analog-to-digital converters and digital memory. 

waveform synthesizer — Equipment for generating 
a signal of a desired waveform. 

wavefront— |. With respect to a wave in space, a 
continuous surface at every point of which the displace- 
ment from zero in the positive or negative direction is the 
same at any instant. In a periodic wave, the displacements 
of the points on a wavefront are in phase. For a surface 
wave, the wavefront is a continuous line whose points 
have the same properties as do the points in the wave- 
front of a wave in space. 2. That part of a signal-wave 
envelope between the initial point of the envelope and the 
point at which the envelope reaches its crest. 3. For a field 
of electromagnetic energy emanating from a source, the 
wavefront is a surface connecting all field points that are 
equidistant from the source. 4. A surface at right angles 
to rays that proceed from the wave source. The surface 
passes through those parts of the wave that are in the 
same phase and travel in the same direction. For parallel 
rays, the wavefront is a plane; for rays that radiate from 
a point, the wavefront is spherical. 

wave function —In a wave equation, a point func- 
tion that specifies the amplitude of a wave. 

waveguide — 1. A system of material designed to 
confine direct electromagnetic waves in a direction deter- 
mined by its physical boundaries. 2. A transmission line 
comprising a hollow conducting tube (rectangular or tubu- 
lar) within which electromagnetic waves are propagated 
on a solid dielectric or dielectric-filled conductor. 

waveguide attenuator—A waveguide device for 
producing attenuation by some means (e.g., by absorption 
and reflection). 

waveguide connector— Also called a waveguide 
coupling. A mechanical device for electrically joining 
parts of a waveguide system together. 

waveguide coupling — See waveguide connector. 

waveguide critical dimension — The dimension 
of waveguide cross section that determines the cutoff 
frequency. 

waveguide cutoff frequency— Also called the 
critical frequency. The frequency limit of propagation, 
along a waveguide, for waves of a given field configura- 
tion. 

waveguide dummy load — Sections of waveguide 
for dissipating all the power entering the input flange. 

waveguide elbow — A bend in a waveguide. 


Waveguide elbows. 


waveguide flange — See flange. 

waveguide lens—A microwave device in which 
the required phase changes are produced by refraction 
through suitable waveguide elements acting as lenses. 
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waveguide mode suppressor — A filter used to 
suppress undesired modes of propagation in a waveguide. 

waveguide phase shifter — A device for adjusting 
the phase of the output current or voltage relative to the 
phase at the input of a device. 

waveguide plunger — |. In a waveguide, a plunger 
used for reflecting the incident energy. 2. A movable 
shorting plate used to adjust the length of a resonant 
waveguide section. 

waveguide post—In a waveguide, a rod placed 
across the waveguide and behaving substantially like a 
shunt susceptance. 

waveguide propagation — Long-range communi- 
cations in the 10-kHz to 35-kHz frequency range by the 
waveguide characteristics of the atmospheric duct formed 
by the ionospheric D layer and the surface of the earth. 
See also atmospheric duct. 

waveguide resonator—A waveguide device in- 
tended primarily for storing oscillating electromagnetic 
energy. 

waveguide shim—aA thin metal sheet inserted 
between waveguide components to ensure electrical 
contact. 

waveguide shutter— A vane within a waveguide, 
used to protect the receiver system from adjacent radar 
power by establishing an electrical short across the 
waveguide when a companion transmitter is operating. 

waveguide stub—An auxiliary section of wave- 
guide that has an essentially nondissipative termination 
and is joined to the main section of the waveguide. 

waveguide switch — A transmission-line switch for 
connecting a transmitter or receiver from one antenna to 
another or to a dummy load. 

waveguide taper — A section of tapered waveguide. 

waveguide tee — A junction for connecting a branch 
section of waveguide in series or parallel with the main 
transmission line. 

waveguide transformer — A device, usually fixed, 
added to a waveguide for the purpose of impedance 
transformation. 

waveguide tuner — An adjustable device added to a 
waveguide for the purpose of impedance transformation. 

waveguide twist— A waveguide section in which 
the cross section rotates about the longitudinal axis. 

waveguide wavelength— Also called a guide 
wavelength. For a traveling plane wave at a given fre- 
quency, the distance along the waveguide betwcen the 
points at which a field component (or the voltage or cur- 
rent) differs in phase by 27 radians, 

wave heating — The heating of a material by energy 
absorption from a traveling electromagnetic wave. 

wave impedance (of a transmission line) — At 
every point in a specified plane, the complex ratio between 
the transverse components of the electric and magnetic 
fields. (Incident and reflected waves may both be present.) 

wave interference — The phenomenon that results 
when waves of the same or nearly same type and fre- 
quency are superimposed. It is characterized by variations 
in the wave amplitude that differ from that of the individ- 
ual superimposed waves. 

wavelength — |. In a periodic wave, the distance 
between points of corresponding phase of two consecutive 
cycles. The wavelength (A) is related to the phase velocity 
(v) and frequency (f) by the formula A = v/f. 2. The 
physical distance between cycles. Wavelength also may be 
stated as being equal to the distance traveled by a wave 
in the time required for one cycle. Wavelength equals 
the speed divided by the frequency. (For most purposes, 
we assume that all electromagnetic waves travel at the 
speed of light in a vacuum, approximately 186,000 miles 
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per second or 3 x 10% m/s.) 3. The distance between the 
beginning and the end of a complete cycle of any spatial 
periodic phenomenon. In acoustics, it is the distance 
occupied by one cycle of a repetitive sound traveling 
through the air at a velocity of about 1:00 feet per second 
or 335 m/s. (An 1100-Hz tone has a wavelength of 1 foot 
or 30.48 cm.) In magnetic recording, it refers to the length 
of tape occupied by a full cycle of recorded signal (at 
7!/ ips tape speed, a recorded frequency of 1000 Hz has 
a wavelength on the tape of 0.0075 inch). 4. The basic 
characteristic of electromagnetic waves that describes the 
distance that a wave travels during one complete cycle. 
Units most frequently used in light measurements are 
the angstrom, A (101% meter), and the nanometer, nm 
(10° meter). 5. The distance between three consecutive 
nodes of a wave, equal to 360 electrical degrees. It is equal 
to the velocity of propagation divided by the frequency, 
when both are in the same units. 6. In tape recording, the 
shortest distance between two peaks of the same magnetic 
polarity; also, the ratio of the tape speed to recorded 
frequency. 

wavelength constant — The imaginary part of the 
propagation constant—1.e., the part that refers to the 
retardation in phase of an alternating current passing 
through a length of transmission line. 

wavelength of peak radiant intensity — The 
wavelength at which the spectral distribution of radiant 
intensity is a maximum. 

wavelength shifter — A photofluorescent compound 
employed with a scintillator material. {ts purpose is to 
absorb photons and emit related photons of a longer wave- 
length, thus permitting more efficient use of the photons 
by the phototube or photocell. 

wave mechanics—A general physical theory 
whereby wave characteristics are assigned to the 
components of atomic structure, and all physical 
phenomena are interpreted in terms of hypothetical 
waveforms, 

wavemeter— An instrument for measuring the 
wavelength of a radio-frequency wave. Resonant- 
cavity, resonant-circuit, and standing-wave meters are 
representative types. 

wave normal — A unit vector normal to an equiphase 
surface, with its positive direction taken on the same side 
of the surface as the direction of propagation. In isotropic 
media, the wave normal is in the direction of propagation. 

wave number— 1. The number of waves per unit 
length. The usual unit of wave number is the reciprocal 
centimeter, cm”?. In terms of this unit, the wave number 
is the reciprocal of the wavelength when the latter is in 
centimeters in a vacuum. 2. Reciprocal of wavelength. 
The number of waves per centimeter. Wave number is 
directly proportional to energy. 

wave oils — Liquid compounds formulated for use as 
the oil in oil-intermix wave-soldering equipment and as 
pot coverings on still solder pots. 

wave packet-— A short pulse of waves (e.g., spin 
Waves). 

wave propagation — See propagation. 

waveshape — A graph of a wave as a function of 
time or distance. 

wave soldering— 1. A manufacturing process for 
connecting components to a printed circuit board. After 
the components are inserted and the copper side of the 
board is fluxed, the board moves on a conveyor across 
a tank that is so adjusted that the peak of a standing 
wave of molten solder just makes contact with the copper 
side of ihe board and, thus, solders all components to 
the pe board in the pan. 2. A process wherein printed 
boards are brought in contact with a gently overflowing 
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wave of liquid solder that is circulated by a pump in 
an appropriately designed solder pot reservoir. The prime 
functions of the molten wave are to serve as a heat source 
and heat transfer medium and to supply solder to the joint 
area. 

wave-soldering equipment— Systems that 
achieve wave soldering and that consist of stations. 

wave tail—That part of a signal-wave envelope 
between the steady-state value (or crest) of an envelope 
and the end. 

wave tilt— The forward inclination of a radio wave 
due to its proximity to ground. 

wave train — A limited series of wave cycles caused 
by periodic short-duration disturbances. 

wave trap — Also called a trap. 1. A device used to 
exclude unwanted signals or interference from a receiver. 
Wave traps are usually tunable to enable the interfering 
signal to be rejected or the true frequency of a received 
signal to be determined. 2. A tuned parallel resonant 
circuit for the purpose of eliminating one undesired 
frequency from the circuit to which it is connected. 

wave velocity —A quantity that specifies the speed 
and direction at which a wave travels through a medium. 

wax — In mechanical recording, a blend of waxes with 
metallic soaps. 

wax master — See wax original. 

wax original — Also called a wax master. An original 
recording on a wax surface, from which the master is 
made. 

way-operated circuit— A circuit shared by three 
or more stations on a party-line basis. One of the stations 
may be a switching center. May be a single or duplex 
circuit. 

way point —A selected point having some signifi- 
cance on a radionavigational course line. 

way station — In telegraphy, one of the stations on a 
multipoint network. 

weak coupling —Loose conpling in a radio-fre- 
quency transformer. See also loose coupling. 

wearout— 1. The point at which the continued opera- 
tion and repair of an item becomes uneconomical because 
of the increased frequency of failure. The end of the use- 
ful life of the item. 2, The process of attrition that results 
in an increase of hazard rate with increasing age (cycles, 
time, miles, events, and so on as applicable for the item). 
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wearout failure — A failure that is predictable on 
the basis of known wearout characteristics. This type of 
failure is due to deterioration processes or mechanical 
wear, the probability of occurrence of which increases 
with time. 

weather-protected motor — An open motoz whose 
ventilating passages are so designed as to minimize the 
entrance of rain, snow, and airborne particles to the electric 
parts. 
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web — Web, used as a proper noun (capitalized), is 
short for the World Wide Web (WWW). As an adjective, 
it denotes relationship to activities pertaining to the World 
Wide Web. 

web browser— |. A software application that per- 
mits browsing, retrieval, and viewing of content from 
the World Wide Web. A web browser is a client for 
the HTTP, FTP, and gopher protocols, as well as oth- 
ers. 2. A type of software that allows one to navigate 
the Web. 

WebCrawler— A tool for searching WWW sites for 
any documents containing the user-supplied search string. 

weber— The practical unit of magnetic flux, equal 
to the magnetic flux that, linking a circuit of one turn, 
produces in it an electromotive force of 1 volt as it is 
reduced to zero at a uniform rate in one second. One 
weber equals 10% maxwells. Symbolized Wb. 

webmaster — The person in charge of a web site. 

web page — A hypertext page in the WWW system. 
See home page: HTML; hypertext. 

web server—. A networked host computer that con- 
tains HTML pages and possibly other forms of content 
served to clients via HTTP. 

web site — 1. A site (location) on the WWW with a 
web page. 2. The primary web server or collection of web 
servers on the Internet that represents an entity such as 
a company, university, organization, or other institution. 
The term does not usually refer to a web server on an 
internal LAN. Many sites on the Internet have adopted the 
naming convention of using the hostname or hostname 
alias to denote the primary web server in the domain 
name; €.g., www.northcountryradio.com. 

WECS — Large wind-energy conversion systems, with 
a generating capacity of more than 100,000 kilowatts. 

wedge—1. The fan-shaped pattern of equidistant 
black and white converging lines in a television test pat- 
tern. 2. A waveguide termination consisting of a tapered 
length of dissipative material, such as carbon, which is 
introduced into the guide. 

wedge bond— 1. Metal to metal lead bond formed 
by a wedge-shaped tool. It may be a cold weld, ultra- 
sonic, or thermal compression bond. 2. A bond between 
a gold wire and a gold metallized substrate using a wedge- 
shaped tool. Thermocompression bonding combines tem- 
perature and pressure to make a wedge bond. Ultrasonic 
bonding combines ultrasonic energy with the pressure of 
the tool. 

wedge bonding — 1. A type of thermocompression 
bonding used in integrated-circuit manufacturing whereby 
a wedge-shaped tool is used to press a small section of 
the lead wire onto a bonding pad. 2. A bond formed when 
a heated wedge is brought down on a wire prepositioned 
on a heated contact. The wedge’s heat and the pressure 
of the wedge in combination with the heat applied to the 
mounting contact form the bond. 
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wedge-type connector—A connector in which 
the contact between the conductor and connector is made 
by pressure exerted by a wedge. 

Wehnelt cathode—A hot cathode that consists 
of a metallic core coated with alkaline-earth oxides. It 
is widely used in vacuum tubes. See also oxide-coated 
cathode. 

weight — 1. The force with which a body is attracted 
toward the earth. 2. See significance. 

weight coefficient of a thermoelectric genera- 
tor — The quotient of the electrical power output of the 
thermoelectrical generator divided by the weight of the 
generator. 

weight coefficient of a thermoelectric genera- 
tor couple — The quotient of the electrical power output 
of the thermoelectric couple divided by the weight of the 
couple. 

weighted average—An averaging technique in 
which the data to be averaged are nonuniformly weighted. 
The weights must always sum to 1.00 or 100 percent. 

weighted distortion factor—The weighting of 
harmonics in proportion to their harmonic relationship. 

weighted noise — 1. The measured noise level in 
electronic equipment or in an acoustic environment with 
a measuring device that uses any of several standard filters 
that restrict response to the audio-frequency spectrum or 
a selected portion thereof. 2. The noise measured within 
the audio-frequency band using a measuring instrument 
that has a frequency-selective characteristic adjusted to 
correspond to that of the average human hearing response. 

weighted noise level —The noise level weighted 
in accordance with the 70-decibel equal-loudness contour 
of the human ear and expressed in dBm. 

weighted value — The numerical value assigned to 
any single bit as a function of its position in a code word. 

weighting — 1. The artificial adjustment of measure- 
ments in order to account for factors that, during normal 
use of a device, would otherwise differ from the con- 
ditions during measurement. For example, background- 
noise measurements may be weighted by applying factors 
or introducing networks to reduce the measured values in 
inverse ratio to their interference. 2. Any correction factor 
added to a measurement to make it correlate more accu- 
rately with subjective perceptions. A noise measurement 
may be weighted at various parts of the audio spectrum 
to reflect the ear’s acute sensitivity around 3000 Hz and 
relative lack of sensitivity at 60 Hz. 

weighting network — A network whose loss varies 
with frequency in a prescribed standard manner. 

weightlessness — 1. A condition in which no accel- 
eration, whether of gravity or other force, can be detected 
by an observer within the system in question. 2. A condi- 
tion in which gravitational and other external forces acting 
on a body produce no stress, either internal or external, in 
the body. Weightlessness occurs when gravity forces are 
exactly balanced by other forms of acceleration (zero g). 

weld — The consolidation of two metals, usually by 
application of heat to the proposed joint. 

welded circuit—A circuit of electronic parts in 
which leads are interconnected by welding techniques. 

weldgate pulse— A waveform used in controlling 
the flow of welding current. 

welding — 1. A process in which the oxide layer cov- 
cring the surface of a metal is eliminated, and the irregular 
surfaces are brought into intimate contact over the entire 
surface of the bond. Welding may be accomplished with 
the application of heat, mechanical force, or heat and 
mechanical force. 2. Joining thermoplastic pieces by one 
of several heat-softening processes. 
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welding transformer — A power transformer with a 
secondary winding consisting of only a few turns of very 
heavy wire. It is used to produce high-value alternating 
currents at low voltages for welding purposes. 

weld junction—A junction formed by heat or 
metallurgical fusion of conductors. It provides a strong 
electrical connection with good conductivity. It is widely 
used in microelectronic packaging. Wires, ribbons, or 
films as small as 0.0005-inch (12.7-um) thick can be 
joined by resistance and electron-beam welding methods. 

weld-on surface-temperature resistor — A sur- 
face-temperature resistor installed by welding the sensing 
element to the surface being measured. 

weld polarity — Certain material combinations have 
a different resistance to a weld current, depending on the 
direction of the current. In dc welding, a suitable weld 
may be possible in only one direction of current. A weld 
scheduie must define the proper polarity for such cases. 

weld time— The interval during which current is 
allowed to flow througn the work during the performance 
of one weld. In pulsation welding, the weld period 
includes the “cool” time intervals. 

weli— A region of silicon formed by introducing 
impurities of opposite polarity, usually in the substrate; 
used to separate MOS transistors there. 

Wertheim effect— When a wire placed in a longi- 
tudinal magnetic field is twisted, there will be a transient 
voltage difference between the ends of the wire. 

WESTAR l|— American TV satellite operated by 
Western Union. lt has 12 transponders and is located at 
99” west longitude. 

WESTAR ll — American TV satellite (in the WES- 
TAR series) located at 123.5” west longitude. It has 12 
transponders. 

WESTAR lll — American TV satellite in the WES- 
TAR series. It has 12 transponders and is located at 91° 
west longitude. 

Western Union joint — A strong, highly conductive 
splice made by crossing the cleaned ends of two wires, 
twisting them together, and soldering. 
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Weston normal cell—A standard cell of the 
saturateá cadmium type, in which the positive electrode 
is cadmium and the electrolyte is a cadmium-sulfate 
solution. 

Westrex system — See forty-five/forty-five. 

wet-- Term describing the condition in which the 
liquid electrolyte in a cell is free-flowing. 

wet cell —A cell whose electrolyte is in liquid form 
and free to flow and move. 
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wet-charged stand —The period of time that a 
charged wet secondary cell can stand before losing a 
specified, small percentage of its capacity. 

wet circuit— 1. A circuit that carries direct current. 
2. Circuit having current flow to melt (microscopically) 
contact material at point of contact, thereby dissolving 
and evaporating away contaminants. 

wet contact— A contact through which direct cur- 
rent flows. 

wet dross — Metallic droplets of molten solder sus- 
pended in oxides, tarnish, and charred organic com- 
pounds. Wet dross normally is formed as a result of some 
mechanical agitation, as in the case of the wave when 
droplets of molten solder are retained in the dross with- 
out being able to coalesce with adjacent droplets and/or 
through gravity rejoin the parent metal underneath. Wet 
dross often appears as a spongy metallic mass floating on 
the surface. 

wet electrolytic capacitor — An electolytic capac- 
itor that has a liquid electrolyte. 

wet flashover voltage — The voltage at which the 
air surrounding a clean, wet insulator shell breaks down 
completely between electrodes. This voltage will depend 
on the conditions under which the test is made. 

wet process — Also called slip process. A method 
of preparing a ceramic body in which the constituents are 
blended in a form that is sufficiently liquid to produce a 
suspension for use as is or in subsequent processing. 

wet-reed relay — A reed-type relay containing mer- 
cury at the relay contacts to reduce arcing and contact 
bounce. 

wet shelf life — The period that a wet secondary cell 
can remain discharged without deteriorating to a point al 
which it cannot be recharged. 

wet tantalum capacitor—A polar electrolytic 
capacitor whose cathode is a liquid electrolyte (a highly 
ionized acid or salt solution). Characteristics: highest 
capacity per unit volume, low impedance, lowest dc 
leakage, excellent shelf life. These are poiar devices. They 
are generally used in voltage applications up to 125 volts 
in the temperature range —55°C to +200°C. 

wetted surface — A surface on which solder fiows 
uniformly to make a smooth, continuous, adherent layer. 

wetting — 1. The formation of a uniform, smooth, 
unbroken, and adherent film of solder to a base metal. 
2. A phenomenon involving a solid and a liquid in such 
intimate contact that the adhesive force between the two 
phases is greater than the cohesive force within the liquid. 
Thus, a solid that is wet, on being removed from the 
liquid bath, will have a thin continuous layer of liquid 
adhering to it. Foreign substances such as grease may 
prevent wetting. (Other agents, such as detergents, may 
induce wetting by lowering the surface tension of the 
liquid.) 

Wheatstone bridge — Also called resistance bridge. 
A null-type resistance-measuring circuit in which resis- 
tance is measured by direct comparison with a standard 
resistance. See figure on page 848. 

wheeling — A technique by which a utility, located 
between two others, transfers power from its neighbor on 
one side to its neighbor on the other side. 

wheel static — Auto-radio interference due to a static 
charge buildup between the brake drum and the wheel 
spindle. 

whiffletree switch — In computers, a multiposition 
electronic switch composed of gate tubes and flip-flops. 
It is so named because its circuit diagram resembles a 
whiffletree. 

whip antenna— |. A simple vertical antenna con- 
sisting of a slender whiplike conductor supported on a 
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base insulator; used mainly on motor vehicles. 2. The 
flexible metal pole used as an antenna on automobiles. 

whisker — 1. See catwhisker. 2. A very small, hair- 
like metallic growth (a micron-size single crystal with 
a tensile strength of the order of one million psi) on a 
metallic circuit component. 3. Ultrapure elongated metal 
and ceramic filaments of extremely high tensile strengths. 
4, Single-crystal growth resembling fine wire that appears 
most frequently on components that have been electro- 
plated with tin. Whisker growth requires no voltage. 5. A 
slender acicular (needle-shaped) metallic growth on a 
printed board. 

whistler mode propagation — |. The transmission 
of radio waves between conjugate points with respect 
to the geomagnetic equator (i.e., points of opposite 
geomagnetic latitude and equal geomagnetic longitude) 
by the apparent ducting of waves along the flux lines of 
the geomagnetic field. 2. The transmission of radio signals 
along the flux lines of the earth’s magnetic field from the 
northern hemisphere to the southern hemisphere. 

whistlers — 1. High-frequency atmospherics that de- 
crease in pitch and then tend to rise again. 2, Audio- 
frequency waves from lightning-stroke radiation that have 
penetrated the ionosphere. 

white — 1. For color TV, white is a mixture of red, 
green, and blue in the picture this is produced by exciting 
all three dots in each phospor trio, Since the eye cannot 
distinguish the individual dots, the mixture appears white. 
2. The facsimile signal produced when an area of subject 
copy having minimum density is scanned. 

white balance — The adjustment of the red, green, 
and blue channels in a color camera to produce the correct 
balance (and, thus, white) when shooting a flat white field, 

white circuit— A cathode follower with another 
tube replacing the cathode resistor. By driving this 
additional tube with a signal that is out of phase with the 
original signal, low-impedance broadband characteristics 
are obtained. 

white compression— 1. Also called white satura- 
tion. In facsimile or television, a reduction in gain (rel- 
ative to the gain at the level for a midrange light value) 
at signal levels corresponding to light areas of the pic- 
ture. The overall effect of white compression is reduced 
contrast in the highlights of the picture. 2. Amplitude 
compression of the signals corresponding to the white 
regions of the picture; results in differential gain. 

white-dot pattern — See dot pattern. 

white level — 1. The carrier-signal level that corre- 
sponds to maximum picture brightness in television and 
facsimile. 2. The picture signal level corresponding to a 
specified maximum limit for white peaks. 

white light — 1. Radiation that has a spectral energy 
distribution that produces the same color stimulus to the 
unaided eye as that of noon sunlight. 2. Light perceived 
as achromatic, that is, without hue. 
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white noise — Also called Gaussian noise. 1. Ran- 
dom noise (e.g., shot and thermal noise) whose constant 
energy per unit bandwidth is independent of central fre- 
quency at the band. The name is taken from the analogous 
definition of white light. 2. The random motion of elec- 
trons in a conductor, which, when reproduced through 
a loudspeaker or phones, sounds like noise and covers 
a wide frequency range. It is used to test loudspeak- 
ers and phones for resonance and sensitivity. 3. Noise 
whose amplitude (strength) is a random (Gaussian) vari- 
able but which has equal energy distribution over all 
frequencies of interest, regardless of the center frequency 
of the frequency range being considered. 4. A complete 
mixture of all frequencies in one signal characterized by 
equal energy per bandwidth. This means that there is 
an equal amount of energy between 100 and 200 Hz as 
between 200 and 300 Hz, or 1000 to 1100 Hz, and so 
on. 5. Random noise that contains equal energy for any 
equal bandwidths. (For example, the 5000-Hz bandwidth 
between 5000 Hz and 10,000 Hz or between 10,000 Hz 
and 15,000 Hz has equal white noise energy.) The total 
energy per octave increases 6 dB/octave with increasing 
frequency. 6. Random noise having a special density that 
is substantially independent of frequency over a specified 
range. It is widely used in the random vibration testing of 
devices. 7. Random variations in voltage, current, or data, 
therefore often thermal in origin. Audible manifestation is 
a hissing sound. It usually exists for the entire duration of 
a connection. At low levels, it may not impair operation 
at all, At high levels, it may render both voice and data 
communication impossible. Electrical noise, (specifically 
of thermal origin), is also known as Johnson noise. 

white object— An object that reflects all wave- 
lengths of light with substantially equal high efficiencies 
and considerable diffusion. 

white peak — A peak excursion of the picture signal 
in the white direction. 

white peak clipping — Limiting the amplitude of 
the picture signal to a preselected maximum white level. 

white plume — The result of target lag in an image 
pickup tube that causes a moving highlight to trail a 
highlight and resemble a white plume. 

white raster — See chroma-clear raster. 

white recording—-1. In an amplitude-modulation 
system, that form of recording in which the maximum 
received power corresponds to the minimum density of 
the record medium. 2. In a frequency-modulation system, 
that form of recording in which the lowest received 
frequency corresponds to the minimum density of the 
record medium. 

white room— An area in which the atmosphere is 
controlled to eliminate dust, moisture, and bacteria. It is 
used in the production and assembly of components and 
systems whose reliability or functions might be adversely 
affected by the presence of foreign matter. 

white saturation — See white compression. 

white signal— The facsimile signal produced when 
a minimum-density area of the subject copy is scanned. 

white-to-black amplitude range— 1. In a fac- 
simile system employing positive amplitude modulation, 
the ratio of signal voltage (or current) for picture white to 
that for picture black at any point in the system. 2. In a 
facsimile system employing negative amplitude modula- 
tion, the ratio of the signal voltage (or current) for picture 
black to that for picture white. 

white-to-black frequency swing — In a facsimile 
system employing frequency modulation, the numerical 
difference between the signal frequencies corresponding 
to picture white and picture black at any point in the 
system. 
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white transmission — |. In an amplitude-modula- 
tion system, that form of transmission in which the max- 
imum transmitted power corresponds to the minimum 
density of the subject copy. 2. In a frequency-modulation 
system, that form of transmission in which the lowest 
transmitted frequency corresponds to the minimum den- 
sity of the subject copy. 

whole step — See whole tone. 

whole tone — Also called a whole step. The interval 
between {wo sounds with a basic frequency ratio approx- 
imately equal to the sixth root of 2. 

wicking — 1. The flow of solder up under the insu- 
lation on covered wire. 2. The act of drawing moisture 
through a fabric or thread, like the action of a wick in an 
oil lamp when it draws oil up to the flame. 3. Capillary 
absorption of liquid (including water) along the fibers of 
the base material, 4. The tendency for flux and solder 
to run in under the insulation of a wire when its end is 
being soldered to a terminal. 5. Desoldering method uti- 
lizing prefluxed braid or stranded wire, or braid used with 
flux. The wick material is placed on the solder joint and 
a heated iron tip is applied to the wick. Capillary action 
draws the solder up into the wick material. 6. The longi- 
tudinal flow of a liquid in a wire or cable due to capillary 
action. 

wide-angle lens — A lens that picks up a wide area 
of a television stage setting at a short distance. 

wide area data service — Automatic wide teletype- 
writer data exchange service by way of leased commercial 
lines. 

wide area information service — Abbreviated 
WAIS. A Net-wide system for looking up specific infor- 
mation in Internet databases. 

wide area telephone service — See WATS. 

wideband — 1. Capable of passing a broad range of 
frequencies (said of a tuner or amplifier). Especially 
vital to good multiplex reception and for faithful audio 
reproduction. 2. Having a bandwidth greater than a voice 
band. 3. A communications channel having a bandwidth 
characterized by data transmission speeds of 10,000 to 
500,000 bits per second. 4. Implies data speeds requiring 
the equivalent of more than one voice-frequency channel 
for operation; broadband. 5. See broadband. 

wideband amplifier — An amplifier capable of pass- 
ing a wide range of frequencies with equal gain. 

wideband axis—In phasor representation of the 
chrominance signal, the direction of the phasor represent- 
ing the fine-chrominance primary. 

wideband circuit— A transmission facility having a 
bandwidth greater than that of a voice-grade line. 

wideband communications system — A com- 
munications system that proyides numerous channels of 
communications on a highly reliable and secure basis; 
the channels are relatiyely invulnerable to interruption by 
natural phenomena or countermeasures. Included are mul- 
tichannel telephone cable, tropospheric scatter, and mul- 
tichannel line-of-sight radio systems such as microwave. 

wideband improvement— Ratio of the signal-to- 
noise ratio of the system in question to the signal-to-noise 
ratio of a reference system. 

wideband ratio — Ratio of the occupied-frequency 
bandwidth to the intelligence bandwidth. 

wideband repeater— An airborne system that 
receives an rf signal, and conditions it, translates it in fre- 
quency, and amplifies it for transmission. Such a repeater 
is used in reconnaissance missions when low-altitude air- 
craft require an airborne relay platform for transmission 
of data to a readout station beyond the line of sight. 

wide open —Refers to the untuned characteristic or 
lack of frequency selectivity. 


white transmission — Wien-bridge oscillator 


wide-open receiver— A receiver that has essen- 
tially no tuned circuits and is designed to receive all 
frequencies simultaneously in the band of coverage. 

width — 1. The distance between two specified points 
of a pulse. 2. The horizontal dimension of a television or 
facsimile display. 

width coding — Modifying the duration of the pulses 
emitted from the transponder according to a prearranged 
code for recognition in the display. 

width control — A television-receiver or an oscillo- 
scope control that varies the amplitude of the horizontal 
sweep and, hence, the width of the picture. 

Wiedemann effect— The direct Wiedemann effect 
is the twist produced in a wire placed in a longitudinal 
magnetic field when a current flows through the wire; 
the twist is due to the helical resultant of the impressed 
longitudinal field and the circular field of the wire. 
The magnetic material expands (or contracts) parallel to 
the helical lines of force, hence the twist. The mverse 
Wiedemann effect is the axial magnetization of a current- 
carrying wire when twisted. 

Wiedemann-Franz law — A theoretical result that 
states that the ratio of thermal conductivity to electrical 
conductivity is the same for all metals at the same 
temperature. 

Wiegand wire—A single strand of ferromagnetic 
material fabricated to produce a permanently work- 
hardened outer layer called the shell and a relativety soft 
inner layer called the core. Under the influence of a strong 
magnetic field, the shell and core have the same magnetic 
polarity. Wire-core polarity is reversed by placing the wire 
in a weak external magnetic field of the opposite polarity 
that leaves the original she] polarity intact. Increasing the 
external field strength then reverses the shell polarity. A 
small wire coil placed near the Wiegand wire can sense 
these polarity changes and produce a corresponding volt- 
age pulse. This phenomenon can be used in a variety of 
self-powered sensors that produce voltage pulses without 
any other supporting circuitry. 

Wien bridge — An alternating-current bridge used to 
measure inductance or capacitance in terms of resistance 
and frequency. See also Wien capacitance bridge; Wien 
inductance bridge. 

Wien-bridge oscillator— 1. An oscillator whose 
frequency is controlled by a Wien bridge. 2. A type of 
phase-shift oscillator that uses resistance and capacitance 
in a bridge circuit to control the frequency. 


Wien-bridge oscillator. 


Wien capacitance bridge — winding factor 


Wien capacitance bridge — A four-arm alterna- 
ting-current capacitance bridge used for measuring capac- 
itance in terms of resistance and frequency. Two adjacent 
arms contain capacitors —one in series and the other in 
parallel with a resistor— while the other two are nor- 
mally nonreactive resistors. The balance depends on the 
frequency, but the capacitance of either or both capacitors 
can be computed from the resistances of all four arms and 
from the frequency. 


C,/C, = R,/R,-R,/R, 
C-C, = Vue, R, 


Wien capacitance bridge. 


Wien displacement law—The relationship be- 
tween the temperature of a black body and the wavelength 
for its emission maximum. The wavelength of maximum 
emission may be found from the expression 


n 2898 um — degrees 
max — A 


where T is in kelvins. 

Wien inductance bridge — A four-arm alternating- 
current inductance bridge used for measuring inductance 
in terms of resistance and frequency. Two adjacent 
arms contain inductors—one in series and the other 
in parallel with a resistor—while the other two are 
normally nonreactive resistors. The balance depends on 
the frequency, but the inductances of either or both 
inductors can be computed from the resistors of the four 
arms and from the frequency. 


L, RAR; + Ba) 


a 
L, RR, —A,R, 


weal, = RAR +A ABRIR.) 


Wien inductance bridge. 
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Wien radiation law — An expression representing 
approximately the spectral radiance of a black body as a 
function of its wavelength and temperature. 

Wien’s law — The wavelength of maximum radiation 
intensity is inversely proportional to the absolute temper- 
ature of a black body, and the intensity of radiation at 
this maximum wavelength varies as the fifth power of the 
absolute temperature. See also Wien displacement law. 

wild card — Characters that represent one or more 
other characters in a computer. For example, in DOS 
and OS/2, an asterisk is a wild card that stands for any 
combination of letters; a question mark stands for any 
single character. 

Williamson amplifier— A high-fidelity push-pull 
audio-frequency amplifier using triode-connected tetrodes. 
The circuit was developed by D. T. N. Williamson. 

Williams-tube storage—A type of electrostatic 
storage using a cathode-ray tube. 

Wimshurst machine — A common static machine 
or electrostatic generator consisting of two coaxial insulat- 
ing discs rotating in opposite directions. Sectors of tinfoil 
are arranged, with respect to a connecting rod and col- 
lecting combs, so that static electricity is produced for 
charging Leyden jars or discharging across a gap. 


Wimshurst static machine. 


Winchester disk— Originally an IBM code name 
for a small, hard disk. Now a generic name for any 
(permanently sealed) hard-disk system for computer use. 
Winchester disks are available in 14-inch (35.6-cm), 
8-inch (20.3-cm), or 5!⁄4-inch (13.3-cm) diameters. 

wind —The way in which recording tape is wound 
onto a reel. An A wind is one in which the tape is wound 
so that the coated surface faces toward the hub; a B wind 
is one in which the coated surface faces away from the 
hub. A uniform, as opposed to an uneven, wind is one 
giving a flat-side tape pack free from laterally displaced, 
protruding layers. 

wind charger—A wind-driven dc generator for 
charging batteries (e.g., 32-volt batteries formerly used 
on many farms). 

winding — 1. A conductive path, usually wire, induc- 
tively coupled to a magnetic core or cell. Windings may 
be designated according to function—e.g., sense, bias, 
drive, etc. 2. One or more turns of wire forming a con- 
tinuous coil for a transformer, relay, rotating machine, or 
other electromagnetic device. 

winding arc — In an electrical machine, the length of 
a winding stated in terms of degrees. 

winding factor — The ratio of the total area of wire 
in the center hole of a toroid to the window arca of a 
toroid or transformer core. 
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wind loading — |. The force exerted by the wind on 
the surface of a dish antenna. It can cause misalignment or 
damage to the system. 2. The maximum wind an antenna 
is rated to withstand without being damaged. Expressed 
in miles per hour, 

Windom antenna — A horizontal half-wave dipole 
located above ground and fed by a vertical or nearly 
vertical single wire connected at a point approximately 
one-twelfth wavelength from the center of the dipole. 

window — |. In digital filter design, a type of weight- 
ing function. 2. In graphical interface terminology, any 
area of a computer display temporarily dedicated to run- 
ning a particular software-controlled task. 3. One of sev- 
eral possibly overlapping areas of a terminal screen that 
communicates with an independent process or program. 
4. Strips of metal foil, wire, or bars dropped from aircraft 
or fired from shells or rockets as a radar countermeasure. 
5. The small area through which beta rays enter a Geiger- 
Mueller tube. 6. Aperture in a photresist coating produced 
by exposure and development. 7, In computer graphics, a 
defined area in the system not bounded by any limits; 
unlimited “space” in graphics. 

window area — The opening in the laminations of a 
transformer, 


WINOING IRON 
SPACE CORE 


Window area. 


window corridor — Also called the infected area or 
lane. An area in which window has been sown, 

windowing — The division of a CRT display into 
sections (by means of software), allowing the display of 
data from several different sources. 

window jamming — Reradiation of electromagnetic 
energy by reflecting it from a window to jam enemy 
electronic devices. 

Windows — A graphical user interface developed by 
Microsoft for DOS (Disk Operating System), sometimes 
called MS-DOS, the standard operating system for IBM 
PCs. The operating system is the software that controls 
the computer hardware, manages program operations, and 
handles the flow of data to and from storage devices and 
peripherals. 

windshield — In radar, a streamlined cover placed 
in front of airborne paraboloid antennas to minimize 
wind resistance. The cover material is such as to present 
no appreciable attenuation to the radiation of the radar 
energy. 

wing spot generator —An electronic circuit that 
grows wings on the video target signal of a type-G 
indicator, These wings are inversely proportional in size 
to the range. 

wipe — A transition from one scene to another wherein 
the new scene is revealed by a moving line or pattern. 

wiped joint — A joint heated by wiping molten solder 
on the area to be joined. 


wind loading — wire bonding 


wiper — 1. The moving contact that makes contact 
with a terminal in a stepping relay or switch. 2. In a 
potentiometer, the contact that moves along the element, 
dividing the resistance according to its mechanical posi- 
tion. 

wiper arm — In a pressure potentiometer, the mov- 
able electrical contact that is driven by the sensing elc- 
ment and moves along the coil. 

wiping action— The action that occurs when con- 
tacts are mated with a sliding action. Wiping has the effect 
of removing small amounts of contamination from the 
contact surfaces, thus establishing better conductivity. 

wiping contact— Also called self-cleaning contact, 
sliding contact, and self-wiping contact. 1. A switch or 
relay contact designed to move laterally with a wiping 
motion when engaging with or disengaging from a mating 
contact. 2. Contact that has sliding motion during opening 
and closing. 

wire — 1. A solid or stranded group of solid cylin- 
drical conductors having a low resistance to current flow, 
together with any associated insulation. 2. A single metal- 
lic conductor of round, square, or rectangular section, 
either bare or insulated, 3. A slender rod or filament of 
drawn metal. The term is a generally used one, which 
may refer to any single conductor. If larger than 9 AWG 
or having multiple conductors, it is usually referred to as 
cable. 

wire barrel — See barrel. 

wire bond— i. The method by which very fine 
wires are attached to semiconductor components for 
interconnection of those components with each other 
or with package leads. See also beam leads. 2. The 
fastened union point between a conductor or terminal 
and the semiconductor die. 3. Includes all the constituent 
components of a wire electrical connection, such as 
between the terminal and the semiconductor die. These 
components are the wire, metal bonding surfaces, the 
adjacent underlying insulating layer (if present), and 
substrate. 

wire bonding — |. A lead-covered tie used for con- 
necting two cable sheaths until a splice is closed and 
covered permanently. 2. The method used for connecting 
chips to substrate conductor patterns, package pins, or to 
other chips. Commonly used techniques include thermo- 
compression ball and wedge types, and ultrasonic bond. 
The wires are typically made of either aluininum or gold 
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Wire bonding. 


wire communication — wirewound resistor 


and are usually 1.25 to 1.50 mils in diameter for ICs, but 
can be as large as 15 mils in diameter for power devices. 
3. The method used to attach very fine wire to semicon- 
ductor components to interconnect these components with 
each other or with package leads. 

wire communication — Transmission of signs, sig- 
nals, pictures, and sounds of all kinds over wire, cable, 
or other similar connections. 

wired AND — Also called dot AND or implicd AND. 
The external connection of separate circuits or functions 
in such a way that the combination of their outputs results 
in an AND function. The logic level at the point at which 
the separate circuits are wired together is 1 if all circuits 
feed is into this point. 

wired OR — Also called dot OR or implied OR. The 
external connection of separate circuits or functions in 
such a way that the combination of their outputs results 
in an OR function. The logic level at the point at which 
the separate circuits are wired together is | if any of the 
circuits feeds a 1 into this point. 

wired OR and AND—The connection of two 
or more (open-collector or tristate) logic outputs to a 
common bus so that any | can pull the bus down to 0 
level. Depending on the logic convention used (positive 
or negative), it will be the logical OR or the logical AND 
function. 

wired-program computer— A computer in which 
nearly all instructions are determined by the placement 
of interconnecting wires held in a removable plugboard. 
This arrangement allows for changes of operations by 
simply changing plugboards. If the wires are held in 
permanently soldered connections, the computer is called 
a fixed-program type. 

wired radio— Communication whereby the radio 
waves travel over conductors. 

wire drawing—The pulling of wire through dies 
made of tungsten carbide or diamond, with a resultant 
reduction in the diameter of the wire. 

wire dress — Arranging of wires or corductors in 
preparation for a mechanical hookup. 

wire gage — Also called American wire gage (AWG), 
and formerly Brown and Sharpe (B&S) gage. A system of 
numerical designations of wire sizes, starting with 0000 as 
the largest size and going to 000, 00, 0, 1, 2, and beyond 
for the smaller sizes. 

wire grating— An arrangement of wires set into a 
waveguide to pass one or more waves while obstructing 
all others. 

wire-guided — In missile terminology, guided by 
electrical impulses sent over a closed wire circuit between 
the guidance point and the missile. 

wire-lead termination—The method by which 
wire leads are fastened at a circuit termination; for 
example, soldering, wire wrapping, or crimping. 

wireless— 1. A British term for radio. 2. Used in 
the United States, in the sense of (1) above, when the 
word radio might be misinterpreted (e.g., wireless record 
player). 

wireless device — Any apparatus (e.g., a wireless 
record player) that generates a radio-frequency electro- 
magnetic field for operating associated apparatus not 
physically connected and at a distance in feet not greater 
than 157,000 divided by the frequency in kilohertz. 
Legally, the total electromagnetic field produced at the 
maximum operating distance cannot exceed 15 microvolts 
per meter. 

wireless microphone—.A microphone connected 
to a small (frequently hidden) radio transmitter that sends 
a signal to a suitable receiver located a short distance 
away. 
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wireless networks—A network that does not 
require twisted-pair hubs and the wire. It is not totally 
wireless, however, because it requires a connection from 
transmitter/receiver units to PCs or workstations. 

wireless record player — See wireless device. 

wire-link telemetry — Also called hard-wire teleme- 
try. Telemetry in which a hardwire link is used as the 
transmission path, no radio link being used. 

wire mile —The unit in which the length of two- 
conductor wire between two points is expressed. The 
number of wire miles is obtained by multiplying the 
length of the route by the number of circuits. This figure 
does not include the slack for ties, overheads, etc.; for 
computer purposes, the slack accounts for an additional 
50 percent per wire mile, 

wire net—Subset of electrical connections in a 
logical net having the same characteristics and common 
identifiers. No physical order of connection is implied. 

wire nut— A conically wound brass spring, usually 
with a plastic insulating cover, which can be screwed 
onto a pair of power conductors to connect them without 
twisting, soldering, or wrapping with tape. 

wire ORed — A logic technique in which the inverted 
OR function is produced by connecting separate logic 
function outputs to a common point. 

wirephoto — Transmission of a photograph or other 
single image over a telegraph system. The image is 
scanned into elemental areas in orderly sequence, and 
each area is converted into proportional electric signals 
that are transmitted in sequence and reassembled in 
correct order at the receiver. 

wirephoto facsimile — A facsimile photograph. 

wireprinter— A high-speed printer that prints char- 
acterlike configurations of dots through the proper selec- 
tion of wire ends from a matrix of wire ends, rather 
than conventional characters through the selection of type 
faces. 

wire recorder-— A magnetic recorder in which the 
recording medium is a round stainless-steel wire about 
0.004 inch (100 um) in diameter. 

wire recording — A recording method in which the 
medium is a thin stainless-steel wire (instead of a tape or 
disc). 

wire solder — Solder in the form of a long, slender 
rod, usually wound on a spool. 

wiresonde— An atmospheric sounding instrument 
that is supported by a captive balloon and used to obtain 
temperature and humidity data from ground level to a 
height of a few thousand feet. Height is determined by 
means of a sensitive altimeter, or from the amount of 
cable released and the angle that the cable makes with 
the ground. The information is telemetered to the ground 
Station through a wire cable. 

wire splice — An electrically sound and mechanically 
strong junction of two or more conductors. 

wire stripper— A tool used to remove the insulation 
from a wire. 

wiretapping — The act of connecting to a telephone 
circuit for the purpose of surreptitiously obtaining infor- 
mation or evidence from the intelligence it carries. 

wireways— Sheet-metal troughs with hinged covers 
for housing and protecting electrical conductors and cable, 
and in which conductors are laid in place after the 
wireway has been installed as a complete system. 

wirewound resistor—1.A resistor in which the 
resistance element is a length of high-resistance wire 
or ribbon wound onto an insulating form. 2. Resistor 
made from lengths of resistance wire wound on a central 
ceramic core and used where high-temperature stability, 
power-handling capability, or low-resistance values are 
factors. Most frequently used in the 10-ohm to 1-megohm 


Resistors are marked with four or five color 
bands to show the value and tolerance of the 
resistor, as illustrated in the following figure. 
The  four-band color code is used for most 
resistors. As shown in the figure, by adding a 
fifth band, you get a five-band color code. 
Five- band color codes are used to provide 
more precise values in precision resistors. 


E dJ = 4 
= E 2 2 =. Se #9 
b=) a g CIR 
T = T r T = Dp 
— E = — =» U TH = 
Ww | mm — = Ta) = hi = — 
= el Æ — = Â et AE 

Four band Five band 

resistor marking resistor marking 


The following table shows the value of = each 
color used in the bands: 
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region. Resistance tolerances are generally +2 percent or 
better and TCRs are generally +10 ppm/°C or better. 
Power wirewounds capable of handling more than 50 
waits are of coarse-grade wire that is uninsulated at the 
time of winding to afford better heat dissipation after the 
completed unit is given an overall protective jacket. 
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High-wattage. 


WIREWOUND RESISTANCE ELEMENT 


MOLDED 
INSULATION 


LEADS CRIMPED 
TO ELEMENT 


Low-wattage. 


Wirewound resistors. 


wirewound trimming potentiometer— A trim- 
ming potentiometer characterized by a resistance element 
made up of turns of wire on which the wiper contacts 
only a small portion of each turn. 

wire wrap — 1. Method of connecting a solid wire 
to a square, rectangular, or V-shaped terminal by tightly 
wrapping or winding it with a special automatic or hand- 
operated tool. Trademark of Gardner-Denver. See also 
wrap post. 2. A way of making electrical connections 
without soldering. A special tool wraps the wire tightly 
around a square post. The sharp edges bite into the wire, 
producing a reliable connection. 

wire-wrapped connection — Also called solder- 
less wrapped connection, wrapped connection, or wrap- 
post connection. A solderless connection made by wrap- 
ping bare wire around a square or rectangular terminal 
with a power or hand tool. 

wire wrapping—1.A technique for terminating 
conductors. 2. A type of electrical connection made by 
tightly coiling wire around a square terminal having sharp 
comers. 

wire-wrapping tools — Portable electric tools and 
automatic stationary machines used to make solderless 
wrapped connections of wires to terminals. The operation 
is fast and reliable. Insulation is removed from the wire 
and the bare wire is inserted into a wire slot of the 
wrapping bit, butting the insulation of the wire against 
the bit face. With the wire positioned in the notch of the 
wrapping sleeve, the tool is positioned over the terminal 
to be wrapped and the connection made. 

wiring connector—A device for joining one or 
more wires together. 

wiring diagram— A drawing that shows electrical 
equipment and/or components, together with all intercon- 
necting wiring. 

wiring harness — A group of coded insulated wires, 
cut to length, bent to shape, and laced together. Installed 
as a unit to form the back-of-panel wiring for a unit of 
equipment. 

wobble — See flicker, 3. 


wirewound trimming potentiometer — word length 


wobbie bond — A thermocompression, multicontact 
bond produced by rocking (wobbling) a bonding head on 
the beam leads. See also beam lead. 

wobble stick—A rod extending from a pendant 
station to operate the “stop” contacts; it will function 
when pushed in any direction. 

wobbulator— More commonly called a sweep gen- 
erator. 1. A signal generator whose frequency is varied 
automatically and periodically over a definite range. It is 
used, together with a cathode-ray tube, for testing fre- 
quency response. One form consists of a motor-driven 
variable capacitor, which is used to vary the output fre- 
quency of a signal generator periodically between two 
limits. 2. A test oscillator that continually and periodically 
varies its output frequency between two limits, so as to 
give an indication of response over a band of frequencies. 

woofer — 1. A speaker designed primarily for repro- 
duction of the lower audio frequencies. Woofers may 
Operate up to several thousand hertz, but their output 
becomes quite directional at these frequencies. Woofers 
are characterized by large, heavy diaphragms and large 
voice coils that overhang the magnetic gap. 2. A low- 
frequency or bass speaker for reproducing musical notes 
in the approximate range of 25 to 2500 Hz. Employed 
with a tweeter and crossover network to reproduce a range 
of frequencies for audio reproduction. 3. A low-frequency 
driver. 4. A speaker or driver in a two-way (or more com- 
plex) speaker system that reproduces only the bass or 
lower part of the audible spectrum. 

word — 1. An ordered set of characters or data that 
occupies one storage location and is treated by the 
computer circuits as a unit. Ordinarily a word is treated by 
the control unit as a quantity. Word lengths may be fixed 
or variable, depending on the particular computer. 2. In 
telegraphy, six operations or characters (five characters 
and one space). Also called group. 3. The number of 
bits needed to represent a computer instruction, or the 
number of bits needed to represent the largest data 
element normaily processed by a computer. 4. A number 
of consecutive characters, 5. A set of binary bits handled 
by the computer as the primary unit of information. The 
length of a computer word is determined by the hardware 
design. Typically, each system memory location contains 
one word. 6. A term used in digital systems to indicate 
the number of bits treated as a single entity by the system. 
The length of a word may be fixed in some computers or 
variable in others. 

word address format— In a computer, the address- 
ing of each word in a block of information by a character 
or characters that identify the meaning of the word. 

word code —A word that, by prearrangement, con- 
veys a meaning other than its conventional one. 

word format—The way in which characters are 
arranged in a word, with each position or group of posi- 
tions in the word containing certain specified information. 

word generator— An instrument that generates a 
data stream of Is and Os with bit position, bit frequency, 
etc., completely under the control of the operator. It may 
be considered to be a read-only memory, a substitute 
for a paper-tape reader, a computer simulator, a tester 
for a data-transmission line, a programming device, or a 
programmable pulse generator. 

word length — 1. The number of bits in a sequence 
that is handled as a unit and that normally can be stored in 
one location in a memory. A greater word length implies 
high precision and more intricate instructions. 2. The size 
of a field. 3. The number of bits in a computer word. The 
longer the word length, the greater the precision (number 
of significant digits). 4. The number of bits, bytes, or 
characters in a word. 


word pattern — wow and flutter 


word pattern — The smallest meaningful language 
unit recognized by a machine. It is usually composed of 
a group of syllables and/or words. 

word processing — Abbreviated WP. 1. A system 
for converting ideas and concepts into hard copy. 2. A 
combination of electronics and communications to facili- 
tate dictation and the production of typewritten pages with 
automatic text-editing capabilities. 3. The transformation 
of ideas and information into a readable form. 4. Using a 
microcomputer to write, edit, and print text. Most word 
processing software requires at least 64 K bytes of RAM. 
Although some machines can function with 48 K, mem- 
ory that small is usually limiting. 5. The creation and 
manipulation of text documents. 

word processing system-— The hardware, soft- 
ware, and peripheral devices employed to perform word 
processing tasks. 

word processor — |. A text editor system for writ- 
ing and formatting letters, reports, and books. 2. An auto- 
mated, computerized system incorporating variously an 
electronic typewriter, CRT terminals, memory, printer, 
and the like. It is used to prepare, edit, store, transmit, or 
duplicate letters, reports, records, etc., as for a business. 
Some programs have spelling and syllabification verifiers. 

word rate — The frequency derived from the elapsed 
period between the beginning of the transmission of one 
word and the beginning of transmission of the next word. 

word size — In computer terminology, the number of 
decimal or binary bits comprising a word. 

word time — |. The time required to move one word 
from one storage device to a second storage device. 
2. In a storage device providing serial access to storage 
positions, the interval of time between the appearance of 
corresponding parts of successive words. 

work — |. The magnitude of a force times the distance 
through which that force is applied. 2. See load, 6. 

work area— A portion of computer storage in which 
an item of data may be processed or temporarily stored. 
Often, the term work area is used to refer to a place in 
storage used to retain intermediate results of a calculation, 
particularly those results that will not appear directly as 
output from the program. 

work coil — See load coil. 

work tfunction— 1. The minimum energy (com- 
monly expressed in electronvolts) required to remove an 
electron from the Fermi leve] of a material and send it into 
field-free space. 2. A general term applied to the energy 
required to transfer clectrons or other particles from the 
interior of one medium, across a boundary, and into an 
adjacent medium. 

working memory — See working storage. 

working plates — See photomask, 4. 

working Q — See loaded O, 1. 

working storage — Also called the working mem- 
ory. In a computer storage (internal), a portion reserved 
by the program for the data upon which the operations 
are being performed. 

working voltage —-1. See voltage rating. 2. The 
recommended maximum voltage of operation for an 
insulated conductor. It is usually set al approximately one- 
third of the breakdown voltage. 3. The voltage rating of a 
fixed capacitor. It is the recommended maximum voltage 
at which the unit should be operated. 4. The rated voltage 
that can be applied to a device or conductor continuously 
without danger of breakdown. It is usually well below the 
test or dielectric withstanding voltage so as to provide a 
safety factor for transient voltages. 

workload — The mix of different types of program 
typically run at a given worksite; major characteristics 
include 1/O requirements, amount and kinds of computa- 
tion, and degree of vectorization. 
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workstation— 1. A personal computer or terminal 
device, usually but not necessarily operating within a local 
area network, which is used by someone to perform the 
greater part of his or her everyday work. 2. Originally, 
a terminal and keyboard remotely connected to a main- 
frame, but now refers to the combination of a powerful 
computer, graphics terminal, and keyboard at one loca- 
tion. Replaces the term minicomputer, which is larger than 
a microcomputer (or PC) but smaller than a mainframe. 

World Wide Web— Abbreviated WWW. Often 
referred to as simply “the Web.” An easy-to-use but 
powerful global information system based on a combina- 
tion of information retrieval and hypertext, which allows 
users to graphically browse through documents on sites 
throughout the Internet and follow pointers (called links 
or hyperlinks) to other documents that can be anywhere. 
These documents can contain text, graphics, sounds, and 
even movies. The original idea was developed at CERN 
(the European Laboratory for Particle Physics) between 
1989 and 1992. 

worm— A self-replicating program that consumes 
processor time but cannot destroy data, software, or other 
system resources. 

WORM — Abbreviation for write once, read many. 
A common type of cartridge-based optical storage drive 
allowing the storage of hundreds of megabytes of data. 
The disk can be written to only once; after that, the data 
is permanently stored there. 

worst-case circuit analysis — A type of circuit 
analysis used to determine the worst possible effect on 
the output parameters due to changes in the values of 
circuit elements. The circuit elements are set to the values 
within their anticipated ranges that produce the maximum 
detrimental changes in the output. 

worst-case design— An extremely conservative 
design approach in which the circuit is designed to 
function normally even though all component values have 
simultaneously assumed the worst possible condition that 
can be caused by initial tolerance, aging, etc. Worst-case 
techniques are also applied to obtain conservative derating 
of transient and speed specifications. 

worst-case noise pattern—Sometimes called 
checkerboard or double-checkerboard pattern. Maximum 
noise appearing when half of the selected cores are in a 
1 state and the other half are in a O state. 

wound capacitor—A capacitor made by winding 
foils and dielectric material on a mandrel. 

wound-rotor induction motor—An induction 
motor in which the secondary circuit consists of a 
polyphase winding or coils with either short-circuited 
terminals or ones closed through suitable circuits. 

wound-rotor motor — See slip-ring motor. 

woven-screen storage— A digital storage plane 
woven from wires coated with thin films of magnetic 
material. When currents are passed through a selected pair 
of wires that lie at right angles in the screen, storage and 
readout occur at the intersection of those wires. 

wow — 1. Distortion caused in sound reproduction by 
variations in speed of the turntable or tape. See also 
flutter, 1. 2. The audible effect of a low-frequency flutter, 
occurring at a rate of 0.5 to 10 Hz. Most audible and 
objectionable on sustained tones. 3. A slow, periodic 
change in the pitch of frequency of a sound during 
recording or playing, usually produced by mechanical 
deviations in the tape transports. 

wow and flutter— Audible periodic variations in 
the pitch of a sound from an audio system. The low- 
frequency variations (up to about 10 Hz) are wow, while 
the higher-frequency variations are flutter. 
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wow meter—An instrument that indicates the 
instantaneous speed variation of a turntable or similar 
equipment. 

WP — Abbreviation for word processing. 

wpm — Abbreviation for words per minute, a measure 
of speed in telegraph systems and printers. 

wrap — |. One winding of ferromagnetic tape. 2. The 
length of the path of a magnetic recording tape along 
which the tape and head are in intimate physical contact. 
t is sometimes measured as the angle of arrival and 
departure of the tape with respect tc the head. 3.A 
measure of the length of recording tape that is in intimate 
contact with the surface of the record or play head. The 
better the tape-to-head contact over the head gap, the 
better the high-frequency response; the better the contact 
over the rest of the area of the head, the better the response 
at middle and low frequencies. 

wrap and fill— A method of capacitor encasement in 
which the capacitor element is wrapped with plastic tape 
and sealed on the ends with an epoxy resin. 

wrap-around — The amount of curvature exhibited 
by the magnetic tape or film in passing over the pole 
pieces of the magnetic heads. 

wrapped termination — A gastight, separable con- 
nection formed by helically wrapping insulated cop- 
per wire around sharp-edged rectangular posts (typically 
0.025 in?, or 0.16 cm?), either manually, semiautomati- 
cally, or automatically by means of numerically controlled 
machines. 

wrapper— An insulating barrier applied to a coil by 
wrapping a sheet of insulating material around the coil 
periphery so as to form an integral part of the coil. 

wrapping — A method of applying insulation to wire 
by wrapping insulating tapes around the conductor. 

wrap post— A square, rectangular, or V-shaped 
terminai to which a bare solid wire is tightly wrapped 
or wound around it to establish electrical continuity by 
means of a special automatic or hand-operated tool. See 
also wire wrap. 

wratten filter — An opticai filter used for filtering a 
given band of light. It is used in film-recorder optical 
systems when recording directly on color film (direct 
positive). It is also extensively used in photography. 

wrinkle finish — An exterior paint that dries to a 
wrinkied surface when applied to cabinets or panels. 

write — 1. In a computer, to copy, usually from inter- 
nal to external storage. 2. In a computer, to transfer 
elements of information to an output medium. 3. In a 
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computer, to record information in a register, location, 
or other storage device or medium. 4. The process of 
loading information into memory. 5. In a charge-storage 
tube, to establish a charge pattern corresponding to the 
input. 

write after read— Writing (restoring) previously 
read data into a core memory following completion of 
the read cycle. 

write head —-A device that stores digital information 
by placing coded pulses on a magnetic drum or tape. 

write pulse — |. In a computer, a pulse that is used 
to enter information into one or more magnetic cells for 
storage purposes. 2. A pulse that causes information to be 
stored in a memory cell. 

write time — See access time, 2. 

writing rate—The maximum speed at which the 
spot on a cathode-ray tube can move and still produce 
a Satisfactory image. 

writing speed — |. The rate of writing on successive 
storage elements in a charge-storage tube. 2. In a cathode- 
ray tube, the maximum linear speed at which the electron 
beam can produce a visible trace. 

Wullenweber antenna— An antenna array that 
consists of two concentric circles of masts so connected 
as to permit electronic steering. 

wvdc — Abbreviation for working voltage, direct cur- 
rent. This is the maximum safe dc operating voltage that 
can be applied across the terminals of a capacitor at its 
maximum operating temperature. 

WWV — Call letters of the radio station of the National 
Bureau of Standards at Ft. Collins, Colorado. WWY pro- 
vides radio-broadcast technical services. including time 
signals, standard radio and audio frequencies, and radio- 
propagation disturbance warnings at carrier frequencies of 
2.5, 5, 10, 15, 20, and 25 megahertz. 

WWVH — Call letters of the National Bureau of Stan- 
dards radio station at Maui, Hawaii. It broadcasts on 
2.5, 5, 10, and 15 MHz for many locations not served 
by WWV. 

WWW — See World Wide Web. 

wye —A network consisting of three branches meet- 
ing at a common node; an alternate form of tee network. 

wye connection — Also called a star connection. A 
Y-shaped (Y = “wye”) winding connection. 

wye junction — A Y-shaped junction of waveguides. 

WYSIWYG — Acronym for what you see is what you 
get. A description of computer software whose screen 
display is nearly identical to its printed output. 


X— Symbol for reactance. 

Xc — Symbol for capacitive reactance. 

X. — Symbol for inductive reactance. 

X and Z demodulation — A system of color TV 
demodulation in which the two reinserted 3.58-MHz 
subcarrier signals differ by approximately 60° rather than 
the usual 90°. The R— Y, B — Y, and G—-Y voltages are 
derived from the demodulated signals, and these voltages 
control the three guns of the picture tube. An important 
advantage of this system is that receiver circuitry 1s 
simpler than that required with I and Q demodulation. 

X-axis — 1. The reference axis in a quartz crystal. 
2, The horizontal axis in a system of rectangular coor- 
dinates. 3. The horizontal or left-to-right direction in a 
two-dimensional system of coordinates. X-X signifies one 
direction followed in a step-and-repeat method. 

X-band — A radio-frequency band of 5200 to 11,000 
MHz, with wavelengths of 5.77 to 2.75 cm. 

X-bar— A rectangular crystal bar, usually cut from 
a Z-section, elongated parallel to X and with its edges 
parallel to X, Y, and Z. 

X-capacitor—A_ radio interference suppression 
capacitor intended for applications in which failure of the 
capacitor would not lead to danger of electric shock. 

X-cut crystal—aA crystal cut so that its major 
surfaces are perpendicular to an electrical (X) axis of the 
original quartz crystal. 

xenon — A rare gas used in some thyratron and other 
gas tubes. 

xenon flash tube—A high-intensity source of 
incoherent white light; it operates by discharging a 
capacitor through a tube of xenon gas. Such a device 
is used frequently as a source of pumping radiation for 
various optically excited lasers. 

xerographic printer — A device for printing an opti- 
cal image on paper; light and dark areas are represented 
by electrostatically charged and uncharged areas on the 
paper. Powdered ink, dusted on the paper, adheres to the 
charged areas and is subsequently melted into the paper 
by the application of heat. 

xerographic recording — A recording produced by 
xerography. 

xerography — 1. That branch of electrostatic elec- 
trophotography in which images are formed onto a pho- 
toconductive insulating medium by infrared, visible, or 
ultraviolet radiation. The medium is then dusted with 
a powder, which adheres only to the electrostatically 
charged image. Heat is then applied in order to fuse the 
powder into a permanent image. 2. A printing process of 
electrostatic electrophotography that uses a photoconduc- 
tive insulating medium, in conjunction with infrared, visi- 
ble, or ultraviolet radiation, to produce latent electrostatic- 
charge patterns for achieving an observable record. 
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xeroprinting — That branch of electrostatic elec- 
trophotography in which a pattern of insulating mate- 
rial on a conductive medium is employed to form 
electrostatic-charge patterns for use in duplicating. 

xeroradiography— A printing process of electro- 
static clectrophotography that uses a photoconductive 
insulating medium, in conjunction with X-rays or gamma 
rays, to produce latent electrostatic-charge patterns for 
achieving an observable pattern. 

xeroradiography equipment— Equipment em- 
ploying principles of electrostatics and photoconductivity 
to record X-ray images on a sensitized plate in a short 
time after exposure. 

xfmr-— Abbreviation for transformer. 

xistor — Abbreviation for transistor. 

XLR connector — A shielded three-conductor micro- 
phone plug or socket with finger-release lock to prevent 
accidental removal. The standard connector for profes- 
sional microphone users. 

xmitter — Abbreviation for transmitter. Also abbrevi- 
ated trans or xmtr. 

xmsn — Abbreviation for transmission, 

xmtr — Abbreviation for transmitter. Also abbreviated 
trans or xmitter. 

X-off — Transmitter off. 

X-on — Transmitter on. 

X-particle—A particle having the same negative 
charge as an electron, but a mass between that of an 
electron and a proton. lt is produced by cosmic radiation 
impinging on gas molecules or actually forming a part of 
cosmic rays. 

X-ray apparatus— An X-ray tube and its acces- 
sories, including the X-ray machine. 

X-ray crystallography — 1. Use of X-rays in study- 
ing the arrangement of the atoms in a crystal. 2. Study of 
the structure of crystalline materials, which makes use of 
the interaction of X-rays and the crystal’s electron density 
(diffractions). 

X-ray detecting device—A device that detects 
surface and volume discontinuities in solids by means of 
X-rays. 

X-ray diffraction camera — A camera that directs 
a beam of X-rays into a sample of unknown material and 
allows the resultant diffracted rays to act on a strip of 
film. 

X-ray diffraction pattern — The pattern produced 
on film exposed in an X-ray diffraction camera. It is 
made up of portions of circles having various spacings, 
depending on the material being examined. 

X-ray goniometer — An instrument that determines 
the position of the electrical axes of a quartz crystal by 
reflecting X-rays from the atomic planes of the crystal. 

X-rays — Also called roentgen rays. Penetrating radia- 
tion similar to light, but having much shorter wavelengths 
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(107? to 107% cm). They are usually generated by bom- 
barding a metal target with a stream of high-speed elec- 
trons. 

X-ray spectrograph — An instrument that is used 
to chart X-ray diffraction patterns, such as an X-ray 
spectrometer having photographic or other recording 
implements. 

X-ray spectrometer — 1. An instrument for pro- 
ducing an X-ray spectrum and measuring the wavelengths 
of its components. 2. An instrument designed to produce 
an X-ray spectrum of a material as an aid in identifying 
it. This technique is particularly useful when the material 
cannot be physically broken down. 

X-ray spectrum — An arrangement of a beam of X- 
rays in order of wavelength. 

X-ray thickness gage—A contactless thickness 
gage used to measure and indicate the thickness of moving 
cold-rolled sheet steel during the rolling process. An 
X-ray beam directed through the sheet is absorbed in 
proportion to the thickness of the material and its atomic 
number, and measurement of the amount of absorption 
gives a continuous indication of sheet thickness. 

X-ray tube —A vacuum tube in which X-rays are 
produced by bombarding a target with high-velocity 
electrons accelerated by an electrostatic field. 

X-ray tube target — Also known as an anticathode. 
An electrode or electrode section that is focused on by an 
electron beam and that emits X-rays. 

xso— Abbreviation for crystal-stabilized oscillator. 

xta] — Abbreviation for crystal. 

X-wave— One of the two components into which the 
magnetic field of the earth divides a radio wave in the 
ionosphere. The other component is the ordinary, or O-, 
wave. 
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XY-cut crystal —A crystal cut so that its character- 
istics fall between those of an X- and a Y-cut crystal. 

XY plotter—1. A device used in conjunction with 
a computer to plot coordinate points in the form of 
a graph. 2. A computer output device that responds to 
digital signals of prerecorded and/or processed Gata by 
printing arrangements of line segments. This data, which 
can include alphanumerics, charts, tables, or drawings, is 
fed from computer memory at speeds siow enough for a 
plotter to handle. An XY plotter cannot be used to directly 
record analog signals without having digitizers. 

XY recorder— |. A recorder that traccs, on a chart, 
the relationship between two variables, neither of which is 
time. Sometimes the chart moves and one of the variables 
is controlled so that the relationship does increase in 
proportion to time. 2. A recorder in which two signals 
are recorded simultancously by one pen. which is driven 
in one direction (X-axis) by one signal, and in the other 
direction (Y-axis) by the second signal. 3. A data recorder 
that is used to record the variation of one parameter 
with respect to another. For example, the change of 
pressure with temperature. For these recorders, a wide 
range of transducers is available to convert physica! 
parameters into electrical signals usable to the recorder. 
Pressure transducers, thermocouples, sirain gages, and 
accelerometers are a few examples. 4. A type of recorder 
that responds to incoming analog signals as they occur. 
The signals print on a predetermined chart size that can 
cover test periods from a few seconds to as much as a 
year. An XY recorder records via continuous lines. In 
addition, the instrument’s speed of response is important 
to the fidelity of the record. 

XY switch—A remote-controlled bank-and-wiper 
switch arranged so that the wipers move back and forth 
horizontally, 


y — Abbreviation for the prefix yocto-(107%), 

Y — Abbreviation for the prefix yotta-(10%). 

Y — Symbol for admittance. 

Yagi antenna— Also called Yagi-Uda antenna. 
l. An end-fire antenna that consists of a driven dipole 
(usually a folded dipole), a parasitic dipole reflector, and 
one or more parasitic dipole directors. All the elements 
usually lie in the same plane; however, the parasitic ele- 
ments need not be coplanar, but can be distributed on 
both sides of the plane of symmetry. 2. Antenna system 
exhibiting directional properties, in which several ele- 
ments may be mounted perpendicular to a common boom. 
One element is connected to the transmission line and the 
rest are parasitic radiators. 


Yagi antenna. 


YAG laser—A solid-state laser using yttrium alu- 
minum garnet as the matrix material. YAG works most 
efficiently in small or moderately sized lasers. 

Yahoo — A popular World Wide Web search engine. 
It can be accessed at http://www.yahoo.com. 

Y antenna— See delta matched antenna. 

Y-axis — 1. A line perpendicular to two parallel faces 
of a quartz crystal. 2. The vertical direction, perpendicular 
to the X-axis, in a two-dimensional system of coordinates. 
Y-Y signifies one direction followed in a step-and-repeat 
method. 3. The vertical axis on a graph or cathode-ray- 
tube screen. 4. One of the three mutually perpendicular 
axes of a crystal. 

Y-bar— A crystal bar cut in Z-sections, with its long 
direction parallel to Y. 

Y-capacitor— A radio interference suppression capa- 
citor intended for applications in which failure of the 
capacitor could lead to danger of electric shock. 

Y circulator — A circulator consisting of three iden- 
tical rectangular waveguides joined in a symmetrical Y- 
shaped configuration with a ferrite post or wedge at the 


858 


center. Power that enters any waveguide emerges from 
only one adjacent waveguide. 

Y-connected circuit—A star-connected, three- 
phase circuit. 

Y-connection — See Y-network. 

Y connector—A connector that joints two branch 
conductors to the main conductor at an angle. The three 
conductors are in the same plane. 

Y-cut crystal —A crystal cut in such a way that its 
major flat surfaces are perpendicular to the Y-axis of the 
original quartz crystal. 

yield —1. In a production process, the quantity or 
percentage of finished parts that conform to specifications, 
relative to either the quantity started into production or 
to time. 2. The ratio of usable chips to the total number 
available on a single wafer of semiconductor material. 
The greater the yield, the more efficient the manufacturing 
process and the greater its profitability. 3. The number of 
usable IC dice coming off a production line divided by the 
total number of dice going in. Yield tends to be reduced 
at every step in the manufacturing process by wafer 
breakage, contamination, mask defects, and processing 
variations. 4. The percentage of operational chips in a 
batch or on a wafer. 

yield map —A microcircuit or semiconductor wafer 
on which dots indicate those devices that failed the test 
criteria. 

yield strength — 1. See yield value. 2. The minimum 
stress at which a material will start to physically deform 
without further increase in load. 

yield-strength-controlled bonding—The me- 
thod of diffusion bonding based on the use of pressures 
that exceed the yield stress of the metal at the bonding 
temperature. The process 1s characterized by the use 
of high unit loads for brief time cycles, ranging from 
fractions of a second to a few minutes. Typical examples 
are spot bonding and roll bonding. 

yield value — Also called yield strength. The lowest 
stress at which a material undergoes plastic deformation. 
Below this stress, the material is elastic; above it, viscous. 

YIG— Abbreviation for yttrium iron garnet. 1. Cry- 
Stalline material that resonates at microwave frequencics 
when immersed in a magnetic field. Small spheres of YIG 
material are mounted in resonant structures for tuning 
applications. 2. A synthetic crystalline ferrite containing 
yttrium and iron (Y3Fe¿O;6). If a single crystal sphere of 
YIG is immersed in a magnetic field, and rf energy is cou- 
pled into it via a magnetic loop, the crystal will resonate 
at a frequency linearly proportional to the magnetic field 
strength. In practical YIG-tuned oscillators and filters, the 
magnetic field is derived from an electromagnet and the 
resonant frequency of the YIG sphere is proportional to 
the current flowing through the magnetic coil. 

YIG devices — Small solid-state filters, discrimina- 
tors, and multiplexers that contain yttrium-iron-garnet 
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crystals used in combination with a variable mag- 
netic field to accomplish wideband tuning in microwave 
circuits. 

YIG filter —A filter that consists of a yttrium-iron- 
garnet crystal positioned in the field of a permanent 
magnet and a solenoid. Tuning is accomplished by 
controlling the direct current through the solenoid. The 
bias magnet tunes the filter to the center of the band and 
thus minimizes the solenoid power required to tune over 
wide bandwidths. 

YIG-tuned filter — A microwave filter using a YIG 
sphere as the resonant element. 

YIG-tuned oscillator — A microwave tunable oscil- 
lator using the YIG sphere as the frequency-determining 
element. YIG-tuned oscillators can be made with Gunn- 
diode technology or an added internal buffer amplifier to 
minimize frequency pulling and produce additional output 
power capability. YIG-tuned oscillators are fundamental 
oscillators; they do not contain frequency multiplication 
circuitry. 

YIG-tuned parametric amplifier— A parametric 
amplifier in which tuning is accomplished by controlling 
the direct current through the solenoid of a YIG filter. 

YIG-tuned tunnel-diode oscillator—A micro- 
wave oscillator in which precisely controlled wideband 
tuning 1s accomplished through control of the current 
through a tuning solenoid that acts on a YIG filter in 
the circuit of a tunnel-diode oscillator. 

Y-junction—A junction of waveguides in which 
their longitudinal axes form a Y. 

Y match — Also called a delta match. A method of 
connecting to an unbroken dipole. The transmission line 
is fanned out and connected to the dipole at the points 
where the impedance is the same as that of the line. 
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YIG filter — yttrium iron garnet 


Y-network— Also called a Y-connection. A star 
network of three branches. 

yocto — Abbreviated y. Prefix for the numerical quan- 
tity of 107%. 

yoke— 1. A set of coils placed over the neck of a 
magnetically deflected cathode-ray tube to deflect the 
electron beam horizontally and vertically when suitable 
currents are passed through them. 2. A piece of ferro- 
magnetic material that does not have windings and that is 
used to connect two or more magnet cores permanently. 


yotta — Abbreviated Y. Prefix for the numerical quan- 
tity of 1074. 

Young’s modulus — A constant that expresses the 
ratio of unit stress to unit deformation for all values within 
the proportional limit of the material. 

Y-punch— On a Hollerith punched card, a punch in 
the top row, two rows above the zero row. 

Y signal — 1. A luminance transmission primary that 
is 1.5 to 4.2 MHz wide and equivalent to a monochrome 
signal. See also luminance signal. 2. A signal transmitted 
in color television containing brightness information. This 
signal produces a black and white picture on a standard 
monochrome receiver. In a color picture it supplies fine 
detail and brightness information. It is made up of 0.30 
red, 0.59 green, and 0.11 blue. 

yttrium iron garnet — See YIG. 


z— Abbreviation for the prefix zepto (107"!), 

Z — Abbreviation for prefix zetta (10*'). 

Z— Symbol for impedance. 

Zo. —Symbol for characteristic impedance; i.e., the 
ratio of the voltage to the current at every point along 
a transmission line on which there are no standing waves. 

Zamboni pile— A primary electrochemical system 
capable of supplying very high electrical potentials in 
comparatively little space. The anode material in the pile 
is aluminum, and the cathode is manganese dioxide and 
carbon black. The electrolyte in the chemical system is 
aluminum chloride. 

Z-angle meter — An electronic instrument for mea- 
suring impedance in ohms and phase angle in electrical 
degrees. 

zap — In a computer, to wipe out, delete. 

Z-axis modulation — Also called beam modulation 
or intensity modulation. 1. Varying the intensity of the 
electron stream of a cathode-ray tube by applying a pulse 
or square wave to the control grid or cathode. 2. The 
intensity regulation of a cathode-ray tube by alteration of 
the grid-cathode voltage. 

2-bar— A rectangular crystal bar usually cut from X 
sections and elongated parallel to Z. 

Zebra time— An alphabetic expression denoting 
Greenwich mean time. 

Zeeman effect — |. If an electric discharge tube or 
other light source emitting a bright-line spectrum is placed 
between the poles of a powerful electromagnet, a very 
powerful spectroscope will show that the action of the 
magnetic field has split each spectrum line into three 
or more closely spaced but separate lines, the amount 
of splitting or the separation of the lines being directly 
proportional to the strength of the magnetic field. 2. The 
splitting of energy levels of an atom, ion, or molecule due 
to a magnetic field. 

Zener breakdown—1. A breakdown caused in a 
semiconductor device by the field emission of charge car- 
rier in the depletion layer. 2. One of the mechanisms 
responsible for voltage breakdown of semiconductor junc- 
tions and devices. When breakdown occurs, the electric 
field intensity in the material has become so great that 
electrons are effectively ripped from the valency bonding 
system. Another name for this mechanism is field emis- 
sion. Provided the current increase that tends to occur is 
limited externally, Zener breakdown causes no permanent 
damage. 

Zener diode — 1. A two-layer device that, above a 
certain reverse voltage (the Zener value), has a sudden 
rise in current. If forward-biased, the diode is an ordinary 
rectifier; when reverse-biased, the diode exhibits a typical 
knee, or sharp break, in its current-voltage graph. The 
voltage across the device remains essentially constant for 
any further increase of reverse current, up to the allowable 
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dissipation rating. The Zener diode is a good voltage 
regulator, overvoltage protector, voltage reference, level 
shifter, etc. True Zener breakdown occurs at less than 
6 volts. 2. A pn-junction, two-terminal, single-junction 
semiconductor device reverse biased into the breakdown 
region and providing high tmpedance under less than 
breakdown voltage but conduction with no impedance 
above breakdown voltage level. 3. A general term used to 
describe any semiconductor diode intended to be operated 
in the reverse-biased breakdown condition. Low-voltage 
devices of this type do in fact exploit the Zener breakdown 
mechanism, but with most devices having a breakdown 
voltage about 6 volts, breakdown is due to the avalanche 
mechanism. 4. A semiconductor pn-junction diode that 
has a controlled reverse-bias breakdown voltage and 
is used to supply (clamp) a specific voltage for other 
protected components (for example, in an IC). The Zener 
effect describes a tunnel breakdown phenomenon that is 
restricted to less than 5V. However, Zener diodes are 
traditionally used to describe any reverse-bias pn-junction 
device used to supply a specific voltage, even those of 
several hundred volts. 


ANODE ANODE 
CATHODE CATHODE 
Symbol. Junction. 
+1 
FORWARD 
INCREASING BREAKDOWN 
VOLTAGE Y” VOLTAGE 
—~ 


-¥ + Y 


ZENER 
ACTION 


INCREASING! 
CURRENT 


CURRENT 


REVERSE 
Anode characteristic. 


Zener diode. 


Zener effect— A reverse-current breakdown due to 
the presence of a high electric field at the junction of a 
semiconductor or insulator. 


861 


Zener impedance — See abreakdown impedance. 

Zener knee current—The reverse current that 
flows through a Zener diode at the breakdown point or 
Zener knee. Typically, knee currents range from 0.25 to 
5 milliamperes. 

Zener voltage — See breakdown voltage, 2. 

Zener zapping—An IC trimming technique ap- 
proach used for several years by Precision Monolithics 
that involves depositing Zener diodes in parallel with the 
collector resistors in the op amp’s input stage. Initially 
they do not affect the circuit, but when each diode 
experiences a high applied current pulse, it shorts out the 
resistor it parallels. 

zenith — A point directly overhead. Zenith angles are 
angles measured from this point. 

zenith adjustment — A mechanicai adjustment of a 
magnetic tape head to obtain uniform contact with the 
top and bottom of the magnetic tape. (Zenith refers to the 
forward-backward tilting of the head.) 

zeppelin antenna— A horizontal antenna that is a 
multiple of a half-wavelength long. One end is fed by one 
lead of a two-wire transmission line that is also a multiple 
of a half-wavelength long. 

zepto — Abbreviated z. Prefix for the numerical quan- 
tity of 107%.. 

zero (in a computer) — Positive binary 0 is indi- 
cated by the absence of a digit or pulse in a word. In 
a coded-decimal computer, decimal O and binary 0 may 
not have the same configuration. In most computers, there 
are distinct representations for plus and minus zero con- 
ditions. 

zero-access storage — Computer storage for which 
the waiting time is negligible (e.g., flip-flop, trigger, or 
indicator storage). 

zero-address instruction—A _ digital-computer 
instruction specifying an operation in which the locations 
of the operands are defined by the computer code; no 
explicit address is required. 

zero adjuster—A device for adjusting a meter 
so that the pointer will rest exactly on zero when the 
electrical quantity is zero. 

zero adjustment— l. The act of nulling out the 
output from a system or device. 2. The circuit or other 
means by which a no-output condition is obtained from 
an instrument when properly energized. 

zero-axis symmetry—A type of symmetry in 
which a waveform is symmetrical about an axis and does 
not exhibit a net dc component. 

zero beat— The condition whereby two frequencies 
being mixed are exactly the same and therefore produce 
no beat note. 

zero-beat reception — See homodyne reception. 

zero bias — |. The absence of a potential difference 
between the control grid and the cathode. 2, When the 
received teletypewriter signal is equal to the transmitted 
signal (neither long nor shorter), the circuit is said to have 
zero bias. 

zero-bias tube—A vacuum tube designed to be 
operated as a class B amplifier with no negative bias 
applied to its control grid. 

zero compensation — A method by which, in cer- 
tain transducers, the effects of temperature on the output at 
zero Measurand may be minimized and maintained within 
known limits. 

zero compression — In computers, any of several 
techniques used to eliminate the storage of nonsignificant 
leading Os. 

zero-current turnout— A characteristic of thyris- 
tors whereby turnoff is delayed until the next zero-current 
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crossing of the ac line. This “soft turnoff’ eliminates arc- 
ing associated with inductive loads. 

zero-cut crystal —A quartz crystal cut in such a 
direction that its temperature coefficient with respect to 
the frequency is essentially zero. 

zero drift— See zero shift. 

zero eltmination—I[n a computer, the editing or 
deleting of nonsignificant Os appearing to the left of the 
integral part of a quantity. 

zero error— The delay time occurring within the 
transmitter and receiver circuits of a radar system. For 
accurate range data, this delay time must be compensated 
for when the range unit 1s calibrated. 

zero-field emission — Thermionic emission from a 
hot conductor thaí is surrounded by a region of uniform 
electric potential. 

zero-gravity switch — Also called weightlessness 
switch. A switch that closes when weightlessness or Zero 
gravity 1s approached. 

zero-input terminal — Also called a reset terminal. 
The terminal that, when triggered, wiil put a flip-flop 
in the zero (starting) condition—unless the flip-flop is 
already in a zero condition, in which event it will not 
change. 

zero insertion force connector— Abbreviated 
ZIF connector. 1. A connector whose contacts in the plug 
and receptacle do not initially touch each other while the 
connector halves are being engaged. Instead, the halves 
are physically positioned together and then a turn of an 
actuating cam arrangement mates all the contacts ai once. 
This also locks the connector halves together. Used in 
applications in which there are an unusually large number 
of contacts, in which the contacts are extremely delicate, 
and/or in which it is desirable to mate all the contacts at 
one time. 2. A connector in which the contact surfaces do 
not mechanically touch until it is completely mated, thus 
requiring no insertion force. After mating, the contacts 
are actuated in some fashion to make intimate electrical 
contact. 3. An integrated-circuit socket in which the user 
moves a lever that “opens” a socket to insert or remove 
the chip, instead of pressing and prying the chip manually. 
This reduces the chances of damaging the integrated 
circuit's pins. 

zero level-—1.A reference level for comparing 
sound or signal intensities. In audio-frequency work, it 
is usually a power of 0.006 watt; in sound, the threshold 
of hearing. 2. The transmission power at a reference point 
in a circuit, to which all other power measurements in the 
circuit are compared. 3. Zero decibels above | milliwatt. 
or 1 milliwatt of power. 

zero line stability-—An absence of drift in an 
indicating instrument when it is registering zero. 

zero method — See null method. 

zero-modulation noise — The noise arising when 
reproducing an erased tape with the erase and record 
heads energized as they would be in normal operation, 
but with zero input signal (usually 3 to 4 dB higher than 
the bulk-erased noise). 

zeros of a network function — Those values of p 
(real or complex) for which the network function is zero. 

zero output— The voltage response obtained by a 
reading or resetting process from a magnetic cell that is 
in a zero State. 

zero-output terminal --- The terminal that produces 
an output (of the correct polarity to trigger a following 
circuit) when a flip-flop is in the zero condition. 

zero phase-sequence relay— A relay that func- 
tions in conformance with the zero phase-sequence com- 
ponent of the current, voltage, or power of the circuit. 


zero pole — zoom 


zero pole— 1. A reference point for an open-wire 
pole line. 2. The dead-end pole at the origin of the line. 
3. The lowest-numbered pole. 

zero potential — The potential of the earth, taken as 
a convenient reference for comparison. 

zero-power resistance — In a thermistor, the resis- 
tance at a specified temperature when the electrical power 
dissipation is zero (usual reference temperature is 25°C). 

zero-power resistance-temperature charac- 
teristic — In a thermistor, the function relating the zero- 
power resistance and body temperature. 

zero-power temperature coefficient of resis- 
tance—JIn a thermistor, the ratio, at a specified 
temperature, of the rate of change with temperature of 
zero-power resistance to the zero-power resistance. 

zero set— l. A permanent change in the output of a 
device at zero measurand due to any cause. 2. A control 
on a vacuum-tube voltmeter to set the pointer to zero. 3. A 
control for adjusting a range counter to give the correct 
range. 

zero shift— Also called zero drift. 1. The amount 
by which the zero or minimum reading of an instrument 
deviates from the calibrated point as a result of aging 
or the application of an external condition to the instru- 
ment. 2. The maximum deviation from zero reading of a 
meter having zero input, over a given temperature range. 
Expressed as a percent of full-scale reading per degree 
Celsius. 

zero-shift error— In an electrical indicating instru- 
ment, error manifested as a difference in deflection 
between an initial position of the pointer, such as zero, and 
the deflection after the instrument has remained deflected 
up-scale for an extended length of time. The error is 
expressed as a percentage of the end-scale deflection. 

zero stability —The ability of an instrument to 
withstand effects that might cause zero shift. Usually 
expressed as a percentage of full scale. 

zero state — 1. In a magnetic cell, the state wherein 
the magnetic flux through a specified cross-sectional 
area has a negative value, from an arbitrarily specified 
direction. See also one state. 2. The condition of a binary 
memory cell when a logical 0 is stored. 

zero-subcarrier chromaticity — The chromaticity 
normally displayed when the subcarrier amplitude is zero 
in a color television system. 

zero suppression— 1. In a recording system, the 
injection of a controllable voltage to balance out the 
steady-state component of the input signal. 2. In a com- 
puter, the elimination of Os to the left of the significant 
integral part of a quantity. 3. Internal circuits in a calcu- 
lator that prevent the nonsignificant Os that precede whole 
numbers from being displayed; thus, an uncluttered num- 
ber is shown. 4. In a calibrated zero-suppression system, 
the magnitude of the component that is being bucked out 
is indicated by the setting of the zero suppression control. 

zero time reference — In a radar, the time reference 
of the schedule of events during one cycle of operation. 

zero transmission-level reference point— An 
arbitrarily chosen point in a circuit, whose level is used 
as a reference for all relative transmission levels. 

zero-voltage switch — A circuit designed to switch 
on at the instant the ac supply voltage passes through 
zero, thereby minimizing the radio-frequency interference 
generated at switch closure. 

zero-voltage turn-on—A delay in application of 
the control signal to the thyristor until the ac power-line 
voltage next passes through zero. 

zetta — Abbreviated Z. Prefix for the numerical quan- 
tity of 10%. 

Z factor — In thermoelectricity, an accepted figure of 
merit that denotes the quality of the material. 
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ZIF connector — See zero insertion force connector. 

zigzag reflections— From a layer of the iono- 
sphere, high-order multiple reflections that may be of 
abnormal intensity. They occur in waves that travel by 
multihop ionospheric reflections and finally turn back 
toward their starting point by repeated reflections from 
a slightly curved or sloping portion of an ionized 
layer. 

zinc —A bluish-white metal that, in its pure form, is 
used in dry cells. 

Z-marker— Also called a zone marker. A marker 
beacon that radiates vertically and is used for defining 
a zone above a radio range station. 

zone — l. Any of the three top positions (12, 11, or 
10) on a punch card. 2. A part of internal computer 
storage allocated for a particular purpose. 

zone bits— 1. The two leftmost binary digits in a 
digital computer in which six binary digits are used for 
characters and the four rightmost are used for decimal 
digits. 2. The bits in a group of bit positions that are used 
to indicate a specific class of items (e.g., numbers, letters, 
special signs, and commands). 

zone blanking—A method of turning off the 
cathode-ray tube during part of the sweep of the antenna. 

zoned circuit—A circuit that provides continual 
protection for parts or zones of the protected area while 
normally used doors and windows or zones may be 
released for access. 

zone leveling—In semiconductor processing, the 
passage of one or more molten zones along a semicon- 
ductor body, for the purpose of uniformly distributing 
impurities throughout the material. 

zone marker — See Z-marker. 

zone of silence — 1. An area — between the points 
at which the ground wave becomes too weak to be 
detected and the sky wave first returns to earth — where 
normal radio signals cannot be heard. See also skip zone. 
2. A region within the skip distance in which the signals 
of a particular radio station cannot be heard. 

zone-position indicator— An auxiliary radar set 
for indicating the general position of an object to another 
radar set with a narrower field. 

zone punch — See overpunch. 

zone purification— In semiconductor processing, 
the passage of one or more molten zones along a 
semiconductor to reduce the impurity concentration of 
part of the ingot. 

zone refining— 1. A purification process in which 
an rf heating coil is used to melt a zone, or portion, of 
a silicon billet. The molten section is moved the length 
of the billet, and the impurities are deposited at the end. 
2. A technique used to reduce the impurity content of 
raw semiconductor materials to an extremely low level, 
relying on the phenomenon of segregation. A zone of 
molten material is swept repeatedly through the ingot ín 
the same direction, collecting the impurities. 

zones — Smaller subdivisions into which large areas 
are divided to permit selective access to some zones while 
maintaining other zones secure and to permit pinpointing 
the specific location from which an alarm signal is 
transmitted. 

zoning — 1. Also called stepping. Displacement of the 
various portions of the lens or surface of a microwave 
reflector so that the resulting phase front in the near 
field remains unchanged. 2. Purifying a metal by passing 
it through an induction coil; the impurities are swept 
ahead of the heating effect. Specifically used in purifying 
semiconductor crystals. 

zoom — l. To enlarge or reduce on a continuously 
variable basis the size of a televised image. Zooming 
may be done electronically or optically. 2. To control, 


PO A ico 
Blue | 6 | 1,000,000 


Green | 100,000 

Violet 2112227222221 

A A A A A 

White | ? A P 

Gold | | Ol + 5 percent 
A: RR: UN =n : _ 

Silver | |__0.01 | = 10 percent 


By studying this table, you can see how this 
code works. For example, if a resistor IS 
marked with orange, blue, brown, and gold 


bands, its nominal resistance value is 360 
ohms with a tolerance of + 5 percent. If a 
resistor is marked with red, orange, violet, 


black, and brown, its nominal resistance value 
is 237 ohms with a tolerance of + 1 percent. 


Resistors in Series 


9 You can connect resistors in series. Figure 
1.3 shows two resistors in series. 
Figure 1.3 


863 


by magnifying or reducing, the size of an image. 3. To 
enlarge proportionately or decrease the size of the dis- 
played entities by resealing. 

zooming — In computer graphics, causing an object 
to appear smaller or larger by moving the window and 
specifying various window sizes. 


zooming — zoom lens 


zoom lens — |. An optical lens with some elements 
made movable so that the focal length or angle of 
view can be adjusted continuously without losing the 
focus. 2. An optical system of continuously variable 
focal length with the focal plane remaining in a fixed 
position. 


Numbers 


1/f noise — See current noise. 21/2-D system — A computer graphics system whose 

10-code — Abbreviations used by CBers and other objects are flat, parallel surfaces that can cover each other. 
radio communications users to minimize use of air 3-D system—A computer graphics system whose 
time. data objects are in three dimensions. 

2-D system—A computer graphics system whose 73— Abbreviation for “best regards” in radiocommu- 
data represents only a plane. nications. 
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International System of Units (SD 


The SI is constructed from seven base units for independent quantities plus supplementary units for plane solid angles 
as given in Table 1. 

Units for all other quantities are derived from these nine units. Table 2 lists seventeen SI derived units with special 
names. These units are expressed as products and ratios of the nine base and supplementary units without numerical 
factors. 


Table 1. SI base and supplementary units 


Base Units 


length meter 
mass kilogram 
time second 
electric current ampere 


thermodynamic temperature kelvin 
amount of substance mole 
luminous intensity candela 


Supplementary Units 


plane angle 
solid angle 


Table 2. SI Derived units with special names 


radian 
steradian 


SI unit 
Expression 
in terms of 
Quantity Name Symbol other units 
frequency hertz s7! 
force newton kg-m/s? 
pressure, stress pascal N/m? 
energy, work, 
quantity of heat joule N-m 
power, radiant flux watt J/s 
quantity of electricity, 
electric charge coulomb A's 
electric potential, 
potential difference 
electromotive force volt W/A 
capacitance farad C/V 
electric resistance ohm V/A 
conductance siemens A/V 
magnetic flux weber Vis 
magnetic flux density tesla Wb/m* 
inductance henry Wb/A 
luminous flux lumen cd-sr 
illuminance lux Im/m? 
activity of ionizing 
radiation source becquerel sT! 
absorbed dose gray J/kg 
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All other SI derived units, such as those in Tables 3 and 4, are similarly derived in a coherent manner from the 26 
base, supplementary, and special-name SI units. 


Table 3. Examples of SI derived units expressed in terms of base units 


mł 


area square meter 

volume cubic meter 

speed, velocity meter per second 
acceleration meter per second squared 
wave number | per meter 


density, mass density kilogram per cubic meter 
current density ampere per square meter 
magnetic field strength ampere per meter 
concentration (of 

amount of substance) mole per cubic meter 
specific volume cubic meter per kilogram 
luminance candela per square meter 


Table 4. Examples of SI derived units expressed by means of special names 


dynamic viscosity pascal second Pa-s 
moment of force newton meter N-m 
surface tension newton per meter N/m 


heat flux density, 
irradiance 

heat capacity, entropy 

special heat capacity, 


W/m? 
J/K. 


watt per square meter 
joule per kelvin 


specific entropy joule per kilogram kelvin J/(kg-K) 
specific energy joule per kilogram J/kg 
thermal conductivity watt per meter kelvin W/(m-K) 


energy density 
electric field strength 
electric charge density 
electric flux density 
permittivity 
permeability 

molar energy 

molar entropy, 

molar heat capacity 


joule per cubic meter 

volt per meter 

coulomb per cubic meter 
coulomb per square meter 
fared per meter 

henry per meter 

joule per meter 


joule per mole kelvin J/mol-K) 


For use with the SI units there is a set of 16 prefixes (see Table 5) to form multiples and submultiples of these units. 
It is important to note that the kilogram is the only SI unit with a prefix. Because double prefixes are not to be used, 
the prefixes of Table 5, in the case of mass, are to be used with gram (symbol g) and not with kilogram (symbol kg). 


Table 5, SI prefixes 


10°! 


for SOA umN< 
“NP HOSE ZO 
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Schematic Symbols 


bees 


Tinga Teirode Pertode sac 

Beam Power 

Pentage rd Qual Toet Dual Goode 
Converter vw Splat. 


Coto ube 


TUBE ELEMENTE 


^ >=. — lL (5 y f? œ 


Fiama Carnods Gro Pur Been Forrreng Photo Cold Gas Mutter ell 
Plates Calhode Cathode F died 


SEMICONDUCTOR DIWCES 


02000. Ee 


Oude oF pees Bepour VoRegs YIH os Leer Emig Tmp alere 
Mpa Liria rl Senulree 
Recher (Syrenetrcal Tene hoga, Type (Let Dots 
A A 
E A. À E T T f oe 
E t € £ Ç i E 
I 
Trigger Dix Toggi: Duc Badi ec onal Bde scion 8 0 
lat (PRP: Togge Duc Tigger Dut Promotor Transisi Traapiler 
(NPN) ala) Lal [PNP] 1P) 
NM, O, O O, Bt Bt Gt Bt 
UM pacien U Mang g Vauc R- Chan P-Charngl N-Chaanét P-Channel 
Tango" Tanase Transsior duntion Gate Junchon Gals Enhancement Enhancement 


(N-Type Base; (P-Tppe Base) (Programai pres Estect Transisions (FET) eS 


Silicon Coniratied Rectders (SCR Bed necteorat Barengian: Type PHP Terrode 
Theos Tanpa Tiang jor 
TRAHSFORIH AE 
e Denotes Agra 
E as Cote Iran Cove Vargbie Core Aylolrantin mes lf 
Power 
MOUCTORE 
= 11 
1 
11 
1) 
Hi 
Í Ar Powdered 
| Core lon Core 
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Schematic Symbols 


ANTENNAS 


ri 


External 


= 


Loopstick 


RESISTORS 


I= [ks 


yarale 


CAPACITORS 


| 
; 


Tunng Trame 


TEST POINT 


ver 


ie Number Added 


SPARK GAP 


— E 


SEPERABLE 
CONMECTORS 


= 


Grasse 


AC CURRENT SOURCE WIRING 


Connestan 


MICROPHONES SWITCHES 


General and 
Sigla Button 


D> De 


Capacitive 


Dynamat 


SHIELDS 


ITs 


Sheided Sinsided Common Wire Sheelotd 
Wwe Par Ground Between Twa Pans 


Crys 


LOGE SYMBOLS 


Homnverting 
Ampáiwes 


A 
B 


Excluswe 
JR Gare 


NOR Gate 
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Unt UHF 


JACKS AMO PLUGS 


oo 


Phono Type Consecion [P 


O— 


Prono Type (Jack) 


3 Conduce {F ugi 


pE q 


Nanpalanzed! Pouanzed 


RECORDING HEADS 
DE 


HEADP HOMES 


Y RIP Reog Pry 


P Play 
R Recess 
E Erase 


HANDSET 


»— > OUT 


Inverter 


Greek Alphabet 


Letter 
Small Capital Name Designates 

a A Angles, coefficients, attenuation constant, 
absorption factor, area. 

B B Angles, coefficients, phase constant. 

Y r Specific quantity, angles, electrical conductivity, 
propagation constant, complex propagation 
constant (cap). 

ô A Delta Density, angles, increment or decrement (cap or 
small), determinant (cap), permittivity (cap). 

E E Epsilon Dielectric constant, permittivity, base of natural 
(Napierian) logarithms, electric intensity. 

a Z Zeta Cooridnate, coefficients. 

1 H Eta Intrinsic impedance, efficiency, surface charge 
density, hysteresis, coordinates. 

9 © Theta Angular phase displacement, time constant, 
reluctance, angles. 

¿ I lota Unit vector 

K K Kappa Susceptibility, coupling coefficient. 

À A Wavelength, attenuation constant, permeance 
(cap). 

H M Prefix micro-, permeability, amplification factor. 

y N Reluctivity, frequency. 

E E Coordinates 

O O Omicron — 

T I] Pi 3.1416 (circumference divided by diameter). 

p P Rho Resistivity, volume charge density, coordinates. 

o > Sigma Surface charge density, complex propagation 
constant, electrical conductivity, leakage 
coefficient, sign of summation (cap). 

T T Time constant, volume resistivity, time-phase 
displacement, transimission factor, density. 

y Y — 

$ P Magnetic flux, angles, scalar potential (cap). 

X X Electric susceptibility, angles. 

y y Dielectric flux, phase difference, coordinates, 
angles. 

173) Q Angular velocity (2x f), resistance in ohms (cap). 


solid angles (cap). 
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Question 
What is their total resistance? 


Answers 


B= Bor B,. = 10 ohms + 5 ohms = 15 ohms 


The total resistance is often called the 
equivalent series resistance and is denoted 
as R eq 


Resistors in Parallel 


10 You can connect resistors in parallel, as 
shown in Figure 1.4 . 
Figure 1.4 


Question 
What is the total resistance here? ——__ 
Answers 

l | l Ll l 

= — + — =—+—=]: thus Ry =1 ohm 

R R Re 2 2 
RT is often called the equivalent parallel 
resistance 

11 The simple formula from problem 10 


can be extended to include as many resistors 
as wanted. 
Question 
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has done just that in the fully updated seventh 
edition of his Modern Dictionary of Electronics. 
In his elegantly practical style he defines over 


28,000 terms drawn from a broad range of fields. 


Ina world where electronics technology is 

growing so rapidly, this authontative book belongs 

on everyone's reference shelf!" 

— Larry Steckler, Editor-in-Chief of Electronics 
Now and Popular Electronics 


With over a million copies in print, the Modern 
Dictionary of Electronics is the bible of tech- 
nology reference for readers around the world. 
Now fully updated by the original author, this 
essential, comprehensive reference book should 
be in the library of every engineer, technician, 
technical writer, hobbyist, and student. 
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28,000 terms, phrases, acronyms, and abbre- 
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Mounting Your Own Crystals 


These instructions will show you how to make nicely mounted crystals just like the ones in the old 
crystal radios. Materials needed are: 

-Minerals to mount, such as galena or iron pyrite 

-Solder or Woods metal 

-Mold for the mounts 

-Soldering iron 


You can make the mold by drilling a 7/16 inch hold in a piece of any material that will withstand the head 
of the molten solder. Some mounts are 1/2 inch. I use 1/4 inch thick acrylic and Woods metal that melts 
at 158 degrees F. I drill the 7/16 inch hole and then smooth and slightly bevel the inside edges of hole 
with sandpaper so the crystal will push out the bottom smoothly. 

Although some users don't agree, I think the high temperatures necessary to melt solder diminish the 
sensitivity of the crystal. 

I use another piece of acrylic underneath as a base plate clamped together so that the 2 pieces can be 
separated and the crystal pushed out the bottom of the mold when cool. 


Break off a piece of mineral the size you want. I use wire cutters. It is best to test the crystal and find the 
best surface to leave facing upwards. 


http://oldheadphones.com/crystal/info/mount.htm 1/3 
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Next, melt some of your mounting metal in the hole about 2/3 full. Remember, the crystal will take up 
some room so don't fill it up all the way or it will uverflow when you put the rock in. 


Then while the metal is still liquid, drop the rock on to the surface, keeping the best surface pointing 


upwards. 


The rock will tend to float up SO you have to hold 1t down while the metal cools and hardens. 
When it is cool, separate the mold from the base plate and push the mounted crystal out the bottom. 
Be careful, 1t will be HOT at first, epsecially 1f you use solder. 


Email to Scottswim@aol.com 
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What is the formula for three resistors In 
parallel? 


Answers 


Rr Ri ē R R; 
You often see this formula in the following 
form: 


l 
F ae 
— A de 
Ri Ry Rs 
12 In the following exercises, two resistors 
are connected in parallel. 


Questions 
What is the total or equivalent resistance? 
A. R 1 1 ohm, R2 = 1 ohm 


B. R1 = 1,000 ohms, R 2 = 500 ohms 
C. R1 = 3,600 ohms, R2 = 1,800 ohms 
RT =  ____ 

Answers 

A. 0.5 ohms 

B. 333 ohms 

C. 1,200 ohms 

R T is always smaller than the smallest of the 
resistors in parallel. 


Power 


13 When current flows through a resistor, 
dissipates power, usually in the form of heat. 
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METHOD AND SYSTEM FOR ENERGY 
RECLAMATION AND REUSE 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 


The present invention relates generally to wireless energy 
harvesting methods and systems. Specifically, the preferred 
embodiments of the present invention relate to the integra- 
tion of antennas and electronics for harvesting ubiquitous 
electromagnetic energy, transforming that energy into useful 
power, and storing such power for usage. 


2. Description of the Related Art 


Typically, energy harvesting techniques and systems are 
focused on renewable energy such as solar energy, wind 
energy, and wave action energy from moving water. Solar 
energy is harvested by arrays of solar cells that convert 
radiant energy to DC power. Such energy is limited in 
low-light conditions. Cumbersome wind turbines that con- 
vert wind energy to electrical power depend on sufficient 
wind to spin the blades of the turbines to generate power. 
Wave action energy is harvested by water turbines or other 
apparatuses that are capable of converting the energy in the 
moving water into electrical power. This energy conversion 
is typically performed at complex hydroelectric power 
plants or by mechanical/electrical conversion apparatuses, 
such as those shown in U.S. Pat. Nos. 5,842,838 and 
6,045,339 to Berg. 


Another approach to energy harvesting is wireless power 
transmission via focused microwave signals. Unlike the 
above renewable energy technologies which harvest energy 
from natural sources, electrical energy of the wireless power 
transmission technology is remotely harvested and con- 
verted from focused microwave signals that are transmitted 
by a constructed source. For example, U.S. Pat. No. 5,043, 
739 to Logan et al. discloses a high frequency rectenna 
device for rectifying electromagnetic energy at microwave 
frequencies and higher and converting the energy into 
direct-current (DC) power to conduct wireless power trans- 
mission. Applications of this disclosure are focused on 
high-energy microwave radiation and high temperatures. 
One such application includes sending power to satellites or 
high altitude devices from the earth by electromagnetic 
waves. Another application involves collecting solar power 
from large space-based arrays of solar cells and transmitting 
the energy via electromagnetic waves to earth. A third 
application involves the direct conversion of microwaves 
generated by fusion reactions into a direct current. 


BRIEF SUMMARY OF THE INVENTION 


Currently, there is a large amount of renewable electro- 
magnetic energy available in the radio frequency (RF) 
bands. For instance, AM radio, FM radio, TV, very high 
frequency (VHF), ultra high frequency (UHF), global sys- 
tem for mobile communications (GSM), digital cellular 
systems (DCS) and especially the personal communication 
system (PCS) bands are all lucrative energy sources. These 
untapped sources of energy grow more and more abundant 
as aresult of the rapid growth in the wireless communication 
business. Hence, there is a desire to seek new methods and 
means of collecting the ubiquitous electromagnetic energy 
(ambient RF noise and signals) opportunistically present in 
the environment and transforming that energy into useful 
electrical power. 

The preferred embodiments of the present invention can 
collect ubiquitous ambient radio frequency (RF) electro 
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magnetic energy, convert it to a form useful for powering 
electronic devices, and store it for reuse. Thus, perpetual self 
contained subsystems or modules can be realized by using 
the reclaimed RF energy to power active antenna 
components, low power circuits, modules and other com- 
ponents such as transceivers, amplifiers, filters, ete. Hence, 
the preferred embodiments of the present invention can be 
applicable for any antenna or antenna array, for any antenna 
physical design (e.g., dipole, monopole, parabolic shape or 
dish, Yagi, etc.) and any frequency band. In some 
applications, this technology could be used advantageously 
and conveniently to transfer power remotely, without a 
physical connection, using a RF energy source intended for 
that purpose. In other applications, this technology could be 
used to maintain devices in a standby sleep mode indefi- 
nitely without ancillary power source. Then an RF signal 
could be used as a triggering mechanism to activate the 
device. Finally, for low power devices, this technology could 
provide primary power to the device and eliminate or reduce 
the traditional battery charge cycle. 

Accordingly, the preferred embodiments of the present 
invention provide an integration of classical antenna physi- 
cal materials and construction concepts with semiconductor 
and microprocessor technology to create an antenna struc- 
ture capable of transforming electromagnetic waves into DC 
power. This antenna method and system collects and pro- 
cesses RF energy for reuse while simultaneously performing 
its primary function, such as signal reception, for a specific 
application. Furthermore, by using either a single antenna 
element or an array of elements configured to receive a 
broad range of frequencies in the present invention, energy 
collection and antenna transmit/receive performance can be 
maximized and optimized at the same time. The preferred 
embodiments of the present invention also provide an 
Energy Reclamation System (ERS) that collects, converts 
and stores energy for use from selected frequency bands 
over the entire electromagnetic spectrum. These selected 
frequency bands are not required to be contiguous and may 
based on the operational environment, the application, any 
physical size limitations, and the technology available to 
cost effectively integrate an ERS into a device or applica- 
tion. An ERS of the present invention is not restricted to a 
single energy source because technologies like micro elec- 
tromechanical systems (MEMS) can be used to integrate the 
collection of other types of energy, such as electromagnetic 
energy, solar energy, acoustic energy and/or casual motion 
energy. Thus, energy diversity enhances an ERS’ ability to 
provide power consistent with the demands of modern 
devices and applications. 

The preferred embodiments of the present invention also 
provide a method and system for harvesting electromagnetic 
spectrum energy from unintentional power sources. Thus, 
the electromagnetic energy may be harvested opportunisti- 
cally from the abundant ambient RF electromagnetic envi- 
ronment created by the emission of countless commercial 
RF sources typically present today. 

The preferred embodiments of the present invention also 
provide a method and system for harvesting electromagnetic 
spectrum energy using efficient wideband omnidirectional 
antennas for maximizing the collection of RF energy. The 
antennas can be of any design such as monopole, dipole, 
Yagi, or contrawound. 

The preferred embodiments of the present invention also 
provide an energy collection and conversion technology that 
may be used to transmit a control signal to select a device’s 
operating mode (e.g., wake up call in the standby sleep 
mode). Incorporating this technology into some devices 


Power is expressed in terms of watts. 
Question 

What is the formula for power? _—_— — 
Answers 

There are three formulas for calculating 


power: 


4 
= 


P= Vior P=I'Ror P=- 


14 The first formula shown in problem 13 
allows power to be calculated when only the 
voltage and current are known. 

Questions 
What is the power dissipated by a resistor for 
the following voltage and current values? 


A. V = 10 volts, | = 3 amperes 
A rea 

B. V = 100 volts, | = 5 amperes 
fo eee iar 

C. V = 120 volts, | = 10 amperes 
GM eee 

Answers 

A. 30 watts. 


B. 500 watts, or 0.5 kW. (The abbreviation 
kW indicates kilowatts.) 
C. 1,200 watts, or 1.2 kW. 

15 The second formula shown in problem 
13 allows power to be calculated when only 
the current and resistance are known. 
Questions 
What is the power dissipated by a resistor 
given the following resistance and current 
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allows them to remain in the sleep mode indefinitely. Thus, 
the devices may use the continuously reclaimed energy to 
power the monitoring circuitry and initialize equipment 
activation as required. 

The preferred embodiments of the present invention also 
provide a method and system for transferring low power 
levels from an intentional power source advantageously and 
conveniently. This may be done remotely without a physical 
connection by using a RF energy source with a focused or 
blanket radiation pattern and an ERS at the target device. 
This may be used for numerous applications, including 
autonomous sensor or communication type applications in 
any environment (e.g., ground, air, underwater) where the 
device may use the ERS as its power source or backup 
power source. For example, for underwater sensor locations, 
energy may come from sonar or other types of energy 
sources that can propagate with tolerable losses through the 
water and/or from RF energy delivered to a remote antenna 
extended above the surface of the water. If remaining 
operational for extended periods of time requires additional 
power, the device can be wirelessly and remotely supplied 
with power for storage and future use. 

The preferred embodiments of the present invention fur- 
ther provide a conversion of the energy collected or captured 
by the antenna or transducer into an electrical current. The 
electrical current is then converted into a form suitable for 
input to a selected storage device. For instance, a rectifier 
and a low pass filter can be used to convert the electrical 
current into direct current (DC). This power can then be fed 
into a trickle charger for charging a power storage device, 
such as batteries, in wireless and other electrical devices. 
The type of electrical filter and power conditioning used 
depends on the type of battery or power storage device and 
the particular process of trickle charging used. 

The preferred embodiments of the present invention addi- 
tionally provide a method and system for harvesting elec- 
tromagnetic energy that is designed to efficiently collect and 
convert RF energy using application specific integrated 
circuit (ASIC) technology. Hence, supporting electronics are 
integrated with the antenna itself and include, for example, 
amplifiers, mini-transceivers, trickle chargers for charging 
micro-cell batteries, filters efficient rectifier design and 
implementation (with different types of diodes), micro elec- 
tromechanical systems (MEMS) RF transformers, etc. Thus, 
embedded circuitries are built into the antenna elements and 
optimized for a frequency range compatible with any given 
antenna design. 

Additional aspects and novel features of the invention will 
be set forth in part in the description that follows, and in part 
will become more apparent to those skilled in the art upon 
examination of the disclosure. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The preferred embodiments are illustrated by way of 
example and not limited in the following figures, in which: 

FIG. 1 shows data taken from measurements in the RF 
spectrum between 3 MHz and 1 GHz in downtown San 
Diego, Calif., USA; 

FIG. 2 shows the results of calculations predicting the 
signal levels in the AM radio band in downtown San Diego, 
Calif., USA; 

FIG. 3 shows the results of calculations predicting the 
signal levels in the FM radio band in downtown San Diego, 
Calif., USA; 

FIG. 4 shows the energy reclamation system (ERS) con- 
cept in accordance to one embodiment of the present inven- 
tion; 
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FIGS. 5A and 5B show a physical structure of an energy 
harvesting antenna and an array of such antennas in accor- 
dance to an embodiment of the present invention; 


FIG. 6 shows a communication antenna having an insu- 
lated shield acting as both a safety shield to the user and an 
energy harvesting antenna array in accordance to an embodi- 
ment of the present invention; 


FIG. 7 shows a high level schematic diagram of an Energy 
Harvesting Subsystem (EHS) in accordance to one embodi- 
ment of the present invention; 


FIG. 8 shows an energy conversion subsystem (ECS) of 
a perpetual active antenna (PAA) system in accordance to 
one embodiment of the present invention; 


FIG. 9 shows an application specific integrated circuit 
(ASIC) chip implementation of the ECS circuitry shown in 
FIG. 8; 


FIG. 10 shows an array of battery micro-cells of an energy 
storage subsystem in accordance to an embodiment of the 
present invention; 


FIG. 11 shows a high level schematic diagram of the Two 
or Multiple Array Sense and Active Mode in accordance to 
an embodiment of the present invention; 


FIG. 12 shows a high level schematic diagram of the 
Common Antenna Sense and Active Mode in accordance to 
an embodiment of the present invention; 


FIG. 13 shows a high level schematic diagram of the 
Common Antenna for Simultaneous Energy Harvesting, 
Sense and Active Mode in accordance to an embodiment of 
the present invention. 


DETAILED DESCRIPTION OF THE 
INVENTION 


The preferred embodiments of the present invention rep- 
resent a new technology area for the reclamation and reuse 
of Radio Frequency (RE) power present due to either design 
or opportunity in certain frequency bands. It was found that 
RF signals and noise are available in useful power levels in 
many frequency bands-particularly in the AM, EM, and TV 
bands as well as the global system for mobile communica- 
tions (GSM), digital cellular systems (DCS) and communi- 
cation system (PCS) bands. The abundance of energy avail- 
able for harvesting is clearly apparent from the 
measurements of the ambient RF spectrum. For example, 
FIG. 1 shows one such measurement in downtown San 
Diego Calif. The measurement indicates the relative power 
levels of RF signals between 3 MHz and 1 GHz that can be 
harvested at this location. As can be seen from the figure, 
there are ample RF signals from which to reclaim energy. 
FIG. 2 shows the results of calculations predicting the signal 
levels in just the AM radio band in downtown San Diego. It 
shows that many of the AM signals approach or are greater 
than 1 mW (0 dBm). This is because many commercial AM 
radio transmitters radiate thousands of watts of power. FIG. 
3 shows the results of calculations predicting the signal 
levels in just the FM radio band in downtown San Diego. 
These calculations further indicate that there are ample 
opportunities for harvesting energy from the ambient elec- 
tromagnetic environment. 

Countless candidate devices can benefit from this new 
energy reclamation technology of the present invention. For 
instance, the technology can be used for wireless devices 
that are typically powered by exhaustible or rechargeable 
batteries. The present invention can be used to provide 
wireless devices located in certain environments a perpetual 
life in standby mode and extended normal operational life by 
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using stored reclaimed energy as a power source. The 
Energy Reclamation System or ERS of the present invention 
can provide sufficient power (e.g., 0.1-1 mW) to perpetually 
operate low power wireless devices without external 
recharging. The ERS of the present invention can also able 
to provide higher power levels to meet higher demands 
placed on these wireless devices. According to one preferred 
embodiment of the present invention, the ERS of the present 
invention includes a common antenna designed for the 
energy abundant frequency bands with it’s output connected 
to power conditioning or rectification circuitry appropriately 
designed for that frequency range. The conditioned or rec- 
tified power can then be supplied to a charger (e.g., a trickle 
charger) or distribution subsystem designed to meet the 
battery’s or storage device’s charging specification. 

There are innumerable potential applications for the 
energy reclamation technology of the present invention. For 
instance, the power harvested from radio frequency (RF) 
signals can be used for recharging installed power sources, 
providing power directly to the devices, energizing a device 
to wake up, and providing emergency backup power for the 
devices. Countless potential users of this technology also 
exist. For instance, potential users of the ERS technology 
may be found in the cellular, personal communications 
services (PCS) and future generations of wireless commu- 
nications device industry. Typical consumer wireless elec- 
tronic products that can be enhanced by ERS technology 
include, but are not limited to, palm computers, personal 
digital assistants (PDAs), pocket phones, pagers, cameras, 
autonomous sensors, garage door openers, remote controls 
and auto security systems. The energy reclamation technol- 
ogy can also be used in emergency location systems such as 
GPS position finders, airplane and watercraft emergency 
beacons and fire alarm systems. The energy reclamation 
technology can also be applied to wireless personal devices 
such as video conferencing cell phones, Internet phones and 
Wireless Personal Area Networks (WPAN). The energy 
reclamation technology is also flexible enough to be adapted 
for future electrical and/or electronics applications and 
devices. 

According to a preferred embodiment of the ERS of the 
present invention, the ERS includes three subsystems: an 
Energy Harvesting Subsystem (EHS), an Energy Conver- 
sion Subsystem (ECS), and an Energy Storage Subsystem 
(ESS). The Energy Harvesting Subsystem or EHS includes 
various components used to collect ambient electromagnetic 
energy via an antenna or antenna array and convert it to 
electrical current. If acoustic, solar, or motion is the energy 
source, the antenna or antenna array may be replaced by a 
transducer or transducer array for the respective energy 
source. The EHS may also include a combination of anten- 
nas and mechanical transducers to collect different types of 
energy at once or alternately. The Energy Conversion Sub- 
system or ECS includes circuits, components, and modules 
integrated together to convert and condition the noise like 
current out of the antenna or transducer into a form of energy 
suitable for storage. The Energy Storage Subsystem or ESS 
includes, for example, batteries, capacitors, and other such 
components that will store the reclaimed energy for future 
reuse. The ESS can also include appropriate circuitry (e.g. 
trickle charger) for charging those devices that the ERS 
supports. 

FIG. 4 shows the ERS concept in accordance to the above 
preferred embodiment of the present invention. As shown, 
the ERS 100 includes three parts or subsystems: an Energy 
Harvesting Subsystem (EHS) 130, a Power or Energy Con- 
version Subsystem (ECS) 160, and a Power or Energy 
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Storage Subsystem (ESS) 190. The Energy Reclamation 
System provides for the collection and harvesting of ubiq- 
uitous ambient energy over a desired frequency range. In a 
preferred embodiment, the desired range is 500 KHz-2.4 
GHz. For frequencies above 2.4 GHz and for intentionally- 
radiated high power harvesting applications, the ERS can 
incorporate the rectenna technology, such as that disclosed 
in U.S. Pat. No. 5,043,739, into the EHS and the ECS for 
connection to the ESS. The interconnection of the ESS to the 
rectenna technology is readily apparent to one skilled in the 
art. 

According to another preferred embodiment of the present 
invention, the main objective of the ERS 100 is focused on 
the collection of ambient RF energy present in the ambient 
environment in the range of 5 watts and below and convert- 
ing that energy into reusable energy to power numerous 
electronic devices. The converted energy can be full-wave or 
half-wave rectified and filtered current. The charging 
schemes depend on how the ECS 160 is used and its reuse 
requirements. The output of the ECS 160 can be distributed 
for reuse to several different types of circuitry. In one 
embodiment, the converted power may be fed to a trickle 
charger circuitry that charges a standby energy storage 
device in the ESS 190 that includes a battery, capacitor, etc. 
while any excess power is distributed to a charging circuitry 
for the primary power storage component. Another way to 
distribute the ECS output power is to feed it directly into 
circuitry appropriate for affecting indefinite operation of the 
electronic device in a standby or sleep mode. 

The three subsystems of the ERS system are now 
described in further details. 

Energy Harvesting Subsystem (EHS) 

The EHS for RF energy collection includes a single 
antenna of any physical design and shape (e.g., dipole, Yagi, 
Contrawound Toroidal Helical Antenna, etc.) or an array of 
such antennas to collect RF energy from any frequency or 
bands of frequencies. Appropriate baluns (1.e., balanced to 
unbalanced converters) and impedance matching techniques 
may be integrated to maximize power transfer into the 
energy conversion circuitry of the ECS. 

For the ERS to reclaim the maximum amount of energy, 
the energy-harvesting antenna is preferably designed to be a 
wideband, omnidirectional antenna or antenna array that has 
maximum efficiency at selected bands of frequencies con- 
taining the highest energy levels. If the EHS includes an 
array of antennas, each antenna in the array can be designed 
to have maximum efficiency at the same or different bands 
of frequency from one another. The collected RF energy is 
then converted into usable DC power using high speed 
switching semiconductor devices or a diode-type or other 
suitable rectifier. This power may be used to drive, for 
example, an amplifier/filter module connected to a second 
antenna system that is optimized for a particular frequency 
and application. Thus, one antenna acts as an energy har- 
vester while the other antenna acts as a signal transmitter/ 
receiver. Transforming and/or storing the power garnered by 
the ERS technology over time makes those devices employ- 
ing such technology more efficient and extends battery life. 

According to a preferred embodiment of the present 
invention, the antenna design and construction preferably 
begins with defining a wide band of frequencies over which 
collection will be required. Next, optimal length or element 
size 1s preferably calculated to achieve maximum efficiency 
over that frequency range. As is apparent to one skilled in the 
art, antenna efficiency depends on a number of factors 
related to, for example, the physical design and shape of the 
antenna. Other factors affecting the amount of energy col 
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lected include signal strength at the receiving location from 
the transmitting source, which in turn depends on the paths 
from the transmitting source to the ERS of the present 
invention. 

Once the optimal length or element size of the antenna is 
calculated, it is subsequently reduced to a fraction of a 
wavelength while integrating semiconductor amplification 
and impedance matching circuits in the construction of the 
antenna elements. The antenna circuit elements are prefer- 
ably constructed using microprocessor wafer manufacturing 
techniques and shaped for integration or encapsulation in the 
antenna elements. This preferred design approach reduces 
the physical size of the antenna while retaining the energy 
collection efficiencies of a larger antenna. Antenna efficiency 
of 50% or more is preferred, for higher antenna efficiency 
resulting in higher energy collection. 

FIG. 5A shows the physical structure of an energy- 
harvesting antenna and FIG. 5B shows an array of such 
antennas in accordance to an embodiment of the present 
invention. The cylindrical physical design shape was 
selected for easy explanation of the design concept; 
however, any physical shape (e.g., toroid, etc.) may evolve 
that still meets the ERS design concepts and goals. As 
shown, the antenna 200 includes a standard metal outer 
sleeve 210. Under the sleeve 210 is a semiconductor mate- 
rial 215 used to create an apparent physical length optimized 
for reception to accommodate size limitations. Enclosed by 
the antenna outer sleeve 210 and semiconductor material 
215 is electronic circuitry 220, which is constructed using 
microprocessor and ASIC semiconductor technology to 
develop integrated support modules such as trickle charger, 
amplifier and filter for the ECS, which will be described 
later. The outer sleeve 210 may also be used as a heat sink 
for the electronic circuitry 220. 

According to another preferred embodiment of the present 
invention, the antenna can also be constructed to comply 
with recent radiation hazard concerns with wireless and 
cellular telephone technologies and at the same time 
increases power collection potential. There are a number of 
ways to direct the RF energy away from the user or shield 
the user using cupped shields in the antenna system design. 
Such design could be optimized to provide an insulated 
shield and enhance energy collection materials in the 
antenna system construction. FIG. 6 shows an antenna 210 
covered by an insulated shield 232. The antenna 210 per- 
forms its primary function for a specific application, such as 
receiving RF signals for normal wireless communication. 
The insulated shield 232 can be used as an electromagnetic 
shield and also as an ERS antenna or antenna array for 
energy harvesting. As shown in the figure, the RF shielding 
material is preferably located on the inside surface 234 of the 
shield 232. As is known in the art, the shielding material may 
be of any material suitable for shielding RF radiation 
generated by the transmitting antenna 210. Within the shield 
232 is an antenna array 236, with associated integrated 
modules of the ECS, for energy harvesting. Alternatively, 
within the shield 232 is a single antenna for energy harvest- 
ing. Each antenna in array 236 or the alternative single 
antenna is depicted in FIG. 5A. 

FIG. 7 shows a high level schematic diagram of an Energy 
Harvesting Subsystem (EHS) in accordance to one embodi- 
ment of the present invention. The EHS includes a wideband 
omnidirectional antenna or antenna array 255 for energy 
harvesting, as described earlier. The antenna 255 may be 
used to harvest energy from ambient RF signals 3 and/or RF 
power transfer signal 2 from a remotely-located, intentional 
power source. It may also be used to concurrently receive 
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the desired communication signal 1 along with the energy- 
harvesting signals 2 and 3. The combined signals are then 
separated by filter bank 250 which will be described in 
greater detail later. 

FIG. 7 also shows that other energy harvesting technolo- 
gies for collecting ambient solar, acoustical, and mechanical 
energy can be integrated as part of the EHS to supply 
electrical energy into the ECS. The electrical energy sup- 
plied by these other energy harvesting technologies may 
interface with the rectifier 162 and/or filter circuitries 250, 
which is then fed to filter 275 in the ECS. As apparent to one 
skilled in the art, the ECS interface depends on the input 
frequency, quality, quantity and type (constant DC or some 
form of pulsating DC) of energy supplied. 

For ambient solar energy, an array of solar cells or a solar 
energy conversion device 260 known in the art (such as a 
MEMS solar/heat electric generator) is preferably used to 
absorb solar energy from the environment and convert it to 
electrical energy. This energy is then delivered to a rectifier 
162 of the ECS. An array of solar cells may be used to 
produce sufficient power for a variety of applications. 

For ambient acoustical energy, a piezoelectric transducer 
266 known in the art can be used to absorb ambient or 
intentional sound from the environment, which in turn 
causes a crystal to vibrate and through the piezoelectric 
effect produce an output voltage. The output energy is then 
delivered to the rectifier 162 of the ECS. An array of 
transducers may be used to produce sufficient power for a 
variety of applications. 

For mechanical energy, the energy is preferably converted 
to electric energy through a MEMS Mechanical Transducer 
(Generator) 270 known in the art. The MEMS Mechanical 
Transducer 240 takes mechanical energy derived from the 
natural acceleration of a thing or person while in transport 
(e.g., person walking) or in use. These devices can wind a 
spring, force a piston to move or use some other method to 
store and convert acceleration energy collected into electri- 
cal energy. The output energy is then delivered to the 
rectifier 162 of the ECS. An array of such transducers may 
be used to produce sufficient power for a variety of appli- 
cations. 

Energy Conversion Subsystem (ECS) 

According to a preferred embodiment of the present 
invention, the ECS for RF energy collection includes a 
power charger and other circuitry for performing RF to DC 
power conversion. Because the energy harvesting in the 
present invention is focused mainly on recovering small 
amounts of energy over long periods of time, charging 
energy storage devices (rechargeable batteries, etc.) may be 
done over a period of time by trickle charge. As is known in 
the art, trickle charging is a charging scheme in which a 
power storage component is charged at a fraction of its 
capacity rate. FIG. 8 shows an ECS 160 for use in conjunc- 
tion with the EHS to perform RF to DC power conversion, 
with specifications in accordance to an embodiment of the 
present invention. 

The ECS 160 preferably includes a transformer 161 
connected to an energy harvesting antenna 130 for receiving 
the RF energy. The transformer 161 is also connected to a 
diode rectifier circuit 162. The transformer 161 and the 
rectifier circuit 162 are designed to match impedance with 
one another to prevent undesired energy loss between these 
two elements. After rectification, the converted energy is 
sent through another transformer 163 and onward to a trickle 
charger 164. Again, the second transformer 163 and the 
trickle charger 164 are designed to match impedance with 
one another to prevent undesired energy loss between these 
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two elements. The trickle charger 164 is then used to deliver 
power to a battery 165 for storage and use with an electronic 
device, such as a standby device 166. The battery is actually 
a part of the ESS, which will be described later. 

If an array of energy harvesting antennas is used to 
receive the RF energy, the power collected from all channels 
(i.e. the power density at all antenna inputs) can be 
combined, rectified and forwarded to the trickle charger 164. 
The power available in each channel is comparable; thus, for 
example, if 100 N nW is required for a load, the power 
collected in N channels at 100 nW each can be combined to 
generate the required power. 

Although not shown in FIG. 8, the converted and rectified 
power may be fed through a filter for signal purification prior 
to sending it to the transformer 163 and onward to the trickle 
charger 164. FIG. 7 shows the use of such filter 275, with 
like numbers for like elements shown in FIG. 8. It should be 
noted that FIG. 7 depicts a broad overview of the ERS 
concept according to an embodiment of the present inven- 
tion; therefore, the figure does not show all detailed com- 
ponents of the ECS as shown in FIG. 8. 

FIG. 9 shows an ASIC chip implementation of the ECS 
circuitry shown in FIG. 8. The RF input 280 corresponds to 
the antenna 130 of FIG. 8 for receiving harvested RF energy; 
the MEMS RF transformer 281 corresponds to the trans- 
former 161 of FIG. 8; the RF power ASIC 282 corresponds 
to the rectifier circuit 162 and the trickle charger 164 of FIG. 
8 and any other desired circuitry for the ECS, such as filters, 
impedance matching circuitry, etc.; and the micro-cell bat- 
tery 285 corresponds to the battery 165 of FIG. 8. The 
battery 165 or 285 is a part of the ESS, which is described 
next. 

Energy Storage Subsystem (ESS) 

According to a preferred embodiment of the present 
invention, the ESS includes a rechargeable battery 165, 
which can be a complete battery or an array of micro-cells 
of battery. If battery 165 includes a complete battery, the 
trickle charger 164 preferably provides a larger potential 
difference between terminals and more power for charging 
during a period of time. If battery 165 includes individual 
battery cells, the trickle charger 164 preferably provides 
smaller amounts of power to each individual battery cell, 
with the charging proceeding on a cell by cell basis. FIG. 10 
shows an array of battery micro-cells according to an 
embodiment of the present invention. The ESS charges one 
or more micro-cells as available energy allows. As the load 
requires power, the combined energy is drawn from a 
charged PxQ subset (sub-array) of the NxM set (array) of 
cells to power the device on standby or active mode. N, M, 
P and Q are all natural numbers (i.e., 1, 2,3... ), wherein 
P is a number less than N, and Q is a number less than M. 
Charging of the remaining cells continues whenever ambient 
power is available. As the load depletes cells, switches such 
as switch 276 are used to replace the depleted cells with 
charged cells. The rotation of depleted cells and charged 
cells continues as required. As much energy as possible is 
banked to ensure adequate power is available on demand. 
Thus, energy is managed on a micro-cell basis. 

According to the present invention, there are numerous 
ways in which the ERS technology can be configured to 
harvest RF energy. In one embodiment of the present 
invention, an electronic device, such as a cellular phone, is 
preferably designed to have two antennas, one for energy 
harvesting at a desired frequency band and one for perform- 
ing RF communication at a different frequency band. An 
example of this dual-antenna design is previously shown in 
FIG. 6. FIG. 11 shows a high level schematic diagram 300 
of a dual-antenna design ERS in accordance to one embodi- 
ment of the present invention. As explained earlier, the 
frequency band at which an antenna receives and transmits 
signals depends on the physical dimensions of the antenna. 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


10 


Thus, the energy-harvesting antenna 310 and the commu- 
nication antenna 320 are designed with different dimensions 
to receive signals at their respectively desired frequency 
bands. The energy-harvesting antenna 310 may comprise 
one antenna or an array of like antennas. In this embodiment, 
parallel operations are possible for energy harvesting and 
communication. In other words, a user can be using the 
phone for wireless communication in one frequency band, 
while at the same instance the energy harvesting antenna 310 
and associated circuitry within the phone is collecting elec- 
tromagnetic energy in another frequency band. The collected 
electromagnetic energy is passed to integrated circuitry that 
converts the RF energy into electrical energy. This electrical 
energy is then distributed for storage in batteries of the ESS 
340 for use in powering various electrical components of the 
phone. 

As shown in FIG. 11, communication signals received by 
the device antenna 320 are sent to communication process- 
ing circuitry 390 for transmission and reception. The energy 
harvesting antenna 310, on the other hand, is connected to an 
Energy Conversion Subsystem or ECS 330, which is 
designed to match the impedance and frequency band or 
bands of the energy harvesting antenna 310 for maximizing 
input energy received. The ECS 330 is as described earlier 
with respect to FIG. 8. Its output is conditioned power 
coming from a trickle charger designed to efficiently charge 
the power storage devices, such as NiCd, NiMH, or Lilon 
battery cells, in the energy storage subsystem or ESS 340. 
Any excess conditioned power from the trickle charger of 
the ECS 330 is then distributed to the device’s main power 
source 380. 

The ESS 340 is as described earlier with respect to FIGS. 
8 and 10. It stores the standby power and distributes it to the 
electronic switching circuitry 350 and the Monitor and 
Activation Circuitry 360 in both active and standby modes 
of the device. Alternatively, the ESS 340 may be used to 
power circuitries 350 and 360 in standby mode of the device, 
while the device power source 380 powers those circuitries 
in the device’s active mode. The ESS 340 may also be used 
to complement the device power source 380. 

According to yet another embodiment of the present 
invention, the harvesting antenna 310 and associated cir- 
cuitries 330 and 340 may be physically located outside of the 
cellular phone but yet capable of electrical coupling with the 
phone. For example, the harvesting antenna 310 and asso- 
ciated circuitries may be built into portable physical struc- 
tures such as briefcases, suitcases, purses, and wearable 
apparel (cloths) or fixed physical structures by any known 
means in the art. Thus, when the phone is desired to be 
charged, it can be stored in any of the aforementioned 
physical structures and electrically coupled to the built-in 
harvesting antenna and circuitry for charging purposes. 
These separate structures facilitate the use of larger antennas 
(transducers) or arrays of smaller elements whichever is 
most efficient for collecting the ambient energy. In any case, 
the larger surface area intercepts more energy. 

According to a further embodiment for harvesting RF 
energy in the present invention, an electronic device, such as 
a cellular phone, is designed to have two antennas that 
respectively harvest RF energy and perform wireless com- 
munications in the same desired frequency band. In this 
embodiment, the energy-harvesting antenna and the com- 
munication antenna are designed with the same physical 
dimensions. The communication antenna is connected to a 
signal level detection system for detecting the strength of RF 
signals in the desired frequency band. If the strength of the 
desired RF signals is sufficiently high to sustain both RF 
communication and energy harvesting, then the level detec- 
tion system will cause the activation of the energy- 
harvesting antenna. Thus harvesting proceeds in parallel 
with communication and the RF energy is converted into 
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electrical power useful for powering various components of 
the cellular phone without degrading phone service. 

According to another embodiment for harvesting RF 
energy in the present invention, a single antenna or an array 
of like antennas in an electronic device, such as a cellular 
phone, is used for both energy harvesting and communica- 
tion purposes. FIG. 12 shows a high level schematic diagram 
400 of the Common Antenna for Simultaneous Energy 
Harvesting, Sense and Active Mode in accordance with this 
embodiment. This mode requires modifications to the 
device’s antenna switching and filter circuitry to allow 
communication signals in along with collected RF energy 
for harvesting. The communication signals are filtered and 
directed to the receiver’s communication circuitry while the 
noise or interference portions of the received RF signals are 
filtered out and sent to the energy harvesting circuitry within 
the electronic device. This noise filtering technique is illus- 
trated back in FIG. 7, where incoming communication 
signals 1 and the ambient RF energy 3 are filtered by a filter 
bank 250, which may reside in the switching circuitry 450 
shown in FIG. 12. The communication signals 1 are then 
directed to the receiver’s communication circuitry 255, 
which is shown as communication processing circuitry 490 
in FIG. 12, while the noise or interference RF portions 3 are 
filtered out and sent to the energy harvesting circuitries, 
which include the ECS 430 and ESS 440. 

According to still another embodiment for harvesting RF 
energy in the present invention, a single antenna or an array 
of like antennas in an electronic device, such as a cellular 
phone, is again used for both energy harvesting and com- 
munication purposes. FIG. 13 shows a high level schematic 
diagram 500 of the Common Antenna Sense and Active 
Mode in accordance with this embodiment. Here, the single 
antenna or antenna array 510 is connected to the energy 
harvesting circuitries 530 and 540 and communication cir- 
cuitry 590 by a switch 550, which is slaved to the various 
powering modes of the electronic device. For example, 
when the phone is in the power-on mode, the switch 550 is 
programmed to connect the antenna 510 with the commu- 
nication circuitry 590 to receive the RF communication 
signals and enable wireless communication with the phone. 
However, when the phone is in the standby mode, the switch 
is programmed to connect the antenna 510 with the harvest- 
ing circuitries; which then converts the electromagnetic 
energy in the same RF communication signals into electrical 
power for powering the electronic device in the standby 
mode. 

The normal operation of an electronic device having the 
ERS technology as depicted in FIGS. 11 and 12 may also 
include a standby or sleep mode, as described above with 
regard to FIG. 13. When the electronic device is set in a 
standby mode, the electronic switching circuitry (350 or 
450) of the ERS (300 or 400) within the electronic device is 
placed in a Sense Mode. As shown in both FIGS. 11 and 12, 
the monitor and activation circuitry (360 or 460) is used to 
set the electronic switching circuitry (350 or 450) in a sense 
mode. In this mode, signals received by the device’s com- 
munication antenna (320 or 410) are sent to a band pass filter 
(370 or 470) to retrieve an activation signal, which is passed 
on to the monitor and activation circuitry (360 or 460) that 
is watching for the activation signal. The activation signal 
can be anything defined by the device’s manufacturer, such 
as a trigger signal or an emergency beacon for activating a 
desired system. When a turn-on signal brings the electronic 
device out of standby mode, the monitor and activation 
circuitry (360 or 460) sends an active signal to the electronic 
switching circuitry (350 or 450) to connect the communi- 
cation antenna (320 or 410) to the device’s communication 
circuitry (390 or 490). The device’s turn-on signal may be 
manually provided by a user turning on the electronic 
device, or it may be brought on by the reception of the 
activation signal by the monitor and activation circuitry (360 
or 460). 
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Again, the harvesting circuitries in the above embodi- 
ments may be physically located apart from the communi- 
cation circuitry. For example, the harvesting circuitries may 
be built into portable structures such as briefcases, suitcases, 
handbags, and purses by any known means in the art, while 
the communication circuitries and the switch are built into 
the phone itself. Thus, when the phone is desired to be 
charged, it can be stored in any of the aforementioned 
portable structures and electrically coupled to the harvesting 
circuitries built into the structure for charging purpose. 


Although only a few exemplary embodiments of this 
invention have been described in detail above, those skilled 
in the art will readily appreciate that many modifications are 
possible in the exemplary embodiments without materially 
departing from the novel teachings and advantages of this 
invention. Accordingly, all such modifications are intended 
to be included within the scope of this invention as defined 
in the following claims. Furthermore, any means-plus- 
function clauses in the claims (invoked only if expressly 
recited) are intended to cover the structures described herein 
as performing the recited function and all equivalents 
thereto, including, but not limited to, structural equivalents, 
equivalent structures, and other equivalents. 

What is claimed is: 

1. A method for harvesting and utilizing electromagnetic 
energy, comprising: 


receiving ambient electromagnetic energy; 


converting the ambient electromagnetic energy into DC 
electrical power; 


charging a power storage component with the DC elec- 
trical power, the power storage component comprises a 
NxM array of battery micro-cells, N and M are natural 
numbers; 


providing a device power source for powering an electri- 
cal device; and 


drawing power from the power storage component to 
power the electrical device, the drawing power from the 
power storage component to power the electrical device 
includes: 
determining a charged PxQ sub-array of the NxM array 
of battery micro-cells, P and Q are natural numbers 
less than N and M, respectively, and 
drawing power from the charged PxQ sub-array to 
power the electrical device. 
2. The method of claim 1, the charging the power storage 
component with the DC electrical power comprises 
includes: 


charging at least one remaining micro-cell of battery in 
the NxM array that is not in the charged PxQ sub-array; 


substituting the PxQ sub-array with the at least one 
remaining micro-cell of battery once the PxQ sub array 
is depleted of power; and 


charging the depleted PxQ sub-array with the DC elec- 
trical power. 
3. The method of claim 2, the drawing power from the 
power storage component to power the electrical device 
further includes: 


drawing power from the at least one remaining charged 
micro-cell of battery to power the electrical device. 
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The Mystery Crystal Set 


This is my version of the famous Mystery Crystal Set from 
Australia. Click Here for a complete set of plans and a brief history 


of the set. 
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Front view showing the nice vintage Apex dial I used. The black plastic 
material is half-inch thick DuPont Delrin®. which looks like the old hard 
rubber that was used in the 1920's and 30's. It is very hard and machines 
easily as you can see by the fancy cut over the dial. This was the first time I 
used this, and I was very pleased with the results. The binding posts are 
authentic NOS 1920's style. The three on the left are for the various 
combinations of antenna and ground connections. The two on the right are 


for the headphones. 
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Left side view. I used solid mahogany for the base to which I applied 6 coats 
of clear gloss lacquer, sanding between each coat. There is no stain on the 
wood, what you see is the natural color. The wiring is all # 14 square buss 
wire I obtained from Antique Electronic Supply several years ago. 
Unfortunately, they were not suppling this size when I checked last. If you 
find a new source for this wire, please let me know. The variable capacitor is 
an AMSCO straight line frequency unit. Notice the shape of the plates. This 
makes the tuning spread more evenly across the dial. A very well made part. 
For the coil construction, I used a piece of three-inch diameter phenolic 
tubing. The wire is NOS authentic green silk-covered from my collection. I 
really hate to use any of this wire because it is irreplaceable. Again, if anyone 
knows a source for this kind of wire, please, please let me know. I usually 
apply a coat or two of polystyrene when I finish a winding, but I didn't coat 
this coil because I didn't want to risk changing the look of it. It seems to be 
very stable the way it is. 
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Right side view. Here, you can see one of my homebrew crystal detectors. 
The bypass capacitor is also homebrew with a scanned copy of an original 
capacitor label. 
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Another view of the AMSCO capacitor with the unusual plates. If you look 
closely at the coil, you can see the second winding in between the first. 
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A. R = 20 ohm, I = 0.5 ampere 
AA 
B. R = 560 ohms, I = 0.02 ampere 
e A 
C. V = 1 volt, R = 2 ohms 
fo toa ates 
D. V = 2 volt, R = 10 ohms 
ee ete 
Answers 
A. 5 watts 
B. 0.224 watts 
C. 0.5 watts 
D. 0.4 watts 

16 Resistors used in electronics generally 
are manufactured in standard values with 
regard to resistance and power rating. 
Appendix D shows a table of standard 
resistance values for 0.25- and 0.05-watt 
resistors. Quite often, when a certain 
resistance value iS needed in a circuit, you 


must choose the closest standard value. This 
is the case in several examples in this book. 

You must also choose a resistor with the 
power rating in mind. Never place a resistor 
in a circuit that requires that resistor to 
dissipate more power than its rating specifies. 

Questions 

If standard power ratings for carbon film 
resistors are 1/8, 1/4, 1/2, 1, and 2 watts, 
what power ratings should be selected for the 


2/1/2019 mystery crystal set 


A closeup of the detector. This is a CARCO style from the 1920's. Here 
again, I used Delrin® for the base with vintage terminals and all other parts 
made of brass which I nickel plated. I really like the CARCO catswhisker 
construction, it is easy to adjust and stays where you leave it. The crystal is a 
standard Galena mounted in low temp alloy. 
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2/1/2019 mystery crystal set 


Here I am using a set of 3000 ohm Pennsylvania brand headphones. These 
work fairly well. I have had best results with a matching transformer and 
sound-powered phones. This set is very selective and you can get more 
volume on local stations by changing the input connections. 


Click here to return to the VINTAGE HOMEBREW page 


© 2006 ~ 2008 Michael R. Starcher ~ All Rights Reserved 
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Copyright 2001 ... view copyright info |... 


NSESE's Crystal Checker 


de PM Lp TT 


e (0) PREP LT 


NSFC Crystal Checker 


boda by HSFC Sep 2001 


The N5ESE Crystal Checker is a weekend project based on a simple oscillator circuit designed to work readily 
with most any fundamental-mode crystal in the HF range. Used in conjunction with a frequency counter, it 
allows you to test the viability of unknown crystals, or match a bunch of crystals for use in filters. 


The circuit is quite straightforward. It was adapted from a similar circuit by W1FB, presented in QST Jan 1990. 


The schematic, as built, appears below: 


http://n5ese.com/xtal_ checker.htm 
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5/17/2018 N5ESE's Crystal Checker 


NSFC 
APA 


RF OUT TO 
COUNTER 


CRYSTAL 
CHECKER 


I love putting things in Altoids boxes (could you tell?). This project was the perfect size for it. We built a small 
printed circuit board (PCB), cutting islands and traces using a hobby knife (CAUTION! Wear Safety Glasses!). 
The PCB 1s shown below: 


As you can see, the PCB extends through a hole in the Altoids box, where two alligator clips (RS 270-380) are 
solder-mounted. We can clip our crystal here, for testing. An 8-pin DIP socket is also included, surface-mounted 
to the top of the board, and we can mount a crystal here instead, if we like. 


The Altoids box has plenty of room for a 9-Volt battery, making the unit self-contained and readily portable. 


http://n5ese.com/xtal_ checker.htm 
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In use, we connect a frequency counter to the Crystal Checker's output, via a BNC cable, and connect a crystal 
for testing. See below, where we have connected it to the AzZQRPions Stinger Singer Audible Frequency Counter 
(packaged N5ESE-style, in an Altoids box, of course...) 


ate Visit our regular (non-ham. but ve opular) homepage 
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resistors that were used for the calculations In 
problem 15? 
A. For 5 watts 


D. For 0.4 watts 
Answers 
A. 5 watt (or greater) 


B. 1/4 watt (or greater) 
C. 1/2 watt (or greater) 
D. 1/2 watt (or greater) 


Most electronics circuits use low-power carbon 
film resistors. For higher-power levels (such 
as the 5-watt requirement in question A), 


other types of resistors are available. 


Small Currents 


17 = Although currents much larger than 1 


ampere are used In heavy industrial 
equipment, in most electronic circuits, only 
fractions of an ampere are required. 

Questions 

A. What is the meaning of the term 
milliampere ( onea e 

B. What does the term  microampere mean? 
Answers 

A. A milliampere is one-thousandth of an 


ampere (that is, 1/1000 or 0.001 amperes). 
It is abbreviated mA. 
B. A microampere is  one-millionth of an 
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INTRODUCTION 


NASA has designated Goddard Space Flight Center/Unisys/Hernandez Engineering and the Jet 
Propulsion Laboratory as the Manufacturing Technology Transfer Centers for the Eastern 
Region and Western Region, respectively, of the United States. The NASA Manufacturing 
Technology Transfer Centers specialize in the development and implementation of technical 
training courses for space flight and ground support equipment. 


The courses conform to released NASA Technical Standards and are recognized by NASA. 


The intent of this Hand Soldering 1s to train personnel who instruct, fabricate, or inspect space 
flight hardware to NASA Standard Soldered Electrical Connections (NASA-STD-8379.3). This 
is a hands-on course. Instruction is accomplished through videotapes, written documentation, 
demonstrations, and actual construction of variety of solder joints. This document specifies the 
methods and techniques required in the production of reliable soldered connections. 


The purpose of this course 1s to assure that each individual who trains, solders, or inspects is 
appropriately skilled in the types of connection involved in his/her work. This course provides 
the student with the theory and hands-on experience to produce or inspect quality solder 
connections. Hands-on training programs with qualified instructors are essential in training 
personnel to perform these tasks consistently. 


POLICY MATTERS ON TRAINING 


Questions regarding policy matters on training should be directed to the attention of the Manager 
of the Jet Propulsion Laboratory Manufacturing Technology Transfer Center or the Goddard 
Space Flight Manufacturing Technology Transfer Center, whichever is appropriate. 


ENTRANCE REQUIREMENTS 


A vision and color test is required as a prerequisite to the soldering course. All personnel who 
perform training or soldering, or who inspect soldered electrical connections, must meet the 
vision and color test requirements as described in paragraph 5.2. A copy of the eye test results 
must be available the first day of class. 


111 
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COMPLETION OF TRAINING 


Upon completion of the course, students will be issued a diploma and a wallet-size card showing 
completion of training. All documents contain information as to the type of course, classification 
(operator, inspector, or instructor) date of expiration, and authorizing signatures. 


Certification of trained personnel shall be provided by the supplier based upon successful 
completion of training. See NASA-STD-8739.3, paragraph 5.3 for further details. 


RETRAINING 


Retraining 1s based on performance and application of theory, with passing grades of classroom 
work in accordance with course requirements. Retraining shall be accomplished prior to the 
training expiration date shown on the wallet-size identification card. Failure to successfully 
complete retraining requires the student to attend a full training course. 


GUIDELINES TO FOLLOW 
FOR SOLDERING ELECTRICAL CONNECTIONS 


Soldered electrical connections must perform reliably under such conditions as vibration, 
vacuum, radiation, thermal cycling, and shock. General principles of assuring and controlling 
reliable connections are: proper design, control of tools, material, and work environments; and 
good workmanship by trained personnel. Some general factors and rules controlling reliability 
can be found in NASA-STD-8739.3, paragraph 4.3. 
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COURSE REQUIREMENTS 


Students will be required to fabricate and inspect soldered electrical connections. A written 
examination covering materials from NASA-STD-8739.3 and from class lectures will also be 
given. Each attendee will be graded for performance of his/her work accomplished during the 
class. The minimum requirements to pass the course are: 


Field of Employment Testing Activity Grade 
Operators PWB Fabrication 85% 
Written Test 80% 

PWB Inspection 80% 

Inspectors PWB Fabrication 80% 
Written Test 80% 

PWB Inspection 85% 

COURSE AGENDA 


The hand soldering training course consists of five (5) 8-hour days for a total of 40 hours. The 
agenda for each day is outlined in this workbook. Retraining consists of two (2) 8-hour days for 
operators and inspectors. 


Instructor training requires an additional 2 days of specialized classroom methods and teaching 
techniques. Retraining consists of two (2) 8-hour days. 


Student Workbook for NASA-STD-8739.3 


HAND SOLDERING CLASS AGENDA 


MONDAY 


8:00 — 8:45 Introduction 
A. General Information 
B. Hours 
C. Grading 
D. Comparison (3A-2) vs (8739.3) 


8:45 — 9:30 Wire Stripping and Pot Tinning 
. Video 

Slides 

Solder Theory 

Workbook 

Thermal Wire Stripping Demo 
Mechanical Wire Stripping Demo 
. Solder Pot Tinning Demo 

. Microscope Use Demo 
Application 

Inspection 


Ser Om Ow > 


9:30 — 9:45 Break 


9:45 — 10:15 Solder Iron Tinning 

Video 

Iron: Cleaning, Conditioning, Care, Sponge, Tinning Demo 
Workbook 

. Wire Tinning with 10 Steps Demo 

Application 

Inspection 


7AMOOW > 


10:15 — 11:30 Hook Terminal 

Video 

Slides 

Hook Terminal Demo 
. Workbook 
Application 
Inspection 


AMO OW > 


11:30 — 12:15 Lunch 


vi 
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12:15 — 1:15 
1:15 — 2:00 
2:00 — 2:15 
2:15 — 3:00 
3:00 — 3:45 
3:45 — 4:00 


HAND SOLDERING CLASS AGENDA 


MONDAY (continued) 


Pierced Terminal 

Video 

Slides 

Pierced Terminal Demo 
. Workbook 

Application 

Inspection 


AMD OW D> 


Turret Terminal 

Video 

Slides 

Turret Terminal Demo 
. Workbook 
Application 
Inspection 


AMO OW > 


Break 


Bifurcated Terminal 

. Video 

Slides 

Bifurcated Terminal Demo 
. Workbook 

Application 

Inspection 


onnector Pin 
Video 

Slides 
Connector Pin 
Workbook 
Application 
Inspection 


BESO MIO RP 


Clean-up 


vil 
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TUESDAY 
8:00 — 8:30 Quiz/Review 
8:30 — 9:00 Electrostatic Discharge (ESD) 
A. Video 


B. Demo/Lecture 
9:00 — 9:15 Break 


9:15 — 11:30 Printed Wiring Board (PWB) 

A. Video on Swaging, Axial Lead Bend, 
Stud and Vertical Mount, Clinched Leads 

B. Slides 

C. Terminal Swaging, Soldering, Lead Bending 
and Mounting Demo 

D. Workbook 

E. Application 

F. Inspection 


11:30 — 12:15 Lunch 


12:15 — 2:00 PWB Dual-Inline Package (DIP), Interfacial Connection 
A. Video 
B. Slides 
C. DIP Interfacial Connection Demo 
D. Workbook 
E. Application 
F. Inspection 


2:00 — 2:15 Break 


2:15 — 3:45 PWB Lapped Terminations - Flat Pack 
. Video on Flat Pack 

Slides 

Workbook 

. Flat Pack Demo 

. Application 

Inspection 


mona > 


3:45 — 4:00 Clean-up 


Vill 
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WEDNESDA Y 


8:00 — 8:30 Quiz/Review 


8:30 — 9:00 PWB Continuous Run Wrap: Bifurcated/Turret 
Video 

Slides 

Run Wraps Demo 

. Workbook 

Application 

Inspection 


AMO OW > 


9:00 — 9:15 Break 
9:15 — 11:30 (Continue with PWB) 
11:30 — 12:15 Lunch 


12:15 — 2:00 PWB High-Voltage Termination 
Video 

Slides 

High-Voltage Termination Demo 
. Workbook 

Application 

Inspection 


AMO OW > 


2:00 — 2:15 Break 
DAS 3.45 (Continue with PWB) 


3:45 — 4:00 Clean-up 
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THURSDAY 


8:00 — 8:15 Quiz/Review 

8:15 — 9:00 Inspection Quiz (Slides) 
9:00 — 9:15 Break 

9:15 — 11:30 Start Final PWB 
11:30 — 12:15 Lunch 


12:15 — 12:50 Wave Solder 


12:50 — 2:00 Continue Assembly 
2:00 — 2:15 Break 
2:15 — 3:45 Continue Assembly 


3:45 — 4:00 Clean-up 
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FRIDAY 
8:00 — 8:15 Review 
8:15 — 9:00 Continue Assembly 
9:00 — 9:15 Break 


9:15 — 11:30 Continue Assembly 
11:30 — 12:15 Lunch 
12:15 — 12:45 Written Test 


12:45 — 1:30 Inspection Test 


1:30 — 2:00 Student Inspection of Fabricated PWB 
2:00 — 2:15 Break 

2:15 — 3:30 Instructor Evaluation of Students 

3:30 — 3:45 Clean-up 


3:45 — 4:00 Student Evaluation of Course 


X1 
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DAY ONE 

8:00 — 8:15 Introduction 
8:15 — 8:30 Comparison (3A-2) vs (8739.3) 
8:30 — 9:00 Solder Theory, Terminals 
9:00 — 9:30 Practical 

Solder Pot Use 

Solder Iron Use 

Turret 

Bifurcated 


Cup Terminal 
9:30 — 9:45 Break 
9:45 — 10:45 Swage, Axial Mounted Parts, Stud Mounted Parts, Clinched 


10:45 — 11:30 Practical 
Swage 
Axial Mounted Part 
Stud Mounted Part 
Clinched Leads 


11:30 — 12:15 Lunch 


12:15 — 1:00 Wave Solder Video 

1:00 — 1:45 Practical (PWB) 

1:45 — 2:15 Planar/Lap, Continuous Run, High Voltage, 
Interfacial Connections 

2:15 — 2:30 Break 

2:30 — 3:45 Practical 


3:45 — 4:00 Clean-up 


XU 


ampere (that is, 1/1,000,000 or 0.000001 


amperes). It is abbreviated UA. 

18 In electronics, the values of resistance 
normally encountered are quite high. Often, 
thousands of ohms and = occasionally even 


millions of ohms are used. 

Questions 

A. What does kQ mean when it refers to a 
resistor? —_— < < < —ć ć 

B. What does MQ mean when it refers to a 


resistor? —_— < < —ć —ć 

Answers 

A. Kilohm (k = kilo, Q = ohm). The 
resistance value is thousands of ohms. Thus, 
1 kQ = 1,000 ohms, 2 kQ = 2,000 ohms, 
and 5.6 kQ = 5,600 ohms. 

B. Megohm (M = mega, Q = ohm). The 
resistance value is millions of ohms. Thus, 1 
MQ = 1,000,000 ohms, and 2.2 MQ = 


2,200,000 ohms. 
19 The following exercise is typical of many 


performed In transistor circuits. In this 
example, 6 volts is applied across a resistor, 
and 5mA of current iS required to flow 


through the resistor. 

Questions 

What value of resistance must be used and 
what power will it dissipate? 

R = P = 


Answers 
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DAY TWO 
8:00 — 9:00 Written Exam 
9:00 — 9:15 Break 
9:30 — 11:30 PWB (continued) 
11:30 — 12:15 Lunch 
12:15 — 2:00 Inspection 
Student Board 
Test Board 
2:00 — 2:15 Break 
2:30 — 3:30 PWB (continued) 
3:30 -3:45 Critique 


3:45 — 4:00 Clean-up 


xiii 
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WIRE STRIPPING 


STEP 1. WIRE PREPARATION 


Prepare a wire by cutting 
an appropriate length using 
side cutters. 


STEP 2. USING A 
THERMAL 
WIRE STRIPPER 


FOOT- 
SWITCH 


STEP 2a. WIRE STOP SETTING 


Adjust the wire stop to the desired 
strip dimension. Always measure the 
insulation strip dimension from the 
outside edge of the electrode tips. 


THERMAL STRIPPER 
HAND UNIT 


STEP 2b. TEMPERATURE SETTING 


Turn the power switch ON. Set the knob to 
the correct temperature for the type of 
insulation of the wire. 


POWER SUPPLY 
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WIRE STRIPPING 


THERMAL 
STEP 2c. THERMAL WIRE STRIPPING “e” STRIPPER 
Hold the footswitch down to allow the 


electrodes to reach the operating temperature. { THERMAL 
STRIPPER 
Keep the switch depressed. | 


Holding the wire in one hand and the thermal 
stripper in the other hand, insert the wire FA l 
until the cut end contacts the wire stop. \ 

Seg Y 


CLOSE the electrodes on the wire to melt 
the insulation. Now OPEN the electrodes and 
rotate them about 30 degrees, and again 
CLOSE the electrodes to melt another portion 
of the wire. Repeat the CLOSE to melt, OPEN 

: l ; WHEN STRIPPER IS RED-HOT 
to rotate operation until a complete ring has been CLOSE JAWS TO MELT INSULATION 
melted around the insulation on the wire. OPEN, TURN STRIPPER, CLOSE, OPEN. 


a 
- 


Remove the wire from the stripper. 

Release the footswitch. 

Place the thermal strippers where the electrodes 
will not cause any damage while they are 
cooling. 


STEP 2d. REMOVING THE INSULATION 


Holding the wire in one hand, grasp the 
separated portion of the insulation with the 
thumb and forefinger of the other hand. 
Remove this portion with a smooth, even 
motion in the direction of the lay of the wire. 


Clean the stripped end with an approved 
solvent, being careful not to disturb 
the lay of the wire. 


e If disturbed, the lay of wire strands shall be 
restored as nearly as possible to the original 
lay. 

— Paragraph 7.2-4 
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WIRE STRIPPING 


STEP 2e. INSPECTION 

Inspect in accordance with 

STEP 4. 

STEP 3. MECHANICAL WIRE STRIPPING 


With the jaws open, place the 
wire in the appropriate 

die corresponding to the wire 
size being stripped. 


Squeeze the handles to partially cut 
and separate the insulation only 

a short distance. Slightly release 
the pressure on the handles. 


Remove the wire, close the strippers, 
and set the strippers down. 


e Mechanical strippers must not be 
operator adjustable, must be in 
calibration, and must not damage 
the wire or unstripped insulation. 

— Paragraph 6.6-2 


STEP 3a. REMOVE THE INSULATION 


PER STEP 2d 


e If disturbed, the lay of wire strands shall be 
restored as nearly as possible to the original 
lay. 

— Paragraph 7.2-4 


Sy 


22 GAUGE WIRE 


INSURE THAT THE 
PROPER ONE IS 
USED FOR THE 
‚GUAGE OF WIRE.. 
‘THIS IS THE 
(TECHNICIAN’S 
RESPONSIBILITY. 


CAUTION— 
DO NOT USE. 
THESE 
OPERATOR 
ADJUSTABLE 
STRIPPERS 
CANNOT BE 
CALIBRATED 
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WIRE STRIPPING 


STEP 4. INSPECTION 
Inspect under 4X to 10X magnification. 


e Conductors and parts rejections include: 
nicks, cuts, and crushing or charring of 
insulation (slight discoloration from 
thermal stripping is acceptable). 

— Paragraph 13.6-2a(8) 
— Paragraph 7.2-3 


e After insulation removal, the conductor 
shall not be: cut, nicked, stretched, or 
scraped leads or wires exposing base 
metal (except smooth impression marks 
resulting from bending tool holding 
forces). 


— Paragraph 13.6-2a(1) 
— Paragraph 7.2-2 
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TINNING: SOLDER POT 


STEP 1. STRIP THE WIRE 


Strip the wire according to Procedure 1. 


STEP 2. CLEAN THE WIRE \ 
A 


Y 


fo 
ro 


> WIRE 


250°C + 5.5°C 
(500°F + 10°F) 


STEP 3. CHECK SOLDER POT 
TEMPERATURE 


Check the temperature of the solder pot 
by immersing a calibrated thermometer 
approximately 2.5 cm (1 in.) into the 
solder at the center of the pot. The 
reading should be 260°C +5.5C (500%F 
+10°R). 


SOLDER POT 


STEP 4. ADD FLUX 


Place type R or RMA flux on the end of 
the stripped wire to be tinned. 
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TINNING: SOLDER POT 


STEP 5. REMOVE DROSS 


Remove the dross from the solder 
surface with an approved tool. 


SOLDER POT 


STEP 6. TIN THE LEAD 
SOLDER POT 


Dip the prepared wire into the molten 
solder within 0.5 mm (0.020 in.) of the 
insulation. Slowly rotate the wire for no 
more than 5 seconds, and then slowly 
remove the wire from the solder. 


0.5mm 
(0.020 inch) 


STEP 7. CLEAN THE WIRE 


Clean the flux from the tinned portion of 
the wire with an acid brush; use the 
approved solvent and a shopwipe. 


TINNED WIRE 
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TINNING: SOLDER POT 


STEP 8. INSPECTION 


Inspect the tinned wire under 4 X to 
10 X magnification. 


e Conductor tinning personnel shall 
ensure that the tinned surfaces 
exhibit 100% coverage. Wire 
strands shall be distinguishable. 

— Paragraph 7.2-6 


e The appearance of the solder joint 
surface shall be smooth, nonporous, 
undisturbed, and shall have a finish 
that may vary from satin to bright 
depending on the type of solder 
used. 


— Paragraph 13.6-1 


T 6volt 3 
R= x. = tula n 1200 ohms = 1.2kQ) 
I 5mA 0.005 


P= Y XI=6 X 0.005 = 0.030 watts = 30 mW 


20 Now, try these two simple examples. 
Questions 
What is the missing value? 
A. 50 volts and 10 mA. Find the resistance. 


B. 1 volt and 1 MQ. Find the current. 


Answers 
A. 5 kQ 
B. 1 pA 


The Graph of Resistance 


21 The voltage drop across a resistor and 
the current flowing through it can be plotted 
on a simple graph. This graph is called a V-I 
curve 

Consider a simple circuit in which a battery 
is connected across a 1 kQ resistor. 

Questions 

A. Find the current flowing if a 10-volt battery 
is used. = — č —ć —ć —ć 

B. Find the current when a 1-volt battery IS 
used. ——_—_— < —ć —<ć  ć 

C. Now find the current when a  20-volt 
battery is used. 
Answers 


A. 10 mA 
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SPRING 


A 


STEP 1. POSITION THE WIRE 


Place the stripped wire in a vise or spring 
to hold it in a vertical position. 


Clean the wire with a soft brush, using 
the approved solvent and a shopwipe. 


STEP 2. PREPARE THE SOLDER 
Prepare the solder by cutting the end (to 


expose the flux in the core) and clean 
with an approved solvent. 


STEP 3. PREPARE THE IRON 


Prepare the iron by wiping the solder 
from the tip with a shopwipe. 
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TINNING: SOLDER IRON 


STEP 4. CLEAN THE IRON TIP 


Lightly wipe the tip of the iron 
on the moist sponge to remove the 


oxides. 
SPONGE 
STEP 5. TIN THE WIRE 
Place the soldering iron tip 
against the wire near the cut end. 
WIRE 


Add solder at the junction of ha 
the tip and the wire, forming a A AA SOLDER 
thermal (solder) bridge that will transfer 
the heat from the iron to the wire. 
A 


Simultaneously move the iron up 
the wire, adding solder to the wire 
until the tinning has reached no 
closer than 0.5 mm (0.020 in.) 

to insulation. 


IRON TIP 


STEP 6. REMOVE THE IRON 


Slide the iron down and off the 
end of the wire, adding solder 
only as needed. 


IRON TIP 
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TINNING: SOLDER IRON 


STEP 7. TIN THE IRON 


Tin the iron tip, while the 

connection 1s cooling at room 
temperature. A small amount 
of solder should remain on the 


tip. 
Return the iron to the holder. Ñ 


On 


STEP 8. CLEAN THE WIRE 


Clean the flux from the tinned portion of 
the wire with an acid brush, using the 
approved solvent and a shopwipe. BRUSH 


TINNED WIRE 


11 


Student Workbook for NASA-STD-8739.3 Procedure 2B 


TINNING: SOLDER IRON 


STEP 9. INSPECTION 


Inspect the tinned wire under 4 X to 10 X 
magnification. 


e Conductor tinning personnel shall 
ensure that tinned surfaces exhibit 
100% coverage. Wire strands shall 
be distinguishable. 

— Paragraph 7.2-6 


e The appearance of the solder joint 
surface shall be smooth, nonporous, 
undisturbed, and shall have a finish 
that may vary from satin to bright 
depending on the type of solder used. 

— Paragraph 13.6-la 


e Flow (wicking) of solder along the 
conductor is permitted. Solder shall 
not make presence of the individual 
wire strands indistinguishable. 

— Paragraph 10.2-3 


12 


Procedure 3 


Student Workbook for NASA-STD-8739.3 
HOOK TERMINAL 


STEP 1. PREPARE THE 
CONNECTION iS 
Prepare a stranded wire in accordance 


la. 
with Procedures 1 and 2A/2B on Stripping 
and Timing, respectively. 

POT TINNING IRON TINNING 


1b. Insert a terminal into a phenolic block 
(or equivalent). Secure the block in a vise. 


Ic. Clean the terminal with an acid brush, 
using the approved solvent and a shopwipe. 
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HOOK TERMINAL 


Id. If necessary, add flux on the portion 
of the terminal to be tinned. 


le. Clean the iron by wiping the tip with 
a dry shopwipe. 


Lightly wipe the tip on a moist sponge to 
remove the oxides. 


SPONGE Lowi) Wo te 


If. Tin the terminal by positioning the 
iron as shown and adding solder to form a 
solder bridge. Add solder as necessary. 


CAUTION: Allow time for the terminal to 
cool before proceeding. 
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HOOK TERMINAL 


lg. Place the solder wick on the solder. 


Place the solder iron on top of the wick to 
remove the solder from the terminal. 


th. Clean the tinned terminal with an acid 
brush, using the approved solvent and a 
shopwipe. 


Inspect for a uniform layer of solder. 


li. Grasp the end of the stripped and 
tinned wire with a pair of pliers. 


Place the wire up against the bottom of the 
hook. 
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HOOK TERMINAL 


lj. With a lifting motion on both sides, 
wrap the wire tightly around the terminal, 
being aware of the proper insulation 
clearance. 


e The insulation shall not be embedded in 
the solder joint, and shall be less than 
two wire diameters, including insulation. 

— Paragraph 9.1-1 and 2 


Ik. Slide the wire off the terminal. Using 
wire cutters, flush cut the bent wire so that it 
will only make contact with the terminal for 
180 degrees minimum (1/2 turn) to 270 
degrees maximum (3/4 turn). 


} 
XQ 
26 AWG and smaller wire shall be 180 f ) UN — 


degrees minimum (1/2 turn) but less than one 
full turn 360 degrees maximum (1 turn). 


16 


Student Workbook for NASA-STD-8739.3 Procedure 3 


HOOK TERMINAL 


11. Hold the cut wire against the terminal 
to check the wrap dimension. 


The wire shall contact the terminal for the 
full turn for which it 1s cut. 


Recut the end of the wire as necessary. 


e The insulation shall not be imbedded in 
the solder joint, and shall be less than 2 
wire diameters, including insulation. 


— Paragraph 9.1-1 and 2 — INSULATION 


-œ CLEARANCE 


e Protrusion of the conductor ends shall be 
controlled to avoid damage to the 
insulation sleeving. 

— Paragraph 9.4 
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HOOK TERMINAL 


STEP 2. POSITION THE WIRE 


Attach the wire from the terminal to the 
spring, which will hold 1t during the 
soldering. 


Adjust the wire for the proper tension, 
centering, and position. 


Nu 


ÁS 
SSS 


STEP 3. CLEAN THE CONNECTION 


Clean the connection with a soft brush using 
the approved solvent and a shopwipe. 


Do not disturb the position of the wire. 
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B. 1 mA 
C. 20 mA 

22 Plot the points of battery voltage and 
current flow from problem 21 on the graph 
shown in Figure 15 , and connect them 
together. 
Figure 1.5 


20 + 


— 


Milliamperes 


| 10 20 
Volts 

Question 
What would the slope of this line be equal to? 
Answers 
You should have drawn a straight line, as in 
the graph shown in Figure 1.6 . 
Figure 1.6 
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HOOK TERMINAL 


STEP 4. CUT THE SOLDER 


Cut the end of the solder to expose the 


flux in the core of the solder. A IS 

Wipe the solder with a shopwipe and 

solvent to remove any contaminants. hom 
J | 


STEP 5. CLEAN THE SOLDERING 
IRON 


Prepare the iron by wiping the tip with a 
shopwipe. 


Lightly wipe the tip on a moist sponge to 
remove the oxides. 


SPONGE 
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HOOK TERMINAL 


STEP 6. POSITION THE IRON 


Place the clean soldering iron tip against the 
bottom of the wire so as to contact both the 
wire and the terminal at the same time. 


STEP 7. APPLY SOLDER 


ee a, 


meet to make a solder bridge. 


UD) 
Now touch the solder to the end of the cut 
wire to cover the exposed copper. lod 
Add solder as needed to complete the y NS e i DI 
soldered connection. SS = 
ayy 


Remove the solder; remove the iron. 
O) og 
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HOOK TERMINAL 


STEP 8. TIN THE IRON 


Tin the iron tip, while the connection is 
cooling at room temperature. A small 
amount of solder should remain on the tip. 


Return the iron to the holder. \\ 


aom 


STEP 9. CLEAN THE CONNECTION 


Clean the flux from the soldered connection 
with an acid brush, using the approved 
solvent and shopwipe. 


e When more than one conductor is 
connected to the terminal, the direction of 
the bend of each additional conductor 
shall alternate. 


-«— INSULATION 


— Paragraph 9.4 _ 
S CLEARANCE 


ZN 


Student Workbook for NASA-STD-8739.3 Procedure 3 


HOOK TERMINAL 


STEP 10. INSPECT THE CONNECTION 


Inspect the solder joint under 4 X to 10 X 
magnification to the specified requirements. 


e Conductor bend shall be 1/2 (180%) to 


— Paragraph 9.4 
e Free of flux residue and other 
contaminants. 
e The surface shall be smooth and 
nonporous. 


e It shall be undisturbed and have a 
finish that may vary from satin to 
bright. 

e The solder shall wet all elements of 
the connection. 

e The solder shall fillet between 
connection elements over the 
complete periphery of the connection. 

e The lead contour shall be visible. 

e Proper insulation clearance. 

— Paragraph 13.6 

For detailed inspection criteria refer to 

NASA-STD-8739.3 and Appendix A of 

8739.3. 
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PIERCED TERMINAL 
STEP 1. PREPARE THE CONNECTION STRIPPING 
la. Prepare a stranded wire 
in accordance with Procedures | and 2A/2B on > 
Stripping and Tinning, respectively. = 


j y- 
POT TINNING IRON TINNING 
1b. Insert a terminal into 


a phenolic block (or equivalent). 
Secure the block in a vise. 


Le; Clean the terminal with an acid brush, 
using the approved solvent and a shopwipe. 
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PIERCED TERMINAL 


Id. If necessary, add flux on the portion of 
the terminal to be tinned. 


le. Clean the iron by wiping the tip with a 
dry shopwipe. 


Lightly wipe the tip on a moist sponge to 
remove the oxides. 


SPONGE. 3 MT 


If. Tin the terminal by positioning the iron 
as shown and add solder to form a thermal 
(solder) bridge. Add solder as necessary. 


CAUTION: Allow time for the terminal to cool 
before proceeding. 
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PIERCED TERMINAL 


lg. Place the solder wick on the 
solder. 


Place the solder iron on top of 
the wick in order to clean the 
solder from the terminal. 


th. Clean the terminal with an 
acid brush, using the approved 
solvent and a shopwipe. 


Inspect for a uniform layer of solder 


li. To bend the wire 180 degrees (1/2 turn) 

for the END ENTRY, place the wire through the 
eyelet and grasp the end of the stripped and \ 
tinned wire with a pair of pliers. 


While holding the end of the wire with the 
pliers, bend the insulated portion of the wire up 
with your fingers. Now hold the insulated 
portion firmly with your fingers, and bend the 
wire end up with the pliers. 


e The insulation shall not be imbedded in the 
solder joint, and shall be less than 2 wire 


diameters, including insulation. 
— Paragraph 9.1-1 and 2 
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PIERCED TERMINAL 


lj. Remove the wire from the terminal. 


Using wire cutters, cut the bent wire so that it 
will only make contact with the terminal for 


N ` 
180 degrees (1/2 turn). fy ) U om —_ 
MA 


[ALTERNATE BEND 1] 


To bend the wire 90 degrees 

(1/4 turn) for END ENTRY, place 
the wire through the eyelet and 
grasp the end of the stripped and 
tinned wire with a pair of pliers. 
Bend the insulated portion of the 
wire up tightly against the terminal 
with your fingers, while holding 
the wire (with the pliers) in place. 
Be aware of the proper insulation 
clearance. 


Y 
peas, 
A 


90° BEND 
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Procedure 4 


PIERCED TERMINAL 


[ALTERNATE BEND 2] 


To bend the wire 90 degrees 

(1/4 turn) for SIDE ENTRY, 
place the wire through the 
terminal and grasp the end of the 
stripped and tinned wire with a 
pair of pliers. While holding the 
insulated portion with the fingers, 
bend the wire held with the pliers 
tightly against the terminal to a 
right angle (1/4 turn), being 
aware of the insulation clearance. 


[ALTERNATE BEND 3] 


To bend the wire 90 + 90 degrees (Z-bend) for 
the END ENTRY, place the wire through the 
terminal and grasp the end of the stripped and 
tinned wire with a pair of pliers. While holding 
the wire in place (with the pliers), bend the 
insulated wire with your fingers to a right angle 
(1/4 turn). Cut the end of the wire and bend 
opposite the direction of the first bend. Be 
aware of the insulation clearance. 
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PIERCED TERMINAL 


Ik. Hold the cut wire against 
the terminal to check the cut. 


The wire shall contact the terminal 
for the full turn for which it 1s cut. 


Re-cut the end of the wire as 
necessary. 


STEP 2. POSITION THE WIRE 


Attach the wire from the terminal 
to the spring, which will hold it 
during the soldering. 


Adjust the wire for the proper 
tension, centering, and position. 
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20 


Milltamperes 


LA 


5 10 20) 
Volts 
Sometimes you need to calculate the slope of 
the line on a graph. To do this, pick two 


points and call them A and B. 


For point A, let V = 5 volts and | = 5 mA 
For point B, let V = 20 volts and | = 20 
mA 


The slope can be calculated with the following 
formula: 

Ve— Va _ 20 volts —5 volts 15 volts _ di volts 
I—II  20mA-5mA  15mA  0.015ampere 
In other words, the slope of the line is equal 


Slope = =1kQ) 


to the resistance. 

Later, you learn about V-I curves for other 
components. They have several uses, and 
often they are not straight lines. 


The Voltage Divider 
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PIERCED TERMINAL 


STEP 3. CLEAN THE CONNECTION 


Clean the connection with a soft brush, using 
the approved solvent and a shopwipe. 


Do not disturb the position of the wire. 


STEP 4. CUT THE SOLDER 


Cut the end of the solder 
to expose the flux in the core 
of the solder. 


Wipe the solder with a shopwipe 
and solvent to remove any contaminants. 


STEP 5. CLEAN THE 
SOLDERING IRON 


Prepare the iron by wiping the 
tip with a dry shopwipe. 


Lightly wipe the tip on a slightly 
moist sponge to remove the oxides. 
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PIERCED TERMINAL 


ame 


A 


STEP 6. POSITION THE IRON 


Place the clean soldering iron 
tip against the terminal 

so as to contact both 

the wire and the terminal 

at the same time. 


E 


STEP 7. APPLY SOLDER 


Apply a small amount of solder SOLDER WIRE 


to the junction where the wire, 
terminal, and iron meet in order 
to form a thermal (solder) bridge. 


Now touch the solder to the 
end of the cut wire to cover 


the exposed copper. SÓ 


Add solder as needed to complete 
the soldered connection. 


Remove the solder; remove the 
1ron. 


IRON 
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PIERCED TERMINAL 


STEP 8. TIN THE IRON 


Tin the iron tip while the connection 1s 
cooling at room temperature. A small 
amount of solder should remain on the 
tip. Return the iron to the holder. 


8 


SOLDER 


ae 


STEP 9. CLEAN THE 
CONNECTION 


Clean the flux from the 
soldered connection 
with an acid brush, using 
the approved solvent and 
a shopwipe. 


AN 
S 


ae 
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PIERCED TERMINAL 


STEP 10. INSPECT THE 
CONNECTION 


Inspect the solder joint under 4 X to 10 X 
magnification to the specified 
requirements. 


e Conductor bend shall be 1/4 (90°) to 
— Paragraph 9-5 


e Free of flux residue and other 
contaminants. 

e The surface shall be smooth and 
nonporous. 

e It shall be undisturbed and have a finish that 
may vary from satin too bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e The lead contour shall be visible. 

e Proper insulation clearance. 

— Paragraph 13.6 


For detailed inspection criteria refer to 
NASA-STD-8739.3, Paragraph 16.6 and 
Appendix A. 
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TURRET TERMINAL 


STEP 1. PREPARE THE CONNECTION RAR ee 
la. Prepare a stranded wire in accordance 

with Procedures 1 and 2A/2B on Stripping and > 

Tinning, respectively. mE 


POT TINNING IRON TINNING 


Ib. Insert a terminal into a phenolic block 
(or equivalent). Secure the block in a vise. 


Ic. Clean the terminal with an acid brush, 
using the approved solvent and a shopwipe. 
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Procedure 5 


Student Workbook for NASA-STD-8739.3 
TURRET TERMINAL 


Id. If necessary, add flux on the portion of 
the terminal to be tinned. 


le. Clean the iron by wiping the tip with 
a dry shopwipe. 


Lightly wipe the tip on a moist sponge to 
remove the oxides. 


If. Tin the terminal by positioning the iron 
as shown and adding solder to form a solder 
bridge. Add solder as necessary. 


CAUTION: Allow time for the terminal to cool 
before proceeding. 
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TURRET TERMINAL 


lg. Place the solder wick on the solder. 


Place the solder iron on top of the wick to 
remove the solder from the terminal. 


Inspect for a uniform layer of solder. 


th. Clean the tinned terminal 
with an acid brush, using the 
approved solvent and a shopwipe. 
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TURRET TERMINAL 
li. To bend the wire around the } f 
terminal, grasp the end of a stripped \ 
and tinned wire with a pair of pliers. ) 


Place the wire on the base of the turret. 


Holding the wire in place with your MÁ 
fingers, move the pliers to wrap the 
wire tightly around the terminal, being \ | / j 


aware of the proper insulation clearance. 
= J 
=> 


INSULATION 
CLEARANCE 
lj. Remove the wire from the terminal. 
Using wire cutters, flush cut the bent wire so 
that it will only make contact with the 
terminal from 180 degrees minimum (1/2 
turn) to 270 degrees maximum (3/4 turn). ) 
26 AWG and smaller wire shall be 180 V/ y i N ` 
degrees minimum (1/2 turn) but less than 7 j NU 
one full turn 360 degrees maximum. N — 
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TURRET TERMINAL 


Ik. Hold the cut wire against the terminal to 
check the wrap dimension. 


The wire shall contact the terminal for the full 
turn for which it is cut. 


180° (1/2 TURN) © 


Recut the end of the wire as necessary. TO 270° (3/4 TURN) 
e The insulation shall not be imbedded in the 
solder joint, and shall be less than 2 wire INSULATION 
; i . ; i CLEARANCE 
diameters, including insulation. 


— Paragraph 9.1-1 and 2 


STEP 2. POSITION THE WIRE 


Attach the wire from the terminal 
to the spring to hold it 
during the soldering. 


The wire is mounted in the 
bottom guide slot and shall 
stay in contact with the base. 


Adjust the wire for the proper 
tension, centering, and position. 


STEP 3. CLEAN THE CONNECTION 


Clean the connection with a soft 
brush, using the approved solvent 
and shopewipe. 


Do not disturb the position of the wire. 
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TURRET TERMINAL 


STEP 4. CUT THE SOLDER > 


BSAS 
Cut the end of the solder to aN 
expose the flux in the core of the solder. Y l 


Wipe the solder with a shopwipe and 


solvent to remove any contaminants. VA $ [ | 
nies Nan 


STEP 5. CLEAN THE SOLDERING 
IRON 


Prepare the iron by wiping the tip 


with a dry shopwipe. Ye 
xX 


Lightly wipe the tip on a slightly moist 
sponge to remove the oxides. 


SPONGE O OT 


38 


23 The circuit shown in Figure 1.7 is called a 


voltage divider . It is the basis for many 
important theoretical and practical ideas you 
encounter throughout the entire field of 
electronics. 
Figure 1.7 


The object of this circuit is to create an 
output voltage (VO) that you can control 
based upon the two resistors and the input 
voltage. VO is also the voltage drop across R 
2 i 


Question 
What is the formula for VO? — 
Answers 
Uy a 
R, +R, 
R1 + R2 = RT, the total resistance of the 
circuit. 
24 A simple example can demonstrate the 
use of this formula. 
Question 


For the circuit shown in Figure 1.8 , what is V 
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TURRET TERMINAL 


STEP 6. POSITION THE IRON 


Place the clean soldering 
iron tip against the turret 
base so as to contact both 
the wire and the terminal at 
the same time. 


M 
=Y 


STEP 7. APPLY SOLDER — 


SOLDER aaa 


Apply a small amount of solder 

to the junction where the wire, terminal, 
and iron meet to form a thermal (solder) 
bridge. 


Now touch the solder to the end of the cut 
wire to cover the exposed copper. 


Add solder as needed to complete the 
soldered connection. 


Ly 
Q 
N 


mee E 


SOLDER 
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TURRET TERMINAL 


STEP 8. TIN THE IRON 


Tin the iron tip, while the 
connection is cooling at room 
temperature. A small amount of 
solder should remain on the tip. 
Return the iron to the holder. 


0 
o 


STEP 9. CLEAN THE CONNECTION 


Clean the flux from the soldered 
connection with an acid brush, 
using the approved solvent and 


a shopwipe. \ $ 


Ly 


w 


O S 


E a 


Pa 
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TURRET TERMINAL 


STEP 10. INSPECT THE CONNECTION 


Inspect the solder joint under 4 X to 10 X 
magnification to the specified requirements. 


e Conductor bend shall be 1/2 (180%) to 3/4 
(270°) turn for conductors larger than 
AWG 26. 

— Paragraph 9.2-la 

e Conductor bend shall be wrapped more 
than 1/2 (180°) but less than 360° for 
conductors AWG 26 and smaller. 

— Paragraph 9.2-1b 


e All conductors shall be confined to guide 
slots. 


— Paragraph 9.2-Ic 
e Conductors shall be maintained in contact 
with the post for the full curvature of the 
wrap and the conductor ends shall not 
extend beyond the base of the terminal. 
— Paragraph 9.2-1d 
e More than one conductor may be installed 
in a single slot of sufficient width, provided 
each conductor is wrapped on the terminal 
post and not on another conductor. GUIDE SLOT 
— Paragraph 9.2-le 
e Free of flux residue and other contaminants. 
e The surface shall be smooth and nonporous. 
e It shall be undisturbed and have a finish that 
may vary from satin too bright. 
e The solder shall wet all elements of the 
connection. 
e The solder shall fillet between connection 
elements over the complete periphery of the 


LOWER 
GUIDE SLOT 


connection. N OEA ON 
o. LEARANCE 
e The lead contour shall be visible. 
e Proper insulation clearance. BASE 


— Paragraph 13.6 


For detailed inspection criteria refer to 
NASA-STD-8739.3, Paragraph 13.6 and 
Appendix A. 
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Procedure 6 


BIFURCATED TERMINAL 


STEP 1. PREPARE THE CONNECTION 


la. Prepare a stranded wire 


in accordance with Procedures 1 and 2A/2B on 


Stripping and Tinning, respectively. 


1b. Insert a terminal into a 
phenolic block (or equivalent). 
Secure the block in a vise. 


Ic. Clean the terminal with an acid brush, 
using the approved solvent and 
a shopwipe. 
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STRIPPING = 
| 


POT TINNING IRON TINNING 


Student Workbook for NASA-STD-8739.3 Procedure 6 
BIFURCATED TERMINAL 


Id. If necessary, add flux on 
the portion of the terminal 
to be tinned. 


le. Clean the iron by wiping the tip 
with a dry shopwipe. 


Lightly wipe the tip on a moist 
sponge to remove the oxides. 


SPONGE. Ute 


If. Tin the terminal by positioning 
the iron as shown and adding solder 
to form a thermal (solder) bridge. Add solder as 


necessary. 


CAUTION: Allow time for the 
terminal to cool before proceeding. 
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BIFURCATED TERMINAL 


lg. Place the solder wick on the 
solder. 


Place the solder on top of 
the wick in order to clean the 
solder from the terminal. 


th. Clean the terminal with an acid 
brush, using an approved solvent and a 
shopwipe. 


Inspect for a uniform layer of solder. 


li. For side entry, place the end of the 
stripped and tinned wire into the slot between 
the posts. 


Gently hold the wire with wire cutters at the 
desired length to cut off the wire. 


e The insulation shall not be imbedded in the 
solder joint, and shall be less than 2 wire 
diameters, including insulation. 

— Paragraph 9.1-1 and 2 
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BIFURCATED TERMINAL 


lj. Slide the wire out of the posts. 
Using wire cutters, now flush cut 
the wire. 


Ik. Hold the cut wire against 
the terminal to check the wrap 
connection. 


The wire shall enter the mounting 
slot perpendicular to the posts, 

be in contact with the terminal 
surface, and not extend beyond 
the diameter of the base. 


Recut the end of the wire as 
necessary. 


STEP 2. POSITION THE WIRE 


Attach the wire from the terminal to the spring, 
which will hold it during the soldering. 


Adjust the wire for the proper tension, 
centering, and position. 
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Procedure 6 


BIFURCATED TERMINAL 


STEP 3. CLEAN THE CONNECTION 


Clean the connection using a 
soft brush, using the approved 
solvent and a shopewipe. 


Do not disturb the position 
of the wire. 


STEP 4. CUT THE SOLDER 


Cut the end of the solder to expose 
the flux in the core of the solder. 


Wipe the solder with the shopwipe and solvent 
to remove any contaminants. 


STEP 5. CLEAN THE SOLDERING IRON 


Prepare the iron by wiping the tip 
with a dry shopwipe. 


Lightly wipe the tip on a moist 
sponge to remove the oxides. 


D SPONGE. ae eee 
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BIFURCATED TERMINAL 


STEP 6. POSITION THE IRON 


Place the clean soldering iron tip 
on the base of the terminal so 

as to contact both the wire and 
the terminal at the same time. 


STEP 7. APPLY SOLDER 


Apply a small amount of solder 
to the junction where the 

wire, terminal, and tip meet 

to make a solder bridge. 


Now touch the solder to the end 
of the cut wire to cover the 
exposed copper. 


Add solder as needed to complete 
the soldered connection. 


Remove the solder; remove the iron. 
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Answers 
6 
4+6 
6 
=10 x — 
=6 volts 
25 Now, try these problems. 
Questions 
What is the output voltage for each 


combination of supply voltage and resistance? 
A. VS = 1 volt, R1 = 1 ohm, R2 = 1 ohm 


B VS = 6 volts, R1 = 4 ohms, R2 = 2 
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BIFURCATED TERMINAL 


STEP 8. TIN THE IRON 


Tin the iron tip while the 
connection 1s cooling at room 
temperature. A small amount of 
solder should remain on the tip. 


\ N 
Return the iron to the holder. P N 
; Fa 


A 


STEP 9. CLEAN THE CONNECTION 


Clean the flux from the soldered 
connection with an acid brush, 
using the approved solvent and 
a shopwipe. 
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BIFURCATED TERMINAL 


STEP 10. INSPECT THE CONNECTION 


Inspect the solder joint under 4 X to 10 X 
magnification to the specified requirements. 


e Side route conductors shall enter the 
mounting slot perpendicular to the posts. 
— Paragraph 9.3-2a 
e A conductor may lay straight through a 
terminal slot provided the conductor 
surface remains in contact with the 
terminal surface. Paragraph 9.3-2b 


e Conductor bend shall be 1/4 (90°) to 1/2 


— Paragraph 9.3-2b 
e More than one conductor may be 
installed on a single terminal post 
provided each conductor is wrapped on 
the terminal post and not on another 
conductor, and the direction of the bend 
shall alternate. 


— Paragraph 9.3-2c and d 

e Conductors shall not extend beyond the 
diameter of the base except where physical 
clearance will not adversely affect 
environmental or electrical characteristics. 

— Paragraph 9.3-2e 

e Free of flux residue and other contaminants. 

e The surface shall be smooth and nonporous. 

e It shall be undisturbed and have a finish that 
may vary from satin to bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e The lead contour shall be visible. 

e Proper insulation clearance. 

— Paragraph 13.6 


For detailed inspection criteria refer to 
NASA-STD-8739.3, Paragraph 13.6 and 
Appendix A. 
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BIFURCATED TERMINAL 


ALTERNATE METHODS 
OF MOUNTING THE BIFURCATED TERMINAL 


INSULATION 
CLEARANCE 


INSULATION 
CLEARANCE 
SIDE ENTRY SIDE ENTRY 
STRAIGHT 90° BEND 
THROUGH 
POINT OF POINT OF ENTRY 
ENTRY IS SAME FOR 
UPPER CONDUCTOR 
SIDE ENTRY 
180° BEND SIDE ENTRY 
OPPOSITE DIRECTION 
90° BEND 
SOLDER TO POST INSULATION 
AND SHOULDER CLEARANCE 
POST 
SHOULDER 
BOTTOM 
ROUTE 


MINIMUM 
INSULATION 
CLEARANCE 
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CONNECTOR PIN 


STEP 1. PREPARE THE CONNECTION STRIPPING 


la. Prepare a stranded wire in 
accordance with Procedures | and 2A/2B on 


Stripping and Tinning, respectively. > 


POT TINNING IRON TINNING 


1b. Insert a terminal into a 
phenolic block (or equivalent). 
Secure the block in a vise. 


Le. Place the end of the stripped 
and tinned wire into the cup. INSULATION 
CLEARANCE 
e The insulation shall not be 
imbedded in the solder joint, 
and shall be less than 2 wire SINGLE 
diameters, including insulation. ENTRY 
— Paragraph 9.1-1 and 2 


Remove the wire and use wire cutters to 

- : CONDUCTORS SHALL 
cut the wire to the desired length. BOTTOM IN CUP 
Re-cut the end of the wire as necessary. 


e Conductors entering from the top shall be in 
contact with the inner wall of the cup and 
shall bottom in the cup or on the bottom 
conductor. 

— Paragraph 9.7 
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CONNECTOR PIN 
1d. Clean the terminal with an 


acid brush, using the approved 
solvent and a shopwipe. 


le. Tin the terminal by inserting 
the end of the solder into the cup 
and placing the iron so that it 
touches the solder and the side 

of the terminal at the same time. 


4 
Fill the cup with solder to cover f ) El 


all of the inside surface. LA 
o 


e Solder along the outside surface of the GA as 
solder cup is permissible to the extent that it SS | gt 


| | SOLDER 


approximates tinning and does not interfere oy 
with the assembly or function of the ese. 
connector. a S 


— Paragraph 10.2-3b © f 
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CONNECTOR PIN 
If. To wick the solder from the terminal, 
insert a stranded wire that has been coated 


with flux. 


Position the iron tip against the wire. 
The wire will get hot and melt the \ FLUXED, STRANDED 
solder, which will then wick up into the ON iii 

strands of wire. | j \ 


Cut off the wire that has the solder 
wicked into it. 


Repeat the wicking process until there is 
no solder left to remove. The inside of 
the terminal will show a tinned surface. 


Repeat tinning and wicking until all 
gold is removed. 


e Gold plating on all surfaces, which 
becomes a part of the finished solder 
connections, shall be removed by two or 
more successive tinning operations, or by 
other processes demonstrated to have 
equivalent effectiveness. 

— Paragraph 7.2-5c 


lg. Clean the terminal with 
an acid brush, using the approved 
solvent and a shopwipe. 
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CONNECTOR PIN 


STEP 2. POSITION THE WIRE 


Attach the wire from the terminal to 
the spring, which will hold the wire 
during the soldering. 


Adjust the wire for the proper 
tension, centering, and position. 


im 


STEP 3. CLEAN THE CONNECTION 


Clean the connection with a soft 
brush, using the approved 
solvent and a shopwipe. 


Do not disturb the position 
of the wire. 


STEP 4. CUT THE SOLDER 


the flux in the core of the solder. 


Wipe the solder with a shopwipe and A 
solvent to remove any contaminants. 


A 
Cut the end of the solder to expose A 
ÓN 
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CONNECTOR PIN 


STEP 5. CLEAN THE SOLDERING IRON 


Prepare the iron by wiping the tip 
with a dry shopwipe. 


Lightly wipe the tip on a moist 
sponge to remove the oxides. 


STEP 6. POSITION THE IRON 


Place the clean soldering iron 
tip against the terminal so 

as to contact both the wire 
and the terminal at the 

same time. 
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CONNECTOR PIN 


STEP 7. APPLY SOLDER 


Apply a small amount of solder 
to the junction where the wire, 
terminal, and tip meet in order 
to make a solder bridge. 


Add solder as needed to complete 
the soldered connection. 


Remove the solder; remove the iron. 


STEP $. TIN THE IRON 


Tin the iron tip while the 
connection 1s cooling at room 


temperature. A small amount of \ 
the solder should remain on the tip. Ñ 
Return the iron to the holder. 
SOLDER a“ 


STEP 9. CLEAN THE CONNECTION 


Clean the flux from the soldered 
connection with an acid brush, 
using the approved solvent and a 
shopwipe. 


J 


R 


=Y 


(A 


C. VS = 10 volts, R1 = 3.3. kQ, R2 = 5.6 
kQ 

VO = — 

D. VS = 28 volts, R1 = 22 kQ, R2 = 6.2 
kQ 

VO = — 

Answers 

A. 0.5 volts 

B. 2 volts 

C. 6.3 volts 

D. 6.16 volts 


26 The output voltage from the voltage 
divider is always less than the applied voltage. 
Voltage dividers are often used to apply 


Specific voltages to different components in a 
circuit. Use the voltage divider equation to 
answer the following questions. 

Questions 

A. What is the voltage drop across the 22 k& 
resistor for question D of problem 25? 


B. What total voltage do you get if you add 
this voltage drop to the voltage drop across 
the 6.2 k 82 resistor? 

Answers 

A. 21.84 volts 

B. The sum is 28 volts. 

The voltages across the two resistors add up 
to the supply voltage. This is an example of 
Kirchhoff's Voltage Law (KVL) , which simply 
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CONNECTOR PIN 


STEP 10. © INSPECT THE CONNECTION 


Inspect the solder joint under 4 X to 10 X 
magnification to the specified requirements. 


e The maximum number of conductors 
shall be limited to those that can be in 
contact with the full height of the inner wall 
of the cup. 
— Paragraph 9.6 


e Free of flux residue and other contaminants. 

e The surface shall be smooth and nonporous. 

e It shall be undisturbed and have a finish that 
may vary from satin too bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e The lead contour shall be visible. 

e Proper insulation clearance. 

— Paragraph 13.6 


For detailed inspection criteria refer to 
NASA-STD-8739.3, Paragraph 6 and 
Appendix A. 


INSULATION 
INSULATION CLEARANCE 
i CLEARANCE 


POINT OF 
ENTRY 
CONDUCTORS SHALL 
BOTTOM IN CUP 
CONDUCTORS SHALL 


BOTTOM IN CUP 
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ELECTROSTATIC DISCHARGE 


All materials contain both positive 
and negative electrical charges. 

If the charges are equal, we say 
they are neutral or uncharged. 


Activities such as rubbing or simply 
separating matrials will generally 
cause charges to be transferred, 
leaving both items charged. 


Electrostatic discharge (ESD) 1s the 

abrupt discharge of stored static 

electricity. On a human body, 

voltages of approximately 3,500 volts 

or more can be seen and felt. But even 

at voltages as low as 50 volts or less, where it 
cannot be seen and felt, ESD is 

still a threat and can even damage a device such 
that it fails in flight. 


Minimum steps to protect ESD-sensitive devices are: 
Always work at a grounded workstation 
Use only ESD-approved materials 


Handle ESD-sensitive devices only at static-safe workstations 
Always use a conductive wrist strap before handling ESD- 
sensitive devices 

Use an ESD bag or container to store or carry parts in. 
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ELECTROSTATIC DISCHARGE 


STEP 1. WRIST STRAP PROCEDURE 
pitt irq, ZA 
So N = 


fm 


la. Inspect the wrist strap Ú Ý 
daily for wear. Replace as necessary. LAN 


A 


1b. Insure that the wrist strap 

fits snugly around the wrist, and that 
the strap's conductive side is in direct 
contact with the skin. 


Use the wrist strap checker daily to test 
the strap and cord. 


Ic. Attach the cord to a grounded 
workbench before handling ESD-sensitive 
devices. 


TO 
GROUND 
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ELECTROSTATIC DISCHARGE 


STEP 2. WORK AREA PROCEDURES 


When leaving the workstation, the PWA 
and static-sensitive parts must be placed 
in an ESD bag or container. 


Do not allow a non-grounded person to 
touch your PWA or static-sensitive parts. 


Caution persons entering the work area that 
there are ESD rules to be followed. 


ras 


63 


64 


Student Workbook for NASA-STD-8739.3 


Procedure 9 


TERMINAL SWAGING 


STEP 1. VERIFICATION TEST 


la. Verify the proper swaging 
tools for the terminal to be swaged. 


e Swage type terminals in Non-PTHS, 
designed to have the terminal shoulder 
soldered to the printed wiring conductor, 


shall be secured to the PWB by a roll swage. 


— Paragraph 8.2-2 


e PWB designs calling for soldering of the 
swaged end of the terminal to the printed 
wiring conductor on a single-sided PWB 
shall have the terminal secured with a 
V-funnel swage. 

— Paragraph 8.2-3 


e Swage type terminals that are mounted 
in a PTH shall be secured to the PWB 
by a V-funnel swage or an elliptical 
funnel swage. The elliptical funnel 
swage is the preferred method for 
attachment. Terminals shall be swaged 
such that they can be rotated under 
finger force. 

— Paragraph 8.2-4 


ROLL SWAGE 


ROLL FLANGE TERMINAL 


YNZ WZ 


V-FUNNEL TYPE SWAGE 


SLIGHTLY REFLOWED 


EN FILLET 


ZA 


PAN 
CONDUCTOR 


BOARD 


veem SWAGE (SEE DETAIL) 


ELLIPTICAL TYPE SWAGE 


ELLIPTICAL SWAGE 


DETAIL 


ELLIPTICAL TYPE SWAGE 
(VIEW OF BOTTOM) 
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TERMINAL SWAGING 
1b. After the swaging press has been 


adjusted, use a sample board and 
swage a terminal. 


PUNCH 


The swage, or flaring, should be 
inspected for the proper mounting PÍN 
according to the type of terminal. 


Elliptically swaged terminals shall 
be swaged such that they can be 
rotated under finger force. 


ANVIL 


STEP 2. SWAGE THE TERMINAL 


2a. Insert a terminal into the anvil. 


2b. Position the PWB on the terminal. 


26: To swage the terminal, support the PWB \ 
while pulling the handle down to the stop. 
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TERMINAL SWAGING 


STEP 3. INSPECT THE SWAGE 


Inspect the swaged terminals under 4 X to 10 
X magnification to the specified 
requirements. 


e Swaging of terminals shall be performed 
in a way that does not damage the PWB. 

e After swaging or flaring, the rolled area 
of the flange shall be free of 
circumferential splits or cracks, but may 
have a maximum of three radial splits or 
cracks provided that the splits or cracks 
are separated by at least 90° and do not 
extend beyond the coiled or flared area 
of the terminal. 

— Paragraph 8.2-la and b 


e  Elliptical swages can be rotated under 
finger force. 
— Paragraph 8.2-4 


STEP 4. SOLDER THE SWAGED 
TERMINAL 


Position the soldering iron tip so as 
to touch both the swage and the 
printed wiring pad at the same time. 


SOLDER 


Apply solder to the junction where the iron 
and swage meet in order to make the solder 
bridge. 


Add solder as needed to complete the 
soldered connection. 


Remove the solder; remove the iron. V-FUNNEL TYPE SWAGE 
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TERMINAL SWAGING 


SHOPWIPE 
STEP 5. CLEAN THE CONNECTION 


Clean the flux from both sides of the soldered 
connection with an acid brush, using the 
approved solvent and a shopwipe. 


STEP 6. INSPECT THE SOLDERING 


Inspect the solder joint under 4 X to 10 X 
magnification to the specified requirements. 


e Free of flux residue and other contaminants. 

e The surface shall be smooth and nonporous. 

e It shall be undisturbed and have a finish that 
may vary from satin to bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e The solder shall flow through a plated- 
through hole and bond to the lead and the 
solder pad on both sides of the PWB. 

e A slight recessing or shrinkback of the 
solder onto the PTH below the solder pad is 
acceptable, providing the solder has wet the 
lead and on to the solder pad. 

e Slight dewetting of the solder around the 
periphery of the pad on the part side of the 
PWB is not cause for rejection. 

— Paragraph 13.6 


For detailed inspection criteria refer 
NASA-STD-8739.3, Paragraph 13.6 and 
Appendix A. 
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means that the voltage supplied to a circuit 
must equal the sum of the voltage drops in 
the circuit. In this book, KVL is often used 
without actual reference to the law. 

Also the voltage drop across a resistor IS 
proportional to the resistor's value. Therefore, 

if one resistor has a greater value than 
another in a series circuit, the voltage drop 
across the higher-value resistor is greater. 

Using Breadboards 

A convenient way to create a prototype of an 
electronic circuit to verify that it works is to 
build it on a breadboard . You can use 
breadboards to build the circuits used in the 
projects later in this book. As shown in the 
following figure, a breadboard is a sheet of 
plastic with several contact holes. You use 
these holes to connect electronic components 

in a circuit. After you verify that a circuit 
works with this method, you can then create 
a permanent circuit using soldered 
connections. 
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Procedure 10 


AXIAL LEAD (Straight Through/Clinch — Resistor, Diode, Polarized Capacitor) 


STEP 1. PREPARE THE LEAD 


e All part leads should be 
tinned and formed before mounting 
the part. 
— Paragraph 8.1-6c 


Prepare the part lead by 
wiping it with ashopwipe and 
solvent to remove the oxides. 


Attach a heat sink to those parts 
that require it. 


If necessary, apply flux to the surface to be 
tinned. 


Tin the lead either in the solder pot or by use of 
the soldering iron. 


Clean the tinned lead with an acid brush, using 
the approved solvent and a shopwipe. 
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LEAD CLEANING 


SHOPWIPE 


HEAT SENSITIVE PART 


POT TINNING IRON TINNING 


ff BRUSH 
L Y, 
bo LEAD 


CLEANING 
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AXIAL LEAD (Straight Through/Clinch — Resistor, Diode, Polarized Capacitor) 


la. Inspect the lead tinning, 


e Hot tinning of solid conductors and part 
leads should not extend closer than 0.5mm 
(0.020 inch) to part bodies, end seals, or 
insulation unless the part configuration and 
mounting configuration dictate it. 

— Paragraph 7.2-5a 


e Conductor tinning personnel shall ensure 
that the tinned surfaces exhibit 100% 
coverage. 


— Paragraph 7.2-6 


STEP 2. BEND THE LEAD 


2a. With a Lead Bending Tool 


53, 


To find the correct measurement, place — E ; N- 
the bending tool between the holes j oF 3 He 
into which the part is to be inserted. 2 5 ES 

= re 

a 7 E 

3 ? E 

a DA ose 

sh: 

—. 12 —_ 

= Bl 
Position the part into the A 15 E 
= 16 E 


proper slot for bending. 


While holding the part body | 
in the slot of the bender, use an ÓN % l 
orange stick to bend the lead. E 
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Procedure 10 


AXIAL LEAD (Straight Through/Clinch — Resistor, Diode, Polarized Capacitor) 


2b. With Orange Stick 


Hold the part in one hand. With 

an orange stick (sharpened to a point) 
held against the lead to be bent, place 
the thumb of the other hand on top 

of the wire. Now bend the lead to the 
proper angle as needed. 


e The minimum distance from the part 
body or seal to the start of the bend 
of a part lead shall be 2 lead diameters 
for round leads and 0.51 mm (0.020 in.) 
for ribbon leads. 

e The stress relief shall not be less than the 
lead diameter or ribbon thickness. 

o Where the lead is welded the minimum 
distance is measured from the weld. 

— Paragraph 8.1-6a 


STEP 3. INSERT THE PART 


Insert the leads into the holes of 
the PWB, and gently push the part 
until it bottoms against the PWB. 


e Part leads shall be formed so that 
they may be installed into the holes in 
the PWB without excessive deformation 
that can stress the part body or end seals. 
— Paragraph 8.1-6b 


LEAD BENDING WITH ORANGE STICK 


(BEND 
DOWN) 


~ 


L 
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AXIAL LEAD (Straight Through/Clinch — Resistor, Diode, Polarized Capacitor) 


STEP 4. TRIM THE LEAD 


Turn the PWB part side down. 


Place a measuring device on the PWB 
next to the lead in order to obtain the 
proper lead length. 


IOWA 


RESISTOR LEAD USED 
AS A MEASURING 
DEVICE 


\ 
-— 
- 
- 
- 
- 


PRINTED WIRING 
BOARD 


Cut the lead. Wk am 
SAET == 
e  Straight-through leads may be bent up to 30 
degrees from a vertical plane to retain parts 
during the soldering operation. 
e Part leads terminated straight through the ss a pore — ->/o-s0 
PWB shall extend a minimum of 0.51 mm s 


(0.020 in.) and a maximum of 2.29 mm 


(0.090 in.). 


— Paragraph 8.5-3 PRINTED 
WIRING BOARD 


Clean the lead with a soft brush, using the 


approved solvent and a shopwipe. 
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AXIAL LEAD (Straight Through/Clinch — Resistor, Diode, Polarized Capacitor) 


STEP 4a. CLINCH THE LEADS 


Partially bend the lead in the direction of the 
trace. 


Cut the lead. 


PART 
LEAD, 


CIRCUIT 
TRACE 


Using an orange stick, 
complete the bend. > 


ORANGE 
CIRCUIT TRACE STICK 


e The length of the clinched portion of the part 
lead shall be at least I/2 the largest 
dimension of the solder pad or 0.78 mm BEER 
(0.031 in.), whichever is greater. OF TRACE 


Y///|\\G- 


PRINTED WIRING 
BOARD 


e Fully clinched leads are defined as leads 
bent between 75 degrees and 90 degrees 
from a vertical line perpendicular to the 
PWB. 


— Paragraph 8.5-2 FULLY CLINCHED LEAD 
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AXIAL LEAD (Straight Through/Clinch — Resistor, Diode, Polarized Capacitor) 


STEP 5. SOLDER THE LEAD 


Position the soldering iron tip so as to 
touch both the lead and the printed 
wiring pad at the same time. 


Apply solder to the junction where the 
iron and lead meet in order to produce a 
thermal (solder) bridge. 


Touch the solder to the end of the 
cut lead to cover the exposed copper. 


SOLDER 


Add solder as needed to complete the 


soldered connection. CLINCHED | 
LEAD 


MIN 0.51 mm 

(0.020 IN.) = 
MAX 2.29 mm 

(0.090 in.) 


Remove the solder; remove the iron. 


SOLDER 


SOLDER PAD 


PART LEAD 


NONPLATED-THROUGH HOLE 


MIN 0.51 mm 
(0.020 IN.) 
SOLDER = MAX 2.29 mm 


E (0.090 in.) 
IAN VI N Eon 


> 
r 


PLATED-THROUGH HOLE PART LEAD 


PLATED-THROUGH HOLE 
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AXIAL LEAD (Straight Through/Clinch — Resistor, Diode, Polarized Capacitor) 


STEP 6. CLEAN THE CONNECTION 


SHOPWIPE 
Clean the flux from both sides of 


the soldered connection with an 
acid brush, using the approved , 
solvent and a shopwipe. 


e Ultrasonic cleaning shall not be Q $ BRUSH 
used for cleaning assemblies that 
contain electronic parts. N 

e After cleaning, there shall be no visible 
evidence of flux residue or other > 


contamination when examined. 
— Paragraph 10.4-2 


STEP 7. INSPECTION 


Inspect the solder connections under 4 X to 
10 X magnification to the specified 
requirements. 


e The minimum distance from the part 
body or seal to the start of the bend of 
a part lead shall be 2 lead diameters 
for round leads and 0.51 mm (0.020 
in.) for ribbon leads. The stress relief 
shall not be less than the lead diameter 
or ribbon thickness. 

— Paragraph 8.1 


e The length of the clinched portion of 
the part lead shall be at least I/2 the 
largest dimension of the solder pad or 
0.78 mm (0.031 in.), whichever is 
greater. 


— Paragraph 8.5-2 


e Part leads terminated straight through the 
PWB shall extend a minimum of 0.51 mm 
(0.020 in.) and a maximum of 2.29 mm 
(0.090 in. ). 

— Paragraph 8.5-3 
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AXIAL LEAD (Straight Through/Clinch — Resistor, Diode, Polarized Capacitor) 


e Free of flux residue and other contaminants. 

e The surface shall be smooth and nonporous. 

e It shall be undisturbed and have a finish that 
may vary from satin to bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e The lead contour shall be visible. 

e The solder shall flow through a plated- 
through hole and bond to the lead and the 
solder pad on both sides of the PWB. 

e A slight recessing or shrinkback of the 
solder onto the PTH below the solder pad is 
acceptable, providing the solder has wet the 
lead and on to the solder pad. 

e Slight dewetting of the solder around the 
periphery of the pad on the part side of the 
PWB is not cause for rejection. 

— Paragraph 13.6 


For detailed inspection criteria refer to 
NASA-STD-8739.3, Paragraph 13.6 and 
Appendix A. 
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VERTICAL MOUNT (TRANSISTOR, DISK CAPACITOR, DIP) 


STEP 1. PREPARE THE LEADS 
Clean the leads. POT TINNING 


If necessary, add flux to 
the leads to be tinned. 


IRON TINNING 


Tin the leads using a solder pot or 
solder iron. 


CLEANING 
Clean the flux from the leads. 


la. Inspect the lead tinning. 


e Hot tinning of solid conductors and part 
leads should not extend closer than 0.020 
inch (0.51 mm) to part bodies, end seals, or 
insulation unless the part configuration and 
mounting configuration dictate it. 

— Paragraph 7.2-5a 


e Conductor tinning personnel shall ensure 
that the tinned surfaces exhibit 100% 
coverage. 

— Paragraph 7.2-6 


T1 
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VERTICAL MOUNT (TRANSISTOR, DISK CAPACITOR, DIP) 


STEP 2. MOUNT THE PART 


2a. Insert the tinned leads through the 
proper holes in the PWB. 


e PLATED-THROUGH HOLE. 

The end of the part body must be mounted 
with at least 0.51 mm (0.020 in.) to a 
maximum of 1.27 mm (0.050 in.) clearance 
above the PWB surface. The end of the 
part is defined to include any extensions 
such as coating meniscus, solder seal, or 
weld bead. 

— Paragraph 8.4-2b(1) 


2b. DIP Insertion 


Insert the dual-in-line package (DIP) into an 
approved ESD insertion tool, if required. 


Align pin | on the DIP with pin 1 on the PWB. 


Now insert the DIP pins into the PWB. 


Remove the insertion tool. 
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0.51 mm TO 1.27 mm 
(0.020 in. to 0.050 in.) 


0.51 mm TO 1.27 mm 
(0.020 in. to 0.050 in.) 


NY 
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Breadboards contain metal strips arranged in 


a pattern under the contact holes, which are 
used to connect groups of contacts together. 
Each group of five contact holes in a vertical 
line (such as the group circled in the figure) 


is connected by these metal Strips. Any 
components plugged into one of these five 
contact holes are, therefore, electrically 
connected. 


Each row of contact holes marked by a “+” 
or are connected by these metal strips. 
The rows marked “+” are connected to the 
positive terminal of the battery or power 
supply and are referred to as the +V bus 
The rows marked “—" are connected to the 


negative terminal of the battery or power 
supply and are referred to as the ground 
bus . The 1V buses and ground buses 


running along the top and bottom of the 
breadboard make it easy to connect any 
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VERTICAL MOUNT (TRANSISTOR, DISK CAPACITOR, DIP) 


STEP 3. SOLDER THE LEADS 
3a. Clean the lead and PWB. 


3b. Place the PWB with part side down. 


IRON 


Touch the soldering iron tip to the 
circuit pad and the lead at the same time. 


Apply solder to form the thermal (solder) SOLDER 
bridge. 


Feed enough solder to fill the 
plated-through hole and have a fillet 
on both sides of the board. 


3c. After soldering the first lead of 
the DIP, inspect the lead on the part 
side of the PWB that the solder has 
flowed onto the lead and pad. 


Return to the bottom side of the PWB and 
solder a lead on the opposite side of the DIP to 
keep from overheating the part or the PWB. 


Continue this technique of soldering 
leads on the opposite side for each DIP. 


STEP 4. CLEAN THE SOLDERED CONNECTIONS 


STEP 5. INSPECTION 


Inspect the solder connections under 4 X to 
10 X magnification to the specified 
requirements. 


e The minimum distance from the part 
body or seal to the start of the bend 
of a part lead shall be 2 lead diameters 
for round leads and 0.51 mm (0.020 in.) 
for ribbon leads. 


— Paragraph 8.1-6a 
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VERTICAL MOUNT (TRANSISTOR, DISK CAPACITOR, DIP) 


e The length of the clinched portion of the part 
lead shall be at least 1/2 the largest 
dimension of the solder pad or 0.78 mm 
(0.31 in.), whichever is greater. 

— Paragraph 8.5-2 


e Part leads terminated straight through the 
PWB shall extend a minimum of 0.51 mm 
(0.020 in.) and a maximum of 2.29 mm 
(0.090 in.). 

— Paragraph 8.5-3 


e Free of flux residue and other contaminants. 

e The surface shall be smooth and nonporous. 

e It shall be undisturbed and have a finish that 
may vary from satin to bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e The lead contour shall be visible. 

e The solder shall flow through a plated- 
through hole and bond to lead and solder 
pad on both sides of PWB. 

e A slight recessing or shrinkback of the 
solder onto the PTH below the solder pad is 
acceptable, providing the solder has wet the 
lead and onto the solder pad. 

e Slight dewetting of the solder around the 
periphery of the pad on the part side of the 
PWB is not cause for rejection. 

— Paragraph 13.6 


For detailed inspection criteria refer to 
NASA-STD-8739.3, Paragraph 13.6 and 
Appendix A. 
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INTERFACIAL CONNECTION 


STEP 1. PREPARE THE WIRE 
SHOPWIPE 


Clean, flux, tin, and clean 
the solid wire. 


Repeat the tinning process 
as needed to assure a properly 
tinned wire. 


SOLID WIRE 


SOLDER POT SOLID WIRE 


SOLDER 


SOLDER PAD 


\ 


STEP 2. INSERT THE WIRE PWB 


2a. Insert the wire through the 
hole of the PWB. 


Bend the wire over on both sides 
of the PWB onto the pad. 


PTH 
Cut the ends of the wire to the 


proper distance. 


e The round lead shall overlap the 

solder pad a minimum of 3.5 times 

the lead diameter to a maximum of 

5.5 times the lead diameter, but in 

no case less than 1.27 mm (0.050 in. ). 

NON-PTH 

e The cut-off end of the lead shall S 

be no closer than 1/2 the lead 

diameter to the edge of the solder pad. 7] 
e A heel fillet is mandatory. 

— Paragraph 8.5-la 
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INTERFACIAL CONNECTION 


SHOPWIPE 


2b. Clean the lead and trace. 


2c. Use tweezers to hold the lead in place. 


Tack solder one lead into place. 
PTH 


TACK SOLDER 

STEP 3. SOLDER THE WIRE 
IRON 
3a. Turn the PWB over. SL 
SOLDE 
Clean the lead on trace. 
Clean the iron. PTH 
Solder the wire on this side. 
Tin and replace the iron. 
TACK SOLDER —— 7 


Clean the solder joint. 
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INTERFACIAL CONNECTION 


3b. Return to the first side of the PWB. 
Clean the iron. 

Solder the wire. 

Tin and replace the iron. 


Clean both sides of the PWB. 


STEP 4. INSPECT THE CONNECTION 


Inspect the solder joints under 4 X to 10 X 
magnification to the specified requirements: 


Solder quantity. 

Tinning of leads. 

Flux residue or other contaminants. 
Overlapped lead length. 

Proper wetting. 


For detailed inspection criteria refer to 
NASA-STD-8739.3, Paragraph 13.6 and 
Appendix A. 


IRON 


SOLDER 


PTH 
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Procedure 13 


LAPPED TERMINATIONS (Flat Pack, Resistor) 


STEP 1. PREPARE THE LEADS 
la. BEND THE LEADS 


Bend the leads by machine or 
bending fixture 1f possible. 


lb. TIN THE LEADS 


Attach a heat sink to those 
parts that require it. 


Clean the leads. 


If necessary, apply flux to the leads to be 
tinned. 


ACTUATING HANDLE 


INSERT FLAT PACK 


FLAT PACK 


LEAD FORMING AND 
TRIMMING TOOOL 


HEAT SENSITIVE PART 


TINNING HEATSINK TOOL 


BENT AND TRIMMED 
FLAT PACK 
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LAPPED TERMINATIONS (Flat Pack, Resistor) 


Tin the leads by solder pot. 


Axial leaded parts may be tinned 
with a soldering iron. 


TINNING HEATSINK 
TOOL 


SOLDER POT 


STEP 2. CLEAN THE LEADS 


Clean the leads with a soft brush, 
using the approved solvent and a shopwipe. 


SOFT BRUSH/ 
APPROVED SOLVENT 


SHOPWIPE 
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LAPPED TERMINATIONS (Flat Pack, Resistor) 


SOLDERING IRO 


STEP 3. MOUNT THE PART 


Position the part near the place to be 
mounted. 


Clean the soldering iron by wiping the tip 
with a dry shopwipe. Wipe the tip on a moist 
sponge to remove the oxides. 


Pick up the part with tweezers and position it 
on the pads where it is to be mounted. 

DO NOT put pressure on the top of a part that 
might bend the leads. 


While holding the part in the center of the 
mounting pad, touch the iron tip to one lead 
on each corner in order to reflow (tack) the 
solder. 


Release the part, tin the iron tip, and replace 
the iron in the holder. 


qe 


a FTV. DAS TO 95° 
 VMMMHVEHMMMq@qqMqMM bbb bbb 
BEND ANGLE 
FLAT LEAD ROUND LEAD 


0.010 MAX (0.26 mm) 0.010 MAX (0.26 mm) 


TH 


A B 
0.010 MAX (0.26 mm) 0.010 MAX (0.26 mm) 


C D 
0.010 MAX (0.26 mm) 0.010 MAX (0.26 mm) 
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LAPPED TERMINATIONS (Flat Pack, Resistor) 


e Stress relief shall be provided by forming 
the part leads at a bend angle to the PWB of 
not more than 95° nor less than 45°. 
— Paragraph 8.4-6 


e The round lead shall overlap the solder pad 
a minimum of 3.5 times the lead diameter to 
maximum of 5.5 times the lead diameter, but 
in no case shall the length be less than 1.27 
mm (0.050 in. ). 

— Paragraph 8.5-la 


STEP 4. SOLDER THE LEADS 
Choose a lead that has not been tack soldered. 


With a clean iron, position the tip to touch the 
lead and the trace at the same time. SOLDER 


Position the solder to touch the back of the heel 
and the trace at the same time. 


When the solder has bridged between the heel 
and the trace, remove the solder. Add solder as 
necessary to form a concave solder fillet 
between the trace and edges of the lead. 


Remove the solder; remove the iron. 
Wipe the iron on a sponge. 


Solder the rest of the leads, alternating sides. 
CAUTION: DO NOT SOLDER 
ADJACENT LEADS DUE TO HEAT 
BUILD-UP OF PWB AND PART. 


Tin the iron, and return it to the holder. 
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component in a circuit with a short piece of 
wire called a jumper wire . Jumper wires are 
typically made of 22-gauge solid wire with 
approximately 1/4 inch of insulation stripped 
off each end. 

The following figure shows a voltage divider 
circuit assembled on a breadboard. One end 
of R 1 is inserted into a group of contact 
holes that is also connected by a jumper wire 
to the 1V bus. The other end of Ri is 
inserted into the same group of contact holes 
that contains one end of R2. The other end 
of R 2 is inserted into a group of contact 
holes that is also connected by a jumper wire 
to the ground bus. In this example, a 1.5 KQ 
resistor was used for R1, and a 5.1 KQ 
resistor was used for R2. 


Student Workbook for NASA-STD-8739.3 Procedure 13 


LAPPED TERMINATIONS (Flat Pack, Resistor) 


STEP 5. CLEAN THE CONNECTION 


Clean the flux from the soldered connection 
with a soft brush, using the approved solvent 
and a shopwipe. 
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LAPPED TERMINATIONS (Flat Pack, Resistor) 


STEP 6. INSPECTION 


Inspect the solder connection under 
4 X to 10 X magnification to the 
specified requirements. 


e The minimum distance from the part 
body or seal to the start of the bend of 
a part lead shall be 2 lead diameters 
for round leads and 0.55mm (0.020 in.) 
for ribbon leads. 

e The stress relief shall not be less than 
the lead diameter or ribbon thickness. 

— Paragraph 8.1-6a 


e Free of flux residue and other 
contaminants. 

e The surface shall be clean, smooth, 
and nonporous. 

e It shall be undisturbed and have a 
bright finish that may vary from satin to 
bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e A heel fillet is mandatory for lap soldered 
Joints. 

e Slight dewetting of the solder around the 
periphery of the pad on the part side of the 
PWB is not cause for rejection. 

e Part marking shall be visible. 

— Paragraph 13.6 


For detailed inspection criteria refer to 
NASA-STD-8739.3, Paragraph 13.6 and 
Appendix A. 
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CONTINUOUS RUN WRAP — BIFURCATED 


STEP 1. PREPARE THE CONNECTION 


SHOPWIPE 


la. Clean and tin the 2 i 


solid wire. 
SOLID WIRE 
SOLDER POT SOLID WIRE 
| Ay 
SOLDER 
1b. Clean the wire and the terminal. 
STEP 2. POSITION THE WIRE SOLID WIRE 
la. Use an orange stick to 


tightly wrap the wire against the 
end terminal post. 


Cut the end wires to 90° or 180°. 
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CONTINUOUS RUN WRAP — BIFURCATED 


2b. Hold the solid wire with a finger and 
thumb between the two terminals. 


Allow the wire to loop between the terminals for 
a stress relief. 


Wrap the wire around the post of the terminal 
where it 1s to be soldered. 


Grasp the end of the wire with pliers and tighten 
the wrapped wire. 


Complete the wrapping of the terminals. 


2e: Wrap and cut this end terminal as in 
STEP 2a. 


on 
O 
Mo a 


ALTERNATE PROCEDURE 


Place the tinned bus wire between the terminals 
as shown. 


Clean the terminal and wire. 
Solder the terminals. 


Clean and inspect. 
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TOP VIEW 
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STEP 3. CLEAN AND SOLDER THE 


Follow the steps in PROCEDURE 6 to solder 
and clean the wraps. 


CONTINUOUS RUN WRAP — BIFURCATED 


Hookup wire, solid or stranded, shall be 
supported by a means other than the solder 
connections or conformal coating if wire 
length exceeds 25.4 mm (1 in.). Attachment 
to a surface by staking with resin is 
adequate support. 

— Paragraph 8.1-5 


CONNECTIONS 


STEP 4. INSPECT THE CONNECTIONS 


Inspect the solder joints under 4 X to 10 X 


magnification to the specified requirements. 


Side route conductors shall enter the 
mounting the slot perpendicular to the 
posts. 

A conductor may lay straight through a 
terminal slot provided the conductor 
surface remains in contact with the 
terminal surface. 

Conductors shall not extend beyond the 
diameter of the base except where 
physical clearance will not adversely 
affect environmental or electrical 
characteristics. 

Conductor bend shall be 1/4 (90°) to 1/2 
(1809) turn. 


— Paragraph 9.3 
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CONTINUOUS RUN WRAP — BIFURCATED 


e Free of flux residue and other contaminants. 

e The surface shall be smooth and nonporous. 

e It shall be disturbed and have a finish that 
may vary from satin to bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e The lead contour shall be visible. 

e Proper insulation clearance. 

— Paragraph 13.6 


For detailed inspection criteria refer to 


NASA-STD-8739-3, Paragraph 13.6 and 
Appendix A. 
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CONTINUOUS RUN WRAP — TURRET 


STEP 1. PREPARE THE CONNECTION 


la. Clean and tin the solid wire. SHOPWIPE 


j: 


SOLID WIRE 


. SOLDER POT SOLID WIRE 


SOLDER 


1b. Clean the wire and the terminal 


STEP 2. POSITION THE WIRE 


2a. Cut the wire 180° to 270°. Use an 
orange stick to tightly wrap the wire against 
the end terminal post. 


Y 


SS 


SOLID WIRE 
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2b. Hold the solid wire with a finger and 

thumb between the two terminals. 


Allow the wire to loop between the terminals for 
a stress relief. 


Wrap the wire around the terminal where it is to 
be soldered. 


Grasp the end of the wire with pliers and tighten 
the wrapped wire. 


Complete the wrapping of the terminals. 


SOLID WIRE 


2c. Wrap and cut this end terminal as in 
STEP 2a. 


e Hookup wire, solid or stranded, shall be 

supported by a means other than the solder 

connections or conformal coating if wire 

length exceeds 25.4 mm (1 in.). Attachment 

to a surface by staking with resin is 

adequate support. 

— Paragraph 8.1-5 
Y 


SS 


CAAO 


TOP VIEW 
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CONTINUOUS RUN WRAP — TURRET 


STEP 3. CLEAN AND SOLDER THE 
CONNECTIONS 


Follow the steps in PROCEDURE 5 to 
solder and clean the wraps. 


SOLDER 


SOLID WIRE 


IRON 


STEP 4. INSPECT THE CONNECTIONS 


Inspect the solder joints under 4 X to 10 X 
magnification to the specified 
requirements. 


e Conductor bend shall be 1/2 (180° to 
3/4 (270°) turn for conductors larger 
than AWG 26. 

e Conductor bend shall be wrapped more 
than 1/2 (180°) but less than I (360°) 
turn for conductors AWG 26 and 
smaller. 

e All conductors shall be confined to the 
guide slots. 

e Conductors shall be maintained in 
contact with the post for the full 
curvature of the wrap and the 
conductor ends shall not extend beyond the 
base of the terminal. 

e More than one conductor may be installed 
in a single slot of sufficient width, provided 
each conductor is wrapped on the terminal 
post and not on another conductor. 

— Paragraph 9.2 
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CONTINUOUS RUN WRAP — TURRET 


e Free of flux residue and other contaminants. 

e The surface shall be smooth and nonporous. 

e It shall be disturbed and have a finish that 
may vary from satin to bright. 

e The solder shall wet all elements of the 
connection. 

e The solder shall fillet between connection 
elements over the complete periphery of the 
connection. 

e The lead contour shall be visible. 

— Paragraph 13.6 


For detailed inspection criteria refer to 
and NASA-STD-8739.3, Paragraph 13.6 and 
Appendix A. 
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pack wires out 

A terminal block IS used to connect the 


battery pack to the breadboard because the 
wires supplied with battery packs (which are 
stranded wire) can't be inserted directly into 
breadboard contact holes. The red wire from 
a battery pack is attached to the side of the 
terminal block that is inserted into a group of 
contact holes, which is also connected by a 
jumper wire to the 1V bus. The black wire 
from a battery pack is attached to the side of 


the terminal block that is inserted into a 
group of contact holes, which IS also 
connected by a jumper wire to the ground 


bus. 
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Procedure 15 


HIGH-VOLTAGE SOLDER JOINTS 


STEP 1. PREPARE THE CONNECTION 


Completely tin the terminal, and then solder a 
part lead or wire to a turret terminal in 
accordance with PROCEDURE 3 or to a 
bifurcated terminal in accordance with 
PROCEDURE 6. 


Inspect the solder joint under 4 X to 10 X 
magnification to the specified requirements. 


NOTE: The terminal shall have no sharp peaks. 


STEP 2. PREPARE THE TUBING 


Cut a piece of Teflon tubing long enough to fit 
over the terminal and down to the PWB. 


Now slot the tubing to fit around the wire. 


Position the Teflon tube over the terminal and 
attach a clamp at the base to hold it into place 
for soldering. 
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BIFURCATED 


TERMINAL 


TEFLON 
SLEEVING 


TERMINAL SHOULDER 
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HIGH-VOLTAGE SOLDER JOINTS 


STEP 3. SOLDER THE TERMINATION 


Clean the iron. 


SOLDER Q J SOLDERING 
Wipe the tip on a sponge. IRON TIP 
Position the iron in the end of the tube to touch A 


the terminal. 
, TEFLON AW 
Add solder to completely cover the terminal. SLEEVING SN => 


Remove the solder. 


Wait until the solder thoroughly wets the 
terminal and visibly drops, then remove 
the iron. 


CAUTION: DO NOT OVERHEAT THE PWB. 


TERMINAL SHOULDER 


STEP 4. CLEAN THE CONNECTION 
Remove the clamp and the Teflon tubing. 


Clean the flux from the soldered connection 
with an acid brush, using the approved solvent 
and a shopwipe. 
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HIGH-VOLTAGE SOLDER JOINTS 


STEP 5. INSPECT THE CONNECTION 


Inspect the solder joint under 4 X to 10 X 
magnification to the specified requirements. 


e All elements of the termination shall be 
covered by a smooth fillet, free of 
discontinuity or severe change in contour. 
e There shall not be any projections from 
part leads or solder spikes. 
— Paragraph 11.1-8 


Cold solder connection. 

Overheated solder connection. 

Fractured or disturbed solder connection. 
Poor wetting. 

Blowholes, pinholes, voids, and pits. 
Insufficient solder. 

Splattering of flux or solder on adjacent areas. 
Rosin solder joint. 

Contamination. 

Dewetting. 

Nonwetting. 


Part body in solder joint. 
— Paragraph 13.6-2b 


NOTE 1: Smooth webbing fillet between leads is 
acceptable. 


NOTE 2: To rework the connection, wick the 
solder off and restart this procedure. 


GRADUAL SOLDER NOT ENOUGH TOP 
CONTOURS HEIGHT SOLDER TOO FLAT 


ACCEPTABLE UNACCEPTABLE 
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APPENDICES 


PRINTED WIRING DIAGRAM 
PARTS LIST 
SOLDERING PROCEDURE 


HINTS ON SOLDER INSPECTION TECHNIQUES 
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PARTS LIST 


Circuit 
Symbol or Nomenclature or Description 


14-pin DIP 


16-pin DIP 


14-pin flat pack 


Ceramic capacitors (CK06) 


Q 
Uy e 
O 
IS 


Electrolytic capacitor (B case with strain relief) 


R7, R 


R9, R10 Y W resistor, mtg. using double-sided circuitry 


Y2 W resistor, mtg. with turret terminal and strain relief 


Bifurcated terminals 
Turret terminals 
Stranded edge wire terminations 


Interfacial connections, single-sided and non-PTH PWB 


O Disk capacitors 


> 
> 


Interfacial connections, double-sided and PTH PWB 


B-1 


SOLDERING PROCEDURE 


p 


PREPARE CONNECTION 
POSITION CONNECTION 
CLEAN CONNECTION 

CUT AND CLEAN SOLDER 
CLEAN IRON 

POSITION IRON 

SOLDER THE CONNECTION 
TIN IRON 

CLEAN CONNECTION 

10. EXAMINE CONNECTION 


E a E E E 


C-1 


HINTS ON SOLDER INSPECTION 
TECHNIQUES 


INSPECTION 


MODE 


PRINTED LEAD/ 
WIRING PARTS e SOLDER SHININES HOLES 
WIRE 
BOARD 
es MEASLES ld PROPERLY MOUNTED $ EXCESS/INSUFFICIENT ha EXCESSIVE 3 GRAY 
LENGTH 
= LIFTED PAD si CENTERED x CENTERED * INSUFFICIENT 3 ROUGH x VOID 
E DELAMINATION * PROPER TYPE il CORRECT FORMING = STRESS LINES E FROSTY = PINHOLE 
* CLEANLINESS OF DAMAGE * OVERHEATED * GRAINY dá BLOWHOLE 
PWB/PWA 
+ DAMAGE DUE TO 7 IDENTIFICATION 7 EXPOSED BASE METAL = COLD JOINT 7 SATIN 
IMPROPER TOOL USE 
Be ORIENTATION * TINNING * SOLDER IN BEND * SHINY 
RADIUS 
* BIRDCAGING ¥ SPIKES 


7 BRIDGING 


‘i SOLDER 
SPLATTER/BALLS 


kj PROPER WETTING 


D-1 


To connect the output voltage, Vo, to a 
multimeter or a downstream circuit, two 
additional connections are needed. One end of 
a jumper wire is inserted in the same group 
of contact holes that contain both R 1 and R 
2 to supply Vo. One end of another jumper 


wire is inserted in a contact hole in the 
ground bus to provide an electrical contact to 
the negative side of the battery. When 
connecting test equipment to the breadboard, 

you should use a  20-gauge jumper wire 
because sometimes the  22-gauge wire IS 


pulled out of the board when attaching test 
probes. 


The Current Divider 


27 In the circuit shown in Figure 1.9 , the 
current splits or divides between the two 
resistors that are connected in parallel. 


Figure 1.9 
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UNITED STATES PATENT OFFICE. 


NATHAN B. STUBBLEFIELD, OF MURRAY, KENTUCKY. 


LIGHTING DEVICE. 


SPECIFICATION forming part of Letters Patent No. 329,864, dated November 3, 1885. 
Application filed February 25, 1885. Serial No. 157,045. (No model.) 


To all whom it may concern: l 
Be it known that I, NATHAN B. STUBBLE- 
FIELD, a citizen of the United States, residing 
at Murray, in the county of Callaway and 
State of Kentucky, have invented a new and 
useful Improvement in Coal-Oil-Lamp Light- 
ers, of which the following is a description. 
The object of this invention is to light lamps 
which have glass chimneys without the re- 
moval of the latter. 7 
To this end my invention consists in a ta- 
pering tube provided with a removable han- 
dle, a wick, a sheath fitting the tube, and a 
support for the sheath, constructed and com- 
bined as hereinafter described and claimed, 
reference being had to the accompanying draw- 
Ing, which is a front view, in perspective, of 
my invention, about three-quarters full size 
and partly broken away to expose theinterior. 
A represents a tin tube tapering from its 
handle B to its point, which is open. The 
handleis fitted toscrew air-tight into the tube. 
C represents a common cotton wick, which 
should be long enough to nearly fill the tube 
when rammed or crowded in. This wick is 
to project from the point like a lamp-wick, 
and about a tea-spoonful of oil is to be placed 
in the tube with the wick. The air-tight fit 
of the handle prevents oil from escaping by 
leakage. 
D represents a groove through which the 
wick may be picked. This being dirty work 


for scissors, &c., [have provided a pickin the 


form of aspur, E, projecting permanently from 
an arm or trough, F, which rises at one side 
of the tin sheath G. 

The torch A. BC is shown as inserted inthe 
Sheath, into which it fits closely, where it is 
kept when not in use, to prevent a disagreeable 
smell and for sake of neatness. This sheath 
is removably secured toa back, H, which may 
be tacked to the wall at any suitable place. 
That it may be removed for the purpose of 
being cleaned, it is held in bands J,which are 


45 permanently fixed to the back H. 


O a. 
rr o E per 


When the wick is trimmed by the pick E, 
the charred ends, falling into thetrough F, will 
slide down into the sheath, and there accumu- 
late until it becomes necessary to clean the 
sheath. By removing the sheath from the 
bands it may be inverted and jarred over the 
fire, when its contents will be disposed of. 

The torch may be lighted at a fire or with 
a match, and, being long enough to reach down 
into the chimney of a lamp, it will light the 
lamp without the necessity of removing the 
chimney. It may also be used for lighting 
gas and for other similar purposes. 

What I claim as my invention, and desire to 

secure by Letters Patent, is— 
1. The combination of the tapering tube A, 
the handle B, closely screwed therein, the back 
H, provided with bands J, and the sheath G, 
fitted to the said tapering tube and to thesaid 
bands, substantially as shown and described. 

2. A sheath for lamp-lighters, having an open 
end and provided with atrough extended lat- 
erally from and opening into the sheath, and 
a spur or pick mounted on said trough, sub- 
stantially as set forth. | 

3. A lighting device comprising a tube hav- 
ing an open end and a slot adjacent such end, 
and a sheath fitted to receive such tube, and 
provided with a lateral arm and a spur or pick 
mounted on said arm, substantially as set 
forth. 

4. The lighting device herein described, 
consisting of the hollow tube having an open 
end and a slot adjacent. such end, a sheath 
fitted to receivesaid tube, the latter being re- 
movable from the sheath, a trough extended 
from and opening into the sheath, and a spur 
or pick mounted on said trough, substantially 
as set forth. 


NATHAN B. STUBBLEFIELD. 


Attest: 
S. L. HOLLAND, 
L. ©. LINN. 
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The notion of drawing up electrical power from the ground sounds incredibly fanciful to conventional scientists, but numerous patents 
support the claim. A number of retrieved patents list compact batteries which can operate small appliances by drawing up ground 
electricity. Others describe methods whereby enough usable electrical power may be drawn out of the ground itself for industrial use. 


Earth batteries have been detailed in a previous article. Their history can be traced back to experiments performed by Luigi Galvani on 
copper plates in deep stone water wells. Currents derived through these gave Galvani and his assistants "shivering thrills and joyous 
shocks". 


The most notable earth battery patent is one which operated arc lamps by drawing "a constant electromotive force of commercial value" 
directly from the ground. In addition to this remarkable claim, a vocal radio broadcast system... through the ground. 


It all began one hundred and fifty years ago with the advent of telegraphy. The meandering wire went through rich dark ever-green 
forests. Lush com flowing valleys sparkled and languidly waved as the linesmen drew their trail. Across meadows where wild flowers 
covered the earth in fragrant bouquets, there went the line in 1ts curious path. 


Over rolling hills which soared into the hazy sunlight, the telegraph linesmen sang as they went. And the lines followed a mysteriously 
winding trail which few discern. Sorciers and Templars alike called these trails "woivres". Anglo-Saxon geomancers called it VRIL, the 
black radiant organismic energy of earth. 


Who is Nathan B. Stubblefield, and why do most citizens in the state of Kentucky justifiably revere his name? A native of Murray, 
Kentucky, Nathan B. Stubblefield had a love for the lonely wooded areas on the outskirts of town. Certain spots in these woods were 
mysterious and possessed of a strange magic all their own. Few would seek the magic of these places, and learn its true and deep power. 
There the song is sweet and deep, and still. 


Vitalizing and sense-provocative, Stubblefield knew that specific locations could be unique natural energy sources. Rock outcrops, 
evergreens, and flowing springs each registered as strong sensual attractants. Could it be that they were sensual attractants because they 
conducted and projected special energetic ground currents? Can it he that we are enthralled and drawn into certain spots because of their 
projective energy? Furthermore, what is the exact nature of this energy? Does it contain or exceed the qualities of electricity? 


A self-educated experimenter and avid reader of every kind of scientific literature, Nathan Stubblefield supplemented his living with 
farming. He remained a practical inventor of some of the most unusual electrical devices ever developed in America.. What he 
discovered and demonstrated before hundreds of qualified observers in his day seems to challenge many basic axioms of electrical 
dynamics. 


He developed an extraordinary receiver of ground electricity (which produced great quantities of electric power) and numerous 
"vibrating telephones" which were used by local residents in 1887. The telephonic devices were patented in 1888 and represent the first 
commercial wireless telephones, using the ground as the transmission medium. The years when telephonic lines were suddenly made 
available to the world betrayed the fact that the new medium was one which only the very rich could afford. Common people could 
simply not be serviced with local telephones until prices were made cheaper. 


While telegraphy employed thrifty iron wire, telephony demanded the expensive and better conducting copper lines. Telephones 
designed by A. G. Bell did not give powerful enough signals through iron wire at any distance because of the additional resistance 
represented. Other problems included the fact that the Bell telephone could not transmit or receive a strong and clear vocal signal 
without excessive battery power. The Bell System was not a truly "democratic" medium of communications. 


A mysterious and unrecorded sequence of discoveries preceded Stubblefield's early developments, but he was able to dispense with wire 
connections entirely. His was not a "one-wire" system. Nathan Stubblefield performed the "impossible": he developed, tested, 
demonstrated, and established a small, democratic telephone service which did not require wire lines at all! His system utilized the 
ground itself as the conductive medium. 


Mr. Stubblefield discovered that telephonic signals of exceptional clarity could be both transmitted and received through the ground 
medium. There was simply no precedent for this development. The first effect of this wonder was that common people could now have 
the much needed communications which both great distance and poverty prevented. Farms could be interlinked by the Stubblefield 
exchange by simply plugging both terminals into the ground. Wire would not take up the expense which the telephone exchange would 
later charge to the customers in addition to service. Signals were loud and clear. All those who experienced this kind of telephonic 
conversation declared that Stubblefield had discovered a true wonder. 


We have photographs of his telephone sets. These reveal small, ruggedly built wooden cases which are surmounted by conventional 
transmitter-receiver sets. Heavy insulated cables rim to the outer ground from this apparatus. Stubblefield developed an "annunciator" 
(horn loudspeaker) which amplified the voice of callers. These sets of his appeared in numerous demonstrations on the east coast, from 
New York to Delaware. The signals were so loud and clear that they defied commercial levels of excellence provided by the now 
growing monopolies of American Telephone and Western Telegraph. 


Thomas Edison broke the Bell telephone monopoly when he developed the carbon button microphone for Western Union. Sounds were 
louder when using the Edison carbon microphone. These carbon microphones needed excessive battery power, and batteries were not 
cheap. Some telephone companies began utilizing dynamo systems to power their lines. The fuel needs of dynamos drive customer costs 
much too far, prohibiting the ordinary people from having the system for their own moments of need. 


Stubblefield developed remarkably unexpected systems by which available resources became the commodity. In the early Stubblefield 
system, twin terminals into the ground formed the initial bridge among telephones. System users were effectively joined together 
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through the ground itself: wires were eliminated! The signals were exceptional, and did not fade or intensify with rain, a fact later to be 
considered in theoretical discussions. Those who experienced speech through the Stubblefield system each reported similar impressions. 


Ordinary soil conduction telephonics require a certain degree of ground water for their operation. Stubblefield's system did not operate 
on this principle for reasons which will become more obvious as we continue recounting his tale. 


Stubblefield developed a means by which calls could be individualized among customers. Later, his central telephone exchange included 
power-amplifying relays, set in the ground at specific distances. Calls were handled by an elaborate system of two-wire, ground 
connected automatic switches and relays. Signal purity was remarkable for the time, using a single carbon button for both transmission 
and reception. 


Furthermore, Stubblefield's telephones could be left on for days without weakening the power system at all. Now hundreds of ordinary 
people in widely separated places could afford the [12] installation of telephone service. 


The theoretical reasons why ground conduction telephony can occur had later been established by researchers in England, notably Sir 
William Preece. Preece successfully attempted only telegraphic signals across great distances of land and sea. Stubblefield was 
telephoning through greater distances with the legendary clarity and strength which became equal to his other mysterious developments. 


The true difference between the Stubblefield system and these early "conduction telegraphy" systems becomes obvious as soon as we 
delve further into his biography. How were ground plugged relays acting as amplifiers in the Stubblefield system? This feature forms the 
core of an intensive investigation which several have reproduced in various forms today. 


His discovery of an earth charging phenomenon permitted the development of an equally astounding invention, the Stubblefield earth 
battery. This device, an earthed electrode, drew up enough natural electric charge from the earth to operate motors, pumps, arc lamps, 
and his ground telephone system. The implementation of his earth energy technology would have changed the nature of American 
Society were it permitted free market expression in its day. 


MEANDERING WAYS 


As telephony gradually replaced the telegraph service, lines were also accommodated to telephony. Before becoming entirely reclusive, 
Mr. Stubblefield befriended a few employees of the telephone service. These friends obtained cast-off telephone equipment and parts for 
his experiments. 


He became very familiar with the behavior of telephone exchange equipment in the natural environment. The telephonic systems of 
existing service companies were grounded systems. Each end of both telegraphic and telephonic lines were sunk into the ground, while 
the single expensive copper line formed the communications link. Ground sites terminated specific lengths of these service lines in 
special, thick metal plates. Plates were well-buried in selected ground. These plates were composed either of zinc or copper, and 
required specific ground placement for their continued operation. 


Linesmen were taught to find "good ground" for these sites. Some later insensitivity among the growing numbers of hired crew 
members required the development of "ground location meters"; none of which were to give the special and anomalous characteristics 
observed in early linework. 


Certain telephonic patents reveal extremely articulated" termination plates for these service lines: folded, stacked, coiled, and 
interleaved. Acting as accumulators of earth energies, these often became extremely charged. It was found that signals would both self- 
clarify and self-amplify to unexpected degrees when these special terminations were employed. 


Telegraph linesman "felt" their way through woods, laying the paths for lines according to a peculiar intuition. Theirs was an intuitive 
path rather than a strictly mathematical one, carved through woods and vales in the artistic meandering way of the ancient 
"geomancers". Older linesmen recalled the days when line installations took their winding routes through woods, across meadows, and 
sinuously along ridges, lakes, and streams. Linesmen innately sensed the most favorable paths along which lines should pass. 


Geomancy is the ancient qualitative science by which "holy spots" are discerned, and sacred edifices are properly founded. Intuitive 
discernment, rather than mathematical objectivity, governs the geomancer's aesthetic. Geomantic aesthetics governed the building of 
ancient villages and towns, and it is no wonder that most architects of any real artistic worth exercise these same aesthetics. Art- 
governed architects are natural geomancers. 


Geomantic qualitative science precedes geologic quantitative science. A surveyor might simply draw a straight line across a section of 
land, and engineers would then employ powerful means to cut that straight path despite all natural barriers. Much of modern housing 
development is based on this "draw and cut" method. The sharp paths of engineers is effective and direct, but the old meandering rural 
roads dotted with their naturally placed homes are beautiful. 


The old linesmen trekked across woods in a careful manner, turning aside from natural barricades. Maps of these first telegraphic lines 
may be consulted. It will be seen that these lines meandered with natural features. Telegraphic lines twisted and turned through the 
countryside and wilds; a twisting vine of iron on tar-covered wooden poles. 


ELECTRICAL OCEAN 


Properly ground-conformed telegraph lines were known to produce unexpected signal strengths, as well as unexpected signals. Night 
station operators were often "haunted" by spurious messages. These contained fragmentary words and sentences, and could not be traced 
to other station operators. 
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It is curious that the older placed lines demonstrated a remarkable and constant feature throughout their years, requiring few, or no 
batteries for their operation. This absolutely astounding fact is well documented in the telegraph and telephone literature of the day. 


In these trade journals we find reports of lines in which current was everflowing! Company owners found this fascinating natural fact 
quite lucrative as well as surprising. The question was, where is the current coming from? The echo of the linesman resounded in the 
forest, the answer singing beneath his feet. Another equally remarkable fact involved the engineer's methodically driven lines across 
land and through mountains. These lines did not manifest electrical self-excitations. Clearly, the difference of methods had produced 
completely opposed energetic results; the one active and the other inert. 


As companies expanded across greater regions of ground, engineers replaced the oldtime lineman's sense of "proper placement" with 
surveyor's charts. It is not unusual for corporate expansions to bring about such a dramatic loss of quality — in exchange for a growth of 
quantity. 


MrStubblefield pondered the question of "taking current from the ground". He stated in very plain language that the earth was filled with 
"an electrical ocean". This electrical ocean was surging with huge "electrical waves" which could be felt in certain places. No doubt, he 
was one who felt the ground energy. 


Telegraph lines were once two-wire lines: each completing the circuit among station receivers, batteries, and keys. It was quickly [13] 
discovered that single lines, terminated in the ground with heavy metal plates, could achieve similar results. The immense savings in 
wire, poles, insulators, and maintenance was an attractive feature of this method for company owners. 


Telegraph linesmen required skill in finding proper ground terminals. Improperly placed ground plates could ruin a system by not 
conducting signals properly through time. Spurious conductivity in a line could ruin critical transmissions and receptions. Telegraphic 
lore is filled with discussions about both "good ground" and "bad ground". 


The linesmen were workers in a yet primarily agrarian society, having experience with soil and earth in general. Many of them were 
farmboys who watched the oldtimers "divining" for water. Linesmen frequently discussed such natural means for discerning the "good 
ground" for terminating a telegraph line. 


Thomas Edison adopted a method which could "valve" line signal by preventing unnecessary signal leakages into the ground. His 
method included the use of terminal rheostats in order to control the amount of current flowing to the ground during signal time. Several 
of these terminal rheostat patents have been found. One familiar model uses a thick cylinder of carbon with a slide spring contact. 


The most amazing thing to the telegraph linesmen was the variation of rheostatic settings which each ground required before strong 
signalling could occur. Some terminal rheostats needed to be closed completely. Others could be opened full until signals were of 
sufficient strength to operate the system. Each ground had its own "character". Each ground was possessed of activities which defied 
description except but by poetry, song, and twisting green vine. 


Telegraph line was not copper, neither was it insulated throughout its length. Telegraph line was bare iron wire, and was supported on 
porcelain insulators fixed to tarred wooden poles. Signal strength along such resistive wire would have theoretically been extremely 
poor, but was exceedingly strong at times. So great was the developed signal strength that operators could "remove battery cups" and 
work with almost no current at all. Where did this extra energy come from? From what mysterious depths did this strange power 
emerge? Examination of telegraph systems reveals them to be radionic tuners on a vast scale. I suggest that VRIL articulate energy, the 
dendritic living energy found in the ground, was at work in all these systems. 


EARTH RESERVOIR 


Nathan Stubblefield's experiments involved the development of earth batteries: buried metallic arrangements which produced electrical 
power. We find a good number of the earth battery designs in the Patent Registry. The earliest designs appeared in 1841 when Alexander 
Bain discovered the phenomenon. While working a telegraphic line, he chanced to discover that his leads had become immersed in 
water. This short-circuit through earthed water did not stop the actions which resounded through his system. 


Mr. Bain took the next step to a greater distance, burying copper plates and zinc plates with a mile of ground between them. These, 
when connected to a telegraphic line performed remarkably well without any other battery assistance. Bain obtained a patent for his 
earth battery in 1841, using it to drive telegraph systems and clocks. 


Stephen Vail (1837) observed the same effect, not knowing what caused it. The establishment of the first functional telegraph line 
seemed to require ever few batteries with time. Vail began with some 12 battery cups, reducing them gradually until 2 were needed. 
There came a point where he found it possible to remove even these, while operating the system. 


This mystery persisted for years. I have heard such an account by a close friend and electrical engineer who reported that local telegraph 
stations remained in operation despite the fact that their batteries had not been recharged for a great number of years (W. Lehr). 


J. W. Wilkins in England (1845) corroborated findings made by Bain, developing a similar earth battery for use in telegraphic service. 
An early English Patent appears in 1864 by John Haworth, the first true composite earth battery. This battery is drum shaped, having 
numerous solid discs mounted on an insulative axis, end braced, and buried. Their power was rated in terms of disc diameter and 
telegraph line distance: 1 foot diameter discs for 75 miles of line, 2 foot discs for up to 440 miles of line. 


Patent Archives have revealed a great number of these devices including several remarkable operative descriptions. Earth batteries by 
Garratt (1868), Edard (1877), Mellon (1889), and Hicks (1890) yield therapeutic powers. Earth batteries by Bryan (1875), Cerpaux 
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(1876), Bear (1877), Dieckmann (1885), Drawbaugh (1879), Snow (1874), Spaulding (1885), and Stubblefield (1898) produce usable 
power. In addition to these marvelous patents, there are those which found their way into telephonic service later: designs by Strong 
(1880), Brown (1881), Tomkins (1881), Lockwood (1881) provided power assistance and primary power for telephonic systems through 
out the countryside. 


The well reputed fame of "earth batteries" centers around their very anomalous electrical behavior. The central mystery about earth 
batteries is that they do not corrode to the degree in which their electrical production rate theoretically demands. Exhumed earth 
batteries reveal little surface corrosion. 


Nathan Stubblefield knew that probes (placed into various soils) reveal an amazing degree of strong electrical activity. These currents 
show an amazing degree of variation across any chosen plot of ground. Wet soils often reverse the expected electrical strength: 
weakening, instead of strengthening their appearance. Proper placements of metallic probes can produce strong currents for use. 


Touching a well-grounded iron rod is a good first experiment to try in these regards. Try and find a place where power leakage into the 
ground is minimal, such as a park or wooded area. Take a yard-long solid iron rod whose surface is free of shellac or insulator coatings. 
Carefully drive the rod into the ground with a hammer. Wetted hands on the iron should produce a mild electrical sensation. These 
voltages may be measured. They "pin" sensitive galvanometers. The current does not cease after several weeks of activity when 
properly placed. 


Stubblefield's observations of natural electrical manifestations led him to consider the taking of "free" electrical energy from the earth. 
His initial revelation contended that such vast amounts of energy could be used to drive the engineworks of industry. Stubblefield sensed 
that the ground currents were arriving as [15] electrical waves. 


In Stubblefield's view the electrical waves permeate the earth. Electrical waves were treated as ocean waves, constantly surging and 
cresting in specific locales. As ocean waves crash against fixed shores and rocks, so electrical waves also surge and crash against 
underground geological features. Stubblefield reasoned that this electroactivity should be extreme in certain locales: the "rocky shores" 
of the electrical ocean. Just as there are rocky shores, calm beaches, and surging ocean depths, Stubblefield clearly envisioned the 
mysterious dark waves of the vast and unsuspected electrical ocean. 


Knowing these truths, Stubblefield arranged ground rods in specific locales in order to intercept the electrical waves for power. He knew 
that these electrical waves would only appear in very specific places, so he did not expect to find them everywhere in abundance. 
Stubblefield constantly spoke of "working the ground" before power could be taken from it. 


Stubblefield observed the natural tides and boundaries of the electrical ocean in and around his lovely rural hometown. Concerning this 
earth energy, Tesla and other investigators later developed equivalent models. Tesla charted and used the earth waves in their surging 
impulses. Moray also intercepted these natural impulses in the "radiant energy" generator. 


Some researchers believed that the vast electrical ground reservoir finds its source in the enormous solar efflux. Certainly daytime 
grounds yield a remarkable amount of static. Ground terminal shortwave reception 1s excessively "choked" during the daylight hours on 
certain bands. Despite the supposed insulative qualities of the atmosphere the solar efflux finds its way through space, eventually 
permeating the ground. Some researchers have referred to the ground-permeating solar energy as the "slow solar discharge". 


The "slow discharge" represents the enormous drift of aether through the entire body of ground. The earth evidences a constantly self 
regenerating charge. Tesla opposed the notion that this potent field was the result of decaying radioactive materials deep in the crust. 


Numerous other researchers would refer to this "electrical ocean" as the vast reservoir of untapped natural energy. Somehow this 
reservoir is regenerated in a constant swelling. Where did the energy come from? Earth static was presumed by Tesla to be a solar 
activity which manifested in and across the ground. The ever growing static of earth was problematic for physicists who could not see 
the source for such energetic growth potentials. Tesla believed that ultrafine corpuscles from the sun permeated the entire earth, 
manifesting as static charge, and further conjectured that these rays came primarily from the sun, since it was ejecting matter "at 
excessively high voltages". If this were so, reasoned Tesla, then sunlight contained something of this electroactive component, and it 
was certainly possible to derive electrical energy from sunlight. 


Nikola Tesla announced these facts in 1894, finding only the silencing ridicule of academicians already hating his very name. When 
Tesla declared that "rays from space" were "bombarding the earth" he was absolutely rejected by the academic club who rejected these 
claims as "superstitious". Upbraiding his findings, they later claimed for themselves the very same discovery (Millikan, 1932). 


Tesla stated that the electrical energy released by the sun is a far greater, more permeating supply than sunlight itself. He certainly 
believed it should be considered as a first rate natural electrical source of enormous potential for commercial applications. His assertion 
was based on experimentally verified facts when, measuring steadily growing charge states in vacuum tubes, it occurred to him that 
earth charge was sourced in solar activity. 


Tesla also demonstrated the extraction of free electrical power from solar energy. A well grounded mica capacitor is surmounted by a 
highly polished zinc plate. This plate may be poised in a highly evacuated glass container to best advantage, the zinc not exposed to 
corrosive influences. The tube is elevated and exposed to sunlight. The mica capacitor is connected in series with the vacuum tube. 
After only several minutes of exposure time, the stored electrical energy is formidable: producing a powerful white arc discharge. 


Tesla patented this device. Since earth absorbs the permeating solar efflux, then these energies can be extracted for aeons. 


Others have viewed the generation of ground static as a natural "radiant process" from the ground itself. Static charge appears as the 
inert by-product of the mysterious VRIL, the self magnifying organismic ground energy. VRIL, according to medieval mystical 
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philosophers, is the ground of being from which all material manifestations emerge. VRIL comnectively fuses metaphysical realities 
(dream, vision, ideation, impulse) with physical realities. (mineralogy, botany, zoology). By the radionic method by which telegraph 
lines may be locally "tuned" we may well surmise that this ground based regenerative supply is the true source of static. 


Samuel Morse originally planned the burial of telegraphic lines between cities. Having done so across several tens of miles at great 
expense and through great labor, Morse found his system utterly incapable of operation. Static had so flooded his receivers that no 
signalling was possible at all. This first bad experience with the static of ground presented such a discouragement, that he almost 
stopped the entire plan. The uneconomical task of elevating all his cables later became the normal procedure. 


Early telegraphers observed a steady growth of static throughout night seasons. This growth continued despite the absence of winds or 
storm conditions anywhere along the line. Researchers have often referred to this kind of power as "free energy", meaning that the 
power source is extraterrestrial and natural in supply. Such an energy source would remain cost-free. The privatization of utility 


companies could conceivably be municipal and democratic; municipal groups could share the cost of installing the ground energy 
stations. 
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U.S. Patent No. 600,457 - N. B. Stubblefield, Electrical Battery - Patented Mar. 8, 1898. 


Mr. Stubblefield developed a peculiar bi-metallic induction coil which could (when buried) draw up sufficient electrical power to 
operate lamps and other appliances which he designed and tested. The patent specification describes a terminal which draws electricity 
out of the ground. This device required very specific placement — it would not work with equal effectiveness in all locations. A very 


precise placement of the device required an equally precise knowledge, and Stubblefield shared this knowledge with only a few of his 
associates. 


I spoke with an academician who had the extreme privilege of speaking with Mr. Stubblefield's son, Bernard Stubblefield. Bernard, by 
this time himself quite aged, told that his father's method in locating the "right spot" was deliberate. His father referred to the device as 
indeed a receptive terminal and not a battery. 
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Despite the insistence of Patent Officers in calling the device a "battery", Stubblefield declared it to be an energy receiver, a receptive 
cell for intercepting electrical ground waves. Its conductive ability somehow absorbs and directs enormous volumes of electrical energy. 
With this energy Nathan Stubblefield operated a score of arc lamps at full brightness for twenty four hours a day. 


It becomes apparent that Mr. Stubblefield had witnessed (or experienced) some natural occurrence of discharging electrical energy in a 
telephonic system, and had determined the mode of its manifestation with simple means. His ground energy receiver (Pat. 600,457) 
remains a true electrician's mystery. There was a definite trigger by which this energy was stimulated and maintained. The induction coil 
which bears his name is equipped with three coils which are wrapped around upon a heavy iron core. Bare iron wire and cotton covered 
copper wire are wrapped side by side, comprising a primary coil body. Each layer of this primary coil body is covered by a band of 
cotton insulation, bringing four wire leads to the coil terminus. Two leads of iron and two of copper are external to the coil. 
Commercial-electrical power is obtained through these connective terminals. 


In addition to this bimetallic winding, there is a third winding: the "secondary". This third coil is insulated from the primary bimetallic 
coil, serving as a trigger device. Presumably, a stimulating impulse shock was introduced into the tertiary coil, after which the upwelling 
electrical ground response brought forth powerful currents in both iron and copper coils. 


Electrolytically (as a battery in acid or saltwater) the Stubblefield coil is disappointing, producing less than one volt according to those 
who have duplicated its construction. Stubblefield's bimetallic coil was a "plug": a receiver which intercepts the vast and free electrical 
reservoir of the ground itself. His patent and subsequent company brochures define the manner in which his earth battery was to be 
activated. 


Technically, the Stubblefield device is a modified thermocouple (a bimetal in tight surface contact) but could not supply the degree of 
power which he reported. While this arrangement could develop a few milliwatts of power in appropriately hot ground spots, the 
thermoelectric explanation of the device cannot explain the phenomenal output reported in news reports of Stubblefield's 
demonstrations. 


Furthermore, though the Stubblefield power receiver is wound like an induction coil, it produces a steady direct current output. This 
poses additional problems for the conventional engineers. Electrical induction only occurs with electrical alternations, oscillations, and 
impulses. Witnesses described ground-powered motors which ran unceasingly and unattended for months without need for replacing or 
replenishing the ground battery. Small machinery, clocks, and loud gongs were run by other ground-buried cells as reported by credible 
witnesses. 


Mr. Stubblefield reported that the burial of his "earth energy cell" required time to build up charge. Once the cell was saturated, 
however, the cell became a conduit of earth charge and flowed over in "commercial electrical volumes". He did not claim complete 
knowledge of the phenomenon. He simply stated that (once the coil became saturated with the earth charge) it suddenly manifested an 
electromotive force "far greater than any known wet cell reaching into weeks and months of continuous work night and day" and poured 
this charge out for use. 


Stubblefield used the cell as a "plug", drawing out the electrical charge of the ground. The cell coilings acted as a lumped conductor. 
Charge saturated this conductor and flowed up into it, powering any electrically connected appliance. After repeated exhumations, the 
copper element of these cells "is not acted on in a perceptible degree . . . even after repeated renewals". 


Mr. Stubblefield described means by which such cells could be connected in series at short distances from one another. "With these, 
acting as electrodes .. . you draw from the electrical energy of the earth a constant E.M.F. of commercial value". The phrase "acting as 
electrodes" is the heart of the Stubblefield energy cell. It is not a battery. It absorbs and flows over with the stupendous energy of the 
earth's charge. Stubblefield may have discovered the auto-magnifying voltage effect of electrostatic induction in coils before Tesla, who 
later utilized the effect in his special electrostatic transformers. 


Stubblefield's buried bifilar coils may have become saturated with earth electrostatic energy, travelling up the coil. In such a case, the 
mere battery power of the coil was replaced by the electrostatic flow, the coil acting as an electrode. This seemed obvious when 
considering the fact that its ordinary battery current (1 watt) was gradually replaced by a continually growing electrical current of far 
greater proportion. 


TREE ROOTS 


Experimenters have observed the "slow accumulation and creep" of current up through vertically buried coils and large solid rods. This 
current has growth characteristics which gains strength with lengthened burial time. Buried coils and rods do not give their full output 
until they have "developed" power over a few hours of time. 


This behavior resembles nothing like a true electrical current. The best model to explain the phenomenon is vegetative growth — a 
biological expression. Only a full scale test of the reconstructed Stubblefield device in proper grounds will give conclusive and 
satisfying answers. 


Witnesses convey that Mr. Stubblefield's batteries were usually buried at the roots of certain very old oak trees. From these sites it was 
possible for him to bring small arc lamps to their full candlepower. Tremendous amounts of energy are required for this expenditure of 
power. Not only was he remarkably able to draw such volumes of current from the ground reservoir for lamp lighting, but the power was 
available to him throughout the day. Arc lamps were hung in the trees themselves with their receiver coils buried in the roots. Such was 
the nature of this current that the lamps did not heat excessively, and seemed to burn forever. 


Nathan was not replacing his lamps with the frequency demanded by such continuous operation. Obtained through his employment with 
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the telephone company, he was able to recharge old wetcell [17] batteries with energy from these buried receivers for other experiment. 
Certain conventional thinkers claimed that the Stubblefield simply used wetcell power for his telephones. Later demonstrations indicate 
the fundamental error of this conventional view. Stubblefield ran most of his apparatus nonstop for days — without turning off the 
power. 


It is more than likely that charged wetcells were used to "jump start" the ground electrode during certain seasons, since the patent 
reveals that an outer third coil could be added to the copper-iron bimetal. We do not know the secrets of the earth charge as Nathan 
determined. Others since this time have observed fluctuations at certain times of the year in ground energy. It may be that a sudden 
induction is required before the excess ground charge surges to the surface — like priming a pump. 


The arc lamps could have been low pressure gas arc-lamps of the kind demonstrated by Daniel MacFarland-Moore; but these required 
high voltages. Nathan did not utilize such excessive voltages. Another paradox deals with the notion that Stubblefield simply connected 
hundreds of his small-wattage batteries together, producing a large and commercial output. Nowhere is this evidenced. Nathan showed 
that one or two such batteries were sufficient to draw off "the charge of the earth" ... a very different kind of energy. 


When properly placed, the weak power of the Stubblefield "battery" becomes an electrode for the powerful earth charge. But arc 
lighting and battery charging was not his only specialty; there were other marvels which he began developing in methodic succession. 
His bimetallic coil receiver intercepted electrical waves and produced enormous power outputs which could be modulated: 
superimposed with additional signals, sounds, and voices. 


GROUND RADIO 


Salva (1795) suggested several electrical schemes for long-distance, and even an aquatic telegraphy. He suggested that physiophonic 
telegraphy be the communications mode; where human recipients would receive the mild shocks of a distant signal station, and so 
convey messages. 


Salva also believed that earthquakes had subterranean electric origins. Working on the hypothesis that subterranean electricity caused 
violent communications under vast earth strata, Salva suggested that ground and water be used to replace wires for electrical signalling. 


Sommerring (1811) first attempted telegraphic transmissions through water-filled wooden tubs. The signals were effectively passed as if 
through wire conductors, the thought of wireless ground resulting. 


James Lindsay (1830) first developed the notion of utilizing artificially generated electricity for special modes of lighting, motor-power, 
and communication. Mr. Lindsay suggested that submarine cables might be laid between land masses while using "earth batteries and 
bare wires" as the means for power transfer. 


Steinheil (1838) demonstrated the remarkable passage of signals along one-wire to the ground. When trying to use earth as the "second 
line" he measured large currents. This complete success proved the great conductivity of ground; and so the "earth circuit" was born, 
liberating telegraph systems from the expense of using the two-wire system. 


Morse (1842) sent telegraph signals across a river. Antonio Meucci (1852) had already demonstrated the transmission of vocal signals 
through seawater, but traversing the ground represents a different thing altogether. Mr. Stubblefield reasoned that, since electrical waves 
traverse the whole earth, it might be possible to send signals to distant places. These ground-permeating natural electrical waves might 
serve as carriers for the human voice. The ground would act as both power generator and signal conductor. Like a gale carrying 
messages downwind, these electrical waves could bring wireless communications instantly to any part of the world. 


To this end, Mr. Stubblefield experimented with the buried power receiver and a system of telephone sets. He found it possible to send 
vocal signals through the ground to a distant receiver, referring to this system as a "ground telephone". Telephoning through the ground 
became routine for this remarkable man. Signals sent through the Stubblefield method were notable for their reported "great clarity". 
What is strange about this system is its elegant simplicity: Stubblefield's transmitting system evidences an almost crude minimalism 
which offends some researchers, while surprising others. 


Numerous private and public demonstrations of this first system were made in Murray, Kentucky (1886-1892), where the mysterious 
"black boxes" were seen. Two metal rods were stuck into the ground a few feet apart from each distantly placed set. Speech between the 
two sets was clear, loud, and startling despite distances of 3500 to 6000 feet. These transmissions were made through the ground itself 
and used the Stubblefield cell for power. 


As mentioned, in several photographs we see special loudspeaking telephones outfitted with long (1 foot) horns, designed to act as 
annunciators. Calls from these annunciators brought his son Bernard to the telephone transmitter. The system was never switched off. 
Power was limitless and did not diminish with time of day or length of use. 


While Marconi and others were barely managing the transmission of telegraph signals for equivalent distances, Nathan Stubblefield was 
transmitting vocal dialogue. The clarity of these signals and their sheer volume was the most widely recognized feature of the 
Stubblefield system. He was developing the system to operate through far greater distances, using automatic relays to boost signals for 
very great distances. 


He published an extraordinary brochure in 1898 to attract investors who had expressed interest in consolidating a small corporation. In 
this brochure, Stubblefield insisted that power for his device was not generated in the cell. He calmly stated that the cell received energy 
from the earth. In a less discussed portion of this brochure, Stubblefield stated that electrotherapeutic potentials were derived from the 
earth battery. Other researchers made similar claims for their earth batteries (Hicks, Mellon). 
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| T splits into the individual currents 1| 1 and 
| 2, and then these recombine to form IT. 
Questions 
Which of the following — relationships are valid 
for this circuit? 
A VS = R11I11 
B VS = R212 
C. R111 = R212 
D. 11/12 = R2 /R1 
Answers 
All of them are valid. 

28 When solving current divider problems, 
follow these steps: 
1. Set up the ratio of the resistors and 
currents: 
11/12 = R2/R 1 
2. Rearrange the ratio to give | 2 in terms of 
I1: 


l 
L=LxX- 
R; 
3. From the fact that IT = I1 + 12, 
express |T in terms of |1 only. 


4. Now, find I1. 

5. Now, find the remaining current (I2). 
Question 

The values of two resistors in parallel and the 
total current flowing through the circuit are 
shown in Figure 1.10 . What is the current 
through each individual resistor? 

Figure 1.10 
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In 1902, Stubblefield set up one of his sets in a "Mainstreet" upper office — in a hardware shop. From that point to his farm (some 6000 
feet distant) he conducted continuous conversations with his son Bernard. Tapping with a pencil on his one-piece transceiver, Bernard 
was quickly heard in aloud, very clear voice. This transceiver was a carbon button placed in a tin snuff box. Speech and response were 
transacted through the self-same device, [18] which acted as both microphone and loudspeaker. Cells were placed downstairs from the 
office in the ground. They were never removed and never wore out, though operating twenty four hours around the clock. 


Nathan Stubblefield offered to construct a large scale power station for the town of Murray. His quoted initial installation cost were 
estimated at five thousand dollars. The town politicians declined the offer. Now, the technique of drawing up electricity from the earth 
remains a mystery. 


Nathan Stubblefield demonstration with wireless telephone, 1908. 
STATIONS 


The Stubblefield ground radio system was demonstrated for approximately one thousand Murray residents (January 1902). Photographs 
of Stubblefield and his family, and a good crowd of witnesses from town show the cell lying on the ground among all his assembled 
inventions; a flower-pot sized coil of good volume. Other devices show motors and large capacitor stacks for aerial voice transmission 
experiments. 


After the successful completion of these preliminary tests, Stubblefield travelled to Washington, D.C. for a public demonstration which 
was to be one of his crowning public achievements (March 1902). Stubblefield sent wireless messages from a steamship to stations on 
the shores of Georgetown. This successful test employed trail-wires in the river water. While successful, witnesses acknowledged that 
Stubblefield's ground telephony sounded louder and came through with greater clarity. Photographs of this event are all available. 


He declared that news, weather, and other announcements could be broadcast through the ground across a great territory for private 
reception. Simultaneous messages and news of all kinds would soon be transmitted through the ground from a central distribution 
station. 


He also stated that (while such broadcasts required wide transmissions) he was developing a means by which privacy of ground 
telephonic messages could be maintained among callers. This method of individuation would take place through the ground, insuring 
that no one could eavesdrop on anyone's conversations. 


The Washington D.C. demonstrations were followed by a trip further north. Mr. Stubblefield took his apparatus to New York City for 
additional tests, preparing for a public demonstration in Manhattan's Central Park. The demonstration was to take place in less than 
twenty four hours after his arrival. 


Stubblefield found (to his shock) that the ground was not permeable to earth charge in all places, and not conducive to easy ground 
telephony. He requested more time to discover the powerpoints before setting up the stations properly. Time to "work the stony earth" of 
the Park left a few investors foolishly wary of the system's worth. This demonstration was withdrawn. 


His next public expositions were given in Philadelphia's Fairmont Park with greater success (May 1902). He now recognized, more than 
ever before, the role of geologic formations in determining and establishing stations. 


Stubblefield published a prospectus for his WTCA (Wireless Telephone Company of America), stating that "I can telephone without 
wires a mile or more now, and when the more powerful apparatus I am working on is finished and combined with further developments, 
the distance will be unlimited". He sold only one telephonic system to another corporation: the Gordon Telephone Company of 
Charleston. This system was used to communicate with offshore islands. It would be interesting to retrieve this system and examine its 
contents. 


He entered these commercial aspects with some trepidation. By June of the same year he withdrew from the project completely. A few 
persons managed to discover the reason for his quiet, sudden retreat. Because of his difficulty in instantly stationing his system in New 
York City, it was suggested that he adopt the method of burying lines to "fake" the operation — if just for the purpose of making a good 
show. Nathan declined. 


After witnessing these demonstrations, another inventor (A. F. Collins) duplicated some of Nathan's inventions and filed a counter- 
patent for a ground telephonic system (patent 814,942 for "Wireless Telephony", 1906). One of the signing witnesses on the Collins 
patent was one Walton Harrison. 


Harrison, a WICA member later infringed on another Stubblefield experiment with his "Transmitter for Wireless Communication", a 
telegraphic-telephonic system (patent 1,119,952, 1914). It became apparent that certain WTCA members were trying to oust 
Stubblefield himself! 


The WTCA now took on a life of its own. Stubblefield was thoroughly disgusted at the display of human greed and ambition, and left 
them to their own devising. Collins and others were later accused of petty crimes having to do with mail fraud, and the WTCA failed in 
time. Internal disputes over money, rather than technological progress and implementation, was their own death knell. 


Marconi arrived with an inferior (though highly publicized) system. When Marconi began his work, the effective signal transmission 
distance was equal to that achieved by Stubblefield. Stubblefield was experimenting with ground radio since 1888, but did not patent his 
developments until much later. Credible witnesses saw his ground radio experiments in action during this time frame, establishing the 
historical priority of Stubblefield — a true and original American genius. 
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While Marconi could barely send telegraphic "dot and dash" signals with great difficulty (and static), Nathan had already transmitted the 
human voice with loud, velvet clarity. Others would adopt and implement the Collins system (Fessenden, DeForest, Bethenod, Braun). 


Nikola Tesla performed double ground experiments with impulses as early as 1892, reporting these in lectures and patenting some 
embodiments in 1901. No one of these later systems ever achieved the same results of clarity, tone, and volume of Stubblefield ground 
telephony. Priority in this art belongs to Nathan Stubblefield. In addition, his was the only system in which natural energies were 
obtained, magnified, and entirely employed as the empowering source. All the other inventors used "artificial" sources (batteries, 
alternators, dynamos). 


Following all these ground radio demonstrations, Stubblefield researched "magnetic waves" and developed several systems which did 
not use ground terminals for exchanging signals. Long distance wireless telephone communications were his aim. Many imagined this 
to be radio as we know it, but several features of the Stubblefield aerial system are distinctive and different. First, his transmitters and 
receivers were telephonic, [19] not telegraphic. In his preliminary experiments, the earth battery was used to energize an apparatus to 
which was connected a long horizontal aerial line. Marconi later adopted this "bent L" symmetry in conjunction with a grounded copper 
conduction screen. We do not have photographs of these arrays, but have handwritten manuscript copies of certain diary notes in which 
a progressively greater telephonic distance is reported. Nathan made steady progress in this form of telephonic transmission, but used 
neither alternators or spark discharge. 


A second series of experiments reveal the development of stacked capacitors. Photographs reveal two large capacitor stacks, presumably 
for inductive transmission purposes. Some researchers induced ground oscillations of electrical current, while absorbing each "flyback" 
into large capacitors. This system evidenced the "hydraulic" model of electricity, popular during the latter Victorian Epoch. 


Tesla would later show the essential differences between current species developed in various electrical machines. Each of these, when 
separated, evidenced entirely unsuspected new phenomena. It is most probable that Stubblefield was one of the first individuals to 
discover some of these strange effects, even before Tesla himself. 


Direct current impulses have very different characteristics than alternating high frequency currents, used by Marconi. Vocal modulations 
of strong direct currents release polarized impulses. Impulses do not produce the inductive waves used in conventional radio 
transmission: they produce inductive rays which travel in straight lines. These inductive rays are penetrating and more like electrostatic 
energy than electromagnetic energy. 


Photographs reveal a final form of Stubblefield's aerial telephone which utilizes a two foot in diameter single turn copper band. This 
outer copper band is spaced from a second inner copper band, and is mounted on wooden pedestals. A telephone is connected to this 
array. This compact apparatus transmitted inductive rays for great distances when earth energy was modulated by the human voice. 


A truly honest and humble man, he justly considered the ambitious and aggressive (northern) investors as "scalawags and damned 
rascals". He became suspicious of others. Considering the time frame in which these events took place, we may understand his reaction. 
Rejecting their tempting swindle, he was compelled to leave for home in order to continue his beloved experiments in privacy. He 
became mysteriously compulsive about his privacy after this. 


In the words of several persons with which I have had the good fortune to speak, "Nathan was honest to a fault". He, disappointed again 
in human behavior, packed away his equipment and went home. After this unfortunate time period, Mr. Stubblefield preferred to be 
alone. Some say he became increasingly intolerable to be with. These patterns mark the genius, the dreamer. Those who walk in the 
future, while being in the here and now. Finally, his wife left him. 


HOMESTEAD 


As visitors approached the Stubblefield farm, yet a good way off, Stubblefield would appear at the door to wave them away. This often 
occurred when they were simply too far away to be visually located. He refused to speak to anyone for long periods. This occurrence 
was reported during the night, when visibility from the cabin to the distant parts of his fields would be impossible. Nathan would always 
appear at the door, somehow knowingly, and wave them off. 


Pranking schoolboys, intent on stealing vegetables or fruits, would ever so secretly crawl onto his farm quite out of possible sight. 
Nathan would always be right next to them laughing in no time, somehow mysteriously detecting their presence. In a later embodiment, 
bells would sound when anyone approached so much as a half-mile from his cabin. It has been suggested that he had developed a device 
which could actually indicate the positions of any intruder across a space of ground. 


Some declared that Nathan, jealous of his privacy, rigged the whole farm with delicate trip wires in order to locate and surprise 
pranksters. Sometimes the intruders would be met by Stubblefield, waiting at the very spot where they were stealthily heading. No 
intruder ever managed to feel or find these supposed wires. Others would say that Nathan buried sound-sensors all over the farm. These, 
when pressed, could model a trace across a map of the farm inside the cabin. Each sensor, tied to an indicator, could show up on the 
map, and studying this map, he could see where intruders were on the fields. Nathan could then gleefully sneak up on them and chase 
them away. This tantalizing mystery has never been fully explored. 


Methods of distant ranging and location were devised by Antonio Meucci, employing tone signals. These required receivers, however, at 
the distant end. But Nathan knew where the intruders were coming from and where they were going as well. Nathan may have 
developed ground-wireless relays which responded to ground-buried sensors. These may have transmitted a tonal signal to the cabin, 
where a receiver would he triggered. This receiver may have been the bell-sounding mechanism. How did he locate people with pin 
point. accuracy however? No complex array of detectors was ever found in his cabin when he died. 
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In light of all his experimentation with earth energy and wireless, we will assume that his last two mysterious inventions speak of utterly 
new and unknown (though related) ground energy phenomena. But, what natural phenomenon permitted him to achieve this feat? 


Ocean waves often contour the shoreline, evidencing something of the shore outlines to distant places. Electrical waves might 
conceivably do this. But how would Nathan model this inside his cabin? No such map was ever really found. Also, if he were using 
some kind of ground impulse Doppler radar or sonar (electrical ground impulses outward) then what feature beneath the approaching 
intruders would signal an echo back to the receiver? 


Some have suggested that Stubblefield was utilizing distant variable ground conductivity. Intruders would alter this by their weight and 
step. How would such a signal be transferred back to the measuring station? Such reciprocation in ground currents would require that 
they are irritable and sensitive. This would evidence an unsuspected permeating biological nature in geology; a song, a personality with 
which the old linesmen~dowsers were intimate. 


MOTORS 


A motor, designed by Stubblefield to operate entirely by [20] fluctuations in ground static, has been stored in a local museum. The 
device features several mobile pithballs around a compass-like perimeter, resembling the equally mysterious electrostatic hoop 
telegraphs of the 1700's. Students of Stubblefield's work have examined the pithball pendulum device and ignorantly concluded it to be 
useless. 


Pithball (static) telegraphs of the early 1700's reveal this Stubblefield design to be a very special "find". Pithball telegraphs utilized a 
grounded metal hoop, an underlying dial, and a pendulum on which a pithball (cork) was hung. A single line (sometimes of silk) 
connected two such arrangements. 


Signals were made and received in a very curious manner with pithball hoops, an equally historic mystery. Moving the pithball to a 
particular letter on the dial resulted in identical displacements in the receiver: an anomaly. These arcane devices managed the articulate 
transaction of messages by unknown phenomena approaching intelligent transfer. 


Witnesses of these signalling devices were credible persons in the scientific community. No one questioned how it was possible to 
articulate such a transfer with static electricity. In any event, any researcher not familiar with the designs would pass over Stubblefield's 
"pithball table" without counting it as worthy of study. 


Another device, found in Nathan's cabin after he passed away, is of singular mystery. One person actually thought that Nathan built it 
because it "looked really strange" — like some science artform. It sat upon a trunk of to the side of his cabin room. Bernard 
Stubblefield, his son, did not recognize the device. Nathan must have built it after Bernard was taken away with his mother. Bernard did 
not remember seeing the device before this moment. It was taken to a local museum, where it now resides. 


The device is a square arrangement, having several insulator-mounted pithballs in each quadrant of the central square table. It is quite 
likely that this was the means by which Nathan detected movements and positions in his field. If this analysis proves true, then it 
represents a major leap in his earth power technology. I have surmised that this device is the Stubblefield long-range detector. Motions 
in a specific pithball pendulum gave the direction and position of the intruder. Such a device relies on phenomena which are unknown in 
conventional science. 


Natural observations in systems lead to unexpected, theory-busting discoveries. Such an effect demonstrates that an articulate quasi- 
intelligent energy permeates the natural environment of which electricity is a minor part. The natural phenomenon which is responsible 
for this ability is truly remarkable, nothing short of the miraculous. In its realm, we see that nature is suffused with an almost biological 
organization which includes the supposed inert world of geology. This would be equivalent to acknowledging that geological structure is 
suffused with a neurological sensitivity; a thing which academic science is neither prepared nor equipped to endorse. Nevertheless, 
different aspects of this ground sensitivity were discovered and differently implemented throughout the following years. 


T. H. Moray (1935) also discovered long-range articulate tuning through the ground from a fixed single site. His "radiant energy 
listening device" permitted him to scan a tract of land and actually eavesdrop on distant conversations and sounds with earphones. This 
device did not implement a microphone: the Moray Listening Device used a grounded rod and special large germanium detector. How 
does a stationary tuner sweep across land and pinpoint sound sources? 


Stanley Rogers (1932) discovered the same long-range scanning effect when, using a radionic tuner for mineral detection, he found it 
possible to sweep a field or meadow with a variable capacitor. Adjustments on these grounded tuners could sweep across land, revealing 
and mapping every mineral contour. Dr. Ruth Drown (1951) independently, developed a compact device which could sweep, scan, and 
delve through subterranean grounds for the specific purpose of ore detection. This device permitted photographic detection of ores 
swept through the ground, isolating specifically sought mineral deposits. 


The Stubblefield pithball pendulum represents a leap in ground power technology. It is an engine which operates without electrical 
transformations at all: a ground-powered "auric" engine. 


SUNLIGHT 


Two more mysteries have lingered from this latter period of invention in the Stubblefield biography. The nature of each reveals the 
extent to which he had developed and advanced his new technology. Nathan continued to pursue his experiments, but little was seen of 
him for long time periods. Alone and tired, Nathan stopped working his farm completely. 


Later visitors felt sorry for Nathan, now aged and abandoned by his wife and children. Several of the town's many charitable ladies 
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decided to take him some food. On one occasion, they arrived at his farm to find the ground "ablaze with light . . . like pure sunlight was 
coming right up out of the hillside". Later investigators entered his land area and found heavy wires leading from the roots of trees. To 
these wires were attached small arc lamps, hung in the trees. These were long extinguished. They imagined this to be the explanation of 
his hillside sunlight. Their hasty analysis proved problematic from stories which witnesses report. 


The warm and diffuse sunlight which came from the ground itself around his house was not localized in specific lamps. The light came 
from the ground, not from the trees as before "a whole hillside that would blossom with light" [. . .] "lit up like daytime". These 
observations indicate that Stubblefield had managed indeed the direct conversion of earth energy to light and warmth. 


This would be acceptable, were Mr. Stubblefield simply working on a newer means of drawing electricity from the ground to light small 
arc-lamps; a feat which he had accomplished earlier. But these kind persons could never find any evidence of arc-lighting or any other 
form of known lighting anywhere near the area. In their own words "the light seemed to come from the ground itself". In addition to the 
ground sunlight effect, many heard very loud and unfamiliar noises coming from the whole area surrounding his cabin. What could this 
be? Had he managed to directly transduce the natural impulses of the ground energy into audio? 


His own last claim, made two weeks before he passed away was made to a kind neighbor: "The past is nothing. I have perfected now the 
greatest invention the world has ever known . . . I have taken light from the air and earth . . . as I did sound". 


SUNSET 


I was the quite fortunate recipient of an unexpected personal letter while writing my original treatise on Nathan Stubblefield. It was told 
by a gentleman who received the account through a man who witnessed the following story: 


Neighbors had not seen Nathan for several days. As they were worried about his health, they attempted to call on him. The lock was 
secured from the inside. It was a lonely, cold, and rainy March day when old friends and neighbors broke the lock on Nathan's cabin and 


entered. He had passed away in his bed, the probable victim of malnutrition and fatigue. 


They all noticed that the interior of the cabin was "toasty warm", as if heated by a strong fire. Moved to locate the source of this heat, 
town officials found "two highly polished metal mirrors which faced each other, radiating this great heat in rippling waves". 


Now this, I must say, is a truly great discovery and last mystery. It fulfills what Nathan reported in his last testimony. Nathan's deepest 
confidence was in those kind and compassionate people who continued to seek him out with love and concern to his last days. 
Abandoned by all, he wished one of his dearest neighbors to write a biography. Perhaps he wished to explain his life, an apology for all 
his ways. He said "I have lived fifty years ahead of everybody else". While often sounding inspirational, these are words of deepest 
SOITOW. 

To live with a vision of the future is to experience the surprising, often disappointing rejection and resistance of all who surround. The 
conspiracy of human nature. Some said he was incapable of loving others. It was his love which coaxed the living sunshine out of hard, 
rocky ground. And his love brought up the resounding waves of an eternal sea of energy. Love, like the rose, often hides within its 
shelter of thorns; singing lonely, windy songs to the deep. In endless dreams of night, the stars listen. 
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My many thanks to the warm and dear people of Murray, Kentucky. My very special thanks to Mrs. Dortha Bailey and Mr. E. R. Bailey, 
Mrs. Baker, Ms. Alexander. Thank you Wm. Lehr! 


http://www.rexresearch.com/stubblefield/stubblefield.html 12/22 


1/3/2018 Nathan STUBBLEFIELD : Earth Battery - Articles, Videos, 8 Patents 


YouTube Videos by Lasersaber 


https: //www.youtube.com/watch?v=ZuQGuXJ02fo 
Working Nathan Stubblefield Coil! 


https://www.voutube.com/watch?v=xsuw120Or8wk 


How To Build A Nathan Stubblefield Coil Part 1 


https://www.youtube.com/watch?v=28zBEvu5_g4 
How To Build A Nathan Stubblefield Coil Part 2 


https://www.youtube.com/watch?v=tD06J9IpbAA 
How To Build A Nathan Stubblefield Coil Part 3 


https://www.youtube.com/watch?v=O6a4g0O0Grgo 
How To Build A Nathan Stubblefield Coil Part 4 


https://www.youtube.com/watch?v=jLL7YKO7q8c 
How To Build A Nathan Stubblefield Coil Part 5 


https://www.youtube.com/watch?v=IcjxA7bYUp0 
Stubblefield Electromagnet Effects? 


http://www.youtube.com/watch?v=kbaub2kkkpA 


Magnet motor NS coil 48 days and still going! 


http://www.youtube.com/watch?v=PuMoaDXyFZU 


Magnet motor baby NS coil! 


https: //www.youtube.com/watch?v=I5XoxYAmaJQ 
Magnet motor baby NS coil - part 2 


http://www.hereticalbuilders.com/showthread.php?t=387 


Stubblefield Coil 


I built a 6" acrylic frame for the coil. That way I can insert different cores, or no core. I also built this winding machine yesterday. I've 
had the motor for some time and it has a nice reduction gear box on it. I also put a foot switch on it so I can have my hands free. 


Theres no speed control, but the price was right since I salvaged the motor. The speed is fine for most winds anyway. 


I suppose I should also get a counter for it, but I don't generally use one. It would be nice for the new motor though. Balancing the coils 
would be better than guessing. 


Anyway, I decided to start with 20 AWG wire. I got 150 feet of both bare copper and steel. I have a plan to weave the cotton into the 
wind so I won't need cloth covered wire. 
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We'll see how it goes... 


KKK 


I got a few layers put on today. I wound one row of steel, then put a layer of cotton down. Then I wound a row of copper. I left enough 
space between the loops to keep them insulated from one another, and to have a space for the next winding to fit into. 


Each row is a separate strand and I just connect them at the ends. This makes it much easier to wind. 


I think in the end the result will be satisfactory since the copper will be right next to the steel, separated by a layer of cotton and all the 
layers will be in series. 


I haven't taken any measurements yet except to check for shorts. I should have it done by tomorrow and then we'll see if it works. 


Cheers, 
Ted 


ETE i} / ii ' TENAS ihc, Pept. a 
Si), ee 


sv | 
BLATT 


i 
PLE Hil) 
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Finished it. It took forever to wind. I used about 200 feet of both copper and steel 20awg wire. 
The dry voltage across the coil was .69 volts with the copper positive. Current was a minuscule 40 ua. 


I sprayed it with some tap water, which got about a third of the layers wet, and the voltage went up to .75 volts. The current jumped up 
to 19 ma. 


The current and voltage were unaffected by inserting an iron core into the coil. The iron did polarized and would deflect a compass at 
either end. However, I couldn't get any response from either the compass or a piece of steel wire when I shorted the coil. 


I'm not used to these low power devices. If I fire one of my motor coils up on the bench, I get all kinds of metal crap flying around. 


Anyway, I decided to soak it in salt water and see how it worked after that. It currently reads .82 volts at a respectable 85ma. I'll dry it 
out and see if those values hold up. 

KKK 
These things are weird. When I shorted the two ends of the copper together and short the two steel ends, the current between the two 
went up to 106ma. Instantaneous current is over 200ma, then it drops down to a steady 106. 


I couldn't detect any solenoidal pull either. A steel rod partially out of the center exhibits no detectable movement when the leads are 
shorted, even when balanced on a very soft spring. This indicates little or no net current flow in one direction, which would be keeping 
with two generators (the two wires) pushing current in opposite directions. But then how do we get a polarity on the steel? A slight 
imbalance maybe? 


I'm not really sure anymore how Laser's motor is running either. Perhaps there's some inductance from the spinning magnets that 
dictates polarity? I'll have to think about it. 

KK K 
Continuing along with the weird theme... I shorted all the separate windings together, both top and bottom... and the current increased. 
You can see when it's in the vertical position the current is around 119ma. When I tipped it over to show the bottom shorts, it gave me a 
few more ma's. 
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OK ok ok 


I don't know whether to consider this a battery or a self filling capacitor (is there a difference’). I doesn't act like a coil though. I'll bet 
you could get the same results with two sheets of metal coiled up like a capacitor with some cotton in between. That's essentially what I 
have here. I may try that next... 

KK K 
I went to check on it this morning and I think it died overnight. It read only .2 volts and the current was a paltry 10ma. 
I stuck it outside in the sun to warm it up. Perhaps that will revive it. Maybe it needed a constant load to keep it going? 
We'll see if the patient revives in a couple of hours. 

KKK 
I think I read somewhere that the copper has to be corroded. If so, you'd need to use bare copper wire and swab it with copper sulfate. 
You can get this 'antiquing' solution, which is called Copper Patina, at a stained glass store. 

KK K 
Thanks for the info. I'm using bare wire and I dipped it in salt water, so that's a start. 
I did find a short and managed to isolate that section. The voltage is back up to .49 volts, but it's still nothing to write home about. I 
think you would have to make a really big coil for it to do much. 
I really should get back to my sammich motor but I've lost the momentum. I need to find some inspiration somewhere. 10 hours more 
work will see it running, but I can't seem to kindle the spark. 
I even cleaned the shop... 


http://overunity.com/3500/nathan-stubblefield-earth-batteryself-generating-induction-coil-replications/4005/#. VaqPUPnRvIU 
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If you want the coil to be a self generating electromagnet then terminals 5&6 are 
tied together. If not then they are open for the voltaic couple. 
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http://johnbedini.net/¡ohn34/stublefield1.html 


We do not know the secret of the earth charge as Nathan Stubblefield determined it. Others since his time have observed fluctuations at 
certain times of the year in ground energy. It may be that a sudden induction is required before the excess ground charge surges to the 
surface..... like priming a pump. 


So I did some experiments in building different types of cells. I used a 10 inch carriage bolt 3/4 inch diameter between two delron 


spacers. I used steel wire and copper wire that was coated. I would wind one layer and sand it off, check for shorts, and then wrap it 
with gauze and start the next winding. I then put the secondary induction coil windings on. 
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These are the results I got in a one gallon plastic jug filled with water. Volts .07, 250ma into dead short through meter shunt. I'm still 
working on a better cell to go into the ground at this time. 


Stubblefield published an extraordinary brochure in 1898 to attract investors who had expressed interest in consolidating a small 
corporation around his work. In this brochure, Stubblefield insisted that power for his device was not generated in the cell. He calmly 
stated that the cell received its surplus energy from the earth. In a less discussed portion of the brochure, Stubblefield stated that 
"electrotherapeutic" devices had been developed from his earth battery. Other researchers made similar claims for their earth batteries 
(Hicks, Mellon). During this time, Stubblefield declared that news, weather, and other announcements could be broadcast through the 
ground across a great territory for private reception. He also added that simultaneous messages and news of all kinds would soon be 
transmitted through the ground from a central distribution station. (Shades of Tesla!) 


In 1902 Stubblefield set up one of his sets in a "Mainstreet" upper office... in a hardware shop. From that point to his farm (some 6000 
feet distant) he conducted continuous conversations with his son Bernard. Tapping with a pencil on his one-piece transceiver, Bernard 
was quickly heard in a loud, very clear voice. This transceiver was a carbon button placed in a tin snuff box. Speech and response were 
transacted through the same device, which acted as both microphone and loudspeaker. Cells (EARTH BATTERIES) were placed 


downstairs from the office in the ground. They were never removed and never wore out, though operating twenty-four hours a day 
around the clock. 


Nathan Stubblefield offered to construct a large scale power station for the town of Murray. His quoted initial installation costs were 


estimated at five thousand dollars. The town politicians declined the offer. As a result, the technique of drawing up electricity from the 
earth remains a mystery. 


The Stubblefield ground radio system was demonstrated for approximately one thousand Murray residents. Photographs of Stubblefield 
and his family, and a good crowd of witnesses from town, show the cell laying on the ground among all his assembled inventions; and a 
flower-pot sized coil of good volume. Other devices show motors and large capacitor stacks for aerial voice transmission experiments. 


Stubblefield declares it to be an "energy receiver....a receptive cell for intercepting electrical ground waves". Its conductive ability 
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Answers 
Work through the steps as shown here: 
1. 11/12 = R2/R1 = 1/2 


2. 12 = 2i 1 
3. IT = I1 + I2 = 121 + 2I 1 = 311 
4. 11 = IT /3 = 2/3 ampere 
5. 12 = 2| 1 = 4/3 amperes 

29 Now, try these problems. In each case, 
the total current and the two resistors are 
given. Find |I 1 and 12. 
Questions 
A. IT = 30 mA, R1 = 12 kQ, R2 = 6 kQ 
B. IT = 133 mA, R1 = 1 kQ, R2 = 3 kQ 


C. What current do you get if you add | 1 
and 12? 
Answers 
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somehow absorbs and directs the enormous volumes of earth energy. 


Whether the current derived from this cell is electricity as we know it has been questioned. One indicator is not found when considering 
his use of the energy in lighting lamps. With this energy Nathan Stubblefield operated a score of arc lamps at full brightness for twenty- 
four hours a day. There was a definite trigger by which this energy was stimulated and maintained. 


The induction coil which bears his name is equipped with three coils which are wrapped around and upon a heavy iron core. Bare iron 
wire and cotton-covered copper wire are wrapped side by side, comprising a primary coil body. Each layer of the primary coil body is 
covered by a band of cotton insulation, bringing four wire leads to the coil terminus. Two leads of iron and two of copper are external to 
the coil. Commercial electrical power 1s obtained through these connective terminals. 


In addition to this bimetallic winding, there is a third winding: the "secondary". This third coil is insulated from the primary bimetallic 
coil, serving as a trigger device. Presumably, a stimulating impulse shock was introduced into the tertiary coil, after which the upwelling 
electrical ground response brought forth powerful currents in both iron and copper coils. 


Electrolytically (as a battery in acid or saltwater) the Stubblefield coil is disappointing, producing less then one volt according to those 
who have duplicated its construction. Stubblefield's bimetallic coil was a "plug": a receiver which intercepts the vast and free electrical 
reservoir of the ground itself. His patent and subsequent company brochures define the manner in which his earth battery was to be 
activated. 


Technically, the Stubblefield device is a modified thermocouple (a bimetal in tight surface contact) but a thermocouple could not supply 
the degree of power which he reported. While this arrangement could develop a few milliwatts of power in appropriately hot ground 
spots, the thermoelectric explanation of the device cannot explain the phenomenal output reported in the news reports of Stubblefield's 
demonstrations. 


Furthermore, though the Stubblefield power receiver is wound like an induction coil, it produces a steady direct current output. This 
poses additional problems for the conventional engineer. Electrical induction only occurs with electrical alternations, oscillations, and 
impulses. 
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Pogue Library 
Electric Motor that Stubblefield operated non-stop for 66 
days with one Earth Cell battery. There is no explanation 
for the telephone receiver. 


January 1, 1902 


Witnesses describe ground-powered motors which ran unceasingly and unattended for months without need for replacing or 
replenishing the ground battery. Small machinery, clocks, and loud gongs were run by other ground-buried cells as reported by credible 
witnesses. Stubblefield may have discovered the auto-magnifying voltage effect of electrostatic induction in coils before Tesla, who 
later utilized the effect in his special electrostatic Transformers. 
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These buried coils may have become saturated with earth electrostatic energy, which travelled from subterranean depths. In such a case, 
the mere battery power of the coil was replaced by the electrostatic flow, the coil acting as an electrode. This seems obvious when 


considering the fact that its ordinary battery current (1 watt) was gradually replaced by continually growing electrical current of far 
greater proportion. 
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THE NORRIS PETERS CO., PHOTO-LITHO., WASHINGTON, Q. G. 


= UNITED States PATENT OFFICE. 


NATHAN B. STUBBLEFIELD, OF MURRAY, KENTUCKY, ASSIGNOR OF ONE- 
HALF TO WILLIAM G. LOVE, OF SAME PLACE. 


ELECTRICAL BATTERY. 


SPECIFICATION forming part of Letters Patent No. 600,457, dated March 8, 1898. 
Application led October 24, 1896. Serial No, 609,969, (No model.) 


To all whom it may concern: hereinafter more fully described, illustrated, 
Be it known that I, NATHAN B. STUBBLE- | and claimed. : — 
FIELD, a citizen of the United States, residing In the drawings, Figure 1 is a side eleva- 
at Murray, in the county of Calloway and | tion of an electrical battery constructed in 55 
State of Kentucky, have invented a newand | accordance with this invention. Fig. 2 isa 
useful Electrical Battery, of which the fol- | central longitudinalsectional view of the bat- 
lowing is a specification. 7 tery, showing the same immersed in water as 
This invention relates to electrical bat- | the electrolyte. Fig. 3 is an enlarged sec- 
_ teries; and it has for its object to provide a | tional view of a portion of the battery, show- 60 
1o novel and practical battery for generating | ing more clearly the manner of winding the 
electrical currents of sufficient force for prac- | voltaic couple or, in other words, the wires 
tical use, and also providing means for gen- | comprising the couple. Fig. 4 is a vertical 
erating not only a constant primary current, | sectional view of the battery, shown modified 
but also an induced momentary secondary | for use with an induction-coil. 65 
15 Current. Referring to the accompanying drawings, 
It is well known that if any voltaic couple | the numeral 1 designates a soft-iron core- 
be immersed in water or placed in moist earth | piece extending longitudinally of the entire 
the positive element of the couple will un- | battery and preferably in the form of a bolt 
dergo a galvanic action of sufficient intensity | having at one end a nut 2, which permits of 7o 
20 to produce a current when the terminals of | the parts of the battery being readily assem- 
the couple are brought in contact, and this | bled together and also quite as readily taken 
form of battery is commonly known as the | apart for the purposes of repair, as will be 
“water” battery, usually employed forcharg- | readily understood. The central longitudi- 
ing electrometers, but not capable of giving | nally-arranged core-piece 1 of the battery has 75 
25 any considerable current owing to their great | removably fitted on the opposite ends thereof 
internal resistance. Now the principle in- | the oppositely-located end heads 3, confining 
volved in this class of batteries is utilized to | therebetween the magnetic coil-body 4 of the 
some extent in carrying out the present in- | battery, said heads 3 being of wood or equiva- 
| vention, but 1 contemplate, in connection | lent material. Thecoil-body 4 of the battery 80 
30 with water or moisture as the electrolyte, the | is compactly formed by closely-wound coils 
use of a novel voltaic couple constructed in | of a copper and iron wire 5 and 6, respec- 
such a manner as to greatly multiply or in- | tively, which wires form the electrodes of the 
crease the electrical output of ordinary voltaic | voltaic couple,and while necessarily insulated 
cells, while at the same time producing in op- | from each other, so as to have no metallic 8s 
35 eration a magnetic field having a sufficiently | contact, are preferably wound in the manner ` 
strong inductive effect to induce a currentin | clearly illustrated in Fig. 3 of the drawings. 
a solenoid or secondary coil. | In the preferred winding of the wires 5 and 
To this end the invention contemplates a | 6 the copper wire 5 is incased in an insulat- 
form of voltaic battery having magnetic in- | ing-covering 7, while the iron wire 6 is a bare go 
40 duction properties of sufficient intensity, so | or naked wire, so as to be more exposed to 
as to be capable of utilization for practical | the action of the electrolyte and at the same 
purposes, and in the accomplishment of the | time to intensify the magnetic field that is 
- results sought for the invention further pro- | created and maintained within and around 
vides a construction of battery capable of | the coil-body 4, when the battery is in oper- 95 
45 producing a current of practically constant | ation and producing an electrical current. 
electromotive force and being practically free | While the iron wire 6 is preferably bare or 
of the rapid polarization common in all gal- | naked for the reasons stated, this wire may 
vanic or voltaic batteries. also be insulated without destroying the op- 
With these and many other objects in view | erativeness of the battery, and in order tose- 100 
50 the invention consists in the novel construc- | cure the best results the wires 5 and 6 are 
tion, combination, and arrangement of parts | wound side by side in each coil or layer of 


in 


1O 
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the windings, as clearly shown in Fig. 3 of 
the drawings, so that in each coil or layer of 
the windings there will be alternate convolu- 
tions of the copper and iron wires forming 
the voltaic couple, and it will of course be 
understood that there may be any number of 
separate coils or layers of the wires accord- 
ing to the required size and capacity of the 
battery. Each coil or layer of the windings 
is separated from the adjacent coils or layers 


by an interposed layer of cloth or equivalent 


insulating material 8, and a similar layer of 


I5 


20 


insulating material 9 also surrounds the longi- 
tudinal core-piece 1 toinsulate from this core- 
piece the innermost coil or layer of the wind- 
Ings. SO | 
Theterminals 10 of the copper and iron wires 
5 and 6 are disconnected so as to preserve the 
character of the wires as the electrodes of the 
voltaic couple; but the other or remaining 
terminals of the wires are brought in contact 
through the interposition of any electrical 


- instrument or device with which they may be 


30 


35 


45 
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connected to cause the electric currents gen- 
erated in the coil-body 4 to flow through such 
instrument or device. | e 
In the use of the battery constructed as de- 
scribed the same may be immersed in a cell 
or jar 11, containing water as the electrolyte; 
but it is. simply necessary to have the coil- 
body 4 moist to excite the necessary action 
for the production of a currentin the couple, 
and it is also the contemplation of the inven- 
tion to place the battery in moist earth, whieh 
alone is sufficient to provide the necessary 
electrolytic influence for producing an elec- 
tric current. | 
_It has been found that by reason of wind- 
ing the couple of copper and iron wires into 
a coil-body the current traversing the wind- 
ings of this body will produce a magnetic 
field within and around the body of suffi- 
ciently strong inductive effect for practical 
utilization by means of a solenoid or second- 


ary coil 12, as illustrated in Fig. 4 of the 


drawings. l 

The solenoid or secondary coil 12 is of an 
ordinary construction, comprising a wire 
closely wound into a coil of any desired size 


on an ordinary spool 13 and incased within a | 


protective covering 14 of mica, celluloid, or 
equivalent material. The spool13 of the so- 
lenoid or secondary coil may be conveniently 
secured directly on the exterior of the coil- 
body 4 between the heads 3 with a suitable 


layer or wrapping of insulating material 15, 


interposed between the spool and the body 4, 


60 


and the terminals 16 of the solenoid or sec- 
ondary coil may be connected up with any 
instrument usually operated by secondary 
currents—such, for instance, as a micro- 


- phone-transmitter or telegraphic relay. The 


65 


magnetic field produced by the current trav- 
ersing the coil-body 4 induces a secondary 
current in the solenoid or secondary coil 12, 
when the ordinary make and break of the 


primary current produced within the coil 4is _ 


made between the terminals of said coil 4. It 
will therefore be seen that the construction 
of the battery illustrated in Fig. 4 is practi- 
cally a self-generating induction-coil, and it 
can be used for every purpose that a coil of 


this character is used, for as long as the coil- 


body 4 is wet or damp with moisture electric 
currents will be produced in the manner de- 
scribed. It will also be obvious that by rea- 
son of the magnetic inductive properties of 
the coil-body 4 the core-piece 1 will neces- 
sarily be magnetized while a current is go- 
ing through the body 4, so that the battery 
may be used as a self-generating electromag- 
net, if so desired, it being observed that to se- 


eure this. result is simply required connect- 


ing the extended terminals of the wires 5 and 

6 together after wetting or dampening the 

coil-body. | o | 
Many other uses of the herein-described bat- 


tery will suggest themselves to those skilled | 


in the art, and I will have it understood that 
any changes in the form, proportion, and the 
minor details of construction may be resorted 
to without departing from the principle or 
sacrificing any of the advantages of this in- 
vention. 

Having thus described the invention, what 
is claimed, and desired to be secured by Let- 
ters Patent, is— 

1. A combined electrical battery and elec- 
tromagnet, for use with water as an electro- 
lyte, comprising a soft-iron core-piece, and a 
voltaic couple of copper and iron wires in- 
sulated from each other and closely and com- 
pactly wound together in separate insulated 
layers to produce a solid coil-body surround- 
ing the soft-iron core-piece, substantially as 
set forth, ~ | 

2. An electrical battery for use with water 
as an electrolyte comprising a voltaic couple 
of insulated copper wire and bare iron wire 


closely wound into a coil-body, substantially 1 
as deseribed. | 


3. An electrical battery for use with water 
as an electrolyte comprising a voltaic couple 
of insulated copper and bare iron wire wound 
side by side in separate insulated layers to 
produce a coil- body, substantially as de- 
scribed. 

4, An electrical battery, for use with water 
as an electrolyte, comprising a voltaic couple 
having its separate electrodes insulated from 
each other and closely wound into a compact 


coil when moistened and a solenoid or sec- 
ondary coil fitted on the coil-body of the 
couple, substantially as set forth. 


In testimony that I claim the foregoing as 


my own I have hereto affixed my signature in 
the presence of two witnesses. 
NATHAN B. STUBBLEFIELD. 
Witnesses: 
JOHN H. SIGGERS, 
W. B. HUDSON. 
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coil-body forming a self-generating primary | 
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A. 11 = 10 mA, I2 = 20 mA 

B. | 1 = 100 mA, I2 = 33 mA 

C. They add back together to give you the 
total current supplied to the parallel circuit. 
Question C is actually a demonstration of 
Kirchhoff's Current Law (KCL) . Simply stated, 
this law says that the total current entering a 
junction in a circuit must equal the sum of 
the currents leaving that junction. This law is 


also used on numerous occasions in later 
chapters. KVL and KCL together form the 
basis for many techniques and methods of 
analysis that are used in the application of 
circuit analysis. 

Also, the current through a resistor IS 
inversely proportional to the resistor's value. 
Therefore, if one resistor Is larger than 
another in a parallel circuit, the current flowing 
through the higher value resistor is the 


smaller of the two. Check your results for this 
problem to verify this. 
30 You can also use the following equation 


to calculate the current flowing through a 
resistor in a two-branch parallel circuit: 
_ (Ir R,) 
= 
(R,+R2) 
Question 
Write the equation for the current 12. 


Check the answers for the previous problem 
using these equations. 
Answer 
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To all whom 1t may concern: | 
Be it known that I, NATHAN B. STUBBLE- 
FIELD, a citizen of the United States, residin 
at Murray, in the county of Calloway an 
5 State of Kentucky, have invented a new and 
useful Wireless Telephone, of wbich the fol- 
lowing is a specification. 
The present invention relates to means for 
electrically transmitting signals from one 
10 point to another without the use of connect- 
Ing. wires, and more particularly compre- 
hending means for securing telephonic com- 
munication between moving -vehicles and 
way Stations. > | e 
e principal object of the invention is to 
provide simple and practical means of a 
novel nature whereby clear and audible com- 
munication can be established, said means 
ing simple and of a character that will per- 
20 mit certain of the station mechanisms to be 
small and compact. | 
In the accompan drawings Pay feds 1 
is a perspective view, showing means for es- 
tablishing communication between a vessel 
25 and a shore station. Fig. 2 is a diagram- 
matic view of the mechanism mounted on 
the boat. Fig. 3 is a cross sectional view on 
an enlarged scale of the shore coil. Fig. 4 is 
a perspective view of a road-way, showing a 
30 system for establishing communication be- 
tween road vehicles -and a way-station, the 
latter being illustrated diagrammatically. 
Fig. 5 is a detail view of a vehicle equipped 
with one of the instruments, which is shown 
35 diagrammatically. Fig. 6 is a perspective 
view showing the system applied to a rail- 
way for establishing communication be- 
tween a moving train and a way-station. 
Fig. 7 is a sectional view through a car show- 
40 ing Ke diagram the car mechanism illustrated 
in Fig. 6. 
‘Similar reference numerals designate cor- 
rre parts in all the figures of the 


15 


awings. 
45. Referring to the embodiment illustrated in 
Figs. 1, 2 and 3, a water-way 8 is disclosed, 
upon which a vessel 9 operates. Surround- 
ing the path of travel of the vessel, and pref- 
erably elevated on poles 10, is a coil 11 of 
50 considerable magnitude. This coil, as shown 
in Pig. 3, consists of an outer casing 12, with- 


in which is placed a conducting wire com- 
prising a plurality of convolutions 13, each of 
which ‘is insulated from the other. The ter- 
minals 14 of this coil extend to a suitable 
way-station, and at the station is located a 
powerful source of electrical energy 15, to 


55 


which is connected by a suitable wire 16 an | 


electrically operated transmitter 17. The 
battery or other source of electricity has a 
connection 18 with one of the leads 14. A 
receiver 19 of the ordinary type has a con- 


60 


nection with the same lead 14, to which the ` 


battery is connected, and both the receiver 
and transmitter have connections 21 with 
the contacts of a switch 22. 
suitable means, as for instance, a spring 23, 
which normally maintains the receiver in 
circuit with the coil 11, as will be evident by 
reference to Fig. 1, but if the switch is 
thrown. to break the circuit, it will then cut 
in the source of electrical energy 15 and the 
transmitter 17. | 

An outfit similar to the above, is located on 
the vehicle or boat 9, but the coil 24 thereof, 
shown in Fig. 2, is much smaller. As further 
illustrated in said figure, the mechanism 
mounted on the boat, consists of a trans- 
mitter 25, and a battery or other source of 
electrical energy 26 electrically connected, as 
shown at 27 and having a connection 28 with 
one of the leads of the coil. The receiver 29 
also has a connection 30 with said lead. A 
switch 31 is connected to the other lead, and 
is normally held in a position by a spring 32 
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This switch has © 
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to maintain a closed circuit through the re- — 


ceiver 29 and the coil, though 1t may be 
moved to cut out said receiver and close the 
circuit through the coil, the source of elec- 
trical energy and the transmitter. T 
In this system, if it is desired to transmit 
from one station, as for instance, the shore- 
station, the switch 22 is moved downwardly 
to cut out the receiver and throw in the trans- 
mitter and source of electrical energy, while 
the operator upon the boat or vehicle leaving 
the mechanism in the condition shown in 
Fig. 2, holds the receiver 29 to his ear. If 
therefore the operator at the shore-station 
uses the transmitter in the ordinary manner, 
a varying current corresponding to that pass- 
ing through the coil of great magnitude 11, 


90 


95 


100 


a 


will be induced in the coil 24, and the speech 
or other sounds will thus be transmitted to 
the operator on the boat. By reversing the 
arrangement, speech may be transmitted 
from the boat to the shore station. l 
- The use of coils for both stations, each coil 
consisting of a plurality of convolutions has 
been. found by experience to be of the utmost 


‘value, and furthermore experience has dem- 
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15 


20 


25 


30 


35 


45 
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onstratedthattheemploymentofcoilsofdifier- 


ent magnitudes is of great importance, for it 
has been found that while two small coils can 


be used to transmit but a short distance, 1f |. 


one large coil of the character set forth is em- 
ployed, the other may be very small, and 
speech or sounds can be transmitted com- 
paratively great distances from one to the 
other. These sounds are clearly audible. 
The structure disclosed in Figs. 4 and 5 1s 
of the same general character. A road-way 
32 is disclosed surrounded by a coil 33 of 
great magnitude that is supported on suit- 


able poles 34. The way-station 35 consists 


of a transmitter 36, a source of electrical en- 
ergy 37 connected thereto, a receiver 38, and 
a switch 39, whereby the receiver or the 
transmitter and source of electrical energy 
can be thrown into circuit with the coil 33. 
The vehicles 40, which operate on the road- 
way, are provided with smaller coils 41 and 
instruments consisting of receivers 42, trans- 


mitters 43, sources of electrical energy 44 and 
switches 45 all arranged in the manner 


already described. Ina system of this kind, 


it will be evident that the occupant of one. 
vehicle may telephone to the home or way- 
“station, and the message can be transmitted 
- Thus it will be evident’ 
- that communication can be established. be- 


to another vebicle. 


tween two moving vehicles or between a way- 


station and any. vehicle desired which is- 


within therange of the home- or way-station. 
The system is also capable of use in connec- 
tion with railways, and in Figs. 6 and 7, such 
a system is disclosed in connection there- 
with. A comparatively great coil 46 is sup- 
ported on opposite sides of the railway 47 by 
poles 48 and astation 49 has areceiver 50 and 
a transmitter 51,a source of electrical energy 
52 and a switeh 53, the last mentioned being 
employed for throwing either the receiver or 
the transmitter and source of electrical en- 


` ergy into closed circuit with the coil 46. One 


55 
60 


65 


or more cars of a railway train is equipped | 


with an outfit consisting of a coil 54, areceiver 
55, a transmitter 56, a source of electrical 
energy 57, and a switch 58 for oes 
either the receiver or the transmitter an 
source of electrical energy into cireuit with 
the coil54. It will be evident that the opera- 
tion of these two last described systems are 
substantially the same as that first set forth, 
and no extended description thereof is be- 
lieved to be necessary. 

From the foregoing, it is thought that the 


small coil having its 


‘source of electrical energy. 


887,357 


construction, operation, and many advan- 


tages of the herein described invention will 
be apparent to those skilled in the art, with- 
out further description, and it will be under- 
stood that various changes in-the size, shape, 
proportion, and minor details of construc- 


70 


tion, may be resorted, to without departing ~ 


from the spirit or sacrificing any of the ad- 
vantages of the invention. qe 

Having thus fully described my invention, 
what I claim as new, and desire to secure by 
Letters Patent, is: — | | 

1. In a system of the character described, 
the combination with a vehicle, of a com- 
paratively small coil of conducting material 
mounted thereon, electrical transmitting and 
receiving mechanism including a source of 
electrical energy connected to the small coil 


and carried by the vehicle, a stationary aerial 


coil of much greater magnitude than the 

i opposite stretches or 
sides extending alon ‘the opposite sides of 
the path of travel of the vehicle and elevated 
above the same and above the vehicle coil, 
and electrical ‘transmitting and receiving 
mechanism connected to the greater coil and 


19 
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85 


90 


including a source of heavy electrical current. : 


2. In a system of the character described, 
the combination with a vehicle, of a coil of 
conducting material mounted thereon, elec- 


trical transmitting mechanism, a. source of 


electrical energy connected thereto, recelv- 
ing mechanism, means for connecting either 
the transmitting mechanism and -source of 
electrical energy or the receiving mechanism 


to the coil, a stationary coil of greater mag-: 


nitude surrounding the path of travel of the 


lutions of conducting material, the different 


convolutions being. insulated one from the 


other, means for supporting the coil in an 


95 


100 


vehicle and comprising a plurality of convo- - 


105 


elevated position, electrical transmitting ' 


mechanism, a source of great electrical en- 
ergy connected to said transmitting mechan- 


ism, electrical receiving mechanism, and 


means for electrically connecting either the 
transmitting mechanism and source of elec- 
trical ener 
the said oil Gr greater magnitude. 

3. Means for communicating between a 
plurality of stations which. consists of an 


‘aerial electrical coil of great magnitude, 
means for supporting the said coil, a station - 


electrically connected to the great coil and 
comprising transmitting and receiving mech- 
anism that includes a source of heavy elec- 
trical energy, and a plurality of other sepa- 
rate stations simultaneously in coacting re- 
lation with the aerial coil, each of said latter 
stations comprising a coil of conducting ma- 
terial spaced from but in coacting relation 


with said great coil and below the same, and ' 


transmitting and receiving mechanism con- 
nected to said other coil and including a 


or the receiving mechanism to 


110 
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120 


125 


- 130 
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4. Means for communicating between a | and transmitting and receiving mechanism 
plurality of stations which consists of an | mounted on cach vehicle and including a 
aerial coil of conducting material of great | source of electrical energy. 
magnitude, transmitting and receiving mech- In testimony, that I claim the foregoing 

5 anism connected to said aerial coil and in- | as my own, I have hereto affixed my signa- 15 
cluding a source of heavy electrical energy, | ture in the presence of two witnesses. : 


a plurality of vehicles movable between the NATHAN B. STUBBLEFIELD. 
opposite sides or stretches of the great coil, | Witnesses: 
coils carried by said vehicles and disposed | J. P. MCELRATH, 

P coil, | J. H. COLEMAN. 
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HOW THE ROCK AND MINERAL PROFILES WORK 


profile information (including name of mineral 
or rock group 


illustration of crystal system 
in mineral entries) 


I PROFILE i PROFILE 


AZURITE 
A deep blue copper carbonate hydroxide, azurite 


variants panel 
containing named 

varieties and additional chemical formula 
specimens of mineral 


ODOCHROS 


hodochrosite is a 


example of 
rock or mineral 
application 


A 
m 
< 


Hardness 
Specific gravity 
Cleavage 
Fracture 
Streak 

Luster 

Type 

Origin 


Structure 
Grain size 
Major minerals 
Minor minerals 
Color 


Precursor rock 
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Fossils 


Pressure of formation 


100 
106 
113 
126 
131 


147 


166 
246 


256 
286 
304 
334 


338 
343 
351 


Temperature of formation 


y — Mr)(R2) 
- (R¡+R)) 


The current through one branch of a 
two-branch circuit is equal to the total current 
times the resistance of the opposite branch, 
divided by the sum of the resistances of both 
branches. This iS an easy formula to 
remember. 


Using the Multimeter 


A multimeter IS a must-have testing device 
for anyone's electronics toolkit. A multimeter is 
aptly named because it can be used to 
measure multiple parameters. Using a 


multimeter, you can measure current, voltage, 
and resistance by setting the rotary switch on 
the multimeter to the parameter you want to 


measure, and connecting each mulitmeter 
probe to a wire in a circuit. The following 
figure shows a multimeter connected to a 
voltage divider circuit to measure voltage. 


Following are the details of how you take 
each of these measurements. 
Voltage 
TO measure the voltage in the circuit shown 
in the figure, at the connection between R 1 
and R 2 , use jumper wire to connect the red 
probe of a multimeter to the row of contact 
holes containing leads from both R 1 and R2 
Use another jumper wire to connect the 
black probe of the multimeter to the ground 
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8 MINERALS | WHAT IS A MINERAL? 


WHAT IS A MINERAL? 


A mineral is a naturally occurring solid with a specific chemical 
composition and a distinctive internal crystal structure. Most 
minerals are formed inorganically but some, such as those 
found in bone, are formed organically (by living organisms). 


WHAT MINERALS ARE MADE OF ake 
Most minerals are chemical compounds 

composed of two or more chemical 
elements. However, copper, sulfur, gold, 
Silver, and a few others occur as single 
“native” elements. A mineral is defined 


by its chemical formula and by the Native elements | 
Native copper was probably the first metal used by 


COPPER DUCK 


arrangement of atoms within its crystals. humans. This duck's head was made in North Africa 
For example, iron sulfide has the about 1,900 years ago. 
chemical formula FeS, (where Fe is iron brassy yellow 


color 


and S is sulfur). Iron sulfide can crystallize bree 
in two different ways. When it crystallizes in habit 
the cubic system (pp.22-23), it is called 


Same composition but different structure 
Though pyrite and marcasite have the same chemical 
composition and are both iron sulfide, their differing 
crystal structures make them different minerals. 


rosette-shaped 
aggregate 


pyrite; when it crystallizes in the 
orthorhombic system, it becomes the 
mineral marcasite. Minerals are classified 
by their chemical content: for example, 
those containing oxygen ions are called 
oxides and those having carbon and 
oxygen ions are called carbonates. 


Native sulfur 
| Sulfur is mined at Kawah Ijen, 
Java. Volcanic gases escaping 


| from small openings in the ground 
(fumaroles) carry sulfur vapors to 

| the surface, where it is deposited 

- as a yellow crust. 
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ELECTRICAL CHARGE AND 
COMPOUNDS 

A mineral compound is based on an 
electrical balance between a positively 
charged metal and a negatively charged 
part. In many minerals, negative charge is 
carried by a “radical”: a combination of 
atoms acting as a single unit. For example, 
carbon and oxygen combine in a 1:3 ratio 
to give the CO; radical, which acts as a 
single, negatively charged unit. 


oxygen l 
atom j prismatic 
COA 
carbon 
atom a 


RADICA 


MINERAL 


Simple and complex compounds 
In carbonates, a simple carbon and oxygen group 


known as a radical combines with one or more metals. 


The Rhyolite Hills in Iceland are formed of 


RS crystals of high-silica minerals. = 


A. 


Volcanic rhyolite 


rhyolite, a silica-rich rock produced as a result E 


pl 


of volcanic activity. Rhyolite is made up of “ 


COMMON MINERALS 

There are more than 500 known minerals, 
but only about 100 of these are common. 
Silicon and oxygen make up about three- 
quarters of the crust by weight, and silicate 
minerals such as quartz, feldspar, and 
olivine are by far the most common 
minerals in rocks, making up 90 percent 
of the rocks at Earth's surface. The 
carbonates calcite and dolomite form 
sedimentary rocks, such as limestone. 


crystal 


Silicates face 


Silica tetrahedra link 
to form quartz. They 
can act as a radical 

to combine with one 
or more metals or 
semimetals to form 
other silicate minerals. 


QUARTZ CRYSTAL 


Silica tetrahedra 
Join at the corners 


each silicon atom is bonded 
to four oxygen atoms that 
to form a helix 


form a tetrahedral shape / 


STRUCTURE OF QUARTZ 
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MINERAL GROUPS AND 
ASSOCIATIONS 


Some minerals belong to chemical groups or series called solid 
solutions. In some circumstances, minerals are found together in 
groupings known as associations or assemblages. These patterns 
of occurrence can provide clues as to the minerals’ origin. 


SOLID SOLUTIONS Specimens are homogenous mixtures 
Some minerals do not have specific of the two, with the relative content of 
chemical compositions. Instead, they are magnesium and iron varying in specimens. 
homogenous mixtures of two minerals. These minerals are described as part of a 


These homogenous mixtures are known solid-solution series, in which forsterite and 
as solid solutions. For example, the olivine fayalite are the end-members. 

group of silicates includes forsterite and 

fayalite. Forsterite is a magnesium silicate, 
while fayalite is an iron silicate. Most olivine 


light color from 
magnesium 


tabular 
crystal 


FORSTERITE 


Fayalite and forsterite 

The olivine minerals fayalite and forsterite form a solid- 
solution series, with magnesium-rich forsterite as one 

FAYALITE end-member and iron-rich fayalite as the other. 


PRIMARY AND SECONDARY not affect the classification of a rock. 
MINERALS Secondary minerals are produced by 
Primary minerals crystallize directly the alteration of a primary mineral after 
from magma and remain unaltered. its formation. For example, when 
They include essential minerals used copper-bearing primary minerals come 
to assign a classification name to a into contact with carbonated water, 
rock and accessory minerals that are they alter into secondary azurite 
present in lesser abundance and do or malachite. 


crystalline chrysocolla 
copper 


massive 


botryoidal 
malachite 


rock matrix 


Primary copper mineral Secondary copper mineral 
Primary minerals, such as native copper, form directly Chrysocolla and malachite are secondary minerals 
in igneous rocks and remain unaltered. Their eventual derived from the chemical weathering of primary copper 


alteration products are secondary minerals. minerals, Such as native copper and bornite. 
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MINERAL ASSOCIATIONS 

Some minerals are consistently found 
together over large areas because they 
are found in the same rock type. Other 
associations occur in encrustations, veins, 
cavities, or thin layers. The fact that certain 
minerals are likely to be found together can 
help in the discovery and identification of 
minerals. Lead and zinc ore minerals are 
often associated with calcite and barite, 


garnet 


mica gives 
silvery 
sheen 


Metamorphic mix 

The assemblage of garnet, quartz, and mica in this 
specimen indicates that this rock formed at moderate 
pressure and low temperatures (up to 400°F/200°C). 


Erosion at this canyon in Utah, USA, has exposed 

layers of shale. Differences in the assemblage of 

minerals in various shale layers can reveal much 
' about the geological history of the region. 


while gold is frequently found in association 
with quartz. 

Associated minerals that form almost 
simultaneously and are usually present in a 
specific rock type make up an assemblage. 
Orthoclase, albite, biotite, and quartz form 
an assemblage for granite, and plagioclase, 
augite, magnetite, and olivine for gabbro. 
Assemblages are key indicators of the 
environments in which minerals form. 


apophyllite 
stilbite 
i = = A 
A 
' E ee 
A. 
CAS A ; 

cP ee ia 


Zeolite association 

Minerals belonging to the zeolite group of silicates, 
such as these crystals of apophyllite and stilbite, are 
often found in association with one another. 


CLASSIFYING MINERALS 


Classification of minerals is an ongoing study among mineralogists— 
geologists who specifically study minerals. The ability to delve deep 
into the structure and chemistry of minerals has increased dramatically 
with advances in instruments and techniques. 


MINERAL OR NOT? 

The term “mineral” is commonly applied to 
certain organic substances, such as coal, 
oil, and natural gas, when referring to a 
nation's wealth in resources. However, 
these materials are more accurately 
referred to as hydrocarbons. Gases and 
liquids are not, in the strict sense, minerals. 
Although ice—the solid state of water— 
is a mineral, liquid water is not; nor is liquid 
mercury, which can be found in mercury 
ore deposits. Synthetic equivalents of 


CHEMICAL FORMULAE 

A chemical formula identifies the atoms 
present in a mineral and their proportions. 
In some minerals, the atoms and their 
proportions are fixed. Pyrite, for example, 
is always FeS,, denoting iron (Fe) and 
sulfur (S) in a 1:2 ratio. In solid solutions, 


Name 


Actinium 
Silver 
Aluminum 
Americium 
Argon 
Arsenic 
Astatine 
Gold 

Boron 
Barium 
Beryllium 
Bismuth 
Berkelium 
Bromine 
Carbon 
Calcium 
Cadmium 
Cerium 
Californium 
Chlorine 
Curium 
Cobalt 
Chromium 
Cesium 
Copper 
Dysprosium 


Name 


Erbium 
Einsteinium 
Fluorine 
Iron 
Fermium 
Francium 
Gallium 
Gadolinium 
Germanium 
Hydrogen 
Helium 
Hafnium 
Mercury 
Holmium 
lodine 
Indium 
Iridium 
Potassium 
Krypton 
Lanthanum 
Lithium 
Lutetium 
Lawrencium 


Mendelevium 


Magnesium 
Manganese 


minerals, for example emeralds and 
diamonds produced in the laboratory, are 
not minerals because they do not occur 
naturally. The “minerals” referred to in 
foods are also not strictly minerals—they 
refer to elements, such 
as iron, calcium, or zinc. 
Synthetic ruby boule 
Rubies and other gems grown 
synthetically are not classified 
as minerals. Some gems, such as 


yttrium-aluminum garnet, do not 
even occur in nature. 


the components may be variable. For 
olivine, where complete substitution is 
possible between iron and magnesium 
(Mg), the formula is (Fe,Mg).SiO,, 
indicating that iron and magnesium 
are found in varying amounts. 


Symbol Name Symbol Name 


Mo Molybdenum Sb 
N Nitrogen Sc Scandium 
Na Sodium Selenium 
Nb Niobium i Silicon 
Nd Neodymium Samarium 
Ne Neon Tin 

Ni Nickle Strontium 
No Nobelium Tantalum 
Np Neptunium Terbium 
O Oxygen Technetium 
Os Osmium Tellurium 
P Phosphorus Thorium 
Pa Protactinium Titanium 
Pb Lead Thallium 
Pd Palladium Thulium 
Pm Promethium Uranium 
Po Polonium Vanadium 
Pt Platinum Tungsten 
Pr Praseodymium Xenon 

Pu Plutonium Yttrium 
Ra Radium Ytterbium 
Rb Rubidium Zinc 

Re Rhenium Zirconium 
Rh Rhodium 

Rn Radon 

S Sulfur 


Antimony 


CLASSIFYING MINERALS 
Minerals are primarily classified according 
to their chemical composition. Shown 
below are the major chemical groups, with 
an example of each. Minerals are further 
classified into subgroups, with each 
subgroup taking its name from its most 
typical mineral. A radical is a group of 
atoms that acts as a single unit. 


Native elements 

Minerals formed of a single 

chemical element—metals 

. such as gold and copper 
4 and nonmetals such 

B as sulfur and carbon 

& —are called native 

wee elements. 


GRAPHITE 


BRUCITE 


Hydroxides 

Hydroxide minerals contain a hydroxyl (hydrogen and 
oxygen) radical combined with a metallic element. 
In brucite, the metallic element is magnesium. 


coating 
of blue 
smithsonite 


Carbonates 

The carbonate radical, 
consisting of carbon and 
oxygen, combines with 

a metal or semimetal to 
form carbonate minerals. In 
smithsonite, the metal is zinc. 


SMITHSONITE 


COLEMANITE ` 3 
Borates and nitrates 
Borates contain radicals of boron and oxygen, and 
nitrates, radicals of nitrogen and oxygen. In colemanite 
boron and oxygen combine with calcium and water. 


Silicates 

In this group, silicon and 
oxygen form a silica radical 
that combines with metals 
or semimetals. Silica occurs 
alone as quartz, as in this 
amethyst specimen. 


AMETHYST 


CHALCOCITE 


Sulfides 

The sulfides are formed when a metal or semimetal 
combines with sulfur. In chalcocite, the metallic 
element is copper. 


Oxides 

When oxygen alone 
combines with a metal 
or semimetal, an oxide 
is formed. Corundum is 
aluminum oxide, with a 
red variety called ruby. 


RUBY 


Halides 

A halogen element 
(chlorine, bromine, 
iodine, or fluorine) 
combined with a metal 
or semimetal makes 

a halide. Sylvite is a 
compound of chlorine 
and potassium. 


SYLVITE 


Arsenates, phosphates, 
=» and vanadates 
| In these minerals, a radical of 
= oxygen and either arsenic, 
` phosphorus, or vanadium 
-= combines with a semimetal 
~ or metal. Apatite is a phosphate. 


APATITE 


Sulfates, chromates, 
tungstates, and molybdates 
Sulfur, molyodenum, chromium, or 
tungsten form a radical with 
oxygen that combines with a 
metal or semimetal. Celestine 


is a Sulfate. 


CELESTINE 


Organic minerals 

This group includes some 
naturally occurring substances, 
such as shell and coral, that are 
generated by organic means. 
Amber is a fossil resin. 


AMBER 
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IDENTIFYING MINERALS 


There are certain physical properties determined by the crystalline 
structure and chemical composition of a mineral. These can 
commonly help to identify minerals without the use of expensive 
equipment. Even a beginner can readily use these pointers. 


COLOR 

Some minerals have characteristic 
colors—the bright blue of azurite, the 
yellow of sulfur, and the green of 
malachite allow for easy identification. 
This is not true of all minerals—fluorite 
occurs in virtually all colors, so it is best 
identified by other properties. 

In minerals, color is caused by the 
absorption or refraction of light of particular 
wavelengths. This can happen for several 
reasons. One is the presence of trace 
elements—‘“foreign” atoms that are not 
part of the basic chemical makeup of the 
mineral in the crystal structure. As few as 
three atoms per million can absorb enough 
of certain parts of the visible-light spectrum 
to give color to some minerals. Color can 


GREEN FLUORITE 


Color range 

These specimens show only a few of the many colors 
that can occur in fluorite. Different coloration depends 
on a number of factors. 


Color variation in opal 
The play of colors or fire in opal 
=~ is due to the arrangement of 
microscopic silica spheres. L 
< A * A microscope image shows | 
| opal's fractured surface. 


YELLOW FLUORITE 


also result from the absence of an atom 

or ionic radical from a place that it would 
normally occupy in a crystal. The structure 
of the mineral itself, without any defect or 
foreign element, may also cause color: opal 
is composed of minute spheres of silica 
that diffract light; and the thin interlayering 
of two feldspars in moonstone gives it 
color and sheen. 


botryoidal 
habit 


Azurite 

Some minerals can be identified by their characteristic 
color. The copper carbonate azurite is always 

azure blue. 


PURPLE FLUORITE 


vitreous luster color play 


Pe ie 


LUSTER 

A mineral's luster is the appearance of 
its surface in reflected light. There are 
two broad types of luster: metallic and 
nonmetallic. Metallic luster is that of an 
untarnished metal surface, such as gold, 
silver, or copper. These minerals tend to 
be opaque. Minerals with nonmetallic 
luster commonly show transparency 

or translucency. Vitreous describes 


nonreflective 
luster -—. 
Vitreous 


Dull 

A dull luster is seen in this specimen 
of hematite. It is nonreflective but 
not as granular in appearance as 
earthy luster. 


translucent 
crystal 


Resinous 

Native sulfur crystals 
are transparent or 
translucent, with a 
resinous luster that 
resembles the surface 
of tree resin. 


greasy luster 


transparent 
octahedron 


Greasy Adamantine 


Many silicate minerals, such as 
this quartz crystal, have a vitreous 
luster. This luster appears similar 
to the surface of glass. 


the luster of a piece of broken glass; 
adamantine, the brilliant luster of diamond; 
resinous, the luster of a piece of resin; 
and pearly, the luster of mother-of-pearl 

or pearl. Greasy luster refers to the 
appearance of being covered with a thin 
layer of oil, and silky, the appearance of the 
surface of silk or satin. Dull luster implies 
little or no reflection, and earthy luster the 
nonlustrous look of raw earth. 


glasslike 
luster 


satinlike sheen 


Silky 

The borate ulexite exhibits a 
silky luster, with the surface 
sheen resembling a bolt of 
satin or silk. 


Metallic 

The sulfide galena 
has a metallic luster 
and a distinctive 
cleavage. Metallic 
luster looks like 
the reflection from 
new metal. 


bright sheen 


dry, soil-like 


Earthy 


Orpiment can appear greasy— 
resembling an oily surface—or 
resinous. The difference between 


Adamantine is the brightest of lusters, 
with an appearance similar to the 
surface of this diamond. It is brighter 


Minerals with an earthy luster, 
such as this fine-grained calcite, 
have the look of freshly broken, 


the two lusters is subjective. than vitreous luster. 


STREAK 

The color of the powder produced when 
a specimen is drawn across a surface 
such as unglazed porcelain is known as 
streak. A mineral’s streak is consistent 
and is a more useful diagnostic indicator 
than its color, which can vary. Streak can 
help distinguish between minerals that 
are easy to confuse. For example, the 
iron oxide hematite has a red streak, 
while magnetite, another iron oxide, 
gives a black streak. 


dry soil. 


Consistent streak 

The streak of a mineral is consistent from specimen to 
specimen, as long as an unweathered surface is tested. 
It is the same as the color of the powdered mineral. 


bus. Set the rotary switch on the multimeter 


to measure voltage, and it returns the results. 
Ra R; 
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Note The circuit used in a multimeter to 
measure voltage places a large-value resistor 
in parallel with R 2 so that the test itself does 
not cause any measurable drop in the 


current passing through the circuit. 


Tip Whenever you perform tests on a circuit, 
attach alligator clips or test clips with plastic 
covers to the ends of the probes. This aids 
the probes in grabbing the jumper wires with 
little chance that they'll cause a short. 

Current 
The following figure shows how you connect a 
multimeter to a voltage divider circuit to 


CLEAVAGE 

The ability of a mineral to break along flat, 
planar surfaces is called cleavage. It occurs 
in the crystal structure where the forces 
that bond atoms are the weakest. Cleavage 
surfaces are generally smooth and reflect 
light evenly. Cleavage is described by its 
direction relative to the orientation of the 


cleavage plane 


Perfect cleavage 

This topaz crystal exhibits 
perfect cleavage. It breaks 
cleanly parallel to its base, 
and is thus said to have 
perfect basal cleavage. 


FRACTURE 

Some minerals can break in directions 
other than along cleavage planes. These 
breaks, known as fractures, help in 
identifying minerals. For example, hackly 
fractures (with jagged edges), are often 


conchoidal 
fracture 


hackly fracture 
surface 


glassy texture 


Conchoidal 

This obsidian nodule shows 
conchoidal fracture, with fractures 
Shaped like a bivalve seashell. It is 
commonly seen in silicates. 


Hackly 


of most metals. 


TENACITY 

The term tenacity describes the physical 
properties of a mineral based on the 
cohesive force between atoms in 

the structure. Gold, silver, and copper are 
malleable and can be flattened without 
crumbling. Sectile minerals can be cut 
smoothly with a knife; flexible minerals 
bend easily and stay bent after pressure 
is removed; ductile minerals can be drawn 
into a wire; brittle minerals are prone to 
breakage; and elastic minerals return to the 
original form after they are bent. 


This gold nugget shows hackly 
fracture, with sharp edges and 
jagged points. It is characteristic 


crystal and by the ease with which it is 
produced. If cleavage easily produces 
smooth, lustrous surfaces, it is called 
perfect. Distinct, imperfect, and difficult 
indicate less easy kinds of cleavage. 
Minerals may have different quality 

cleavages in different 
directions. Some have 
no cleavage at all. 


cleavage planes 
cross each other 


Clear breaks 

The cleavage planes of this 
baryte crystal are clearly visible. 
Baryte has perfect cleavage in 
different directions, as seen 

in this specimen. 


found in metals, while shell-like conchoidal 
fractures are typical of quartz. Other 
terms for fractures include even (rough 
but more or less flat), uneven (rough and 
completely irregular), and splintery (with 
partially separated fibers). 


irregular surface 


Uneven 

This specimen of chalcopyrite 
shows uneven fracture. Its broken 
surface is rough and irregular, with 
no pattern evident. 


Ductile copper 

Like many other native metals, 
copper is ductile. This means 
that it can be drawn into 

a wire without breaking. 


Malleable gold 

The malleability of gold 
allows it to be wrought 
into elaborate shapes. 

It can also be hammered 
into sheets thinner 

than paper. 


HARDNESS 

The hardness of a mineral is the relative 
ease or difficulty with which it can be 
scratched. A harder mineral will scratch a 
softer one, but not vice versa. Minerals are 
assigned a number between 1 to 10 on the 
Mohs scale, which measures hardness 
relative to ten minerals of increasing 


hardness. Hardness differs from toughness 
or strength; very hard minerals can be quite 
brittle. Most hydrous minerals—those that 
contain water molecules—are soft, as are 
phosphates, carbonates, sulfates, halides, 
and most sulfides. Anhydrous oxides— 
those without water molecules—and 
silicates are relatively hard. 


Hardness Mineral Other materials for hardness testing 


Talc Very easily scratched by a fingernail 
Gypsum Can be scratched by a fingernail 
Calcite Just scratched with a copper coin 
Flourite Very easily scratched with a knife but 
not as easily as calcite 

Scratched with a knife with difficulty 
Cannot be scratched with a knife but 
scratches glass with difficulty 


Scratches glass easily 
Scratches glass very easily 
Cuts glass 


Cuts glass 


Apatite 
Orthoclase 


Fingernail test 

The fingernail is about 2% on the 
Mohs scale and can scratch talc 
and gypsum. The hardness of other 
common items is also noted on 
the scale. 


Quartz 
Topaz 
Corundum 
Diamond 


REFRACTIVE INDEX 

Light changes velocity and direction as it 
passes through a transparent or translucent 
mineral. The extent of this change is 


Double refraction 
A calcite rhomb 

is said to be double 
refractive. It refracts 


measured by the refractive index: the ratio light at two 
of light's velocity in air to its velocity in the i ae 
crystal. A high index causes dispersion of double image. 


light into its component colors. Refractive 
indices can be found using specialized 
liquids or inexpensive equipment. 


FLUORESCENCE 

Some minerals exhibit fluorescence—that 
is, they emit visible light of various colors 
when subjected to ultraviolet radiation. 
Ultraviolet lights for testing fluorescence 
can be obtained from dealers selling 
collectors’ equipment. Fluorescence is an 


imperfect indicator of a mineral's identity 
because not all specimens of a mineral 
show fluorescence, even if they look 
identical and come from the same location. 


calcite cluster 


fluorescence from 
manganese 


Manganoan calcite 

This yellowish specimen of 
manganese-rich calcite fluoresces 
rose pink when lit by ultraviolet 
light. Its fluorescence varies 
with manganese 
concentration. 


% 


CALCITE UNDER = 
NATURAL LIGHT 


CALCITE UNDER 
ULTRAVIOLET LIGHT 
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WHAT ARE CRYSTALS? 


Virtually all minerals are crystalline—solids in which the component 
atoms are arranged in a particular, repeating, three-dimensional 
pattern. All crystals of a mineral are built with the same pattern. Some 
are 10 feet long; others can only be seen with a microscope. 


ATOMIC STRUCTURE 
A crystal is built up of individual, identical, atomic bond 
structural units of atoms or molecules 
called unit cells. A crystal can consist atom 
of only a few unit cells or billions of 
them. The unit cell is repeatedly repeated 
in three dimensions, forming the larger 
internal structure of the crystal. The 
shape of the unit cell and the symmetry Crystal structure l 
i ps Stick-and-ball diagrams, such as this one, 
of the structure determine the positions 


show how each atom in the structure of a 
and shapes of the crystal's faces. crystal is bonded to others. 


Crystals of many different minerals have 
unit cells that are similar in shape but are 
made of different chemical elements. The 
final development of the faces of a crystal is 
determined by the symmetry of the atomic 
structure and by the geological conditions 
at the time of its formation. Certain faces 
may be emphasized, while others disappear 
altogether. The final form taken by a crystal 
is known as its habit (pp.20-21). 


atom 


Crystal 
structure 
Unit cells are 
repeated in three 
dimensions to 
build the crystal 
structure. 


unit cells combine 
to form the crystal 
structure 


MARCASITE 

CRYSTALS 

metallic 
lustre 


rosette-shaped 
aggregate 


Y Structure of marcasite 
Crystals of marcasite are 
created from repeating 
arrangements of atoms of 
iron and sulfur. 


CRYSTAL SYMMETRY 

All crystals exhibit symmetry because 
each crystal is built up of repeating 
geometric patterns. These patterns of 
crystal symmetry are divided into six main 
groups, or crystal systems (pp.22-23). 
The first of these symmetrical patterns 
is the cubic system, in which all crystals 
exhibit cubic symmetry. The characteristics 
of cubic symmetry may be explained as 
follows: if opposite face centers of a 
cube-shaped cubic crystal, such as 


symmetry 
axes 


Cubic symmetry 

All cubic crystals, such 
as those of halite (right), 
have three axes of 
fourfold symmetry. 


TWIN CRYSTALS 

When two or more crystals of the same 
species (a group of minerals that are 
chemically similar), such as gypsum or 
fluorite, form a symmetrical intergrowth, 
they are referred to as twinned crystals. 
Twins can be described as interpenetrating 
or contact. Penetration twinning may 
occur with individual crystals at an angle 
to one another—for example, forming a 


parallel area of 
twins intergrowth 
CONTACT TWIN CARLSBAD 
PENETRATION TWIN 


Contact and penetration twins 

Parallel twinning is a kind of contact twinning in 
which two or more crystals share a common face 
or faces. Penetration twinning results from crystals 
growing into each other. 


HALITE 


halite, are held between the thumb and 
forefinger and the crystal is rotated 
through 360 degrees, the pattern of faces 
will appear identical four times as the 
different faces and edges come into view. 

All cubic crystals have three axes of 
fourfold symmetry. They have other axes of 
symmetry, but these differ among classes 
within the cubic system. For example, 
cube-shaped crystals of halite have three 
axes of fourfold symmetry, in addition to its 
four axes of threefold symmetry. 


chlorine 
atom 


cubic crystal 


sodium atom 


Halite atomic structure 
This diagram shows the cubic 
arrangement of sodium 

and chlorine atoms in the 
halite structure. 


cross. It can also occur with individual 
crystals parallel to one another, as in 
Carlsbad twinning. If a twin involves three 
or more individual crystals, it is referred 
to as a multiple twin or a repeated twin. 
Albite often forms multiple twins. Many 
other minerals form twins, but they are 
particularly characteristic of Some, Such as 
the “fishtail” contact twins of gypsum or 
the penetration twins of fluorite. 


center of 
twinning 


Cyclic twin 

Cyclic twins occur when more than two crystals are 
twinned at a common center. This specimen of cerussite 
shows the cyclic twinning of three crystals all at 60° 
angles to each other. 


CRYSTAL HABITS 


Habit refers to the external shape of a crystal or an assemblage 
of intergrown crystals. It includes names of crystal's faces, such 
as prismatic and pyramidal, names of forms, such as cubic and 

octahedral, and descriptive terms, such as bladed and dendritic. 


CRYSTAL FACES 

The three types of crystal face—prism, 
pyramid, and pinacoid—are determined 
by a relationship to a crystallographic 
axis (p.22). Prism faces are parallel to the 
axis; pyramid faces cut through the axis 
at an angle; and pinacoid faces are at 
right angles to the axis. A crystal may 
have numerous sets of pyramid faces, 
each at a different angle to the c axis. 
Crystals may also have major and minor 
prism faces with edges parallel to each 
other. In most crystals, some faces are 
more developed than others. 


pinacoid 
face 
pyramid 


oe face 


Prismatic topaz 
Although this topaz 
crystal exhibits 
prismatic, pryamidal, 
and pinacoidal 
faces, the bulk 

of the crystal is 
defined by its 
prism faces and 

it is therefore 
called prismatic. 


CRYSTAL FORMS 

Habits can be named after crystal forms: 
“cubic” implies crystallizing in the form 
of cubes; “dodecahedral,” in the form of 
dodecahedrons; and “rhombohedral,” 
in the form of rhombohedrons. When 
crystals of one system crystallize in forms 
that appear to be the crystals of another 
system, the habit name is preceded by 
the word “pseudo.” When terminations 
take different forms in the same crystal, 
the habit is known as hemimorphic. 


Prismatic 
Prism faces clearly 
predominate in this long 
specimen of beryl. Its habit 
is therefore described as 
long prismatic. 


pinacoid face 


pyramid faces 
prism face 


Naming crystal faces 
The names of crystal faces 
and their relationship to 
the c axis are shown here. 
The predominant crystal 
face gives the crystal its 
habit name. 


caxis | 


pyramid face 


long 
prismatic 
habit 


dipyramidal 
habit 


prism 
face 


Pyramidal 

If pyramid faces dominate in one 
direction, the habit is pyramidal. If 
pyramid faces dominate in both 
directions, as in this specimen of 
sapphire, the habit is dipyramidal. 


Octahedral octahedral 
This magnetite specimen has face 
crystallized as an octahedron 
and is said to have an 

octahedral habit. 


crystal forms as 
an octahedron, 
with eight 
plane faces 
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AGGREGATES 

Aggregates are groups of intimately 
associated crystals. In general, 
aggregates are intergrowths of 
imperfectly developed crystals. In 
some aggregates, the crystals may be 


massive habit 


Massive 

The massive habit occurs when there is a mass of 
crystals that cannot be seen individually, as in this 
Specimen of dumortierite. 


ae slender crystal 
radiating crystal 


groups 


Radiating 

This specimen of the 
Silicate pyrophyllite 
consists of crystals 
that appear to 
originate from a 
common center, 

so it is described 

as radiating. 


CRYSTAL APPEARANCE 

Some habits are descriptions of the general 
appearance of a crystal. The term “tabular” 
describes a crystal with large, flat, parallel 
faces; “bladed” describes elongated 


flat crystals 


Lamellar 

These mica crystals 
are described as 
having a lamellar habit. 
They are flat, platelike, 
individual crystals 
arranged in layers. 


microscopic. The type of aggregation 
is often typical of a particular mineral 
species. Terms used to describe 
aggregates include granular, fibrous, 
radiating, botryoidal, stalactitic, geodic, 
and massive. 


A? fibrous strands 
Fibrous 


The fibrous habit is an aggregate, consisting 
of slender, parallel, or radiating fibers. This 
tremolite specimen is a good example. 


grapelike bunch 


Botryoidal 
This hematite specimen 
has formed in globular 
aggregates that resemble a 
bunch of grapes. This habit is 
described as botryoidal. 


crystals that are flattened like a knife blade; 
“stalactitic” describes crystal aggregates 
shaped like stalactites; and “blocky” or 
“equant” describes crystals with faces that 
are roughly the same size in all directions. 


long, thin crystals 


layered crystals 


Needlelike 
This mass of slender, 
radiating mesolite 
crystals has an 
acicular habit, which 
means that the individual 
crystals are needlelike. 


fernlike 


Dendritic 
In dendritic aggregates, such - 
as this copper specimen, 
the crystals form as slender, 
divergent, plantlike branches. 


CRYSTAL SYSTEMS 


Crystals are classified into six different systems according to the 
maximum symmetry of their faces. Each crystal system is defined by 
the relative lengths and orientation of its three crystallographic axes— 
imaginary lines that pass through the centre of an ideal crystal. 


CUBIC TETRAGONAL 

Cubic crystals have three crystallographic Tetragonal crystals have three 

axes (a, a», and as) at right angles and of crystallographic axes at right angles—two 
equal length, and four threefold axes equal in length (a, and a»), and the third (c) 
of symmetry. The main forms within this | longer or shorter. These crystals have 
system are cube, octahedron, and rhombic | one principal, fourfold axis of symmetry. 
dodecahedron. Halite, copper, gold, silver, Crystals look like square or octahedral 


platinum, iron, fluorite, and magnetite prisms in shape. Rutile, zircon, cassiterite, 
crystallize in the cubic system, which is and calomel are minerals that crystallize 
also known as the isometric system. in the tetragonal system. 

a, axis a, axis cubic habit pyramid face 


a, axis 


we Vesuvianite 
Cubic crystal system = This vesuvianite crystal—with 
Pyrite crystals commonly form as cubes, but they prismatic, pyramidal, and 
can also occur as pentagonal dodecahedra and pinnacoid faces—shows 
octahedra, or combinations of all three forms. a classic tetragonal form. 


HEXAGONAL AND TRIGONAL Apatite 
Some crystallographers consider e e oa A 


hexagonal and trigonal crystals 
to comprise a single system, 
whereas others regard them 
as forming separate systems. 
Both crystalline forms have i 
three crystallographic axes a, axis 
(a,, a2, and as) of equal length. 
These are at 120 degrees to one 
another and to a fourth axis (c), which is 
perpendicular to the plane of the other 
three axes. Trigonal crystals have only 
threefold symmetry, whereas hexagonal 
crystals have sixfold symmetry. Minerals 
that crystallize in the hexagonal system 
include beryl (emerald and aquamarine) 
and apatite. Some of the minerals that 
crystallize in the trigonal system are 
calcite, quartz, and tourmaline. 


symmetry is hexagonal. Many 
“hexagonal” minerals fall into 
the trigonal system, when 


hexagonal 
GKARPNA seven systems are used. 
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MONOCLINIC 

The term “monoclinic” means “one 
incline.” Monoclinic crystals have three 
crystallographic axes of unequal length. 
One (c) is at right angles to the other 
two (a and b). These two axes are not 
perpendicular to each other, although 
they are in the same plane. The crystals 
have one twofold axis of symmetry. More 
minerals crystallize in the monoclinic 
system than in any other crystal system. 
Examples are gypsum, 
orthoclase, malachite, 
and jadeite. 


crystal with 
unequal sides 


ORTHOCLASE 


C axis 


Gypsum 

The parallelogram shape 
of this crystal of gypsum 
demonstrates the two 
unequal crystallographic 
axes and the third axis 
at right angles of the 
monoclinic system. 
Orthoclase, which 
belongs to the same 
system, often forms 
twinned crystals. 


a axis baxis 


transparent, 
diamond-shaped 
crystal 


ORTHORHOMBIC 

Orthorhombic means “perpendicular 
parallelogram”. Crystals in this system have 
three crystallographic axes (a, b, and c) 

at right angles, all of which are unequal 

in length. They have three twofold axes of 
symmetry. Minerals that crystallize in this 
system include olivine, aragonite, topaz, 
marcasite, and barite. 


pyramidal 
face 


C axis 


Topaz yl | 
The mineral topaz 

often forms beautiful, 
orthorhombic prismatic is 


crystals that are usually : y | 
terminated by pyramids or Pa a 

other prisms. The mineral y h À mm 
barite also forms US t ap 


orthornombic prisms. SE 


TRICLINIC 

Triclinic crystals have the 
least symmetrical shape, 
with three crystallographic 
axes of unequal length (a, 
b, and c) inclined at angles 
other than 90 degrees to 
each other. The orientation 
of a triclinic crystal is 
arbitrary. Minerals that 
crystallize in this system 
include albite, anorthite, 
kaolin, and kyanite. 


f axis 


triclinic axinite 
crystal 


Axinite 

The silicate axinite is a classic triclinic mineral. 
Several feldspars, including albite and microcline, 
are also triclinic. 


24 MINERALS | GEMS 


GEMS 


A gem is any mineral that is highly prized for its beauty, durability, 
and rarity. It is enhanced in some manner by altering its shape, 
usually by cutting and polishing. Most gems begin as crystals of 
minerals or as aggregates of crystals. 


HISTORY OF GEMS 

The use of gemstones in human history 
goes back to the Upper Paleolithic Period 
(25,000-12,000 sce). People were initially 
drawn by the bright colors and beautiful 
patterns of gems. When the shaping of 
stones for adornment first began, opaque 
and soft specimens were used. As shaping 


with gems 


a Ancient 
masterpiece 


# This ancient Egyptian 
chest ornament is inlaid 
EF with gold, finely cut lapis 
"lazuli, carnelian, and other 
gems. It is from the tomb of 
Tutankhamun (c.1361-13528c8). 


GEM MINING 

Gemstone deposits form in different 
geological environments. Perhaps the best 
known are the “pipes” of kimberlite, from 
which most diamonds are recovered by the 
hard-rock methods of drilling and blasting. 
Other gems also recovered from the rock in 
which they form are quartz varieties, opal, 
tourmaline, topaz, emerald, aquamarine, 
some sapphires and rubies, turquoise, lapis 
lazuli, and chrysoberyl. Hard and dense 


Gem panning 

Many gemstone minerals, such as sapphire and ruby, 
are heavier than normal stream gravels. These can be 
recovered using the slow but thorough panning method. 


wings embedded 


techniques improved, harder stones began 
to be cut into gems. Beads of the quartz 
varieties hard carnelian and rock crystal 
were fashioned in Mesopotamia (now Iraq) 
in the 7th millennium sce. Records of the 
time suggest that people thought that 
stones had a mystic value—a belief 

that persists to the present. 
-= y 


lapis lazuli 


Iraqi 
carnelian necklace 
This necklace was made in 
Mesopotamia (modern day Iraq) 
from lapis lazuli, carnelian, and 
etched carnelian. It dates from 
about 2500eceE. 


etched carnelian 


gemstones that are impervious to chemical 
weathering are carried by water to placer 
deposits such as river beds, beaches, and 
the ocean floor. Placer mining techniques 
mimic the creation of the placer by 
separating denser minerals in running 
water. The simplest methods are panning 
and sieving, or passing gravel through a 
trough of flowing water with baffles at the 
bottom. The lighter material washes away 
but denser gemstones remain. 


Diamond mine 
in Siberia 
Russia has 
become a 
major supplier 
of diamonds. 

In this mine, 
diamonds 

are being 
recovered from 
a diamond pipe. 


FACETING 

Gemstones can be shaped in several 
ways. Opaque or translucent semiprecious 
stones, such as agate and jasper, are 
tumble-polished, carved, engraved, or 
cut with a rounded upper surface and 

a flat underside. Grinding and polishing 
of flat faces on the stone is called faceting. 
Facets are placed in specific geometric 
positions at specific angles according to 
the bending of light within a particular 


stone. Transparent stones, such as 
amethyst, diamond, and sapphire, are 
faceted to maximize their brilliance and 
“fire” or enhance color. Although much 
material is ground away while cutting, 
the final value is much enhanced. 


Cutting a brilliant 

While faceting gemstones, care must be taken to 
preserve the maximum material and produce the 
best brilliance and color. 


= sE 


Rough choice Sawn in two Faceting begins Further facets Finished off 
The faceter selects The rough is sawn The major facets Smaller facets are After the first side 
his rough based 


on color, clarity, 

and shape, which 
determine the cut 
for the final gem. 


Accurate sawing 
saves time in the 
grinding process. 


GEM CUTS 

There are three basic types of facet cut: 
step (with rectangular facets), brilliant (with 
triangular facets), and mixed (a combination 
of the two). The first faceting probably 
involved diamond cutting in Italy prior to the 
15th century. First, only the natural faces of 
octahedral diamond crystals were polished. 


Gemstone shapes 

A principal criterion for the cutter in choosing a 
gemstone shape is the shape of the rough gemstone. 
This ensures that a minimum of valuable material is lost. 


BAGUETTE TABLE 


900 


OVAL PENDELOQUE MARQUISE 


to roughly the final are first ground cut after the major of the stone is cut, 
> shape of the gem. > onto the gem. The > facets. Based on >i is reversed and 
accuracy of these 
determines the 


final brilliance. 


the cut, there may 
be only a few or 
dozens of these. 


facets are placed 
on the second side 
in the same order. 


The rose cut was developed in the 17th 
century. By about 1700, the brilliant cut 
(today’s favorite for diamonds and other 
colorless gems) was created. The emerald 
cut was soon developed to save valuable 
material, as its rectangular cut conforms to 
the shape of emerald crystals. Today there 
are hundreds of possible gem cuts. 


SQUARE SCISSOR 


OCTAGONAL CUSHION 


ROUND MIXED 


measure current. Connect a multimeter In 
series with components in the circuit, and set 
the rotary switch to the appropriate ampere 
range, depending upon the magnitude of the 
expected current. To connect the multimeter 
in series with R 1 and R2, use a jumper 
wire to connect the +V bus to the red lead 
of a multimeter, and another jumper wire to 
connect the black lead of the multimeter to R 
1. These connections force the current 
flowing through the circuit to flow through the 
multimeter. 


R3 Ry 


ma cl | 
Note The circuit used in a multimeter to 


measure current passes the current through 
a low-value resistor so that the test itself 
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WHAT IS A ROCK? 


A rock is a naturally occurring and coherent aggregate of one or 
more minerals. There are three major classes of rock—igneous, 
sedimentary, and metamorphic. Each of these three classes is 
further subdivided into groups and types. 


TYPES OF ROCK gray quartz black mica pink feldspar 


crystals 


Igneous rocks form from melted rock 
called magma. When magmas solidify 
underground, intrusive rocks such as 
granite are created. Intrusive rocks are 
also known as plutonic rocks. If the magma 
flows onto the surface of the land or 
ocean bed, extrusive rocks such as 
basalt, are formed. 

Sedimentary rocks are usually made 
of deposits laid down on Earth's surface 
by water, wind, or ice. They almost 


always occur in layers or strata. Pink granite = l 

Stratification survives compaction and In this specimen of igneous pink granite, the three 
fe p ee essential components of all granites can be seen: 

cementation and is a distinguishing quartz, alkali feldspar, and mica. 

feature of sedimentary rocks. Some 

sedimentary rocks are of chemical origin, having been deposited in solid form from 


a solution. Others are of biochemical 
origin and are composed predominantly 
of the compound calcium carbonate. 

When existing rocks are subjected 
to extreme temperatures or pressures, 
or both, their composition, texture, and 
internal structure may be altered to 
form metamorphic rocks. The original 
rocks may be igneous, sedimentary, 
or metamorphic. 


Light-colored bands of igneous hydrothermal pegmatite, 
composed principally of quartz, can be seen here cutting 
across darker bands of metamorphic gneiss. 


Volcanic growth Marble quarry 


The eruption of extrusive magmas can create This dazzling white marble being quarried at 
volumes of igneous rock measured in cubic miles Carrara, Italy, is metamorphosed from a very 


on the surface of Earth. pure limestone. 


Meteorites are not considered igneous, 
sedimentary, or metamorphic but are a 
group of their own. Many are remnants of 
asteroids, which are themselves remnants 
of the formation of the Solar System. Some 
meteorites are remains of the nickel-iron cam 
cores of asteroids; some contain nickel- 
iron and minerals such as olivine from 
the mantles of asteroids; and others are 
made up principally of silicate minerals. 
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Sedimentary layers 

The Colorado River cuts through layers of sedimentary 
rock in the Grand Canyon, USA. The highest layers are 
the youngest, while the deepest are the oldest. 


THE ROCK CYCLE cycle, old rocks are broken down, new 
The series of processes by which rocksare minerals form, and new rocks originate 
created, broken down, and reconstituted from the components of the old. Thus 


as new rocks is known as the rock cycle. a rock that began at the surface as an 
These processes depend on pressure, igneous rock may be reworked into a 
temperature, time, and changes in sedimentary rock, metamorphic rock, 
environmental conditions in Earth's crust or new igneous rock to continue the 


and surface. At various stages in the rock cycle again. 


weathering, exposure, 


EXTRUSIVE * and movement followed 
IGNEOUS ROCK by burial 


SURFACE 


INTRUSIVE 
IGNEOUS ROCK 


_ CRUST 


MANTLE 
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The rock cycle 

This diagram summarizes the various elements of 
the rock cycle, from the creation of fresh igneous 
rock through erosion, deposition, and its reconstitution 
into new rock. 
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COLLECTING ROCKS 
AND MINERALS 


The world of rocks, minerals, gems, and fossils offers endless 
possibilities for the hobbyist. Only a small amount of specialized 
knowledge is required to open a whole world of enjoyment of 


some of nature’s finest creations. 


WHERE TO LOOK 
Most collectors begin by just 
accumulating rocks, minerals, and 
fossils. As their collection grows, 
they start being more selective, 
keeping only specimens with better 
color and crystallization and more 
interesting crystal forms. A wide range 
of specimens can be purchased from 
dealers, but it is often more enjoyable 
to find your own. In many countries, 
there are guidebooks that give precise 
directions to collecting localities for 
rocks, minerals, and fossils. 

Sample collection is not without 
its constraints: working mines and 
quarries have legal restrictions on people 
permitted on their premises; old mines 
are dangerous; old mine dumps have 
been gone over for decades by other 
collectors; and public access to land is 
often restricted. However, traditional 
collecting sites, such as road cuttings 
and eroded cliffs on shorelines, continue 
to provide excellent opportunities 
for collectors. 


Looking for gold 
The gold pan is an 
essential piece of 
kit for a collector. 
Many gemstones, 
such as garnet and 
Sapphire, can be 
found by panning. 


Field experience 

Rock collecting can be a hobby for a lifetime, 
as the collector develops knowledge and skills 
to enhance the activity. 


Road cutting 
The bank of a 
road cut through 
this pegmatite 
rock reveals giant 
feldspar crystals. 
Many fine rock 
and mineral 
specimens are 
derived from 
road cuttings. 


There is also an increasing number of 
collecting localities that are open to the 
public on the payment of a fee. Some 
clubs for collecting enthusiasts have 
their own collecting sites, and they also 
arrange trips to sites that are otherwise 
inaccessible to the public. Collectors 
should bear in mind that permission 
must always be sought to collect 
samples on private property. 


Old working 

While mine dumps are good sources 
of specimens, hidden workings and 
old machinery can pose a hazard to 
unwary collectors. 


SAFETY AND THE 

COLLECTING CODE 

While mineral collecting is generally a safe 
hobby, there are a few definite hazards 
that a collector needs to be aware of. The 
most dangerous collecting localities are 
around old mines and workings. Tunnels 
should never be entered—shoring 
timbers rot quickly, and cave-ins and rock 
falls are almost guaranteed to happen. 
Collectors must also pay attention to 
what is underfoot—old shafts are 
sometimes covered over. In any case, 
there is often remarkably poor collecting 
inside old mines because most material of 


TAKING NOTES 
When they start out, new collectors often 
ignore the need to write down information 
about their finds. But experience soon 
shows that investing in a notebook and 
devoting the minimal amount of time 
it takes to keep at least basic notes 
is essential. It is especially important 

: to make notes 
about exactly 
where specimens 
were found. A 
considerable time 
may go by before 
you revisit the 


Map and compass 
Tools such as a compass 
and a map or a GPS 
receiver are essential 

for identifying localities 
and relocating them 

at a later date. 
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Tempting tunnels 

Old mine shafts can be tempting, but are often highly 
dangerous places. In most cases better specimens are 
usually found in the mine dumps outside. 


value has usually already been removed 
by miners. Mine dumps, by contrast, can 
be a good source of specimens. However, 
caution should be exercized because 
mine dumps are often loosely piled and 
can be unstable. 

When collecting in beach cliffs, road 
cuttings, and rock falls, pay attention not 
only to loose material underfoot but also 
to anything that may fall or roll from above. 
It is best to avoid a collecting locality if you 
are not sure that is safe. 


locality, and by then, in the absence of 
notes, you will probably be unable to 
find the spot again. It is useful to make 
a sketch of important landmarks or 
outcrops, because these can help 
relocate a specific spot. 


Drawing locations 
It is useful to make 
drawings in notebooks O 
of locations and | 

the specimens they 
have yielded. 
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Correcting fluid 

Number each specimen with a note 

about their find-spot. A dab of correction 
| fluid makes a good label and can be 

removed if necessany. 


EQUIPMENT 


Mineral collecting is a safe hobby, but some simple pieces of 
equipment increase the safety factor dramatically. Just a few 
basics, such as the right hammer and chisel, a hard hat, goggles, 
gloves, and things you already have, will get you started. 


FIELD EQUIPMENT HARD HAT 
In addition to the basic collecting tools 
described here, safety equipment 
should be considered essential. Access 
to some collecting localities requires 
safety clothing such as a hard hat and 
fluorescent vest. Carry a cell phone with e A 
a fully charged battery with you even if i 
you are only going a short distance from 
the car. A fall into a ravine or another low 


Head and hand protection 
Flying rock splinters and falling rocks cause injuries 
to collectors every year. Hands, eyes, and heads are 


particularly vulnerable areas. Goggles are recommended LEATHER 
when breaking or splitting stone. GLOVES 
straight head 
for splitting 
hard rock 


SAFETY GOGGLES 
lump hammer 
head 


sharp 
sharp end flat end point 
to break 
rock with 


precision 


rubber 
or leather wooden 
grip handle 
GEOLOGISTS’ TRIMMING CLUB SAFETY 
HAMMER HAMMER HAMMER CHISELS 
Hammers Chisels 
Every year rock collectors are injured—sometimes Like rock hammers, the chisels used by geologists are 
blinded—by using the wrong hammers. Geologists’ made from special steels that resist splintering. Not all 


hammers are made of special steels. Their striking ends are essential but having two or three of different sizes 
are beveled to prevent steel splinters from flying off. will make cutting rock safer. 


brush for 
light cleaning 
flat brush 


trowel 


spot may take you out of sight of potential 
help and add hours to the time it takes to 
find you. In desert country, an adequate 
supply of water is essential, and if you 

are in snake country take an appropriate 
snake-bite kit. Clothing suitable to the 
weather and terrain is, of course, vital. 
Leave your low-cut shoes and sneakers 
at home. Leather boots offer better 


e 


trowel for 


a 


sediments 


scraper 


PEN KNIFE 


KNIVES AND 
SPATULAS 


Cleaning tools 

There are two types of cleaning tool: those for field use 
and those for cleaning specimens at home. Tools for 
field use are more robust and are used for separating 
specimens from adhering rock. 


removing soft 


magnifying 
glass 


Extra tools 

The experienced collector has a range of equipment for 
all collecting possibilities, from sieves and pans to various 
brushes and trowels. Most of these can be bought a few 
at a time as new collecting localities are visited. 


protection from snake bites, cactus 
spines, sharp stones, jagged metal, 
and rolling stones, and ensure much 
better traction. 


MAGNIFICATION 

There is an entire area of mineral 
collecting devoted to tiny crystals known 
as micromounts. Small crystals often 
develop superb forms and groupings 
that are obscured as the process of 
crystallization progresses. Micromount 
collectors need effective microscopes, or 
at the least large magnifiers, to examine 
and enjoy these minute specimens. For 
collectors not wishing to incur the expense 
of a microscope, a simple hand lens 
will reveal much of the beauty of the 
tiny micromounts. 


eyepiece 


objectives 


stage 


MICROSCOPE 


HAND LENS 


A closer look 

Most collectors of small crystals have a microscope to 
examine their specimens. The field equipment of every 
geologist and collector should include a hand lens with 
a magnification of about 10 times. 


IR 


ORGANIZATION, STORAGE, 
AND CLEANING 


Finding mineral specimens is only the first stage of collecting. 
The number of specimens damaged in the course of the journey 
home or while cleaning can be large. Care must therefore be 
taken from the moment a specimen is collected. 


TRANSPORTING SPECIMENS 
Wrapping of some sort is essential when 
transporting newly collected specimens, 
whether they are being carried in a 
backpack or a car. Delicate specimens 
should be wrapped first in tissue and 
then in newspaper. If your wrapping 
material is used Up, try leaves, grass, 

or pine needles as a natural alternative. 
Unwrap wet specimens and let them dry 
as soon as you get home. Cotton balls and 
cellulose wadding should be kept entirely 
away from specimens, because the fibers 
are almost impossible to remove. 


In the bag 

Rock samples can be carried in a cloth specimen bag. 
More sensitive specimens require elaborate wrapping 
so that they can be transported safely. 


CLEANING SPECIMENS 

AS a general rule, clean specimens as 
little as possible, starting with the gentlest 
methods first. Begin by using a soft brush 
to remove loose soil and debris. Hard 
rock specimens, such as gneiss or granite, 
are unlikely to be damaged by vigorous 
cleaning. With delicate minerals, such 

as Calcite crystals, it is essential to use 

a fine, soft brush. Never use hot water 

to wash a specimen, because the heat 


may Cause some minerals to crack or 
Shatter. Toothbrushes that use a pulsing 
water jet are useful cleaning tools. Soaps 
should be avoided, but if you must use 
them, choose liquid dishwashing soaps 
over hand or toilet soaps, which have 
additives that can penetrate specimens. 
The use of ultrasonic cleaners is not 
recommended—they can shatter delicate 
specimens even at low intensities. Certain 


Muddy rocks 
Many specimens will be muddy or dirty when 
collected. Most dirt is more easily removed when 
it is dry and can be lightly brushed off. 
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DISTILLED © HYDROCHLORIC 
WATER ACID 


Cleaning liquids 
Distilled (or deionized) 
water is good as a final 
wash for minerals. Weak 
hydrochloric acid is good 
for cleaning silicates, but 
always be aware of the 
risks involved. 


FINE 
POINTED 
SCRAPER 


BRADAWL 
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acids are suitable for cleaning specific 
minerals. Silicates are not harmed 

by weak acids, but carbonates and 
phosphates can be damaged by them. 

If you do use acids, seek specific 
information on their use from specialized 
books or other collectors. 


27% 


F 


Cleaning up 

Removing rock with fine specialist tools is often 
necessary when collecting fossils. The mineral 
collector, by contrast, is more likely to brush or 
wash off dirt from specimens. 
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DUSTING 
BRUSH 


POINTED 
SCRAPER 


SABLE 
BRUSH 


TOOTH 
BRUSH 
Cleaning tools 

A variety of tools is useful for cleaning specimens. 
Each specimen will present a different cleaning 
problem, so a selection of tools is necessary. 


STORAGE AND DISPLAY 

Once specimens have been collected 
and cleaned, they need to be stored or, 
in the case of the most attractive pieces, 
displayed. Many collectors like to store 
specimens in card trays inside shallow 
drawers. Once collected, some minerals 
are liable to experience physical and 
chemical effects that may change or 
sometimes even destroy them. Fortunately, 
these problems are well known and 
preventative measures can be taken 

in advance. 

Every specimen collected should be 
accompanied by a label with as much 
information about it as is feasible. For 
display, use a sturdy, preferably glass- 
fronted cabinet or shelf. Many guests will 
wish to handle specimens, but they may 
not be aware that handling can damage 
delicate examples. 


Mineral preservation 

Minerals such as orpiment and realgar are sensitive to 
light and need special storage methods. Other minerals 
may require either dry or humid conditions. 


Informative display 

People will admire your best specimens and also value 
information about them. Some collectors choose to 
provide museum-style information about specimens. 
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does not cause any measurable drop in the 


current. 

Resistance 
You typically use the resistance setting on a 
multimeter to check the resistance of 
individual components. For example, in 
measuring the resistance of R2 before 


assembling the circuit shown in the previous 
figure, the result was 5.0 kQ, slightly off the 
nominal 5.1 kQ stated value. 

You can also use a multimeter to measure 


the resistance of a component in a circuit. A 
multimeter measures resistance by applying a 
small current through the components being 
tested, and measuring the voltage drop. 
Therefore, to prevent false readings, you 
should disconnect the battery pack or power 
supply from the circuit before using the 
multimeter. 

Switches 

31 A mechanical switch IS a device that 
completes or breaks a circuit. The most 


familiar use is that of applying power to turn 
a device on or off. A switch can also permit 
a signal to pass from one place to another, 
prevent its passage, or route a signal to one 
of several places. 

In this book, you work with two types of 
switches. The first is the simple on-off switch, 
also called a single pole single throw switch. 
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NATIVE ELEMENTS 


There are 88 chemical elements known to occur in nature. Of these, 
less than two dozen are found uncombined with other elements. 
This group is called the native elements. Only eight of these native 
elements are found in significant quantities. 


COMPOSITION parallel twinned 
ae Eyi g crystals 

The native elements are classified into hae oo ee 

three groups: metals like copper and gold; =. Puy A Pi A 

semimetals like arsenic; and nonmetals AS sr, 

like sulfur and carbon. The metals rarely e 


form well-defined crystals; the semimetals 
typically occur as nodular masses; and 
the nonmetals form distinct crystals. 


Gold crystals i a 
This crystallized gold specimen is a ii 
rarity, because native metals rarely form 
well-defined crystals. Most occur in wirelike 

and branching forms or as nuggets. 


OCCURRENCE AND USES 
Native elements are known to form under 
a wide range of geologic conditions 


o SerUc tute and in a variety of rock types. A native 

In the orthorhombic crystal structure of sulfur, | t , | diff t 
strongly bonded rings of eight sulfur atoms are € ome! can occur IN severa ; | ae 
weakly bonded to neighboring rings. environments. Some are found in sufficient 


concentrations to form economically 
important deposits. 

Native gold and silver have been media 
of exchange for three millennia, and native 
copper and meteoric iron were among the 
first metals to be used by humans. 


Industrial tools 

This tool-maker is producing a diamond-edged 
industrial cutting tool. Although partly replaced 
by synthetic diamond, natural diamond 
continues to be used as an industrial abrasive. 


Sulfur crust = . 
Native sulfur builds up around fumaroles, where _ i 
sulfur-rich gas is vented around volcanoes. 

These fumaroles often produce magnificently 

crystallized specim 


ina Me 3 
ca ae 
_ ae m 


PROFILE ) 


i 
Cubic 
Md, 23 
Y 89 
NA None 


Hackly, ductile 


[AI Rose 
A Metallic 


massive 
copper 


| VARIANT | 


Dendritic copper A specimen 
of crystalline copper in the 
branching form 
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Native copper 

This specimen of native 
copper is accompanied 
by accessory quartz. 


crystalline copper 


accessory 
quartz 


COPPER 


In its free-occurring metallic state, copper 
was probably the first metal to be used by humans. 
Neolithic people are believed to have used copper as 
a substitute for stone by 8000 ace. Around 40006ce, 
Egyptians cast copper in molds. By 3500sce, copper 
began to be alloyed with tin to produce bronze. 
Copper is opaque, bright, and metallic salmon pink on 
freshly broken surfaces but soon turns dull brown. Copper 
crystals are uncommon, but when formed are either cubic 
or dodecahedral, often arranged in branching aggregates. 
Most copper is found as irregular, flattened, or ae 
masses. Itis one of the few metals , 
that occur in the “native” form 
without being bonded to other 
elements. Native copper seems 


to be a secondary mineral, Plumbing joint 

a result of interaction between Because It is easy to shape 
D j US and roll the metal, copper 

copper-Dearing Solutions a is widely used to make 


iron-bearing minerals. household pipes. 
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M4 4-4% 
Y 14.0-19.0 
NA None 
Hackly 
[A Whitish steel-gray 


A Metallic 


Granular habit Most 
platinum is recovered 
as small grains 


cube-shaped 
crystal 


Platinum crystals Isolated 
cubic crystals of platinum 


VARIANTS i 


| Dap 


Platinum nugget 

Although most of the platinum 
mined from placer deposits 
occurs as small grains, sizeable 
nuggets are sometimes found. 


rounded 
surface 


PLATINUM 


The first documented discovery of platinum was by the 
Spaniards in the 1500s, in the alluvial gold mines of the Río 
Pinto, Colombia. They called it platina del Pinto, from platina, 
which means “little silver,” thinking that it was an impure 
ore of silver. It was not recognized as a distinct metal until 
1735. It is opaque, silvery gray, and markedly dense. 
Platinum usually occurs as disseminated grains in iron- 
and magnesium-rich igneous rocks and in quartz veins 
associated with hematite (p.91), chlorite, and pyrolusite 
(p.80). When rocks weather, the heavy platinum 
accumulates as grains and nuggets p 
in the resulting placer deposits. 
Crystals are rare, but when found 
they are cubic. Most platinum for 
commercial use is recovered 
from primary deposits. Native 
platinum typically contains iron 
and metals such as palladium, 
iridium, and rhodium. 


Platinum ring 

A 2.5-carat, brilliant-cut 
diamond has been set in 
a platinum mounting 

in this ring. 
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Iron meteorite AS 
Most native iron is in Earth's core, ARA AAN 
but iron from meteorites, such as this epee CAS ee 
one, was used from about 30008cE. if £ 

Native iron is usually alloyed with nickel. 


AE, 
à 


bad T 

ee) Su E A = 
ds EM 
a A a Se 
hae oe Th A A Ta 
EAT CA tet Cpe ar 
a) a" b i jj 4 ry F 

” E T B 4 4 cs ait . ¿e e 


a o 
— T i 


intermixture of kamacite 
and taenite crystals 


metallic 
appearance 


crust formed as surface 
melts and then solidifies 
on entry to Earth's 
atmosphere 


PROFILE ) ij A Fe,Ni 
(Hi IRON 


coe Five percent of Earth's crust is made up of iron. 

aa 4 Native iron is rare in the crust and is invariably alloyed 
Md 7.379 with nickel. Low-nickel iron (up to 7.5 percent nickel) is 
VA Basal called kamacite, and high-nickel iron (up to 50 percent 
Hackly nickel) is called taenite. Both crystallize in the cubic system. 
[A Steel-gray A third form of iron-nickel, mainly found in meteorites 
A Metallic and crystallizing in the tetragonal system, Is called 


tetrataenite. All three forms are generally found either 
as disseminated grains or as rounded masses. 

Kamacite is the major component of most iron 
meteorites (p.335). It is found in 
most chondritic meteorites 
(0:397) sana occurs as 
microscopic grains in some 
lunar rocks. Taenite and 
tetrataenite are mainly found in viking axe head 
meteorites, often intergrown with This iron Viking axe head 

: ; pete from Frykat, Denmark, 

kamacite. Iron is also plentiful in 


has a shape commonly 
the Sun and other stars. used in weapons. 
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PROFILE 


) 
= 


Trigonal or hexagonal 
MZ 2-2% 


Y 9.7-9.8 
NA Perfect basal 


Uneven 


[A silver-white 


A Metallic 


metallic luster 


| VARIANT i 


Native bismuth Partly 
crystalline bismuth on rock 


| 


| 


Crystalline bismuth 

This group of intergrown bismuth 
crystals shows typical metallic 
luster and iridescence. 


lamellar habit 


BISMUTH 


As a native metal, bismuth has been known since the 
Middle Ages. A German monk named Basil Valentine first 
described it in 1450. Bismuth is often found uncombined 
with other elements, forming indistinct crystals, often in 
parallel groupings. It is hard, brittle, and lustrous. It is also 
found in grains and as foliated masses. Silver-white, it 
usually has a reddish tinge that distinguishes it. poe 
may have an iridescent tarnish. 
Bismuth is found in hydrothermal 
veins and in pegmatites (p.260) and 
is often associated with ores of tin, 
lead, or copper (p.37), from which 
it is Separated as a by-product. 
Bismuth expands slightly when it 
solidifies, making its alloys useful in | 
the manufacture of metal castings  Hopper-shaped crystals 
with sharp detailing. Bismuth salts  Laboratory-grown bismuth 
; crystals with cavernous 
ale oliemusedao socie drente e e on 
for digestive disorders. an array of colors. 
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Massive antimony 
PROFILE This specimen of massive antimony 
' -has a pale silvery gray color and the 
) occasional small crystal. 
Í m 


Hexagonal 

MÁ 3-3% 

Y 6.6-6.7 

NA Perfect basal 
Uneven 

Z ca me MN 
A Metallic eak i, A ie s dy dima Fa 


ey + caine ae 
BR cas tages dae 


massive habit 


small crystalline mass 


| VARIANT => if Á, Sb 
Muster ANTIMONY 


Although recognized as a metal since the 8th century 
or earlier, antimony was only identified as an element 
ge Lo in 1748. Crystals are rare but when found are either 
A A Y psuedocubic or thick and tabular. Antimony usually 
| occurs in massive, foliated, or granular form. It is lustrous, 
silvery, bluish white in color, and has a flaky texture that 
makes it brittle. It almost always contains some arsenic 
Antimony star A starry pattern and is found in veins with silver (p.43), arsenic (p.45), and 
noise | Otñerantimony minerals. | | 

| Antimony is extremely important in alloys. Even in 
minor quantities, it imparts strength and hardness to 
other metals, particularly lead, whose alloys are used 
in the plates of automobile storage batteries, in bullets, 
and in coverings for cables. Combined with tin and lead, 
antimony forms antifriction alloys called babbitt metals, 
which are used as components of machine bearings. 
Like bismuth (p.40), antimony expands slightly on 
solidifying, making it a useful alloying metal for 
detailed castings. 
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: =A, e Scales of gold 
- PROFILE | tae This specimen with thin plates 


of gold embedded in a quartz 


matrix is from Baita, in 
Cubic 


5 A «ts Transylvania, Romania. 
2-3 f 
JEL e 


None 


mass of soft, 


K 


Hackly 


Golden yellow 


K N AN & 


Metallic 


thin plate 
of gold 


massive quartz 


VARIANTS 


dan 
GOLD 


Throughout human history, gold has been the most 
prized metal. It is opaque, has a highly attractive metallic 
golden yellow color, is extremely malleable, and is usually 
found in a relatively pure form. It is remarkably inert, so it 
resists tarnish. These qualities have made it exceptionally 
Gold nugget An irregularly valuable. Gold usually occurs as treelike growths, grains, 
shaped gold nugget and scaly masses. It rarely occurs as well-formed crystals, 
| but when found these are octahedral or dodecahedral. 
Gold is mostly found in hydrothermal veins 
with quartz (p.168) and sulfides. 
Virtually all granitic igneous rocks— 
in which it occurs as invisible, 
disseminated grains—contain 
pa low concentrations of gold. 
quartz | "0 Almost all of the gold recovered | 
k since antiquity has come from Garnet in gold 
placer deposits—weathered gold This gold ring has an 
; ae al unusual demantoid 
particles concentrated in river 


(yellow-green) garnet 
and stream gravel. set in it. 


Gold crystals Crystalline gold 
in a dull quartz matrix 
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Wire silver 

This exceptional specimen of wire 
wiry silver silver from Kongsberg, Norway, is 

tarnished on a number of surfaces. 


accessory quartz 


crystal growth 
stages visible 
as ridges 


tarnished 
surface 


PROFILE 
Cubic 

`M Des 
Y 10.1-11.1 
NA None 


Hackly 
[A Silver-white 


A Metallic 


[varans as 
SILVER 


The earliest silver ornaments and decorations were 
found in tombs that date as far back as 4000 ace. Silver 
coinage began to appear around 550sce. Opaque and 
bright silvery white with a slightly pink tint, silver readily 
tarnishes to either gray or black. Natural crystals of silver are 
uncommon, but when found they are cubic, octahedral, or 
dodecahedral. Silver is usually found in granular habit and 
as wiry, branching, lamellar, or scaly masses. 

Widely distributed in nature, silver 
is a primary hydrothermal mineral. 
It also forms by alteration of other 
Silver-bearing minerals. Much 

. of the world's silver production 

metallic : W 
luster is a by-product of refining lead, 
copper (p.37), and zinc. Silver is 
the second most malleable and silver inkwell 


| ductile metal, and it is important This Guild of Handicraft 
textured silver inkwell of 


in the photographic and square, tapering form has 
electronic industries. a blue enamel cabochon. 


quartz 


= 


Tarnished silver A tarnished 
specimen of wiry silver 


treelike 


Dendritic silver Superbly 
crystalline, dendritic silver 


~œ Sulfur crystals 


PROFILE | Yellow orthorhombic crystals 


of sulfur are set in a rock matrix 
in this specimen from Conil, 
Andalucía, Spain. 


| A. 
Me 1%-2% 
Y 2.1 

JA indistinct 


Conchoidal to uneven, 
brittle 


[Al white 


A Resinous to greasy 


resinous luster 


a ok ga 


crystals up to 
2in (4cm) long 


orthorhombic 
crystal 


G 
n P 
MARA 


rock matrix 


VARIANTS 5 


das 
SULFUR 


The ninth most abundant element in the Universe, 
after oxygen and silicon, sulfur is the most abundant 
constituent of minerals. It occurs in the form of sulfides 
(pp.49-64), sulfates (pp.132-41), and elemental sulfur. 


Fumarole crystals A crust of The bright yellow or orangish color of sulfur makes 
very small sulfur crystals from a the mineral easy to identify. Sulfur forms pyramidal or 
elo sien ESE tabular crystals, encrustations, powdery coatings, and 
granular or massive aggregates. Crystalline sulfur may 
a exhibit as many as 56 different habits. 
fumaroles, but it can also result 


from the breakdown of sulfide 
ore deposits. Massive sulfur is 3 
found in thick beds in sedimentary 
rocks, particularly those associated 
with salt domes. Sulfur is a Powdered sulfur 
poor conductor of heat, which Sulfur is used in a number 
of industrial and medicinal 
means that specimens are warm 


applications, including in the 
to the touch. production of sulfuric acid. 


Most sulfur forms in volcanic "O ~ 
. 
p" 


b 
a` 1 


Acicular sulfur Elongated 
sulfur crystals on rock 
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Botryoidal arsenic 


PROFILE In this specimen, native arsenic 
has a metallic luster and exhibits 
Y a typical botryoidal habit. 
Hexagonal botryoidal 
habit 
AVA oe 


wy 57 
NA Perfect, fair 
Uneven, brittle 


[A Gray 


MA Metallic or dull 
earthy 


metallic luster 


gray tarnished 
surface 


) Bas 
- ARSENIC 


Known since antiquity, arsenic is widely distributed in 
nature, although it is unusual in native form. It is classified 
as a semimetal, because it possesses some properties of 
metals and some of nonmetals. Crystals are rare, but 
> when found they are rhombohedral. Arsenic usually 
Massive arsenic A darkly occurs in massive, botryoidal to reniform, or stalactitic 
fat a ae ee habits, often with concentric layers. On fresh surfaces, 
arsenic is tin-white, but it quickly tarnishes to dark gray. 
Native arsenic is found in —_— 
hydrothermal veins, often associated S a ~ 
with antimony (p.41), silver (p.43) S 
cobalt, and nickel-bearing minerals. Se 
It is highly poisonous, although it wF 
is used in some medicines to 
treat infections. Arsenic-based 
compounds can be used in alloys Arsenic paint 
to increase high-temperature Ancient Egyptian artists 
ae used orange-red colors 
Strength and as a herbicide 


es made from powdered 
and pesticide. arsenic sulfide. 


The second is the single pole double throw 
switch. Figure 1.11 shows the circuit symbols 
for each. 
Figure 1.11 
Single pole double throw 

ON-OFF switch or SPDT switch 

in the OFF position ==> 
Keep in mind the following two important 
facts about switches: 

A closed (or ON) switch has the total circuit 
current flowing through it. There is no 
voltage drop across its terminals. 

An open (or OFF) switch has no current 
flowing through it. The full circuit voltage 
appears between its terminals. 

The circuit shown in Figure 1.12 includes a 
closed switch. 
Figure 1.12 

L0 V =——— >10 9 

Questions o 
A. What is the current flowing through the 
switch? = 
B. What is the voltage at point A and point B 
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Massive graphite 


PROFILE | As seen in this massive 

- | specimen, graphite has a 
soapy or greasy feeling perfect cleavage 
when touched. = 

Hexagonal 

MÁ 12 

Y 22 

NA Perfect basal 

Uneven | 

[A Black to steel-gray, | 


shiny 


MA Metallic or dull 
earthy 


massive habit 


metallic luster 


| VARIANTS | H AC 


GRAPHITE 


Like diamond, graphite is a form of native carbon. It 

takes its name from the Greek term graphein, which 

means “to write"—a reference to the black mark it leaves 

on paper. Graphite is opaque and dark gray to black. It 

e occurs as hexagonal crystals, flexible sheets, scales, or 

Black graphite A lump of 

compact, black graphite large masses. It may be earthy, granular, or compact. 
Graphite forms from the metamorphism of 

carbonaceous sediments and the reaction of carbon 

compounds with hydrothermal solutions. Graphite 

looks dramatically different from diamond and is at 

the other end of the hardness i 

scale. Graphite's softness is due to 

the way carbon atoms are bonded 

to each other—rings of six carbon yi 

atoms are arranged in widely 

spaced horizontal sheets. The Graphite pencil 

Crystalline graphite A | atoms are strongly bonded within The familiar pencil “lead” 

Ae the rings but very weakly bonded Cotas graphite. The first 


metallic luster use of graphite pencils 
| between the sheets. was described in 1575. 


| PROFILE 


| is 
| Cubic 


NAO 


M4 3.4-3.5 


NA Perfect octahedral 


Conchoidal 


[A will scratch streak plate 


YA Adamantine 


rock 
matrix 


_ VARIANTS 


Carbonado A form of black 


industrial diamond 


Pink diamond 
A rare pink 
diamond 
crystal 


Bort 
diamond 


1 Acrystal of 


black bort 
diamond 
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¿Diamond in a matrix 

| An octahedral diamond crystal 

“rests in the kimberlite matrix in 
which it was found. 


yellowish 
octahedral 
crystal 


adamantine luster 


oC 


DIAMOND 


The hardest known mineral, diamond is pure carbon. 
Its crystals typically occur as octahedrons and cubes with 
rounded edges and slightly convex faces. Crystals may 
be transparent, translucent, or opaque. They range from 
colorless to black, with brown and yellow being the most 
common colors. Other forms include bort or boart 
(irregular or granular black diamond) and carbonado 
(microcrystalline masses). Colorless gemstones 
are most often used in jewelry. 
Most diamonds come from two 
rare volcanic rocks—lamproite and 
kimberlite (p.269). The diamonds 
crystallize in Earth’s mantle, 
generally more than 95 miles 
(150 km) deep, and are formed 
up to Earth's surface through Hope Diamond 
volcanism. Diamonds are also Blue in color, the 
found in sediment deposited by eee es 
is probably the world’s 
rivers or melting glaciers. most famous diamond. 
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SULFIDES 


Sulfides are minerals in which sulfur (a nonmetal) is combined either 
with a metal or a semimetal. Some sulfides are brilliantly colored, 
and most of them have low hardness and high specific gravity. 
Sulfides are common and are found widely in nature. 


Red River deposit 

Sulfide deposits in the Rio Tinto 
area of southwestern Spain have 
| been mined for silver, zinc, and 
| copper since 800BCE. 


= —e >. 


COMPOSITION 

Most sulfides have simple atomic 
structures, in which sulfur atoms are 
stacked alternately with metal or semimetal 
atoms and arranged as cubes, octahedra, 
or tetrahedra. This yields highly symmetrical 
crystal forms. Except in a few sulfides, 
such as orpiment and realgar, the 
symmetrical form also gives rise to 


i i, > 


sulfur 
atom 


copper or 
iron atom 


Crystal structure 
of bornite 
Bornite is a compound 
of copper, iron, and 
sulfur, whose atoms 
link together to 

form tetrahedra. 


metallic 
luster 


Crystalline pyrite 

The iron sulfide pyrite, also called fool's gold, is one 
of the most common sulfides. The cubic crystals of 
pyrite reflect its simple atomic structure. 


many of the properties also found in 
metals, including metallic luster and 
electrical conductivity. 


OCCURRENCE AND USES 
Sulfides tend to form primarily in 
hydrothermal veins, from fluids circulating 
within fractures in Earth’s crust. Sulfides 
such as pyrite and marcasite can form in 
sedimentary environments; others may 
form in magmas. It is common to find 
several sulfide minerals together. 
Sulfides are the major ore minerals 
of many metals, including lead, zinc, iron, 
antimony, bismuth, molybdenum, nickel, 
Silver, and copper—all of which have 


industrial uses. Gold is commonly found 
in Sulfide deposits. 


Die production 

Sphalerite—a zinc sulfide—is the principal ore of zinc, 
which is used for die-cast components to galvanize, 
or coat, iron and steel. 
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PROFILE 
Monoclinic 
Md 2-2% 


Y 7.2-7.4 


YA indistinct 


Subconchoidal, sectile 


Tal Black 
A Metallic 


uneven 
fracture 


metallic 
luster 


luster less 
brilliant on 
exposed 
surfaces 


Blocky, prismatic crystals 

In this pseudomorph specimen, 

darkened, weathered argentite has replaced acanthite, 

surface while retaining the outward form 
of acanthite’s cubic symmetry. 


VARIANT A AgS 


ACANTHITE 


A silver sulfide, acanthite is the most important ore 
of silver. It takes its name from the Greek akantha, which 
means “thorn” and refers to the spiky appearance of some 
of its crystals. It also occurs in massive form and has an 
opaque, grayish black color. Above 350°F (177°C), silver 
sulfide crystallizes in the cubic system, and it used to be 
assumed that cubic silver sulfide—known as argentite— 
was a separate mineral from acanthite. It is now known that 
they are the same mineral, with acanthite crystallizing in the 
monoclinic system at temperatures below 350°F (177°C). 
Acanthite forms in hydrothermal veins with other 
minerals, such as silver (p.43), galena (p.54), pyrargyrite 
(p.70), and proustite (p.72). It also forms as a secondary 
alteration product of primary silver sulfides. When 
heated, acanthite fuses readily and releases sulfurous 
fumes. The most famous locality of acanthite, the 
Comstock Lode in Nevada, USA, was so rich in silver 
that a branch of the US mint was established at nearby 
Carson City to coin its output. 


Thorny acanthite Dark, spiky 
acanthite crystals 
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massive 
habit 


Orthorhombic 


d 3 
MY 51 
NA Poor 


Uneven to conchoidal, 
brittle 


[A Pale grayish black 
A Metallic 


uneven fracture 


iridescent surface 


purple oxidation 


Massive bornite 
This specimen of tarnished bornite 
shows the oxidation colors that 
give it the names “purple copper 
ore” and “peacock ore.” 


i VARIANT 


i @, CUsFeS, 
nE BORNITE 


One of nature's most colorful minerals, bornite is a 
copper iron sulfide named after the Austrian mineralogist 
Ignaz von Born (1742-91). A major ore of copper, its 
natural color can be coppery red, coppery brown, or 
bronze. It can also show iridescent purple, blue, and red 
splashes of color on broken, tarnished faces, which 
explains its common name, “peacock ore.” Bornite is also 
known as “purple copper ore” and “variegated copper ore. 
Bornite crystals Well- Bornite crystals are uncommon. Although they exhibit 
o Lor orthorhombic symmetry, crystals, when found, are 

cubic, octahedral, or dodecahedral, often with curved or 
rough faces. Bornite is frequently compact, granular, 
or massive and alters readily to chalcocite (p.51) and 
other copper minerals upon weathering. It forms mainly 
in hydrothermal copper ore deposits with minerals such 
as chalcopyrite (p.57), pyrite (p.62), marcasite (p.63), and 
quartz (p.168). It also forms in some silica-poor, intrusive 
igneous rocks and in pegmatite veins and contact 
metamorphic zones. 


1 
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indistinct 
cleavage 


| PROFILE 


} 


Monoclinic 

Md, 2%-3 

MY 5.5-5.8 

YA indistinct 
Conchoidal 

[A Blackish lead gray 


A Metallic 


metallic luster 


lead-gray color 


Massive chalcocite 

This specimen of typically 
massive chalcocite is from 
the Khusib Springs Mine, 
Otavi, Namibia. 


VARIANT A, CuS 


CHALCOCITE 


The name chalcocite is derived from the Greek word 
for copper, chalcos. Chalcocite is one of the most 
important ores of copper. It is usually massive but, on 
rare occasions, occurs in short, striated prismatic or 
tabular crystals or as pseudohexagonal prisms formed by 


Prismatic crystals Short, twinning. It is opaque, dark metallic gray, and becomes 
o a dull on exposure to light. Chalcocite was formerly known 


as chalcosine, copper glace, and redruthite, but these 
names are now obsolete. 

Chalcocite forms at relatively low temperatures (up to 
400°F/200C°), often as alteration products of other copper 
minerals such as bornite (p.50). It is found in hydrothermal 
veins and porphyry copper deposits with other minerals— 
bornite, covellite (p.52), sphalerite (p.53), galena (p.54), 
chalcopyrite (p.57), calcite (p.114), and quartz (p.168). 
Deposits in Cornwall, England, have been worked since 
the Bronze Age. Concentrated in secondary alteration 
zones, chalcocite can yield more copper than the 
element's primary deposits. 


Hexagonal 

Md 112 

Y 4.6-4.7 

NA Perfect basal 

Uneven 

A Lead gray to black, shiny 


| YA Submetallic to resinous | 


metallic blue color 


VARIANT 


tabular 
crystal 


Tabular covellite Rare 
covellite crystals in their 
tabular habit 


iridescence 


foliated 
habit 


oxidized material 


Iridescent covellite 

This spectacular, massive covellite 
specimen showing classic purple 
iridescence is from the Leonard 
Mine at Butte, Montana, USA. 


Da, cus 
COVELLITE 


Named in 1832 after the Italian minerologist Niccolo 
Covelli, who first described it, covellite is a copper sulfide. 
A minor ore of copper (p.37), covellite is opaque, with a 
bright metallic blue or indigo color. It is easy to recognize 
because of its brassy yellow, deep red, or purple 
iridescence. Covellite is generally massive and foliated 
in habit, although sometimes spheroidal. In crystalline 
form, it occurs as thin, tabular, and hexagonal plates, 
which are flexible when thin enough. Plates formed from 
its perfect basal cleavage are likewise flexible. It fuses 
very easily when heated, emitting a blue flame. 

Covellite is a primary mineral in some places, but it 
typically occurs as an alteration product of other copper 
Sulfide minerals such as bornite (p.50), chalcocite (p.51), 
and chalcopyrite (p.57). It Sometimes forms as a coating 
on other copper sulfides. It rarely occurs as a volcanic 
Sublimate, as on Mt. Vesuvius, where Niccolo Covelli first 
collected it. Covellite is abundant in the massive copper 
mines in Arizona, USA. 


| PROFILE 


ua! 
Cubic 
MZ 3%-4 
Y 3.9-4.1 
VA Perfect in six directions 
Conchoidal 
[A Brownish to light yellow 


MA Resinous to adamantine, 
metallic 


resinous luster 


VARIANT 


Massive sphalerite The most 
common habit of sphalerite 


dark red crystal 


Ruby blende Brilliant 
red crystals of ruby 
blende sphalerite 
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Sphalerite crystals 

These superbly formed sphalerite 
crystals occur with well-crystallized 
pyrite and quartz. They are from 
Casapalca, Lima, Peru. 


complex sphalerite 
crystal 


* 


N 


e 
ry 


Ls 


pyrite 


A ZnS 


SPHALERITE 


Sphalerite is the principal ore of zinc. Pure sphalerite 
is colorless and rare. Normally, iron is present, causing 
the color to vary from pale greenish yellow to brown and 
black with increasing iron content. Its complex crystals 
combine tetrahedral or dodecahedral forms with other 
faces. Sphalerite gets its name from the Greek sphaleros, 
meaning “deceitful,” because its lustrous dark crystals can 
be mistaken for other minerals. It is often coarsely 
crystalline or massive, or forms banded, 
botryoidal, or stalactitic aggregates. 
Sphalerite is found associated 
with galena (p.54) in lead-zinc 
deposits. It occurs in hydrothermal 
vein deposits, contact metamorphic 
zones, and replacement deposits 
formed at high temperature Oval cut 
(1,065°F/575°C or above). It is This oval cut shows off the 
golden brown color of 
also found in meteorites and 


sphalerite. Such stones are 
lunar rocks. cut for collectors. 
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PROFILE 
T 

IM 

Cubic 

Avs 2 

Y 7.6 

NA Perfect 

Subconchoidal 

[A Lead-gray 


A Metallic 


metallic luster 


VARIANT 


Perfect cleavage Cubic 
galena crystals with perfect 
cleavage in three directions 


Galena crystals 

Galena is usually found in 
cube-shaped crystals, but the 
crystal shape can also incorporate 
the faces of octahedra, as here. 


octahedral face cuts 
across cubic crystal 


accessory dolomite 


@, PbS 


GALENA 


There are more than 60 known minerals that contain 
lead, but by far the most important lead ore is galena, 
or lead sulfide. It is possible that galena was the first ore 
to be smelted to release its metal—lead beads found in 
Turkey have been dated to around 6500sce. Galena is 
opaque and bright metallic gray when fresh, but it dulls 
on exposure to the atmosphere. Its crystals are Cubic, 
octahedral, dodecahedral, or combinations of these forms. 
Irregular, coarse, or fine crystalline masses are common. 

Galena is common in hydrothermal lead, zinc, and 
copper (p.37) ore deposits worldwide and is often 
associated with sphalerite (p.53), chalcopyrite (p.57), and 
pyrite (p.62). It is also found in contact metamorphic rocks. 
Galena weathers easily to form secondary lead minerals, 
such as cerussite (p.119), anglesite (p.132), and pyromorphite 
(p.151). Galena is both the principal ore of lead and the main 
source of silver (p.43)—It often contains a considerable 
amount of silver in the form of acanthite as an impurity. It 
can also be a source of other metals. 
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Massive pentlandite 
This typical massive 
specimen of pentlandite 
also contains pyrrhotite. 


granular habit 


pyrrhotite 


uneven fracture 


i PROFILE 0, (Fe, NI) Ss 
(a PENTLANDITE 
Cubic A ; ; 

Named in 1856 after the Irish scientist Joseph Pentland, 
dá 3-4 its discoverer, pentlandite is a nickel and iron sulfide. 
Md 4.6-5.0 Nickel is usually a smaller component than iron, but both 
VA None may be present in equal parts. Pentlandite mainly has 
Conchoidal a massive or granular habit, and its crystals cannot be 
[A Bronze-brown seen by the naked eye. It is opaque, metallic yellow in 
A Metallic color, and has a bronzelike tarnish. 


Pentlandite occurs in silica-poor, intrusive igneous 
rocks. It is almost always accompanied by pyrrhotite, 
with other sulfides such as chalcopyrite (p.57) and pyrite 
(0.62), and with some arsenides. The chief ore of nickel, 
pentlandite is relatively widespread, but commercial 
deposits are scarce. In Ontario, Canada, nickel from an 
ancient meteorite is thought to have enriched the ore. 
Pentlandite is also found as an accessory mineral in some 
meteorites. Silver (0.43) can be present in the pentlandite 
structure, yielding the mineral argentopentlandite; 
when cobalt replaces the iron and nickel, the mineral 
becomes cobaltpentlandite. 


with respect to ground? | 

C. What is the voltage drop across the 
switch? = — 

Answers 


A. 10 volts 


10 ohms 
B. VA = VB = 10 volts 


C. O V (There is no voltage drop because 
both terminals are at the same voltage.) 


=] ampere 


32 The circuit shown in Figure 1.13 
includes an open switch. 
Figure 1.13 


Questions 

A. What is the voltage at point A and point 
Be 

B. How much current is flowing through the 
switch? = — 

C. What is the voltage drop across the 
switch? = 

Answers 

A. VA = 10 volts; VB = 0 volts. 


B. No current is flowing because the switch is 
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| PROFILE 


| 
t 5 
) calcite 


Hexagonal 
Md 2-2% 
Y 80 
NA Perfect 


Subconchoidal to uneven 


[A Scarlet 


Y Adamantine to dull 


Crystalline cinnabar 
This massive specimen from 
Monte Amiata, Tuscany, 


Italy, also contains A! 
cinnabar crystals. 2 


E ye 


cystalline 
cinnabar 


rock matrix 


VARIANT 0, HgS 


se" CINNABAR 


A mercury sulfide, cinnabar takes its name from 
the Persian zinjirfrah and Arabic Zinjafr, which mean 
“dragon's blood.” It is bright scarlet to deep grayish red 
in color. It is the major source of mercury. Crystals are 
uncommon but when found they are rhombohedral, 
Massive cinnabar A specimen tabular, or prismatic. It usually occurs as massive or 
Sia a saute pad granular aggregates, but sometimes powdery coatings. 
Cinnabar is often found with other minerals—such as 
stibnite (p.61), pyrite (p.62), and marcasite Ag aa veins 
near recent volcanic rocks. 
It is also found around hot 
Springs. Cinnabar is believed 
to have been mined and 
used in Egypt in the early 
2nd millennium sce. It has 
also been mined for at least Powdered cinnabar 
2.000 years at Almadén, Since ancient times, artists 
Spain. This site still yields o El 


powdered cinnabar for 
excellent crystals. the pigment vermillion. 
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quartz crystal 


PROFILE 


} twinned chalcopyrite crystals 


Tetragonal 
MA 3%-4 
Y 4.2 

NA Distinct 
Uneven, brittle 
[A Green-black 


A Metallic 


metallic luster 


brassy yellow 
coloration 


Chalcopyrite crystals 
Crystallized specimens of 
chalcopyrite can sometimes 
contain both twinned crystals 
and quartz crystals. 


VARIANTS „À, Cures, 


ee CHALCOPYRITE 


One of the minerals worked at Rio Tinto, Spain, since 
Roman times, chalcopyrite is a copper and iron sulfide. 
It is opaque and brassy yellow when freshly mined, but it 
commonly develops an iridescent tarnish on exposure 
to the atmosphere. This tetragonal mineral forms 
tetrahedral crystals, which can be up to 4in (10cm) long 
a on a face. It commonly occurs as massive aggregates 
specimen with an iridescent 
O and less frequently as botryoidal masses or as scattered 
grains in igneous rocks. 

Chalcopyrite forms under a variety of conditions. It is 
mostly found in hydrothermal sulfide veins as a primary 
mineral deposited at medium and high temperatures 
(400°F/200°C or above), and as replacements, often with 
large concentrations of pyrite (p.62). It is also found as 
grains in igneous rocks and is an important ore mineral in 
porphyry copper deposits. Rarely, it occurs in metamorphic 
Brassy yellow chalcopyrite rocks. Chalcopyrite is an important ore of copper owing to 
a its widespread occurrence. In some cases, selenium can 

replace a portion of the sulfur. 


tetrahedral 
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Realgar crystals 

These bright red, prismatic 
realgar crystals are in a rock 
matrix and accompanied 

by gray quartz. 


rare prismatic 
realgar crystal 


rock 
matrix 


- PROFILE 


D 

Md 1%-2 

Y 3.5 

NA Good 
Conchoidal 


[A Scarlet to orange-yellow 
MAA Resinous to greasy 


light gray 
quartz 


8. ASS 


REALGAR 


An important ore of arsenic, realgar is bright red or 
orange in color. Crystals are not often found, but when 
they occur they are short, prismatic, and striated. Realgar 
mostly occurs as coarse to fine granular masses and 
as encrustations. Realgar disintegrates on prolonged 
exposure to light, forming an opaque yellow powder, 
which is principally pararealgar. Therefore, specimens 
are kept in darkened containers. 

Realgar is typically found in rey 
hydrothermal deposits at low i 
temperature (Up to 400°F/200°C) 
often with orpiment (p.59) and 
other arsenic minerals. It also forms 
as a sublimate around volcanoes, 
hot springs, and geyser deposits and . 
as a weathering product of other Powdered realgar 
arsenic-bearing minerals. Realgar Scarlet to orange-yellow in 
is often found with stibnite (p.61) €019" Powdered realgar 


was once used as a 
and calcite (p.114). pigment and in fireworks. 


uneven fracture 


resinous 
luster 


PROFILE 


d 


Monoclinic 


1122 
à 


MY 3.5 

NA Perfect 
Uneven, sectile 
A Pale yellow 
A Resinous 


Crystalline orpiment Rare, 
stubby, prismatic crystals 


A Foliated orpiment 

: Made up of thin layers, this 
specimen shows classic orpiment 
foliation. It has a resinous luster 
and uneven fracture. 


foliated 
appearance 


ORPIMENT 


An arsenic sulfide, orpiment is a soft yellow or 
orange mineral. Widely distributed, it is typically powdery 
or massive, but it is also found as cleavable, columnar, 
or foliated masses. Distinct crystals are uncommon, but 
when found they are short prisms. Orpiment occurs in 
hydrothermal veins at low temperature (up to 400°F/ 
200°C), hot spring deposits, and volcanic fumaroles, and 
it may occur with stibnite (p.61) and realgar (p.58). It also 
results from the alteration of other 
arsenic-bearing minerals. 

When heated, orpiment gives off 
the garlic odor typical of arsenic 
minerals. The luster is resinous on 
freshly broken surfaces but pearly 
on cleavage surfaces. It was used as — 
a pigment, mainly in ancient times Yellow pigment 
in the Middle East. It was also used Powdered orpiment was 
later in the West but soon replaced peng ene dl 


; e especially to make 
due to its toxicity. gold-colored paint. 
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l PROFILE 


Hexagonal 

MÁ 3-3% 

MY 55 

NA Perfect 
Uneven, brittle 
[A Greenish black 


A Metallic 


brassy yellow 
crystals 


calcite matrix 


radiating mass 
of crystals 


Millerite needles 

The metallic yellow, needlelike 
crystals of this millerite specimen 
form a radiating spray. 


VARIANT NS 


hairlike 

of, ova MILLERITE 

i . A nickel sulfide, millerite commonly occurs as delicate, 
needlelike, opaque golden crystals. It can form free- 
standing, single crystals or occur as tufts, matted groups, 
or radiating sprays. It is also massive and frequently found 
with an iridescent tarnish. Nickel is more abundant in 
Millerite geode Thin, radiating Earth's crust than copper (p.37), but it is generally more 
Ares a ee ae e dispersed. Millerite is an ore of the element nickel, which 

is used in corrosion-resistant metal alloys, especially in the 

copper-nickel coinage that has replaced silver. It was 
named in 1845 after the English mineralogist W.H. Miller, 
who was the first person to study it. 

Millerite normally forms at low temperatures (up to 
400%F/200*C). It is often found in cavities in limestone 
(0.319) or dolomite (p.320), in carbonate veins and other 
associated rocks, within coal (p.253) deposits, and in 
serpentinite (p.298). It can occur as a later-formed mineral 
in nickel sulfide deposits and as an alteration product of 
other nickel minerals. Millerite is also found in meteorites 
and as a sublimate on Mount Vesuvius, Italy. 


geode 
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1 PROFILE 


| Stibnite crystals 

This group of long, prismatic, 

| striated stibnite crystals is on a 

| quartz and barite matrix. 
Orthorhombic 


dá 2 prismatic crystal 
Y 45 
NA Perfect 


Subconchoidal 
[A Lead-gray to steel-gray 


A Metallic 


striations on 


prism face quartz and barite 


f VARIANTS i &, Sb-S; 


La 


STIBNITE 


The principal ore of antimony, stibnite is antimony 
Sulfide. Its name comes from the Latin stibium. 
Lead-gray to silvery gray in color, it often develops a 
black, iridescent tarnish on exposure to light. It normally 
occurs as elongated, prismatic crystals that may be bent 
or twisted. These crystals are often marked by striations 
parallel to the prism faces. Stibnite typically forms coarse, 
irregular masses or radiating sprays of needlelike crystals, 
but it can also be granular or massive. 

A widespread mineral, stibnite occurs in hydrothermal 
veins, hot-spring deposits, and replacement deposits that 
form at low temperatures (up to 400°F/200°C). It is often 
associated with galena (p.54), cinnabar (p.56), realgar (p.58), 
orpiment (p.59), pyrite (p.62), and quartz (p.168). It is found 
in massive aggregates in granite (pp.258-59) and gneiss 
(p.288) rocks. Stibnite is used to manufacture matches, 
fireworks, and percussion caps for firearms. Powdered 
stibnite was used in the ancient world as a cosmetic for 
eyes to make them look larger. 


Stibnite sheets Thin layers of 
stibnite with sheetlike cleavage 


Acicular stibnite A mass of 
radiating, needlelike crystals 


| PROFILE 


Cubic 

MA 6-6% 

Y 5.0 

NA None 
Conchoidal 


[A Greenish black to 
brownish black 


A Metallic 


metallic luster 


Octahedral pyrite A group of 
octahedral crystals with quartz 


brownish 
coating 


Pyrite nodule A ball-shaped, 
nodular group of pyrite crystals 


Pyritohedral pyrite A classic 
pyrite pyritohedral crystal 


Cubic pyrite 

These three perfectly formed pyrite 
crystals—up to 1 in (3.5 cm) 
wide—from Navajún, La Rioja, Spain, 
are in a marl matrix. 


brassy yellow em 
color i re? 


cubic habit 


conchoidal 
fracture 


PYRITE 


Known since antiquity, pyrite is commonly referred to 
as “fool's gold.” Although much lighter than gold, its brassy 
color and relatively high density misled many novice 
prospectors. Its name is derived from the Greek word pyr, 
meaning “fire,” because it emits sparks when struck by 
iron. It is opaque and pale silvery yellow when fresh, 
turning darker and tarnishing with exposure to oxygen. 
Pyrite crystals may be cubic, octahedral, or twelve-sided 
“pyritohedra,” and are often striated. Pyrite can 
also be massive or granular, or form either 
flattened disks or nodules of 
radiating, elongate crystals. 

Pyrite occurs in hydrothermal 
veins, by segregation from 
magmas, in contact metamorphic 
rocks, and in sedimentary rocks, 
such as shale (p.313) and coal 
(p.253), where it can either fill or 
replace fossils. 


Pyrite beads 
With care, brittle pyrite can 
be ground into beads, such 
as those strung together in 
this necklace. 


| PROFILE ) 


a 


Orthorhombic 
MA 6-6% 
my 49 

NA Distinct 
Uneven or irregular 
[A Gray to black 


A Metallic 


= VARIANT 


spear-shaped 
crystal 


limestone matrix 


Spear-shaped marcasite 
Several groups of spear- 
shaped, twinned crystals 


silvery yellow 
color 


metallic 


luster rosette-shaped 


aggregate 


“a > i 


pointed 
orthorhombic 


‘ crystal 


3 
a 


Marcasite crystals 
. This striking group of marcasite 
we crystals is on a matrix of chalk. It 
d formed in Cap Blanc-Nez, Pas-de 
Calais, France. 


A A, Fes, 
MARCASITE 


An iron sulfide, marcasite is chemically identical 
to pyrite (p.62), but unlike pyrite it has an orthorhombic 
crystal structure. Marcasite is opaque and pale silvery 
yellow when fresh but darkens and tarnishes on 
exposure. It has a predominantly pyramidal or tabular 
crystal form. It is also found in characteristic twinned, 
curved, sheaflike shapes that resemble a cockscomb. 
Nodules with radially arranged fibers are common. 
Marcasite can also be massive, stalactitic, or reniform. 
Marcasite is found near Earth's surface. 
It forms from acidic solutions 
percolating downward 
through beds of shale 
(0.313), clay, limestone 
(02319) or -ehalkt:32 1) 
where it often fills or 
replaces fossils. Marcasite 
also occurs as nodules 
in coal (p.253). 


Art Deco jewelry 
Marcasite was a popular choice 
for Victorian and Art Deco jewelry, 
although most of the material used 
was actually pyrite. 
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Layered masses 

The crystallized molybdenite 
masses in this specimen show 
a typical layered structure. 


granite matrix 


hexagonal, 
foliated mass 


metallic luster 


PROFILE Á, Mos, 

Hexagonal or trigonal A molybdenum sulfide, molybdenite is the most 

Y 1-1% important source of molybdenum, which is an important 
ORE element in high-strength steels. Molybdenite was originally 


thought to be lead, and its name is derived from the Greek 
word for lead, molybdos. It was recognized as a distinct 
mineral by the Swedish chemist Carl Scheele in 1778. 

Molybdenite is soft, opaque, and bluish gray. It forms 
Y Metallic tabular hexagonal crystals, foliated masses, scales, and 
disseminated grains. It can also be massive or scaly. 
The platy, flexible, greasy-feeling hexagonal crystals 
of molybdenite can be confused with graphite (p.46), 
although molybdenite has a much higher specific 
gravity, a more metallic luster, and a slightly bluer tinge. 
Molybdenite occurs in granite (pp.258-59), pegmatite 
(p.260), and hydrothermal veins at high temperature 
(1,065°F/575°C or above) with other minerals—fluorite 
(0.109), ferberite (p.145), scheelite (p.146), and topaz 
(p.234). It is also found in porphyry ores and in contact 
metamorphic deposits. 


NA Perfect basal 
Uneven 
[A Greenish or bluish gray 


MINERALS | SULFOSALTS 65 


SULFOSALTS 


Sulfosalts are a group of mostly rare minerals that contain two 

or more metals in combination with sulfur (a nonmetal) and 
semimetals such as arsenic and antimony. Sulfosalt minerals have 
a high density, a metallic luster, and are usually brittle. 


COMPOSITION OCCURRENCE 
Sulfosalts have complex crystal Sulfosalts occur in small amounts 
structures. The structures of many in hydrothermal veins formed at low 
sulfosalts appear to be based on temperatures (up to 400°F/200°C). They 
fragments of simpler sulfur compounds. are generally associated with the more 
Metals commonly found in sulfosalts common sulfides. A single Swiss deposit 
are lead, silver, thallium, copper, tin, is known to have yielded up to 30 different 
bismuth, and germanium. sulfosalt minerals. 
sulfur atom USES 
a AO y Sulfosalts are typically found in small 
copper atom, (8 eo | p- amounts but in a few deposits are 


| EA economically important. Sometimes, 


ies e wi "they can constitute minor ores of silver, 
of tetrahedrite at de Ma y 


n e | Pz a Le mercury, and antimony. 
tetrahedrite is a A ae 

complex compound NS AN ù 

of sulfur, copper, and y bs Silver coins fh 
antimony, and may wT E de Pyragyrite, a sulfosalt mineral, MN 
contain silver, iron, Ur” uu yields the metal silver, which 

zinc, and lead. k was used to produce the 


ancient coins seen here. 


prismatic 
crystal 


quartz 
matrix 


Bournonite 
This specimen shows 
crystals typical of the 
sulfosalt bournonite. 
Twinned crystals growing 
parallel to each other give 
the mineral its informal 
name, cogwheel ore. 


Sulfosalt deposit 
1| Many sulfosalt minerals are 
found in Cornwall, England. These 
stone buildings once housed 
steam engines to pump water 
from mine shafts. 


open. 

C. 10 volts. If the switch is open, point A is 
the same voltage as the positive battery 
terminal, and point B is the same voltage as 
the negative battery terminal. 

33 The circuit shown in Figure 1.14 
includes a single pole double throw switch. — 
The position of the switch determines whether 
lamp A or lamp B is lit. 

Figure 1.14 


Questions 
A. In the position shown, which lamp is lit? 


B. Can both lamps be lit simultaneously? 


Answers 
A. Lamp A. 
B. No, one or the other must be off. 


Capacitors in a DC Circuit 


34 Capacitors are used extensively In 
electronics. They are used in both alternating 
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Crystalline tennantite 
PROFILE This mass of tetrahedral tennantite 
crystals is set in a rock matrix and 
has an iridescent tarnish. 


" 
= 

Cubic 

v 

Y 4.6-4.7 

NA None 


Subconchoidal to 
uneven, brittle 


[A Black 
A Metallic 


| 
A 
R 
E 
Ta u j 
5 ji | 
H 
: 


$ 


a a. 4 
"i w. Qe 


T$ 
oP ele 


i r 


iridescence tetrahedral crystal 


VARIANT A, (Cu,Fe)2AS4S3 


ss’ TENNANTITE 


Named in 1819 after the English chemist Smithson 
Tennant, tennantite is a copper iron arsenic sulfide. 
Iron, zinc, mercury, bismuth, and silver may substitute 
for up to 15 percent of the copper in tennantite. 
Tennantite is gray-black, steel-gray, iron-gray, or black 
in color. It forms cubic and tetrahedral crystals. It may also 

€ occur in massive, granular, and compact forms. 
Massive tennantite A Tennantite is an end member of a solid-solution series 
Sear aren pees with the similar mineral tetrahedrite (p.73). The two have 

very similar properties, making it difficult to distinguish 

between them. Their crystal habits are similar and both 
exhibit contact and penetration twinning. 

Tennantite is found in hydrothermal and contact 
metamorphic deposits, often associated with sphalerite 
(0.53), galena (p.54), chalcopyrite (p.57), fluorite (p.109), 
barite (p.134), and quartz (p.168). Deposits are found in 
Freiberg, Saxony, Germany; Lengenbach, Switzerland; 
and Butte, Montana, and Aspen and Central City, 
Colorado, USA. 


uneven fracture 


PROFILE 


Orthorhombic 
NOS 

Y 4.4-4.5 
NA Perfect 


Uneven, brittle 


A Black 


A Metallic 
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Enargite crystals 
These superb enargite 
crystals are striated and 
show a prismatic habit. 


metallic luster 


striation 


@, CU¿ASS, 


ENARGITE 


A copper arsenic sulfide, enargite takes its name 
from the Greek word enarge, which means “distinct"“— 
a reference to its perfect cleavage. An important ore of 
copper, it has a bright metallic luster, is opaque, and has 
a gray-black to iron-black to violet-black color when fresh. 
It turns dull black on exposure to light and pollutants. 
Enargite may occur in massive or granular habits. Crystals 
are usually small, either tabular or prismatic, sometimes 
pseudohexagonal or hemimorphic (with different 
terminations at each end), and have striations along 
the prism faces. Enargite crystals occasionally form 
star-shaped multiple twins. 

Enargite forms in hydrothermal vein deposits at low 
to medium temperature (up to 1,065°F/575°C) and in 
replacement deposits, where it is associated with 
bornite (p.50), covellite (0.52), sphalerite (p.53), galena 
(p.54), chalcopyrite (p.57), pyrite (p.62), and other copper 
sulfides. It also occurs in the cap rocks of salt domes, 
with minerals such as anhydrite (p.133). 
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Fibrous habit 
This jamesonite specimen, set in a 
rock matrix, has the fibrous habit 


metallic luster typical of the mineral. 


rock matrix 


fibrous crystals 


- PROFILE | &, Pb,FeSb.S14 
Monoclinic Named in 1825 after the Scottish mineralogist Robert 
M 23 Jameson, jamesonite is a lead iron antimony sulfide. 
RO 5.5-6.0 It is opaque lead-gray, but can often develop an iridescent 
VA Good tarnish. Jamesonite is normally found as needlelike 


or fibrous crystals combined together into columnar, 
radiating, plumose (featherlike), or feltlike masses. 

Jamesonite occurs in hydrothermal veins at low or 
A Metallic medium temperature (up to 1,065°F/575°C), where hot, 
chemical-rich fluids have permeated joints and fault lines, 
depositing minerals during cooling. In hydrothermal veins, 
it often occurs with other lead and antimony sulfides 
and sulfosalt minerals. Jamesonite also occurs in quartz 
associated with carbonate minerals, such as calcite (p.114), 
dolomite (p.117), and rhodochrosite (p.121). Jamesonite is 
a minor ore of antimony, which is used as a strengthening 
agent in alloys. It is widespread in small amounts, with 
good specimens coming from Freiburg, Saxony, Germany; 
Yakutia, Russia; Trepca, Serbia; Dachang, China; Cornwall, 
England; and Oruro, Bolivia. 


Uneven to conchoidal 
[A Grayish black 
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short, tabular crystal 


pseudohexagonal 
outline 


metallic luster 
twinned crystals 
Pseudohexagonal crystals 
Many short, prismatic crystals in 
this stephanite specimen show 
pseudohexagonal twinning. 
PROFILE @, AgsSbS, 
Orthorhombic A silver antimony sulfide, stephanite was named in 
M 2-2% honor of Archduke Victor Stephan, the mining director 
14 6.2-6.5 of Austria, in 1845. It is sometimes called brittle or black 
VA imperfect Silver ore. It is opaque, iron-black to black in color, and 
has a metallic luster on fresh faces. Stephanite crystals 
Subconchoidal to 
uneven, brittle range from short prismatic to tabular and are repeatedly 
[A tron-black twinned to form pseudohexagonal groups. Stephanite 
J Metallic may also occur in massive and HTA 


granular habits. 

Stephanite is generally found 
in small amounts in late-stage 
hydrothermal silver veins 
associated with native silver 
(p.43), sulfides, and other 
sulfosalts, such as acanthite > = 
(p.49) and tetrahedrite (p.73). It Historic silver processing 
was found in sufficient quantity This 1550 woodcut from 

; Georgius Agricola’s treatise 
to be an ore of silver in Comstock 


De Re Metallica shows silver 
Lode, Nevada, USA. ore being processed. 
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prismatic crystal 


dark red color 
darkens further on 
exposure to light 


twinned crystals 


Dark ruby silver 
The dark red color of pyrargyrite 


can be seen in these superb adamantine luster 
twinned, prismatic crystals. 
PROFILE „$. Ag;SbS; 
F PYRARGYRITE 
Hexagonal An important ore of silver, pyrargyrite takes its name 
M 2% from the Greek words pyros, which means “fire,” and 
Y 5.8 argent, which means “silver"—an allusion to Its silver 
WA Distinct content and its translucent, dark red color. Also known 
penton as dark ruby silver, pyrargyrite turns opaque dull gray when 
uneven, brittle exposed to light. Therefore, prized specimens are stored in 

[FA purplish red the dark. Pyrargyrite is typically massive or granular. It can 


also occur as well-formed prismatic crystals 
with rhombohedral, scalenohedral, or 
flat terminations, different at each 
end and frequently twinned. 
Pyrargyrite forms in 
hydrothermal veins at relatively low 
temperature (up to 400°F/200°C) 
with the minerals sphalerite (p.53), 
galena (p.54), tetrahedrite (0.73), Roman silver 
proustite (p.72), and calcite (p.114). This Roman denarius 
Italso forms by the alteration of Te pon L 


i century BCE shows 
other minerals. gladiators fighting. 


ZA Adamantine 
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Cogwheel ore 
PROFILE This specimen of bournonite, 
: accompanied by white baryte, 
shows the twinned habit that gives 

| the mineral its informal name. 

Orthorhombic blades of 
barite twinned crystals 

Md, 23 forming coglike 
O 5.8 shape 
YA indistinct 


Subconchoidal to 
uneven 


[A Steel-gray 


A Metallic 


VARIANT „$, PbCusbs, 


prismatic bournonite 
crystals B 


quartz 
matrix 


oth ct 
ff e AP r 
A y 


A lead copper antimony sulfide, bournonite occurs as 
heavy, dark crystal aggregates and masses, as well as 
interpenetrating cruciform (crosslike) twins. When 
repeatedly twinned, bournonite has the appearance of a 
toothed wheel, giving rise to the informal name cogwheel 
ore. Untwinned crystals of this opaque mineral are 
tabular or short prismatic and usually have smooth and 
Prismatic bournonite A bright faces. Bournonite was first mentioned as a mineral 
ee ee kee in 1797 but was named only in 1805 after the French 
mineralogist Count J.L. de Bournon. 

A widely distributed mineral, bournonite is found 
in hydrothermal veins at medium temperatures 
(400-1,065°F/200—575°C) and associated with sphalerite 
(p.53), galena (p.54), chalcopyrite (p.57), pyrite (p.62), 
tetrahedrite (p.73), and other sulfide minerals. 
Particularly prized specimens of bournonite come from 
the Harz Mountains of Germany, where a few crystals 
exceed 3⁄4in (2.2 cm) in diameter. This mineral has been 
used as a minor ore of antimony (p.41). 
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a 
+. 


adamantine 


PROFILE 


J 


Hexagonal 

Md 2-2% 

MY 5.3 

VA Distinct rhombohedral 


Conchoidal to 
uneven, brittle 


[A vermilion 
ZA Adamantine to 
submetallic 
semitransparent, 
Ruby silver red coloration 


This stunning specimen of proustite shows 
the semitransparent red coloration that 
gives it the name common ruby silver. 


VARIANTS 0. Ag.AsS; 


PROUSTITE 


As its original name ruby silver ore suggests, proustite 
is translucent and red and is an important source of silver 
(p.43). It has also been called light red silver ore. The name 
proustite comes from the French chemist Joseph Proust, 
who distinguished it from the related mineral pyrargyrite 
(p.70) by chemical analysis in 1832. Its striated, often 


nasa crystal brilliant crystals are typically prismatic with rhombohedral 
Striated proustite A prismatic, or scalenohedral terminations, often resembling the 
semitransparent crystal dogtooth spar form of calcite (p.114) in habit. Proustite also 


occurs as massive or granular aggregates. The mineral 
turns from transparent scarlet to dull opaque gray in strong 
light, so specimens are stored in the dark. 

Proustite forms in hydrothermal veins at low 
temperature (up to 400°F/200°C) with other silver minerals, 
such as acanthite (p.49), stephanite (p.69), and tetrahedrite 
(p.73), and with native arsenic (p.45), galena (p.54), and 
calcite (p.114). It also forms in the secondary zone of silver 
deposits. Large crystals come from Chanarcillo, Chile, and 
Freiburg, Saxony, Germany. 


Dull proustite A dull, opaque 
specimen after exposure to light 
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Tetrahedral crystals 
This group of relatively rare 

tetrahedrite crystals shows twinning 
and coats a rock matrix. 


triangular 
crystal face 


quartz crystal 


twinned, 
tetrahedral 
crystals 


PROFILE 0, (CU,Fe)12Sb4S13 


E TETRAHEDRITE 


Cubic l l ; 

The name tetrahedrite comes from this mineral's 
dá 3-4 characteristic tetrahedral crystals, although it also occurs 
hd 4-6-5-1 as massive, compact, or granular aggregates. Tetrahedrite 
VA None is opaque, metallic gray, or nearly black, and it sometimes 
Subconchoidal to uneven coats or is coated with brassy yellow chalcopyrite (p.57). It 
[A Brown to black forms a continuous solid-solution series with the similar 

to cherry-red mineral tennantite (p.66), in which arsenic replaces 
YA Metallic antimony in the crystal structure. Bismuth 


also substitutes for antimony and forms 
bismuthian tetrahedrite or annivite. 
Tetrahedrite is an important ore of 
copper and sometimes silver. It forms 
in hydrothermal veins at low to 
medium temperatures (up to 1,065°F/ 
575°C), often with bornite (p.50), galena == 
(p.54), chalcopyrite, pyrite (p.62), Copper ore 
barite (p.134), and quartz (p.168).. This 9th-century brass Arabic 
It is also found in contact astrolabe is believed to have 


been made of copper 
metamorphic deposits. extracted from tetrahedrite. 
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OXIDES 


The minerals in this group have crystal structures in which metals or 
semimetals occupy spaces between oxygen atoms. The properties of 
oxides vary: the metallic ores and gemstone varieties tend to be hard 


and have a high specific gravity. 


COMPOSITION 

Oxides can be either simple or multiple. 
Simple oxides, such as cuprite (Cu,0), 
contain only one metal or semimetal 
and oxygen. Multiple oxides have two 
different metal sites, both of which may 
be occupied by several different metals 
or semimetals. The minerals in the 
spinel (MgAI,O,) group are examples 
of multiple oxides. 


oxygen 
ion 


magnesium 
ion 


Spinel crystal structure 

In spinel, magnesium and aluminum combine with 
oxygen. Other metals can replace magnesium and 
aluminum to form the spinel series of minerals. 


black 
crystals 


adamantine 
shine 


Cassiterite crystals 
The simple tin oxide 
cassiterite, seen here 
as a group of twinned 
prismatic crystals, is 
the world’s primary 
source of tin. 


Queensland 

The Queensland region of eastern Australia is a treasure 
trove of minerals. Several deposits of alluvial sapphire 
(aluminum oxide) are found here. 


OCCURRENCE AND USES 

Oxides occur as accessory minerals in 
many igneous rocks, especially as early 
crystallizing minerals in ultrabasic rocks, 
in pegmatites, and as decomposition 
products of sulfide minerals. Many resist 
weathering and are found concentrated 
in placers. 

Many oxide minerals are important 
ores of chromium, uranium, tantalum, 
zinc, tin, cerium, tungsten, manganese, 
copper, and titanium. Other oxides, such 
as quartz and corundum, are important 
gemstone minerals. 


Chrome bumper 
The large, chrome-plated front bumper of this classic 
American 1956 Chevrolet is a dramatic example of 
chromium derived from the oxide chromite. 


| PROFILE 


Hexagonal 


MA Varies 


Y 1.0 
NA Perfect, difficult 


Conchoidal, brittle 


[A white 


A vitreous 
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Iceberg 
This small, beached iceberg 
still shows some of its original broken edge 


depositional layering. el of glacier 


layering 


Frost Crystalline ice in 
a frostlike form 


Hailstone A huge (2in x 3 %in 
/ 5cm x 9cm) hailstone 


@, H,0 
ICE 


Although largely absent at lower latitudes, ice 

is probably the most abundant mineral exposed on 
Earth's surface. Liquid water is not classified as a mineral 
because it has no crystalline form. As snow, ice forms 
crystals that seldom exceed Yin (7mm) in length, although 
as massive aggregates in glaciers, individual crystals may 
be up to 17 Yin (45cm) long. Other forms of ice include 
branching, treelike frost, skeletal, hopper-shaped, 
prismlike frost, and hailstones and icicles made up of 
many randomly oriented crystals. 

Ice crystals are generally colorless, but the common 
white color of ice is due to gaseous inclusions of air that 
reflect light. There are at least nine polymorphs—different 
crystalline forms—of ice, each forming under different 
pressure and temperature conditions, but only one form 
exists at Earth's surface. The hardness of ice varies with its 
crystal structure, purity, and temperature. At temperatures 
found in the Arctic and high-alpine zones, ice is so hard it 
can erode stone when windblown. 


current (AC) and DC circuits. Their main use 


in DC electronics is to become charged, hold 
the charge, and, at a specific time, release 
the charge. 


The capacitor shown in Figure 1.15 charges 
when the switch is closed. 
Figure 1.15 


R 10Kk£2 


a ‘Sn C=10pyF 


Question 

TO what final voltage will the Capacitor 
charge? 
Answers 


It will charge up to 10 volts. It will charge up 
to the voltage that would appear across an 
open circuit located at the same place where 
the capacitor is located. 

35 How long does it take to reach this 
voltage? This is an important question with 
many practical applications. To find the 
answer you must know the time constant (T) 
(Greek letter tau) of the circuit. 

Questions 
A. What is the formula for the time constant 
of this type of circuit? 
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| PROFILE 


J 

MA 5-6 

Y 3.9 

NA Perfect 
Subconchoidal 

[A White to pale yellow 


MAA Adamantine to 
metallic 


opaque crystal 


Bipyramidal anatase 
This specimen shows 
two bipyramidal anatase 
crystals perched on a 
matrix of albite crystals. 


I VARIANTS 


rock matrix 


Black anatase Schist 
speckled with tiny black 
anatase crystals 


albite matrix 


bipyramidal 
anatase 
crystal 


A" 
F h, 
ai e 


» Y) 


1. p 


7 i 0, TiO, 


ANATASE 


Formerly known as octahedrite, anatase is a 
polymorph of titanium dioxide. Its name comes from 
the Greek word anatasis, which means “extension”—a 
reference to the elongate octahedral crystals that are the 
most common habit of anatase. Anatase crystals can also 
be tabular and, rarely, prismatic. Hard and brilliant, the 
crystals can be brown, yellow, indigo-blue, green, gray, 
lilac, or black in color. 

Anatase forms in veins and crevices in metamorphic 
rocks, such as schists (pp.291-92) and gneisses (p.288), 
and is derived from the leaching of surrounding rocks by 
hydrothermal solutions. Anatase also forms in pegmatites 
(p.260), often in association with the minerals brookite 
(p.77), ilmenite (p.90), fluorite (p.109), and aegirine (p.209). 
Itis found in sediments and is sometimes concentrated in 
placer deposits. Much anatase is formed by the weathering 


Octahedral crystal A perfectly of titanite (p.234). Weathered anatase becomes rutile 


formed, modified bipyramidal 
anatase crystal 


(p.78). Although rutile replaces anatase, it retains the 
anatase crystal shape. 


adamantine dark inclusions of 
luster another mineral 


brookite crystal 


Orthorhombic striated 
crystal face 

M 5Y-6 

Y 41 

JA indistinct 


Subconchoidal to uneven 
[Al white, grayish, yellowish 
MA Metallic to adamantine 


hematite staining 


Tabular crystal 

This transparent, tabular 
crystal of brookite has formed 
on a mass of albite crystals. 


BROOKITE 


Named in 1825 after British crystallographer H.J. Brooke, 
brookite, like anatase (p.76) and rutile (p.78), is composed 
of titanium dioxide. However, unlike anatase and rutile, 
brookite exhibits orthorhombic symmetry. Usually brown 
and metallic, brookite may also be red, yellow-brown, or 
black. Crystals can be tabular or, less commonly, pyramidal 
or pseudohexagonal. They may be thin or thick and up 
Dipyramidal crystal A black to 2in (5cm) long. Iron is almost always present in this 
epee mineral's structure to a small degree, and brookite 
containing niobium is also known. 

Brookite occurs in hydrothermal veins, in some 
contact metamorphic rocks, and as a detrital mineral in 
sedimentary deposits. Being relatively dense, it is common 
in areas with natural concentrations of heavy minerals, 
such as the diamond placer deposits of Brazil. It generally 
occurs with other minerals, including rutile, anatase, and 
albite (p.177). Brookite is widespread in mineral veins in the 
Alps. In the Fronolen locality in northern Wales, UK, it forms 
crystals on crevice walls in diabase rock. 
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PROFILE 


J 


Tetragonal 

MA 6-6% 

Y 4.2 

NA Good 

Conchoidal to uneven 
[A Pale brown to yellowish 


AZ Adamantine to 
submetallic 


vertical striations along 
length of crystal 


_ VARIANTS 


rutile 
needle 


Rutilated quartz Pale-golden 
rutile crystals in polished quartz 


uneven 
fracture 


Massive rutile Dark-hued 
crystals in rock matrix 


Single crystal 

This large, semitransparent, and 
striated single crystal of rutile 
originates from Val di ViZZe, 
Trentino-Alto Adige, Italy. 


uneven fracture 


adamantine sheen 


typical prismatic 
crystal shape 


8, 110, 


RUTILE 


A form of titanium oxide, rutile takes its name from 
the Latin rutilis, which means “red” or “glowing.” It often 
appears as pale golden, needlelike crystals inside quartz 
(p.168). When not enclosed in quartz, it is usually yellowish 
or reddish brown, dark brown, or black. Crystals are 
generally prismatic but can also be slender and needlelike. 
Multiple twinning is common and is either knee-shaped, 
net- or latticelike, or radiating, forming wheel-like twins. 
Rutile may also radiate in starlike 
Sprays from hematite crystals. 
Rutile often occurs as a minor 
constituent of granites (pp.258-59), 
gneisses (p.288), and schists 
(p.291), and also in hydrothermal 
veins and in some clastic 
sediments. It commonly forms Quartz rutile cabochon 
microscopic, oriented inclusions Slender rutile crystals are 
; À h clearly visible inside this 
in other minerals, producing an 


i polished, convex-cut, 
asterism effect. colorless quartz. 


VARIANT 


varlamoffite 
crystals 


Varlamoffite cassiterite A 
specimen displaying the yellow 
variety of tin oxide 
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wi 


| PROFILE 


twinned : J 
crystals Tetragonal 


MÁ 67 

Y 70 

NA indistinct 
Subconchoidal to uneven 
[A White, grayish, brownish 


black crystals | 


A Adamantine to metallic 


crystals form as 
short prisms 


rock matrix 


Prismatic crystals 

These twinned cassiterite crystals are 
short, dark-colored, and prismatic, 
occurring on a rocky matrix. 


y 


A, SnO, 
CASSITERITE 


The tin oxide cassiterite takes its name from the Greek 
word for tin, kassiteros. Also called tinstone, it is the only 
important ore of tin. Colorless when pure, it commonly 
appears brown or black due to iron impurities. Rarely, it is 
gray or white. Its crystals are usually heavily striated prisms 
and pyramids. Twinned crystals are quite common. It can 
also be massive, occurring as a botryoidal, fibrous variety 
(wood tin) or as water-worn pebbles (stream tin). 
Cassiterite forms in association with 
igneous rocks in hydrothermal veins 
at high temperature (1,065°F/575°C 
or above), with tungsten minerals 
such as ferberite (p.145), and 
with topaz (p.234), molybdenite 
(0.64), and tourmaline (p.224). > s 
Durable and relatively dense, it Brilliant gemstone 
becomes concentrated in placer This faceted, golden 
deposits after erosion from its a 
primary rocks. a resinous luster. 


i j 
- 


We 
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uneven fracture 


Massive pyrolusite 
This dark gray specimen of 
massive pyrolusite has an 
even fracture. 


PROFILE 


-= 


Tetragonal 

MÁ 6-67 

Y 4.4-5.1 

NA Perfect 

Uneven, brittle, splintery 
[A Black or bluish black 

A Metallic to earthy 


dull luster 


A, MnO, 
PYROLUSITE 


Pyrolusite is the primary ore of the element 
manganese. Specimens are typically light gray to 
black in color. Pyrolusite usually occurs as massive 
aggregates. It also forms metallic coatings, crusts, fibers, 
nodules, botryoidal masses, concretions, and coatings 
that may be powdery or branching. Crystals are rare; 
when found, they are opaque and prismatic. 

Pyrolusite forms under highly oxidizing conditions 
as an alteration product of manganese minerals, such as 
rhodochrosite (p.121). It has been found in bogs, lakes, and 
shallow marine environments and as a deposit laid down 
by circulating waters. Excellent crystals are found at Horni 
Blatna, Czech Republic, and at Bathurst, New Brunswick, 
Canada. The mineral is mined extensively in Russia, India, 
Georgia, and Ghana. Pyrolusite is used as a decolorizing 
agent in glass, as a coloring agent in bricks, and in dry cell 
batteries. It is also used in the manufacture of steel and 
saltwater-resistant manganese-bronze, which is used to 
make ships” propellers. 
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| i Cyclic twin 
| PROFILE The cyclic twinning of chrysoberyl 
striation on exhibited by this specimen is 

| crystal face = common in the mineral. 


Orthorhombic 
MA 8% 

Y 3.7 

NA Distinct 


Uneven to 
conchoidal 


[A colorless 


A vitreous 


greenish yellow 
twinned crystal 


transparent with 
vitreous luster 


pseudohexagonal 
twinned crystal 


i VARIANTS lj 5. BeAl,O, 


CHRYSOBERYL 


A beryllium aluminum oxide, chrysobery! is hard and 
durable. It is inferior in hardness only to corundum (p.95) 
and diamond (p.47). Chrysoberyl is typically yellow, green, 
or brown in color. It forms tabular or short prismatic crystals 
ees Fees : ae and heart-shaped or pseudohexagonal twinned crystals. 
a ic Cee ee Alexandrite, one of its gemstone varieties, is one of the 
rarest and most expensive gems. Another variety, cat’s 
eye, is also prized as a gemstone. It contains parallel 
fibrous crystals of other minerals 
that reflect light across the 
surface of a polished gemstone— 
an effect known as chatoyancy. 
Chrysoberyl occurs in some 
granite pegmatites (p.260), 
gneisses (p.288), mica schists, 
and marbles (p.301). Crystals Color change 


Yellow gemstone Cat's that weather out of the parent Alexandrite exhibits color 

eye chrysoberyl in the most change—from brilliant green 

desirable honey-yellow color rock are often found In streams in daylight to cherry-red 
and gravel beds. under tungsten light. 
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PROFILE 


Orthorhombic 

MA 6-6% 

4 5.2-8.0 

NA Distinct 

Subconchoidal or uneven 
[A Red, brown, or black 


Y Submetallic to resinous 


uneven fracture 


VARIANT 


Yttrotantalite Dark crystals 
of the coltan series mineral 
yttrotantalite (yttrium-rich 
tantalite) in a light matrix 


Ferrocolumbite 

This opaque, tabular crystal 
of ferrocolumbite exhibits a 
submetallic to resinous luster. 


metallic 
luster 


@, (Fe,Mn)(Nb,Ta),0,—(Fe,Mn)(Ta, Nb).O, 


COLUMBITE-TANTALITE 


Columbite forms the coltan series—a nearly complete 
solid-solution series—with the mineral tantalite. Minerals 
at the columbite end of this series are niobium-rich, and 
those at the tantalite end are tantalum-rich. Tantalite 
and columbite have similar crystal structures, but 
tantalite is denser, and tantalum atoms replace niobium 
atoms in the columbite crystal structure. The name 

of the mineral is prefixed with “ferro-" or “mangano-" 
depending on the content of iron or manganese. 
Ferrocolumbite is the most common mineral of the 
coltan group. Scandium and tungsten may also be 
present as minor constituents. 

Coltan minerals are brown or black in color and are 
often iridescent. They are either massive or form tabular 
or short, prismatic crystals. They are the most abundant 
and widespread of the niobates and tantalates, and 
are the most important ores of niobium and tantalum. 
Coltan minerals mainly occur in granite pegmatite 
rocks (p.260) and in detrital deposits. 


botryoidal 
habit 


dull to 
submetallic 
luster 


- PROFILE 


NA None 

Uneven to subconchoidal 
[A Brownish black 

Y Submetallic, pitchy, dull 
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Botryoidal uraninite 

This uraninite specimen 
demonstrates the botryoidal 
habit common in this mineral. 


yellow 
uranium 
oxide 


URANINITE 


Discovered by the German chemist M.H. Klaproth in 
1789, uraninite is a major ore of uranium. The pioneering 
work on radioactivity by Pierre and Marie Curie was based 
on uranium extracted from uraninite ores. It is black to 
brownish black, dark gray, or greenish. It commonly occurs 
in massive or botryoidal forms, or in banded or granular 
habits, and less commonly as opaque octahedral or 
cubic crystals. 

Uraninite crystals occur in granitic 
pegmatites (p.260). Uraninite forms 
with cassiterite (p.79) and arsenopyrite 
in hydrothermal sulfide veins at high 
temperatures (1,065°F/575°C or above). 
It also forms at medium temperatures 
(400-1,065%F/200-575*0) as pitchblende. ' 
It also occurs as small grains in Uranium pellets 
sandstones and conglomerates, where These ceramic pellets 
of enriched uranium 
it may have weathered into secondary 


; í are ready for use in 
uranium minerals. nuclear reactors. 
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indistinct cleavage 


iridescence 


conchoidal 
fracture 


Massive samarskite 

This specimen of massive 
samarskite exhibits an iridescent 
sheen on some surfaces. 


PROFILE y @, (Y,Fe,U) (Nb,Ta)O, 
Orthorhombic Named in 1847 after Vasili Yefrafovich von Samarski- 
Y 5-6 Bykhovets of Russia, samarskite is a complex oxide of 
Y 57 yttrium, iron, tantalum, niobium, and uranium. Two types 
VA indistinct of samarskite are recognized—samarskite-(Y) or yttrium 


a fe samarskite; and samarskite-(Yb) or ytterbium samarskite. 
an The mineral is usually black and opaque but translucent In 

to black thin fragments. Crystals are stubby, opaque, and prismatic 
with a rectangular cross section—although samarskite is 
commonly found in the massive form. It is often brown or 
yellowish brown due to surface alteration. Specimens with 
high uranium content have a yellow-brown, earthy rind. 
Samarskite samples are usually radioactive. 

Samarskite is usually found in rare, earth-bearing 
granitic pegmatites (p.260). It forms in similar conditions 
as columbite (p.82), so the minerals are closely 
associated. Samarskite is also associated with monazite 
(0.150), garnet, and other minerals. Yttrium from 
samarskite has been used in cathode-ray televisions, 
optical glass, and special ceramics. 


A vitreous to resinous 
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aa 
"ii | 


modified octahedra 


uneven 
fracture 


Octahedral pyrochlore 
In this specimen of pyrochlore, 
modified octahedra display 
multiple twinning. 


PROFILE y ¿6 (Na,Ca),Nb,(O,OH,F), 


| PYROCHLORE 


S A major source of the element niobium, pyrochlore 
aá 5-5% is a complex niobium sodium calcium oxide. Its name 
Ma 45 comes from the Greek pyr and chloros, which mean 
VA Distinct “fire” and “green” respectively—a reference to some 
Subconchoidal to uneven specimens that turn green after heating. Pyrochlore is 
[A Light brown, orange, brownish red, brown, or black in color. Crystals 
yellowish brown are typically well-formed octahedra with modified faces. 
AA vitreous to resinous They are frequently twinned or occur as either granular 


or massive aggregates. Pyrochlore often contains traces 
of uranium and thorium, and it may be radioactive. In 
such cases, its internal structure may be disrupted. 

Pyrochlore forms in pegmatite rocks (p.260) and in 
igneous rocks dominated by carbonate minerals. It is an 
accessory mineral in silica-poor rocks, often occurring 
with magnetite (p.92), apatite (p.148), and Zircon (p.233). 
It also accumulates in some detrital deposits. Niobium is 
a major alloying element in nickel-based superalloys. It 
has been used either alone or together with zirconium in 
claddings for nuclear-reactor cores. 


B. What is the time constant for the circuit 
shown in Figure 1.15 ? 


C. How long does it take the capacitor to 
reach 10 volts? | 

D. To what voltage level does it charge In 
one time constant? = | 

Answers 

A T= Rx C, 

B T = 10 kQ x 10 uF = 10,000 Q x 
0.00001 F = 0.1 seconds. (Convert resistance 
values to ohms and capacitance values to 


farads for this calculation.) 
C. Approximately 5 time constants, or about 
0.5 seconds. 
D. 63 percent of the final voltage, or about 
6.3 volts. 

36 The capacitor does not begin charging 


until the switch is closed. When aé capacitor IS 
uncharged or discharged, it has the same 
voltage on both plates. 

Questions 


A. What is the voltage on plate A and plate B 
of the capacitor in Figure 1.15 before the 
switch is closed? 

B. When the switch is closed, what happens 
to the voltage on plate A? —_— — — —ć —ć 

C. What happens to the voltage on plate B? 
D. What is the voltage on plate A after one 
time constant? 


Answers 
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Microlite crystals 

This specimen of crystalline 
microlite contains tantalum in 
place of the niobium typically 
found in pyrochlore. 


- PROFILE 
` 

E Į 
Cubic 
MA 5-5% 
Y 6.4 
NA Distinct to difficult 
Subconchoidal to uneven 
[A Yellowish to brownish 


MA Resinous to vitreous 


os, 


OXIDES 


vitreous luster 


uneven 
fracture 
on surfaces 


twinned octahedra 


ij @, (Na,Ca),Ta,0,(0,0H,F) 


MICROLITE 


Named in 1835, microlite takes it name from the Greek 
word micros, which means “small"—a reference to the 
small size of the crystals found in the locality where 
the mineral was first discovered. Microlite can, in fact, 
form excellent octahedral crystals, which can be up to 
Y% in (1cm) on an edge. It also occurs as irregular grains. 
Specimens can be yellow, brown, black, green, or 
reddish. Microlite is related to pyrochlore (p.85), and 
both minerals are dominated by rare-earth elements: 
microlite by tantalum and pyrochlore by niobium. 

Microlite is found in pegmatites (p.260), especially those 
rich in lepidolite (p.198) or other lithium-bearing minerals, 
and in albite (p.177). It is a major ore of tantalum, which is 
especially useful in high-capacitance electronic devices, 
particularly those used in miniaturized circuitry. Microlite 
is alSo used in corrosion-resistant chemical equipment. 
Excellent crystals are found at Dixon, New Mexico, USA; 
Shingus, Gilgit, Pakistan; Mattawa, Ontario, Canada; and at 
numerous localities in Brazil. 


Red cuprite 
Cuprite crystals are octahedral, 
cubic, or rarely dodecahedral. 
They come from Bisbee and 
other regions in Arizona, USA. 


PROFILE 


. 


Cubic 

MA 3%-4 

Y 6.1 

NA Distinct 

Conchoidal, brittle 
A Brownish red, shining 


Y Adamantine, submetallic 


VARIANT 


Chalcotrichite Bright red, 
hairlike crystals of the 
chalcotrichite variety 
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twinned adamantine luster 
crystal on crystal faces 


transluscent 
red 


H A, Cu,0 
CUPRITE 


A relatively soft, heavy copper oxide, cuprite is an 
important ore of copper. Its crystals are either cubic or 
octahedral in shape and commonly striated. Massive 
or granular aggregates with the appearance of sugar 
are common. Cuprite is translucent and bright red when 
freshly broken but turns to a dull metallic gray color on 
exposure to light and pollutants. Cuprite is sometimes 
known as ruby copper due to its distinctive red color. 
In the variety called chalcotrichite 
or plush copper ore, the crystals 
are a rich carmine color, fibrous, 
capillary, and are silky in 
appearance. They are found 
in loosely matted aggregates. 
Cuprite of the tile ore variety is 
soft, earthy, brick-red to brownish Step cut 
red in color, and often contains Rare transparent cuprite 
; i i is sometimes cut for 
intermixed hematite (p.91) or 


i collectors, as in this 
goethite (p.102). rectangular step cut. 
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Crystalline zincite 

This specimen of coarsely 
crystalline zincite in a white 
calcite matrix is 

from Sterling Hill, 

New Jersey, USA. 


white calcite 
matrix 


PROFILE 


Hexagonal 
MZ 4-5 
M4 57 
NA Perfect 


Conchoidal 


[A Orange-yellow 
A Resinous, submetallic 


VARIANT 


Granular habit Granular 
zincite with black franklinite 


deep red 
zincite 


2 Ate 


coarsely 
crystalline texture 


T Azo 
ZINCITE 


Red oxide of zinc is another name for zincite, which 
is a minor ore of zinc. Zincite occurs mostly as cleavable 
or granular masses. Natural crystals are rare, but when 
they occur they are pyramidal, pointed at one end and 
flat at the other. These crystals can be orange, red, 
yellow, or green. 

Zincite is found mainly as an accessory mineral in 
zinc-ore deposits and is commonly associated with black 
franklinite and white calcite. It may also be a rare 
constituent of volcanic ash. Crystals are found only in 
secondary veins or fractures, where zincite forms by the 
chemical alteration or metamorphism of zinc deposits. 
Some so-called natural zincite crystals in the collectors’ 
market are, in fact, large crystals that have formed in 
the chimneys of smelters. Natural crystals are rarely 
fluorescent; artificial crystals may range from fluorescent 
green to fluorescent yellow. The classic locality for fine 
zincite crystals is Franklin, New Jersey, USA. It is also found 
at Varmland and Nordmark, Sweden. 


psuedocubic 
perovskite crystal 


striations 


on crystal 
plagioclase matrix 


Perovskite crystals 

In this specimen, two striated, 
pseudocubic perovskite 
crystals are set in a matrix 

of plagioclase feldspar. 


PROFILE 


Orthorhombic A calcium titanium oxide, perovskite was named after 
M 5% the Russian mineralogist Count Lev Alekseevich Perovski 
ORT in 1839. The composition of perovskite varies considerably: 


niobium can substitute for up to 44.9 percent titanium 
by weight, and cerium and sodium can substitute for 
calcium. When specimens are black, they have a metallic 
luster; when brown or yellow, they appear adamantine. 
Although perovskite is an orthorhombic mineral, its 
crystals are usually pseudocubic. Perovskite crystals 
can be pseudooctahedral in varieties where niobium 
or cerium has replaced a large amount of titanium. 
The crystals tend to be deeply striated and are 
frequently twinned. 

Perovskite occurs in igneous rocks that are rich 
in iron and magnesium. It also occurs in contact 
metamorphic rocks associated with magnesium- and 
iron-rich intrusive igneous rocks and in some chlorite 
and talc schists. It is also found in carbonaceous 
chondrite meteorites (p.337). 


JA \mperfect 
Subconchoidal to uneven 


[A Gray to colorless 


WZ Adamantine or metallic 
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| PROFILE 


J 


Hexagonal 


Conchoidal 


[A Black to 
reddish brown 


A Metallic to 
submetallic 


twinned ilmenite 
crystals 


Ilmenite crystals 
This specimen exhibits opaque, 
black, lamellar, and twinned 
crystals of ilmenite. 


| VARIANT 


ilmenite 
crystal 


quartz 
Tabular crystals Thin, gray, 
tabular ilmenite crystals with 
actinolite and quartz 


lamellar ilmenite 


metallic luster 


oligoclase feldspar 
matrix 


H 0, FeTiO; 


ILMENITE 


Named after the II'’menski Mountains near Miass, 
Russia, where it was discovered, ilmenite is a major 
source of titanium. Usually thick and tabular, its 
crystals sometimes occur as thin lamellae (fine plates) or 
rhombohedra. Ilmenite can also be massive, or occur as 
scattered grains. Intergrowths with hematite (p.91) or 
magnetite (p.92) are common, and ilmenite can be 
mistaken for these minerals because of its opaque, 
metallic, gray-black color. Unlike magnetite, however, 
ilmenite is nonmagnetic or very weakly magnetic; and 

it can be distinguished from hematite by its black streak. 
It may weather to a dull brown color. 

IImenite is widely distributed as an accessory mineral 
in igneous rocks, such as diorite (p.264) and gabbro 
(p.265). It is a frequent accessory in kimberlite rocks 
(p.269), associated with diamond (p.47). It is also found in 
veins, pegmatite rocks (p.260), and black beach sands 
associated with magnetite, rutile (p.78), Zircon (p.233), 
and other heavy minerals. 


Rhombohedral hematite 
These superb hematite 
crystals from Elba, Italy, 
demonstrate hexagonal 

or rhombohedral form 

and metallic luster. 


- PROFILE 


Hexagonal 
MÁ 5-6 
Y 5.3 
NA None 


Subconchoidal to uneven 


[A Cherry-red 


VARIANTS 


or red-brown 


YA Metallic to dull 


Kidney ore A perfect example 
of hematite’s botryoidal habit 


Specular 
hematite 
Brilliant platy 
crystals of 
Specular 
hematite 


Iridescent 
hematite 
An iridescent 


į crystal on rock 
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modified 
rhombohedral 
crystal 


colorful tarnish on 
surface 


metallic 
luster 


0, Fe20; 
HEMATITE 


Dense and hard, hematite is the most important 
ore of iron (p.39) because of its high iron content and 
its abundance. The mineral occurs in various habits: 
steel-gray crystals and coarse-grained varieties with a 
brilliant metallic luster are known as specular hematite; 
thin, scaly forms make up micaceous hematite; and 
crystals in petal-like arrangements are called iron roses. 
Hematite also occurs as short, black, rhombohedral 
crystals and may have an iridescent tarnish. The soft, 
fine-grained, and earthy form of hematite 
is used as a pigment. > a 
Important hematite deposits > 
occur in sedimentary beds or 
in metamorphosed sediments. A 
compact variety known as kidney Ez 
ore has a kidney-shaped surface. Oval cabochon 
A form of ground hematite called This oval cabochon of black 
j hematite is faceted on top. 
rouge is used to polish plate glass 


} Hematite cabochons have 
and jewelry. been sold as “marcasites.” 
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PROFILE 


4 


a 


Cubic 
MZ 5%-6 
o 52 


None 


ow i 


Conchoidal 
to uneven 


Black 


K N 


Metallic to 
semimetallic 


magnetic field 


VARIANTS 


Octahedral crystal A 
magnetite crystal showing 
classic octahedral form 


Magnetite crystals A cluster 
of black magnetite crystals 


iron fillings 
attracted by 
magnetic 
surface 


Magnetic magnetite 

Magnetic specimens of magnetite, 
such as this one covered with iron 
filings, are known as lodestones. 


0, Fe,0, 


MAGNETITE 


An iron oxide, magnetite is named after the Greek 
shepherd boy Magnes, who noticed that the iron ferrule 
of his staff and the nails of his shoes clung to a magnetite- 
bearing rock. All magnetite can be picked up with a 
magnet, but some magnetite is itself naturally magnetic 
and attracts iron filings and deflects compass needles. 
Magnetite usually forms octahedral crystals, although it 
sometimes occurs as highly modified dodecahedrons. 
Specimens can also be massive or granular, occurring as 
disseminated grains and as concentrations in black sand. 
Magnetite is similar in appearance to hematite (p.91), but 
hematite is nonmagnetic and has a red streak. 

Magnetite occurs in a range of geological environments. 
it forms at high temperatures (1,065°F/575°C or above) as 
an accessory mineral in metamorphic and igneous rocks 
and in sulfide veins. A major ore of iron (p.39), magnetite 
forms large ore bodies. Economically important deposits 
occur in silica-poor intrusions of igneous rocks and in 
banded ironstones (p.329). 
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Swedish fergusonite 

In this specimen from Ytterby, 
Sweden, fergusonite crystals rest 
on a matrix of feldspar. 


feldspar 


fergusonite crystal 


_ PROFILE A, (CeY,La,Nd)NbO, 
Tetragonal Named after the Scottish mineralogist Robert Ferguson 
Y, 5%-6% (1767-1840), the fergusonite group contains several 
Y 4.2-5.7 minerals. All fergusonites may be considered as sources 
VA Poor of the rare metals they contain. The most common is 


fergusonite-(Y), which is rich in yttrium. lts crystals are 
prismatic to pyramidal in shape and black to brownish 
black. Fergusonite-(Ce) is cerium-rich, dark red to black 
in color, and forms prismatic dipyramidal crystals— 
although these are rare. Fergusonite-(Nd), a neodymium- 
bearing fergusonite, is usually granular. Another member 
of the fergusonites, formanite-(Y), is found as tabular 
crystals and anhedral pebbles. Yet other fergusonites, 
most of which appear in minor quantities, bear the 
prefix “beta.” 

Fergusonites can also have varying amounts of erbium, 
lanthanum, niobium, dysprosium, uranium, thorium, 
zirconium, and tungsten. They can be found in granitic 
pegmatites (p.260) associated with other rare-earth 
minerals and in placer deposits. 


Subconchoidal, brittle 


[A Brown, yellow-brown, 
greenish gray 


A vitreous to submetallic 
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massive habit 


pa 
s 


- PROFILE 


| 
Orthorhombic 
MZ 5-6 
Y 47 
NA None 
Uneven 


[A Brownish black, shiny 


Y submetallic to dull 


L. VARIANT 


j= 


Botryoidal romanéchite 
Dense, submetallic, 
botryoidal romanechite 


Massive romanechite 
This specimen of 
massive romanechite 
demonstrates its 

dull luster. 


dull luster 


À, (Ba, H20) (Mn,+Mn3+)50:0 


ROMANÉCHITE 


A hard, black, barium manganese oxide, romanechite 
is named for its occurrence at Romaneche-Thorins, 
France. It is one of the manganese oxides that were 
formerly grouped together under the name psilomelane, 
which has been applied to several distinct minerals. 
Although the name psilomelane is no longer used to 
refer to a particular mineral, it continues to be used as 
a term of convenience for a group of barium-bearing 
manganese oxides. Romanechite specimens are usually 
fine-grained or fibrous. Crystals are rare; when found, 
they are prismatic. 

Romanechite forms as an alteration product of other 
manganese minerals and is an ore of manganese. The 
mineral also forms in bogs, lakes, and shallow seas. 
Although romanechite is named after a French locality, 
it was first identified at Schneeberg, Saxony, Germany. 
Other important deposits of romanechite are at Tekrasni, 
India; Pilbara, Australia; Cornwall, England; and Hidalgo 
County, New Mexico, USA. 


Hexagonal 


Mi 9 


Y 4-41 
NA None 


Conchoidal to uneven 


[A colorless 


YA Adamantine to vitreous 


blue coloring due 
to traces of titanium 


Í VARIANTS ) 


vitreous luster 


Ruby in matrix 
Prismatic Kashmir 
rubies embedded 
in a rock matrix 


Common 
corundum 
An opaque, 
dipyramidal 
crystal of 
common 
corundum 
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Sapphire crystal 

This water-worn crystal 
has a pyramidal form and 
exhibits the color zoning 
that is common in sapphire. 


color zoning 


E à. ao; 
CORUNDUM 


After diamond, corundum is the hardest mineral on 
Earth. The name corundum comes from the Sanskrit 
kuruvinda, meaning “ruby”—the name given to red 
corundum. Ruby and sapphire are gem varieties of 
corundum. An aluminum oxide, corundum is commonly 
white, gray, or brown, but gem colors include red ruby and 
blue, green, yellow, orange, violet, and pink sapphire. 
Colorless forms also occur. Ruby forms a continuous color 
succession with pink sapphire; only stones of the darker 
hues are considered to be ruby. 
Corundum crystals are generally 
hexagonal, either tabular, tapering 
barrel-shaped, or dipyramidal. 
Corundum can also be massive 
or granular. It forms in syenites 
(p.262), certain pegmatites (p.260), Antique ruby ring 
and in high-grade metamorphic 1N this ring, a square-cut 
rocks. It is concentrated in e lo 


right angles to its 
placer deposits. square setting. 


A. Both will be at O volts if the capacitor IS 
totally discharged. 
B. It will rise toward 10 volts. 
C. It will stay at O volts. 
D. About 6.3 volts. 

37 The capacitor charging graph in Figure 
1.16 shows how many time constants a 
voltage must be applied to a capacitor before 


it reaches a given percentage of the applied 
voltage. 
Figure 1.16 
100 
i So 
a 
E 
= 03 
= 50 
5 40 
5 
20 
10 H 
/ 
0.1 05 1] 2 3 4 5 
0.2 0.7 
Time constants 
Questions 


A. What is this type of curve called? 


B. What is it used for? 
Answers 


| PROFILE 


Cubic 
Avs 7V.-8 
Y 3.6-4.1 


NA None 


Conchoidal 
to uneven 


[A white 


A vitreous 


quartz matrix 


i VARIANTS 


Spinel aggregate Numerous 
ruby spinel crystals 


Black spinel A modified 
octahedron of black spinel 
on a rock matrix 


96 MINERALS | OXIDES 


Spinel octahedrons 

In this specimen, octahedral crystals 
of pleonaste, or black spinel, are set 
in a quartz matrix. 


octahedral spinel 
crystal 


SPINEL 


Spinel is the name of both an individual mineral and 

of a group of metal-oxide minerals that share the same 
crystal structure. Minerals in this group include gahnite 
(p.97), franklinite, and chromite (p.99). Spinel is found as 
glassy, hard octahedra, or as grains or masses. Although 
familiar as a blue, purple, red, or pink gemstone, spinel also 
occurs in other colors. Red spinel is called ruby spinel; its 
blood-red color is due to the presence of chromium. 

A minor constituent of peridotites 
(p.266), kimberlites (p.269), basalts 
(p.273), and other igneous rocks, 
spinel also forms in aluminum- 
rich schists (pp.291-92) and 
metamorphosed limestones. 
Water-worn crystals come from ER 
stream deposits. The earliest Spinel gemstone 
known spinel dates back to This superb faceted 

spinel shows excellent 
100 sce and was discovered near 


i red-lavender color 
Kabul, Afghanistan. and good clarity. 
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octahedral crystal 


rock matrix 
Octahedral gahnite 

This blue octahedron of gahnite is 
from Franklin, New Jersey, USA. 
Other gahnite localities are 
Colorado and Maine, USA. 


PROFILE Uj A, ZNAl,0, 
| GAHNITE 

Cubic P 3 F TAR 

A zinc aluminum oxide, gahnite is a member of the 
dá 7/8 spinel group and frequently forms the simple octahedral 
hd 46 crystals typical of the group. Crystals usually show 
VA Indistinct good external form. They may be striated on faces and 
Conchoidal, irregular cleavage surfaces. Usually dark green or blue to black 
KA Grayish in color, they can reach up to 4% in (12cm) on an edge. 
A vitreous Crystals can sometimes be gray, yellow, or brown in 


color. Gahnite also occurs as irregular grains and 
masses, and in some lithium pegmatites (p.260) as 
gem-clear nodules. 

Gahnite was named in 1807 after the Swedish chemist 
and mineralogist John Gottlieb Gahn. It is found in 
crystalline schists (pp.291-92) and gneisses (p.288), 
in granites (pp.258-59) and granitic pegmatites, and in 
contact metamorphosed limestones. It sometimes forms 
from the low-grade metamorphism of bauxite (p.101) and 
is also found in placer deposits. Superb crystals occur at 
Salida and Cotopaxi, Colorado, USA; at Falun, Sweden; 
and at Minas Gerais, Brazil. 
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uneven 
fracture 


submetallic 
luster 


crystal 
appears 
octahedral 


massive habit 


Hausmannite crystals 

In this hausmannite specimen, 
pseudooctahedral crystals rest on 
a base of massive hausmannite. 


| Wj @, Mn2*Mn,3+0, 
HAUSMANNITE 


Tetragonal Named in 1827 after Johann Friedrich Ludwig Hausmann, 
Y 5% a German professor of mineralogy, hausmannite is 
ORE: dark brown or black and is usually granular or massive. 
VA Perfect Well-formed crystals are uncommon yet distinctive. 
NEA They are pseudooctahedral in shape but often have 

l additional faces. Small amounts of iron and zinc may 
[A Reddish brown substitute for manganese in the hausmannite structure. 
Y submetallic Hausmannite forms in hydrothermal veins, and it also 


occurs where manganese-rich rocks have been 
metamorphosed. It is often found associated with other 
manganese oxides, such as pyrolusite (p.80), romanéchite 
(p.94), and the manganese- iron mineral bixbyite. Superb 
crystals, up to 1% in (4cm) long, come from Brazil, South 
Africa, and Germany. 

Hausmannite is an ore of manganese, which is added 
to aluminum and magnesium alloys to improve corrosion 
resistance. Manganese oxides are important in the 
manufacture of steel, where they absorb the sulfur in iron 
ores and impart strength. 
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nodular chromite Nodular chromite 

The metallic luster of chromite 
is visible on the broken surfaces 
of these nodules. 


Uneven 
[Al Brown 
A Metallic 
weathered 
crystal 
serpentine matrix 
g Fir 
_ VARIANT m .@, FecrO, 


CHROMITE 


A member of the spinel mineral group, chromite is an 
iron chromium oxide and the most important ore of 
chromium. Crystals are uncommon, but when found they 
are octahedral. Chromite is usually massive or in the form 
of lenses and tabular bodies, or it may be disseminated as 
granules. It is sometimes found as a crystalline inclusion in 
diamond. Chromite is dark brown to black in color and 
can contain some magnesium and aluminum. 

Chromite is most commonly found as an accessory 
mineral in iron- and magnesium-rich igneous rocks or 
concentrated in sediments derived from them. It occurs 
as layers in a few igneous rocks that are especially rich in 
iron and magnesium. Almost pure chromite is found 
in similar layers in sedimentary rocks. The layers are 
preserved when the sedimentary rocks metamorphose 
to form serpentinite (p.298). Referred to as chromitites, 
these rocks are the most important ores of chromium. 
The weathering of chromite ore bodies can also lead to 
its concentration in placer deposits. 


Massive chromite A glossy 
black specimen of chromite 
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HYDROXIDES 


Hydroxides form when metallic elements combine with a hydroxyl 
radical. They are found predominantly as weathering products of other 
minerals. Hydroxide minerals are usually less dense and softer than 
oxide minerals. Many hydroxides are important ore minerals. 


COMPOSITION 
Nearly all hydroxides form at low 
temperatures (up to 400°F/200°C), when 
water reacts with an oxide. They contain 
the hydroxyl radical, which is a single 
chemical unit made up of one atom of 
hydrogen and one atom of oxygen. 


hydrogen ] 
jon — 3 


octahedron 


Crystal structure of diaspore 

In the aluminum hydroxide diaspore, aluminum ions 
are in octahedral coordination with hydroxyl groups, 
forming strips of octahedra. 


stalactites in 
parallel growth 


Stalactitic goethite 
This specimen is a small 
stalactitic mass of the 
iron hydroxide goethite. It 
mainly forms in the weathered 
zones that often cap iron deposits. 


OCCURRENCE AND USES 
Hydroxide minerals are found in most 
places where water has altered primary 
oxides. Some hydroxides are also 
precipitated directly. They are often 
important ore minerals. The aluminum 
hydroxides diaspore, bohemite, and 
gibbsite constitute bauxite, the ore of 
aluminum. Goethite, an iron hydroxide, 
is an ore of iron. 


3 5.1 A TS. me 
OCHER a. TEL Sains 
Artists’ -OÀ H isd i 
pigments A | 
Although now mostly = UD E 
replaced by synthetics, Y 


goethite (formerly called limonite) 
has provided the pigment in 
umbers and ochers for millennia. 


_ Les-Baux-De-Provence 

| The mixture of aluminum hydroxide minerals 

= called bauxite is named after the village of 
Les-Baux-de-Provence in southeastern France, 

| where it was first recognized in 1821. 
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Pisolitic bauxite 
This bauxite specimen shows a classic 
pisolithic habit, meaning that it is made 
up of numerous pisoliths—grains up 

n to the size of a pea. 


pisolitic Structure 


” i . b. 
d 7 ; SS isoli 


A = = Y O AS > 
Jr | aluminum oxide 
matrix 
dull to earthy luster 


i PROFILE | Bl @, Mixture of hydrous aluminum oxides 
Ú | 


Sa None BAUXITE 


M4 2.3-2.7 Although bauxite is not a mineral, it is one of the most 
NA None important ores because it is the sole source of aluminum. 
neon The product of weathering of aluminum-rich rocks, it 

[A Usually white contains several constituent minerals. Bauxite Is variably 
A earthy creamy yellow, orange, pink, or red because of the 


presence of quartz (p.168), clays, and hematite 
(p.91) and other iron oxides in 
VARIANT | addition to several hydrated 

aluminum oxides. | 

Bauxite forms as extensive, “1 
shallow deposits in humid 

tropical environments. It may 

be nodular, pisolitic, or earthy. 

Deposits are soft, easily crushed, 

and textureless or hard, dense, 
and pealike. Bauxite may also be versatile aluminum 

porous but strong and stratified, ^ Key metal of the modern 

or it may retain the form of its e eae 


make products ranging from 
parent rock. takeout trays to spacecraft. 


Bauxite as an ore Primary 
ore of the metal aluminum 
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Velvety goethite botryoidal mass 
PROFILE This botryoidal mass of radiating 
goethite crystals from Merehead 
Quarry, Somerset, England, has a 
velvety appearance. < 
Orthorhombic - Kd à - Gs 
M 5-5% CG 
W A 
Y 43 is. 
NA Perfect > ri 
Uneven e a3 «De 
[A Brownish yellow | ; 


to ocher-red 


Y Adamantine to metallic 


radiating crystals 


quartz matrix 


f VARIANTS H „È, FeO(OH) 


` GOETHITE 


E Named after the German mineralogist Johann 

d Wolfgang von Goethe in 1806, goethite is a common 
mineral. It can be brownish yellow, reddish brown, or 
dark brown in color, depending on the size of the crystal in 


Prismatic crystals Striated i i 
crystals in quartz matrix the specimen—small crystals appear lighter, and larger 


ones darker. It can occur as opaque black, prismatic and 

parallchavouitit vertically striated crystals; velvety, radiating fibrous 
Small goethite aggregates; flattened tablets or scales; and reniform or 
stalactites botryoidal masses. Goethite can also occur in stalactitic 
f a or massive forms and in tufts and drusy coatings. 

Goethite is an iron oxide hydroxide, althougn 
manganese can substitute for up to 5 percent of the 
iron. It forms as a weathering product in the oxidation 
zones of veins of iron minerals, such as pyrite (p.62), 
magnetite (p.92), and siderite (p.123). Goethite may occur 


Stalactitic a 
goethite Hard, with these minerals in the gossan, or iron hat, which is 
glossy goethite the weathered capping of an iron ore deposit. It also 
in classic 


occurs in a form called bog iron ore, which can be 
produced by living organisms. 


stalactitic habit 
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PROFILE 


“e, 


} 


Monoclinic 
d4 4 

Y 43 
NA Perfect, good 

Uneven 

[A Reddish brown to black 
A submetallic 


í VARIANT 


bundles of 
manganite 


Crystal bundles Manganite 
crystals grouped in bundles 


Prismatic manganite 

This specimen is a mass of 
pseudoorthorhombic prisms 
showing typical deep 
striations on the crystal faces. 


flat submetallic 
termination luster striation 


uneven 
fracture 


4, MnO(OH) 


MANGANITE 


A widespread and important ore of manganese, 
manganite is hydrated manganese oxide. The mineral 
had been described by a number of different names 
since 1772, but was finally given its current name, which 
it owes to its manganese component, in 1827. Opaque 
and metallic dark gray or black, crystals of manganite are 
mostly pseudoorthorhombic prisms, typically with flat or 
blunt terminations, and are often grouped in bundles and 
striated lengthwise. Multiple twinning is common. 
Manganite can also be massive or granular; it is then 
hard to distinguish by eye from other manganese oxides, 
such as pyrolusite (p.80). 

An important ore of manganese, manganite occurs in 
hydrothermal deposits formed at low temperature (up to 
400°F/200°C) with calcite (p.114), siderite (p.123), and barite 
(p.134), and in replacement deposits with goethite (p.102). 
Manganite also occurs in hot-spring manganese deposits. 
It alters to pyrolusite and may form by the alteration of 
other manganese minerals. 
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Dark red diaspore 

In this specimen, a mass of dark 
red, thin, platy diaspore crystals 
rests in a matrix of corundum. 


trace chromium corundum 
gives lilac color platy crystal matrix 


y A 


PROFILE | a @, AIO(OH) 
Orthorhombic Diaspore takes its name from the Greek word 
M 677 diaspora, which means "scattering”—a reference to 
my 3.4 the way diaspore crackles and depreciates under high 


heat. Its crystals are thin and platy, elongated, tabular, 
prismatic, or needlelike and are often twinned. Diaspore 
l can be massive or can occur as disseminated grains. It 
[A write may be colorless, white, grayish white, greenish gray, 
Y vitreous light brown, yellowish, lilac, or pink in color. The same 
specimen can appear to have different colors when 
viewed from different directions. 

Diaspore forms in metamorphic — € 
rocks, such as schists (p.292) 
and marbles (p.301), where 
it is often associated with 
corundum (p.95), spinel 
(p.96), and manganite (p.103). Faceted gem 
It is widespread in bauxite Zultanite, which Is a rare, 
(p.101), laterite (0.326), and transparent type of diaspore 


i crystal from Turkey, is a 
aluminous clays. collector's gem. 


NA Perfect, imperfect 
Conchoidal, brittle 
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Fibrous brucite 
| ROFILE This fibrous mass of brucite with 
== = a vitreous luster is from Timmins, 


J Ontario, Canada. 


Hexagonal 
AWE Zp j > e 
Y 24 q | 

i vitreous luster f i 


NA Perfect 


Uneven, sectile 


[A white 


A Waxy to vitreous/pearly 


ame 
=" F 


fibrous habit 


VARIANTS 


BRUCITE 


Named after the American mineralogist Archibald 
Bruce in 1824, brucite is magnesium hydroxide. Usually 
white, it can be pale green, gray, or blue. Manganese may 
substitute to some degree for magnesium, producing 
yellow to red coloration. Its crystals can be tabular or form 
aggregates of plates. They tend to be soft, and range from 
waxy to glassy in appearance. Fine large crystals have 
been collected from nemalite, a variety of brucite that 
occurs in fibres and laths. Brucite may also occur in 
massive, foliated, fibrous, or, 
more rarely, granular habits. 
Brucite is found in metamorphic 
rocks, such as schist (p.292), and 
in low-temperature hydrothermal 
veins (up to 400°F/200°C) in 
marbles (p.301) and chlorite Kiln lining 
schists. It is used as a primary Because of its high melting 
,; point, brucite is used to line 
source of medical magnesia and 


kilns, such as the potter's kiln 
as a fire retardant. being used here. 


brucite 
crystal 


Tabular crystals Tabular 
brucite in a rock matrix 


Nemalite A fibrous variety 
of brucite 


A. It is called an exponential curve. 
B. It is used to calculate how far a capacitor 
has charged ina given time. 

38 In the following examples, a resistor 
and a capacitor are in series. Calculate the 
time constant, how long it takes the capacitor 
to fully charge, and the voltage level after 
one time constant if a 10-volt battery is used. 
Questions 
A. R = 1 kQ, C = 1,000 UF 


B. R = 330 kQ, C = 0.05 WF 
Answers 

A. T = 1 second; charge time = 5 seconds; 
VC = 6.3 volts. 

B. T = 16.5 ms; charge time = 82.5 ms; V 
C = 6.3 volts. (The abbreviation “ms” 


indicates milliseconds.) 

39 The circuit shown in Figure 1.17 uses a 
double pole switch to create a discharge path 
for the capacitor. 

Figure 1.17 
Ri Y 


100 ki? 


100 uF 
50 kQ 


Questions 
A. With the switch in position X, what is the 
voltage on each plate of the Capacitor? 
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HALIDES 


Minerals in this group consist of metals combined with one 
of the four common halogen elements: fluorine, chlorine, 
iodine, or bromine. Halides tend to be soft and many crystallize 


in the cubic system. 


COMPOSITION 

Compositionally and structurally, there 
are three broad categories of halide 
mineral: simple halides, halide complexes, 
and oxyhydroxy-halides. Simple halides 
form when a metal combines with 

a halogen. Halite and fluorite are 
examples of simple halides. In halide 
complexes, the halide is usually bound 
to aluminum, creating a molecule that 
behaves as a single unit, which is in 
turn bound to a metal. For example, 
in cryolite, fluorine and aluminum are 
bound to sodium. Oxyhydroxy-halides 
are very rare. Atacamite is an example 
of these halides. 


calcium 
atom 


fluorine 
atom 


Fluorite crystal structure 

In the crystal structure of fluorite, every calcium 
atom is coordinated with eight fluorine atoms at 
the corners of a cube. This yields cubic crystals. 


Salt Lake 


Thick, white crusts of the halide 

| mineral halite encrust rocks along 
the edge of the Great Salt Lake, 
Utah, USA. 


cubic crystal 


Fluorite crystals 
Fluorite is an example 
of a simple halide. It 
forms octahedral or 
cubic crystals, and 
usually forms in 
hydrothermal veins. 


OCCURRENCE 

Many halides occur in evaporite deposits. 
Others occur in hydrothermal veins 

or form when halide-bearing waters 
act upon the oxidation products of 
other minerals. 


USES 

Halides are important industrial minerals. 
Halite, or table salt, is the classic example. 
Other halides are used as fertilizers, in 
glass making and metal refining, and as 
minor ores. 


Fertilizing crops 
The halides sylvite 
and carnallite are 
important sources 
of potash for 
fertilizers. Potash 
reduces many 
diseases, rot, 

and mildew of 
food plants. 
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Granular carnallite 

This granular mass of carnallite 

has a red color due to inclusions granular surface 
of hematite. 


color due to 
impurities 


| PROFILE a A, KMgCl,-6H,0 
| CARNALLITE 
Orthorhombic First discovered in Germany, carnallite was named 
M 2% after Rudolph von Carnall, a Prussian mining engineer, in 
Y 16 1856. It is usually white or colorless but may appear 
VA None reddish or yellowish depending on the presence of 


hematite (p.91) or goethite (p.102) impurities. Hydrated 

l potassium and magnesium chloride, carnallite is generally 

[A write massive to granular in habit. Crystals are rare because 

A Greasy they absorb water from the air and dissolve. 

When found, crystals are thick and tabular, 

pseudohexagonal, or pyramidal. F 
Carnallite forms in the upper 

layers of marine evaporite salt 

deposits, where it occurs with 

other potassium and magnesium 

evaporite minerals. The mineral is 

Russia's most important source Potash fertilizer 

of magnesium. Caustic potash, a  Camallite is an important 

i ; : source of potash, which 
potassium hydroxide, is produced 


. is used in fertilizers, and 
from carnallite. caustic potash. 


Conchoidal 


Cryolite crystals 

This mass of translucent 
cryolite crystals on rock has 
patches of siderite on it. 


nearly cubic 
crystal 


Monoclinic 
iV Aa 
Y 3.0 
NA None 


Uneven 


[A white 

A vitreous to greasy 
VARIANT 
= 


pseudocubic 
outline 


greasy luster 


Massive cryolite specimen 
A close-up of a massive 
cryolite fragment 
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greasy luster 


brown siderite 
| @, Na, AIF, 


CRYOLITE 


Few people have heard of cryolite, but it is one of 
the most important minerals of our age. Aircraft could 
not fly without it, and modern engineering of all kinds 
would be stunted in its absence. Synthetic cryolite is an 
essential ingredient in aluminum production. The mineral 
takes its name from the Greek terms kryos and lithos, 
which mean “ice” and “stone”—an allusion to its 
translucent, icelike appearance. Cryolite is usually 
colorless or white. Rarely it can be brown, yellow, reddish 
brown, or black. It occurs commonly as coarse, granular, 
or massive aggregates and rarely, as pseudocubic crystals. 

Cryolite forms mainly in 
certain granites (pp.258-59) 
and granitic pegmatites (p.260). 
The largest deposit of cryolite, 
at Ivigtut, Greenland, is now Cryolite in aviation 
exhausted. Lesser amounts Synthetic cryolite is used 

: . ’ to separate aluminum— 

are found in Spain, Russia, 


an indispensable metal 
and the USA. in aviation—from its ores. 
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Twinned crystals 
This group of fine, green cubic 


zones of purple fluorite crystals exhibits the 
and green 


classic penetration twins, which 
are typical of this mineral. 


Cubic 


Na 

Y 3.0-3.3 

NA Perfect octahedral 
Flat conchoidal 
[AI white 


A vitreous 


twinned crystals 


E 


cubic habit 


iron-stained 
coating 


VARIANTS 


FLUORITE 


An important industrial mineral, fluorite used to be 
known as fluorspar. The name fluorite comes from the 
Latin word fluere, which means “to flow"—a reference 
to its use in iron smelting to improve the fluidity of slags 
and the refining of metals. Fluorite commonly occurs as 
vibrant, well-formed crystals. A single crystal may have 
zones of different colors that follow the contour of the 
crystal faces. Fluorite crystals are widely found in cubes, 
while fluorite octahedra—which 
are often twinned—are much less 
common. The mineral can also be 
massive, granular, or compact. 
Fluorite occurs in hydrothermal 
deposits and as an accessory 


Pink octahedron An 
octahedral crystal of rare 
pink fluorite 


Yellow fluorite A group of 
bright yellow fluorite cubes 


dia mineral in intermediate intrusive and 

A group of silica-rich rocks. It is used inthe Blue John 

unusually manufacture of high-octane fuels ~ of mae pl 
colorless E : white, and yellow fluorite, 
ee and steel and in the production Mea A 


of hydrofluoric acid. visible in this vessel. 
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Avs 2% 
Y 2.1-2.6 
NA Perfect cubic 


Conchoidal 


[A white 


A vitreous 


vitreous luster 


rock matrix 


Halite crystals 

In this specimen from Inowroclaw, 
Poland, cubic crystals of halite 
cover a rock matrix. 


| VARIANTS A, Nacl 


HALITE 


Culinary rock salt is actually halite. Its name is derived 
from the Greek word hals, which means “salt.” Most halite 
is colorless, white, gray, orange, or brown, but it can also 
Cubic halite Twinned, cubic be bright blue or purple. The orange color comes from 
crystals on rock matrix inclusions of hematite (p.91), while the blue and purple 
colors indicate defects in the crystal 
structure. Halite is commonly found in 
massive and bedded aggregates as 
rock salt. It also occurs in coarse, 
crystalline masses or in granular 
Massive halite A specimen and compact forms. 
of massive pink halite Halite crystals are usually 
cubic. Sometimes, halite may 
form “hopper” crystals—in which 
the outer edges of the cube faces 
have grown more rapidly than Table salt 
their centers, leaving cavernous Mined since ancient times 
faces. It is widespread in saline Se ce cea ey 
common table salt is the 
evaporite deposits. mineral halite. 


Blue halite 
Unusual blue cubic 
halite on rock 


| q interlocking 
PROFILE cubic crystal 
Cubic a 
al we i ù 
i E Weer a a 
Av 2% | | SEN | 
Y 20 oe = 
e e 
NA Perfect cubic aa “E 
i 
Uneven transparent at > s bá ' 
A crystal margin Mas a Me 
White ” N Py 
A Vit Fr 38 f e i 
itreous nn 7 
j Gi aa ; 
ia i 
A ` pri. "y 
ERA v ME A j 
e a ag p 
i. T, é i kpss eS 
ds 5 # : T 
i 


Sylvite crystals 
The pinkish, interlocking, cubic 
crystals in this specimen are ee 
typical of sylvite. vitreous luster 


VARIANT 


SYLVITE 


Millions of tons of sylvite are mined annually for the 
manufacture of potassium compounds, such as potash 
fertilizers. Sylvite is also used to manufacture metallic 
potassium. The mineral was first discovered in 1823 on 
Mount Vesuvius, Italy, where it occurs as encrustations 
on lava. The name sylvite comes from its Latin medicinal 
.. name, sal digestivus Sylvii, which means “digestive salt,” 
Sylvite in potash A specimen and it is also known as sylvine. poe colorless to white or 
Do as grayish, sylvite can be tinged | eae 

blue, yellow, purple, or red. Sylvite 
crystals are cubic, octahedral, 
or both. It commonly occurs as 
crusts and as columnar, granular, 
or massive aggregates. 

Sylvite is found in thick beds at NEL Se 
either mixed or interbedded with  sylvite fertilizer 
RESCH Mee ee ete 
other evaporite minerals, although 


ae and comes from the 
it is rarer than halite. mineral sylvite. 
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| PROFILE 


J 


Tetragonal 

MA 12 

Y 65 

NA Distinct 
Conchoidal 
[A Pale yellow-white 
A Adamantine 


yellowish crust 
of calomel 


Calomel encrustations 
A thin crust of yellowish calomel 
crystals coats a rock matrix 

in this specimen. 


Í VARIANT | 


black 
calomel 
crystal 


Calomel in matrix Crystals 

of black calomel in a 

rock matrix 
AA 


rock matrix 


CALOMEL 


A mercury chloride, calomel takes its name from two 
Greek words: omorfi, which means “beautiful,” and méli, 
which means “honey”—an allusion to its sweet taste, 
although it is, in fact, toxic. Calomel is also referred to as 
horn quicksilver and horn mercury. Specimens are soft, 
heavy, and plasticlike, with crystals that are pyramidal, 
tabular, or prismatic, often with complex twinning. Calomel 
is also found as crusts and can be massive and earthy. 

It fluoresces brick red. 

Calomel occurs as a secondary mineral in the oxidized 
zones of mercury-bearing deposits, together with native 
mercury, cinnabar (p.56), goethite (p.102), and calcite (p.114). 
It was used as a laxative and a disinfectant as well as in 
the treatment of syphilis from the 16th century until the 
early 20th century, when the toxic effect of its mercury 
component was discovered. Calomel's use as a teething 
powder in Britain was suspended only in 1954, following 
widespread poisoning. It is still used as an ore of mercury 
and in insecticides and fungicides. 


CARBONATES 


There are approximately 80 known carbonate minerals. Most of them 
are rare, but the common carbonates calcite and dolomite are major 
rock-forming minerals. Carbonates form rhombohedral crystals and 
are soft, soluble in hydrochloric acid, and often vividly colored. 


COMPOSITION 

All carbonates contain the carbonate 
group CO; as the basic compositional and 
structural unit. This group has a carbon 
atom in the center of an equilateral 
triangle of oxygen atoms, giving rise to 
the trigonal symmetry of many carbonate 
minerals. This basic unit is joined by one 
or more metals or semimetals such as 
calcium, sodium, aluminum, manganese, 
barium, zinc, and copper. 


i ion calcium a Y 
ion 


Ọ e 
carbon E 8 o 
a cE carbon > 
oo MTI 
CO; GROUP 
FROM ABOVE 
CO3 GROUP po 


FROM THE SIDE 


Calcite crystal sructure 

In calcite, three oxygen ions surround each carbon ion in 
a CO, group. Each calcium ion combines with six oxygen 
ions to form an octahedron. 


lenticular 
crystal 


Crystalline calcite 
Calcite is the most 
common carbonate and 
occurs in a wide range 
of crystalline forms. 
Lenticular and 
scalenohedral 
crystals are seen 
in this specimen. 
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OCCURRENCE 

Calcite and dolomite are found in 
sediments such as chalk and limestone. 
They also occur in seashells and coral 
reefs, in evaporate deposits, and in 
metamorphic rocks, such as marble. 
Other carbonates, such as rhodochrosite, 
azurite, and malachite, are principally 
secondary minerals. 


USES 

The carbonate minerals calcite 

and dolomite are important in the 
manufacture of cement and building 
stone. Other carbonates find uses as 
ores of metals: witherite of barium; 
strontianite of strontium; siderite of iron; 
rhodochrosite of manganese; smithsonite 
of zinc; and cerussite of lead. 


intricate 
growth 
pattern 


Malachite jewel box 
The copper carbonate malachite 
has been a favorite carving 
stone for three millennia. 


Mining at Trona 
Trona in the Panamint Valley, California, USA, 
is named after the large evaporite deposit 
of the carbonate mineral trona, which was 
discovered there. 


crisscross lines 
show where 
specimen 
could cleave 


Hexagonal 

TES 

Y 27 

NA Perfect rhombohedral 
Subconchoidal, brittle 


[A white 


A vitreous 


vitreous luster pa 


group of 
dogtooth crystals 


Dogtooth spar 

Crystals with steep, rhombohedral 
or scalenohedral terminations, 
such as in this specimen, are 
known as dogtooth spar. 


CALCITE 


The most common form of calcium carbonate, calcite 
is known for the variety and beautiful development of its 
crystals. These occur most often as scalenohedra and 
Butterfly twin A twinned, are commonly twinned, sometimes forming heart-shaped, 
pink crystal of calcite butterfly twins. Crystals with rhombohedral terminations 

z are also common; those with shallow 
rhombohedral terminations are called 
nailhead spar. Highly transparent calcite 
is called optical spar. 

Although calcite can form 
spectacular crystals, it is usually 
Nailhead spar A massive, occurring either as 
rhombohedral calcite marble (p.301) or as limestone 


ia add (p.319). It is also found as fibers, Ab dit 
nodules, stalactites, and earthy a 

Scalenohedron aggregates. Calcite specimens Alabaster sphinx 

A single can occur in metamorphic Virtually all ancient Egyptian 


d (ae k d “alabaster,” such as that 
eposits, ISNEOUS rocks, an used to make this small 


hydrothermal veins. sphinx, was actually calcite. 


scalenohedral 
calcite crystal 
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semitransparent 
crystal 


radiating habit 


prismatic 
crystal 


j PROFILE 
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Orthorhombic — 


NE 3%-4 ' - 
e 29 


Distinct 


hel 

VA 

a Subconchoidal, brittle 

E l Pseudohexagonal crystals 

[A white | This specimen consists of a 

A radiating group of prismatic, 
semitransparent, pseudohexagonal, 
twinned aragonite crystals. 


Vitreous inclining 
to resinous 


VARIANTS @, Caco, 


4 ARAGONITE 


Although aragonite has the same chemical composition 
as Calcite (p.114), its crystals are different. They are tabular, 
prismatic, or needlelike, often with steep pyramidal or 
a al eR chisel-shaped ends, and can form columnar or radiating 
tensa aggregates. Multiple twinned crystals are common, 

of aragonite appearing hexagonal in shape. Although aragonite 
sometimes looks similar to calcite, it is easily 
distinguished by the absence of rhombohedral 

cleavage. Specimens can be white, 


Flos ferri : 

Coral-like colorless, gray, yellowish, green, 
cers blue, reddish, violet, or brown. 
crystals on Bae , 

eect Aragonite is found in the 


oxidized zones of ore deposits 
and in evaporites, hot spring 
deposits, and caves. It is also 


Cyclic twin n s 

A classic found in some metamorphicand Mother of pearl 

aragonite igneous rocks. Banded stalactitic Aragonite is also produced by 
cyclic twin it b lished some living animals. It is seen 
from Spain aragonite can De POHSNed asan here forming the inner layer 


Ornamental stone. of a marine mollusk shell. 


B. When the switch is moved to position Y, 
the capacitor begins to charge. What is its 
charging time constant? = | 
C. How long does it take to fully charge the 
Capacitor? 
Answers 
A. O volts 
B. T = R x C = (100 kQ) (100 uF) = 10 
Secs 
C. Approximately 50 seconds 

40 Suppose that the switch shown In 
Figure 1.17 is moved back to position X after 
the capacitor is fully charged. 
Questions 
A. What is the discharge time constant of the 
Capacitor? = —_—<——ć —ć ç ć —ć 
B. How long does it take to fully discharge 
the capacitor? 
Answers 
A T = R x C = (50 kQ) (100 uF) = 5 
seconds (discharging through the 50 kQ 
resistor) 
B. Approximately 25 seconds 


The circuit powering a camera flash is an 
example of a capacitor's capability to store a 


charge and then discharge upon demand. 
While you wait for the flash unit to charge, 
the camera uses its battery to charge a 
capacitor. When the capacitor is charged, it 


holds that charge until you click the Shutter 
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twinned crystals E a, 


rock matrix 


Witherite crystals 

This specimen contains a group 
of witherite crystals and galena 
on a rock matrix. 


PROFILE ) @, Baco; 

r= 4 

= 

g WITHERITE 

| all 

| Orthorhombic This barium carbonate was named in 1790 after the 
MA 3-3% English mineralogist William Withering. Witherite is white, 
ORE colorless, or tinged yellow, brown, or green. Its crystals 


are always twinned, either as prisms which appear 
hexagonal in shape, or as pyramids, which are frequently 
paired. They can also be short to long prismatic or tabular 
A white and may have striations running across the prism faces. 
A Vitreous Witherite can also be fibrous, botryoidal, spherular, 

= columnar, granular, or massive. 

Most witherite comes from hydrothermal veins formed 
at low temperatures (up to 400°F/200°C), usually resulting 
from the alteration of baryte (p.134). Specimens feel 
relatively heavy for their size due to the presence of the 
high-density element barium. Witherite is preferred over the 
commonly found barium mineral barite for the preparation 
of other barium compounds because It is more soluble in 
acids. These compounds are used in case-hardening steel, 
in copper refining, in Sugar refining, in vacuum tubes, and 
in many other applications. 


VA Distinct, imperfect 
Uneven, brittle 
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1 PROFILE \ 


Hexagonal 
Me 3%-4 
Y 2.8-2.9 
WA Perfect rhombohedral 
Subconchoidal 


[A white 


A vitreous 


pearly luster 


curved crystal 
face 


Pink dolomite 
This specimen of pale brown 
dolomite crystals is set in a 
quartz matrix and displays curved 


crystal faces. twinned crystals 
| VARIANT | i @, CaMg(CO;), 


k DOLOMITE 


An important rock-forming mineral, dolomite is named 
after the French mineralogist Déodat Gratet de Dolomieu. 
It is a colorless to white, pale brown, grayish, reddish, or 
pink mineral. Its crystals are commonly rhombohedral 
or tabular, often have curved faces, and sometimes cluster 
in saddle-shaped aggregates. Dolomite may be striated 


Tabular crystals Pink, horizontally and twinned. Some crystals may be up to 
| saddle-shaped, tabular 2 in (Scm) long. It can also be coarse to fine granular, 
Un massive, and, rarely, fibrous. 


a crustlike form i i í f ; ; 
| | Dolomite is the main constituent in dolomite rocks 


and dolomitic marbles. It occurs as a replacement deposit 
in limestone (p.319) affected by magnesium-bearing 
solutions, in talc schists, and in other magnesium-rich 
metamorphic rocks. Dolomite is found in hydrothermal 
veins associated with lead, zinc, and copper ores. It is 
also found in altered, silica-poor igneous rocks, in some 
carbonatites (p.272), and in serpentinites (p.298). Crystals 
of dolomite frequently form in cavities in limestone 
and marble (p.301). 
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PROFILE 


Hexagonal 
a. 


Y 3.0 


NA Perfect 
rhombohedral 


Conchoidal, brittle 


[A white 


A vitreous 


perfect 
rhombohedral 
cleavage 


VARIANT 


Rhombohedral magnesite 
Rare, rhombohedral crystals 
of the colorless form 

of magnesite 


Magnesite crystals 
l This crystalline mass 
coarse crystalline of magnesite iS ona 
rock matrix. 


habit 


A, MECO, 


MAGNESITE 


This carbonate of magnesium takes ¡ts name 

from its magnesium component. It is generally massive, 
lamellar, fibrous, chalky, or granular. Distinct crystals are 
rare, but when found they are either rhombohedral or 
prismatic. Most commonly white or light gray, magnesite 
can be yellow or brownish when iron substitutes for 
some of the magnesium. 

Magnesite forms mainly as an alteration product in 
magnesium-rich rocks, such as peridotites (p.266). It can 
occur as a primary mineral in limestones (p.319) and talc 
or chlorite schists, in cavities in volcanic rocks, and in 
oceanic salt deposits. It is also found in some meteorites 
(pp.335-37). An important source of magnesium, 
magnesite is used as a refractory material, as a catalyst 
and filler in the production of synthetic rubber, and in the 
manufacture of chemicals and fertilizers. Magnesium 
derived from magnesite is alloyed with aluminum, zinc, 
or manganese for use in aircraft, spacecraft, road 
vehicles, and household appliances. 
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Tabular crystals adamantine luster tabular crystal 
In this specimen, a mass of 
tabular cerussite crystals 
covers a rock matrix. 


twinned crystal 


| PROFILE 


Orthorhombic 
MÁ 3-3% 
Y 65 

NA Distinct 


Conchoidal, 
brittle 


[A Colorless 
Z 


Adamantine 
to vitreous 


VARIANTS @, PbCO; 


CERUSSITE 


Known since antiquity, cerussite is named after the 
Latin word cerussa, which describes a white lead pigment. 
After galena (p.54), it is the most common ore of lead. 


rat pene ee Cerussite is generally colorless or white to gray, but may 
cerussite from Zambia be blue to green due to copper impurities. Its crystal habits 
Fete eae are highly varied. Cerussite forms tabular or pyramidal 
cerussite crystals or, sometimes, twins that may be star-shaped 
Delicate, or reticulated (netlike) masses. Fragile aggregates of 
eee randomly grown prismatic crystals 
jack-straw known as jack-straw cerussite are 
cerussite also common. The adamantine 
luster of cerussite crystals is 
particularly bright. 


A widespread secondary mineral 
that occurs in the oxidation zones of A 
lead veins, cerussite is formed by the Collector's gem 


Prismatic crystal A eee action of carbonated water on other Peat 
colorless, prismatic crysta j 
a lead minerals, particularly galena and yar gem, are brilliant 


anglesite (p.132). but too soft to be worn. 
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PROFILE 


) 


Monoclinic 
MZ 3%-4 
Y 3.8 

NA Perfect 


Conchoidal, brittle 


[A Blue 


MAA vitreous to dull earthy 


goethite matrix 


| VARIANTS 


Bladed crystal A single, 
bladed azurite crystal 


Tabular crystals Thin, 
parallel azurite crystals 
on a rock matrix 


Radiating 
crystals 
A spherical 
concretion 
of azurite 


Large crystals 

In this specimen of azurite, large, 
well-formed crystals rest on 

a goethite matrix. 


vitreous 
luster 


blocky, 
azure-blue 
crystal 


7 8, Cu;(CO,),(0H), 


AZURITE 


A deep blue copper carbonate hydroxide, azurite 
was used as a blue pigment in 15th- to 17th-century 
European art and probably in the production of blue glaze 
in ancient Egypt. It takes its name from the Persian word 
lazhuward, which means “blue.” Azurite forms either 
tabular or prismatic crystals with a wide variety of habits. 
Tabular crystals commonly have wedge-shaped 
terminations. Azurite forms rosette-shaped crystalline 
aggregates or occurs in massive, stalactitic, or 
botryoidal forms. Well-developed crystals 

are dark azure blue in color, but 
massive or earthy aggregates 
may be paler. 

Azurite is a secondary mineral 
formed in the oxidized portions of = 
copper deposits. Massive azurite Cabochon gemstone 
used for ornamental purposes is This cabochon exhibits 

the vivid blue color of 
sometimes called chessylite, after 


azurite and the green 
Chessy, France. color of malachite. 


| PROFILE 


Hexagonal 
NVA 3%-4 


Y 3.5 
NA Perfect rhombohedral 


Uneven 


[A white 


MA vitreous to pearly 


quartz 


vitreous luster 


Spectacular crystal 

This group of rhodochrosite 
rhombohedrons from Peru is 
perched on radiating quartz crystals. 


l VARIANTS 


Classic crystals 
Rhombohedral rhodochrosite 
in classic rose-pink color 


Red rhodochrosite Bright, 
cherry-red color typical of 
many manganese minerals 
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rhombohedral 
crystal 


cherry-red color 


i $. Mnco, 
RHODOCHROSITE 


A prized collectors’ mineral, rhodochrosite is a 
manganese carbonate. It was given its name—derived 
from the Greek rhodokhros, which means “of rosy 
color"— in 1800. Rhodochrosite has a classic rose-pink 
color, but specimens can also be brown or gray. It forms 
dogtooth or rhombohedral crystals like calcite (p.114), 
but it may also occur in stalactitic, granular, nodular, 
botryoidal, and massive habits. 
Rhodochrosite is found in 

hydrothermal ore veins with sphalerite 
(p.53), galena (p.54), fluorite (p.109), 

> 


and manganese oxides. It also 
occurs in metamorphic deposits 
and as a secondary mineral in 
sedimentary manganese deposits. 
Abundant at Butte, Montana, 

and other localities, rnodochrosite 
is sometimes mined as an ore 

of manganese. 


Rhodochrosite carvings 
These two decorative 
ducks were carved from 
banded rhodochrosite 
and white calcite. 
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twinned crystals 


Ankerite rhombohedra 
This group of ankerite 
rhombohedra is set in 

a rock matrix. 


rock matrix 


rhombohedral 
crystal 


perfect cleavage 


í PROFILE Y @, Ca(Fe,Mg,Mn,)(CO;). 


J ANKERITE 

Hexagonal Considered a rock-forming mineral, ankerite is 

Me 3%-4 calcium carbonate with varying amounts of iron, 

Y 29 magnesium, and manganese in its structure. It was 

VA Perfect named in 1825 after the Austrian mineralogist M.J. Anker. 
Although usually pale buff in color, ankerite can be 


fag Subconchoidal ) i 
ES colorless, white, gray, or brownish. Much ankerite 


[A write becomes dark on weathering, and many specimens are 
Y Vitreous to pearly fluorescent. Ankerite forms rhombohedral crystals 

- o similar to those of dolomite (p.117), often with similarly 

curved faces forming saddle-shaped groups; it can also 

form prismatic crystals. However, ankerite is more 

commonly massive or coarsely granular. 

Ankerite forms as a secondary mineral from the 
action of iron- and magnesium-bearing fluids on limestone 
(0.319) or dolomite rock (p.320). It is a waste mineral in 
hydrothermal ore deposits and also occurs in carbonatites 
(p.272), low-grade metamorphosed ironstones, and banded 
ironstone formations (p.329). Ankerite is also found in iron 
ore deposits with siderite (p.123). 
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_ PROFILE 


' Rhombohedral crystals 
This group of well-formed siderite 


rhombohedra with many twinned 


Hexagonal crystals rests on a rock matrix. 
NVA 3%-4 ‘aed a 
ahd 
my 39 PY “i rhombohedral 
NA Perfect rhombohedral a y a A ae 
= a P 
Uneven or | | F e i j y 
subconchoidal n i 5 gh . J. f ar 
[A White MD og” ae La y : ] 
ve a y : _ e twinned crystals 
MA vitreous to pearly TERS >, ` 


quartz 


SIDERITE 


An ore of iron, siderite takes its name from the 
Greek word sideros, which means “iron.” Formerly 
known as chalybite, siderite can form rhombohedral 
crystals, often with curved surfaces. The mineral can 
: also form scalenohedral, tabular, or prismatic crystals. 
Botryoldal siderite Cr poke Single crystals up to 6in (15cm) long are found in 
siderite bunches on a base of l NS 
ma edale Quebec, Canada. However, sidente is more commonly 
massive or granular and sometimes botryoidal or 
elobular in habit. 

A widespread mineral, siderite occurs in igneous, 
sedimentary, and metamorphic rocks. In sedimentary 
rocks, siderite occurs in concretions (p.333) and in thin 
beds with coal (p.253) seams, shale (p.313), and clay. 
Well-formed crystals are found in hydrothermal metallic 
veins and in some granitic and syenitic pegmatites (p.260). 
An outcrop of siderite originally mined for iron by American 


Single crystal A large, colonists is still visible at Roxbury, Connecticut. Rare 
Pe ea ee transparent siderite is sometimes cut as gemstones 


for collectors. 


rounded mass shows 
botryoidal habit 


Hexagonal 
Me 44% 
my 44 

WA Perfect rhombohedral 
Uneven to conchoidal 


[A white 


A vitreous to pearly 


coating of blue 
smithsonite 


green smithsonite 


Blue and green smithsonite 
This translucent mass 

of botryoidal smithsonite 

rests on a rock matrix. 


A 
SMITHSONITE 


An ore of zinc that continues to be frequently mined, 
smithsonite may have provided the zinc component of 
brass in ancient metallurgy. Specimens can be of various 
colors, such as yellow, orange, brown, pink, lilac, white, 
gray, green, and blue. Although smithsonite rarely forms 
crystals, when found, they are prismatic, rhombohedral, 
or scalenohedral and often have curved faces. A zinc 
carbonate, smithsonite commonly occurs as 
White smithsonite A mass massive, botryoidal, spherular, or 
a Je stalactitic masses, or sometimes, 
as honeycombed aggregates called 
dry-bone ore. 

Smithsonite is a common mineral, 
found in the oxidation zones of many 
zinc ore deposits and in adjacent 
calcareous rocks. It is often found Cabochon 
with malachite (p.125), azurite (p.120), Soft smithsonite is 

occasionally cut into 
pyromorphite (p.151), cerussite (p.119), cabochon gemstones 
and hemimorphite (p.227). for collectors. 
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| PROFILE | 
lh 
Botryoidal malachite . 
This specimen of malachite on Monoclinic 


chrysocolla is from Etoile du Congo 


WA 
Mine in Katanga province, Congo. re 


NY 
Y 3.9-4.0 
NA Perfect 


Subconchoidal to 
uneven, brittle 


rock matrix 
botryoidal habit 


Pale green 


Adamantine to silky 


chrysocolla 


Í VARIANTS E EN Cusco. (OS 


MALACHITE 


Possibly the earliest ore of copper, malachite is 
believed to have been mined in the Sinai and eastern 
deserts of ancient Egypt from as early as 3000sce. Single 
crystals are uncommon; when found, they are short to 


Fibrous malachite: long prisms. Malachite is usually found as botryoidal or 
A radiating group of fibrous ti ft th io t t 
ee ee encrusting masses, often with a radiating fibrous structure 


and banded in various shades of green. It also occurs 
as delicate fibrous aggregates and as concentrically 


Sle ase banded stalactites. 

malachite 

A group of Malachite occurs in the altered 
radiating, zones of copper deposits, where 
2 T it is usually accompanied by lesser 
crystals amounts of azurite (p.120). It is 


primarily valued as an ornamental 


ES material and gemstone. Single 

A section » masses that weighed up to Polished malachite 
cut through 51 tons were found in the This specimen of the 

a malachite : Ras mineral malachite has 
Stalactite Ural Mountains of Russia in been polished to show 


> §. the 19th century. dark and light color bands. 


button, causing the capacitor to discharge, 
which powers the flash. 


Inside the Capacitor 

Capacitors store an electrical charge on 
conductive plates that are separated by an 
insulating material, as shown in the following 
figure. One of the most common types of 
capacitor iS a ceramic capacitor , which has 
values ranging from a few puF up to 
approximately 47 uF. The name for a ceramic 
Capacitor comes from the use of a ceramic 
material to provide insulation between the 
metal plates. 


Positively 
a 
"charged plate 
++++]++++ 47 ee 
— —t— Insulator 


~ Negatively 


charged plate 


Another common type of capacitor is an 
electrolytic capacitor, available with capacitance 
values ranging from 0.1 puF to several 
thousand uF. The name electrolytic comes 
from the use of an electrolytic fluid, which, 
because it is conductive, acts as one of the 
“plates,” whereas the other plate is made of 
metal. The insulating material is an oxide on 
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BORATES 
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Borate minerals are compounds containing boron and oxygen. 
Most borate minerals are rare, but a few, such as borax, ulexite, 
colemanite, and kernite, form large, commercially mined deposits. 
Borates tend to be soft and either white or colorless. 


COMPOSITION 

Structurally, boron and oxygen may form a 
triangle (BO) or a tetrahedron (BO,), each 
with a boron atom. These structures act as 
a single chemical unit that bonds to a metal, 
such as sodium in borax and calcium in 
colemanite. Borates tend to contain water 
molecules or a hydroxyl (OH) group, which 
acts as a chemical unit bonded into their 
structure. Some borates contain both. 


boron 
tetrahedron 


magnesium 
octahedron 


magnesium 


Crystal structure of boracite 

In boracite, densely packed boron tetrahedra combine 
with the metals magnesium and iron (not shown). 
The borate radical is in the form of tetrahedra. 


OCCURRENCE AND USES 

Borates appear in two geologic 
environments. In the first, borate-bearing 
solutions that result from volcanic 


silky 


luster 


crystals 
have 
translucent 
ends 


Ulexite 

This is a classic evaporite borate. A hydrous sodium 
calcium borate, ulexite can form parallel, fibrous crystals 
that act as fiberoptics when viewed from an end. 


activity flow into a closed basin, where 
evaporation takes place. Basin deposits 
usually occur in desert regions, such as 
the Mojave Desert and Death Valley in 
California. Borax, ulexite, and colemanite 
occur in these evaporate deposits. In the 
second environment, borate minerals are 
formed as a result of rocks being altered 
by heat and pressure at relatively high 
temperatures (1,065°F/575°C or above). 
Borates are used as pottery glazes, 
solvents for metal-oxide slags in metallurgy, 
welding fluxes, fertilizer additives, Soap 
supplements, and water softeners. 


Fireworks 
Boron carbide 
is used to give a 
green color to 
fireworks, in place 
of the toxic barium 
compounds that 
were once used. 


Borax crust 
This crust formed at the edge 
of Searles Lake in southern 
California, USA, is principally 
composed of borax, a borate 
produced by evaporation. 


— 
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Borax crystals prismatic crystal 
This group of prismatic borax 
crystals coated with an opaque 
layer of tincalconite is set on 

a rock matrix. 


coating of white 
tincalconite 


rock matrix 


——— 


i PROFILE | 5 „È, Na,B¿Os(OH),-8H30 


) BORAX 


Monoclinic An important source of boron, borax has been mined 
Y, 2-2% since ancient times. A hydrated sodium borate, borax's 
Y 17 colorless crystals dehydrate in air to become the chalky 


mineral tincalconite. Specimens can also be white, gray, 

pale green, or pale blue. Borax has short prismatic to 

l tabular crystals, although in commercial deposits it is 

[A wnite predominantly massive. A 
Y Vitreous to earthy Borax is an evaporite formed © 

| in dry lake beds with halite (p.110) 

and other borates and evaporite 

sulfates and carbonates. It 

is used in metal-casting and 

steel-making. Molten borax beads 

were historically used to test the 

composition of other minerals— 

powdered minerals were fused Boron soap 

with the beads, and color change Compounds derived from 

E borax and, to a lesser 

in the beads revealed what the extent, ulexite, are key 

minerals contained. components of many soaps. 


NA Perfect, imperfect 
Conchoidal 


| PROFILE | 


| ) 
f 


Monoclinic 
VA 
Y 20 
NA Perfect 
Uneven 


[A white 


A vitreous to silky 


parallel, needlelike 
crystals 


Fibrous crystals Parallel, 
fibrous ulexite crystals with 
a silky luster 


Ulexite slice 

This ulexite specimen has a 
fibrous structure and has been 
sliced and polished to show its 


fiberoptic effect. 
transparent 
face 
> | i yy 
= y M 
= — polished surface 
ee shows fiberoptic 
effect 


ULEXITE 


An important economic borate mineral, ulexite is 
named after the German chemist George Ludwig Ulex, who 
determined its composition in 1850. It is either colorless 
or white and has a number of habits. It is commonly found 
in nodular, rounded, or lenslike crystal aggregates, which 
often resemble balls of cotton. Less commonly, ulexite 
is found in dense veins of parallel fibers known as 
television stone because the fibers transmit light from one 
end of the crystal to the other. Ulexite 
also occurs in radiating or compact 
aggregates of crystals. 
Ulexite is found in playa 
lakes and other evaporite 
basins in deserts, where 


it is derived from hot, 

boron-rich fluids. The mineral 
commonly occurs with colemanite 
(p.130), anhydrite (p.133), and 
glauberite (p.141). 


= — 
-z 


Television stone 

An unusual property of 
the form of ulexite shown 
above is its ability to 
“transmit” images. 
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nodular mass 


of howlite - 


subvitreous 
luster 


anhydrite 


Nodular howlite 
This howlite nodule from the Fraser 
Quarry in Nova Scotia, Canada, 
retains part of the anhydrite in 
which it was formed. 


4, Ca,B;SiO,(OH); 


HOWLITE 


Monoclinic Named in 1868 after the Canadian chemist, geologist, 
Y, 3% and mineralogist Henry How, howlite is a calcium 
borosilicate hydroxide. It generally forms cauliflowerlike 
nodular masses. The nodules are white, with fine gray or 
black veins of other minerals running across in an erratic, 
l often weblike pattern. Crystals are rare, but when 
[A write found they are tabular and seldom exceed 
Z Subvitreous 3/8 in (1cm) in length. When dyed, howlite 
specimens resemble and are sometimes 
sold as turquoise (p.154), although they 
are easily distinguished by their inferior 
hardness and lighter color. 
Howlite usually occurs 
associated with other boron 
minerals, such as kernite and . 
borax (p.127). It is easily fused Stained howlite 
and is used to make carvings, This tumble-polished and 
, dyed or stained piece 
jewelry components, and other e a OS 
decorative items. to turquoise. 


Y 25 
NA None 


Conchoidal to uneven 


r 


Complex crystals 
Colemanite commonly occurs as 
colorless, brilliant, and complex 
crystals, as in this specimen. 


Monoclinic 


4-4% 
y 


Y 2.4 
NA Perfect, distinct 
Uneven to subconchoidal 


[A white 


A Vitreous to adamantine 


vitreous luster 


prismatic structure 


translucent 
crystal 


COLEMANITE 


An important source of boron, colemanite was 
named in 1884 after William Coleman, the owner of 

the mine in California where it was discovered. It is 
colorless, white, yellowish white, or gray. Colemanite 
occurs as short prismatic or equant crystals in nodules 
or as granular or coarse, massive aggregates. It is usually 
massive in commercial deposits, but individual crystals 
up to 8in (20cm) long have also been found. 


Colemanite is found in playas 
and other evaporite deposits, 
where it replaces other borate 
minerals, such as borax (p.127) 
and ulexite (p.128), which were 
originally deposited in huge inland 
lakes. Borosilicates derived from 
colemanite and other minerals 
are used to make glass that is 
resistant to chemicals, electricity, 
and heat. 


Heat-resistant glass 
Borosilicate glass is used in 
car headlights, laboratory 
glassware, ovenware, and 
industrial equipment. 
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SULFATES, MOLYBDATES, 
CHROMATES, anp TUNGSTATES 


Sulphates, molybdates, chromates, and tungstates share similar 
structures and chemical behavior. Sulfates are soft and lightweight, 
chromates are rare and brightly colored, and tungstates and 
molybdates are dense, hard, brittle, and vividly colored. 


COMPOS ITION Barite crystals vitreous luster 
Sulfate minerals have a tetrahedral This large group of tabular ' | 
crystal structure, with four oxygen atoms _ Parite crystals is from NIE oe! be 
the Wet Grooves mine, ae ey ot 
at each corner and a sulfur atom inthe Yorkshire, England. >" Fiw ay 
center. The sulfate tetrahedron behaves  Barite has important >.) <A 


chemically as a single, negatively mou iarann Ta $ 2 Y ; 
charged radical or unit. All sulfates ye are idal at 
contain an SO, group. OCCURRENCE sae 
The basic structural unit of the Sulfates, such as gypsum, Occur 

chromates, molybdates, and tungstates IN evaporite deposits; others, such as 
is also a tetrahedron formed from four Parite, mainly occur in hydrothermal 
oxygen atoms, with a central chromium veins. Many tungstates are found in 
(Cr), molybdenum (Mo), or tungsten (w) hydrothermal veins and pegmatites. 


atom, respectively. The chromate Chromates and molybdates are often 
minerals all contain a CrO, group, the found as secondary minerals. 
molybdates an MoO, group, and the 

tungstates a WO, group. USES 


The sulfates gypsum and barite are 
E ae major industrial minerals. Chromates, 
atom 00 tungstates, and molybdates are rare but 
a o when found concentrated are important 
ores of the metals they contain. 


sulfur > ' 

atom Q 
—e 

oxygen atom O Q 


SULFATE CHROMATE 
molybdenum Q tungsten Q Plaster cast 
atom YO som Oe About 75 percent of the 

calcium sulfate gypsum that 

Cee aot Q el Q is mined is used to make 

MOLYBDATE TUNGSTATE plaster of Paris. Most is used 

for wallboards, but some 

Crystal structure finds medical uses, such as 

Tetrahedra are the structural basis of the sulfates, making plaster casts. 


chromates, tungstates, and molybdates. The central 
metal atom gives each group its name. 


Mineral-rich Madagascar 

The island of Madagascar is rich in minerals. Itis a 
prime locality for rich, blue crystals of the sulfate 
celestine, which is mostly mined for collectors. 
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Anglesite crystals 


| PROFILE | These striated prismatic crystals 


E 


Orthorhombic 


of anglesite are on a rock matrix 


prismatic crystal 


| with galena. 
| 


2%-3 

6.4 

Good, distinct 
Conchoidal, brittle 
Colorless 


Adamantine to resinous, 
vitreous 


rock matrix 


Í VARIANTS | 6 6, PbSO, 


ANGLESITE 


Named in 1832 after the large deposit of this mineral 
found on the island of Anglesey in Wales, anglesite is 
colorless to white, grayish, yellow, green, or blue and 
often fluoresces yellow under ultraviolet light. It commonly 
occurs in massive, granular, or compact forms. It has a 
number of crystal habits: thin to thick tabular, prismatic, 


Pyramidal crystal A pointed pseudorhombohedral, and pyramidal with striations 
crystal of anglesite with galena 


along the length. Exceptionally large 
adamantine luster crystals—up to 31in (80cm) long— 
have been found. 

Used since ancient times as an 
ore of lead, anglesite forms in the 
oxidation zones of lead deposits. It is 
an alteration product of galena (p.54), 
formed when galena comes into 
contact with sulfate solutions. Oval-cut anglesite 


Single crystal A crystal Anglesite is sometimes found in  Anglesite is soft and easily 
of anglesite that has an 


adamantine luster 


ncentric | ith f cleaved. It is one of the 
o y stones used to test the skills 


unaltered galena. of master gem cutters. 
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German anhydrite 

This reddish specimen of anhydrite 
is from Germany. It shows perfect, 
nearly cubic, cleavage. 


perfect cleavage 


transluscent 


crystal 
vitreous luster 
- PROFILE | @, CaSO, 
Orthorhombic An important rock-forming mineral, anhydrite 
WAS is a calcium sulfate. It takes Its name from the 
Y 3.0 Greek word anhydrous, which means “without water.” 


Anhydrite is usually colorless to white. Specimens 
can also be brownish, reddish, or grayish or pale 
l shades of pink, blue, or violet. Individual crystals 
[A write are uncommon, but when found they are blocky or 
Y Vitreous to pearly thick tabular. Crystals up to 4in (10cm) long come 
from Swiss deposits. Anhydrite is usually massive, 
granular, or coarsely crystalline. 

Anhydrite is one of the major minerals in evaporite 
deposits and commonly occurs in salt deposits associated 
with halite (p.110) and gypsum (p.136). It alters to gypsum 
in humid conditions. Anhydrite is often a constituent 
of cap rocks above salt domes that act as reservoirs 
for natural oil. It also occurs in volcanic fumaroles and 
in seafloor hydrothermal “chimneys.” Anhydrite is used in 
fertilizers and as a drying agent in plasters, cement, 
paints, and varnishes. 


NA Perfect, good 
Uneven to splintery 


| PROFILE 
Orthorhombic 
3-3 % 
ALS 
Perfect 


Uneven 
White 


K N AN EK 


Vitreous, pearly, 
resinous 


Cockscomb White cockscomb 
barite resting on sphalerite 


Prismatic 
crystals 
A group 
of yellow 
prismatic 
barite 
crystals 


Stalagmite 
section 
Barite in a 
stalagmitic 
form 


Barite crystals 

This large group of tabular barite 
crystals is from the Wet Grooves 
Mine in Yorkshire, England. 


tabular crystal 


vitreous luster 


3 A, BaSO, 
BARITE 


The barium sulfate barite takes its name from the 
Greek word barys, which means “heavy"—a reference 
to its high specific gravity. It has also been called heavy 
spar. Barite crystals are sometimes tinged yellow, blue, 
or brown. Golden barite comes from South Dakota. 
Crystals are well formed, usually either prismatic or tabular. 
Cockscomb (crested aggregates) and desert roses (rosette 
aggregates) of crystals are common. Transparent, blue 
barite crystals may resemble aquamarine but are 
distinguished by their softness, heaviness, and crysta 
shape. Barite can also be z» 
stalactitic, stalagmitic, fibrous, 
concretionary, or massive. 
Barite is a common accessory 
mineral in lead and zinc veins. | 
It is also found in sedimentary Barite gemstone 
rocks, clay deposits, marine Although transparent barite 
i ASA is soft and difficult to cut, 
deposits, and cavities in 


it is sometimes faceted 
igneous rocks. for collectors. 
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PROFILE 


- ~- Celestine crystals 
This superbly crystallized specimen 
of blue celestine crystals is from 
Madagascar. The largest crystal 
Orthorhombic is more than 1 %in (3.5cm) long. 
MÁ 3-3% 
Y 40 
NA Perfect 
Uneven vitreous luster US | 
A white large, tabular ción 
crystal 
MA vitreous, pearly 
on cleavage 


small celestine = ie 
crystals E PEE 
granular celestine 


| VARIANTS | | J 0, SISO, 
CELESTINE 


Often light blue in color, celestine takes its name from 
the Latin word coelestis, which means “heavenly“—an 
allusion to the color of the sky. Specimens can also be 
colorless, white, light red, green, medium to dark blue, or 
brown. Celestine crystals are commonly more than 4 in 


colorless celeste (10cm) long. Well-formed, transparent, light- to medium- 
Prismatic, colorless crystals on blue, tabular crystals are common, and some have been 
a sulfur matrix known to reach more than 30in (75cm) in length. Crystals 


can also be blocky, bladed, or form elongate pyramids. 

Celestine may also be massive, 

fibrous, granular, or nodular in habit. 
Celestine forms in cavities in 

sedimentary rocks (pp.306-33). 

It commonly occurs in evaporite 

deposits and can also be 


Single crystal A light blue 
prismatic crystal of celestine 


precipitated directly from Collector's gem 

seawater. It can occasionally Celestine is too soft to 

form in hydrothermal deposits a 
O y p ; demonstrates the skills 


Celestine is an ore of strontium. of master cutters. 


the surface of the metal. 
Unlike ceramic capacitors, many electrolytic 
Capacitors are polarized, which means that 
you must insert the lead marked with a “+” 
in the circuit closest to the positive voltage 
source. The symbol for a capacitor indicates 
the direction in which you insert polarized 
Capacitors in a circuit. The curved side of the 
Capacitor symbol indicates the negative side of 
the capacitor, whereas the straight side of the 
symbol indicates the positive side of the 
capacitor. You can see this orientation later in 
this chapter in Figure 1.22 
Units of capacitance are stated in pF 
(picofarad), uF (microfarad), and F (farad). 
One uF equals 1,000,000 pF and one F 
equals 1,000,000 uF. Many capacitors are 
marked with their capacitance value, such as 
220 pF. However, you'll often find capacitors 
that use a different numerical code, such as 
224. The first two numbers in this code are 
the first and second significant digits of the 
capacitance value. The third number is the 
multiplier, and the units are pF. Therefore, a 
capacitor marked with 221 has a value of 
220 pF, whereas a capacitor with a marking 
of 224 has a value of 220,000 pF. (You can 
simplify this to 0.22 UF.) 

41 Capacitors can be connected in parallel, 
as shown in Figure 1.18 . 
Figure 1.18 


Monoclinic 


whe 


my 23 
NA Perfect 
Splintery 


[A white 


A Subvitreous to pearly 


vertical striations 


termination face 


Gypsum satin 
spar Fibrous 
gypsum crystals 


silky sheen 7 
-E 
ie 


bladed 
crystal 


Desert rose Spherical clusters 
of bladed selenite 


Fishtail twin 
Colorless, 
translucent 
selenite 
gypsum 

with fishtail 
twinning 


attachment point 


pearly luster 


Selentine gypsum crystal 

This single transparent, prismatic 
crystal of selenite comes from the 
Cave of Swords in Mexico. 


GYPSUM 


A widespread calcium sulfate hydrate, gypsum 

is found in a number of forms and is of great economic 

importance. It is colorless or white but can be tinted light 

brown, gray, yellow, green, or orange due to the presence 

of impurities. Single, well-developed crystals can be 

blocky with a slanted parallelogram outline, tabular, or 

bladed. Twinned crystals are common and frequently form 

characteristic “fishtails.” Numerous transparent, swordlike 

selenite gypsum crystals 6% ft (2m) 

or more long can be found at 

the Cave of Swords, Chihuahua, 

Mexico, one of the world’s most 

spectacular mineral deposits. 
Gypsum occurs in extensive 

beds formed by the evaporation 

of ocean brine. It also occurs 

as an alteration product of 

sulfides in ore deposits and 

as volcanic deposits. 


Cat's eye sheen 

Satin spar, a fibrous variety 
of gypsum, can be cut 
into a cabochon gem 
with a cat's eye sheen. 
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massive habit 


Massive melanterite 

This nodule of melanterite shows 
typical massive form and some 
minor crystallization. 


blue indicates 
presence of copper 


| PROFILE 


PRO! 3 @, FeSO,:7H,0 
) MELANTERITE 


Monoclinic A hydrous iron sulfate, melanterite takes its name 
Wh from the Greek word melas, which means “sulfate of 
ORE iron.” Melanterite is the iron analog of the copper sulfate 
WA Perfect chalcanthite, the two minerals having similar molecular 


structures. Most specimens of melanterite are colorless 
l to white but can become green to blue as copper 
[A write increasingly substitutes for iron. Melanterite is generally 
Y Vitreous | found in stalactitic or concretionary masses and rarely 
a forms crystals. When crystals occur, they are short 
prisms or pseudo-octahedrons. 

Melanterite is a secondary mineral formed by the 
oxidation of pyrite (p.62), marcasite (p.63), and other 
iron sulfides. It is frequently deposited on the timbers 
of old mine workings. Melanterite also occurs in the 
altered zones of pyrite-bearing rocks, especially in 
arid climates and in coal (p.253) deposits, where it 
is an alteration product of marcasite. Iron sulfate is 
used in water purification as a coagulant and also 
as a fertilizer. 


Conchoidal, brittle 
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kaolinite 


crystalline 
chalcanthite 


rock matrix 


tae | 


Massive and crystalline 
chalcanthite 
This specimen of chalcanthite 
occurs with patches of kaolinite. 
It exhibits both massive and 


granular chalcanthite | crystalline forms of the mineral. 
PROFILE El @, CUSO,:5H20 
CHALCANTHITE 
Triclinic A hydrated copper sulfate, chalcanthite takes 
VA A its name from the Greek words khalkos, which means 
OTE “copper, and anthos, which means “flower.” It used to 


be known as blue vitriol. It is commonly peacock blue, 
although some specimens are greenish. Natural crystals 
are relatively rare. Chalcanthite usually occurs in veinlets 
[A Colorless and as massive and stalactitic aggregates. 

Y vitreous This widespread, naturally occurring mineral forms 
through the oxidation of chalcopyrite (p.57) and other 
copper sulfates that occur in the oxidized zones of 


NA Not distinct 
Conchoidal 


i VARIANT copper deposits. Being a water-soluble mineral, it is often 
k ¿found forming crusts and stalactites on the walls and 
SEO e timbers of mine workings, where it crystallizes from 
in the form of a E l 
stalactitic aggregate mine waters. In arid areas, such as Chile, chalcanthite 


concentrates in sufficient quantities without being 
dissolved away to constitute an important ore of copper. 
Pra. Although chalcanthite is a sought-after collectors’ 
fe be mineral, its crystal structure disintegrates over time 
i because it readily absorbs water. 
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- PROFILE 


Acicular brochantite 
This brochantite specimen from 
Chile has needlelike crystals on 

a matrix of iron oxides. 


Monoclinic 

MA 3%-4 

Y 40 

NA Perfect 

Uneven to subconchoidal 


A Pale green 
A vitreous 


iron-oxide matrix mass of needlelike 


brochantite crystals 


VARIANT A, CU¿SO, (OH), 


we | BROCHANTITE 


azurite 


A hydrous copper sulfate, brochantite is emerald 
green, blue-green, or blackish green in color. It was 
named in 1824 after the French geologist and mineralogist 
A.J.M. Brochant de Villiers, who was the first pupil admitted 
to the Ecole des Mines, Paris, and who later became its 
Professor of Geology and Mines. Brochantite usually forms 
a prismatic or needlelike crystals, which rarely exceed 
Brochantite on azurite a fraction of an inch in length. Twinning is common in 
ee ae crystals. Brochantite is also found in tufts and druse 
crusts and as fine-grained masses. 

Brochantite forms in the oxidation zones of copper 
deposits, especially those that occur in the arid regions 
of the world. In these regions, brochantite is usually 
associated with azurite (p.120), malachite (p.125), and 
other copper minerals. In Arizona, and Chile, the 
mineral is abundant enough to be an ore of copper. 
Splendid specimens of brochantite come from Namibia, 
and Bisbee, Arizona, where prismatic crystals may 
exceed %in (1.cm) in length. 
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vitreous to silky luster 


y PROFILE 


J | 
Orthorhombic 

AG 22% 

Y 17 

NA Perfect 


Conchoidal 


[A white 


MAA vitreous to silky | 


fibrous strand 


Fibrous epsomite 

This epsomite specimen occurs 
in a fibrous habit and shows a 
vitreous to silky luster. 


VARIANT fa ©, MgSO,:7H20 


EPSOMITE 


Epsom Salts is the common name for this hydrated 
magnesium sulfate mineral. It was first found around 
Springs near the town of Epsom in Surrey, England, and 
was named after that locality in 1805. It is colorless, white, 
pale pink, or green. Epsomite crystals are rare; when 
found, they are either prismatic or fibrous. Epsomite 
Powdery mass Epsomite usually occurs as crusts, powdery or 
PANE DN AIDE Na woolly coatings, or sometimes as 
botryoidal or reniform masses. 

Magnesium sulfate occurs g. 
in solution in seawater, saline — E 
lake water, and spring water. | 
When the water evaporates, j 


oy 


epsomite precipitates, forming $ 
deposits. It is also found with za 
coal (p.253), in weathered Refined epsom salt 


magnesium-rich rocks, sulfide ore Tis widely used a 
deposits, and dolomite (p.320) One common use is as a 


and limestone caves. natural laxative. 


PROFILE | 


Monoclinic 


AMA 
2.8 


Perfect, indistinct 
Conchoidal 
White 


Vitreous to 
waxy 


K N AN EK 


pointed, tabular 
crystal 


dipyramidal crystal 


Single crystal A single 
pyramidal crystal of glauberite 


Pseudomorph A specimen 
with glauberite replaced 
by calcite 


Glauberite crystals 

This group of dipyramidal 
glauberite crystals is from 
Ciempozuelos, Madrid, Spain. 


vitreous luster 


NA 


GLAUBERITE 


This mineral was named in 1808 for its similarity 

to another chemical, Glauber's salt, which in turn was 
named after the German alchemist Johann Glauber. 
Glauberite is a sodium calcium sulfate. It can be 
colorless, pale yellow, reddish, or gray, and its surface 
may alter to white, powdery sodium sulfate. Crystals 
can be prismatic, tabular, and dipyramidal, all with 
combinations of forms and all of which may have 
rounded edges. Glauberite crystal pseudomorphs form 
when other minerals, such as calcite (p.114) and gypsum 
(p.136), replace it. Glauberite has a slightly saline taste, 
turns white in water, and fuses to a white enamel. 

This mineral forms under a variety of conditions. It 
is primarily an evaporite, forming in both marine and 
Salt-lake environments. It is also found in cavities in 
basaltic igneous rocks and in volcanic fumaroles. Molds 
and casts of quartz (0.168) and prehnite (p.205) formed 
from glauberite are frequently found in basalt cavities 
in Patterson, New Jersey, USA. 


e, 
+ 
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Prismatic crystals 


PROFILE This spectacular specimen 
> of orange crocoite 
shows partly striated, 
prismatic crystals. 


Monoclinic 

Md, 2%-3 

Y 60 

NA Distinct in one direction 


Conchoidal to uneven, 
brittle 


[A Orange-yellow 
Y 


Vitreous 


elongated 
prismatic crystal 


brilliant orange crocoite 


VARIANTS @, PbCrO, 


CROCOITE 


One of the most eye-catching of minerals, crocoite 
is bright orange to red in color. It takes its name from 
the Greek word krokos, which means “saffron.” Crocoite 
crystals are prismatic, commonly square-sectioned, 
Slender and elongated, and sometimes cavernous or 


Red crocoite Red, prismatic hollow. They may be striated along their length and may 
crystals of crocoite in a rarely show distinct terminations. Crystals usually occur 
mau in radiating or randomly intergrown clusters. Crocoite 


can also occur in granular or massive forms. On exposure 
to light, much of the translucence and brilliance of the 
mineral is lost. 

Crocoite is a rare mineral, as specific conditions—an 
| oxidation zone of lead ore and the presence of low-silica 
Atypical crocoite igneous rocks that serve as the source of chromium— 
UR E are required for its formation. It is the official mineral 

emblem of Tasmania, where exceptional crystals, 3-4 in 

(7.5-10 cm) long and having a brilliant luster and color, are 
found. Crocoite is identical in composition to the pigment 
chrome yellow. 


PROFILE 
Tetragonal 
M 2%2-3 
Y 6.5-7.0 


NA Distinct 


Subconchoidal 
to uneven 


[A white 


YA subadamantine 
to greasy 


Yellow wulfenite 

The wulfenite crystals on 
this iron oxide matrix show 
classic, square, 

platy development. 
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tabular wulfenite 
crystal 


iron oxide matrix 


Í VARIANTS | J A, PbMo0, 


Square crystals Typical thin, 
tabular crystals of wulfenite 


Red cloud wulfenite Crystals 
found in Red Cloud Mine in 
Arizona 


WULFENITE 


The second most common molybdenum mineral after 
molybdenite, wulfenite was named after F.X. Wülfen, an 


ee Austro-Hungarian mineralogist, in 1841. The color of 


specimens varies and can be yellow, orange, red, gray, or 
brown. Wulfenite usually forms as thin, square plates 
or square, beveled, tabular crystals. Crystals sometimes 
show different terminations on each end, probably due 
to twinning. Bright, colorful, and sharply formed crystals 
are popular with collectors. Wulfenite also occurs in 
massive, earthy, and granular forms. 

Wulfenite is a minor source of molybdenum. Tungsten 
substitutes for the molybdenum, although in most 
specimens it is present only in trace amounts. Wulfenite 
is a secondary mineral formed in the oxidized zones of 
lead and molybdenum deposits, and it occurs with other 
minerals, including cerussite (p.119), pyromorphite (p.151), 
and vanadinite (p.155). It is relatively widespread and is 
often found in superb crystals, occasionally up to 4in 
(10cm) on an edge. 
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Húbnerite crystals 

In this specimen, translucent 
húbnerite crystals grow on 

a quartz matrix with tarnished 
tetrahedrite. 


tarnished tetrahedrite 


- PROFILE 


d 
G 14% 
o 73 

Perfect 


Uneven 


Yellow to brown 


K N AN & 


to resinous 


quartz matrix 


Submetallic/adamantine 


prismatic hübnerite 
crystal 


"p: 


3 0. Mnwo, 
HUBNERITE 


adamantine 
luster 


Named after the German mineralogist Adolf Hubner, 
who first described it in 1865, húbnerite is an important ore 
of tungsten. It is found as prismatic, long prismatic, tabular, 
or flattened crystals with striations and is commonly 
twinned. It can also form groups of parallel or subparallel 
crystals or radiating groups. Hubnerite is generally reddish 


brown. In transparent crystals, it can 


change color when viewed from 


different directions and show strong 


internal reflection. 

Hubnerite is the manganese 
end member of a manganese-iron 
solid-solution series. It occurs in 
granitic pegmatites (p.260) and in 
thermal veins at high temperatures 
(1,065°F/575°C or above). The 
mineral is also recovered from 
alluvial gravels, in which it 
can concentrate. 


Bulb filament 
Hubnerite is an ore 
of tungsten, which is 
mainly used in light 
bulb filaments. 


Ferberite crystal 
This ferberite crystal is from 


Cínovec, Czech Republic. It shows 
the prismatic habit of the mineral. 


submetallic luster 


opaque gray 
ferberite 


PROFILE 


) 
Monoclinic 
MÁ 4-4% 
Y 75 
N/A Perfect in one direction 
Uneven, brittle 
[A Black to brown 
YA submetallic 
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mu, 
b | ii Ww 
* q z 


g @, Fewo, 
FERBERITE 


The principal ore of tungsten, ferberite is an iron 
tungstate. It was named in 1863 after Moritz Rudolph 
Ferber, a German industrialist and mineralogist. Ferberite 
forms black crystals, which are commonly elongated or 
flattened with a wedge-shaped appearance. elt: 
and striations are common in 
crystals. Ferberite is also found 
as granular masses. 

Ferberite is the iron end- 
member of a solid-solution series 
it forms with húbnerite (p.144), 
the manganese end-member. 
Together, they constitute 
the mineral formerly called 
wolframite. Ferberite occurs 
in hydrothermal veins at high 
temperatures (1,065°F/ 575°C or 
above) and in granitic pegmatites 
(p.260) with other minerals. 


Tungsten steel 

Rocket nozzles, such as 
those used in Saturn V, are 
made of heat-resistant, hard, 
and strong tungsten steel. 


Questions 
A. What IS the formula for the total 
capacitance? 


B. What is the total capacitance in circuit 1? 
C. What is the total capacitance in circuit 2? 
Answers 


A CT =C1 + C2 + C3 + .4. + CN 

B CT = 1+ 2 = 3 UF 

CG ET 1+ 2+ 3 = 6 UF 

In other words, the total capacitance is found 
by simple addition of the capacitor values. 


42 Capacitors can be placed in series, as 
shown in Figure 1.19 . 


Figure 1.19 
e Cs 
| uF 2 uE 
Questions 


A. What is the formula for the total 
capacitance? 

B. In Figure 1.19 , what is the total 
capacitance? 


Answers 
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Bipyramidal scheelite 

This group of orange-yellow 
scheelite crystals clearly shows 
a tetragonal bipyramidal habit. 


bipyramidal 


magnetite matrix 
Í scheelite crystal 


e 


PROFILE El „$, CaWwo, 
Tetragonal Named in 1821 after the Swedish chemist C.W. Scheele, 
Y 1/5 scheelite is calcium tungstate. Its crystals are generally 
Y 61 bipyramidal and twinned but also form in granular or 
VA Distinct massive aggregates. Irregular masses of colorless, 


gray, orange, or pale brown scheelite can be difficult 
l to spot, but they fluoresce vivid bluish white under 
[A write a short-wave ultraviolet light. Scheelite is sometimes 
A Vitreous to greasy associated with native gold (p.42), and its fluorescence 
is used by geologists in their search for gold deposits. 
Scheelite commonly occurs 
in contact with metamorphic 
deposits, in hydrothermal veins 
formed at high temperatures 
(1,065°F/575°C or above), and less 
commonly in granitic pegmatites | 
(p.260). Opaque crystals weighing Brilliant cut scheelite 
up to 15% Ib (7kg) come from Transparent scheelite is 
Arizona. Scheelite is a major a 


faceted from it are only 
source of tungsten. for gem collectors. 


Uneven to subconchoidal 
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PHOSPHATES, VANADATES, 
AND ARSENATES 


The phosphate, arsenate, and vanadate minerals are grouped 
together because their crystal structures are similar. The phosphates 
are the most numerous of the three groups, with more than 200 


known minerals. 


COMPOSITION 

Phosphates contain phosphorus and 
oxygen in a 1:4 ratio, written as PO,. The 
combined atoms act as a single unit that 
in turn combines with other elements to 
form phosphate minerals. Arsenates have 
a basic structural unit of arsenic and 
oxygen, written as ASO,, which combines 
with other elements to form arsenate 
minerals. Most arsenates are rare and 
many are brilliantly colored. Vanadates 
mostly contain the same type of structural 
tetrahedra as the phosphates and 
arsenates, written as VO,. The structures 
of vanadates are complex, and these 
minerals are relatively rare. 


oxygen vanadium oxygen oxygen 
atom atom atom oe 


@e 00 00 


090000 


arsenic atom phosphorus atom 


Crystal structure 

The arsenate (AsO,), vanadate (VO,), and phosphate 
(PO,) ions consist of a metal atom bonded to four 
oxygen atoms. Each ion acts as a single unit. 


Colorado Plateau 

Spread across the Colorado 
Plateau in western Colorado, USA, 
are extensive deposits of carnotite 
(a phosphate of uranium, 
vanadium, and potassium). 


OCCURRENCE 

Primary phosphates usually crystallize 
from aqueous fluids derived from igneous 
crystallization; secondary phosphates, 
when primary phosphates are altered in the 
presence of water; and rock phosphates, 
from phosphorus-bearing organic material. 


USES 

Phosphates are of major economic 
importance as fertilizers. Vanadates are 
minor ores of vanadium and have no 
other economic importance. The only 
exception is carnotite, an important 
source of uranium. 


High-speed laser 

Garnet-containing yttrium, which is derived from 
the yttrium phosphate xenotime, is used to make 
lasers. The direction of the laser beams is 
changed using mirrors. 
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Gi . Apatite crystals 


| 
il PROFILE | These spectacular apatite crystals 
E | from Panasqueira Mine, Beira Baixa, 
color-zoned Portugal, occur with muscovite and 
crystal a small amount of arsenopyrite. 

| Monoclinic 

Ag S 

O 3.1-3.2 prismatic crystal 


NA indistinct, variable 


Be Conchoidal to uneven 


A White 


MA vitreous, waxy 


hexagonal, 
transparent 
crystal 


e 


VARIANTS 


if @, Ca;(PO,)3(F,OH,Cl) 
APATITE 


A series of calcium phosphate minerals that differ in 
composition are known as apatites. The name apatite 
is derived from the Greek apate, which means “deceit"— 
a reference to its similarity to crystals of aquamarine, 
> amethyst, and olivine (p.232). Apatites can occur as green, 
Chlorapatite crystal blue, violet-blue, purple, colorless, white, yellow, pink, or 
o a i rose-red specimens. All the apatites are structurally 
PT similar and are commonly found as transparent, 
A E well-formed, glassy crystals and in masses or nodules. 
a pepe | i J ™ Crystals are short to long prismatic, thick tabular, or 
A single yellow 
al Dd prismatic with complex forms. 
hydroxylapatite |  Apatites occur in marbles 
(0.301), Skarns (p.302), and 
other metamorphic rocks. Rich 
deposits of apatite also occur EM 
in sedimentary rocks. As an Step-cut gemstone 
accessory mineral, itoccurs ina Owing to the brittleness of 
apatite, an edge of one 
wide range of igneous rocks and facet of this blue gemstone 
in hydrothermal veins. has become chipped. 


NV albite 


Hydroxylapatite A specimen 
with a waxy luster 
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tabular, twinned Tabular crystals 

crystal aggregate Thin, tabular, twinned 
crystals characteristic Of 
autunite are clearly visible in 
this lemon-yellow specimen. 


vitreous luster 4 


| PROFILE | H A, Ca(UVO,),(PO4)2-10-12H20 
J AUTUNITE 


Tetragonal A popular collector's mineral, autunite is a calcium 
M 2-2% uranium phosphate. Greenish or lemon yellow in color, 
Y 3.13.2 autunite specimens fluoresce green under ultraviolet 
WA Perfect basal light. Crystals of autunite have a rectangular or octagonal 
rene outline. Coarse groups are found, but scaly coatings are 

more common. Autunite is also found as crusts with 
[A Pale yellow 


crystals standing on edge, giving a serrated appearance. 
Y Vitreous to pearly Autunite is named after Autun, France, where this 
= mineral was discovered. It is formed in the oxidation 
zones of uranium ore bodies as an alteration product 
of uraninite (p.83) and other uranium-bearing minerals. 
It also occurs in hydrothermal veins and in pegmatites 
(p.260). Since autunite contains uranium and is 
radioactive, it must be stored carefully and handled as 
little as possible. When mildly heated, tetragonal autunite 
dehydrates into orthorhombic meta-autunite. Most 
museum and collector specimens of autunite have been 
converted to meta-autunite. A moist atmosphere helps 
prevent dehydration. 
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Monoclinic 


Y 4.6-5.4 
Perfect, good, poor 


Conchoidal to 
uneven, brittle 
[A white 
YA Resinous, waxy, 
or vitreous 


prism face 


Monazite fragment A brown 
crystal fragment showing 
growth lamellae 


Monazite crystal 

This striated crystal of monazite 

is from Arendal, Aust-Agder, oe 
Norway, which is an important termination 
monazite locality. 


striation 


MONAZITE 


The monazite group consists of three different 
phosphate minerals, all sharing the same crystal structure. 
The most widespread is monazite-(Ce), cerium phosphate, 
which is yellowish or reddish brown to brown, greenish, or 
nearly white. Monazite-(Ce) forms prismatic, flattened, 
or elongated crystals, which are occasionally large, coarse, 
and commonly twinned. Two other species of monazite 
are monazite-(La), which is lanthanum 
phosphate, and monazite-(Nd), 
which is neodymium phosphate. 
Monazite is a common 
accessory mineral in granites 
(pp.258-59) and gneisses (p.288) 
and in pegmatites (p.260) and 
fissure veins. Detrital monazite aie 
can accumulate as monazite Cerium oxide 
sands. Lanthanum is used in oil Monazite-(Ce) is a source of 
oe cerium. Cerium oxide is 
refining. Neodymium is used for 


used for polishing glass, 
coloring glass. stone, and gemstones. 
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goethite matrix 


PROFILE 
1 
Hexagonal 
V 3%-4 
Y 7.0 
NA Poor 
Uneven to 
subconchoidal, brittle 


[A white 
A 


Resinous 


resinous luster 


i. 
Barrel-shaped crystals 
This mass of pyromorphite 
on a limonite matrix shows 


its typical barrel- — | | barrel-shaped 
shaped crystals. crystal 
| VARIANTS | E ó. Pb;(PO,)3Cl 


PYROMORPHITE 


A minor ore of lead but a popular collector's mineral, 
pyromorphite forms a continuous chemical series with 
mimetite (p.164) in which phosphorus and arsenic replace 
each other. Pyromorphite gets its name from the Greek 
words pyr, which means “fire,” and morphe, which means 
tae shee aL te ale “form'—an allusion to its property of becoming crystalline 
showing pyromorphite's 
intense coloration on cooling after it has been melted to a globule. It is dark 
green to yellow-green, shades of brown, a waxy yellow, or 
yellow-orange. Crystals may be either simple hexagonal 
prisms or rounded and barrel-shaped, spindle-shaped, or 
cavernous. Some crystals exhibit different colors when 
viewed from different directions and some produce 
electricity on application of mechanical stress. The mineral 
can also be globular, reniform, or granular in habit. 
Pyromorphite occurs as a secondary mineral in 
Yellow-green crystals the oxidized zones of lead deposits with galena (p.54), 
A specimen of pyromorphite goethite (p.102), cerussite (p.119), smithsonite (p.124), 
Pree and vanadinite (p.155). Pseudomorphs of pyromorphite 
| after galena are common. 


prismatic crystal 
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Torbernite crystals 

In this specimen, tabular 
crystals of torbernite rest 
on an iron-rich matrix. 


iron-stained 
rock matrix 


PROFILE 


] 


Tetragonal 
2-2 V2 
JEF 


K 


Perfect, basal 
Uneven 


Pale green 


K N AN E 


Vitreous to 
subadamantine 


VARIANT 


Metatorbernite Green 
sheaves of metatorbernite 
crystals in rock matrix 


tabular torbernite 
crystal 


H A, CU(UVO,),(PO4)7-8-12H20 


TORBERNITE 


Named in 1793 after the Swedish mineralogist Torbern 
Olaf Bergmann, torbernite is a uranium-bearing mineral 
and a minor ore of uranium. Torbernite forms thin to thick 
tabular crystals that are commonly square in outline, 
foliated micalike masses, sheaflike crystal groups, or 
scaly coatings. Specimens are bright mid-green, emerald 
green, leek green, or grass green in color. Torbernite 

is chemically unstable, and with increased hydration it 
transforms to metatorbernite. In fact, all specimens are 
probably metatorbernite. It is also radioactive and needs to 
be handled with appropriate care. 

Torbernite is found as a secondary mineral formed in 
the oxidation zones of deposits containing uranium and 
copper and is associated with other phosphate minerals. 
It forms as an alteration product of uraninite (p.83) or other 
uranium-bearing minerals. Torbernite is also associated 
with uraninite, autunite (p.149), and carnotite (p.159). Fine 
specimens occur in Cornwall, England, in the Flinders 
Range of Australia, and elsewhere. 


Massive aggregate 

This specimen of massive 
triplite is from Megiliggar Rocks 
in Cornwall, England. 


PROFILE 


Monoclinic 

MÁ 5-5% 

M4 3.5-3.9 

NA Good in three directions 
Uneven to subconchoidal 
[A White to brown 


MA Vitreous to resinous 
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quartz 


massive triplite 


ij @, (Mn,Fe,Mg),PO,(F,OH) 


TRIPLI TE 


The first occurrence of triplite was described in 
1813 in Chanteloube, Limousin, France. Although it 

is a fluoridated manganese phosphate, in most triplite 
samples iron partially replaces manganese. Triplite 
takes its name from the Greek word triplos, which means 
"triple"—a reference to its three cleavages oriented at 
right angles to each other. Its crystals are typically rough 
and poorly developed but may have many indistinct 
forms. Triplite is more commonly nodular or massive. 
Specimens may be chestnut brown, reddish brown, 
flesh red, or salmon pink in color. If altered, they 

may be brownish black to black. Translucent crystals may 
also exhibit different colors when viewed from different 
directions (a phenomenon known as pleochroism), going 
from yellow-brown to reddish brown. 

Triplite is a primary mineral in granite pegmatites (p.260) 
with complex zones and in some hydrothermal tin veins. 
It may be accompanied by sphalerite (p.53), pyrite (p.62), 
apatite (p.148), and tourmaline (p.224). 
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- PROFILE 


Mi 
org 
G 


Triclinic 


Conchoidal 
[A White to green 
A waxy to dull 


| VARIANTS 


Turquoise 
vein Massive 
turquoise in a 
small vein 


Green turquoise A hard, 
green nugget from the USA 


Turquoise in rock Blue-green, 


massive turquoise in rock 


Blue turquoise 

In this specimen, nodular masses 
of light blue turquoise rest in 

a matrix of iron oxide. 


turquoise 


iron-oxide matrix 


3) ij $, CUAI.(PO,)4(OH)g-4H20 


TURQUOISE 


One of the first gemstones to be mined, turquoise 


* is a hydrous copper aluminum phosphate. Beads made 


of turquoise that date back to c.5000 ace have been 
recovered in Mesopotamia (present-day Iraq). This mineral 
usually occurs in massive or microcrystalline forms, as 
encrustations or nodules, or in veins. Crystals are rare; 
when found, they occur as short, often transparent 
prisms. Turquoise varies in color from sky-blue to green, 
depending on the amount of iron 
and copper it contains. 

“Turquoise” is derived from 
the French word for “Turkey,” 
because it was first transported 
to Europe through Turkey. 
Turquoise occurs in arid 
environments as a secondary Carved elephant 
mineral probably derived from the Turquoise is a favorite 

ae of Chinese stone carvers, 

decomposition of apatite (p.148) 


i who produced this 
and some copper sulfides. turquoise elephant. 
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Red vanadinite 

Vanadinite crystals are often 

brilliantly colored in shades of 

red and yellow. This specimen has 

smooth-faced, prismatic crystals. adamantine luster 


prismatic crystal 


rock matrix 


| PROFILE | i] „À, Pbs(VO,)3Cl 
J VANADINITE 


Hexagonal A relatively rare mineral, vanadinite is a lead chloro- 
Wd vanadate. The bright red or orange-red colors of 
my 69 vanadinite make it popular among mineral collectors, 


although it is sometimes brown, red-brown, gray, 
yellow, or colorless. Crystals are usually in the form 
of short, hexagonal prisms but can also be found as 
hexagonal pyramids or as hollow prisms. They can 
A adamantine also be needlelike. Small amounts of calcium, zinc, 
- and copper may substitute for lead, and arsenic can 
completely substitute for vanadium in the crystal 
structure to form the mineral mimetite (p.164). The 
mineral is also found as rounded masses or crusts. 
Vanadinite forms as a secondary mineral in oxidized ore 
deposits containing lead, often 
associated with galena (p.54), ] 
goethite (p.102), barite (p.134), Steel spanner 
and wulfenite (p.143). Vanadium Vanadium imparts strength 
from vanadinite is used to make el eee eee 
is used to make high-stress 
strong vanadium steels. tools, such as this spanner. 


NA None 
Uneven, brittle 
[A whitish yellow 


a 
LA AA -a 

B | | 
tt Cy = Í 
Es it J 2 2 3 
43 In each of these examples, the 


Capacitors are placed in series. Find the total 
Capacitance. 


Questions 

A C1 = 10 uF, C2 = 5 pF O O 

B. C1 = 220 uF, C2 = 330 pF, C3 = 470 
BP pede 

C. C1 = 033 WF, C2 = 047 uF, C3 = 
0.68 F 

Answers 

A. 3.3 UF 

B. 103.06 UF 

C. 0.15 UF 

Summary 

The few simple — principles reviewed in this 
chapter are those you need to begin the 
study of electronics. Following is a summary 


of these principles: 

The basic electrical circuit consists of a 
source (voltage), a load (resistance), and a 
path (conductor or wire). 

The voltage represents a charge difference. 
If the circuit is a complete circuit, then 
electrons flow, which is called current flow. 
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Concretionary variscite 
Variscite is often found in nodules 
and concretions like the sliced 
specimen shown here. It can be 
sometimes mistaken for turquoise. 


variscite 


waxy luster 
y other 


phosphate 
minerals 


concretion 


PROFILE il @, AIPO,:2H,0 


- VARISCITE 


Orthorhombic This mineral was named after Variscia, the old name 
Y 4% for the German district of Voightland, where it was first 
Y 2.6 discovered, in 1837. Variscite is pale to apple green in 


color. It is predominantly found as cryptocrystalline or 
fine-grained masses and in veins, crusts, or nodules. It 
rarely forms crystals. 

[A white Variscite forms in cavities produced by the action of 
A vitreous to waxy phosphate-rich waters on aluminous rocks. It commonly 
occurs in association with apatite (p.148) and wavellite 
(0.158). It is valued as a Semiprecious gemstone and 

is used for carvings and as an 
ornamental material. Variscite 
is porous, and, when worn next 
to the skin, tends to absorb body 
oils, which discolor it. A mineral 
that appears to be turquoise Cabochon 

(0.154) but is actually variscite Variscite can be polished 
is sometimes marketed by the A le yee 


: their softness makes them 
name Varlquolse. vulnerable to wear. 


NA Good but rarely visible 
Splintery in massive 
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| PROFILE 
I= | Needlelike vivianite 
| a This specimen of radiating 
vivianite crystals is set on 
| rae a rock matrix. 
Monoclinic 
Me 1%-2 
° radiating, bladed 
bed 27 crystal 
NA Perfect 
Uneven 
[A Bluish white 


| YA vitreous to earthy 


thin, transparent 
crystal 


crystals in cavity 
left by fossil shell vitreous luster 


| VARIANT | H 5, Fes(PO1)2:8H20 
VIVIANITE 


Named in 1817 after the English mineralogist John Henry 
Vivian, vivianite occurs as elongated, prismatic, or bladed 
tabular crystals. Specimens may be rounded, corroded, 
concretionary, earthy, or powdery in form. Vivianite can 
also form starlike groups or encrustations or occur in 
Prismatic crystal Blue-black, massive or fibrous forms. Sometimes colorless when 
name prey rae freshly exposed, vivianite becomes either pale blue 

to greenish blue or indigo blue on 
oxidation. Before the development 
of modern synthetic chemicals, 
vivianite was the source of the 
sought-after blue paint pigment 
blue ocher. 

Vivianite is a widespread 
secondary mineral, forming Bass 
in the weathered zones of iron Blue ocher 
ore and phosphate deposits Powdered vivianite 

was used to make 
and in complex granite 


blue ocher, a rare and 
pegmatites (p.260). expensive pigment. 
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radiating wavellite 
crystals 


unbroken spherule 


vitreous luster 


Radiating crystals 
Needlelike crystals of wavellite 
form radiating aggregates on this 
rock matrix. 


H A, Al,(PO4)2(OH,F)3:5H20 


WAVELLIT E 


-= DÐDDArII 
Ji (> y 
| LO Y 
Ms > 
OE aan 
f 


Orthorhombic Named in 1805 after the amateur English mineralogist 
M 3%-4 William Wavell, wavellite is a hydrated aluminum 

Yy 21 phosphate specimens are usually green but can also 
VA Good be white, greenish white, green-yellow, yellowish brown, 


turquoise-blue, brown, or black. They may exhibit color 
zoning. Crystals are uncommon but when found are short 
A write to long prismatic, elongated, and striated parallel to the 
Y Vitreous to resinous prism faces. Wavellite is commonly found as translucent, 
greenish, globular aggregates of radiating crystals up to 
1% in (3cm) in diameter, as crusts, or as Stalactitic deposits. 
Wavellite is a Secondary mineral that forms in low-grade, 
aluminous, metamorphic rocks; 
goethite (p.102) and phosphate 
rock deposits; and, rarely, in 
hydrothermal veins. It is also 
found in areas where phosphate Match production 
minerals have been weathered Phosphorous sulfate 
=e derived from wavellite and 
in granites (p.258) and granitic 


other phosphates is a major 
pegmatites (p.260). component of matches. 


Subconchoidal to uneven 


crust of 
carnotite 


_ PROFILE 
= 


dD 
he 
my 47 
NA Perfect 


Uneven 


A Yellow 


YA Pearly to dull 
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Carnotite crust 

A crust of vivid yellow, powdery 
radioactive carnotite coats this 
powdery coating fragment of sandstone. 


if A, K>(UO>)2(VOq)2°3H20 


CARNOTITE 


A radioactive mineral, carnotite was named in 1899 
after the French chemist and mining engineer Marie- 
Adolphe Carno. It is bright to lemon yellow or greenish 
yellow. Carnotite is generally found as powdery or 
microcrystalline masses; tiny, disseminated grains; or 
crusts. Crystals are platy, rhombohedral, or lathlike. 
Carnotite is a Secondary mineral formed by the 
alteration of primary uranium-vanadium minerals. 
It occurs chiefly in sandstone 
(p.308), either disseminated or 
in concentrations around fossil 
wood or other fossilized vegetable 
matter. Pure carnotite contains 
about 53 percent uranium by 
weight, which is used to generate 
nuclear energy and in atomic Radium dial 
weapons. It has also been mined Sourced from carnotite, 
for vanadium and radium, from ce 


create illuminated watch 
World War Il onward. hands and dials. 
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vitreous luster 


r 


- PROFILE 


f 


Orthorhombic 
MA 3% 

Y 4.4 

NA Good 


Subconchoidal to 
uneven, brittle 


[A white 


A vitreous 


i VARIANTS ] 


Reddish adamite Adamite 
crystals on a reddish orange 
iron-oxide matrix 


adamite 
crystal 


Spheroidal adamite A cluster 
of yellow, spheroidal adamite 
crystals on a limonite matrix 


A 


rounded crystal 
cluster 


Adamite crystals 
Rounded, whitish crystal clusters 
of adamite rest on a rock matrix in 
this specimen. 


ij @, Zn,AsO,(OH) 
ADAMITE 


Named in 1866 after the French mineralogist G.J. Adam, 
who discovered adamite in Chile, this mineral is a 
zinc arsenate hydroxide. It is rarely colorless or white, 
and many specimens fluoresce green under ultraviolet 
light. Adamite is often brightly colored due to traces 
of other elements: copper commonly substitutes 
for zinc to yield yellow or green crystals depending 
on its concentration; manganese may substitute 

for zinc to yield crystals that are pink or violet. Adamite 
crystals are elongated, tabular, or blocky. This mineral 
also occurs as rosettes and spherical masses of 
radiating crystals. 

Adamite forms as a secondary mineral in the oxidized 
zones of zinc and arsenic deposits, often associated 
with goethite (p.102), azurite (p.120), smithsonite (p.124), 
mimetite (p.164), scorodite (p.165), hemimorphite (p.227), 
and olivenite. Although adamite has no commercial uses, 
its bright and lustrous crystals are highly sought after by 
mineral collectors. 


PROFILE 


a 

M 2%-3 

Y 4.3 

NA Perfect 
Uneven, brittle 


[A Bluish green 
A Vitreous to pearly 
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Clinoclase rosettes 

In this specimen, rosettes of 
clinoclase crystals are seen 
with associated olivenite. 


rosette of radiating 
clinoclase crystals 


olivenite 


@, CU3(ASO,)(OH); 


CLINOCLASE 


Discovered in 1830 in the Wheal Gorland mine in 
Cornwall, England, clinoclase was named in 1868. It 
takes its name from the Greek me klísi, which means “to 
incline,” and gía na spásel, which means “to break"—a 
reference to its oblique basal cleavage. The vitreous 
crystals of clinoclase are translucent dark blue to 

dark greenish blue. They can be elongated or tabular 
or occur as single, isolated crystals that appear 
rhombohedral. Specimens can also form rosettelike 
aggregates or occur as crusts or coatings with a 
fibrous structure. 

Clinoclase forms as a secondary mineral in the 
oxidized zones of deposits containing copper sulfides. 
Associated minerals include goethite (p.102), azurite (p.120), 
malachite (p.125), brochantite (p.139), adamite (p.160), 
Quartz (p.168), and olivenite. Specimens come from 
Broken Hill, New South Wales, Australia; Tintic district, 
Utah, and Majuba Hill, Nevada, USA; the Vosges, France; 
and the Tsumeb Mine, Namibia. 
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Tabular chalcophyllite 

A mass of vivid blue, tabular rock matrix 
chalcophyllite crystals rests 

on a rock matrix. 


tabular 
chalcophyllite 
crystal 


a PROFILE 


) CHALCOPHYLLITE 


F A, CuseAl,(AS0,)2(S0,)3(OH)27'33H,0 


Hexagonal A vivid blue-green in color, chalcophyllite takes its 

X 2 name from the Greek words chalco, which means “copper,” 
14 27 and phyllon, which means “leaf’—an allusion to its copper 
VA Perfect basal content and its common foliated habit. Chalcophyllite was 


iene P first described after material collected in 
Germany and named in 1847. Translucent 

[A Pale green crystals exhibit a blue-green color when 
A Pearly to vitreous viewed from one direction and appear 
almost colorless from another direction. 
Crystals are platy, six-sided, and flattened 
and may have triangular striations. 
Chalcophyllite may also be rosettelike, 
tabular, drusy, or massive. 

This mineral occurs in 
hydrothermal copper deposits, =— 
often accompanied by cuprite Statue of Lamma 
(p.87), azurite (p.120), malachite Chalcophyllite was used as 
(p.125), brochantite (p.139), and a ane 


i copper statue was made in 
clinoclase (p.161). the period 1800-1600 ce. 
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= Acicular crystals 
~ These brightly colored, needlelike 
crystals of erythrite are from Bou 


Azzer, Morocco. 


Monoclinic 
Me 1%-2% 
Y 3.1 

VA Perfect rock matrix 
Uneven, sectile 


[A Pale red | 


YA Adamantine to 
vitreous, pearly 


purplish pink erythrite 


needlelike 
crystal 


VARIANT 


id @, CO;(ASO,)2:8H,O 


ERYTHRITE 


Although of little commercial value, erythrite is an 
important tool for prospectors looking for cobalt and 
related silver deposits. The bright purplish pink color 
of erythrite in a rock indicates the presence of cobalt. 
This explains why miners call erythrite “cobalt bloom.” 
Erythrite crust A thin crust Erythrite is a cobalt arsenate hydrate. It forms a chemical 
e rLa Sere replacement series with annabergite, in which nickel 

replaces cobalt in the erythrite structure. Its color may 
vary from crimson red to peach red, with the lighter 
colors indicating a higher nickel content. The coloration 
may also occur in bands. Well-formed crystals are rare, 
but when found they occur as deeply striated, prismatic 
to needlelike, commonly radiating, globular tufts of 
crystals, or as powdery coatings. 

Erythrite is a secondary mineral found in the oxidized 
zones of cobalt-nickel-arsenic deposits. Fine specimens 
come from Canada and Morocco. Erythrite is also found in 
Mexico, France, southwestern USA, the Czech Republic, 
Germany, Australia, and elsewhere. 


164 MINERALS | ARSENATES 


| : Mimetite on manganese oxide 
A PROFILE | This specimen from England 
j i contains “campylite"—a rounded 
4 variety of mimetite—and barite 
on nodules of manganese oxide. 
rounded masses 
of campylite 
Hexagonal 
NE 3-4 
Y 7.3 
NA Poor 


Conchoidal to 
uneven, brittle 


[A white 


A Resinous 


barite 


manganese-oxide 
resinous luster matrix 


Í VARIANTS |) a Pbs(aso.):Ci 
ese, | MIMETITE 


An arsenate mineral, mimetite is the end-member 
of a solid-solution series with pyromorphite (p.151). 
It is named after the Greek word mimetes, which 
means “imitator"—a reference to its resemblance to 
pyromorphite. Although similar in physical characterisitics 
and crystal form to pyromorphite, mimetite is a less 
Campylite Massive and common mineral. It forms heavy, barrel-shaped, 
onysraline varieties orcampyilte | hexagonal crystals or rounded masses, but is also found 
as botryoidal, granular, tabular, and needlelike 

aggregates. Mimetite specimens may be colorless or 
occur in shades of yellow, orange, brown, and green. 

Mimetite is a secondary mineral, which forms in the 
oxidized zone of lead deposits and in other localities 
where the elements lead and arsenic occur together. 
Excellent specimens come from Chihuahua, Mexico; 
Saxony, Germany; Attica, Greece; Broken Hill, Australia; 
Prismatic crystals Mimetite and Bisbee and Tombstone, Arizona, USA. A single 
e ee Lo crystal mined from Tsumeb in Namibia measured 
barrel-shaped crystals , 

| 2% in (6.4 cm) in length. 
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Orthorhombic 

MA 3-4 

My 3.1-3.3 

VA \mperfect 
Subconchoidal 


[A white 
: 3 pyramidal 
A Vitreous to resinous scorodite crystal 
or waxy 


vitreous luster 


rock matrix 


Scorodite crystals 

In this specimen, a mass of 
scorodite crystals rests on 
a rock matrix. 


VARIANT H 6, FeASO,-2H,0 


scorodite 
sa | SCORODITE 
A hydrated iron arsenate mineral, scorodite takes 
its name from the Greek word scorodion, which means 
“garliclike’—an allusion to the odor emitted by the 
arsenic when specimens are heated. Scorodite can 
vary considerably in color depending on the light 
under which It is seen: pale leek green, grayish green, 
Crystal aggregate A specimen liver brown, pale blue, violet, yellow, pale grayish, or 
SEES aoe aus colorless. It may be blue-green in daylight but bluish 
purple to grayish blue in incandescent light; in transmitted 
light it may appear colorless to pale shades of green 
or brown. Crystals are usually dipyramidal, appearing 
octahedral, and may have a number of modifying faces. 
They may also be tabular or short prisms. Drusy coatings 
are common. Scorodite can also be porous and earthy 
or massive. 
Scorodite is found in hydrothermal veins, hot spring 
deposits, and oxidized zones of arsenic-rich ore bodies. 
Associated minerals may be pharmacosiderite, vivianite 
(0.157), adamite (p.160), and various iron oxides. 


The resistance offers opposition to current 
flow. 


The relationship between’ V, I, and R is 
given by Ohm's law: 
V=I1xXR 


Resistance could be a combination of 
resistors in series, in which case you add 
the values of the individual resistors together 
to get the total resistance. 

Ry =R,¡+R, ++ Ry 


Resistance can be a combination of resistors 


in parallel, in which case you find the total 
by using the following formula: 
a a a e a or Rr = 
R R Rs Ry ake Wea ac 
R ë R R; Ry 


You can find the power delivered by a 

source by using the following formula: 
P=VI 

You can find the power dissipated by a 


resistance by using the following formula: 
r2 


P=IR or — ae 
R 


If you know the total applied voltage, VS, 
you can find the voltage across one resistor 
in a series string of resistors by using the 
following voltage divider formula: 


V¿R 
_ o**!] 
V,=—— 
Ry 
You can find the current through one 
resistor in a two resistor parallel circuit with 


SILICATES 


The silicates constitute around 25 percent of all known minerals and 
nearly half of the most common ones. All silicates are built around a 
basic structure of silicon and oxygen. They are a major component of 
Earth and occur in lunar samples and meteorites. 


COMPOSITION 

The silicates make up about 95 percent 

of the crust and upper mantle of Earth. All 

silicates contain silicon and oxygen. Silicon 

is a lightweight, shiny metal; oxygen is a rich purple 

colorless, odorless gas. os, 
In silicates, silicon and oxygen combine 


to form structural tetrahedra, each with Amethyst crystal | 

as . The tectosilicate mineral quartz occurs in several 
a silicon atom in the center and Oxygen differently colored varieties. These include amethyst 
atoms at the corners. Silicate tetrahedra (above), rock crystal, smoky quartz, and citrine. 
may exist as discrete, independent units 
and connect only with other silicate (see panel, below) according to the 
tetrahedra (as in quartz), or they may structural configurations that result from 
link with other elements such as iron, the different ways in which tetrahedra and 
magnesium, and aluminum. Tetrahedra other elements are linked. Within these 
may also share their oxygen atoms at main groups are further subdivisions 
corners, edges, or, more rarely, faces, based on chemistry—that is, the type and 
creating various structures. The different location of other atoms in the structure. 
linkages also create voids of different Many groups are solid-solution series, 
sizes, which are occupied by ions of various such as the feldspars (see panel, opposite) 
metals. Substitutions can occur where and the garnets, in which the ions of 
atoms are of a relatively similar size. various metals and semimetals substitute 


Silicates are divided into six main groups for each other within the silicate structure. 


SILICATE GROUPS 
The six silicate groups are based on the different different sizes and configurations that allow 
ways in which the basic silica tetrahedra are positively charged atoms of different sizes to fit 
linked. These differing linkages create voids of into the structure. 


no shared CYCLOSILICATES 

y corners > r A These are closed, 
one shared corner Y ringlike circles of 

apes eget uae i; tetrahedra that 

Isolated groups of silica tetrahedra, SOROSILICATES A aa 

with an SiO, unit in their formulae, These are double-tetrahedral l 


are called nesosilicates. groups with an oxygen atom 


two shared corners shared by two tetrahedra. two shared 


form chains three shared corners to z 


A 4 ss corners j TS 4 form rings ot | 
EA 2 D 
E E MEL bx k b~ a Uwe 
Yr YT y comers shared to dl Pu PF v | 
L form double chains y= b~ 
yey rx 


INOSILICATES (SINGLE- PHYLLOSILICATES TECTOSILICATES 

CHAIN AND DOUBLE-CHAIN) Flat sheets of silicate tetrahedra, A three-dimensional network 
Chains of silica tetrahedra with an SiO, unit in their of silica tetrahedra, linked 
with Si,O, groups are called chemical formulae, are at each corner, makes up 
single-chain inosilicates. called phyllosilicates. a tectosilicate. 


| THE FELDSPARS 


The feldspars are a group of aluminosilicate 
minerals that contain calcium, sodium, or 
potassium. As shown here, there are three 


ALKALI FELDSPARS 


SANIDINE 
(K,Na)ALSI30g 


ORTHOCLASE 
KAISi30g 


ALBITE (Ab) 
NaAlSI30g 


MICROCLINE 
KAISi30g 


ANORTHOCLASE 
(Na, K)ALSI30g 


A 


OCCURRENCE AND USES 

The ultimate source of all silicates is 
igneous rock in which tectosilicate feldspar 
minerals are the major component. 
Silicates are found not only on Earth but 
also on the Moon and in meteorites. After 
feldspar, quartz is the most abundant 
mineral in the crust and upper mantle. 

It occurs in nearly all high-silica igneous, 
metamorphic, and sedimentary rocks. In 
silica-poor rocks where quartz does not 
form, other silicate minerals develop. Since 
many silicates, especially quartz and its 
varieties, are resistant to weathering, they 
form the major component of most detrital 
sediments. There are numerous uses of 


Li. 


d : 
The Ural Mountains 
Located in west-central Russia, the Ural Mountains 
| are a treasure trove of silicate minerals, which are 
used in industry and as gemstones. 


ii = » 
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major solid-solution series within the group. 
Feldspars are the most abundant mineral in 
Earth's crust. 


PLAGIOCLASE FELDSPARS 


OLIGOCLASE ANDESINE LABRADORITE 
(Na,Ca)(Al, Si) NaAlSizOg_ (Ca,Na)Al(Al, Si) 
AlSi30g CaAl7Si20g Si20> 
« 


BYTOWNITE 
(NaSi,CaAl)Al2Si20g 


ANORTHITE (An) 
CaAl>7Si20g 


silicates. Quartz and its varieties find use 
as gemstones, in electronic and optical 
applications, and as abrasives. The 
feldspars are used in glass and ceramics, 
as gemstones, and as abrasives. Other 
silicates are ores, and yet others are 
important gem, ornamental, and industrial 
minerals. The tough rocks formed from 
silicate minerals are used 
as major building and 
industrial materials. 
Jadeite mask 

The inosilicate jadeite was one 
of the first minerals used by 
humans. Although difficult to 


Shape, it has been used for 
tools and ornaments. 


Hexagonal 
VA 

Y 27 
NA None 


Conchoidal 


[A white 


A vitreous 


prismatic crystal 


rhombohedral termination 


Striation on 
prism face 


Prismatic quartz 

This group of long, prismatic 
quartz crystals is from the 
Dauphine province of France. 


VARIANTS — 


Pyramidal amethyst 

An amethyst specimen with 

pyramidal terminations 
milky quartz 

termination 


smoky 
quartz 


Smoky quartz Double- 
terminated smoky quartz 
in milky quartz 


termination 


Milky 
quartz 

A white, 
terminated 
quartz prism 


A 0, SiO, i 
QUARTZ 


One of the most common minerals in Earth's crust, 
quartz has two forms: macrocrystalline (with crystals 
that can be seen by eye) and cryptocrystalline (formed 
of microscopic crystals). Macrocrystalline quartz is usually 
colorless and transparent, as in rock crystal, or white 
and translucent, as in milky quartz. Colored varieties 
include: pink and translucent rose quartz; transparent to 
translucent lavender or purple amethyst; transparent 
to translucent black or brown smoky quartz; and 
transparent to translucent yellow or 
yellow-brown citrine. All crystalline 
varieties form hexagonal prisms 
and pyramids. 

Cryptocrystalline varieties of 
quartz include chalcedony (p.169), 
agate (p.170), and jasper (p.171). 
Quartz occurs in nearly all silica- 
rich sedimentary, igneous, and 
metamorphic rocks. 


Oval citrine 

This large, oval-cut citrine 
is set in a silver brooch. It is 
encircled by silver leaves 
and faceted amethysts. 


Hexagonal 
AVA 7) 

my 2.7 
NA None 


Uneven 


[A white 


YA waxy to dull 


Pink chalcedony 

This form of botryoidal pink 
chalcedony is sometimes 
referred to as a “chalcedony rose.” 


Onyx Chalcedony 
_ with straight 
banding 


parallel bands 


waxy luster 


Chrysoprase Chalcedony 
colored green by nickel 


Carnelian A piece of 
red-orange chalcedony 


botryoidal habit 


a | 


QUARTZ: CHALCEDONY 


A compact variety of microcrystalline quartz (p.168), 
chalcedony may have been named after the ancient port 
of Khalkedon in Asia Minor (now Turkey), where there were 
extensive deposits of this mineral. Chalcedony is white 
when pure, but it may contain microscopic inclusions 
of other minerals, which give it a range of colors. This 
mineral is composed of microscopic fibers and can be 
mamillary, botryoidal, or stalactitic. 

Many chalcedonies are semiprecious gems and 
have their own names. Chalcedony with distinct 
banding is called agate (p.170). 
All varieties of chalcedony 
occur worldwide. It is found 
in veins, concretions, and 
geodes. It forms in cavities, 


cracks, and when silica-rich Chalcedony blade 
waters at low temperatures o A 
(up to 400%F/200*C) percolate chalcedony blade and 


through existing rocks. a mosaic handle. 
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Hexagonal 
MWA 

Y 2.7 
NA None 


Conchoidal 


[A White 


MA vitreous to waxy 


concentric 
bands of agate 


shapes of bands 
follow outline 
of cavity 


Brazilian agate 
This cross section of a Brazilian 
agate nodule shows the concentric 
layering typical of agate. 


color variation 
determined by 
impurities present 


i 0, SiO, 
ma | CHALCEDONY: AGATE 


o A common, semiprecious chalcedony, agate has 
agate been worked since prehistoric times. It is a compact, 
Banded agate microcrystalline variety of quartz (p.168), and it has the 
eS same physical properties as quartz. Agate is characterized 
by concentric color bands in shades of white, yellow, 
gray, pale blue, brown, pink, red, or black. 
Other names often precede the word agate to indicate 
the mineral's visual characteristics or place of origin. 
One of these is fire agate, which 
has inclusions of reddish to brown 
hematite that give an internal 
iridescence to polished stones. 
Another is fortification agate, 
which has concentric bands of 
color resembling an aerial view 
of an ancient fortress. Most Snuff bottle 
agates are found in cavities in The 19th-century Chinese 
snuff bottle seen here has 
ancient lavas or other extrusive 


been carved from agate. 
igneous rocks. It has a jade stopper. 


i VARIANT 
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Color variation 
PROFILE Hematite colors this example of 
z jasper brownish red. Threads 
y of white quartz veins make a 


crisscross pattern on this specimen. brownish red jasper 


Hexagonal 
M 7 

Y 27 
NA None 


Conchoidal 


[A white 


A vitreous 


white quartz vein 


color variation 
due to other 
minerals 


VARIANTS 0, SiO, 


QUARTZ: JASPER 


An impure variety of cryptocrystalline quartz (p.168), 
jasper takes its name from the Greek word /aspis, which 
is probably of Semitic origin. It is fine-grained or dense, 
and it contains various amounts of other materials, which 
give it opacity and color. Hematite (p.91) gives jasper a 
Mamniillary jasper Red brick-red to brownish red color; clay a yellowish white or 
jasper in mammillary form gray color; and goethite (p.102) a brown or yellow hue. 
Jasper forms when silica-rich waters at low temperatures 
(up to 400°F/200°C) percolate through cracks and fissures 
in other rocks, incorporating a variety of materials and 
leaving behind deposits. It is found worldwide wherever 
cryptocrystalline quartz occurs. The classification and 
naming of jasper varies greatly and often incorporates 
place names or colors. Only some of these are formally 
recognized as varieties of jasper, leaving great latitude in 
defining which jasper is which. Color names such as “red” 


Ribboned jasper 
A specimen of jasper with e y j i 
parallel, reddish bands or “green” can apply to a range of shades, while locality 


names, such as “Bruneau jasper” after a canyon in Idaho, 
tend to be more specific. 
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| PROFILE | 


Crystal system Amorphous 
MA 5-6 
Y 1.9-2.3 


NA None 


Conchoidal 


[A white 


A vitreous 


vitreous 


luster > 
> 


I VARIANTS 


Boulder opal 
Blue mass 

of opal in an 
iron-oxide 
nodule 


Opal pseudomorph Crystals 
of glauberite replaced by opal 


Fire opal Noniridescent, 
transparent opal 


ironstone matrix 


— potch opal 


conchoidal 
fracture 


Precious opal 

This specimen of precious opal from 
Coober Pedy, Queensland, Australia, 
shows an ironstone matrix and 
streaks of yellowish potch opal. 


E &, Si0,-nH,0 
OPAL 


Known since antiquity, opal derives its name from 
the Roman word opalus, which means “precious stone.” 
Although it is colorless when pure, the vast majority of 
common opal occurs in opaque, dull yellows and reds. It 
varies from essentially amorphous to partially crystalline. 
Precious opal is the least crystalline form of the mineral, 
consisting of a regular arrangement of tiny, transparent, 
Silica spheres. Regularly arranged spheres of a particular 
size create a diffraction effect called color play. 

Opal is widespread and is deposited at low 
temperatures (up to 400°F/200°C) 
from silica-bearing, circulating 
waters. It is found as nodules, 
stalactitic masses, veinlets, and 
encrustations in most kinds of 
rocks. Opal constitutes important Victorian ring 
parts of many sedimentary Some cut opal dries and 

; cracks with age and needs 
accumulations, such as 


to be kept moist. The opal in 
diatomaceous earth. this ring is well preserved. 


Monoclinic 
MA 6-6% 

Y 2.5-2.6 
NA Perfect 


Subconchoidal to 
uneven, brittle 


[A white 


A vitreous 


Yellow orthoclase A crystal 
of yellow orthoclase 


< 


Moonstone rough An 
opalescent variety of orthoclase 


twinned 
crystal 


prismatic 
crystal 


Orthoclase crystals Twinned 
orthoclase with smaller prism 


Orthoclase prisms 

In this specimen, white, blocky 
prisms of orthoclase are associated 
with cleavelandite albite and set 

in pegmatite. 


translucent, prismatic 
orthoclase crystal 


cleavelandite albite 


H , KAISI¿Os 
ORTHOCLASE 


An important rock-forming mineral, orthoclase is the 
potassium-bearing end member of the potassium—sodium 
feldspar solid-solution series. It is a major component of 
granite (pp.258-59)— its pink crystals give granite its typical 
color. Crystalline orthoclase can also be white, colorless, 
cream, pale yellow, or brownish red. Orthoclase appears as 
well-formed, short, prismatic crystals, which are frequently 
twinned. It may also occur in massive form. Moonstone is 
a variety of orthoclase that exhibits a 
schiller effect. 

Pure orthoclase is rare— 
some sodium is usually present 
in the structure. Specimens are 
abundant in igneous rocks rich in 
potassium or silica, in pegmatites 
(p.260), and in gneisses (p.288). 
This mineral is important in 
ceramics, to make the item itself 
and as a glaze. 


Moonstone-set brooch 
Orthoclase exhibits the 
schiller effect which creates 
the shimmer seen on the 
moonstones in this brooch. 


Prismatic sanidine 

This single, well-formed 
prismatic crystal of sanidine 
rests in a matrix of the 
volcanic rock trachyte. 


trachyte 
matrix 


il PROFILE 


J 
Monoclinic 
MÁ 6-67 
Y 25 
NA Perfect, good 
Conchoidal to uneven 


[A white 


A vitreous 


square cross section 
translucent 


sanidine crystal 


- SANIDINE 


A member of the solid-solution series of potassium and 
sodium feldspars, sanidine is the high-temperature form 


of potassium feldspar, forming at 1,065°F (575°C) or above. 


Crystals are usually colorless or white, glassy, and 


transparent, but they may also be gray, cream, or occur 
in other pale tints. They are generally short prismatic or 
tabular, with a Square cross section. Twinning is common. 
Crystals have been known to reach 20in (50cm) in length. 


Sanidine is also found as granular or cleavable masses. 
A widespread mineral, sanidine occurs in feldspar- 


and quartz-rich volcanic rocks, such as rhyolite (p.278), 
phonolite, and trachyte (p.279). It is also found in eclogites 
(p.299), contact metamorphic rocks, and metamorphic 


rocks formed at low pressure and high temperature. 
Sanidine forms spherular masses of needlelike crystals 


in obsidian (p.280), giving rise to what is called snowflake 
obsidian. Significant occurrences of sanidine are at the 


Alban Hills near Rome, Italy; Mont St.-Hilaire, Canada; 
and Eifel, Germany. 


Prismatic microcline 
Numerous prismatic crystals of 
light-colored microcline sit atop 
a pegmatite matrix, along with 
smoky quartz. 


pegmatite 
Triclinic 

MA 6-6% 

wy 2.6 

NA Perfect, good 


Conchoidal to uneven, 
brittle 


[A white 


A Vitreous, dull 


smoky quartz 


blocky, prismatic 
crystal 


E 4. casio, 
microcline OS M IC ROC LI N E 


Used in ceramics and as a mild abrasive, microcline 
is one of the most common feldspar minerals. It can be 
colorless, white, cream to pale yellow, salmon pink to 
red, or bright green to blue-green. Microcline forms short 
prismatic or tabular crystals that are often of considerable 
size: single crystals can weigh several tons and reach 
yards in length. Crystals are often multiply twinned, 
with two sets of fine lines at right angles to each other. 
Amazonite A single crystal of This gives a “plaid” effect that is unique to microcline 
pee green amazonite,avariety | among the feldspars. Microcline 
can also be massive. 

The mineral occurs in 
feldspar-rich rocks, such as 
granite (pp.258-59), syenite 
(p.262), and granodiorite (p.263). 
It is found in granite pegmatites Amazonite cabochon 
(p.260) and in metamorphic This Arts and Craft ring 
rocks, such as gneisses (0.288) exhibits an asymmetrically 


set cabochon of amazonite 
and schists (p.291-92). in a rose-and-foliage design. 


the total current known by using the 
current divider formula: 


_ bhk 
(R, +R,) 


Kirchhoff's Voltage Law (KVL) relates the 
voltage drops ina series circuit to the total 
applied voltage. 

Vi =V, + V2 ++ Vx 
Kirchhoff's Current Law (KCL) relates the 
currents at a junction in a circuit by saying 


that the sum of the input currents equals 
the sum of the output currents. For a 
simple parallel circuit, this becomes the 
following, where IT is the input current: 

ly =1, +i +-+ i 
A switch in a circuit is the control device 
that directs the flow of current or, in many 
cases, allows that current to flow. 
Capacitors are used to store electric charge 
in a circuit. They also allow current or 
voltage to change at a controlled pace. The 
circuit time constant is found by using the 
following formula: 

T=KXC 

At one time constant in an RC circuit, the 
values for current and voltage have reached 
63 percent of their final values. At five time 
constants, they have reached _ their final 
values. 
Capacitors in parallel are added to find the 
total capacitance. 


176 MINERALS | SILICATES: FELDSPARS 


vitreous luster 


single prismatic 
crystal 


Prismatic anorthoclase 
This specimen of pink and gray 
prismatic anorthoclase shows 
well-developed crystal faces. 


i PROFILE 8, (Na,K)AISI¿O; 
Triclinic This member of the sodium- and potassium-rich feldspar 
Y, 6-6% group takes its name from the Greek word anorthos, 
Y 2.5 which means “not straight"—a reference to its oblique 


VA Perfect, good cleavage. Anorthoclase is colorless, white, cream, pink, 
Panera es pale yellow, gray, or green. Its crystals are prismatic or 
uneven, brittle tabular and are often multiply twinned. Anorthoclase 

AI white crystals can show two sets of fine lines at right angles to 
each other like microcline (p.175), but the lines are much 
finer. Specimens can also be massive or granular. 

Anorthoclase forms in sodium-rich igneous zones. It 
commonly occurs with ilmenite (p.90), apatite (p.148), and 
augite (p.211). Much anorthoclase exhibits a gold, bluish, or 
greenish schiller effect, making it one of several feldspars 
known as moonstone when cut en cabochon. A type of 
the igneous rock syenite (p.262) called larvikite has large 
schillerized crystals of anorthoclase and is highly prized as 
an ornamental stone. Anorthoclase is widespread, but 
fine examples come from Cripple Creek, Colorado, USA; 
Larvik, Norway; and Fife, Scotland. 


A vitreous 


Triclinic 

MA 6-6% 

Y 2.6 

NA Perfect, good 


Conchoidal to 
uneven, brittle 


[A white 


A Vitreous to pearly 


vitreous to 
pearly luster 


tourmaline 


quartz 


Albite base Tourmaline and 
quartz crystals on albite 


twinned, tabular 
crystal 


Tabular albite 
This specimen consists 

of a large group of tabular, 
white albite crystals, many 
of which are twinned. 


ALBITE 


A rock-forming mineral, albite takes its name from 
the Latin word albus, which means “white"—a reference 
to its usual color. Specimens can also be colorless, 
yellowish, pink, or green. Albite occurs as tabular or platy 
crystals that are often twinned, glassy, and brittle. It can 
also be massive or granular. Albite was named in 1707. 
This mineral is the solid-solution end 
member of both the plagioclase and 
the sodium- and potassium-rich 
feldspars. It occurs in pegmatites 
(p.260) and in some feldspar- and 
quartz-rich igneous rocks. Albite 
also forms through chemical 
processes in certain sedimentary 
environments and occurs in a 
low-grade metamorphic rocks. Facet-grade albite 
The cleavelandite variety occurs Faceted albite, although 
; j } fragile, is sometimes used 
in complex pegmatites as thin 


in jewelry, along with 
plates or scales. albite's moonstone variety. 


178 


Triclinic 
M 6 
Y 2.6 
NA Perfect 


Conchoidal to 
uneven, brittle 


[A white 


A Vitreous 


Iv VARIANTS 


Sunstone rough 
An uncut specimen of 
sunstone oligoclase 


Oligoclase crystal A pink 
crystal accompanied by 
smoky quartz 


MINERALS | SILICATES: FELDSPARS 


Massive oligoclase 
This typical massive specimen of 
oligoclase is from Penland, Mitchell 


County, North Carolina. perfect cleavage 


vitreous luster 


| i $, (Na,Ca)AI,Si,0; 
~ OLIGOCLASE 


In 1826, the German mineralogist August Breithaupt 
named this mineral after two Greek words: oligos, which 
means “little,” and clasein, which means “to break"— 
because it was thought to have a less perfect cleavage 
than albite (p.177). Oligoclase can be gray, white, red, 
greenish, yellowish, brown, or colorless. 
Its usual habit is massive or granular, 
although it can form tabular crystals 
that are commonly twinned. 
Oligoclase is the most common 
of the plagioclase feldspars. It 
occurs in granite (pp.258-59), 
granitic pegmatites (p.260), diorite 
(p.264), rhyolite (p.278), and 
other feldspar- and quartz-rich 
leneous rocks. It also occurs in 
high-grade, metamorphosed 
gneisses (p.288) and schists 
(pp.291-92). 


Semiprecious oligoclase 
Sunstone oligoclase, such 
as the oval example seen 
here, has hematite or 
goethite inclusions. 


- PROFILE 
Triclinic 
MA 6-6% 
Y 27 
NA Perfect 


Conchoidal to 
uneven, brittle 


[A white 


A vitreous 


anorthite crystal 


Pink anorthite 
In this specimen, pink 
crystals of anorthite 
occur with augite. 


Anorthite aggregate A mass 
of blue-gray anorthite 


vitreous luster 


augite 


E $. caal,sico, 
ANORTHITE 


The calcium-rich end-member of the plagioclase- 
feldspar solid-solution series, anorthite takes its name from 
the Greek word anorthos, which means “not straight"—a 
reference to its triclinic form. Its brittle, short, glassy crystals 
are well-formed prisms that can be colored white or 
shades of gray, pink, or red. Specimens are also massive 
or granular. Anorthite is a calcium aluminosilicate and can 
contain up to 10 percent albite (p.177). 

Anorthite is a major rock-forming mineral present in 
many magnesium- and iron-rich igneous rocks, contact 
metamorphic rocks, and chondroditic meteorites (p.337). 
Pure anorthite is uncommon; it weathers readily and 
is rare in rocks exposed at the surface for long periods. 
Anorthosite (p.261), a rock composed mainly of anorthite, 
makes up much of the lunar highlands. The so-called 
Genesis Rock, brought back by Apollo 15, is made of 
anorthosite and dates back to the formation of the Moon, 
which occurred about 4.1 billion years ago. Anorthite was 
also discovered in the comet Wild 2. 
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vitreous luster 


Triclinic 


MA 6-6% 
Y 27 
NA Perfect 


Uneven to conchoidal 


[A white 


A vitreous 


Blue labradorite 

This specimen shows polysynthetic 
twinning typical of plagioclase 
feldspars. This is evident as a series 
of parallel lines on the broken faces. 


perfect cleavage 
schiller effect (play 


of iridescent color) 


polysynthetic 
twinning 


Í VARIANTS §j &, NaAlSi¿O¿-CaAl,Si,Os 


LABRADORITE 


The calcium-rich, middle-range member of the 
plagioclase feldspars, labradorite is characterized by its 
schiller effect—a rich play of iridescent colors, mainly 
Schiller effect Orange, purple, blue, on cleavage surfaces. Specimens are generally blue 
and blue flashes visible in a or dark gray but can also be colorless or white. When 
specimen of labradorite transparent, labradorite is yellow, red, orange, or green. 
This mineral seldom forms crystals, but when crystals do 
occur, they are tabular. It most often forms masses with 
crystals that can be microscopic 
or up to 3ft (1m) or more wide. 
Labradorite is a major 

Orange sunstone Labradorite constituent of certain medium- 
“sunstone” from Oregon silica and silica-poor igneous and 
metamorphic rocks, including 
diorite (p.264), gabbro (p.265), 
basalt (p.273), andesite (p.275), Semiprecious gemstone 
and amphibolite (p.296). Gem- The polished oval of 

; , À E labradorite in this choker 
quality labradorite from Finland is 


l beautifully displays the 
known as spectrolite. stone's rainbow iridescence. 


andesine crystal 


Andesine crystals 
This specimen has andesine 
crystals up to Y. in (2cm) long 
in blue porphyry. It was found 
in Estérel, Var, France. 


mí 
ll VARIANT 


Andesite porphyry Andesite 
is a major constituent of this 
porphyry rock 


MINERALS | SILICATES: FELDSPARS 181 


blue porphyry 


PROFILE 


4 


Triclinic 
MA 6-67 
Y 27 
NA Perfect 


Conchoidal to uneven 


[A white 


YA Subvitreous to pearly 


triclinic crystal 


z 


8, NaAlSi¿O¿-CaAl>Si,Os 


ipaa 


| 


ANDESINE 


The plagioclase feldspar andesine is named after the 
Andes Mountains in South America, where it is abundant 
in andesite lavas. A white, gray, or colorless mineral, 
andesine often forms well-defined crystals that usually 
exhibit multiple twinning. It can also be massive or occur 
as rock-bound grains. 

A sodium calcium aluminosilicate, andesine is an 
intermediate member of the plagioclase solid-solution 
series. It occurs widely in igneous rocks of medium silica 
content, especially in andesite (p.275). Andesine is also 
found in other intermediate igneous rocks, such as syenite 
(p.262) and diorite (p.264). Specimens are commonly 
associated with magnetite (p.92), quartz (p.168), biotite 
(p.197), and hornblende (p.218). Andesine typically occurs 
in metamorphic rocks formed under high pressure and 
temperatures (1,065°F/575°C or above). It is also found 
as detrital grains in sedimentary rocks. The accurate 
identification of individual specimens involves detailed 
study and analysis. 
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Massive nepheline 

This specimen of nepheline | PROFILE 

from Arkansas shows the 

mineral's most typical Ñ 

massive habit. E 
Hexagonal 

translucent with a massive habit Mi 5-6 
vitreous luster 

Y 2.6 
NA Poor 
Subconchoidal, brittle 
[A white 


A Vitreous to greasy 


VARIANT 0, (Na, K)AISIO, 


asa, g | NEPHELINE 
The most common feldspathoid mineral, nepheline 
takes its name from the Greek word nephele, which means 
“cloud"—a reference to the fact that the mineral becomes 
cloudy or milky in strong acids. Specimens are usually 
white in color, often with a yellowish or grayish tint. 
They can also be colorless, gray, yellow, or red-brown. 
Nepheline crystals Well- Nepheline is generally massive. Crystals usually occur 
ST ee ee area as hexagonal prisms, although they can exhibit a variety 
of prism and pyramid shapes. Nepheline also forms 
large, tabular phenocrysts in igneous rocks. 

This rock-forming mineral is 
found in iron- and magnesium- 
rich igneous rocks with 
perovskite (p.89), spinel (p.96), 
and olivine (p.232). It also occurs 
in intermediate igneous rocks Ceramic bowl 
with aegirine (p.209) and augite Nepheline is sometimes 

E used as a substitute for 
(p.211) and in some volcanic and 


feldspars in ceramics, such 
metamorphic rocks. as this porcelain bowl. 


vitreous luster 


calcite matrix 


dodecahedral crystal 


Crystalline lazurite 
This specimen from Badakhshan, 
Afghanistan, shows superbly 
developed lazurite crystals that 
are up to %in (1.9 cm) long. 


Í VARIANTS fa @, Na,Ca(Al;Si;0,)S 


LAZURITE 


A sodium calcium aluminosilicate, lazurite is the main 
component of the gemstone lapis lazuli and accounts for 
pre a the stone's intense blue color, although lapis lazuli also 
lazurite showing intense color typically contains pyrite (p.62), calcite (p.114), sodalite 
(p.184), and hauyne. Lazurite specimens are always deep or 
vibrant blue. Distinct crystals were thought to be rare until 
large numbers were brought out of mines in Badakhshan, 
l l Afghanistan, in the 1990s. These are usually dodecahedral 
Lope azni and are much sought after. Most lazurite is either massive 
An uncut piece re 
of lapis lazuli Or occurs in disseminated grains. 
streaked with calcite Lapis lazuli is relatively rare. It 
forms in crystalline limestones 
(p.319) as a product of contact 
metamorphism. The best quality 
lapis lazuli is dark blue with minor N ~~ 
patches of calcite and pyrite. In Expensive pigment 
addition to its use as a gemstone, Powdered lapis lazuli 

was once used to make 
lapis lazuli was used as one of the 


ultramarine, one of the 
first eye shadows. most expensive pigments. 


Lazurite in marble Lazurite 
dispersed in marble 
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Massive sodalite 


_ PROFILE This sodalite specimen shows 
fr intense blue color, which can 
sometimes lead to the mineral 
being mistaken for lapis lazuli. 
Cubic 
Z 5-6 vitreous luster 
Y 2.1-2.3 


VA Poor to distinct 
Uneven to conchoidal 


[A White to light 
blue 


A vitreous to 
greasy 


uneven 
fracture 


massive habit 


VARIANTS „$, Na,Al;Si;0,.Cl 


SODALITE 


Named in 1811 after its high sodium content, sodalite 
is sodium aluminum silicate chloride. Specimens can be 
blue, gray, pink, colorless, or other pale shades. They 
sometimes fluoresce bright orange under ultraviolet light. 
Polished sodalite A specimen Sodalite nearly always forms massive aggregates or 
that has been polished to bring disseminated grains. Crystals are relatively rare; when 
ls Cale found, they are dodecahedral or octahedral. 

Sodalite occurs in igneous rocks 
and associated pegmatites (p.260). 
It is sometimes found in contact 
metamorphosed limestones 
(0.319) and dolomites (p.320) 
and in rocks ejected from 
volcanoes. Rare crystals are 
indian AAE AE EN found on the Mount Vesuvius Spat 
of light blue sodalite found volcano in Italy. Uncommon Sodalite beads 
in India transparent specimens from Mont This unusual modern 
St.-Hilaire, Canada, are faceted a a 


beads made of blue 
for collectors. sodalite and red carnelian. 


_ PROFILE 


a) 


sr 


Cubic Tetragonal 
MA 5-6 

Y 25 

NA Poor 


Conchoidal, brittle 


[A white 


A vitreous 


rock matrix 


VARIANTS 


Single crystal A single 
yellowish crystal of leucite 


Italian leucite A crystal in 
pseudotrapezohedral form 
from Casserta, Italy 
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Leucite crystals 

In this specimen formed 

at a high temperature, fine 

psuedotrapezohedral crystals 

of leucite rest in cavities in 

a rock matrix. leucite 
pseudotrapezohedron 


A, KAISI,0; 


LEUCITE 


The name leucite comes from the Greek word /eukos, 
which means “matt white"—a reference to the mineral's 
most common color. Specimens can also be colorless 
or gray. Crystals are common and can be up to 3% in 
(9 cm) wide. More often, leucite occurs as massive 
or granular aggregates or as disseminated grains. It is 
tetragonal at temperatures below 1,155°F F (625°C) and 
cubic with trapezohedral crystals Zs | 
at higher temperatures. The 
trapezohedral form is preserved 
as the mineral cools and develops 
tetragonal symmetry. 

Leucite is found in potassium- 
rich and silica-poor igneous rocks. 
It is found with nepheline (p.182), | 
sodalite (p.184), natrolite (p.186), Potassium fertilizer 
analcime (p.190), and sodium- Ț Because ofleucite's high 

; ; potassium content, the 
and potassium-rich feldspars, and 


l mineral is used as a fertilizer 
occurs worldwide. in some countries. 


Cr = C, +, +---+Cn 
Capacitors in series are treated the same as 
resistors in parallel to find a total 
Capacitance. 


l l i l , ] 

- = ` + e peep 3 Or Cr = | | l i 

Cr Cy Cs Cn l pl, l Sr A 
Ci Cs L; ON 

DC Pre-Test 

The following problems and questions test 

your understanding of the basic principles 

presented in this chapter. You need a 

separate sheet of paper for your calculations. 

Compare your answers with the answers 


provided following the test. You can work 
many of the problems in more than one way. 


Questions 1-5 use the circuit shown In 
Figure 1.20 . Find the unknown values 
indicated using the values given. 

Figure 1.20 


1. R1 = 12 ohms, R2 = 36 ohms, VS = 
24 volts 


an 
| PROFILE 


a. 
MZ 5-5% 
Y 2.3 

NA Perfect 


Uneven, brittle 


[A white 


A Vitreous to pearly 


radiating crystal i \ 


Natrolite crystals 
This specimen comprises 
a radiating mass of slender, 
prismatic, transparent to 
translucent natrolite crystals. 


calcite 


Natrolite and calcite 
A specimen including white 
calcite and light orange natrolite 


transparent to 
translucent natrolite 


NATROLITE. 


A hydrated sodium aluminosilicate, natrolite takes 
its name from the Greek word natrium, which means 
“soda"—a reference to the sodium content of this mineral. 
Natrolite can be pale pink, colorless, white, red, gray, 
yellow, or green. Some specimens fluoresce orange to 
yellow under ultraviolet light. Natrolite crystals are generally 
long and slender, with vertical striations and a square cross 
section. They may appear tetragonal and can grow up to 
3 ft (1m) in length. Natrolite is also found as radiating 
masses of needlelike crystals and as granular or compact 
masses. This mineral produces an electric charge in 
response to both pressure and temperature changes. 
Natrolite is found in cavities or fissures in basaltic 
rocks (p.273), volcanic ash deposits, and veins in 
granite (pp.258-59), gneiss (p.288), and other rocks. 
It also occurs in altered syenites (p.262), aplites, and 
dolerites (p.268). Specimens are often associated with 
quartz (p.168), heulandite (p.187), apophyllite (p.204), 
and other zeolites. 


1 PROFILE 


| 
| 
= 


Monoclinic 
MA 3%-4 
Y 2.2 
NA Perfect 


Uneven, brittle 


[A colorless 


MA vitreous to pearly 


Red heulandite 


In this specimen, tabular crystals 
of heulandite line a cavity in a 


basalt matrix. 


VARIANT 


Colorless crystals Typical, 
colorless, coffin-shaped 
heulandite crystals 


red heulandite basalt matrix 


crystal 


E A, CaAl,Si,Oys:6H20 
HEULANDITE 


The name heulandite is used to refer to a series of five 
zeolite minerals, all of which look the same but vary in 
composition. The group was named in 1822 after the British 
collector and mineral dealer J.H. Heuland. Heulandite is 
usually colorless or white but can also be red, gray, 
yellow, pink, green, or brown. When found, crystals are 
elongated, tabular, and widest at the center, creating a 
coffin shape. Occasionally, trapezohedral crystals are 
found. Heulandite specimens can 
also be granular or massive. 

Heulandite forms at low 
temperatures (up to 400°F/200°C) 
in a wide range of environments: 
with other zeolites filling 


cavities in granites (pp.258-59), 
pegmatites (p.260), and basalts 
(p.273); in metamorphic rocks; 
and in weathered andesites 
(p.275) and diabases. 


Oil refining 


Heulandite and other 
zeolites are used to filter 
out unwanted molecules 
during oil refining. 


tuft of acicular 
crystals 


= Monoclinic 
Y 2.3 
NA Perfect 


Uneven, brittle 


[A white 


YA Vitreous to silky 


e e E 


Cotton stone 
When mesolite forms 
hairlike tufts, such as in 
this specimen, it is known 
as cotton stone. 


ial | A Na, Ca, (Al 6 S 1) O39 -8 H 20 


MESOLITE 


First described in 1816, mesolite takes its name from 


two Greek words: mesos, which means “middle,” and 
lithos, which means “stone”—a reference to the fact that 
this mineral is chemically intermediate in composition 


White mesolite Needles of between scolecite and natrolite (p.186). Mesolite is 
mesolite on green apophyllite 


structurally identical and similar in appearance to 
scolecite and natrolite, which makes it difficult to identify 
in hand specimens. Specimens can be white, pink, red, 
yellowish, green, or pale colored. It occurs as long, 
Slender needles, radiating masses, prisms, and, less 
commonly, compact masses or fibrous stalactites. 

Mesolite is found in cavities in basalts (p.273) and 
andesites (p.275), where delicate, glassy prisms can 
occur with stilbite, heulandite (p.187), and green apophyllite 
Acicular mesolite (p.204). It is also found in hydrothermal veins. Exceptional 
ol specimens occur in Anmadnagar and Poona, India; 
needlelike crystals 

Neubauerberg, the Czech Republic; Naalsoy in the Faroe 

Islands; Victoria Land, Antarctica; and in the states of 
Washington, Oregon, and Colorado. 


Pseudocubic chabazite 
This group of pseudocubic 
chabazite crystals is from the Bay 
of Fundy in Nova Scotia, Canada. 


Y pseudocubic 
oe ’ chabazite crystal 


| PROFILE ) 


A (Pseudohexagonal) | B (Na,Cao 5,K)4(AlgSig024)-12 1,0 “4 
MÁ 4-5 

eve CHABAZITE 

YA indistinct Common zeolites, the chabazite group consists of 
Uneven, brittle three distinct minerals that look alike: chabazite-Ca, 

A white chabazite-K, and chabazite-Na. The name is derived from 
J vitreous the Greek chabazios or chalazios, both of which mean 


“hailstone.” Specimens are colorless, white, cream, pink, 
red, orange, yellow, or brown. Chabazite crystals occur as 
distorted cubes or pseudorhombohedrons consisting of 
multiple twins. They may also be prismatic. Twinning is 
common in all forms of chabazite. 
Chabazite is found in cavities in pegmatites (p.260), 

m basalt (p.273), andesite (p.275), volcanic ash deposits, and 

-= granitic (pp.258-59) and metamorphic (pp.288-303) rocks. 
It is widespread, with crystals that are 1-2 in (2.5-5cm) long 
occurring in several locations. Chabazite and some other 
zeolites have an open crystal structure that is sievelike 
and permits small molecules to pass through, while 
Chabazite in basalt A group preventing the passage of larger molecules. This structure, 
Sea for example, helps filter methane from gases emitted by 

decaying organic waste matter. 


Analcime trapezohedrons 

This group of superbly crystallized 
analcime trapezohedrons from the 
Dean Quarry, Cornwall, England, 


trapezohedral rests on a bed of calcite crystals. 
analcime crystal 


Subconchoidal, brittle 


[Al White 


A vitreous 


calcite crystal 


vitreous luster 


ANALCIME 


Formerly grouped with the feldspathoids, analcime is 
now classified as a zeolite. A sodium aluminum silicate, 
analcime is named after the Greek word ana/kimos, which 
means “weak"—a reference to the weak electrical charge 
that this mineral produces when it is heated or rubbed. 
Colorless analcime A single Specimens are usually colorless or white but can also be 
aed ae US vellow, brown, pink, red, or orange. Most analcime crystals 

are trapezohedral. Variations in the ratio and order of the 
sodium-aluminum portion in analcime 
can lead to structural variations and 
variation in crystal system. 

Analcime occurs in seams and 
cavities in granite (pp.258-59), 
basalt (p.273), gneiss (p.288), and 
diabase, associated with calcite | : 
(0.114), prehnite (p.205), and other silica dessicator 
zeolites. It also occurs in extensive Made from analcime, silica 

at eee gel, such as in this dessicator, 
beds formed by precipitation from 


rapidly absorbs moisture and 
alkaline lakes. has many drying uses. 
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i PROFILE | translucent 


serpentine 


Monoclinic or triclinic 

M 3%-5% 

Y 2.5-2.6 

JA Perfect but not visible 


Conchoidal to 
splintery 


[A white 


A Subvitreous to 
greasy, resinous, 
earthy, dull 


no visible cleavage 


greasy luster 


Precious serpentine 

This high-quality specimen is 
composed of many serpentine 
minerals. It is the kind often 
carved and sold as jade. 


a 


VARIANTS 8, (Mg,Fe,Ni)3Si,0;(OH), 


SERPENTINE 


Resembling snakeskin in appearance, serpentine is a 
group of at least 16 white, yellowish, green, or gray-green 
magnesium silicate minerals. Although they usually 
form mixtures, individual members of the group can 
sometimes be distinguished. Four common serpentine 


Lizardite A specimen of this minerals include chrysotile (p.192), antigorite, lizardite, 

fine-grained serpentine mineral ; ; . 

from Cornwall, UK and amesite, which occur in platy or pseudohexagonal, 
platy mass columnar crystals. Although their chemistry is complex, 


these minerals look similar. 
Serpentines are secondary 
minerals derived from the chemical 
alteration of olivine (p.232), the 
pyroxenes, and the amphiboles. 
It is found in areas where highly 
altered, deep-seated, silica-poor 
rocks are exposed, such as along  williamsite cabochon 


Antigorite A specimen of 
this serpentine mineral with 
characteristic, corrugated plates the crests and axes of great folds, “variety of serpentine, 


ea a williamsite is an ornamental 
= IN Ita arcs, a | pine stone that is sometimes cut 


mountain chains. as an inexpensive gem. 


mass of thin fibers OTANTA 


Monoclinic or orthorhombic 
MZ 2-3 
Y 25 
NA Perfect 
None 


[A White 


YA Subresinous 
to greasy 


greasy luster 


bent and 
broken fiber 


Chrysotile fibers 
In this specimen, a mass of fibrous, 
flexible chrysotile crystals rests on 
a rock matrix. 


- VARIANT i l E MgzSi,0Os(OH)a 


wea’ CHRYSOTILE 


The fibrous serpentine mineral chrysotile is the 
most important asbestos mineral. Also known as 
white asbestos, it accounts for about 95 percent of all 
asbestos in commercial use. Chrysotile fibers are tubes 
in which the structural layers of the mineral are rolled in 
the form of a spiral. Individual chrysotile fibers are white 
and silky, while aggregate fibers in veins are green or 
yellowish. The fibers are generally oriented across the 
vein and less than Yin (1.3cm) in length, but they can 
be longer. The mineral sometimes appears golden, and 
its name is derived from the Greek for “hair of gold.” 

Chrysotile can take three different forms: clinochrysotile, 
orthochrysotile, and parachrysotile. These are chemically 
identical, but orthochrysotile and parachrysotile have 
orthorhombic rather than monoclinic crystals. These 
forms are indistinguishable in hand specimens, and 
clinochrysotile and orthochrysotile may occur within the 
same fiber. Specimens occur as veins in altered peridotite 
(p.266) with other serpentine minerals. 


Asbestos mineral A specimen 
of fibrous chrysotile 


| VARIANT 


| 
| 


Triclinic or monoclinic 
NA 

Y 23 

NA Perfect 


Uneven to subconchoidal 


[Al White 
| A Pearly to greasy 


pearly 
luster 


Pearly talc A pearly, toothlike 
piece of talc 


a 


y 


MINERALS | SILICATES: PHYLLOSILICATES | 193 


Foliated talc 

This specimen of green, foliated 
talc exhibits its pearly luster and 
micalike cleavage. 


greasy luster 


micaceous 
cleavage 


és : 5 f 
— o de ee 4 


foliated talc 


A Mg;Si4010(0H)2 
TALC 


Easily distinguishable by its extreme softness, talc 
is white, colorless, pale to dark green, or yellowish to 
brown. Crystals are rare; talc is most commonly found in 
foliated, fibrous, or massive aggregates. It is often found 
mixed with other minerals, such as serpentine (p.191) and 
calcite (p.114). Dense, high-purity talc is called steatite. 
Talc is a metamorphic mineral found in veins and 
magnesium-rich rocks. It is often 
associated with serpentine, 
tremolite (p.219), and forsterite 
(0.232) and occurs as an alteration 
product of silica-poor igneous A s 
rocks. Talc is widespread and is ET 
found in most areas of the world k | j 
where low-grade metamorphism 
occurs. The name soapstone is Talcum powder 
given to compact masses of talc Talc is the principal mineral 
. : used to make talcum 
and other minerals due to their 


powder. It acts as an 
soapy or greasy feel. astringent on the skin. 
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i Pyrophyllite stars 
G PROFILE This aggregate of pyrophyllite 
displays radiating, starlike groups 
radiating mass of of laths with associated quartz. 
pyrophyllite crystals 
Triclinic or role 
MZ 1-2 quartz crystal 
Y 2.7-2.9 
NA Perfect 
Uneven 
[A white 


A Pearly to dull 


VARIANT A, AlzSi,019(OH), 


Mtl ww ae PYROPHYLLITE 
7 = = Analuminum silicate hydroxide, pyrophyllite takes 
: its name from the Greek words pyr and phyllon, which 
respectively mean “fire” and “leaf”—a reference to the 
mineral's tendency to exfoliate when heated. Pyrophyllite 
| y can be colorless, white, cream, brownish green, pale 
Pyrophyllite on rock Groups blue, or gray. It is usually found in granular masses of 
Se ae amy flattened lamellae. Pyrophyllite rarely forms distinct 
crystals, although it is sometimes 
found in coarse laths and radiating 
aggregates. Specimens are often 
so fine-grained that the mineral 
appears textureless. 

Pyrophyllite forms by the 
metamorphism of aluminum-rich 
sedimentary rocks, such as 
bauxite (p.101). It is a good High gloss 
insulator and is used in heat- Bright, reflective flakes of 
resistant applications, Such as a ee 


. added to lipstick to give it a 
in making fire bricks. high sheen. 
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Colorful fuchsite 

Fuchsite is a minor variety of 
white muscovite. Specimens 
such as this one are colored 
by traces of chromium. 


PROFILE 


Monoclinic 

Mi 2% 

Y 23 

NA Perfect basal 
Uneven 


[Al colorless 


A vitreous 


apatite 


tabular, 
pseudohexagonal 
muscovite crystal 


| VARIANTS úl È, KAL(SI¿ANO:0(OH,P), 


MUSCOVITE 


Also called common mica, potash mica, or isinglass, 
muscovite is the most common member of the mica 
group. Specimens are usually colorless or silvery white but 
Tabular crystals Silver-brown can also be brown, light gray, pale green, or rose red. 
crystals of tabular muscovite Muscovite typically occurs as tabular crystals with a 

| hexagonal or pseudohexagonal outline. Crystals can be 
up to 99. ft (3m) in diameter. Muscovite can also form 
thin, flat sheets and fine-grained aggregates. Fine-grained 
muscovite is called sericite or white mica, while bright 
green specimens rich in chromium are called fuchsite. 
Platy muscovite Crystals of A common rock-forming mineral, muscovite occurs 
muscovite in a rock matrix in metamorphic rocks, such as gneisses (p.288) and 
schists (pp.291-92), and in granites (pp.258-59), 

veins, and pegmatites (p.260). It is also found in some 
fine-grained sediments. Muscovite has considerable 
commercial importance. Its low iron content makes it 

a good electrical and thermal insulator. In Russia, thin, 
transparent sheets of muscovite, called muscovy glass, 
were used as window panes. 


Green fuchsite Bright green 
fuchsite in a rock matrix 


RT = — A 

2. R1 = 1 kQ, R2 = 3 kQ, | = SMA 

VIs — , V2 = č Ż »>VS =  Ž 

3. Rl = 12 kQ, R2 = 8 kQ, VS = 24 volts 
Vlis — , V2 = — 

4. VS = 36 V, I = 250 mA, V 1 = 6 volts 
R2 = — 

5. Now, go back to problem 1. Find the 


power dissipated by each resistor and the 
total power delivered by the source. 
P1 = i P2 = , PT = 


Questions 6-8 use the circuit shown in Figure 
1.21 . Again, find the unknowns using the 
given values. 
Figure 1.21 


de 
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12 kQ, VS = 20 volts 


RT = , l= 

7. | = 2 A, R1 = 10 ohms, R 2 = 30 ohms 
ll = „l2 = č 

8 VS = 12 volts I = 300 mA, RI = 
50 ohms 


R2 = , PL = 
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PROFILE 


Monoclinic 
NA 

Y 2.429 

NA Perfect basal 
Uneven 


[Al Green 


YA Dull to earthy 


aggregate of 
small grains 


Grainy glauconite 
This typically massive specimen 
of glauconite includes grains and 
shows a dull luster. 


dull luster 


VARIANTS À, (K,Na) (Mg,Al,Fe)2(Si, Al) ¢019(OH), 


GLAUCONITE 


A member of the mica group, glauconite was named 
in 1828 after the Greek word glaukos, which means 
“blue-green”—a reference to the mineral's usual color. 
Specimens can also be olive green to black-green. The 
mineral usually occurs as rounded aggregates or pellets 
Sn astono of fine-grained, scaly particles. It weathers readily and 
Sandstone with a high easily crumbles to a fine powder. 

percentage of glauconite A widespread silicate, glauconite forms in shallow 
marine environments, where it is used as a diagnostic 
mineral to identify continental-shelf deposits with slow 
rates of accumulation. The sedimentary rock greensand 
(p.309) is so called because of the green color imparted 
by glauconite pellets, which in turn, may incorporate 
other minerals. Glauconite can also be found in impure 
limestone (p.319), chalk (p.321), and sand and clay 
formations. The mineral has long been used as a pigment 
in artists’ oil paint, especially in the paintings of Russian 
icons. It has also been used in wall paintings dating back 
to Roman Gaul. 


Nodular glauconite Light 
green nodules of glauconite 
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—, 


| PROFILE 


—— | 


Monoclinic 
MÁ 2-3%0 
Y 2.7-3.4 


NA Perfect basal 
Uneven 


[Al colorless 


A vitreous to submetallic 


rock matrix 


thin, flexible 
sheets of biotite 


Black mica 
In this specimen, iron-rich, 
tabular, pseudohexagonal crystals 
of a biotite-series mica rest on a 
rock matrix. 


Caa 


A, KFes,Mgs(AISi3010)(OH,F), 


o| 
_ VARIANT 


pearly 
luster 


Once considered a mineral in its own right, biotite 

is now recognized as a solid-solution series with the 
mineral annite as the iron end-member and phlogopite 
as the magnesium end-member. It was named in honor 
of the French physicist Jean-Baptiste Biot in 1847. Micas of 
the biotite series usually form large, tabular to short, 


a oo prismatic crystals that are often pseudohexagonal in 


We 


crystals cross section. They also occur in thin layers or as scaly 
Phlogopite Crystals of the aggregates or disseminated grains. Soecimens are black 
magnesium end-member of when iron-rich, and brown, pale yellow to tan, or bronze 
the biotite solid-solution Series | With increasing magnesium content. They readily cleave 


into thin, flexible sheets. 

Biotite-series micas are widespread. They are a key 
constituent of many igneous and metamorphic rocks, 
including granites (pp.258-59), nepheline syenites (p.262), 
gneisses (p.288), and schists (pp.291-92). They are also 
found in potassium-rich hydrothermal deposits and some 
clastic sedimentary rocks. Biotite is used extensively 
to date rocks. 
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j Distinctive color 
| PROFILE Numerous violet pseudohexagonal 
Ñ lepidolite crystals protrude from 


‘ this pegmatite specimen. 
) vitreous luster 

Monoclinic 

MA 2%-3% a granitic pegmatite 

Y 3.0 

NA Perfect basal 

Uneven 


[A Colorless 


A vitreous to 
pearly 


tabular lepidolite 
crystal 


VARIANT A, K(Li,Als)(AlSiz)019(OH,F). 


LEPIDOLITE 


A light mica, lepidolite is Earth's most common 
lithium-bearing mineral. Its name is derived from two 
Greek words: /epidos, which means “scale,” and /ithos, 
which means “stone.” Although typically pale lilac, 
specimens can also be colorless, violet, pale yellow, or 
gray. Lepidolite crystals may appear pseudohexagonal. 
The mineral is also found as botryoidal or kidneylike 
masses and fine- to coarse-grained, interlocking plates. 
Its perfect cleavage yields thin, flexible sheets. 
Lepidolite occurs in granitic pegmatites (p.260), where 
it is associated with other lithium 
minerals, such as beryl (p.225) 
and topaz (p.234). The mineral 
is economically important as 
a major source of lithium, — = 
which is used to make glass Lithium battery 
and enamels. Itis also a major Extracted from lepidolite, 
the metal lithium has many 
source of the rare alkali metals 


ae industrial uses, such as in 
rubidium and cesium. lithium batteries. 


Botryoidal lepidolite 
Lepidolite in botryoidal habit 


Vermiculite layers pseudohexagonal 
This specimen of vermiculite, outline 
mined in Pennsylvania, shows 
the mineral's foliated habit. 


foliated habit 


i PROFILE | A A. (Mg,Fe, Al) (Al,Si)¿O¡o(OH)-4H20 
) VERMICULITE 
Monoclinic The name vermiculite is applied to a group of mica 
Zie minerals in which various chemical substitutions occur in 
Y 26 the molecular structure. Vermiculite may be completely 
VA Perfect interlayered with other micas and claylike minerals. 
ane Specimens are green, golden yellow, or brown in color. 
| Vermiculite usually forms tabular, pseudohexagonal 
[A white crystals or platy aggregates. 
2 Oily to earthy Vermiculite occurs as large pseudomorphs replacing 


biotite (p.197), as small particles in soils and ancient 
sediments, and at the interface 
between feldspar-rich and 
iron- and magnesium-rich 
igneous rocks. It also forms 
by hydrothermal alteration 

of iron-bearing micas. When 
heated to nearly 572°F (300°C), Potting soil 
vermiculite can expand quickly Expanded vermiculite is a 
and strongly to 20 times its la 


e ; new plants; it retains water 
original thickness. and offers good aeration. 
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K dull, earthy 
surface 


1 PROFILE 


| Monoclinic 
MZ 1-2 
A 21 
NA Perfect 


| Uneven 


[A white to buff 


| A Earthy 


massive habit 


Massive bentonite 

Bentonite is always found in 
massive form, as in the specimen 
shown here. Under magnification, 
tiny, hexagonal plates are visible. 


i VARIANTS T (Na,Cao,s)o.sa(Al,Mg)2Si4010(0H)s-NH,0 


BENTONITE 


This group of minerals are all kinds of clay that expand 
at ge as they absorb water and shrink as they dry. In regions 
Desert cracking Loss of underlain by bentonites, this property causes immense 
water from bentonite clays problems with building foundations. There are three 
eS ane Cece bentonite minerals, each named after the respective 
dominant element: potassium bentonite, sodium 
bentonite, and calcium bentonite. The minerals are 
generally yellow, white, or gray in color. ee occur 
as microscopic crystals and are 
earthy and frequently stained. 
Although the term bentonite 
has been used for clay beds of 
uncertain origin, this mineral 
group generally forms from 
volcanic ash that has weathered 
in the presence of water. Potting clay 
Important industrial minerals, eee pi eds: 
bentonites are used as sealants gar oni nea 
and in oil drilling. used in bricks and ceramics. 


Bentonite sediments Layers 
of bentonite-rich clay 
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Powdery kaolinite 
PROFILE | In this specimen, powdery 
F -kaolinite coats a piece 
é of granite. 
| Triclinic a “Be a 
Md, 22% . 
T] 2.6 | Fe" i 
NA Perfect 
Unobservable 
[A white 
A Earthy 


powdery kaolinite 


earthy luster 


i VARIANTS 8, Al,Si,0s(OH), 


KAOLINITE 


Clay minerals are far removed in their outward 
appearance from more attractive and glamorous 
minerals, such as gold and diamond. Yet, by providing 
the raw material for brick, pottery, and tiles, they have 
Blocky kaolinite Blocky, played a vital part in the progress of human civilization. 
typically white kaolinite Important among these minerals is kaolinite. Kaolinite 
forms white, microscopic, pseudohexagonal plates in 
compact or granular masses and in micalike piles. 
Three other minerals—dickite, nacrite, and halloysite— 
are chemically identical to kaolinite but crystallize in the 
monoclinic system. All four have been found together 
and are often visually indistinguishable. 

Kaolinite is a natural product of the alteration of mica, 
plagioclase, and sodium-—potassium feldspars under the 
influence of water, dissolved carbon dioxide, and organic 
acids. It is used in agriculture; as a filler in food, such as 
Iron staining A specimen of chocolate; mixed with pectin as an antidiarrheal; as a paint 
ee ek extender; as a strengthener in rubber; and as a dusting 

agent in foundry operations. 
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| PROFILE 
pale, earthy 


) mass of illite 


Monoclinic 
MZ 1-2 
Y 2.6-2.9 


NA Perfect 
None 


[A white 
A dull 


Illite mass 

One of the major clay minerals, 
illite is usually found as pale, 
earthy masses. 


| VARIANT Y Ma Ko ssAbAlo.csSis.osOr0(0H)z 


| ILLITE 


Once regarded as a clay mineral, illite is now classified 
as a group of mica minerals that bear many structural 
similarities to the white mica muscovite (p.195). Illite takes 
its name from its type location in Illinois. It is white, but 
impurities may tint it gray and other pale colors. It occurs 
as fine-grained aggregates. Individual hexagonal crystals 
can only be seen using an electron microscope. Because 
of its minute crystals, illite can only be positively identified 
by x-ray diffraction. The degree of crystallization of illite 
has been used as an indicator of 
metamorphic grade in clay- 
bearing metamorphic rocks. 

Illite is found in sedimentary 
rocks and soils. It is the 
most abundant clay mineral in z i 
Shales (pp.313-14) and clays. It Mud bricks 
appears to be derived from the Ancient buildings, such 

as the Funerary Temple in 

weathering of muscovite and Egypt, were often made 
feldspar (pp.173-81). from clays bearing illite. 


Solid illite Solid masses of 
illite are occasionally found 


Chrysocolla with azurite 

In this specimen, chrysocolla can 
be seen with the carbonate mineral 
azurite in a rock matrix. 


PROFILE 


NA None 


Uneven to conchoidal 


[A Pale blue, tan, gray 
MA vitreous to earthy 


i VARIANTS 


Rough chrysocolla 
A specimen intergrown with 
turquoise and malachite 


chrysocolla 


Cabochon Green chrysocolla 
within reddish iron oxide 
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rock matrix 


chrysocolla 


azurite 


4, CU;H2(Si;0;)(0H),-nH,0 


CHRYSOCOLLA 


The term chrysocolla was first used by the Greek 
philosopher Theophrastus in 315sce to refer to various 
materials used in soldering gold. The name is derived 
from two Greek words: chrysos, which means “gold,” 
and kolla, which means “glue.” A copper aluminum 
Silicate, chrysocolla is generally blue-green in color. 
Specimens are commonly fine grained and massive. 
Crystals are very rare but when found occur as 
botryoidal, radiating aggregates. 

An occasional ore of copper, 
chrysocolla is a decomposition 
product of copper minerals, 
especially in arid regions. It is 
frequently intergrown with other 
minerals, such as quartz (p.168), 
chalcedony (p.169), and opal Chrysocolla bracelet 
(0.172), to yield a gemstone Rich blue-green chrysocolla, 

such as the cabochon in this 
variety. Gemstones can weigh 


antique bracelet, is highly 
more than 5lb (2.3kg). prized as a gemstone. 


Green apophyllite 

In this specimen, green 
apophyllite occurs in a 
basalt matrix with a white 
Zeolite mineral. 


basalt 


VARIANTS 


Pink crystal 
An unusual 
single crystal 
of pink 
apophyllite 


Blocky crystals Green 
crystals on stilbite 


apophyllite 
MA. stilbite 
oT 


rs Br a 


Reddish pink crystals 
Apophyllite with white stilbite 


i ` 
= 


| PROFILE | 


J 


Tetragonal 
green apophyllite M AI 
M4 2.3-2.4 


h^ NA Perfect 


Uneven, brittle 


[A colorless 


A vitreous 


white zeolite 


fil 4, KCa,Si;029(F,OH)-8H,0 (fluorapophyllite) 


APOPHYLLITE 


The name apophyllite comes from the Greek words 
apo and phyllazein, which mean “to get” and “leaf” 
respectively—a reference to the way in which the mineral 
separates into flakes or layers when it is heated. Once 
considered to be a single mineral, apophyllite is now 
divided into two distinct species—fluorapophyllite and 
hydroxyapophyllite. These species form a solid-solution 
series in which fluorine can predominate over oxygen 
and hydrogen, and vice versa. Apophyllite specimens are 
green, pink, colorless, or white. Crystals are transparent or 
translucent and up to 8in (20cm) in length. They occur as 
square-sided, striated prisms with flat ends and may 
appear cubic. Apophyllite crystals may also show steep 
pyramidal terminations. 

The mineral frequently occurs with zeolite minerals in 
basalt (p.273) and less commonly in cavities in granites 
(pp.258-59). It is also found in metamorphic rocks and in 
hydrothermal deposits. Colorless and green specimens 
from India are faceted as collectors’ gems. 
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PROFILE 


A 


Orthorhombic 

MA 6-6% 

Y 29 

VA Distinct basal 
Uneven, brittle 


[A white 


A Vitreous 


vitreous luster 


| VARIANT 


calcite 


A 7 prehnite 
ta i 


Green prehnite Spherical 
masses of prehnite occuring 
with white calcite on a 

rock matrix 


Botryoidal prehnite 

A group of radiating crystal 
masses of prehnite resting 

on a rock matrix gives a botryoidal 
form to this specimen. 


radiating prehnite 
crystal 


rock matrix 


i 2. Ca,Al,Si¿0.0 (OH), 


PREHNITE 


A calcium aluminum silicate, prehnite was named 
in 1789 after its discoverer Hendrik von Prehn, a Dutch 
military officer. Specimens can be pale to mid-green, tan, 
pale yellow, gray, light blue, or white. Prehnite commonly 
occurs as globular, spherical, or stalactitic aggregates of 
fine to coarse crystals. Rare individual crystals are short 
prismatic to tabular with square cross sections. Many of 
these have curved faces. 
Prehnite is often found lining 
cavities in volcanic rocks, 
associated with calcite (p.114) 
and zeolites (pp.185-90), and 
in mineral veins in granite 
(pp.258-59). Crystals up to 
several inches long come 
from Canada. Transparent white cabochon 
specimens from Australia Prehnite gems, such as this 
and Scotland are faceted for er Ol 


with dark inclusions, are 
gem collectors. almost too soft to wear. 


9. What is the maximum current that a 220- 
ohm resistor can safely have if its power 
rating is 1/4 watt? 

| MAXX = — č 

10. In a series RC circuit the resistance is 1 
kQ, the applied voltage is 3 volts, and the 
time constant should be 60 usec. 

A. What is the required value of C? 

C = 

B. What is the voltage across the capacitor 
60 usec after the switch is closed? 

VCO = — 

C. At what time will the capacitor be fully 
charged? 

11. In the circuit shown in Figure 1.22 , when 
the switch is at position 1, “the time constant 
should be 4.8 ms. 

Figure 1.22 


R 


0.16 uF 


A. What should be the value of resistor R 1? 
RI = — 

B. What will be the voltage on the capacitor 
when it is fully charged, and how long will it 
take to reach this voltage? 


PROFILE 


ih 
MÁ 2-2% 
wy 2.1-2.3 
YA Good but rarely seen 
Uneven 
[Al White 


A Dull to earthy 


Meerschaum A specimen of 
massive white sepiolite 


Massive sepiolite 

This specimen of massive 
sepiolite shows a characteristic 
dull, earthy luster. 


massive habit 


dull luster 


SEPIOLITE 


A compact, claylike, often porous mineral, sepiolite is 
best known by its popular name meerschaum, which is the 
German word for “sea-foam.” The name sepiolite comes 
from the mineral's resemblance to the light and porous 
bone of cuttlefish from the genus Sepia. Sepiolite is usually 
white or gray and may be tinted 
yellow, brown, or green. It is 
usually found in nodular masses i 
of interlocking fibers, which give | 
ita toughness contrary to its 
mineralogical softness. Sepiolite ie 
also occurs in porous aggregates. Y 
Sepiolite is an alteration 
product of minerals such as 
magnesite (p.118) and rocks, such 
as serpentinite (p.298). It is found Meerschaum cigar holder 


as irregular nodules in Turkey E SUS Tel les 
d elsewhere, and in large a o o 
and e 1 § holders, which develop a 


sedimentary deposits. brown patina when smoked. 


Purple-brown pigeonite 
This specimen of pigeonite 
comes from the Kovdor Pit, 
Kola Peninsula, Russia. 


Monoclinic 
VARO 

M4 3.2-3.5 
NA Good 


Uneven to conchoidal, 
brittle 


[A White to pale brown 
A vitreous 
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perfect cleavage 


cleavable mass 


@, (Mg,Fe,Ca)2(Si,0.) 


PIGEONITE 


A member of the pyroxene group of minerals, 
pigeonite is named after Pigeon Point, Minnesota, USA— 
the locality where it was first identified. Specimens are 
brown, purplish brown, or greenish brown to black in 
color. Pigeonite is generally found as disseminated 
grains. Well-formed crystals are relatively rare. An iron-rich 
variety of pigeonite is sometimes called ferropigeonite. 

Pigeonite is an important mineral in lunar rocks and also 
occurs in meteorites (pp.335-37). It is found in lavas and 
smaller intrusive rock bodies as the dominant pyroxene 
and as an important component of dolerites (p.268) and 
andesites (p.275). The temperature limit of pigeonite 
formation indicates the crystallization temperature of the 
magma from which it has originated. Mare—the large, dark, 
flat areas of the Moon once believed to be seas—are in 
fact basalts (p.273) containing pigeonite. Notable localities 
on Earth include Skaergaard, Greenland; Mull, Scotland; 
Labrador, Canada; Mount Wellington, Tasmania; and Goose 
Creek, Virginia, and New Jersey, USA. 
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A Prismatic crystals 
PROFILE This mass of small, prismatic 
enstatite crystals rests on 


| a rock matrix. 


Orthorhombic 
MÁ 5-6 

MY 3.1-3.9 
NA Good to perfect 
Uneven 

[A Gray to white 
A vitreous 


E 


small, prismatic 
crystals 


rock matrix 


VARIANTS 0, Mg,Si,0s 


ENSTATITE 


The pyroxene mineral enstatite takes its name from 
the Greek word enstates, which means “opponent"— 
a reference to the use of this mineral as a refractory 
“opponent” of heat in the linings of ovens and kilns. 
Specimens are colorless, pale yellow, or pale green. 
They become darker and turn greenish brown to black 
Single crystal A large crystal with increasing iron content. Enstatite generally occurs 
from Telemark, Norway 

as massive aggregates or disseminated 
grains. Well-formed crystals, when 
found, tend to be short prisms, often 
with complex terminations. Enstatite 
is also found as fibrous masses of 
parallel, needlelike crystals. 

A widespread mineral, enstatite 

forms a solid-solution series with 


fibrous 
mass 


Fibrous 3 — 
enstatite ferrosilite. The mineral usually Mixed-cut enstatite 
A fibrous occurs in magnesium- and iron- Recovered from Myanmar 


a k a and Sri Lanka, facet-grade 
rich ISNEOUS FOCKS ana in enstatite, such as this gem, 


meteorites (pp.335-37). is mainly cut for collectors. 


mass of parallel 
enstatite crystals 


| PROFILE 


) 


Monoclinic 

NU 

Y 3.5-3.6 

NA Good to perfect 
Uneven 


[A Yellow-green to 
pale green 


A vitreous 


feldspar 


Parallel 
crystals A mass 
of prismatic 
aegirine crystals 
aligned in parallel 


Prismatic aegirine Prismatic 
crystals of aegirine in a 
rock matrix 


Terminated crystals 

This specimen is composed of 

a group of prismatic aegirine 
crystals with feldspar. The crystals 
have full terminations. 


prismatic 
crystal 


ij @, NaFe(Si,0,) 
AEGIRINE 


The sodium iron silicate aegirine was discovered 
in Norway and named in 1835 after Aegir, the Scandinavian 
god of the sea. Aegirine is also known as acmite after 
the Greek word acme, which means “point” or “edge”— 
a reference to the mineral's typically pointed crystals. 
Specimens are dark green, reddish brown, or black in 
color. Aegirine occurs as needlelike or fibrous crystals 
that form attractive, radiating sprays. The crystals have 
steep or blunt terminations and are often striated along 
the length. Prism faces are often lustrous and striated, 
while the faces of terminations are often etched and dull. 

A pyroxene, aegirine forms a solid-solution series 
with hedenbergite and diopside (p.210). It is found in 
magnesium- and iron-rich igneous rocks, especially 
syenitic pegmatites (p.260) and syenites (p.262). It is also 
found in schists (pp.291-92), metamorphosed iron-rich 
sediments, and metamorphic rocks altered by circulating 
fluids. Notable localities include Kongsberg, Norway, and 
Mont St.-Hilaire, Canada. 
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> Prismatic diopside 
| PROFILE This specimen of diopside 
in a rock matrix comes from 


a; St. Marcel, Valle d'Aosta, Italy. 
{ 


- quartz 
Monoclinic 


M4 6 


Y 3.3 


VA Distinct in two directions 
at almost right angles 


Uneven 
[A White to pale green 
A vitreous 


prismatic 
diopside crystal 


VARIANT 0. CaMg(Si,0,) 


DIOPSIDE 


A member of the pyroxene family, diopside 
takes its name from the Greek for “double” and 
“appearance,” a reference to the variable appearance 
of the mineral. Specimens can be colorless but are 
more often bottle green, brownish green, or light 
green in color. Diopside occurs in the form of equant 
to prismatic crystals that are usually nearly square 
in section. Crystals are less commonly tabular. This 
mineral can also form columnar, sheetlike, granular, 
or massive aggregates. 

Most diopside is 
metamorphic and found 
in metamorphosed silica-rich 
limestones (p.319) and dolomites 
(0.320) and in iron-rich contact = 
metamorphic rocks. It also Chrome diopside 
occurs in peridotites (p.266), Emerald-green diopside, 
kimberlites (p.269), and other OS 


is chromium-rich and is also 
igneous rocks. known as chrome diopside. 


Violane A blue, crystalline 
variant of diopside 
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Single crystal 
i PROFILE In this specimen, a single, large, 
P dark, nearly dark-colored augite crystal rests 
) opaque crystal on a matrix of volcanic tuff. 
Monoclinic 
good cleavage 
Mi 5-6 in two directions 
nearly at right 
MY 3.3 angles 
JA Distinct in two directions En: 
at almost right angles ra 


Uneven to subconchoidal 


Pale brown to greenish 
gray 


A vitreous to dull 


k 
a 


volcanic tuff 


VARIANTS EN (Ca,Na)(Mg,Fe,Ti,Al)(Al,Si)20. 


AUGITE 


The most common pyroxene, augite is named after the 
Greek word augites, which means “brightness"—a 
reference to its occasional shiny appearance. Most augite 
has a dull, dark green, brown, or black finish. Augite occurs 


Greenish black augite chiefly as short, thick, prismatic crystals with a square or 
A mass of greenish black, 
e octagonal cross section and sometimes as large, cleavable 


masses. It occurs in a solid-solution series in which 
diopside (p.210) and hedenbergite are the end-members. 
Augite is common in silica-poor rocks and various 
other dark-colored igneous rocks, as well as igneous 
rocks of intermediate silica content. It also occurs in 
some metamorphic rocks formed at high temperatures 
(1,065°F/575°C or above). Augite is a common constituent 


nom Gly sta nor of lunar basalts and some meteorites (pp.335-37). 
prismatic augite crystal from e 
the Czech Republic Notable crystal localities are in Germany, the Czech 


Republic, Italy, Russia, Japan, Mexico, Canada, and USA. 
Because it is difficult to distinguish between augite, 
diopside, and hedenbergite in hand specimens, all 
pyroxenes are often identified as augite. 


Monoclinic 
MÁ 6%-7 

Y 3.0-3.2 
NA Perfect 


Subconchoidal 
to splintery 


[A White 


A Vitreous 


] PROFILE 


subconchoidal 
fracture 


Kunzite The 
lavender gemstone 
form of spodumene 


elongate crystal 


Hiddenite Green, 
gem-variety specimen 
of spodumene 


usually exhibit strong pleochroism. 


vertical striation 


prismatic habit Common spodumene 
Most spodumene that is mined 
as an industrial source of lithium 
occurs as Opaque crystals, such 
as the one shown here. 


SPODUMENE 


A member of the pyroxene group, spodumene is 
named after the Greek word spodumenos, which means 
“reduced to ashes"—a reference to the mineral's 
common ash-gray color. It can also be pink, lilac, or 
green. Crystals are prismatic, flattened, and typically 
Striated along their length. Gem varieties of the mineral 


Spodumene is an important 
ore of lithium. It occurs in 
lithium-bearing granite pegmatite 
dykes, often with other lithium- 
bearing minerals, Such as 
eucryptite and lepidolite 
(p.198). One of the largest 
single crystals of any mineral 
ever found was a spodumene Strengthened glass 


specimen from South Dakota, lalo a cent 
oT Htnlum, which torms the 
USA, 47 ft (14.3m) long and lithium fluoride that is used 


90 tons in weight. to add strength to glass. 
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S Weathered jadeite 


PROFILE ] This massive jadeite specimen is 
= = A colored lavender by impurities. 
h polished It has been partly polished to show 
surface its characteristic brown “rind.” 
Monoclinic 
greasy luster 
MÁ 67 
Y 3.2-3.4 
Good 
VA brown 
Splintery rind 
[A white 
A vitreous to 
greasy 
“orange peel” 
surface 


i A, Na(Al,Fe)SizOs 
JADEITE 


A pyroxene mineral, jadeite is one of the two minerals 
that are referred to as jade. The other is nephrite (p.217), 
which is a variety of either tremolite (p.219) or actinolite 
Lilac jadeite A rare and (p.220). Pure jadeite is white in color. Specimens can be 
valuable variety of Jadette colored green by iron, lilac by manganese and iron, or 
pink, purple, brown, red, blue, black, orange, or yellow 
by inclusions of other minerals. Jadeite 
is made up of interlocking, blocky, 
granular crystals and commonly 


polished 
surface 


Imperial jade 


i a has a sugary or granular texture. 
specimen O : 
imperial jade Crystals are short prisms. They are 


rare but when found are usually in 
eee violet hollows within massive material. 
Jadeite occurs in metamorphic 

rocks formed at high pressure. : 
violet jadeite Although usually recovered as Jade mask 


A specimen of alluvial pebbles and boulders, itis /adeite, such as that used 
rare, valuable, i i EOS in this 18th-century mask, 
violet jadeite also found in the rocks in which it had cultural value for Central 


originally formed. and South American Indians. 
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Crystalline wollastonite 
| The mass of parallel crystals in this 
——~ specimen are shaped like coarse 


| blades. They show silky luster and 
| a splintery fracture. 


Triclinic 


PROFILE 


dá 1/-5 fibrous mass 
Y 29 of crystals 
NA Perfect 

Uneven to splintery 

[A white 


| A vitreous to silky 
k 


splintery 
fracture 


ij @, Casio; 
WOLLASTONITE 


A valuable industrial mineral, wollastonite is white, gray, 
or pale green in color. It occurs as rare, tabular crystals or 
massive, coarse-bladed, foliated, or fibrous masses. Its 
crystals are usually triclinic, although its structure has 

y seven variants, one of which is monoclinic. These variations 
Massive wollastonite are however, indistinguishable in hand specimens. 
A piece of massive wollastonite 

Wollastonite forms as a result of the contact 

N metamorphism of limestones (p.319) and in igneous 


rocks that are contaminated by 
carbon-rich inclusions. It can be 
accompanied by other calcium- 
containing silicates, such as 
diopside (p.210), tremolite (p.219), 
epidote (p.230), and grossular 
Coarse crytals A mass of © garnet (p.245). Wollastonite | 
poarseiy eya ne wolestonte | also appears in regionally Ceramic tile — 
metamorphosed rocks in schists  Wollastonite is widely used 
(0p.291-92), slates (9.293), and in ceramics, such as the tile 


shown here. It is also an ideal 
phyllites (p.294). base for fluxes and glazes. 


Le 


¿q(_q- —_ _—__n_ Massive rhodonite 
| PROFILE This specimen of rough rhodonite 


= shows the intense coloring 
vitreous and fine texture of the best 
luster gem-quality material. 
Triclinic 
MWh 
M4 3.5-3.7 


NA Perfect 


Conchoidal to uneven 


[A white 


A vitreous 


= 
«Ed 


massive habit 


uneven 
fracture 


renganeso sa | RHODONITE 


oxide matriz 

r The semiprecious gemstone rhodonite takes its 
name from the Greek word rhodon, which means “rose"— 
a reference to the mineral's typical pink color. Crystals are 
uncommon but are rounded when found. Rhodonite 
usually occurs as masses or grains and is often coated 
or veined with manganese oxides. 

Rhodonite is found in various manganese ores, often 
with rhodochrosite (p.121) or as a product of rhodochrosite 
that has undergone metamorphism. It has been used as 
a manganese ore in India but is more often mined 
as a gem and an ornamental ~~ . 
stone. Rhodonite is primarily | 
cut en cabochon as beads. 
Massive rhodonite is relatively 
tough and is good as a carving : 
medium. Transparent rhodonite Rhodonite box 
is rare. Although extremely Black-veined rhodonite, 

A: such as that used here, 
fragile, it can be faceted 


is relatively tough and is 
for collectors. preferred by many carvers. 


Tabular crystals Aggregates 
of tabular crystals 


VC = a | = 


C. After the capacitor is fully charged, the 
switch is thrown to position 2. What is the 
discharge time constant, and how long will it 


take to completely discharge the capacitor? 
T= Żā OÇ ü O E E 

12. Three capacitors are available with the 
following values: 

C1 = 8 uF; C2 = 4 uF; C3 = 12 yr. 

A. What is CT if all three are connected In 
parallel? 

CT = _— 

B. What is CT if they are connected In 
series? 

CT = _— ç 

C. What is CT if C 1 is in series with the 
parallel combination of C 2 and C3? 

CT = 


Answers to DC Pre-Test 


If your answers do not agree with those 
provided here, review the problems indicated 
in parentheses before you go to Chapter 2, 
“The Diode.” If you still feel uncertain about 
these concepts, go to a website such as 
www.BuildingGadgets.com and work through 


DC tutorials listed there. 

It is assumed that Ohm's law is well known, 
so problem 4 will not be referenced. 

1. RT = 48 ohms, I = 0.5 ampere 

(problem 9) 


216 MINERALS | SILICATES: INOSILICATES 


Radiating crystals 

This specimen is a mass of fibrous, 
radiating crystals of anthophyllite 
with vitreous luster. 


vitreous luster 


mass of fibrous, 
radiating crystals 


i PROFILE | ij 6, (Mg,Fe),Siz¿O7,(0H)» 
Orthorhombic The name anthophyllite comes from the Latin 
Y, 5%-6 word anthophyllum, which means “clove"—a reference 
Y 2.8-3.6 to the minerals clove-brown to dark brown color. 


Specimens can also be pale green, gray, or white. 
Anthophyllite is usually found in columnar to fibrous 
masses. Single crystals are uncommon; when found, 
they are prismatic and usually unterminated. The iron 

Y vitreous and magnesium content in anthophyllite is variable. The 
7 mineral is called ferroanthophyllite when it is iron-rich, 
sodium-anthophyllite when sodium is present, and 
magnesioanthophyllite when magnesium is dominant. 
Titanium and manganese may also be present in the 
anthophyllite structure. 

Anthophyllite forms by the regional metamorphism of 
iron- and magnesium-rich rocks, especially silica-poor 
igneous rocks. It is an important component of some 
gneisses (p.288) and crystalline schists (pp.291-92) and 
is found worldwide. Anthophyllite is one of several 
minerals referred to as asbestos. 


NA Perfect, imperfect 
Uneven 
[Al Colorless to gray 


Polished nephrite 
This small boulder of nephrite 
has been sliced and polished 
to reveal its quality. 


polished surface 


VARIANT 


Light green nephrite A mass 
of light green nephrite 
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PROFILE 


splintery fracture ) 


Monoclinic 
AWA 6% 
Y 2.9-3.4 


NA Perfect 
Splintery, brittle 


[A white 


A Dull to waxy 


PA 


A, Ca,(Mg,Fe);(Sis022)(OH)2 


NEPHRITE 


Not a true mineral name, the term nephrite applies to 
the tough, compact form of either tremolite (p.219) or 
actinolite (p.220). Both are calcium magnesium silicate 
hydroxides and structurally identical, except that in 
actinolite some of the magnesium is replaced by iron. 
Nephrite is dark green when iron-rich and creamy white 
when magnesium-rich. Specimens are composed of a mat 
of tightly interlocked fibers, creating 
a stone that is tougher than steel. 
Nephrite forms in metamorphic 
environments, especially in 
metamorphosed iron- and 
magnesium-rich rocks, where it is 
associated with serpentine (p.191) 
and talc (p.193). It is also found 
in regionally metamorphosed Nephrite tiki 
areas where dolomites (p.320) are He! tikis, such as this 
i ! one made of nephrite, 
intruded by iron- and magnesium- 


S are worn by the Maori 
rich igneous rocks. of New Zealand. 
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PROFILE 


Monoclinic 
MZ 5-6 

My 3.1-3.3 
NA Perfect 
Uneven, brittle 
[A White to gray 
A vitreous 


vertical 
striation 


Hornblende crystals 
This specimen consists of a group 
of prismatic hornblende crystals 
embedded in a rock matrix. 


VARIANTS 


white rock 
matrix 


= Prismatic 
~ hornblende 
= Prismatic 
crystals in a 
rock matrix 


Massive 
hornblende 
A piece of 
massive 
hornblende 


six-sided 
crystal 


Single crystal 
A single, short 
prismatic crystal 
of hornblende 
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prismatic 
hornblende 
crystal 


vitreous luster 


0, eg: Ca,(Fe? Mg), (Al,Fe3)(Si,AlO2,(OH,F), 


HORNBLENDE 


The name hornblende is applied to a group of minerals 
that can be distinguished from each other only by 
detailed chemical analysis. The two end-member 
hornblendes—iron-rich ferronornblende and magnesium- 
rich magnesiohornblende—are both calcium-rich and 
monoclinic in crystal structure. Other elements, such 
as chromium, titanium, and nickel, can also appear in 
the crystal structures of the group. The concentrations 
of these elements are an indicator of the metamorphic 
grade of the mineral. 

Specimens are green, dark green, or brownish green to 
black in color. Hornblende crystals are usually bladed and 
unterminated, and they often show a pseudohexagonal 
cross section. Well-formed crystals are short to long 
prisms. Hornblende also occurs as cleavable masses 
and radiating groups. The mineral forms in metamorphic 
rocks, especially gneisses (p.288), hornblende schists, 
amphibolites (p.296), and magnesium- and iron-rich 
igneous rocks. 


Tremolite crystals 

This specimen has plumelike 
aggregates of white, bladed 
tremolite crystals. 


Monoclinic 
MZ 5-6 
Y 2.9-3.4 

NA Perfect 
Splintery, brittle 
[A white 


A Vitreous to silky 


VARIANTS 


silvery, 


e 
radiating AE kai 


crystals _ Jera 
Iy. e 


Radiating tremolite Radiating 
crystals of silvery tremolite 


Asbestos fibers Tremolite 
in fibrous form 


vitreous to 
silky luster 


featherlike 
aggregate 
of crystals 


TREMOLITE 


A calcium magnesium silicate, tremolite forms a 
solid-solution series with ferroactinolite (p.220), where 
iron substitutes in increasing amounts for magnesium. 
The color of tremolite varies with increasing iron content 
from colorless to white in pure tremolite to gray, 
gray-green, green, dark green and nearly black in other 
specimens. Traces of manganese may tint tremolite pink 
or violet. When well-formed, crystals are short to long 
prisms. More commonly, tremolite forms unterminated 
bladed crystals, parallel aggregates of bladed crystals, or 
radiating groups. Tremolite and actinolite both form thin, 
parallel, flexible fibers up to 10in (25cm) in length, which 
are used commercially as asbestos. Tremolite is known 
as nephrite jade when it is massive and fine-grained. 
The mineral is abundant and widespread. It is the 
product of both thermal and regional metamorphism 
and is an indicator of metamorphic grade because 
it converts to diopside (p.210) at high temperatures 
(1,065°F/575°C or above). 
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| PROFILE 


Monoclinic 
MÁ 5-6 
Y 2.9-3.4 


VA Good, crossing at 56° 
and 124° 


Splintery, brittle 


[A white 


A vitreous or 
silky 


green, bladed 
crystal 


Actinolite crystals 
This specimen contains a group 
of thin, prismatic crystals of 
actinolite in a talc matrix. 


VARIANT 


Gray-green actinolite 
Crystals of actinolite, some of 
which have been powdered 


talc schist 


thin, prismatic 
crystal 


A, Ca,(Mg,Fe2+);Si,022(OH), 


ACTINOLITE 


Actinolite is an abundant mineral. It is in the middle 
of a solid-solution series of calcium, iron, and magnesium 
silicates that also includes ferroactinolite and tremolite 
(p.219). There is complete substitution in the series 
between iron and magnesium, but all have the same 
structure. Actinolite was named in 1794 after the Greek 
word aktis, which means “ray”—an allusion to its radiating, 
prismatic habit. Soecimens range from green to dark green 
to black. Well-formed crystals are short to long prisms. 
Actinolite usually occurs as unterminated bladed crystals, 
parallel aggregates of bladed crystals, or radiating groups. 
It is sometimes found as needlelike or fibrous crystals up to 
10in (25cm) long. When in this form, it is one of the 
minerals that are called asbestos. Massive, fine-grained 
actinolite and tremolite are both called nephrite jade. 

Actinolite is an amphibole mineral and forms as a 
product of low- to medium-grade thermal and regional 
metamorphism. Good crystals come from Edwards, New 
York, USA, and Kantiwa, Afghanistan. 


E 
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dark blue-green 


| PROFILE glaucophane 


fuchsite 


) 


Monoclinic 

4 6 

Y 3.2 

NA Distinct 

Uneven to conchoidal 


[A Gray-blue 


MA vitreous to pearly 


pyrite 


Italian glaucophane 

This specimen from Polloni in 
Piedmont, Italy, shows glaucophane 
with fuchsite and pyrite. 


VARIANT @, Na,(MgsAl,)Si¿O2,(0H)» 


GLAUCOPHANE 


The mineral is named after two Greek words: glaukos, 
which means “bluish green”; and phainesthai, which 
means “to appear.” Specimens can be gray, lavender 
blue, or bluish black. Crystals are slender, often lathlike 
prisms, with lengthwise striations. Twinning is common. 
Glaucophane can also be massive, fibrous, or granular. 
When iron replaces the magnesium in its structure, it is 
Glaucophane crystals known as ferroglaucophane. 
o a aad $ Glaucophane occurs in schists (pp.291-92) formed 
by high-pressure metamorphism of sodium-rich sediments 
at low temperatures (up to 400°F/200°C) or by the 
introduction of sodium into the process. Glaucophane 
is often accompanied by jadeite (p.213), epidote (p.230), 
almandine (p.243), and chlorite. It is one of the minerals 
that are referred to as asbestos. Glaucophane and its 
associated minerals are known as the glaucophane 
metamorphic facies. The presence of these minerals 
indicates the range of temperatures and pressures under 
which metamorphism occurs. 


prismatic crystal 
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LS ————— Riebeckite crystals 
PROFILE | The long, striated crystals 

= | characteristic of riebeckite are 
` group of prismatic clearly visible in this specimen. 

| crystals 

Monoclinic 

MA 6 

Y 3.3-3.4 

NA Perfect 

Uneven 

[A Blue-gray 


| A vitreous, silky 


deep grayish 
blue color 
vertical, parallel 
striations 
h VARIANT ij @, Na, (Fe?*¿Fe?+Si¿O,,(0H), 


at age | RIEBECKITE 


A sodium iron silicate, riebeckite is one of the several 
minerals called asbestos. It was named after Emil Riebeck, 
a 19th-century German explorer. Although riebeckite 
specimens are generally grayish blue to dark blue, their 
color can vary depending on the concentration of iron in 
their structure. Riebeckite can occur as prismatic, striated 
Crocidolite Fibers of blue crystals or sometimes as massive or fibrous aggregates. 
Tiss san clog This mineral occurs in feldspar- and quartz-rich 
igneous rocks. These include 

granites (pp.258-59), syenites 
(p.262) and, feldspar- and quartz- 
rich volcanic rocks, especially 
sodium-rich rhyolites (p.278). 
Riebeckite granite is found on 
the island of Ailsa Craig in 
western Scotland and is locally Tiger's eye ring 
known as ailsite. Ailsite is used to Crocidolite, a variant 

E of riebeckite, forms the 
manufacture stones used in the 


gemstone tiger's eye 
sport of curling. when it is silica-saturated. 


MINERALS | SILICATES: CYCLOSILICATES 223 


| Cordierite crystals 
| PROFILE This group of short prismatic, 
E dark gray cordierite crystals 


| occurs in a rock matrix. 


Orthorhombic 

MA 77% 

Y 2.6 

NA Moderate to poor 
Conchoidal to uneven 


[A white 


A Vitreous to greasy 


rock matrix 


cordierite crystal 


VARIANTS 8. (Mg,Fe),Al,SisO:s 


CORDIERITE 


The mineral is named after the French geologist Pierre 
L.A. Cordier, who first described it in 1813. Specimens 
can be blue, violet-blue, gray, or blue-green. Gem-quality 
blue cordierite or ¡olite is also known as water sapphire 
because of its color. Cordierite is pleochroic, exhibiting 
three different colors when viewed from different angles. 
Its crystals are prismatic, and the best blue color is seen 
along their length. 
Cordierite occurs in high-grade, ¿E 
thermally metamorphosed, me 
alumina-rich rocks. It is also > 
found in gneisses (p.288) and 
schists (pp.291-92) and more 
rarely in granites (pp.258-59), 
pegmatites (p.260), and veins — 
of quartz (p.168). Cordierite Cordierite jewelry 


Single crystal A large crystal 
of cordierite in matrix 


lolite A polished gemstone of 
cordierite called iolite 


is important in the production ele eas 
of ceramics used in catalytic O 


converters in cars. and brilliance. 


Ea 


ij N Watermelon tourmaline 
- PROFILE green or red Color can vary either along or 


re crystal rim across a tourmaline crsytal. This 


| a zoning takes its most dramatic 
form in “watermelon” tourmaline. 
Hexagonal or trigonal 


MA 77% 
Y 3.0-3.2 
NA indistinct 


Uneven to 
conchoidal 


[A colorless 


YA Vitreous 


crystal sliced 
across its width 


red or 
pink center 


TOURMALINE 


Tourmaline is the name given to a family of minerals 
of complex and variable composition, but all members 
have the same basic crystal structure. The 11 minerals in 
Schorl Probably the most the group include elbaite, schorl, dravite, and liddicoacite. 
common tourmaline mineral Gemstone varieties based on their color are also 
recognized, including indicolite (blue), rubellite (pink or red), 
verdelite (green), and achroite (colorless). These variety 
names can be applied to more than one mineral. Most 
tourmaline is dark, opaque, and not particularly attractive, 
but many of its transparent varieties are valued as gems. 
Tourmaline is abundant, and its 

Pibalte eb gam tene guany best formed crystals are usually 
variant of tourmaline : : 

found in pegmatites (p.260) and 
metamorphosed limestones 


(0.319) in contact with granitic ae 
magmas. It accumulates in Cut rubellite 
gravel deposits and occurs as This specimen shows the 


i rich red coloration and 
an accessory mineral in some transparency found in some 


sedimentary rocks. specimens of rubellite. 


Indicolite A blue-colored 
variant of tourmaline 


| PROFILE 


Hexagonal or trigonal 
`M 7 2—8 


Y 2.6-2.8 


YA indistinct 


Uneven to 
conchoidal 


[A white 


A vitreous 


iron-stained coating 


VARIANTS 


Heliodor Crystalline heliodor 
with hexagonal prisms 


Emerald 
An unusually 

long prismatic 

crystal of emerald 


Morganite A variant with 
crystals in shades of pink 
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Aquamarine 

This mass of prismatic aquamarine 
crystals is from the Karakoram 
Range in Pakistan. The name 
aquamarine means “seawater.” 


vitreous transparent 
luster sky blue 


T é, Mnwo, 


BERYL 


Few people have ever heard of the mineral beryl 
but almost everyone has heard of its principal gemstone 
varieties—emerald and aquamarine. Before 1925, beryl’s 
solitary use was as a gemstone but since then many 
important uses have been found for beryllium. As a result, 
common beryl, which is usually pale green or white, has 
become widely sought after as the ore of this rare element. 
Most beryl is found in granites (pp.258-59), granite 
pegmatites (p.260), and rhyolites (p.278), but it can also 
occur in metamorphic rocks, such as schists (pp.291-92). 
Emerald owes its grass-green color to the presence 
of traces of chromium and sometimes vanadium. Flawless 
emeralds are rare, but since 1937 the manufacture 
of synthetic crystals has become possible. Aquamarine 
is the most common gemstone variety of beryl. Nearly 
always found in cavities in pegmatites or in alluvial 
deposits, it forms larger and clearer crystals than 
emerald. Other gemstone varieties of beryl include 
heliodor, morganite, and goshenite. 


2. V1 = 5 volts, V2 = 15 volts, VS = 20 
volts (problems 23 and 26) 

3. V 1 = 14.4 volts, V2 = 9.6 volts 
(problems 23 and 26) 

4. R 2 = 120 ohms (problems 9 and 23) 
5. P1 = 3 watts, P2 = 9 watts, PT = 12 
watts (problems 9 and 13) 

6 RT = 4 kQ, | = 5 mA (problem 10) 

7. | 1 = 1.5 amperes, | 2 = 0.5 ampere 
(problems 28 and 29) 

8. R2 = 200 ohms, P 1 = 2.88 watts 
(problems 10 and 13) 


9. | MAX = 33.7 mA (problems 13, 15, and 
16) 
104. = 0.06 uF (problems 34 and 35) 


10C. = 300 usec (problems 34- 38) 

LIA. 30 kQ (problems 33, 39, and 
40) 

11B. VC = 15 V, T = 24 ms (problem 35) 
11C. tT = 1.6 ms, T = 8.0 ms (problems 


C 

10B. VC = 1.9 volts (problem 35) 
T 
R 


EH 
II 


12A. CT = 24 uF (problems 41 and 42) 
12B. CT = 2.18 uF (problem 42) 
12C. CT = 5.33 uF (problems 42-43) 
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CC 


Hexagonal 

Aye 5 

Y 3.3 

NA Perfect 

Uneven to conchoidal 


[A Pale greenish blue 


A vitreous to 
greasy 


chrysocolla matrix 


Prismatic dioptase 
This spectacular encrustation of 
dioptase crystals on quartz shows 
why it is a favorite with collectors. 


il VARIANTS 


Clustered prisms A green 
dioptase specimen 


Lustrous dioptase 
A specimen found in 
Central Africa 


short, prismatic 
dioptase crystal 


vitreous 
luster 


a > 
j 
k al 
å dl > 
Lo 4 X W e a 
P 


a. 
| — a P 
= = m 
à, a 
nia MS # 


fl $, CuSiO,(OH)) 
DIOPTASE 


The bright green crystals of dioptase can superficially 
resemble emerald. Dioptase crystals mined from a rich 
deposit in Kazakhstan were wrongly identified as emerald 
when they were sent to Czar Paul of Russia in 1797. Were 
it not for its softness and good cleavage, dioptase would 
make a superb gemstone to rival emerald (p.225) in 
color. Its prismatic crystals, often with rhombohedral 
terminations, can be highly transparent. This explains 
why the name dioptase is derived from two Greek words: 
dia, which means “through,” and optazein, which means 
“visible” or “to see.” Transparent specimens of dioptase 
appear in different colors depending on the direction 
from which they are seen, and intensely colored 
specimens can be translucent. The mineral can also 
occur in granular or massive habits. 

Dioptase forms in areas where copper veins have 
been altered by oxidation. Its vibrant color and its typical 
occurence as well-formed crystals make it popular with 
mineral collectors. 
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"PROFILE | 


| i 
MA 4%-5 
| K 3.4-3.5 

WA Perfect, good, poor 
| Uneven, brittle 
[A white 


A vitreous 


botryoidal aggregate 
of tiny crystals 


Botryoidal hemimorphite 
This superb specimen of 
sky-blue hemimorphite 

has a botryoidal habit. 


i VARIANTS 


crystal 


7 | cluster 
me 


White hemimorphite Tabular 
crystals on a rock matrix 


rounded 
mass 


Crystalline 
aggregates 
A green 
specimen 
ona rock 
matrix 


m 


7 8, Zn,Siz0,(OH)z-H20 


HEMIMORPHITE 


One of two minerals formerly called calamine in the 
USA, hemimorphite takes its name from the Greek words 
hemi, which means “half,” and morphe, which means 
“form'—a reference to its crystalline form. Hemimorphite 
crystals are double-terminated prisms with a differently 
shaped termination at each end—pointed at one and flat 
at the other. Crystals are often grouped in fan-shaped 
clusters. Hemimorphite can also be botryoidal, chalky, 
massive, granular, fibrous, or form encrustations. Usually 
colorless or white, specimens can also be pale yellow, 
pale green, or sky blue. Some specimens show strong, 
green fluorescence in shortwave ultraviolet light and weak, 
light pink fluorescence in longwave ultraviolet light. 

Hemimorphite is a secondary mineral formed in the 
alteration zones of zinc deposits, especially as an alteration 
product of sphalerite (p.53). It can be half zinc by weight 
and is an important ore of that metal. Well-crystallized 
specimens come from Algeria, Namibia, Germany, Mexico, 
Spain, USA, and China. 
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- PROFILE 


A 
$ 
Triclinic 
MÁ 617 
MY 3.2-3.3 
VA Good, poor 


Uneven to 
conchoidal, brittle 


[A Colorless to light brown 
A vitreous 


characteristic ¿E 
clove-brown [E 
color 


VARIANTS 


wedge-shaped 
axinite crystal 


Gem quality Wedge-shaped 
crystals of brown axinite 


distinctive axe shape 


Unusual growth A small 
crystal growing on a larger one 


Axinite crystals 
This mass of well-formed, 

transparent, wedge-shaped, 
tabular axinite crystals rests 
on a rock matrix. 


vitreous 
luster 


a” 
"TOE 
= 


AXINITE 


This group of minerals takes its name from the 
axehead shape of its crystals. Axinite minerals also occur 
as rosettes and in massive and granular forms. The most 
familiar color of axinite is clove brown. Varieties can also 
be gray to bluish gray; honey-, gray-, or golden-brown; 
violet-blue, pink, yellow, orange, or red. There are four 
minerals in the group: ferroaxinite, the most common; 
magnesioaxinite, in which magnesium replaces the iron 
in ferroaxinite; manganaxinite, in which manganese 
replaces the iron in ferroaxinite; and 
tinzenite, which is intermediate in 
composition between ferroaxinite 
and manganaxinite. 

Axinite is commonly found 
in contact and low-temperature 
metamorphic rocks (those formed  Axinite gemstone 
at up to 400°F/200°C) and Brilliant-cut axinite crystals, 
such as this specimen in an 
in magnesium- and iron-rich 


i unusual shade of violet, are 
Igneous rocks. popular with collectors. 


| PROFILE 


i > 
J 2 
Tetragonal Monoclinic 
Mi 6% 

Y 3.4 

NA Poor 


Subconchoidal to 
uneven, brittle 


[A White to pale 
greenish brown 


A Vitreous to resinous 


tetragonal crystal 


Striated vesuvianite 

This superb specimen consists 
of prismatic, vertically striated 
vesuvianite crystals. 


VARIANTS 


Cyprine A specimen of blue 
vesuvianite, or cyprine 


Tetragonal crystal 
A single, well-formed crystal 
of vesuvianite 
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vertical 
striation 


Á, Caio(Mg,Fe)2Al,(Si0,)5(Siz07)2(OH,F), 


VESUVIANITE 


Formerly called idocrase, vesuvianite is named after its 
place of discovery—Mount Vesuvius in Italy. Usually green 
or yellow-green, it can also be yellow to brown, red, black, 
blue, or purple. A greenish blue copper-bearing vesuvianite 
is called cyprine. An unusual bismuth-bearing vesuvianite 
from Langben, Sweden, is bright red. The mineral forms 
pyramidal or prismatic and glassy crystals. Crystals 2%. in 
(7cm) or more long have been found. 
Elements such as tin, lead, 
manganese, chromium, zinc, and 
Sulfur may substitute in the 
vesuvianite structure. The mineral 
is formed by the metamorphism 
of impure limestones (p.319). It is 
also found in granulites (p.297) 
and marbles (p.301) accompanied vesuvianite gem 
by calcite (p.114), diopside (p.210), Occasionally, vesuvianite 
is found in translucent to 
wollastonite (p.214), and 


transparent crystals suitable 
grossular (p.245). for cutting into gems. 
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Epidote crystals 


| PROFILE This superb group of striated 
Fa epidote crystals, some reaching 
1in (2.5cm) in length, shows 
| typical prismatic development. 
Monoclinic 
MA 67 vitreous luster prismatic crystal 
Y 3.4 | 
NA Good 


Uneven to splintery 
[Al Colorless or grayish 
A vitreous 


= 
, 
f El ata 
ar = 


striations : ae 


= ny E me ; 
— e Nr: > ad dis perfect cleavage 


VARIANTS 4, Ca,Al,(Fe, Al)(SiO,)(Si.07)O(OH) 


EPIDOTE 


An abundant rock-forming mineral, epidote derives 
its name from the Greek word epidosis, which means 
“increase"—a reference to the fact that one side of the 
prism is always wider than the others. Epidote is most 
easily recognized by its characteristic color—light to dark 
ep dote (one pistachio green. Gray or yellow specimens are also found. 
striated crystals from Peru Epidote is pleochroic, exhibiting different colors when 
viewed from different directions. The mineral frequently 
forms well-developed crystals. These may be columnar 
prisms or thick, tabular crystals with faces that are finely 
striated parallel to the crystal's 
length. Twinning is common. 
Specimens can also be needlelike, 
massive, or granular. 

Epidote is found in low-grade, 
regionally metamorphosed rocks.  Epidote gemstone 


Acicular epidote Yellowish 
brown, needlelike crystals 


It also occurs as a product of Clear, yellowish green to dark 
ne e O brown epidote gems are 
e aiteration OF plagioclase rare. Transparent crystals 


feldspars (pp.173-81). are cut for collectors. 


SAA 
a ee | 
% : 


deep vertical 
striation 


VARIANTS 


Thulite A pink, manganese- 
rich variety of zoisite 


Tanzanite A rich purple 
gem-quality Zoisite variety 


MINERALS | SILICATES: SOROSILICATES 231 


| PROFILE 


| 


Orthorhombic 
MÁ 67 

Y 3.2-3.4 
NA Perfect 


Conchoidal to 
uneven, brittle 


[A white 


A vitreous 


perfect 
cleavage 


Zoisite crystals 
This specimen of ordinary Zoisite 
shows a typical prismatic shape 


and vertical striations. The crystals 
are in a pegmatite matrix. 


@, Ca,Al;(SiO,)3(OH) 


ZOISITE 


A calcium aluminum silicate 


hydroxide, most zoisite 


is gray, white, light brown, yellowish green, or pale greenish 
gray. A massive, pinkish red variety is called thulite. A lilac- 


blue to sapphire-blue variety of 


zoisite is called tanzanite 


and is sometimes mistaken for sapphire (p.95). Zoisite with 
inclusions of ruby is called ruby-in-zoisite. Zoisite crystals 
exhibit gray, purple, or blue colors depending on the angle 
from which they are viewed. Zoisite is found as deeply 


Striated, prismatic crystals and 


also as disseminated 


grains and columnar or massive aggregates. 
The mineral is characteristic of regional metamorphism 


and hydrothermal alteration of | 
from metamorphism of calcium- 
rich rocks and typically occurs in 
medium-grade schists (pp.291— 
92), gneisses (p.288), and 
amphibolites (p.296). It is also 
found in veins of quartz (p.168) 
and pegmatites (p.260). 


gneous rocks. It results 


Ruby-in-zoisite 
Considered a good carving 
medium, ruby-in-Zoisite has 
been used to make this 
19th-century desk seal. 
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| PROFILE 


ih 
MÁ 6%-7 
M4 3.3-4.3 
JA \mperfect 
Conchoidal 
[A white 


A vitreous 


secondary 
clay minerals 


Peridot crystal 

This gem-quality specimen of 
olivine, or peridot, is from Pakistan. 
Other important sources include 
China and Myanmar. 


VARIANTS 


Forsterite Magnesium-rich 
olivine is called forsterite 


tabular 
crystal 


Fayalite Iron-rich olivine is 
called fayalite 


rounded, 
transparent 
olivine crystal 


@, (Mg,Fe),SiO, 


OLIVINE 


The name olivine may be unfamiliar but most people 
know of its gemstone variety, peridot, which has been 
mined for over 3,500 years. The name olivine is applied 
to any mineral belonging to a solid-solution series 
in which iron and magnesium substitute freely in 
the structure. Fayalite is the iron end-member of the 
solid-solution series, and forsterite is the magnesium 
end-member. 

Olivine specimens are usually 
yellowish green, but they can 
also be yellow, brown, gray, or 
colorless. Crystals are tabular, 
often with wedge-shaped 
terminations, although well- 
formed crystals of olivine are 
rare. Olivine may also occur in Peridot gemstone 
massive or granular habits. It is Green peridot, such as 

i ; the one in this brooch, was 
a major component of Earth's 


used by Egyptians since the 
Upper mantle. second millennium BCE. 


twinned zircon 
crystal 


PROFILE 


J 


Tetragonal 
7% 

Y 4.6-4.7 
VA \mperfect 


Uneven to 
conchoidal 


[A white 


ZA Adamantine 
to oily 


feldspar-and-biotite 
matrix 


biotite 


Afghan zircon 
This specimen of zircon crystals 
in a feldspar-and-biotite matrix 
is from Afghanistan. The crystals 
are up to 1%in (3cm) long. 


VARIANTS 


A A, ZrSiO, a 
ZIRCON 


A superb gem and one of the few stones to approach 
diamond (p.47) in fire and brilliance, zircon has a high 
refractive index and color dispersion. Known since 
Purple zircon Crystals of antiquity, zircon takes its name from the Arabic word 
zircon in a rock matrix zargun, derived in turn from the Persian words zar, which 
means “gold,” and gun, which means “color.” Specimens 
can also be colorless, yellow, gray, green, brown, blue, 
and red. Brown zircon is frequently heat-treated to turn it 
blue. The mineral forms prismatic to dipyramidal crystals. 
Single crystals can reach a considerable size: specimens 
weighing up to 4%lb (2kg) and 8% Ib (4kg) have been found 
in Australia and Russia, respectively. 
Crystalline cluster Zircon Zircon is found in metamorphic 
Fee rocks and silica-rich igneous 


in pegmatite ; 
rocks. It resists weathering and, 
because of its relatively high Zircon bracelet 
specific gravity, concentrates Gem zircons, such as the 


oa ia | d colorless, faceted zircons 
IN Stream ana river gravels an in this bracelet, have been 


beach deposits. mined for over 2,000 years. 
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| PROFILE Y prismatic crystal 


Orthorhombic 


Z 8 ie. y 
Ly 3.4-3.6 oe | 

¡E f ‘A ex 

) y 1 a =: F 

y 


' j 


+ 


h 

n 

d 

a 


NA Perfect basal z 
Subconchoidal to uneven Sich Pa 
a i 


[Al Colorless 


A vitreous 


albite 4 ‘ 
xng F 
a4 “pilot = 
| l e == 
— 3 


„= 


è Pija) A e termination face 


Topaz crystal 

This prismatic, pinkish brown 
topaz from Afghanistan is over 
3 Yin (8 cm) tall and weighs more 
than 11b (0.5kg). 


f VARIANTS fi 8, Al,SiO,(F,OH), 


| TOPAZ 


The name topaz is thought to have been derived from 
the Sanskrit tapaz, which means “fire.” Topaz occurs in 

a wide range of colors, with sherry-yellow and pink 
stones being particularly valuable. Colorless topaz has 
such a high refractive index that brilliant-cut specimens 
are mistaken for diamond (p.47). Well-formed prismatic 
line of cleavage crystals have a characteristic lozenge-shaped cross 
section and striations parallel to their length. The mineral 


vitreous 
luster 


Brown topaz 
A fine, natural 
crystal of 
brown topaz 


E blue is also found in massive, granular, and columnar habits. 
Z ; : : 

A specimen of Topaz is formed by fluorine-bearing í 

blue topaz vapors released in the late stages of gm" 


crystallization of igneous rocks. It 
occurs in granites (pp.258-59), 
rhyolites (p.278), pegmatite dykes, 
and hydrothermal veins. Rounded | 
pebbles are also found in river Pink topaz 

deposits. The world's largest A clear, octagonal step 
faceted topaz weighs over el ON ene a al 


in a gold ring. Natural pink 
36,000 carats. topaz is rare. 


Imperial topaz 
A golden imperial 
topaz from a 
deposit in Brazil 


Titanite crystals 
These interpenetrating, 
wedge-shaped titanite 
crystals, 1% in (3.5 cm) 
long, are from Russia. 


wedge-shaped 
crystal 


rock groundmass 
a 
` vitreous 
. luster 
$ 
è 
b- 
7 
KE 
- PROFILE 
pr $ 
Monoclinic 
MÁ 5-5% 
Y 3.5-3.6 


NA \mperfect 
Conchoidal 


[A white 


A Vitreous to greasy 


VARIANT 


A A, CaTiSiO; 
TITANITE 


Formerly called sphene, titanite is a calcium titanium 
Silicate. The name sphene originates from the Greek word 
sphen, which means “wedge"—a reference to the typical 
wedge-shaped crystals of the mineral. Crystals can also 
be prismatic. Gem-quality crystals occur in yellow, green, 
or brown colors. Specimens can also be black, pink, 
red, blue, or colorless. Titanite is strongly pleochroic, 
exhibiting different colors when seen from different 
directions. The mineral can also be massive, lamellar, or 
compact. Faceted titanite is one of the 
few stones with a color dispersion 
higher than that of diamond (p.47). 
Titanite is widely distributed as 
a minor component of silica-rich 
igneous rocks and associated te 
pegmatites (p.260). It is also found  Titanite ring 
in the metamorphic rocks gneiss Faceted titanites, such as 
(0.288), schist (0p.291-92), and the brilliant cut set in this 


gold ring, have superb fire 
marble (p.301). and intense colors. 


Crystal group Wedge-shaped 
titanite crystals 


Chapter 2 


The Diode 

The main characteristic of a diode is that it 
conducts electricity in one direction only. 
Historically, the first vacuum tube was a 
diode; it was also known as a rectifier . The 
modern diode is a semiconductor device. It is 
used in all applications where the older 
vacuum tube diode was used, but it has the 
advantages of being much smaller, easier to 
use, and less expensive. 

A semiconductor is a crystalline material 
that, depending on the conditions, can act as 
a conductor (allowing the flow of — electric 
current) or an insulator (preventing the flow 
of electric current). Techniques have been 
developed to customize the electrical 
properties of adjacent regions of 
semiconductor crystals, which allow the 
manufacture of small diodes, as well as 
transistors and integrated circuits. 

When you complete this chapter, you can 


do the following: 

Specify the uses of diodes in DC circuits. 
Determine from a circuit diagram whether a 
diode is forward- or reverse-biased. 

Recognize the characteristic V-I curve for a 
diode. 

Specify the knee voltage for a silicon or a 
germanium diode. 

Calculate current and power dissipation in a 
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ï Andalusite crystals 
PROFILE This group of prismatic andalusite 
crystals from the Austrian Tyrol is 


| in a matrix of quartz. 


Orthorhombic quartz matrix 
prismatic andalusite 

MA 6%-7% crystal 

Y 3.2 


YA Good to perfect, poor 
Conchoidal 


[A white 


A vitreous 


VARIANTS A, Al OSIO; 


ANDALUSITE 


Named after the locality in Andalusia, Spain, where it 
was first described, andalusite is aluminum silicate. It is 
pink to reddish brown, white, gray, violet, yellow, green, or 
blue. Gem-quality andalusite exhibits yellow, green, and red 
colors when viewed from different directions. Andalusite 
crystals are commonly prismatic with a square cross 
Brown andalusite Prismatic section. They can also be elongated or tapered. Andalusite 
e can also occur in massive form. A yellowish gray variety 
called chiastolite occurs as long 
prisms enclosing symmetrical 
wedges of carbon-rich material. 
Andalusite is found in regional 
and low-grade metamorphic 
rocks, where it is associated 
with corundum (p.95), cordierite 
(p.223), sillimanite (p.237), and Rectangular step cut 
Chiastolite yellowish brown kyanite (p.238). It is rarely found in Relatively uncommon, — 
andalusite crystal with cross- granites (pp.258-59) and granitic transparent andalusite is 


shaped inclusions of carbon i too brittle to be worn. It is 
pegmatites (p.260) . faceted for gem collectors. 


| PROFILE 


f 


Orthorhombic 
Vv 

MY 3.2-3.3 
NA Perfect 
Uneven 
[A white 
SA silky 


elongated, prismatic 
sillimanite crystal 


VARIANTS 


Crystals in rock Sillimanite in 
a rock matrix 


Silky luster 


Fibrous sillimanite A mass of 
parallel, fibrous crystals 
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vitreous luster 


rock matrix 


Prismatic sillimanite 

In this specimen, elongated, 
prismatic crystals of 
sillimanite can be seen 

ina rock matrix. 


A, Al OSIO; 


SILLIMANITE 


Named after the American chemist Benjamin Silliman, 


> sillimanite is one of three polymorphs of aluminum 


silicate. Commonly colorless to white, sillimanite can 
also be pale yellow to brown, pale blue, green, or violet. 
A single specimen may appear yellowish green, dark 
green, or blue when seen from different angles. The 
mineral occurs in long, slender, glassy D or in 
blocky, poorly terminated prisms. 
Sillimanite is characteristic 
of clay-rich metamorphic rocks 
formed at high temperatures 
(1,065°F/575°C or above). The 
mineral is often found with 
corundum (p.95), cordierite 
(p.223), and kyanite (0.238). _— 
Specimens also occur in Collectors’ gem 


gneisses (p.288), sillimanite Facet-grade sillimanite, such 
hists, hornfels (0.303) d as this specimen, occurs in 
SCNIStS, NOrNTEIS (p. „an the gem gravels of Sri Lanka 


detrital sediments. and Myanmar, and in Brazil. 


Blady kyanite 

This specimen of kyanite with 
quartz from northern Brazil shows 
the characteristic elongated, 
bladed habit of kyanite crystals. 


kyanite 
staurolite 


Kyanite in rock Kyanite 
crystals with staurolite in 
a rock matrix 


Triclinic 


AG 116 


Y 3.6 
NA Perfect 


vitreous luster Splintery 


[A colorless 


A vitreous 


long, bladed crystal 


quartz 


A ¿A Al,SiO; 
KYANITE 


Named after the Greek word kyanos, which means 
“dark blue,” kyanite is blue and blue-gray, the colors 
generally zoned within a single crystal. Kyanite can also 
be green, orange, or colorless. Specimens have variable 
hardness: about 4% when scratched parallel to the long 
axis but 6 when scratched perpendicular to the 
long axis. Kyanite occurs mainly as 
elongated, flattened blades that 
are often bent and sometimes as 
radiating, columnar aggregates. 

Kyanite is formed during the 
regional metamorphism of clay-rich 
sediments. It occurs in mica schists, 
gneisses (p.288), and associated 
hydrothermal quartz veins and 
pegmatites (p.260). Itis used to Spark plugs 
estimate the temperature, depth, - Kyanite is mined for 

} the aluminum silicate 

and pressure at which a rock 


mullite, which is used 
has metamorphosed. in spark plugs. 
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twinned 
Staurolite 
crystals 


"s prismatic 
staurolite crystal 


PROFILE 


dD 

Md 77% 

Y 3.7 

NA Distinct 
Conchoidal 


[A] Colorless to gray 
XA Vitreous to resinous 


vitreous luster 


Staurolite crystals 
This is a specimen of staurolite 

in a mica schist matrix. Single and 
twinned crystals can be seen here. mica schist 
matrix 


i VARIANTS 


j A, (Fe,Mg)Al,7(Si,Al)¿O45(OH)s 


>" | STAUROLITE 


A widespread mineral, staurolite takes its name from 
two Greek words: stauros, which means “cross,” and 
lithos, which means “stone"—a reference to its typical 
crosslike twinned form. Cross-shaped penetration twins 
of the mineral are common and are in great demand as 
ae charms. Staurolite specimens are yellowish brown, 
ear l reddish brown, or nearly black in color. The mineral 
Staurolite in schist Kyanite À ; : 
a e. normally occurs as prismatic crystals, which are either 
hexagonal or diamond-shaped in section 
and often have rough surfaces. 
Staurolite occurs in mica 
schists, gneisses (p.288), and 
other metamorphosed, aluminum- 
rich rocks. It forms only under 
a specific range of pressure | 
and temperature, which helps Trapeze-cut staurolite 
determine the various conditions Transparent staurolite, as in 
: E this stone, is a rare faceting 
under which the metamorphic 


material because of its dark 
rock formed. color and lack of brilliance. 


Fairy cross A twinned staurolite, 
or “fairy cross,” crystal 
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prismatic euclase 
crystal 


Monoclinic 

7% 

Y 3.0 

NA Perfect 
Conchoidal, brittle 
[A white 


A vitreous 


rock matrix 


striated crystal 


Blue euclase 

This mass of well-developed, 
prismatic crystals of blue euclase 
is on a rocky matrix. 


i VARIANT ij @, BeAISIO,(OH) 


EUCLASE 


Euclase takes its name from two Greek words: eu, 
which means “good,” and klasis, which means “fracture”— 
a reference to its perfect cleavage. Generally white or 
colorless, euclase can also be pale green or pale to 
deep blue—a color for which it is particularly noted. It 
forms striated prisms, often with complex terminations. 
Massive and fibrous specimens are also found. 
Transparent euclase Euclase occurs in hydrothermal 
aa e os veins formed at low temperatures 
(UD to 4007/2006) eranitic 
pegmatites (p.260), and some 
metamorphic schists (pp.291-92) 
and phyllites (p.294). It is also 
found in stream gravels. Exquisite, 
colorless, and deep blue color- 
zoned crystals come from Karoi in  Euclase gemstone 
Zimbabwe. Cut euclase resembles This square-cut euclase 
certain types of beryl (p.225) lo US 


dark inclusions of 
and topaz (p.234). another mineral. 
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i Humite crust 
PROFILE In this specimen, a crust of 
: yellowish brown yellowish brown humite crystals 
humite crystal covers a rock matrix that 
also contains accessory mica. 
Orthorhombic 
MA 6-67 
Y 3.2-3.3 
NA Poor 


Subconchoidal to uneven 
[A Yellow to orange 
A vitreous 


rock matrix 


| VARIANTS A, (Mg,Fe);(SiO,);(F,OH)2 


HUMITE 


Named in 1813 after the English mineral and art 
collector Sir Abraham Hume (1749-1838), humite is a 
silicate of iron and magnesium. Manganese substitutes 
for iron in the structure to form a complete solid-solution 
series with manganhumite. Specimens are yellow 

to dark orange or reddish orange in color, tending 
Yellow humite A specimen of toward brown with increasing manganese content. 
ST Humite is generally found in granular masses. Well- 
formed crystals are rare and grow in parallel with one 
another. Crystals rarely exceed 3% in (1 cm) in length and 
are occasionally twinned. 

Humite is found with pyrite (p.62), cassiterite (p.79), 
hematite (p.91), quartz (p.168), tourmaline (p.224), 
and mica in contact and regionally metamorphosed 
limestones (p.319) and dolomites (p.320). Although this 
mineral occurs worldwide, noteworthy locations include 
Orange humite Massive, Persberg and elsewhere in Sweden; Isle of Skye, 
de ei Scotland; Mount Vesuvius, Italy; Valais, Switzerland: 

and Brewster, New York, USA. 
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| PROFILE | 
Md 77% 

Y 3.5 

NA None 

Conchoidal, brittle 

[A white 


A vitreous 


pyrope crystal 


conchoidal 
fracture 


rock matrix 


Pyrope in matrix 
This specimen from Mexico includes 
several pyrope garnets in a matrix. 

Most pyrope is found as pebbles in 

placer deposits with other gems. 


Í VARIANT ij 9, M8sAl2(SIO 4) 


| PYROPE 


The magnesium aluminum garnet pyrope was named 
in 1803 after the Greek words pyr and õps, which mean 
“fire” and “eye” respectively—a reference to the typical 
fiery color of specimens. Manganese, chromium, iron, 
Gemstone rough Water- and titanium substitute in the mineral's structure and act 
ema tent ara as coloring agents to some degree. Specimens can be 

rich red, dark red, violet-red, rose red, or reddish orange 
depending on the composition. 
Crystals are dodecahedral and 
trapezohedral, with hexoctahedra 
sometimes present. The mineral 
is most often found as rounded 
grains or pebbles. 

Pyrope occurs as a high- 
pressure mineral in metamorphic 
rocks. It is also found in high- Pyrope gemstones 
pressure, silica-poor igneous Beautiful garnet jewelry 

comes from Bohemia, Czech 
rocks and in detrital deposits 


Republic, where pyropes as 
derived from them. big as hens’ eggs are found. 
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schist 


Almandine crystal 


This almandine in schist from an area 
near Wrangell, Alaska, USA, shows a 


modified dodecahedral form. 


| VARIANTS 


ii y e. 
on ee? 


almandine 
crystal 


Crystals in schist Numerous 
almandine dodecahedrons 
rest on schist 


almandine 
crystal 


Almandine in granulite 
Crystals of almandine in a 
granulite matrix 


well-formed crystal 


modified 
dodecahedron 


Subconchoidal, brittle 


[A white 


A vitreous 


ij &, FesAl,(SiO,)s 
ALMANDINE 


The most common garnet, almandine is named after 

Alabanda (now Araphisar) in Turkey, where it has been 

cut since antiquity. Almandine is always red, often with 

a pink or violet tinge. Specimens can sometimes be nearly 

black. This mineral tends to be a pinker red than other 

garnets. Crystals often have well-developed faces and 

are dodecahedral or trapezohedral or have other more 

complex forms. Massive aggregates and rounded grains 

are also found. Rutile (p.78) needles 

can show as a four-rayed star when 

almandine is cut en cabochon. 
Almandine occurs worldwide. 

It is found in gneisses (p.288) 

and mica schists, igneous rocks 

(pp.256-57), and occasionally as 

inclusions in diamond (p.47). When 

it occurs in metamorphic rocks, 

its presence indicates the grade 

of metamorphism. 


Faceted almandine 
Three faceted almandine 
gems and a seed pearl 
create a central flower motif 
in this antique gold brooch. 
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Spessartine crystals 

In this specimen from Norway, 
well-formed dodecahedral crystals 
encrust a rock matrix. 


PROFILE 
Cubic 

MA 77% 
Y 42 

NA None 


Conchoidal, brittle 


[A white 


A Vitreous 


rock matrix 


uneven fracture 


dodecahedral 
spessartine 
crystal 


| VARIANT ij Á, MN;Al;(SiO,); 


SPESSARTINE 


The manganese aluminum silicate spessartine is 
named after Spessart—the locality in Germany where it 
was first described. The mineral is pale yellow when nearly 
pure and orange to deep red, brown, or black in other 
specimens. A color change known as the alexandrite 
effect is occasionally found in spessartine grossular garnet. 
Translucent spessartine Crystals are dodecahedral or trapezohedral. Spessartine 
a may also occur as either granular 
or massive aggregates. 
Spessartine almost always 
contains some amount of iron 
(p.39). Pure spessartine is 
relatively rare and is found in 
manganese-rich metamorphic 
rocks, granites (pp.258-59), 
and pegmatite veins (p.260). Octagonal step cut 
The heaviest spessartine Because of spessartine's rich 
color, the liquid inclusions 
ever discovered weighs 


under the edge facets in this 
6,720 carats. gem are not very noticeable. 


| PROFILE 


Cubic 
MÁ 6%-7 
Y 3.6 
NA None 


Conchoidal 


[A white 


A vitreous 


grossular crystal 


Grossular on diopside 
These grossular crystals from 
Piedmont, Italy, are set on 

a matrix of diopside. 


VARIANTS 


Hessonite Reddish brown 
dodecahedral grossular crystals 


impure 
marble 


Pink grossular Rounded, pink 
grossular crystals in marble 


MINERALS | SILICATES: NESOSILICATES 245 


diopside 


Er 


a ae 
We’, e 


F ha h 
= 


0, CasAl,(SiO,); 


GROSSULAR 


The calcium aluminum silicate grossular, a type of 
garnet, is named after the Latin word grossularia, which 
translates into “gooseberry"—a reference to the mineral's 
gooseberry-green color. Specimens can also be pale to 
emerald green, white, colorless, cream, orange, red, 
honey, brown, or black. Reddish brown or pink grossular 
is called hessonite or cinnamon stone. Grossular is usually 
translucent to opaque but can be transparent. 
It occurs as rounded dodecahedral or 
trapezohedral crystals that are up 
to 5 in (13cm) wide. Specimens can 
also be granular or massive. 

Grossular forms in impure 
calcareous rocks that have 
undergone regional or contact | 
metamorphism, in some schists Grossular beads 
(pp.291-92) and serpentinites This strung group is 

E E made up of size-graded, 

(p.298), and occasionally in 


round, luminescent green 
meteorites (pp.335-37). grossular beads. 


diode. 

Define diode breakdown. 

Differentiate between  zeners and other 
diodes. 

Determine when a diode can be considered 


“perfect.” 
Understanding Diodes 
1 Silicon and germanium are semiconductor 
materials used in the manufacture of diodes, 
transistors, and integrated circuits. 
Semiconductor material is refined to an 
extreme level of purity, and then minute, 


controlled amounts of a specific impurity are 
added (a process called doping ). Based on 
which — impurity is added to a region of a 
semiconductor crystal, that region is said to 
be N type or P type. In addition to electrons 
(which are negative charge carriers used to 
conduct charge in a conventional conductor), 
semiconductors contain positive charge 
carriers called holes. The impurities added to 
an N type region increases the number of 
electrons capable of conducting charge, 
whereas the impurities added to a P type 
region increase the number of holes capable 
of conducting charge. 

When a semiconductor chip contains an N 
doped region adjacent to a P doped region, a 
diode junction (often called a PN junction ) is 
formed. Diode junctions can also be made 


e IoAN 


ORGANICS 


Generated by organic (biological) processes, the organics may or 
may not be crystalline. In some cases, they contain the same mineral 
matter—such as calcite or aragonite—as that generated through 
inorganic processes. Organics are sometimes used as gems. 


COMPOSITION 
The organics have a highly varied 
composition. Coral, pearl, and shell 
contain mineral matter generated by 
biological processes. Amber is fossilized 
resin, mainly from extinct coniferous trees, 
although amberlike substances from even 
older trees are also known. Copal 

is a modern equivalent of 
fossilized amber. Coal is derived 
from buried organic material, 
such as peat. Bitumen is a 
very heavy oil. 


Shell 

The shells of marine invertebrates 
capture large amounts of carbon in the 
form of aragonite. Their remains form 
extensive beds of carbonate rocks. 


OCCURRENCE 

The organics are relatively widespread. The 
shells of freshwater and marine organisms 
are part of a carbonate cycle that extracts 
carbon from the environment and returns it 


Coral reef 

A coral reef forms in shallow ocean areas. 

Corals are the most important part of the 

reef and form its main structural framework. 
» Coral skeletons are made of aragonite. 


as carbonate sediment, either to be 
reincorporated into other organics or to 
be lithified. Other organics incorporate 
carbon in their essential composition. 


USES 
Coal and bitumen are p 
the organics that find the 
widest use. Organically 
formed carbonate rocks 
are also extensively used as 
building stone and ballast 
and in the manufacture of 
cement. Other organics are 
used to make ornaments 
and jewelry. 


Coral necklace 
This branchlike 
Native American 
necklace is 
made from 
small, polished 
branches and 
tiny beads of 
red coral. 


red coral 


| PROFILE 

Trigonal Orthorhombic 
Amorphous 

TA ae 

Y 2.6-2.7 


NA None 
Hackly 


[A white 


YA Dull to vitreous 


Red coral 

The use of red coral dates back to 
the Iron Age. This specimen from 
the Mediterranean has a wood- 
grain pattern on its branches. 


VARIANTS 


Blue coral 

A type of coral 
used in artifacts 
and jewelry 


Black coral 
A variant that 
is polished to 
make jewelry 


An elaborate 
confection of 
organic aragonite 
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wood-grain pattern 


coral branch 


„$, Mostly CaCO; 


CORAL 


According to Greek legend, coral came from the drops 
of blood shed when the mythic hero Perseus cut off the 
head of the monster Medusa. Coral is actually the skeletal 
material generated by marine animals also known as 
coral polyps. In most corals, this material is calcium 
carbonate, but in black and golden corals it is a hornlike 
substance called conchiolin. Coral has a dull luster when 
recovered, but it can be polished 
and brightened. It is sensitive even 
to mild acids and can become dull 
with extensive wear. 

Coral is variable in color. Red 
and pink precious coral is found in 
the warm seas around Japan and 
Malaysia, in African coastal waters, 


and in the Mediterranean Sea. Coral necklace 


Black coral comes from the West This triple-stranded 


; necklace from Morocco 
Indies, Australia, and from around is made of coral, silver 


the Pacific Islands. and turquoise. 


248 MINERALS | ORGANICS 


| PROFILE 


a 


Orthorhombic 
AVA 

Y 2.7 

NA None 
Uneven, brittle 
[A white 
A Pearly 


conchiolin covering 


black pearl 


iridescent 
mother-of-pearl 


Black mother-of-pearl 
The black-lip shell, a mollusk that 
produces black mother-of-pearl, 
also produces black cultured pearls. 


VARIANTS ©, Mostly CaCO; 


o AE 


A concretion formed by a mollusk, a pear! consists 
mainly of aragonite (p.115), the same material as the 
animal's shell (p.249). The shell-secreting cells are located 
in a layer of the mollusk's body tissue called the mantle. 
E When a foreign particle enters the mantle, the cells buila up 
the shell, these are flat on concentric layers of pearl around it. Colors vary with the 
one side mollusk and its environment and can be any delicate shade 
from black to white, cream, gray, blue, 
yellow, green, lavender, or mauve. 
The finest pearls are produced ¿es 


by limited species of saltwater $s 1 y % + 
oysters and freshwater (esd ¿E 
clams. A pearl is valued by its “ay j a 
translucence, luster, color, and anes X ai ul 
shape. The most valuable pearls Se a 
are spherical or droplike, with Pearl bracelet 

Freshwater pearls These a deep luster and good play of This Cartier Art Deco 


lor R ea a se bracelet has five strands of 
Color. ROSE-tINLE p cultured pearls with a gold 


are highly prized. and oxidized-silver clasp. 


have the same luster as 
marine pearls 


| PROFILE 


9 1 


Hexagonal Orthorhombic 


Amorphous 


NÓ 2% 
e 
hd About 1.3 


NA None 


Conchoidal 


[A white 


A Dull to vitreous 


inner surface 
of shell 


Abalone shell 


Found in warm seas, abalone shells, 
such as this one from New Zealand, 


are noted for their multicolored, 
iridescent, mother-of-pearl lining. 


VARIANTS 


Spider conch 
A type of shell 
widely used for 
ornamental 


purposes g Ë 


d 


Tortoise shell The shell of a 
hawksbill turtle 


Thorny oyster A shell made 
up of organic aragonite 
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iridescent 
mother-of-pearl! 


@, Caco, 
SHELL 


Like coral (p.247), shell is mineral matter generated by 
biological processes. The mineral component of shell is 
either calcite (p.114) or aragonite (p.115), both of which are 
calcium carbonate. Shell forms as the hard outer covering 
of many mollusks. It is secreted in calcareous layers by 
cells in the mantle—a skinlike tissue in the mollusk’s body 
wall. Mollusk shells differ in the composition, oon, 
number, and arrangement of calcareous layers. | | 
These layers form as distinct microstructures 
with different mechanical properties and, | 
in some shells, different colors. 

Both marine and freshwater 
shells are used for ornamentation. 
Shells with different colored layers 
have been carved into cameos 
since antiquity. Pearly shells Shell perfume bottle 
were used widely in button This 19th-century perfume 

bottle is made of two shells 

making around the 


glued together. It has a chain, 
19th century. ring, and pinchbeck stopper. 
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Crystal system None 


MA 22% 


4 About 1.1 


translucent copal 


NA None 


Conchoidal 


[A white 


A Resinous 


golden-yellow color 


conchoidal fracture 


Copal nugget 

This specimen of copal closely 
resembles amber. Some copal 
is used as an amber substitute 
in jewelry. 


VARIANTS 


orange-yellow 
gum _ "S 


Kauri gum Resin 
derived from the 
Kauri conifer 


Copal lumps Lumps of resin 
from the Protium copal or 
copal tree 


A, Various 


COPAL 


Named after the Nahuatl word copalli, which means 
“resin,” Copal is a yellow to red-orange resin obtained from 
various tropical trees. It can be collected from living trees 
and from accumulations in the soil beneath the trees. 
It can also be mined if it is buried. Copals from different 
sources usually have different chemical properties but can 
have similar physical properties. Copal has approximately 
the same hardness as amber (p.251) but unlike amber 
it is wholly or partially soluble in organic solvents. 
Buried copal is the nearest 
to amber in durability and is, 
in many cases, virtually 
indistinguishable from it. 
Zanzibar in Tanzania is a major 
source of buried copal. This 
mineral is also found in China, 
Brazil, and other South American 
countries. It is used in varnishes, 
lacquers, and inks. 


Copal beads 
In this necklace, beads of a 
tough and compact form of 
copal alternate with beads 

carved from seeds. 
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| PROFILE » 


Crystal system None 
MA 22% 

my 11 

NA None 


Conchoidal 


[A white 


A Resinous 


resinous luster 


conchoidal fracture 


translucent 
mass of amber 


Amber nodule 
Transparent to translucent, most 
amber is golden yellow to golden 
orange and occurs as nodules or 
small, irregularly shaped masses. 


VARIANTS @, Hydrocarbon (C,H,O) 


AMBER 


The fossilized resin amber comes mainly from extinct 
coniferous trees, although amberlike substances from 
earlier trees are alSo known. It is generally found in 
association with lignite coal (p.253). Amber and other 
partially fossilized resins are sometimes given mineral- 
like names depending on where they are found, their 
Wave-rounded amber ae ; ; 
A piece of wave-rounded degree of fossilization, or the presence of other chemical 
Baltic amber components. For example, resin that resembles copal 
(p.250) and comes from the London clay region is called 
copalite. At least 12 other names T 
are applied to minor variants. 4 
For thousands of years, the ¢ 
largest source of amber has 
been deposits along the Baltic 
coast, extending intermittently 
from Gdánsk right around to Preserved in amber 
Lithuanian amber A group the coastlines of Denmark and As resin dried 40-50 million 
E ane sweden. Amber has been traded 4499 380 insects were 


color variation i ; ; sometimes fossilized within 
since ancient times. the sticky substance. 
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PROFILE 


Crystal system None 
Mi 2% 

Y About 1.3 

NA None 

Conchoidal 

[A Black to dark brown 


A velvety, vitreous, 
or waxy 


bedded structure 


vitreous luster 


Woody structure 

This specimen of jet Shows 

the layered, woody structure 
that is sometimes characteristic 
of the mineral. 


VARIANT A, Various 


fossil amonite J ET 


Generally classified as a type of coal (p.253), jet has a 
high carbon content and a layered structure. It is black to 
dark brown in color. Specimens sometimes contain tiny 
inclusions of pyrite (p.62), which have a metallic luster. 
Jet is found in rocks of marine origin, perhaps 
derived from waterlogged driftwood or other 
plant material. It can occur in distinct 
beds, such as those at Whitby, England, 
from which jet has been extracted 
since the 1st century ce. 

Jet has been carved for 
ornamental purposes since 
prehistoric times and has been 
found in prehistoric caves. The Pee 
Romans carved jet into bangles a“ y 
and beads. In medieval times, Jet necklace 
powdered jet drunk with water This Native American 
or wine was believed to have Dr la 


owe quality, fine-grained jet, 
medicinal properties. which shows velvety luster. 


Jet fossil Jet with fossils of 
marine origin 


PROFILE 


Crystal system None 
MA 22% 
Y About 1.1 
NA None 


Conchoidal 


[A Black 


AA Nearly metallic 


black surface is hard 
and clean to touch 


Anthracite 
Hard to the touch, anthracite is 
naturally shiny. It takes a brilliant 
polish and is used for decorative 
as well as practical purposes. 


VARIANTS 


Lignite A variant having a 
composition between peat 
and bituminous coal 


Bituminous coal The most 
common form of coal 
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near-metallic 
luster 


A, Various 


COAL 


The fossilized remains of plants, coal usually occurs 
in layered, sedimentary deposits. It is brown or black and 
made up of an irregular mixture of chemical compounds 
called macerals, which are analogous to minerals in 
inorganic rocks. Unlike minerals, macerals have no fixed 
chemical composition and no definite crystalline structure. 
Different varieties of coal are formed depending 
on the kinds of plant material, varying degrees of 
coalification (the process by which plant material is 
converted to coal), and the presence of impurities. Four 
varieties are recognized. Lignite is the lowest grade and 
is the softest and least coalified variety. It forms from 
peat under moderate pressure. Sub-bituminous coal is 
dark brown to black. Bituminous coal is the most abundant 
and is commonly burned for heat generation. Anthracite 
is the highest grade and the most highly metamorphosed 
form of coal. It contains the highest percentage of 
low-emission carbon and would be an ideal fuel if it 
were not relatively scarce. 


with either silicon or germanium. However, 
silicon and germanium are never mixed when 
making PN junctions. 

Question 

Which diagrams in Figure 2.1 show diode 
junctions? 


Figure 2.1 
| 
(a) (b) 


Nje 
(dd (e) 

Answer 

Diagrams (b) and (e) only 


2 In a diode, the P material is called the 
anode. The N material is called the cathode. 
Question 

Identify which part of the diode shown in 
Figure 2.2 is P material and which part is N 


material. _ 
Figure 2.2 
Anode Cathode 
Answer 
The anode is P material; the cathode is N 
material. 


3 Diodes are useful because electric current 
can flow through a PN junction in one 
direction only . Figure 2.3 shows the direction 


256 ROCKS | IGNEOUS ROCKS 


IGNEOUS ROCKS 


Igneous rocks are formed from magma—molten rock. They are 
classified as extrusive or intrusive depending on whether or not the 
magma emerged at Earth's surface before crystallizing. Extrusive 
rocks form on the surface; intrusive rocks form below it. 


INTRUSIVE IGNEOUS ROCKS 


Intrusive rocks are categorized as plutonic 


if formed deep inside the crust and 
hypabyssal if formed at shallow depths. 
Plutonic intrusive rocks are characterized 
by their large crystals and generally form 
geographically large bodies. For example, 
a batholith is a large igneous body with a 
Surface exposure of at least 40 square 
miles (100 square km) and a thickness of 
about 6-9 miles (10-15 km). Batholiths 
form the cores of great mountain ranges, 
such as the Rockies and the Sierra 
Nevada in North America. Granite, diorite, 
peridotite, syenite, and gabbro are all 
plutonic igneous rocks. 

Hypabyssal intrusive rocks are formed 
at shallower depths and are characterized 
by fine crystallization. They occur in 
sheetlike bodies called dikes and sills, 
volcanic plugs, and other relatively small 
formations. Dikes range from less than an 


ring dikes erode to form 
circular outcrop patterns 


volcanic plug with 
radiating dikes 


dome-shaped 
laccolith 


sill forms between 
bedding planes 


dike forms vertically 
through rock strata 


light plagioclase dark 
feldspar 


pyroxene 


Gabbro 

Most gabbros form as plutonic intrusive rocks. 
This coarsely crystallized specimen contains 
light-colored crystals of plagioclase and dark 
crystals of pyroxene. 


inch to many feet in thickness and can 
be hundreds of miles in length. Sills are 
Similar to dikes, except that they form 
parallel to the enclosing rocks and intrude 
between two strata. 


massive 
batholith 


“swarm” of 
parallel dikes 


Types of igneous intrusion 

Batholiths are the largest type of igneous intrusion. 
Like the smaller laccoliths, they are plutonic. Dikes, 
sills, and plugs—the cores of eroded volcanoes— 
are hypabyssal intrusions. 


EXTRUSIVE IGNEOUS ROCKS 
Extrusive igneous rocks are also known 
as volcanic rocks. The principal rock types 
in this category include basalt, obsidian, 
rhyolite, trachyte, and andesite. All of these 
usually form from lava—a magma that 
has flowed either onto land or underwater. 
Other extrusive rocks, such as tuff 

and pumice, form in explosive volcanic 
eruptions. These “pyroclastic” rocks are 
porous because of the frothing expansion 
of volcanic gases during their formation. 
Basalt is the most common extrusive rock, 
forming the floor of most oceans and 
extensive plateaus on land, such as the 
Deccan Plateau of India and the Columbia 
River Basalts of Oregon, USA. 


vesicle 


light color similar 
to that of rhyolite 


~*~ RHYOLITIC PUMICE 


pyroxene 
phenocryst 


PORPHYRITIC 
BASALT 


Grain size 

The origin of igneous rocks is generally indicated by the 
grain size of their minerals. Small or microscopic grains 
are found in extrusives; large grains in intrusives. 


Mount St. Helens 

In 1980, Mount St. Helens in the USA 
erupted, sending thousands of tons of 
pyroclastic debris across northwestern 
USA. Extensive beds of pumice and tuff 
form from such eruptions. 
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COMPOSITION OF IGNEOUS ROCKS 
Igneous rocks form from magma, which 

is essentially a silicate melt. Igneous rocks 
are classified on the basis of silica content. 
Felsic rocks have over 65 percent silica, 
intermediate rocks 55-65 percent, mafic 
rocks 45-55 percent, and ultramafic rocks 
less than 45 percent silica. The silicate 
minerals that develop from the melt depend 
on factors such as silica concentration in 
the melt, the presence and concentration 
of other elements such as aluminum, 
iron, magnesium, calcium, sodium, and 
potassium within the melt, and the 
temperature and pressure at which 
crystallization takes place. 


pale, fine-grained 
matrix of crystals 


fine-grained 
matrix 


LIGHT COLOR 


phenocrysts of light 
plagioclase feldspar 


MEDIUM COLOR 


fine matrix 


DARK COLOR 


Color 

Relatively few igneous rocks are identified by specific 
| colors. Instead, they are generally described as light, 
_ intermediate, or dark. 
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i PROFILE 


Pat 
A Silica-rich, plutonic 
® Crystallization of a 

silica-rich magma in 
a major intrusion 


SƏ -Asin (2-5mm), 
phenocrysts to 4in (10cm) 


IL] Potassium feldspar, 
quartz, mica 


Sodium plagioclase, 
hornblende 


$ White, light gray, 
pink, red 


potassium feldspar 
crystal 


Dark granite 
This specimen of granite 
is dominated by large 
crystals of potassium 
feldspar, quartz, and biotite. 


biotite 


Y 


C VARIANTS 


CTS 


a 
-= 


ages, GRANITE 
$ | The most common intrusive rock in Earth's 
continental crust, granite is familiar as a mottled pink, 
rte, white, gray, and black ornamental stone. It is coarse- to 
NS medium-grained. Its three main minerals are feldspar, 
give this granite its color quartz (p.168), and mica, which occur as silvery muscovite 
(p.195) or dark biotite (p.197) or both. Of these minerals, 
feldspar predominates, and 


aa 


' qe EA 
Aa E =e. quartz usually accounts for 
specimen tan Care dl : 
dominated by = ES, More than 10 percent. The alkali 
light-colored a pee feldspars are often pink, resulting 
minerals Y 


in the pink granite often used as 
a decorative stone. 

Granite crystallizes from 
silica-rich magmas that are miles 
deep in Earth's crust. Many | 
mineral deposits form near Granite staircase 

A i crystallizing granite bodies from A eee 
alla loa the hydrothermal solutions that ranite ascends to the Bom 
such bodies release. Jesus Church in Portugal. 


| PROFILE 


Intrusive 
Intrusive 
Medium to coarse 


Quartz, feldspar, mica 


WAOSE 


Hornblende, 
plagioclase 


Pink, white 


ava 
wav 


pink orthoclase 
feldspar 


Graphic granite 

This specimen of granite shows 
simultaneous growth of quartz 
and feldspar, which produces 

a pattern. 


i VARIANTS 


Porphyritic granite 

A specimen in which large 
feldspar phenocrysts are 
Set in granite 


Orbicular granite Granite 
with spherical phenocrysts 
of feldspar 
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TEXTURED GRANITE 


Granites with distinct patterns in their crystallization 
are known as textured granites and in some cases, graphic 
granites. Graphic granite consists of roughly 30 percent 
quartz (0.168) and 70 percent feldspar, with a few other 
minerals. These minerals are intergrown in such a way that 
Straight-sided quartz crystals, which look like hieroglyphic 
characters, are set in a background of feldspar. The texture 
forms in pegmatites (p.260) when the main minerals 
crystallize from the magma at the same time. 

Orbicular granite is an unusual but spectacular granite 
containing spheres (orbicules) of concentric layers 
of granitic minerals. The orbicules are about 2-4 in 
(5-10 cm) in diameter and often richer than the granite 
in darker minerals. They are usually restricted to small 
areas within the larger granite mass. In porphyritic 
granite, the feldspar crystals are larger and better 
formed than the surrounding mineral grains. These 
granites have been quarried and polished for use as 
ornamental and building stones. 
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i pink orthoclase 
- PROFILE feldspar 


= 


Feldspar-rich, plutonic 


Fluid-rich crystallization 
in the final stages of the 
formation of a granite 


More than %sin (5mm) 
to many ft (m) 


Quartz, feldspar, mica 
Tourmaline, topaz 


White, pink 


wo o SF 


dark prismatic 
tourmaline crystal 


Tourmaline pegmatite 
This specimen contains 
crystals of black tourmaline 
in a matrix of pink feldspar 
and white quartz. 


j 


PEGMATITE 


Important sources of many gemstones, pegmatites 
are very coarse-grained igneous rocks, mostly of a 
granitic composition. Although crystals can be huge— 


| VARIANTS 


Granitic pegmatite over 33ft (10m) in some specimens—individual crystals 
A specimen with feldspar, usually average 3-4 in (83-10 em) in length. The large 
os a crystals are due to the considerable amount of water in 


shaped tourmaline E 
the magma rather than slow cooling. The most perfect 


crystals are typically found in openings or pockets. 


ieee Quartz (p.168) and feldspar dominate, but many other 
in a pegmatite minerals can form large, beautiful crystals. Muscovite 
matrix (p.195) and other micas commonly occur in pegmatites 


in large, flat sheets known as books. 
Pegmatites are light-colored rocks and occur in 
small igneous bodies, such as veins and dykes, or 


a sometimes as patches in larger masses of granite 

A pegmatite (pp.258-59). Several gemstones—such as tourmaline 
dominated by (p.224) group minerals, aquamarine (p.225), rock crystal, 
white feldspar, 


smoky quartz, rose quartz, and topaz (p.234)—are 


with amphibole j 
mined from pegmatites. 


| PROFILE 


AA Ultramafic, plutonic 


Crystallization of a 
silica-poor magma in 
a major intrusion 


S 

SƏ -Asin (2-5 mm) 
IL] calcium plagioclase 
[3 


Olivine, pyroxene, 
garnet 


$4 Light gray to white 


Anorthosite 

This specimen of 
anorthosite is dominated 
by light-colored 
plagioclase feldspars. 


i VARIANTS 


Coarse anorthosite 
A specimen with pyroxene 
and orthopyroxene 


to be the first lunar rock 
to crystallize 
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plagioclase 
feldspar crystals 


é i. 
E, 


j 
ANORTHOSITE 


An intrusive igneous rock, anorthosite is composed 
of at least 90 percent calcium-rich plagioclase feldspar— 
principally labradorite (p.180) and bytownite. Olivine (p.232), 
garnet, pyroxene, and iron oxides make up the remaining 
10 percent. Anorthosite is coarse-grained and either white 
or gray. Specimens can also be green. Many anorthosites 
have an interesting “cumulate” texture, where well-formed 
crystals appear to have settled out of the liquid magma, in 
a similar way as large grains settling | 
in a sediment. 

Anorthosite is not a common 
rock, but where it does occur, 
it is found as immense masses, 
or as layers between iron- and 
magnesium-rich rocks, such as 
gabbro (p.265) and peridotite 
(p.266). Anorthosite is, however, 
common on the surface of 
the Moon. 


Labradorite relief 
Labrodorite occurs in 
anorthosite and is used 
in carvings, such as this 
19th-century relief. 
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Pink syenite 


| PROFILE The pink color of this syenite specimen 


Í VARIANTS 


$ Gray, pink, or red 


is due to the presence of alkali feldspar, 


MM Intermediate silica which predominates in syenite. 
content, plutonic 


® Crystallization of an 
alkaline intermediate 
magma in a major 
intrusion 


SƏ -Asin (2-5mm) 
IL] Potassium feldspar 


[4 Sodium plagioclase, 
biotite, amphibole, 
pyroxene, hornblende, 
feldspathoids 


amphibole 


feldspar 


i 
SYENITE 


Visually similar to granite and often confused with it, 
syenites can be distinguished from granite by the absence 
or scarcity of quartz. A syenite is any one of a class of 
rocks essentially composed of: an alkali feldspar or sodium 
plagioclase (or both); a ferromagnesian mineral, usually 
Nepheline syenite Nepheline biotite (p.197), hornblende (p.218), or pyroxene; and little 
crystals with black hornblende or no quartz. The alkali feldspars can include orthoclase 
(p.173), albite (p.177), or less commonly, microcline (p.175). 
Syenites are attractive, multi-colored rocks—usually gray, 
pink, or red. Other minerals that occasionally occur in small 
amounts in syenite include titanite, apatite (p.148), zircon 
(p.233), magnetite (p.92), and pyrite (p.62). When syenites 
contain quartz, they are called quartz syenites. 

Nepheline (p.182) and alkali feldspar are essential 
minerals in nepheline syenite, but this rock can contain 
other minerals, including unusual and attractive ones, such 
as eudialyte. If the rock includes a pyroxene, it is usually 
aegirine (p.209); if an amphibole it is usually arfvedsonite, 
both of which are rich in sodium. 


Syenite with zircon Zircon 
crystals in a syenite matrix 
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| PROFILE 


Feldspar-rich, plutonic 
Intrusive 
Coarse 


Plagioclase, alkali feldspar, 
quartz, mica 


Hornblende, augite 


ou BOSE 


Gray, white, or pink 


dark, iron- and 
magnesium-bearing 
minerals 


coarse texture 


Speckled granodiorite 

This pink granodiorite has a 
speckled appearance because 

of the presence of darker minerals, 
such as mica and hornblende. 


i VARIANT E 


` GRANODIORITE 


5 Among the most abundant of intrusive igneous rocks, 
tee granodiorite is a medium- to coarse-grained rock that is 
similar to granite (p.258) in texture. Granodiorite can be 
pink or white, with a grain size and texture similar to that 
of granite, but abundant plagioclase generally makes 

| it appear darker than granite. The biotite (p.197) and 
E ai pa o hornblende (p.218) give it a speckled appearance. The 
and hornblende mica may occur in well-formed hexagonal crystals, and 
the hornblende may be present in needlelike crystals. 
Twinned plagioclase crystals are sometimes wholly 
encased by orthoclase. 

The quartz (p.168) present in granodiorite can be gray 
to white. With increased amounts of quartz and alkali 
feldspar, granodiorite grades to granite. With less quartz 
and alkali feldspar, it becomes diorite (p.264). The volcanic 
equivalent of granodiorite is dacite (p.274). Two historic 
stones are granodiorite: the Rosetta Stone was carved 
from it, and the Plymouth Rock is a glacial erratic boulder 
of granodiorite. 
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| PROFILE 
AA Intermediate silica 
content, plutonic 


® Crystallization of a 
magma with intermediate 
silica content in a major 
intrusion 


Ve-%ein (2-5 mm) 


Sodium plagioclase, 
hornblende 


Biotite 


wll Bo 


Black or dark green 
mottled with gray 
or white 


hornblende 


| VARIANTS 


Light-colored diorite 

A specimen of diorite with 
white plagioclase and a minor 
amount of hornblende 


Fine-grained diorite 

A specimen of fine-grained 
diorite with phenocrysts 
of hornblende 


Two-toned diorite 

This diorite specimen gets its plagioclase 
two-toned appearance from feldspar 
light-colored plagioclase 

feldspar and black hornblende. 


i 
DIORITE 


This medium- to coarse-grained intrusive igneous 
rock is sometimes sold as “black granite.” In general, 
though, diorite is darker than granite (p.258). It is 
commonly composed of about two-thirds white 
plagioclase feldspar and one-third dark-colored 
minerals, such as biotite (p.197) and hornblende (p.218). 
The plagioclases in diorite—oligoclase (p.178) or andesine 
(p.181)—are rich in sodium. Diorite can be of uniform 
grain size or have large phenocrysts of plagioclase 

or hornblende. 

The rock can occur as large 
intrusions or as smaller dykes 
and sills. Most diorite is intruded 
along the margins of continents. 
With small amounts of quartz 
(0.168) and alkali feldspar, it Neolithic axehead 
becomes a granodiorite (p.263); Diorite can be extremely 

eee be tough and was used to make 
with larger amounts, it is classified 


ancient tools, such as this 
as granite. neolithic axehead. 
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| Coarse-grained gabbro 
PROFILE This specimen of gabbro has 
" l l coarse grains, as produced by the 
A Matic, plutonic formation of large crystals during 
& Crystallization of a Slow cooling of a magma. 
silica-poor magma in 
a major intrusion 
SD Y6—3hein (2-5 mm) plagioclase feldspar 
IN] calcium plagioclase 
feldspar, pyroxene, 
ilmenite 
[4 Olivine, magnetite 
$4 Dark gray to black 


dark pyroxene 


"VARIANTS i] 


GABBRO 


Medium or coarse-grained rocks, gabbros consist 
principally of dark green pyroxene (augite and lesser 
amounts of orthopyroxene) plus white- or green- 
colored plagioclase and black, millimeter-sized 


Layered gabbro Bands of grains of magnetite and/or ilmenite. A gabbro has an 
light plagioclase and dark intermediate or low silica content and rarely contains 
a ITN Jess quartz (p.168). Gabbro is essentially the intrusive 

pr. equivalent of basalt (p.273), but unlike basalt gabbro 
pd has a highly variable mineral content. It often contains a 
e layering of light and dark minerals (layered gabbro), 
crystals a significant amount of olivine (olivine gabbro), or a 


high percentage of coarse crystals of plagioclase 
feldspar (leucogabbro). 

Gabbros are widespread but not common on Earth's 
Surface. They occur as intrusions and as uplifted sections 


Olivine : E A 
DEE of oceanic crust. Some gabbros are mined for their 

A gabbro nickel, chromium, and platinum (p.38). Those containing 
eins | ilmenite (p.90) and magnetite (p.92) are mined for their 


iron or titanium. 


in which the current flows. 


Figure 2.3 
e[n 
— o- 

Figure 2.4 shows the circuit symbol for a 
diode. The arrowhead points in the direction 
of current flow. Although the anode and 
cathode are indicated here, they are not 
usually indicated in circuit diagrams. 

Figure 2.4 

Anode Cathode 

Question 


In a diode, does current flow from anode to 
cathode, or cathode to anode? 


Answer 

Current flows from anode to cathode. 

4 In the circuit shown in Figure 2.5 , an 
arrow shows the direction of current flow. 
Figure 2.5 

Questions 


A. Is the diode connected correctly to permit 
current to flow? 
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PROFILE 


AA Ultramafic, plutonic 


® Crystallization of a 
silica-poor magma in 
a major intrusion, or 
Earth's mantle 


Ye—~ein (2-5 mm) 
Olivine, pyroxene 


Garnet, chromite 


w Lal BO 


Dark green to black 


dark, olivine 
and pyroxene 
crystals 


Coarse peridotite 

This is a Specimen of dark, 
olivine- and pyroxene-rich 
peridotite from Odenwald, 
West Germany. 


-< VARIANTS 


Green peridotite A specimen 
containing green olivine 


Garnet peridotite Peridotite 
with red phenocrysts of 
pyrope garnet 


PERIDOTITE 


An intrusive igneous rock, peridotite is coarse- 
grained and dense. It is light to dark green in color. 
Peridotite contains at least 40 percent olivine (p.232) 
and some pyroxene. Unlike the olivine grains, the 
pyroxene grains in peridotite have a visible cleavage 
when viewed under a hand lens. Peridotite forms much 
of Earth’s mantle and can occur as nodules that are 
brought up from the mantle by kimberlite (p.269) or 
basalt (p.273) magmas. 

The rock is usually found interlayered with iron- and 
magnesium-rich rocks in the lower parts of layered igneous 
rock bodies, where its denser crystals first form through 
selective crystallization and then settle to the bottom of 
Still-fluid or semi-solid crystallizing mushes. A peridotite 
specimen that has been altered by weathering becomes 
serpentinite (p.298). Peridotite and pyroxenite (p.267) form 
in similar environments, but pyroxenite contains a higher 
percentage of pyroxene. Peridotites are important sources 
of chromium and nickel. 
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Pyroxenite 

Pyroxene, the main component of 

pyroxenite, can be seen in this specimen, 

along with smaller amounts of plagioclase 

feldspar and accessory sulfide minerals. plagioclase 
feldspar 


pyroxene 


PROFILE 
raphe PYROXENITE 
& Crystallization of a 
silica-poor magma S : l 
Eoo This is a coarse-grained, granular igneous rock 
© sin (2-5mm) that contains at least 90 percent pyroxene. Pyroxenite 
ea may also contain olivine (p.232) and oxide minerals 
Ta when it occurs in layered intrusions or nepheline 
olivine, AER Ens (p.182) when it occurs in silica-poor intrusions. A hard 
nepheline and heavy rock, it is light green, dark green, or black. 
$4 Light green, dark green, Its surface often weathers to rusty brown. Individual 
or black 


crystals may be 3 in (7.5cm) or more in length. Pyroxenites 
are usually found with gabbros (p.265) and peridotites 
(p.266). Unlike gabbros, pyroxenite contains almost 

no feldspars. Also, pyroxenite has less olivine 

than peridotites. 

The principal minerals usually found accompanying 
pyroxenites, in addition to olivine and feldspar, are 
chromite (p.99) and other spinels (p.96), garnet, rutile 
(p.78), and magnetite (p.92). It has been proposed that 
large volumes of pyroxenite form in the upper mantle. 
Rare metamorphic pyroxenites are known and are 
described as pyroxene hornfels. 
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j Dark gray dolerite 
| PROFILE Dolerite's characteristic medium 
E texture and dark color can be 
Mafic, plutonic seen in this specimen. 


Crystallization of a 
silica-poor magma in 
a minor intrusion medium texture 


Y256—16 in (0.1-2 mm) 


Calcium plagioclase, 
pyroxene 


Wd Bv ser 


Quartz, magnetite, 
olivine 


A Dark gray to black, 
often mottled white 


plagioclase 
feldspar 


-< VARIANTS 


i 
= 


6 


We a a] 


DOLERITE 


A medium-grained rock, dolerite has the same 
composition as gabbro (p.265): one- to two-thirds is 
calcium-rich plagioclase feldspar, and the remainder is 
Ed mainly pyroxene. Specimens can have up to 55 percent 
Weathered dolerite A dolerite silica and up to 10 percent quartz (p.168). Plagioclase 
Es crystals commonly occur as tiny rectangular crystals within 
flaking from weathering par pos 
| larger pyroxene grains in dolerite. Olivine (p.232) can occur 
as a constituent in the form of rounded grains that are 
often weathered orange-brown. 
An extremely hard and tough 
rock, dolerite occurs in dykes 
and sills intruded into fissures in 
i other rocks. It is a heavy rock that 
de sete i is often polished for use as a 
A specimen of dolerite wit . Toan 
a e decorative stone. Dolerite is also és 
used in its rough state for paving Stonehenge, England 

and is crushed for road stone. The inner circle at 
ti i id under th Stonehenge in England is 

ISAS sos under tne name made up of about 80 pieces 
"black granite.” of dolerite “bluestones.” 
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PROFILE 


Silica-poor, volcanic 


Extrusion of a fluid part coarse texture 
of Earth's mantle 


Wide range 


Olivine, pyroxene, mica, 
garnet, diopside 


Wd Ho SF 


IImenite, diamond, 
serpentine, calcite, 
rutile, perovskite, 
magnetite 


6% Dark gray 


crystal of 
ferromagnesian 
minerals 


dark matrix 


Brecciated kimberlite 
Kimberlite is named after Kimberley, 
the diamond industry center in 
South Africa. This is a typically heavy 
and fragmented specimen. 


~ VARIANTS 


KIMBERLITE 


The major source of diamonds (p.47), kimberlite is a 
variety of peridotite (p.266). It is rich in mica, often in the 
form of crystals of phlogopite, a type of mica. Other 
abundant constituent minerals include chrome-diopside 
(p.210), olivine (p.232), and chromium- and pyrope-rich 


Weathered kimberlite garnet. Lesser amounts of rutile (p.78), perovskite (p.89), 
Heavily weathered kimberlite ilmenite (p.90), magnetite (p.92), calcite (p.114), serpentine 
a la ls (p.191), pyroxene, and diamond can also be present. 
Kimberlite is typically found in pan 
pipes—structures with vertical Vat. 


=. 


Sides roughly circular in cross 
section. The rock may have been 
injected from the mantle into j 
zones of weakness in the crust. | 
Fragments of mantle rock are 


often brought to the surface Diamond ring 
Diamond in kimberlite in kimberlites, making them a This ring has an emerald-cut 


An octahedral diamond in diamond on a gold shank. 
a kimberlite matrix valuable source of Information Kimberlites are the primary 
about inner Earth. source rock for diamonds. 
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j PROFILE 


A Extrusive 


Crystallization of an 
alkaline magma ina 
minor intrusion 


JO) Y256—16 iN (0.1-2 mm) 


m Orthoclase, plagioclase, 
biotite, hornblende 


[4 Hornblende, magnetite, 
axinite, amphibole, 
pyroxene 


$4 Dark brown to black 


porphyritic 
texture 


Weathered lamprophyre 
This weathered grayish brown 
specimen of lamprophyre has 
a porphyritic texture, with large 
crystals set in a fine matrix. 


xk 
K VARIANTS 


Dark brown lamprophyre 
A specimen of lamprophyre 
with mica flakes 


Fine-grained lamprophyre 
Lamprophyre with fine grains 
and no phenocrysts 


brown, 
weathered 
surface 


LAMPROPHYRE 


The term lamprophyre is used to refer to a group of 
igneous rocks with high potassium, magnesium, and iron 
content. Four minerals dominate these rocks: orthoclase 
(p.173), plagioclase, biotite (p.197), and hornblende 
(p.218). Amphibole and biotite tend to occur in a 
matrix of various combinations of plagioclase and other 
sodium- and potassium-rich feldspars, pyroxene, and 
feldspathoids (pp.182-84). Because of their relative 
rarity and varied composition, lamprophyres do not 
fit into standard geological classifications. In general, 
they form at great depth and are enriched in sodium, 
cesium, rubidium, nickel, and chromium, as well as 
potassium, iron, and magnesium. Some are also 
source rocks for diamonds. 

The exact origin of lamprophyres is still debated. 
These rocks occur mainly in dykes, sills, and other small 
igneous intrusions. They form along the margins of some 
granites (pp.258-59) and are often associated with large 
bodies of intrusive granodiorite (p.263). 
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| PROFILE 


Rhomb porphyry 

This porphyry has feldspar 
Two-stage crystallization with rhombic cross sections 
of an igneous rock in a fine-grained matrix. 


Less than Yassin (0.1mm); fine grains 
phenocrysts up to 
Yin (2cm) 


Extrusive 


Various 


Various 


wo © OF 


Red, green, 
purple 


rhombic feldspar 


Í VARIANTS if 
PORPHYRY 


The name porphyry is a general name and textural term 
for medium- to fine-grained igneous rocks that contain 
large crystals (phenocrysts) of other minerals, especially 
if these minerals are found in the smaller crystals of the 

' matrix. It is most often used for rocks formed in lava flows 
Quartz porphyry Porphyry or minor intrusions. The term porphyry is often prefixed 


jah f 
a ia with a reference to the minerals it contains, such as 
matrix quartz—feldspar porphyry, which contains phenocrysts of 


the two minerals. Alternatively, the prefix can refer to the 
composition or texture of the rock. Examples are rhyolite 
porphyry or rhomb porphyry, respectively. 

Porphyries form when crystallization begins deep in 
Earth’s crust and cooling occurs quickly after rapid upward 
movement of magma. This results in the formation of very 
small crystals of the matrix. Historically, the name porphyry 
was used for the purple-red form of the rock, which has 
Feldspar porphyry been valued since antiquity as an ornamental stone. 
o Many Egyptian, Roman, and Greek sculptures used this 

type of porphyry. 


272 ROCKS | IGNEOUS ROCKS 


| PROFILE 


AA Intrusive and extrusive 


Crystallization of a 
carbonate magma derived 
from Earth's mantle 


® 
SƏ Wide range 

IL] calcite, dolomite, siderite 
i 


Magnetite, apatite, 
pyrochlore, phlogopite 


SL 
e Cream, yellow, brown 


carbonate minerals A 


Y $ 


Carbonatite 
This carbonatite specimen 
contains a mixture of carbonates 
and other minerals. 


L VARIANT E2 ij 


CARBONATITE 


An unusual rock type, carbonatite consists of over 
50 percent carbonate minerals—usually calcite (p.114), 
dolomite (p.117), or siderite (p.123). Most carbonatites also 
contain some portion of silicate minerals and may contain 
Carbonatite with magnetite (p.92), the brown mica phlogopite, and rare- 
magnetite A specimen of earth minerals such as pyrochlore (p.85). Specimens are 
een FA tl typically cream-colored, yellow, or brown. Carbonatite 
looks similar to marble (p.301). It may be coarse-grained 
if intrusive and fine-grained if volcanic. 
The process by which carbonatites form is still a 
matter of conjecture. They are usually found in areas 
of continental rifting in veins, dykes, and sills around 
intrusions of sodium- and potassium-rich igneous rocks. 
The geochemistry of carbonatites is complex and can 
vary considerably in specimens. Many contain scarce and 
valuable ores of rare elements, such as niobium, cesium, 
tantalum, thorium, and hafnium. Some carbonatites also 
contain significant amounts of platinum (p.38), gold (p.42), 
silver (p.43), and nickel. 


PROFILE 


Mafic, volcanic 


Extrusion of a silica-poor 
magma 


Less than Yassin (0.1 mm) 


Sodium plagioclase, 
pyroxene, olivine 


Wd Bo SF 


Leucite, nepheline, 
augite 


ava 
wav 


Dark gray to black 


columnar-jointed, 
massive basalt 


VARIANTS 


Vesicular basalt A basalt 
specimen with holes left by 
gas bubbles during cooling 


Amygdaloidal 
basalt 

A specimen 
with zeolite 
crystals in 
vesicules 


Porphyritic 
basalt 

A basalt with 
phenocrysts 
of pyroxene 


Wee of the ocean floor. It can 
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Fine-grained basalt 
This specimen of basalt 
shows its characteristic 
fine-grained texture. 


fine grains 


BASALT 


Basalt is the most common rock on Earth’s surface. 
Specimens are black in color and weather to dark green 
or brown. Basalt is rich in iron and magnesium and is 
mainly composed of olivine (p.232), pyroxene, and 
plagioclase. Most specimens are compact, fine-grained, 
and glassy. They can also be porphyritic, with 
phenocrysts of olivine, augite (p.211), or plagioclase. 
Holes left by gas bubbles can give basalt a coarsely 
porous texture. 

Basalt makes up large parts 


form volcanic islands when it is 
erupted by volcanoes in ocean 
basins. The rock has also built 
huge plateaus on land. The dark = E 
plains on the Moon, known Basalt temple 

as maria, and, possibly, the This magnificent, thousand- 
volcanoes on Mars and Venus ee eal le 


Pradesh, India, is made of 
are made of basalt. gray basalt. 


| PROFILE 


Extrusive 


Extrusion of amagma 
with intermediate silica 
content 


Less than Yassin (0.1mm) 


Quartz, plagioclase 


Ro SF 


Biotite, hornblende, 
pyroxene 


ava 
wav 


Gray to pink 


Fine-grained dacite A fine- 
grained specimen of dacite 
with small phenocrysts 


blue-gray dacite 


Blue-gray dacite A specimen 
of dacite with dark phenocrysts 
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Porphyritic dacite 

This dacite specimen has 
a porphyritic texture, with 
prominent phenocrysts of 
plagioclase and biotite. 


feldspar phenocryst hornblende 


ii 
DACI TE 


An extrusive igneous rock, dacite takes its name from 
Dacia (modern Romania)—the ancient Roman province 
where it was first found. The volcanic equivalent of 
granodiorite (p.263), dacite is usually pink or a shade 
of gray. It often has flowlike bands. Porphyritic varieties are 
common, with large crystals usually consisting of blocky 
plagioclase feldspar or rounded quartz (p.168), or both. 
Dacite matrix can be cryptocrystalline or glassy. 

Dacite occurs with andesite (p.275) on continental 
margins, and with rhyolite (p.278) in continental volcanic 
districts. Along continental margins, dacite magmas form 
in areas where oceanic crust sinks beneath continental 
crust. Dacite magmas are chemically altered as they reach 
the mantle. Dacite lavas are quite viscous because of their 
moderate silica content, and thus can be quite explosive in 
eruptions. The explosion of Mount Saint Helens volcano 
in USA in 1980 was a result of dacite domes formed from 
previous eruptions. The mineral compositions of dacite 
lavas tell the history of the magma. 


PROFILE 


Intermediate silica 
content, volcanic 


Extrusion of a magma 
with intermediate silica 
content 


Less than YVssin (0.1 mm) 


Plagioclase feldspars 


EBRO S FE 


Pyroxene, amphibole, 
biotite 


ava 
AN 


Light to dark gray, 
reddish pink 


euhedral 
phenocrysts matrix 


VARIANTS 


Fine-grained andesite 
A specimen from the Solomon 
Islands, Pacific Ocean 


small phenocrysts 


Andesite with plagioclase 
A specimen of andesite with 
phenocrysts of light plagioclase 


Amygdaloidal 
andesite Vesicles 
of andesite filled 
with a zeolite 
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Porphyritic andesite 

This specimen of porphyritic andesite 
shows light feldspar phenocrysts in a 
dark andesite matrix. 


fine-grained matrix 


ANDESITE 


This volcanic rock is named after the Andes Mountains. 
Intermediate in silica content, it is usually gray in color and 
may be fine-grained or porphyritic. Andesite is the volcanic 
equivalent of diorite (p.264). It consists of the plagioclase 
feldspar minerals andesine (p.181) and oligoclase (p.178), 
together with one or more dark, ferromagnesian minerals 
such as pyroxene and biotite (p.197). 

Amygdaloidal andesite occurs when the voids left by gas 
bubbles in the solidifying magma 
are later filled in, often with 
zeolite minerals (pp.185-90). 
Andesite erupts from volcanoes 
and is commonly found 
interbedded with volcanic ash and 
tuff (0.282). Ancient andesites are 
used to map ancient subduction 
zones because andesitic 
volcanoes form on continental or 
ocean crust above these zones. 


Volcanic andesite 


Mount Fujiyama in 
Yamanashi Prefecture, 
Honshu, Japan, is the cone 
of an andesitic volcano. 


B. Notice the way the battery and the diode 


connect. Is the anode at a higher or lower 
voltage than the cathode? — 

Answers 

A. Yes. 

B. The anode connects’ to the positive battery 
terminal, and the cathode connects to the 
negative battery terminal. Therefore, the 
anode is at a higher voltage than the 
cathode. 

5 When the diode is connected so that the 
current flows, it is  forward-biased. In a 
forward- biased diode, the anode connects to 
a higher voltage than the cathode, and 


current flows. Examine the way the diode is 
connected to the battery shown in Figure 2.6 


Figure 2.6 


Question 

Is the diode  forward-biased? Give the reasons 
for your answer. 

Answer 


No, it is not forward-biased. The cathode IS 
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f 
| PROFILE 


A Extrusive 


Rubbly top of an 
extruded, silica-poor 
magma 


Less than Yassin (0.1 mm) 


S 
JO) 
IN] Plagioclase, pyroxene 
a 


Apatite, magnetite, 
olivine 


Dark brown, black, 
or red 


| VARIANT 


Rubbly scoria A specimen 
of rubbly scoria from the top of 
a lava flow 


Vesicular scoria 

The large vesicles characteristic 
of scoria can be seen in 

this specimen. 


brown color 


vesicle 


i 
SCORIA 


The top of a lava flow is made up of a highly 
vesicular, rubbly material known as scoria. It has the 
appearance of vesicular lava. When fresh, scoria is 
generally dark in color—dark brown, black, or red. 
Weathered scoria has a medium-brown color and forms 
piles of loose rubble with small pieces. Most scoria is 
basaltic or andesitic in composition. This rock forms 
when gases in the magma expand to form bubbles as 
lava reaches the surface. The bubbles are then retained 
as the lava solidifies. Scoria is common in areas of 
recent volcanism, such as the Canary Islands and the 
Italian volcanoes. 

This rock is of relatively low density due to its 
vesicles, but it is not as light as pumice (p.277), which 
floats on water. Scoria also differs from pumice in that 
it has larger vesicles with thicker walls. Scoria has 
commercial use as a high-temperature insulating 
material. It also has applications in landscaping 
and drainage. 
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Frothy pumice 


PROFILE The hollows (or vesicles) in this 
l pumice clearly show its frothy 
MM Volcanic nature. Vesicles may join together 
® Solidification of a round vesicle to form hollows or passages. 
silica-rich lava with 
trapped gas bubbles 
SƏ Less than %sin (0.1mm) 
IN class 
[4 Feldspar, augite, 


hornblende, zircon 


ava 
vay 


Black, white, 
yellow, brown 


" 

“8 
aw 
fe 


Él 
PUMICE 


A porous and frothlike volcanic glass, pumice is 
created when gas-saturated liquid magma erupts like a 
carbonated drink and cools so rapidly that the resulting 
foam solidifies into a glass full of gas bubbles. Pumices 
from silica-rich lavas are white, those from lavas with 
ne : | _ intermediate silica content are often yellow or brown, and 
Rhyolitic pumice A light- at À ; 
colored rhyolitic pumice with rarer silica-poor pumices are black. The hollows in the froth 
a frothy structure can be rounded, elongated, or tubular, depending on the 
flow of the solidifying lava. The 
glassy material that forms pumice 
can be in threads, fibers, or thin 
partitions between the hollows. 
Although pumice is mainly 
composed of glass, small e 
crystals of various minerals 


occur. Pumice has a low density Pumice stone 

Historic pumice A specimen due to its numerous air-filled Pumice is soft and easily 
of pumice from the Krakatoa E . shaped. Mildly abrasive, it 
eruption of 1883 pa For this reason, It can is often used to remove 

easily float in water. rough skin. 


l PROFILE 


Feldspar-rich, volcanic 


Extrusion of a silica-rich 
magma 


h 
® 
{SO Less than Ysein (0.1mm) 
[3 
Gs 


Quartz, potassium 
feldspar 


Glass, biotite, 
amphibole, plagioclase, 
pyroxene 


$4 Light to medium gray, 
light pink 


hard, flinty 
appearance 


Banded rhyolite 

This specimen of rhyolite 
has visible flow banding 
across its surface. 


Í VARIANT 


Porphyritic rhyolite 
Light-colored rhyolite with 
phenocrysts of quartz 
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flow banding 


Į 
RHYOLITE 


A rare volcanic rock, rhyolite is usually fine-grained. 
It is often composed largely of volcanic glass (pp.280-81). 
Individual grains of quartz (p.168), feldspar (pp.173-81), 
and mica may be present but are too small to be visible. 
The small size of these grains indicates that crystallization 
began before the lava flowed to the surface. Rhyolites 
sometimes have millimeter-scale phenocrysts of quartz, 
feldspar, or both. Specimens can also include iron- 
and magnesium-rich minerals, such as biotite (p.197) 

Or pyroxene and amphibole. The granitic magma from 
which rhyolite crystallizes is very viscous. Therefore, 
flow banding is often preserved and can be seen on 
weathered surfaces. Banded rhyolites have few or no 
phenocrysts. A rhyolite variant with tiny crystals arranged 
in radiating spheres is called spherulitic rhyolite. 

Rhyolite occurs with pumice (p.277), obsidian (p.280), 
and intermediate volcanic rocks, such as andesite (p.275). 
Rhyolites are almost exclusively confined to the interiors 
and margins of continents. 
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Porhyritic trachyte 

This specimen of fine-grained 
trachyte has phenocrysts of a 
dark mineral. 


| PROFILE 
AA Intermediate silica 
content, volcanic 


Extrusion of an alkaline 
intermediate magma 


Less than Yassin (0.1 mm) 


fine-grained texture 


Sanidine, oligoclase 


año © 


Feldspathoids, quartz, 
hornblende, 
pyroxene, biotite 


ava 
wav 


Off-white, gray, 
pale yellow, pink 


dark phenocryst 


E 
_ VARIANTS ij 


TRACHYTE 


The name trachyte comes from the Greek word trachys, 
which means “rough"—a reference to the rock's typical 
rough texture. Trachyte’s composition is dominated by 
alkali feldspar—a major component of the fine matrix and 
of the abundant phenocrysts that y 
are common in the rock. Dark, iron- 
and magnesium-rich minerals, 
such as biotite (p.197), pyroxene, 
and amphibole, can be present 
in small quantities. Trachyte is 
similar to rhyolite (p.278) in color 
and occurence, but it contains 
little or NO Quartz (p.168). 

Trachyte occurs on continents Hea | 
and oceanic islands with other Fl b 


Gray trachyte A fine- to 
medium-grained specimen 
of trachyte 


Porphyritic trachyte Light- 
colored trachyte with dark 
mineral phenocrysts 


volcanic rocks that are rich in alkali 
feldspars, have intermediate to 
high silica content, and are iron- 
and magnesium-rich. 


Trachyte stonework 
The cathedral in Morelia, in 
Mexico's Michoacán state, 
has ornate stonework of 
pink trachyte. 
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Icelandic obsidian 
PROFILE This classic specimen of obsidian 
l - from Iceland perfectly demonstrates 

ÅA Feldspar-rich, volcanic the rock's conchoidal fracture and 
($ Extrusion and rapid veo ls Aisen 

cooling of a silica-rich 

magma 
© Not granular 

conchoidal fracture glassy texture 

IL class 
[4 Hematite, feldspar 
$4 Black, red, 

brown 


vitreous luster 


VARIANTS 


OBSIDIAN 


The natural volcanic glass obsidian forms when lava 
Solidifies so quickly that crystals do not have time to form. 
Specimens are typically jet black, although the presence 


Vesicular obsidian of hematite (p.90) can produce red and brown variants. 
A specimen with white, The inclusion of tiny gas bubbles can sometimes create 


silicate-filled vesicles 


Snowflake obsidian (0.278) and are found on the outer 


A specimen with needlelike edges of rhyolite domes and flows. 
crystals in spherical aggregates 


a golden sheen. Tiny crystals of feldspar (pp.173-81) and 
phenocrysts of quartz (p.168) can also be present. 
Obsidian can show flow banding. 
Although obsidian can have any 
chemical composition, most specimens P 
have a composition similar to rhyolite | 


Like rhyolite, obsidian is also found 
BEN along the rapidly cooled edges 
obsidian of sills and dykes. Most obsidian Obsidian tear drop 
Obsidian IS relatively young, as the glass These polished obsidian 
with red cm nodules are called Apache 
gradually crystallizes into minerals 


hematite Tears after the tears of 
over a period of time. felled Apache warriors. 


PROFILE 


Extrusive 


Rapid cooling of basalt 
in a lava fountain 


Up to %2in (1mm) 
Basaltic glass 


None 


woo oF 


Brown, black 


Pele’s hair 

This unusual rock produced 
in volcanic eruptions is 
made up of hairlike fibers 
of volcanic glass. 


VARIANTS 


Pele's tear 

A small blob 

of volcanic glass elongated 
by airflow 


Golden hair A mass of fine, 
golden volcanic glass 


Long strands Particularly long 
strands of Pele's hair 
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fine, wispy texture 


pale brown color 


PELES HAIR AND TEARS 


Two of the more unusual kinds of extrusive volcanic 
rock are named after Pele, the Hawaiian goddess of 
volcanoes. The first of these is Pele's hair, which refers 
to threads or fibers of volcanic glass (pp.280-81) formed 
when small droplets of molten basaltic material are 
blown into the air and spun out by the wind into long, 
hairlike strands. Specimens are usually emitted from 
lava fountains, lava cascades, vents, and vigorous lava 
flows. They are generally deep yellow or golden in color. 
A single strand of Pele’s hair with a diameter of less than 
Mein (0.5mm) can be as long as 612ft (2m). Strands can 
be blown tens of miles away from the vent or fountain 
where they originated. 

The second variety of volcanic extrusive named after 
Pele is Pele’s tears, which are small blobs of volcanic 
glass formed in much the same way as Pele's hair. 
Specimens occur as spheres or tear drops that are jet 
black in color. They are frequently found on one end 
of a strand of Pele's hair. 


| PROFILE 


AA Volcanic 


& Pyroclastic accumulation 
of fine material 


LD %se-%ein (0.1-2mm) 
IN] Glassy fragments 

[4 crystalline fragments 
iS Light to dark brown 


stratified bedding 


Lithic tuff A specimen of tuff 
containing a high percentage 
of small rock fragments 


Crystal tuff A specimen of 
tuff containing a predominance 
of crystal fragments 


Bedded tuff A 
specimen of tuff 
that has fallen in 
distinct layers 


Tuff with graded bedding 
This tuff specimen from Ireland 
shows graded bedding, which 
occurs as a result of deposition 
in standing water. 


fine texture 


Any relatively soft, porous rock made of ash and 
other sediments ejected from volcanic vents that has 
solidified into rock is known as tuff. Most tuff formations 
include a range of fragment sizes and varieties. These 
range from fine-grained dust and ash (ash tuffs) to 
medium-sized fragments called lapilli (lapilli tuffs) to large 
volcanic blocks and bombs (bomb tuffs). Tuffs originate 
when foaming magma wells to the surface as a mixture 
of hot gases and incandescent particles and is ejected 
from a volcano. 

The conditions under which the ejected ash solidifies 
determine the final nature of the tuff. Tuffs can vary both 
in texture and in chemical and mineralogical composition 
because of variations in the conditions of their formation 
and the composition of the ejected material. If the 
pyroclastic material is hot enough to fuse, a welded tuff 
(called ignimbrite) forms at once. Other tuffs lithify slowly 
through compaction and cementation, and can stratify 
when they accumulate under water. 


Rhyolite breccia 

This specimen of volcanic breccia 
incorporates angular fragments of 
reddish rhyolite. 


Extrusive 


Mixing of liquid and 
solid material during 
crystallization of a 
basic magma 


Less than Yassin (0.1 mm), vesicular lava 


clasts %e-8 in (0.5-20 cm) 


Various 


Various 


Red, brown, black 


flow banding 
from original 
rhyolite deposit 


reddish rhyolite 
fragment 


-VARIANT | 


VOLCANIC BRECCIA 


These igneous rocks are formed either by the interaction 
of lava and scoria (p.276) or by the mixing of cooled 
lava and flowing lava. Volcanic breccia takes the form of 
inch-scale angular clasts, which may be rocks broken 
off the side of amagma conduit or rocks picked up off the 
Surface during a pyroclastic or lava flow. In certain types 
of lavas, especially dacite (p.274) and rhyolite (p.278) 
lavas, thick and nearly solidified lava is broken into 
blocks and then reincorporated into the flow of liquid 

lava. Flowing lavas can also pick up surface rocks and 
incorporate them into a solidified breccia. In explosive 
volcanoes, solidified lava may be reshattered numerous 
times to be reconstituted as breccias. 

Flowtop breccia commonly forms at the top of a lava 
flow where the moving lava picks up loose debris from 
previous eruptions and flows. It is especially common 
between basaltic lava flows, which may occur some time 
apart. Breccias are different from agglomerates (p.284), 
in which the clasts are rounded. 


Volcanic breccia A specimen 
of volcanic breccia that 
contains large clasts of 
other volcanics 
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| PROFILE 


small, igneous clast 
Extrusive 


Pyroclastic accumulation 
of coarse material 


Less than YVssin (0.1mm), 
clasts 316-8 in (0.5-20 cm) 


Igneous rock 
fragments 


None 


wi E © OF 


Various 


fine-grained ash 


Agglomerate specimen 

This specimen of agglomerate 
contains fine-grained ash and 
small clasts of other igneous rocks. 


jù «$1 
MW. 


VARIANT 
i 


añ AGGLOMERATE 


An agglomerate is a pyroclastic rock in which coarse, 

rounded clasts up to several inches long are set in a matrix 

of lava or ash. The clasts are fragments that may be 

derived from lava, pyroclastic rock, or country rock 

(the rock that surrounds or lies beneath a volcano). 

The rounding of the clasts may have occurred either 

in the magma during eruption or by later sedimentary 

reworking. The rounded nature of these clasts is the 

Carbonatite agglomerate key to designating the rock as an agglomerate rather 

A specimen of carpenante with | than as a volcanic breccia (p.283). In a volcanic breccia, 
most of the clasts are angular. 

One type of agglomerate, vent agglomerate, is the rock 
that plugs either the main vent or a satellite vent of a 
volcano. The outcrop of this rock is of limited extent 
and appears circular on a geological map. Like other 
agglomerates, vent agglomerate contains a variety of 
clasts of different sizes, Shapes, and compositions from 
the lava, other volcanic rocks, or country rocks. These 
clasts lie in a matrix of fine-grained igneous rock. 
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y] 


- PROFILE 


a 
© 


Extrusive green color 
from olivine 


Mid-air cooling of masses 
of silica-poor magma 


Y in-3YVft (2 cm-1m) 


Basalt 


None 


woo sE 


Dark shades of 
red, brown, 
or green 


Olivine-rich bomb 
Volcanoes that emit magnesium- 
and iron-rich lavas sometimes 
explosively hurl olivine-rich bombs, 
such as this one. 


- VARIANTS 


i 19 


VOLCANIC BOMB 


Formed by the cooling of a mass of lava while it 
flies through the air after eruption, a volcanic bomb 
is a pyroclastic rock. To be called a bomb, a specimen 
must be larger than 2% in (6.5cm) in diameter; smaller 
specimens are known as lapilli. Soecimens up to 20ft 
(6 m) in diameter are known. Volcanic bombs are usually 
brown or red, weathering to a yellow-brown color. 
Specimens can become rounded as they fly through 
the air, although they may also be twisted or pointed. 
They may have a cracked, fine-grained, or glassy surface. 
There are several types of volcanic bomb, which are 
named according to their outward appearance and 
structure. Spherical bombs are spheres of fluid magma 
pulled into shape by surface tension. Spindle bombs are 
formed by the same process as spherical bombs, except 


Spindle bomb Lava twisted 
by aerodynamic forces 


cracked 
outer 
surface 


Breadcrust 
bomb Bomb with 
crust that hardened 
before landing 


elongated 
shape 


Spik e 

T that their rotation in flight leaves them elongated. 
spindle bomb A breadcrust bomb forms if the outside of the lava bomb 
o solidifies during flight and develops a cracked outer 


surface while the interior continues to expand. 


connected to the positive battery terminal, 
and the anode is connected to the negative 


battery terminal. Therefore, the cathode is at 
a higher voltage than the anode. 

6 When the cathode is connected to a 
higher voltage level than the anode, the diode 
cannot conduct. In this case, the diode IS 
reverse- biased 

Question 

Draw a reverse-biased diode in the © circuit 
shown in Figure 2.7 . č —ć 

Figure 2.7 


Answer 

Your drawing should look something like 
Figure 2.8 

Figure 2.8- 


7 iIin many circuits, the diode is often 
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METAMORPHIC ROCKS 


Metamorphism occurs when an existing rock is subjected to 
pressures or temperatures very different from those under which 
it formed. This causes its atoms and molecules to rearrange 
themselves into new minerals in the solid state, without melting. 


DYNAMIC METAMORPHISM section of rock tectonic 
There are three different ways deep in Earth's crust p compression 
in which metamorphic rocks 

are formed. The first of these is 
dynamic metamorphism. This 
occurs as a result of large-scale 
movements in Earth's crust, 
especially along fault planes 

and at continental margins where 
tectonic plates collide. The resulting 
mechanical deformation produces 
angular fragments to fine-grained, 
granulated, or powdered rocks. These 


rocks are characterized by a foliated Dynamic metamorphism 


. . . . Tectonic forces transform sedimentary rocks by dynamic 
Il which mineral Si metamorphism. Rock strata fold and cleavages develop 


EO 

vertical, slaty cleavage 
forms at right angles to 
forces of compression 


align as parallel plates. as minerals align themselves due to the pressure. 
REGIONAL METAMORPHISM metamorphic rocks include slates, 
The second type of metamorphism is the schists, and gneisses. Which rock forms 
formation of regional metamorphic rocks. depends on the existing rock, the 
These are associated with mountain temperatures and pressures to which 


building through the collision of tectonic it is Subjected, and the time spent 
plates. This process increases temperature under those conditions. At the extremes, 


and pressure over an area of thousands low temperature and pressure produces 
of square miles, producing widespread Slates; high temperature and pressure 
metamorphism. Important regional produces gneisses. 


Ancient metamorphic rocks 
The Elk Mountains in Colorado, USA, have extensive 
areas of metamorphic rock, including schists 
and gneisses thought to have metamorphosed 
1.7-1.9 billion years ago. 
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eroded 
landscape 


existing rock changed 
by hot intrusion 


CONTACT METAMORPHISM 


The third type of metamorphism is 
contact metamorphism or thermal 
metamorphism. This type occurs 
mainly as a result of increases in 
temperature, not in pressure. It is 
common in rocks near an igneous 
intrusion. Heat from the intrusion 
alters rocks to produce an “aureole” 
of metamorphic rock. The rocks 
nearest the intrusion are subjected 
to higher temperatures than those 
farther away, resulting in concentric 
zones of distinctive metamorphic 
rocks. The minerals of each zone 
depend on the original composition 
of the host rocks. 


CHANGING CHARACTERISTICS 
Metamorphism is said to be low grade if 
it occurs at relatively low temperature and 
pressure and high grade at the intense 
end of the temperature and pressure 
range. The assemblages of minerals in 
rocks are affected differently depending 
on the grade of metamorphism and the 
relative importance of pressure and 
temperature in the reaction. In some 
low-grade reactions, the components of 


p= = + 
= a 


=- 
uee 


granite 
intrusion 


AAA 7 
ws Sa ee Mig 


zones of decreasing 
heat and metamorphism 


Contact metamorphism 

A large intrusion of an igneous rock, such as granite, 
releases heat into the surrounding rocks, altering 
their mineral content. 


existing mineral assemblages are simply 
redistributed. In other reactions at higher 
temperatures and pressures, components 
combine with others present in the rock to 
form an entirely new set of minerals. 


Shale to gneiss 

This Sequence shows how shale, a sedimentary rock, 
can be metamorphosed into various other rocks by 
the application of increasingly high degrees of heat 
and pressure (from left to right). 


SCHIST 


a "a EN 
a? 


288 ROCKS | METAMORPHIC ROCKS 


| PROFILE | 


Ay Regional metamorphic 


| 


& High-grade metamorphism | 


of rocks containing 
quartz and feldspar 


High 

High 

Foliated, crystalline 
Ve in (2-5 mm) 
Quartz, feldspar 


Biotite, hornblende, 
garnet, staurolite 


[a Bo E M eo 


wav 


Gray, pink, multicolored 


La AA 
a 


Granodiorite, mudstone 
granite, shale, siltstone, 
or felsic volcanics 


dark biotite 


pale e 
feldspar uy | 


Banded gneiss 

This specimen of classic gneiss 
shows foliated banding of light 
and dark minerals. 


i VARIANTS 


Folded gneiss A specimen 
with alternating mineral bands 
and typical folding 


Orthogneiss Gneiss from 
metamorphosed igneous rocks 


Augen gneiss 
A specimen 
with large 
“eyes” of 
light-colored 
feldspar 


GNEISS 


Distinct bands of minerals of different colors and grain 
sizes characterize this metamorphic rock. In most gneisses, 
these bands are folded, although the folds may be too 
large to see in hand specimens. Gneiss is a medium- to 
coarse-grained rock. Unlike schist (pp.291-92), its foliation 
is well developed, but it has little or no tendency to split 
along planes. Most gneisses contain quartz (p.168) and 
feldspar (pp.173-81), but neither mineral is necessary for 
a rock to be called gneiss. Larger crystals of metamorphic 
minerals, such as garnet, can also be present. 

Gneiss makes up the cores of many mountain ranges. 
It forms from sedimentary or granitic (pp.258-59) rocks 
at very high pressures and temperatures (1,065°F/575°C 
or above). A variety called pencil gneiss has rod-shaped 
individual minerals or mineral aggregates. In augen gneiss, 
the augens or “eyes” are single-mineral, eye-shaped grains 
that are larger than other grains in the rock. Orthogneiss is 
gneiss derived from igneous rock, and paragneiss is gneiss 
derived from sedimentary rock. 
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| PROFILE 


Ay Dynamic thrust zones 


@ Stretching of a rock ina 
large fault 


Q Low 

Shearing stress 

fs! Streaked out 

{© Less than vein (2mm) 


foliation 


IN As surrounding rock 
[9 As surrounding rock 
ar, i 

ee As surrounding rock 


<q Surrounding rock 


Deformed mylonite 

The folded bands in this mylonite 
specimen indicate that it has been Pe 
subjected to extreme deformation. pale mylonite 


VARIANT 


MYLONITE 


The term mylonite refers to fine-grained rocks with 
streaks or rodlike structures produced by the ductile 
deformation, or stretching, of mineral grains. This 
classification is based only on the texture of the rock, 
and specimens can have different mineral compositions. 
Mylonite with a large percentage of phyllosilicate 
minerals, such as chlorite or mica, is known as phyllonite. 
Granular mylonite When mylonite is hard, dark, and so fine that it has the 
e Sed ae appearance of streaky flint, it is known as ultramylonite. 

Although generally fine grained, a few mylonites are 
coarse grained and often sugary in appearance. These 
are referred to as blastomylonites. 

There are many different views on the formation of 
mylonite. It is typically produced in a zone of thrusts or 
low-angle faults. Fine-grained mylonites may have been 
produced by recrystallization under pressure. The fact 
that mylonite grains are stretched rather than sheared 
makes it evident that the rock has softened in the 
metamorphic process. 
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light quartz 
PROFILE and feldspar 


Regional metamorphic 


SF 


Partial melting of rocks 
containing quartz and 
feldspar 


High 

High 

Foliated, crystalline 
Vs in (2-5 mm) 
Quartz, feldspar, mica 
Various 


Banded light and dark 
gray, pink, white 


a Lal BO E Ml en 


A 
M 


Various, including granite 


dark gneissic 
component 


Mixed migmatite 

The mixing of light igneous 
and dark metamorphic mineral 
elements is evident in this 
specimen of migmatite. 


i 
MIGMATITE 


The term migmatite means “mixed rock” and refers to 
rocks that consist of gneiss (p.288) or schist (pp.291-92) 
interlayered, streaked, or veined with granite (pp.258-59). 
The granitic parts consist of granular patches of quartz 


i VARIANTS 


Partial melting Migmatite (p.168) and feldspar (pp.173-81), and the gneissic parts 


with a snakelike vein of consist of quartz, feldspar, and dark-colored minerals. 
granite, which indicates 


partial melting 


The granite streaks are a result of the partial melting of the 
parent rock at temperatures below the melting point 
of the schist or gneiss. The layering may be tightly 
folded as a result of softening during heating. Migmatites 
occur at the borderline between igneous and 
metamorphic rocks. 

A The rock forms near large intrusions of granite when 
Migmatite folding some of the magma has intruded into the surrounding 
A specimen of migmatite with metamorphic rocks. Commonly, migmatite occurs 
n dl within extremely deformed rocks that once formed the 

bases of eroded mountain chains. It forms deep in 

the crust at high temperatures (1,065°F/575°C or above) 
and pressures. 


PROFILE 


Regional metamorphic 


Regional metamorphism 
of fine-grained sediments 


Low to moderate 
Low to moderate 
Foliated 

Yase—Vie in (0.1-2 mm) 


Quartz, feldspar, mica 


GRoHMe oF 


Garnet, hornblende, 
actinolite, graphite, 
kyanite 


% Silvery, green, blue 


< 

% 

<d Mudstone, siltstone, 
shale, or felsic volcanics 


wavy folds 
picked out by 
mineral bands 


Í VARIANTS 


Muscovite schist A specimen 
of schist dominated by white 
muscovite mica 


Blue schist Schist colored 
blue by glaucophane 


Kyanite schist 
Small, blue 
blades of 
kyanite in 
schist 


E 
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dark biotite pale muscovite 


Folded schist 
The wavy surface of this schist 
shows the small-scale distortions 
produced during its formation. 
It has split along its mica bands. 


SCHIST 


This metamorphic rock has a flaky 
and foliated texture. Specimens have 
wrinkled, wavy, or irregular sheets 
as a result of the parallel orientation 
of the component minerals. Schist 
shows distinct layering of light- and 
dark-colored minerals. The mineral 
assemblage varies, but mica is usually 
present. Most schists are composed 
of platy minerals, such as chlorite, 
graphite (p.46), talc (p.193), muscovite 
(p.195), and biotite (p.197). The 
mineral composition of a schist 
depends on its protolith or original 
rock and its metamorphic 
environment. The mineral 
assemblage can thus be used 

to determine the metamorphic 
history of the rock. 


Indian schist carving 
Although its texture and 
composition are often 
uneven, schist is sometimes 
used as a carving material. 
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PROFILE 


Regional metamorphic 


SF 


Medium-grade 
metamorphism 
of silica-rich rocks 


Low to moderate 
Moderate 
Foliated 

Vs in (2-5 mm) 


Muscovite, biotite, garnet 


[al Bo E M eo 


Feldspar, staurolite, 
sillimanite, kyanite, 
cordierite 


% Light to dark 


a 
% 
<q Silica-rich rocks 


garnet 
porphyroblast 


Garnet porphyroblasts 
Garnet is commonly present 
in schists, forming large 
crystals called porphyroblasts, 
as seen here. 


f VARIANTS 


Garnet-chlorite schist 
Garnet porphyroblasts in 
chlorite schist 


Garnet-muscovite-chlorite 
schist Garnet porphyroblasts 
in a specimen of muscovite- 
chlorite schist 


wavy foliation 


GARNET SCHIST 


Like other schists, garnet schist is a metamorphic rock 
with a characteristic texture: wrinkled, irregular, or wavy 
as a result of the parallel orientation of its component 
minerals, such as chlorite, graphite (p.46), talc (p.193), 
muscovite (p.195), and biotite (p.197). In garnet schist, 
garnet occurs as porphyroblasts, which are large crystals 
setin a metamorphic matrix with other smaller crystals. 
The resulting texture is called porphyroblastic. The 
equivalent texture in igneous rocks is called porphyritic. 
Garnet schist is widespread and usually forms from 
the metamorphism of fine-grained sediments, especially 
during the formation of mountains. The mineral assemblage 
in garnet schist, like in other schists, helps determine both 
the environment in which the original rock formed and 
its metamorphic history. Other porphyroblastic schists— 
such as staurolite schist, corundum schist, kyanite 
schist, muscovite schist, biotite schist, and schists of 
other metamorphic minerals—are indicative of other 
metamorphic histories. 


j 
E 


| PROFILE 


Regional metamorphic 


oF 


Low-grade regional 
metamorphism of 
fine-grained sediments 


Low 

Low 

Foliated 

Less than “sein (0.1mm) 
Quartz, mica, feldspar 
Pyrite, graphite 


Various 


2 o 1 BO E M e 


Mudstone, siltstone, 
shale, or felsic 


volcanics 


VARIANTS 


Chiastolite 
slate High- 
temperature 
Slate with 
chiastolite 
crystals 


Spotted slate Slate with small 
aggregates of carbon 


Pyrite Slate with pyrite grains 
and porphyroblasts 
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Welsh slate 
This dark gray specimen is from 

Wales, Britain's principal source of 
Slate. In the USA, slate is quarried 
in Pennsylvania and Vermont. 


fissile splitting 


fine grains foliated structure 


SLATE 


A fine-grained metamorphic rock, slate occurs in a 
number of colors that depend on the minerals in the 
original sedimentary rock and the oxidation conditions 
under which that rock formed. Slate has a characteristic 
cleavage that allows it to be split into relatively thin, flat 
sheets. This is a result of microscopic mica crystals that 
have grown oriented in the same plane. True slates split 
along the foliation planes formed during metamorphism, 
rather than along the original sedimentary layers. 

Slate is common in regionally 
metamorphosed terrains. It forms 
when shale (p.313), mudstone 
(0.316), or volcanic rocks rich 
in silica are buried as well as 
Subjected to low pressures and 
temperatures (Up to 400°F/200°C). School slate 
The ability of slate to split into thin This child's school slate is 

me from Victorian times. In the 
sheets makes it ideal as a durable 


past, all school “blackboards” 
roofing material. were made from slate. 
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i PROFILE 


Ay Regional metamorphic 


® Regional metamorphism 
of fine-grained sediments 


Low to moderate 

Low 

Foliated 

Less than Yassin (0.1 mm) 


Quartz, feldspar, chlorite, 
muscovite mica, graphite 


dd Bom e 


Tourmaline, andalusite, 
cordierite, biotite, 
staurolite 


sa Silvery to greenish gray 


<d Mudstone, siltstone, 
shale, or felsic volcanics 


flat Surface 


Irregular surface 

This example of phyllite shows 
bands of minerals and a cleaved 
surface that is more irregular than 
that found in slate. 


VARIANTS 


Coarse foliation An example 
of coarsely foliated phyllite 


Alternating minerals Phyllite 
with bands of minerals 


Garnet porphyroblasts Small, 
dark garnets on foliated surface 
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sheen on surface dark phyllite 


PHYLLI TE 


Like slate (p.293), phyllite is a fine-grained metamorphic 
rock that is usually gray or dark green in color. It has a 
shinier sheen than slate because of its larger mica crystals. 
The rock has a tendency to split in the same manner as 
slate because of a parallel alignment of mica minerals. 
However, the split surfaces are more irregular than in slate, 
and phyllite splits into thick slabs rather than thin sheets. 
Many phyllite specimens have a scattering of large crystals 
called porphyroblasts, which grow during metamorphism. 
The rock is often deformed into folds a couple of inches 
wide and is veined with quartz (p.168). Biotite (p.197), 
cordierite (p.223), tourmaline (p.224), andalusite (p.236), 
and staurolite (p.239) are commonly found in phyllite. 

This rock occurs in both young and old eroded mountain 
belts in regionally metamorphosed terrains. It forms when 
fine-grained sedimentary rocks, such as shales (p.313) or 
mudstones (p.316), are buried and subjected to relatively 
low pressures and temperatures (up to 400°F/200°C) for a 
long period of time. 
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| PROFILE À 


Aw Regional metamorphic 


(Y Regional metamorphism 
of orthoquartzite 


A High 

Low to high 

fs! Crystalline 

SƏ Yin (2-5mm) 


Quartz 
[Ħ Mica, kyanite, sillimanite 
ap, 

» $ Almost any 
<(d sandstone 


interlocking 
grains 


crystalline quartz 


Crystalline metaquartzite 
The metamorphic variety of 

quartzite is a crystalline rock 
with over 90 percent quartz. 


VARIANTS o | p 


y” QUARTZITE 


This quartz-rich metamorphic rock is usually white 
to gray when pure. Specimens can be various shades 
of pink, red, yellow, and orange when mineral impurities 
are present. Quartzite is very hard and brittle and 
a shows conchoidal fracture. It usually contains at least 
with a very high percentage 90 percent quartz (p.168). 
of quartz Metamorphic quartzite, or metaquartzite, forms 
when sandstone (p.308) is buried, heated, and squeezed 
into a solid quartz rock. It is found with other regional 
metamorphic rocks formed during the shifting of Earth’s 
tectonic plates. Quartzite can also refer to sedimentary 
sandstone converted to a much denser form through 
E the precipitation of silica cement in pore spaces. The 
Gray metaquartzite two types of quartzite can be distinguished by examining 
A specimen that reflects the grains under a microscope: metamorphic quartzite 
EN consists of interlocking crystals of quartz, whereas 
sedimentary quartzite, or orthoquartzite, contains rounded 
quartz grains. Crushed quartzite is often used as railroad 
ballast and in the construction of roads. 


considered to be a perfect diode to simplify 
calculations. A perfect diode has zero voltage 
drop in the forward direction and conducts no 
current in the reverse direction. 


Question 

From your knowledge of basic electricity, what 
other component has zero voltage drop 
across its terminals in one condition and 
conducts no current In an alternative 
condition? 

Answer 

The = mechanical switch. When closed, it has 
no voltage drop across its terminals, and 
when open, it conducts no current. 

8 A forward-biased perfect diode can thus be 
compared to a closed switch. It has no 


voltage drop across its terminals, and current 
flows through it. 


A reverse-biased perfect diode can be 
compared to an open switch. No current 
flows through it, and the voltage difference 
between its terminals equals the supply 
voltage. 

Question 

Which of the switches shown in Figure 2.9 
performs like a forward-biased perfect — 
diode? — 

Figure 2.9 


(1) (2) 
Answers 
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PROFILE 


A Regional metamorphic 


@& High-grade 
metamorphism 
of silica-poor 
igneous rocks 


A Low to moderate 
temperatures (up 
10) 1,065" F/575°C) 


ES Low to moderate 

E Foliated, crystalline 

JO) /s-%sin (2-5 mm) 

IN Hornblende, tremolite, 
actinolite 


Feldspar, calcite, 
garnet, pyroxene 


Gray, black, greenish 


ar, 

OS 

<d Basalt, graywacke, 
dolomite 


amphibole crystal 


Amphibolite composition 
Although it comprises mainly 
amphibole minerals, amphibolite 
can also contain feldspar, garnet, 
pyroxene, and epidote. 


Í VARIANTS 


Light-colored 
amphibolite 

An unusual 
amphibolite 

with light-colored 
minerals present 


Hornblende-rich amphibolite 
A hornblende-rich specimen 
of amphibolite 


Green 
amphibolite 
Amphibolite 

with many garnet 
porphyroblasts 


coarse texture 


AMPHIBOLITE 


As the name suggests, amphibolites are dark-colored, 
coarse-grained rocks that are dominated by amphiboles: 
the black or dark green hornblende (p.218) and the 
green tremolite (p.219) or actinolite (p.220). Specimens 
may contain grains of calcite (p.114), feldspar (pp.173-81), 
and pyroxene and large crystals of minerals such 

as garnet. Except for garnet, the mineral grains in 
amphibolite are usually aligned. The rock can also 
show banding. 

Amphibolites form from the metamorphism of iron- 
and magnesium-rich igneous rocks, such as gabbros 
(p.265), and from sedimentary rocks, such as graywacke 
(p.317). They comprise one of the major divisions of 
metamorphic rocks as classified by their mineral 
assemblages. These rocks form under conditions of 
low to moderate pressures and temperatures (up to 
1,065°F/575°C). Amphibolites are used in building 
roads and in other aggregates where high degrees 
of strength and durability are required. 


PROFILE 
A Regional metamorphic 
@ High-grade 
metamorphism of 
silica-poor igneous rocks 


High temperatures 
(1,065°F/575°C or above) 


High 
Crystalline 
VYie—%isin (2-5 mm) 


Feldspar, quartz, 
garnet, pyroxene 


Spinel, corundum 


wll Mom e 


Gray, pinkish, 
brownish, mottled 


A 
N 


Felsic igneous and 
sedimentary rocks 


plagioclase feldspar 


Unfoliated rock 

Unlike many other regionally 
metamorphosed rocks, granulite is 
characterized by a lack of foliation. 


Í VARIANT 


porphyroblast 


Light-colored granulite This 
specimen of granulite has 
numerous porphyroblasts 
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fine matrix 


p 
GRANULITE 


This metamorphic rock is named for its even-grained, 
granular texture. Specimens are typically tough and 
massive. Granulite has a high concentration of pyroxene, 
with diopside (p.210) or hypersthene, garnet, calcium 
plagioclase, and quartz (p.168) or olivine (p.232). It has 
nearly the same minerals as gneiss (p.288) but is finer- 
grained and less perfectly foliated, and has more garnet. 
Formed at high pressures and temperatures (1,065°F/ 
575°C or above) deep in Earth’s crust, granulites are 
characteristic of the highest grade of metamorphism. 
Rocks formed under these conditions belong to a category 
of metamorphic rocks known as the granulite facies. 
Mineral groups such as micas and amphiboles cannot 
Survive at the high metamorphic grade under which 
granulites form and are converted into pyroxenes and 
garnets. Most granulites date from the Precambrian Age, 
which ended over 500 million years ago. They are of 
particular interest to geologists because many of them 
represent samples of the deep continental crust. 
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Ay Regional 


$ Water-rich, low-grade 
metamorphism of 
olivine-rich rocks 


Low temperatures 
(up to 400°F/200°C) 


Low 
Nonfoliated 


Less than V.séin 
(0.1mm) 


Serpentine 


WE OHM e 


Chromite, magnetite, 
talc 


Medium to dark 


wav 


Olivine-rich 
igneous rocks 


A Ma 
A 


mottled, patchy 
texture 


Grainy serpentinite 
This example of serpentinite 
clearly shows its fine grains. 


i VARIANT 


Alpine serpentine Red and 
green serpentinite streaked 
with calcite from the Alps 


easily seen 
coarse grain 


| E 
SERPENTINITE 


An attractive rock, serpentinite is composed of 
serpentine (p.191) and other serpentine-group minerals. 
It commonly has flowing bands of various colors, 
especially green and yellow. Serpentine minerals form 
by a metamorphic process called serpentinization that 
alters olivine and pyroxene-rich, silica-poor igneous 
rocks. This process occurs at low temperatures (up 
to 400°F/200°C) and in the presence of water. The 
original minerals are oxidized to produce serpentine, 
magnetite (p.92), and brucite (p.105). The degree to 
which a rock undergoes serpentinization depends on 
the composition of the parent rock and the mineral 
composition of its components, especially its olivine 
(p.232). For example, fayalite-rich olivines serpentinize 
differently than forsterite-rich olivines. 

Serpentinite is used as a decorative stone since it can 
be easily cut and polished. It is also mixed into concrete 
aggregate and used as a dry filler in the steel shielding 
jackets of nuclear reactors. 
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> Distributed eclogite grains 
PROFILE | Eclogites, such as this one with 
- red garnet and green pyroxene, 
Regional are formed under great pressure, 
High-pressure and are thought to originate in o 


metamorphism of the mantle. de | garnet 
silica-poor igneous rocks = jr t 


SE 


High temperatures 
(1,065°F/575°C or above) 


High 


Foliated, crystalline 
Mee in (2-5 mm) 


Pyroxene, garnet 


Kyanite, quartz, olivine, 
diopside 


MOM e 


Various colors 


way 


Silica-poor igneous rocks 


A \/\ 


yo 


green omphacite 


| VARIANTS 


ECLOGITE 


A rare but important rock, eclogite is formed 

only by conditions typically found in the mantle or the 
lowermost and thickest part of the continental crust. 
Its overall chemical composition is similar to that of 

i igneous basalt (p.273). It is a beautiful, coarse-grained, 
Mantle rock Eclogite with dense rock of bright red garnet and contrasting bright 
garnet porphyroblasts green omphacite—a pyroxene characteristic of 
high-temperature metamorphism. Diopside (p.210) and 
olivine (p.232) are commonly present as well. Eclogite 
grains may be evenly distributed or banded. 

Eclogite forms at very high temperatures (1,065°F/575°C 
or above) and pressures from silica-poor igneous rocks. 
Many investigators believe that eclogite is characteristic 
of a considerable portion of the upper mantle. When 
brought upward into the crust, eclogites are mainly 
found as xenoliths (foreign inclusions) in igneous rocks 
Fine-grained eclogite and as isolated blocks up to 330ft (100m) wide in other 
le ce ees metamorphic rocks. Although rare, diamonds (p.47) may 

į occur in eclogites. 
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=" Soapstone specimen 
] This specimen of soapstone 


Regional 


S y 


Metamorphism of 
serpentine in presence 
of water 


Low temperatures (up 
to 400°F/200°C) 


Low 
Foliated 


Less than sein 
(0.1mm) 


Talc 


Chlorite, 
magnesite 


WA OHM e 


ava 
way 


White, green, 
brown, black 


Serpentine 


A 
M 


greasy luster 


Foliated 
soapstone 
Soapstone 
with visible 
foliation 


Flaky soapstone Soft 
soapstone with 
a flaky surface 


Green 
soapstone 
A specimen 
of soapstone 
consisting 
primarily of 
green talc 


shows the foliation of the 
original talc. 


massive habit 


~ } SOAPSTONE 


| Also known as steatite, soapstone is a fine-grained, 
massive rock. Talc (p.193), one of the softest minerals, is 
its principal component. Soapstone specimens are easily 
recognized by their softness: they have a greasy feel and 
can be scratched with a fingernail. Soapstone may also 
contain varying amounts of amphiboles, such as 
anthophyllite (p.216) and tremolite 
(p.219), and chlorites. Soecimens 
can be green, brown, or black 
when polished, but they become 
white when scratched. 

Soapstone is found associated 
with other metamorphosed silica- 
poor igneous rocks, such as 
serpentinite (p.298). It is Used in 
fireplace surrounds because it Lion dog seal 
absorbs and distributes heat Soapstone, such as that 

e used in this Chinese seal, 
evenly. It is also carved into molds 


has been used to carve 
for soft-metal casting. ornaments for millennia. 


iron-oxide 
cement 


hematite 
vein 


i VARIANTS 


Olivine 
marble 
Marble with 
small crystals 
of olivine 


Green marble A specimen 
of marble colored by green 
silicate minerals 


Gray marble Marble from 
relatively pure limestone 
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Marble breccia 

This specimen of marble has been | PROFILE | 

cracked and shattered, the veins - = 

infilled, and fragments recemented AM Regional or contact 

with iron- and calcium-rich cement. metamorphic 

® Contact or regional 
metamorphism of 
limestone or dolomite 


High temperatures 
(1,065°F/575°C or above) 


marble fragment Low to high 
Crystalline 
Up to Yin (2cm) 


Calcite 


WORM e 


Diopside, tremolite, 
actinolite, dolomite 


White, pink 


ava 


a WW 


Limestone, dolomite 


MARBLE 


A granular metamorphic rock, marble is derived 
from limestone (p.319) or dolomite (p.320). It consists 
of a mass of interlocking grains of calcite (p.114) or the 
mineral dolomite (p.117). 

Marbles form when limestone buried deep in the older 
layers of Earth's crust is Subjected to heat and pre ue 
from thick layers of overlying 
sediments. It may also form as a 
result of contact metamorphism 
near igneous intrusions. Impurities 
in the limestone can recrystallize 
during metamorphism, resulting 
in mineral impurities in the 
marble, most commonly graphite 
(p.46), pyrite (0.62), quartz 
(p.168), mica, and iron oxides. Taj Mahal, India 
In sufficient amounts, these can The Taj Mahal is built of 

Makrana—a white marble 
affect the texture and color of 


that changes hue with 
the marble. the angle of the light. 
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brown calcite 


PROFILE 


Contact 


SFE 


Contact metamorphism 
of limestone 


High temperatures 
(1,065°F/575°C or above) 


ES Low 
fs! Crystalline 
LD Y%s6-%in (0.1-20mm) 
BA calcite 


Garnet, serpentine, 
forsterite, vesuvianite 


5 variegated 


<q Limestone, 
dolomite 


Skarn specimen 
This specimen of skarn with 
calcite and dark minerals shows 
the rock’s typical veined and diopside and 
banded appearance. tremolite 


i VARIANT | i 
SKARN 


This rock is a product of the contact metamorphism 
of limestone (p.319) or dolomite (p.320) by an igneous 
intrusion, often granite (pp.258-59), with an intermediate 
or high silica content. Hot waters derived from the granitic 
magma are rich in silica, iron, aluminum, sulfur, and 
magnesium. When limestone or dolomite is invaded 
by this high-temperature hydrothermal solution, the 
Garnet in skarn A uvarovite carbonate minerals calcite (p.114) and dolomite react 
Syne op somes strongly with the slightly acid solution. The elements 
carried in the solutions combine with the calcium and 
magnesium in the parent rock to form silicate minerals, 
such as diopside (p.210), tremolite (p.219), and andradite. 
The resulting rock is Usually a highly complex combination 
of calcium-, magnesium-, and carbonate-rich minerals. 
Skarn minerals can be fine- to medium-grained. They 
also occur as coarse, radiating crystals or bands. Some 
Skarns are rich in metallic ores and form valuable deposits 
of metals, including gold (p.42), copper, iron, tin, lead, 
molybdenum, and zinc. 
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PROFILE 


Ay Contact metamorphic 


($ Contact metamorphism 
of fine-grained sediment 


@ Moderate to high 
temperatures (400°F/ 
200°C or above) 


ES] Low to high 
al Crystalline 
{Less than Yassin (0.1mm) 


Hornblende, plagioclase, 
andalusite, cordierite, 
and others 


Magnetite, apatite, 
titanite 


5 Dark gray, brown, 
greenish, reddish 


<(d Almost any rock 


dark, pyroxene crystals 


Pyroxene hornfels 

In this specimen of hornfels, 
dark porphyroblasts of pyroxene 
can be seen. 


f VARIANTS A 
Garnet 
homels HORNFELS 
A specimen . i 
colored red by Formed by contact metamorphism close to igneous 
garnet crystals 


intrusions at temperatures as high as 1,300°-1,450°F 
(700°—800°C), hornfels can form from almost any parent 
rock and is notoriously difficult to identify. Its composition 
depends on the parent rock and the exact temperatures 
and fluids to which the rock is exposed. Specimens are 
usually dense, hard, and hard to break. They are fine- 
T eske Tp TETE grained and relatively homogeneous, with a conchoidal, 
a a flintlike fracture. The rock may sometimes appear glassy. 
quartz, and mica The color is usually even throughout, although specimens 
may also be banded. 

Hornfels is often categorized by the mix of minerals 
present in the specimen. Garnet hornfels, for example, 
is characterized by large crystals of garnet set into a rock 
matrix. Cordierite hornfels contains large crystals 
of cordierite (p.223) that can be up to several inches 
Chiastolite hornfels Hornfels in diameter. An outcrop of hornfels rarely extends more 
sa as oe i Oa than a few yards from the contact and may pass 

outward into spotted slate. 
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SEDIMENTARY ROCKS 


Sedimentary rocks are formed at or near Earth's surface either by 
accumulation of grains or by precipitation of dissolved material. These 
rocks make up the majority of the rock exposed at Earth's surface, but 
are only about 8 percent of the volume of the entire crust. 


LITHIFICATION 
The transformation of loose grains of 
sediment into clastic sedimentary rock 
is known as lithification. The grains are 
often bound together by a cementing 
agent, which is generally precipitated from 
solutions that filter through the sediment. 
In some cases, the cementing agent is 
created at least in part by the breakdown 
of some rock particles of the sediment 
itself. The most common cement is silica 
(usually quartz), but calcite and other 
carbonates as well as iron oxides, barite, 
anhydrite, zeolites, and clay minerals also 
form cements. The cementing agent 
becomes an integral and important part 
of the sedimentary rock once it is formed. 
In some cases, clastic sedimentary rocks 
(See Opposite) can also be formed by simple 
compaction—a process in which the grains 
bind together under extreme pressure. 
Lithification can sometimes take place 
almost immediately after the grains have 
transported by 
water, wind, 


ice, and i 
gravity Wag 


particles in ocean 
water settle to form 


seafloor sediments ; 
uplift exposes 


sedimentary rock 


transport by 
ocean currents 


settling 
grain 


water 


Sedimentary 
aggregations 

Deposited by wind and 
water, mineral grains form 
loose sediments. Over time, 
these grains are lithified— 
compacted or cemented— 
until they form solid rock. 


substrate cement 


been deposited as sediment. In other 
cases, hundreds or even millions of 
years may pass by before lithification 
occurs. At any given time, there are large 
amounts of rock fragments that have 
been produced by weathering but have 
not been lithified and simply exist as a 
form of sediment. 


weathering and erosion 


evaporite deposits form in 
basins on land 


transported by water 


burial and lithification 


different kinds of 
sediment accumulate 
in distinct layers 


Sedimentary rock formation 

The formation of sedimentary rocks 
begins with weathering and erosion. 
This creates sediments that are 
transported to basins on land or to 
seas and lakes, where deposition, 
burial, and lithification take place. 


CLASTIC ROCKS 
Clasts are rock fragments ranging in size 
from boulders to microscopic particles. 
Clastic sedimentary rocks are grouped 
according to the size of the clasts from 
which they form. Larger clasts such as 
pebbles, cobbles, and boulder-sized gravels 
form conglomerate and breccia; sand 
becomes sandstone; and finer silt and clay 
particles form siltstone, mudstone, and 
Shale. The mineral composition of clastic . 
sedimentary rocks. They consist of 
rocks can be subject to considerable large pebble-sized or larger grains, bound 
change over time. pebble together by a cementing matrix. 


cementing 
agent 


Conglomerate 
Conglomerates are 
the most coarse-grained 


CHEMICAL ROCKS 

Chemical sedimentary rocks are formed 

by the precipitation of the transported, 
dissolved products of chemical weathering. 
In some cases, the dissolved constituents 
are directly precipitated as solid rock. 
Examples include banded iron formations, 
some limestones, and bedded evaporite 
deposits—rocks and mineral deposits of 
soluble salts resulting from the evaporation 
of water. In other sedimentary rocks, such 
as limestone and chert, solid material e de 
first precipitates into particles or becomes White Cliffs of Dover 


the shells of j hich th Located near the town of Dover in Kent, England, 
a the celebrated White Cliffs of Dover are spectacular 


deposited and lithified. deposits of chalk many feet thick. 
FOSSILS plants and animals. After an organism 
A fossil is a remnant, impression, or trace dies, the soft parts decompose, leaving 
of an organism that lived in a past behind only the hard parts—the shell, 
geologic age. Fossils are preserved teeth, bones, or wood. Buried in layers 
almost exclusively in sedimentary rocks. of sediment, the hard parts gradually 
The most common fossils are of aquatic turn to stone. In a process known as 
permineralization, water seeps through the 

chalk surrounding a E 

o clearly visible rock, depositing mineral salts in the pores 

body of spines 


of the shell or bone, thereby fossilizing the 
remains. In some cases, the organic matter 
is completely replaced by minerals as it 
decays. In other cases, circulating acid 
solutions dissolve the original shell or bone, 
leaving a cavity of identical shape, which is 
filled in as new material is deposited in the 
cavity, creating a cast. 


sea urchin 


Fossil in chalk 

Large sea urchin fossils, such as this well-preserved 
example, are usually found in chalk, which is itself made 
up of the fossils of tiny marine organisms. 


Switch (2) represents a Closed switch and, 
like a  forward-biased perfect diode, allows 
current to flow through it. There is no voltage 
drop across its terminals. 

Project 2.1: The Diode 

If you have access to electronic equipment, 

you may want to perform the simple project 
described in the next few problems. If this is 
the first time you have tried such a project, 
get help from an instructor or someone who 
is familiar with electronic projects. 

When building electronic circuits, eventually 
you'll make a mistake (as all of us do), and 
sometimes those mistakes cause circuits to 
fry. If you smell hot electronic components, 

disconnect the battery from the circuit, and 
then check the circuit to determine what 
connections you should change. 


When fixing a circuit, follow some simple 
safety rules. Do not try to rearrange 

connections with the battery connected 

because you may short leads together. 

Also, don't touch bare wires with live 
electricity. Even with batteries, you have a 
chance of being burned or seriously injured. 
If your skin is wet, it forms an electrical 
connection with lower resistance, allowing 
more current to flow, potentially injuring you. 

If you do not have access to equipment, do 
not skip this project. Read through the 


project, and try to picture or imagine the 


Detrital, from pebbles 


Marine, freshwater, 
glacial 


in (cm) in finer matrix 


Any hard mineral 
can be present 


ha 
® 
Ə asin (2mm) to several 
" 
Ha 


Any mineral can 
be present 


SL i 
“e Varles 


Very rare 


fine-grained 
sediment 


rounded clast 


Quartz 
conglomerate 
A specimen 
with large 
clasts of quartz 


Polygenetic conglomerate 
A specimen with clasts of 
various rock types 


alluvial diamond 


Alluvial 
diamond 

A diamond 
cemented 
into a 
conglomerate 


Puddingstone conglomerate 
This conglomerate specimen from 
Hertfordshire, England, consists of 
pebbles that were rounded by water 
and then cemented together. 


DE 
3%, CONGLOM ERATE 


Rocks formed by the lithification of rounded rock 
fragments that are over ein (2mm) in diameter are known 
as conglomerates. They can be further classified by the 
average size of their constituent materials—pebble- 
conglomerate (fine), cobble-conglomerate (medium), 
and boulder-conglomerate (coarse). Conglomerate can 
also be known by the rock or mineral fragments in its 
composition; for example, a quartz pebble conglomerate. 
Depending on the environment in which these 
fragments are deposited, these rocks may be of two 
types. Well-sorted conglomerates result from water 
flow over a long period. These have well-sorted pebbles 
(with a small size variation) generally of only one rock 
or mineral type, and a few small particles between 
the pebbles. Poorly sorted conglomerates form from 


rapid water flow and deposition. They have poorly 


sorted pebbles (of varying sizes) of mixed rock and 
mineral types with a number of small particles 
between the pebbles. 


| 
| 
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PROFILE 


Wd E o 8 E 


D i 


gray, silica-rich 


Poorly sorted breccia 

This specimen of breccia 
shows large and small angular 
fragments with no clear pattern 


angular fragment 


Detrital, from coarse 
sediment 


Marine, freshwater, 
glacial 


Mein (2mm) to 1in 
(several cm) in finer matrix 


Any hard mineral can 
be present 


Any mineral can be 
present 


Varies 


Very rare 


fragment 


of orientation. 


VARIANTS 


Limestone ¿A | B RECC IA 
breccia ` $ 
Fragments MOS | 
of limestone § 


Lithified sediments with rock fragments that are more 


in breccia A T3 than Vein (2 mm) in diameter but angular or only slightly 


Polygenetic breccia 
A specimen with clasts of 


rounded are called breccias. The lack of rounding indicates 
that little or no transportation took place before the 
fragments became incorporated in the rock. 

Breccias can form in several ways. Rocks can shatter— 
for example, due to frost action or earth movement— 
and the fragments then become cemented in the new 
position. Shattered fragments may also move before 
being cemented—for example, they may accumulate at 


different types of rock the base of a cliff or be carried 


Fault breccia Cemented 


by a flash flood. Breccias can e a 

also form in areas of active 

faulting. In areas where faulting 

occurs underwater, newly 

shattered material can also Breccia vase 

move in underwater landslides This ancient Egyptian 
carved vase made of 

and become cemented to 


clasts shattered by faulting breccia or mottle stone 


form breccia. was used to store liquids. 


PROFILE 


AM Detrital, from sand Structure in sandstone 


a Terrestrial This sandstone from Yorkshire, 
l England, is derived from deposits 
LÐ Y2s—hsin (0.1-2 mm) of wind-blown sand. The bedding 


planes, which slumped after 


IN Quartz, feldspar 
deposition, are well preserved. 


[Ħ silica, calcium carbonate a 
slumping 


<P 


Se Cream to red fine-grained 


texture 
&% Vertebrates, invertebrates, 
plants 


E 
SANDSTONE 


The second most abundant sedimentary rock after 
shale (p.313), sandstone makes up about 10 to 20 percent 
of the sedimentary rocks in Earth's crust. sandstones 
Micaceoie Cand tone are classified according to texture and mineralogical 
A specimen with flakes of mica properties into micaceous sandstone, orthoquartzite 
A ICO els (9.310), and graywacke (p.317). They are usually dominated 
by quartz (p.168) and have visible sandy grains and other 
minerals present in varying amounts. Well-rounded grains 
are typical of desert sandstone, while river sands are 
usually angular, and beach sands somewhere in between. 
Bedding is often visible in — 
O na sandstones as a series of layers 
grains with red goethite , l 
representing successive deposits 

of grains. Bedding surfaces may 

: AW show either ripples or the cross | 
A specimen of O | ; : 
quartz sandstone II bedding typical of dunes. Sandstone platform 
colored reddue ME Sandstone is an important This platform in the center 
to the presence | indicator of deposition and A cle aa 


of iron oxides Fatehpur Sikri, India, is 
erosión processes. made from red sandstone. 


Red sandstone 


Marine greensand 

This specimen is from the Atlantic 
coastal plain of North America, 
where greensand is a common 
type of rock. 


i PROFILE 3 


Detrital, from glauconite- 
rich marine sand 


Marine 

Yas6—Vi6 iN (0.1-2 mm) 
Quartz, glauconite 
Feldspar, mica 


Green 


Ss” aos F 


Vertebrates, invertebrates, 
plants 


Greensand banding 
A band of greensand within 
a rock outcrop 


well-sorted 
sediment 


green coloring 
from glauconite 


lá 
GREENSAND 


A quartz sandstone with a high percentage of the green 
mica mineral glauconite (p.196) is known as greensand or 
elauconitic sandstone. The term glauconite is also loosely 
applied to any glauconitic sediment. Glauconite is believed 
to form in shallow, oxygen-poor marine environments that 
are rich in organic detritus. It forms as a result of a Slow 
accumulation of sediments, by the replacement of calcite 
(p.114), or by primary deposition. It may contain shell 
fragments and larger fossils. Some glauconite pellets 
are biogenic, originating as fecal pellets. 

Greensand tends to be weak and friable, although 
relatively hard greensand has been used as building 
stone. The soil derived from greensand varies, ranging 
from fertile to sterile. Glauconite is favored in organic 
cultivation as a natural source of potassium and 
phosphorus. Its potassium content is useful in radiometric 
age-dating. Due to its chemical-exchange properties, the 
glauconite in greensand is used as a water softener and 
in water-treatment systems. 
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i PROFILE 
AA Detrital 


® Terrestrial 
JO) Y256—16 iN (0.1-2 mm) 


Quartz 


[Y Heavy minerals, such 
as zircon and rutile 


Sf Light to medium 


Rare, vertebrates 


VARIANT | 


Gray orthoquartzite 
A specimen colored gray 
by quartz grains 


quartz grains 


Pink orthoquartzite 

Although this specimen of pink 
orthoquartzite is composed almost 
entirely of quartz, it is colored by 
small amounts of iron oxide. 


ORTHOQUARTZITE 


A pure quartz sandstone, orthoquartzite is usually 
composed of well-rounded quartz (p.168) grains cemented 
by silica. The high degree of rounding of the grains 
indicates that they have traveled some distance, which 
also accounts for the high degree of sorting. Some 
orthoquartzites are up to 99 percent quartz, with only 
minor amounts of iron oxide and traces of other erosion- 
resistant minerals, such as rutile (p.78), magnetite (p.92), 
and zircon (p.233). Lesser amounts of other minerals can 
color the generally white or pinkish specimens either 
gray or red. Orthoquartzites can be differentiated in hand 
specimens from other sandstones by their lighter color 
and absence of other minerals. 

Orthoquartzites rarely preserve fossils, although 
the sedimentary structures are usually preserved. The 
presence of silica cement makes orthoquartzites durable. 
They tend to resist weathering and form prominent 
outcrops. Orthoquartzite is distinct from metamorphic 
quartzite, also known as metaquartzite (p.295). 


Gray arkose 
Darker variants of arkose, 
such as this specimen, tend 
to be older than pink arkose. 


pinkish feldspar 


PROFILE 
Detrital, from 
feldspar-rich sand 


Terrestrial, marine, 
or freshwater 


Y256—16 in (0.1-2 mm) 
Quartz, feldspar 
Mica 

Pinkish, pale gray 


Rare 


@*%OEBo $ E 


VARIANT 


Pink arkose A variant of 
arkose formed more recently 
than gray arkose 
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quartz 
grains 


i 
ARKOSE 


A pink sandstone, arkose is colored by an abundance of 
feldspars (pp.173-81), especially pink alkali feldspars. Its 
high feldspar content (more than 25 percent of the sand 
grains) sets it apart from other sandstones. Arkose 
specimens are relatively coarse and consist primarily of 
quartz (p.168) and feldspar grains, with small amounts 
of mica. The grains tend to be moderately well sorted 
and angular or slightly rounded. They are usually 
cemented with calcite (p.114) or sometimes with iron 
oxides or silica. The flat cleavage faces and angular grain 
shape of the feldspars reflect light under a hand lens. 
Sandstones with a feldspar content of 5-25 percent 
are called subarkoses. 

Arkose forms from the quick deposition of sand 
weathered from granites (pp.258-59) and gneisses (p.288). 
The development of arkoses is thought to indicate either 
a climatic extreme or a rapid uplift and high relief of the 
source area. Arkoses are common along the front ranges 
of the Rocky Mountains. 
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| PROFILE 


A Detrital, from grit 
@ Freshwater 
Y%2—H in (1-4 mm) 
Quartz, feldspar 
Garnet, rutile 
White, pink, gray 


Invertebrates, 
vertebrates, 
plants 


Arl «ko 


reddish color from 
iron oxides 


Quartz gritstone 
Specimens of quartz gritstone, 
such as this, are composed of 
more than 75 percent quartz. 


VARIANT 


Feldspathic gritstone 
A variant containing up to 
25 percent feldspar 


GRITSTONE 


Providing material for grindstones and millstones, 
gritstone has, in the past, been a commercially important 
sedimentary rock. It is a porous rock composed of 
cemented, coarse, often angular sand grains, with 
occasional small pebbles. Quartz (p.168) is always the 
greatest component, but specimens often contain iron 
oxides that give them a yellow, brown, or red color. In 
some, the grains can be easily rubbed out; in others, strong 
cement makes the rock suitable for use as grinding stones. 

Gritstones originate in river deposits and frequently 
show signs of cross-bedding or current bedding. The 
Millstone Grit, a gritstone deposit in northern England, was 
mined for millstones used in flour mills and for grindstones, 
which were used to make paper pulp from wood and 
sharpen tools. Gritstone is still quarried for use as building 
material worldwide. Large exposures of gritstone are 
favored by rock climbers because the rough surface 
provides outstanding friction, enabling them to grip the 
smallest features in the rock. 
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Gray shale 

This specimen of shale from 
Runswick Bay, Yorkshire, England 
contains fossils of bivalves 

and ammonites. 


fossilized ammonite 


fissile sheets 


Detrital, from mud, clay, 
or organic material 


Marine, freshwater, 
glacial 


Less than “%sein (0.1mm) 


Clays, quartz, calcite 


EBRO Ss E 


Pyrite, iron oxides, 
fossilized bivalve feldspar 


Various 


D i 


Invertebrates, 
vertebrates, 
plants 


| VARIANTS ff 


=— 


The most abundant sedimentary rock, shale makes 
up about 70 percent of all sedimentary rocks in Earth's 
crust. It consists of a high percentage of clay minerals, 
Substantial amounts of quartz (p.168), and smaller amounts 


Fossiliferous shale Shale of carbonates (pp.114-25), feldspars (pp.173-81), iron 

ls oxides, fossils, and organic matter. Shales are colored 

> aa reddish and purple by hematite (p.91) and goethite (p.102); 
ula blue, green, and black by ferrous iron; and gray or yellowish 


by calcite (p.114). They split easily 
into thin layers. 

Shales consists of silt- and clay- 
sized particles deposited by 
gentle currents on deep ocean 
floors, shallow sea basins, and 
Light-colored shale — river floodplains. They occur vOe Y. 
A ht thinly interbedded with layersof Fossil trilobite 

ght-colored areas i i 
sandstone (p.308) or limestone Preserved in gray shale, 
; this fossil trilobite is 
(P3197) aña It necis Upto several S ses ta 200 milion 
yards thick. years old. 
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Dark oil shale 

This specimen of oil shale shows 
dark, kerogen-rich layers. When 
heated, the kerogen gives off a 
vapor that contains oil. 


kerogen-rich rock 


] PROFILE | 


Detrital 
Inland seas 
Less than Yssin (0.1 mm) 
Quartz, feldspar 
Alum 
Gray, black 


Invertebrates, 
vertebrates, plants 


@SOBRoeor 


VARIANT 


OIL SHALE 


The name oil shale is a general term for organic-rich 
sedimentary rocks that contain kerogen—a chemically 
complex mixture of solid hydrocarbons derived from 
plant and animal matter. When subjected to intense 
heat, these shales yield oil. Oil shales range from brown 
to black in color. They are flammable and burn with a 
sooty flame. Some oil shales are true shales in which clay 
Oily surface A specimen with minerals are predominant. Others are actually limestones 
Soon aera ead (p.319) and dolomites (p.320). Much of the original 
organic material in oil shales is unrecognizable, but it 
is believed to be derived from plankton, algae, and 
microorganisms that live in fresh sediment. 

In previous centuries, small amounts of oil have 
been successfully recovered from oil shales. During 
the past century, oil shales have been mined with rock 
types varying from shale (p.313) to marl (p.322) and other 
carbonate rocks. Various pilot plants have been built 
to extract oil from shales, but the commercial results 
have been modest so far. 
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Gray siltstone 
The tiny grains that make up 
siltstone are too small to be 
seen without a microscope. 


silt-sized grains 


dark color 
from carbon 


PROFILE 

AA Detrital, from silt 

& van freshwater, 
glacia 

SƏ Up to Yassin (0.1mm) SI LTSTO N E 

IN] Quartz, feldspar Formed from grains whose sizes vary between that of 

[4 Mica, chlorite, mica-rich sandstone (p.308) and mudstone (p.316), siltstone is a 
clay minerals sedimentary rock. Like sandstone, it can form in different 

aR Gray to beige environments and have different colors and textures. 

68 Invertebrates, Siltstones are typically red and gray with flat bedding 
an planes. Plant fossils and other carbon-rich matter are 

common in darker-colored siltstones. Examples tend 


VARIANT + to be hard and durable and do not easily split into thin 
layers. However, the presence of mica may produce a 
siltstone that splits into thicker, flagstonelike sheets. In 
addition to mica, siltstone may contain abundant chlorite 
and other mica-rich clay minerals. 

Although many shales (p.313) contain more than 
50 percent silt, siltstones are usually chemically cemented 
and show cross-bedding, ripple marks, and internal 
layering. This indistinct layering tends to weather 
Fossiliferous siltstone at oblique angles unrelated to bedding. Siltstone is 
dette us less common than shale or sandstone and rarely 

forms thick deposits. 


results. This is sometimes called “dry-labbing” 
the experiment. You can learn a lot from 
reading about this project, even though it is 
always better to actually perform the project. 
This advice also applies to the other projects 
in many of the following chapters. 


Objective 
The objective of this project is to plot the V-I 
curve (also called a characteristic curve ) of 
a diode, which shows how current flow 


through the diode varies with the applied 
voltage. As shown in Figure 2.10 , the l-V 
curve for a diode demonstrates that if low 
voltage is applied to a diode, current does not 
flow. However, when the applied voltage 
exceeds a certain value, the current flow 
increases quickly. 

Figure 2.10 

ON ' 
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PROFILE 


Detrital, from mud 


Marine, freshwater, 
glacial 


Less than YVssin (0.1 mm) 
Clays, quartz 
Calcite 


Gray, brown, black 


Q2sehiAho oF 


Invertebrates, 
vertebrates, plants 


curved fracture 


mud-sized grain 


Mudstone specimen 
Mudstone is somewhat similar 
in appearance to siltstone, but 
its grains are smaller and it has 
a broken surface with a much 
finer texture. 


VARIANTS 


MUDSTONE 


A gray or black rock formed from mud, mudstone 
contains carbon-rich matter, clay minerals, and detrital 
minerals such as quartz (p.168) and feldspar (pp.173-81). 
Mudstones look like hardened clay and can show the 
cracks seen in sun-baked clay deposits. 

As in shale (p.313), mudstone’s individual grains are 
Fossiliferous mudstone ~ clay- and silt-sized particles that can only be seen under a 
E hand lens. Mudstone generally has the same color range 

as shale, with similar associations i 

between color and content. 
Unlike shale, mudstone is not 
laminated during lithification 
and is not easily split into thin 
layers. The lack of layering is 
either due to the original texture — 
or the disruption of layering. Nautiloid fossil 
Mudstone deposits may be This fossil nautilus is 

preserved in mudstone. 
up to 10ft (Several meters) 


The iridescence of a part 
in thickness. of its shell is still visible. 


Calcareous mudstone 
A mudstone variant with a 
substantial amount of calcite 


- PROFILE 


E i 


Detrital, from 
muddy sand 


Marine 
Y256—16 iN (0.1-2 mm) 


Quartz, feldspar, 
mafic minerals 


Chlorite, biotite, 
clay, calcite 


W Bos 


ava 
wav 


Mostly gray or 
greenish gray; 
also brown, yellow, 
or black 


ES 


Rare 


poorly sorted 
minerals 


fine-grained 
groundmass 


Fine-grained graywacke 
This specimen shows the 
poor sorting characteristic of 
graywacke. The angular clasts 
are set in a fine-grained matrix. 


CO VARIANTS IM 


Dirty sandstone A specimen 
from Canada with typical dirty 
appearance and poor sorting 


Turbidite A graywacke formed 
by undersea avalanches 
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angular fragment 


GRAYWACKE 


Easily confused with igneous basalt (p.273), graywacke 
is a turbidite—a rock resulting from rapid deposition in a 
turbulent marine environment. It gets its name from the 
German word grauwacke, which signifies a gray, earthy 
rock. Also called dirty sandstone, graywacke is hard, 
and mostly gray, brown, yellow, or black. 
Graywacke is composed of 
poorly sorted, coarse- to fine- 
grained quartz (p.168), feldspar 
(pp.173-81), and dark-colored 
minerals such as amphibole and 
pyroxene, set in a fine-grained 
matrix of clay, calcite (p.114), or 
quartz. Graywackes may occur in 
thick or thin beds along with slates 
(0.293) and limestones (p.319). 
In ancient Egypt, this stone was 
used to make sarcophagi, 
vessels, and statues. 


Graywacke carving 

This ancient Egyptian 
graywacke carving dates 
from 1370 sce. It is an offering 
to the god of writing. 
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by Detrital 
® Glacial 


SƏ From less than Yssin 
(0.1mm) to many ft (m) 


BE) Rock fragments 
[Ħ Rock fragments 


PROFILE 


SL i 
LR Various 


EZ None 


large clast 


gray clay 


matrix 


VARIANTS 


oversized 
clast 


Large clast Tillite with a large 
clast in a finer matrix 


Differing clast sizes 
A specimen of tillite with 
rounded clasts of differing sizes 
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Tillite specimen 
The large variation in clast 
sizes in tillites is evident in 
this specimen. 


TILLITE 


Unsorted and unstratified rock material deposited 
by glacial ice that has later been lithified is called tillite. 
As glaciers move down valleys, they erode and transport 
rocks. On melting, they deposit this material, which is 
referred to as till. Glacial tills consist of preexisting rock 
fragments pushed forward or sideways by the glacier, 
newly eroded material ground or broken up by the 
glacier, or mixtures of the two. 

Tillites are typically made of grains with a wide range 
of sizes. They include fragments ranging from clay-sized 
particles to large blocks. The largest pieces give rise to the 
rock's alternative name, “boulder clay.” The matrix, which 
frequently comprises a large percentage of the rock, is 
often made from rock flour, an unweathered and finely 
ground rock powder. Matching beds of ancient tillites on 
opposite sides of the South Atlantic Ocean provided early 
evidence for continental drift—the idea that continents 
move relative to one another—which was an important 
precursor to the theory of plate tectonics. 


Fossiliferous limestone 
This limestone specimen from 
Oxfordshire, England, includes 
several fossil invertebrates. 


fine texture 


fossil of 
shell 


PROFILE | 


Chemical, organic 
Marine 
Crystalline 


Calcite 


Pi -R0 


Aragonite, dolomite, 
siderite, quartz, pyrite 


White, gray, pink 


D i 


Marine and freshwater 
invertebrates 


i 
LIMESTONE 


Composed mainly of calcite (p.114), this abundant rock 
forms multiple layers that are thick and extensive. It can 
be yellow, white, or gray. Specimens can be identified by 
the rapid release of carbon dioxide and a fizzing sound 
when they react with dilute hydrochloric acid. Limestones 
can be compact, grainy, or friable. Many have cross- 
yet N bedding or ripple marks. The texture of limestone ranges 
limestone ¿E from coarse and fossil-rich to fine 
ola Ns and microcrystalline. 
variant o » f y / 
etc Limestone generally forms in 
warm, shallow seas either from 
calcium carbonate precipitated 
from seawater or from the shells 
and skeletons of calcareous 
marine organisms. It is used in t 
construction, as a raw material Limestone mask 
in the manufacture of glass, as This face mask dating 
Wee ideo from the Neolithic Period 
a flux in metallurgical processes, has been carved out of 
and in agriculture. mottled limestone. 


Oolitic limestone Round 
ooliths set in calcite cement 
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- PROFILE ) 


Chemical fine-to-medium 
Marine texture 


Crystalline 

Dolomite 

Calcite 

Gray to yellowish gray 


Invertebrates 


Ari | 


compact 
carbonate rock 


Dolomite rock 
This specimen of dolomite 
has a uniform texture that 
is typical of the rock. 


VARIANT 


DOLOMITE 


This rock, formed exclusively from the mineral dolomite 
(p.117), is also called dolostone. Most dolomite rocks are 
believed to be limestones (p.319) in which dolomite has 
replaced the calcite (p.114) in contact with magnesium- 
bearing solutions. This process is called dolomitization. 
Fresh dolomite looks similar to limestone, while weathered 
dolomite is yellowish gray. Dolomites have fewer fossils 
Red dolomite A specimen of than limestones because fossils and other features are 
S a destroyed by the dolomitization process. Dolomite fizzes 
less violently than limestone when 

in contact with hydrochloric acid. 

Dolomite typically occurs as 
massive layers. It is also present 
as thin layers or pods within 
limestone. Dolomite is used as 
a flux to make steel. It can also Environment-friendly flux 
be used as a lightweight building | contrast to othersteel- 

E making fluxes, dolomite 

aggregate, in breeze blocks, and 


; produces slag that can 
in poured concrete. be reused. 


PP 


Microscopic fossils 

This specimen of chalk, which . . 
is almost entirely calcite, is f- — 

made up of tiny fossils of eS: 35m soft white, 
marine organisms. = e powdery texture 


fine, white grain 


Chemical, organic 
Marine 
Less than Yassin (0.1mm) 


Calcite 


Quartz, glauconite, clays 
White, gray, buff 


Invertebrates, 
vertebrates 


VARIANTS 


E 
CHALK 


A soft, fine-grained, easily pulverized, white to grayish 
variety of limestone is known as chalk. It is composed 
of calcite shells of minute marine organisms. Small 
amounts of other minerals, such as apatite (p.148), 
UAT glauconite (p.196), and clay minerals, are usually present. 
chalk that takes its color Silica from sponge spines, diatom and radiolarian 
from incorporated hematite skeletons, and nodules of chert (p.332) and flint can 
also be present. 
Extensive chalk deposits were 
formed during the Cretaceous 
Period (142 to 65 million years ago), 
the name being derived from the 
Latin word creta, which means 
“chalk.” Chalk is used to make lime 
and cement and as a fertilizer. It 


is also used as a filler, extender, Blackboard chalk 


Marine chalk A specimen or pigment in a wide variety of One of chalk's longstanding 
of chalk pitted by the boring of A ; : uses has been compression 
marine animals materials, including Beles into sticks for writing 
and cosmetics. on blackboards. 
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Green marl 
Marls differ in color depending on 
their mineral content. Green marls, 
such as this one, are colored by 
either glauconite or chlorite. 


green color 


fine grain size 


PROFILE 
A Detrital, from lime mud 
® Marine, freshwater 
SƏ Less than %sin (0.1mm) MARL 
E] ciays, calcite . 
ana Calcareous mudstone or marl is a term applied to 
eee a variety of rocks that have a range of compositions 
bed but are all earthy mixtures of fine-grained minerals. 
g a a In some countries, marl is referred to by the German 


terms mergel and seekreide, both of which mean “lake 
chalk.” Marls usually consist of clay minerals and calcium 
carbonate. They form in shallow freshwater or seawater. 
— THE calcium carbonate content is frequently made up 
of shell fragments of marine or freshwater organisms 
or calcium carbonate precipitated by algae. The high 
carbonate content of marls makes them react 

with dilute acid. 

Marls are whitish gray or brownish in color but can 
also be gray, green, red, or variegated. Greensand marls 
contain the green mineral glauconite (p.196), and red 
marls, iron oxides. Marl is much less easily split than 
Shale (p.313) and tends to break in blocks. Specimens 
are often nodular, and the nodules are usually better 
cemented than the surrounding rock. 


Red marl A specimen colored 
red by iron oxides 


Evaporite 
Marine 
Crystalline 
Gypsum 
Anhydrite 


White, pinkish, 
yellowish, gray 


sw dose 


ES 


massive habit 


Massive rock gypsum 

This specimen of rock gypsum 
is from the Marblaegis mine in 
Nottinghamshire, England. 


VARIANT O 


boleite 
crystal 


Gypsum with boleite Blue 
crystals of boleite seen in a 
matrix of gypsum 


None e . 


iron-oxide 
impurities 


ROCK GYPSUM 


Also called gyprock, rock gypsum is the sedimentary 
rock formed mainly from the mineral gypsum (p.136). 
Although it is commonly granular, it can also occur as 
fibrous bands. Rock gypsum occurs in extensive beds 
formed by the evaporation of ocean water, in saline lakes, 
and in salt pans. It also occurs in some shales (p.313), 
limestones (p.319), and dolomitic limestones. Rock 
gypsum is commonly interlayered 
with other evaporites, such as rock 
anhydrite (p.133) and salt (p.324). 
Most of the gypsum that is 
extracted—about three-quarters 
of the total production—is calcined 
(heated to drive off some of its 
water) for use as plaster of Paris. 
Unaltered rock gypsum is used as 
a fluxing agent, fertilizer, filler in 
paper and textiles, and retardant 
in Portland cement. 


Mesopotamian seal 
This ancient cylinder seal, 
with engravings of stags 
and scorpions, is made of 
alabaster gypsum. 
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orange 
color from 
iron-rich 
clays 


| PROFILE 


AA Evaporite 
& Marine 
© Crystalline 


IN Halite 


[3 Anhydrite 


2 White, pinkish, 
gray, yellowish 


6% None 


VARIANTS 


poe Wo. 


Pink rock salt A specimen 


colored pink by traces of 


iron oxides 


Massive rock salt Rock 
Salt with coarse, white and 


blue crystals 


crystalline salt 


Crystalline rock salt 

This specimen of crystalline 
rock salt is colored orange 

by iron-rich clays incorporated 
during deposition. 


ROCK SALT 


Familiar as common table salt, rock salt is the massive 
rock form of the mineral halite (p.110). It occurs in beds 
that range in thickness from 3ft (1m) or so to more than 
990ft (300m). Rock salt forms as a result of the evaporation 
of saline water in partially enclosed basins. It is commonly 
interlayered with beds of shale (p.313), limestone (p.319), 
dolomite (p.320), and other evaporites, such as anhydrite 
(0.133) and gypsum (p.136). - 

Rock salt often occurs in 
salt domes, which consist of a 
core of salt surrounded by strata 
of other rock. The domes can 
be 1 mile (2km) or more thick 
and up to 6 miles (10km) in 
diameter. They can occur with 
petroleum deposits: oil from 
oil-rich shales migrates up and 
gets caught on the underside 
of a salt dome. 


Natural salt 

Many people prefer 
natural salt for their cooking. 
Much of it comes from 
evaporating brines. 


Porous diatomite 
This specimen of 
diatomite exhibits its 
typical porous structure 
and rough texture. 


loose, porous 
structure 


ye all, ay A 
5 ree 9 E 
3 5 Y vY 0? 


> 


AN e 
A 
y, 4 Py r f 


rough texture 


PROFILE 


Detrital 


Accumulation of 
silica-rich organisms 


Less than ‘sein (0.1mm) 
Opal 

None 

White 


@*EBo oF 


Diatoms 


DIATOMITE 


Also called diatomaceous earth, diatomite consists 
of about 90 percent silica; the remainder is made up of 
compounds such as aluminum oxides and iron oxides. 
Diatomite is easily crumbled into a fine, white to off-white 
powder. It is made of the fossilized remains of organisms 
called diatoms. A form of algae, diatoms have hard 
shells made of amorphous silica (opal) and containing 
many fine pores. Most float on the surface of the sea. 
Occasionally, large quantities are deposited in ocean 
sediments, eventually forming diatomite. A few significant 
deposits of freshwater diatomite are also known. Diatoms 
are so small that diatomite specimens may contain 
millions of diatom shells per cubic inch. 

An important industrial rock, diatomite is easily mined. 
It is used for the filtration of beverages, liquid chemicals, 
industrial oils, cooking oils, fuels, and drinking water. Its 
low-abrasive qualities find use in toothpastes, polishes, 
and nonabrasive cleaners. It is also used as a filler and 
extender in paint and paper. 


General Instructions 

While the circuit is set up, measure the 
current for each voltage value. As you 
perform the project, observe how much more 
rapidly the current increases for higher applied 
voltages. 
Parts List 
One 9 V battery 
One snap battery connector 
One multimeter set to measure current 
(mA) 
One multimeter set to measure DC voltage 
One 330-ohm, 0.5-watt resistor 
One 1N4001 diode 
One breadboard 
One 1 MQ potentiometer 
One terminal block 

Step-by-Step Instructions 
Set up the circuit as shown in Figure 2.11 
The circled “A” designates a multimeter set to 


measure current, and the circled y” 
designates a multimeter set to measure DC 
voltage. If you have some experience In 
building circuits, this schematic (along with the 
previous parts list) should provide all the 
information you need to build the circuit. If 


you need a bit more help in building the 
circuit, look at the photos of the completed 
circuit in the “Expected Results” section. 

Figure 2.11 
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~œ — Red-brown laterite 
PROFILE | This specimen shows the 
-  intermixture of iron and aluminum 
Chemical oxides with sand or other rock 


Postdepositional detritus characteristic of laterites. 


Not granular 


iron-oxide 


Hematite, goethite, 
minerals sand grains 


calcite, chalcedony 


Sand, clay 


Red-brown or yellow 


None 


| 


Qe Boor 


VARIANT 


LATERITE 


Laterite is nodular soil rich in hardened iron and 
aluminum oxides and resembles bauxite (p.101) in 
composition. Nodules of laterite are red-brown or yellow 
and contain grains of sand or hardened clay. The rock 
forms in hot, wet tropical climates, where it develops 
by intensive and prolonged chemical weathering of the 
Desert-varnished laterite underlying rock. Evaporation and leaching of minerals 
aos AS from rock, loose sediment, and soil leaves behind insoluble 
salts. This results in a variety of laterites, which differ in 

their thickness, grade, chemistry, and ore mineralogy. 

Laterite is a source of bauxite, which is an ore of 
aluminum and exists largely in clay minerals and 
various hydroxides. Laterite ores have also been a 
source of iron and nickel. Many laterites are solid 
enough to be used as building blocks. An example is 
the laterite seen at the famous temple in Angkor Wat, 
Cambodia. Crushed laterite has been widely used to 
make roads. Laterites are also being increasingly used 
in water treatment. 


] PROFILE 


N 
® 
2 
E 
Ea 
& 


= oxides and Bog iron nodule 

hydroxides of iron This nodule of bog iron shows 
varied coloration, which results 
from the various iron oxides 
and hydroxides it contains. 


Chemical 
Swamps, bogs 
Less than Yassin (0.1mm) 


Hematite, goethite, 
calcite, chalcedony 


Sand, clay 
Light to dark 


Plants 


gray mudstone 


BOG IRON 


Impure iron deposits that develop in bogs or 
swamps are known as bog iron. Bog iron is typically 

a brown-yellow mudstone with yellow, red, brown, or 
black concretions of iron oxides and hydroxides. In 
general, bog ores consist of iron hydroxides, primarily 
goethite (p.102). Bog iron can contain up to 70 percent 


Bog iron ore Gray mudstone iron oxide. It often contains carbon-rich plant material, 


with oxides and hydroxides 
of iron 


which is sometimes preserved by iron minerals. Bog 
iron typically forms in areas where iron-bearing 
groundwater emerges as springs. As the iron encounters 
the oxygen-rich surface water, it oxidizes, and the iron 
oxides precipitate out. 

Bog iron was formerly used as an ore and was widely 
sought in the preindustrial age. The Romans and the 
Vikings made extensive use of bog iron as a source of 
iron. Bog iron was also the principal source of iron in 
colonial USA. Although itis still forming today, the iron 
requirements of modern industry demand much larger 
soürces of ore. 
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PROFILE 


A Chemical 
® Marine, terrestrial 
JO) Y256—16 iN (0.1-2 mm) 


IL] Hematite, goethite, 
chamosite, magnetite, 
siderite, limonite, 
jasper 


[4 Pyrite, pyrrhotite 


Ab, 
e Red, black, brown, yellow 


§% Invertebrates or plants 


red color from iron 


rounded 
oolith 


Oolitic ironstone 

This specimen of ironstone 
is made up of small, rounded 
oolites, which are cemented 
by hematite. 


i 
IRONSTONE 


The term ironstone is applied to sandstones and 
limestones that contain more than 15 percent iron. 
lronstones are rich in iron-bearing minerals such as 
hematite (p.91), goethite (p.102), siderite (p.123), and 
chamosite. These minerals give ironstones a dark 
red, brown, or yellow color. 

Ironstone no longer appears to be forming; 
partly because of this, the process by which it 
forms is something of a mystery. Some ironstones 
seem to have formed early in Earth's history when 
oxygen was not as abundant in the atmosphere as 
it is now. Precambrian ironstones, which are more 
than 500 million years old, as well as slightly later 
ones, formed prior to 240 million years ago, are 
common. Many of the later ironstones consist of 
oolites (small spheres) of hematite and contain 
fossils. Although historically used as an iron ore, 
ironstone is too limited in quantity to be an economic 
modern source of iron. 


VARIANT 


Sandy ironstone A specimen 
of a leaf fossil beautifully 
preserved in ironstone 


chert layer 


PROFILE 


eri ver. 


Chemical 
Marine 


Neither granular nor 
very fine 


Siderite, hematite, chert 
Magnetite, pyrite 
Red, black, gray, striped 


None 
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Banded ironstone 

This specimen of ironstone shows 
prominent banding of alternate 
chert- and iron-rich material. 


hematite-rich 
layer 


i 
BANDED IRONSTONE 


Also known as banded iron formations, banded 
ironstone is made up of thin layers of alternating red, 
brown, or black iron oxides, which may be hematite 
(p.91) or magnetite (p.92), and gray or off-white shale 
(p.313) or chert (p.332). It is a very fine-grained rock 
that breaks into smooth, splintery pieces. Particularly 
abundant in Precambrian rocks, which are more than 
500 million years old, banded ironstone can form very 
thick Sequences, such as in the Hammersley Range of 
Australia, where it is an economically important iron ore. 

Banded iron layers are found in some of the oldest 
known rock formations, dating from more than 3,700 
million years ago. These layers are believed to have 
formed in the seas as a result of dissolved iron combining 
with oxygen released by the green algae that flourished 
in the oceans at that time. This was then precipitated into 
oxygen-poor seafloor sediments that were forming shale 
and chert. The banding of ironstone is assumed to result 
from cyclic variations in the oxygen available. 
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PROFILE 
A Chemical Calcareous tufa 
. This specimen of calcareous 
@ Terrestrial tufa is full of holes and irregular 
Ə Less than %2in (1mm) shapes. It was formed by the 
: e evaporation of water. 
IN Calcite or silica 
[4 Aragonite 
iS white > 
68 Rare h 


highly porous 


VARIANTS | i 


surface 


irregular shape 


TUFA 


Two different sedimentary rocks that precipitate 
from water are known as tufa. Calcareous tufa, or calc- 
tufa, is a soft, porous form of limestone deposit composed 
principally of calcium carbonate (calcite) that precipitates 
from hot springs, lake water, and groundwater. Calc-tufa is 
often stained red by the presence of iron oxides. 


Yellow tufa Irregularly shaped Siliceous tufa, which is also called E 


E E siliceous sinter, is a deposit of opaline a ray, 
oA inte or amorphous silica that forms through i3, $ 
At the rapid precipitation of fine-grained 4 oa 


Fossilized tufa Tufa formed 
around plant remains 


silica as an encrustation around hot i 
springs and geysers. It is believed to 1 
have been partly formed by the action 

of algae in the heated water. The 

term “sinter” means that it has 

several hollow tubes and cavities Stone Wedding 

in its structure, which are often a This pink tufa formation is 
result of organic matter that has O a 


Bulgaria. It is locally called 
decomposed later. the Stone Wedding. 


| PROFILE 


| 
L 


Chemical 
Post-depositional 
Fine 

Pyrite, marcasite 
Silica 


Various 


e | BOSE 


Occasional plants and 
animals 


sharp edge 


conchoidal fracture 


| VARIANTS | H 


` 
Pa 4 1 Gi L 


Melanterite A nodule of 
hydrous iron sulfate 


Pyrite nodule A nodule of 
radiating pyrite crystals 


Marine nodule A nodule 
of manganese oxides 
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Flint nodule 

This nodule shows a variation 
in color due to differences in the 
extraneous material enclosed 
while the silica making the 
rock solidified. 


compact silica 


NODULES 


A rounded mineral accretion that differs in 
composition from its surrounding rock is known as a 
nodule. Nodules are commonly elongated with a knobby 
irregular surface and are usually oriented parallel to the 
bedding of their enclosing sediment. Most nodules are 
formed by the accumulation of silica in sediments and its 
subsequent solidification. Nodules containing manganese, 
phosphorous, titanium, chromium, and other valuable 
metals develop on the seafloor but are uneconomical 
to mine. Other nodules form around plant and animal 
remains as part of the fossilization process. 

Pyrite (0.62) is commonly found as nodules. It occurs 
as spheres, rounded cylinders of radiating crystals, and 
flat, radiating disks, or “suns.” Clay ironstone, a mixture 
of siderite (p.123) and clay, sometimes occurs as layers of 
dark gray-to-brown nodules overlying coal seams. Chert 
(0.332) and flint often occur as nodules of nearly pure 
cryptocrystalline quartz (p.168) within beds of limestone 
(S19) Gr chalk 10321): 
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Grainy chert 

This specimen of fine-grained chert 
shows the way the rock breaks 
along flat to rounded surfaces. 


Chemical 


Postdepositional 


Not granular 


h 
® 
LQ 
BA) chalcedony 
[3 
OS 
B 


None 
Gray, brown 


Invertebrates, 
plants 


rounded fracture 


surface fine-grained texture 


| VARIANT 


CHERT 


A rock composed of microcrystalline silica is known 
as chert. It is commonly gray, white, brown, or black and 


Fossiliferous 
chert 


A specimen 
containing may contain small fossils. Traces of iron (p.39) may give 
fossilized chert a light green to rusty-red color. Chert occurs as 

Pa beds or nodules. It breaks along flat to rounded, smooth 


surfaces and has a glassy appearance. The rock 
forms by precipitation from silica-rich 
fluids and colloids. 

Flint is chert that occurs in marly 
limestones (p.319) or chalk (p.321). Itis 
generally gray in color. Flint is found as 
nodules, often in bands parallel to the 
bedding planes, and breaks with 
a conchoidal fracture. The nodules 
are irregular but rounded. Flint 
resists weathering, so it can form Flint ax 
thick pebble beds on beaches A prized material for tool 
and accumulate in soils that are e E 


i earliest rocks to be mined 
derived from chalk. and extracted. 
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dark calcareous 


PROFILE pale calcite in crack material 


Chemical 
Postdepositional 
Crystalline 
Calcite, silica 
Celestine 

Gray, brown 


Invertebrates, 
plants 


ETI ETIS 


Septarian concretion 
This concretion formed when 
crystals deposited from percolating 
brines filled cracks that formed 
inside a nodule as it shrank. 


VARIANT 


CONCRETIONS 


Ironstone Nodules and concretions are distinctly different 
se geologically, although they have some visual similarities. 
ery Unlike nodules, which are of different compositions than 
fossilized in their hosts, concretions are made of the same material 
alee eg as their host sediment and cemented by other minerals, 


mainly calcite (p.114), iron oxides, and silica. Concretions are 
often much harder and more resistant to erosion than their 
Surrounding rock and can be concentrated by weathering. 
They usually form early in the burial history of the sediment 
before the rest of the sediment is hardened into rock. 

Concretions vary in shape, hardness, and size. They 
can be so small that they need to be seen under a 
magnifying lens. Specimens can also be huge bodies 
9°%ft (3m) or more in diameter and weighing several 
tons. In some localities, fossil collectors seek out 
concretions that have formed around plant and animal 
remains and perfectly fossilized them. The largest fossil 
from concretions was an almost complete hadrosaur—a 
type of dinosaur. 
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Meteorites are rocks that formed elsewhere in our Solar System 
and orbited the Sun before colliding with Earth and falling to its 

surface. The fragments most likely to survive are either very large 
(weighing V30Z/10g or more) or very small (1mg or less). 


STRUCTURE 
There are three basic types of meteorite: 
irons, composed mostly of metallic iron 
and varying amounts of nickel; stony-irons, 
composed of a mixture of iron and silicate 
minerals; and stony meteorites, which 
are further classified into chondrites and 
achondrites, depending on the presence 
or absence of small igneous, silicate 
spheres called chondrules. The most 
common type of stony-irons are pallasites, 
which are iron meteorites with centimetre- 
sized, translucent, olivine or pyroxene 
crystals scattered throughout. 

Pallasite section 

The stony-iron meteorites 
known as pallasites are usually 
one part olivine crystals to two 


parts metal. In this specimen, 
olivine is more abundant. 


iron-nickel 

small to matrix 
medium Iivi j 
grains olivine crysta 


Achondrite 

This stony meteorite found 

in Haryana, India, lacks 
chondrules, the small spheres 
of igneous minerals that 
would make it a chondrite. 


Barringer Crater 

This well-preserved impact crater 
is in the Arizona Desert, USA, 
and is % mile (1.2km) in diameter. 
The meteorite that created it 
fell about 50,000 years ago and 
was about 165 ft (50m) across. 


OCCURRENCE 

Meteorites are found on every continent. 
They are often found in environments 
where they are highly visible—ice caps and 
deserts being examples. They range in size 
from microscopic specimens to masses 
that weigh many tons. Rocks that have 
been melted by meteorite impacts called 
tektites, are also widespread. 


THE ORIGIN OF THE SOLAR SYSTEM 
Meteorites are of particular interest in the 
study of the origin of the Solar System. 
Nearly all meteorites are thought to be 
fragments of asteroids—rocky bodies that 
formed in the solar nebula at about the 
same time as Earth. Radiometric dating 
puts the age of most meteorites at about 
4.5 billion years, the same age as Earth. 


| Lunar discoveries 
| Over 100 meteorites 
are now believed 
to be material 
dislodged from the 
Moon, providing a 
more representative 
sample of the lunar 
m surface than those 

| brought back 
| by astronauts. 


| ROFILE 


P 

£ Small 

E ron, nickel 
4 


Olivine, pyroxene, 
graphite 


ava 


% Steel gray on fresh 
surfaces, black on 
the outside 


Widmanstátten 
pattern 


nickel-iron 


crystals 


VARIANT 


pointed 


Fusion surface An iron 
meteorite with a partially 
vaporized surface 
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Iron meteorite 

The kamacite and taenite crystals 

in this iron meteorite occur as fine, 
crosshatched lines, forming what is 
known as a Widmanstatten pattern. 


black fusion crust 


IRON METEORITE 


These meteorites are believed to be the shattered 
fragments of the formerly molten cores of large, ancient 
asteroids. As the name suggests, iron meteorites are 
composed mostly of metallic iron (p.39) and up to 

25 percent nickel, to produce two minerals, kamacite 
and taenite, which are otherwise rare on Earth. Other 
minerals present in minor amounts in iron meteorites 
include troilite, graphite (p.46), phosphides, and some 
Silicates—most commonly olivine (p.232) and pyroxene. 
lron meteorites are divided into a number of subgroups 
based on their chemical makeup. 

Since iron meteorites are so different from most 
terrestrial rocks, they are recognized more often than 
other kinds of meteorites and tend to be over represented 
in meteorite collections. It is estimated that only about 
6 percent of meteorites are iron meteorites. Chemical and 
isotope analysis of a number of iron meteorites indicates 
that at least 50 distinct parent asteroids were involved 
in their creation. 


IN4001 (v) 


Carefully check your circuit against Figure 
2.11 , especially the direction of the battery 
and the diode. The diode has a band at one 
end. Connect the lead at the end of the 
diode with the band to the ground bus on 
the breadboard. 

After you check your circuit, follow these 


steps, and record your measurements in the 
blank table following the steps: 
1. Set the potentiometer to its highest value. 


This sets the voltage applied to the diode to 
its lowest possible value. 

2. Measure and record the voltage applied to 
the diode. 

3. Measure and record the current. 

4. Adjust the potentiometer Slightly to give a 
higher voltage. 
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PROFILE 


= 
1 
"A 
¡e 

SƏ Small to medium 


E iron, nickel, 
olivine, pyroxene, 
plagioclase 


Various 


Ss [yl 


Buff to black on inside, 
brown to black on 
outside 


Í VARIANTS 


Meteorite from Antarctica 
Stony-iron meteorite from the 
Thiel Mountains, Antarctica 


“Thumbprint” surface 
Meteorite from Chile with a 
melted surface resembling 
a thumbprint 


nickel-iron 


Stony-iron meteorite 

This sliced specimen of a 
stony-iron meteorite has 
areas of nickel-iron and olivine. 


i 
STONY-IRON 
METEORITE 


Composed of a mixture of metallic nickel-iron and 
Silicate minerals, stony-iron meteorites make up about 
1 percent of recovered meteorites. Pallasites, the most 
common type of stony-iron meteorites, are iron meteorites 
with inch-sized, translucent crystals of olivine (p.232), or 
sometimes pyroxene, scattered throughout. Pallasites 
were believed to have originated along the boundaries of 
the iron cores and silicate mantles of large asteroids. But 
some experts now believe they are impact-generated 
mixtures of core and mantle materials. 

The other main group of stony-iron meteorites are 
known as the mesosiderites. Relatively rare, these 
consist of about equal parts of metallic nickel-iron and 
Silicate minerals, namely pyroxene, olivine, and calcium- 
rich feldspar (pp.173-81). They have an irregular, often 
brecciated texture, with the silicates and metal occurring as 
lumps, pebbles, or fine-grained intergrowths. 
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ROFILE et black fusion crust 


O 


Small to medium en thumb-shaped 
E : depression 


Olivine, pyroxene, 
plagioclase 


Various 


D 


o 
E 
L 


P 
% Buff to black on inside, 
brown to black on 


outside 


stony interior 


Stony meteorite 

The stony composition of this 
meteorite is visible on its broken 
surface. Its outside has melted on its 
passage through the atmosphere. 


Í VARIANTS 


STONY METEORITE 


These meteorites can be divided into chondrites and 
achondrites, which are named after chondrules—small, 
igneous, Silicate spheres that dominate most chondritic 
meteorites. Chondrules are largely made up of pyroxene 
and olivine (p.232), with lesser amounts of glass, and may 


o a with contain calcium-rich feldspar (pp.173-81). They can be up to 
q a a Ain (1cm) wide. Chondritic asteroids are some of the oldest 


and most primitive astronomical bodies in the Solar System. 
They may have formed by rapid heating in the cloud of dust 
from which the Solar System originated. More than 80 
percent of the meteorites that fall to Earth are chondrites. 
Achondritic meteorites, in which chondrules are 

absent, are believed to represent the crust or mantle of 
asteroids that developed separate mineral shells around 

an iron-nickel core. They are similar to igneous rocks 
(pp.258-85) and impact breccias on Earth. Although 
Chondrite Variant of stony most achondrites appear to come from asteroids, about 
ee eee eres 20 of those recovered are believed to have originated on 

Mars and another 20 on the Moon. 


GLOSSARY 


ACCESSORY MINERAL 

A mineral that occurs in a 
rock in such small amounts 
that it is disregarded in 

the definition of the rock. 


ACICULAR HABIT 
A needlelike crystal habit of 
some minerals. See also habit. 


ADAMANTINE LUSTER 

A type of bright mineral luster 
similar to that of diamond. See 
also /uster. 


AGGREGATE 
An accumulation of mineral 
crystals or rock fragments. 


ALKALINE ROCK 

A Class of igneous rocks 
abundant in potassium- and 
sodium-rich minerals. 


ALTERATION 

The chemical, thermal, or 
pressure process or processes 
by which one rock or mineral 
is changed into another. 


ALTERATION PRODUCT 

A new rock or mineral formed 
by the alteration of a previous 
one. See also alteration. 


ALUM 

Any of a group of hydrated 
double salts, usually consisting 
of aluminum sulfate, water of 
hydration, and the sulfate 

of another element. 


AMYGDALE 

A secondary in-filling of a void 
in an igneous rock. Minerals 
that occur as amygdales 
include quartz, calcite, and 
the zeolites. 


ASSOCIATED MINERALS 
Minerals found growing 
together but not 
necessarily intergrown. 
See also intergrowth. 


AUREOLE 

The area around an igneous 
intrusion where contact 
metamorphism has occurred. 


BASAL CLEAVAGE 
Cleavage that occurs parallel 
to the basal crystal plane of a 
mineral. See also cleavage. 


BATHOLITH 

A huge, irregularly shaped 
mass of igneous rock formed 
from the intrusion of magma 
at depth. See also magma. 


BLADED HABIT 

A crystal habit in which wide, 
flat crystals appear similar to 
knife blades. See also habit. 


BOTRYOIDAL HABIT 

A mineral habit in which 
crystals form globular 
aggregates similar to bunches. 
See also aggregate, habit. 


BRECCIA 

A sedimentary rock made up 
of angular fragments. See also 
igneous breccia. 


CABOCHON 

A gemstone cut with a domed 
upper surface and a flat 

or domed under surface; 
gemstones cut in this way 

are said to be cut en cabochon. 
See also cut, gem, gemstone. 


CARAT 

A unit of gemstone weight, 
equivalent to 0.007 oz (0.28). 
Carat (also spelled "Karat") is 
also a measure of gold purity, 
the number of parts of gold in 
24 parts of a gold alloy: 24 kt is 
pure gold; 18kt is three quarters 
gold. See also gem, gemstone. 


CHATOYANCY 

The cat's-eye effect shown by 
some stones cut en cabochon. 
See also cabochon. 


CLAST 

A fragment of rock, especially 
when incorporated into a 
sedimentary rock. 


CLASTIC ROCK 

A sedimentary rock composed 
of cemented clasts. See 

also clast. 


CLAY 
Mineral particles smaller than 
about 0.00008 in (0.002 mm). 


CLEAVAGE 

The way certain minerals break 
along planes dictated by their 
atomic structure. 


COLLOID 

Any substance that consists 
of particles substantially 
larger than atoms or 
molecules but too small 

to be visible to the 

unaided eye. 


COLOR DISPERSION 
The separation of white light 
into its constituent colors. 


CONCHOIDAL FRACTURE 
A curved or shell-like fracture 
in many minerals and some 
rocks. See also fracture. 


CONCRETION 

A rounded, nodular mass 

of rock formed from its 
enclosing rock and commonly 
found in beds of sandstone, 
Shale, or clay. 


CONTACT TWINNING 

The phenomenon of 

two or more crystals 
growing in parallel contact 
with each other and sharing 
a common face. See also 
twinned crystals. 


CRYPTOCRYSTALLINE HABIT 
A mineral habit that is crystalline 
but very fine-grained. Individual 
crystallized components 

can be seen only under a 
microscope. See also habit. 


CUT 

The final shape of a ground 
and polished gem, as in 
emerald cut. See also gem, 
gemstone, gem cutting. 


DENDRITIC HABIT 

A type of habit in which 
crystals form branching, 
treelike shapes. See 
also habit. 


DETRITAL ROCKS 
Sedimentary rocks formed 
essentially of fragments 
and grains derived from 
existing rocks. See also 
sedimentary rock. 


DIATOMACEOUS EARTH 

A sedimentary rock composed 
of the siliceous shells Of 
microscopic aquatic plants 
known as diatoms. 


DIFFRACTION 

The splitting of light into 
its component colors. 
See also x-ray diffraction. 


DIKE 

A sheet-shaped igneous 
intrusion that cuts across 
existing rock structures. 


DISCOVERY/TYPE LOCALITY 
The site where a mineral 

was first recognized as a 

new mineral. 


DOUBLE REFRACTION 
The splitting of light into two 
separate rays as it enters 

a stone. 


DRUSY COATING 
A sheet of numerous, often 
well-formed, small crystals 
covering a mineral. 


DULL LUSTER 

A type of luster in which little 
or no light is reflected. See 
also luster. 


EARTHY LUSTER 
A nonreflective mineral luster. 
See also luster. 


EQUANT 

A mineral habit that refers to a 
crystal that is of equal size in 
all directions; a rock composed 
of grains of equal size. 


EUHEDRAL 
A term describing crystals with 
well-formed faces. 


EVAPORITE 
A mineral or rock formed by 
the evaporation of saline water. 


EXTRUSIVE ROCK 
A rock formed from lava that 
either flowed onto Earth's 


Surface or was ejected as 
pyroclastic material. See also 
intrusive rock, lava. 


FACES 
The external flat surfaces that 
make up a crystal’s shape. 


FELDSPATHOIDS 

Minerals similar in chemistry 
and structure to the feldspars 
but with less silica. 


FELSIC ROCK 

An igneous rock with more 
than 65 percent silica and more 
than 20 percent quartz. It is 
also known as acidic rock. 


FISSILE TEXTURE 

A rock texture that allows the 
rock to be split into sheets. 
See also texture. 


FLOW BANDING 

Layering in a rock that 
originated when the rock 
was in a fluid, molten state. 


FOLIATION 

The laminated, parallel 
orientation or segregation 
of minerals. 


FOSSIL 

Any record of past life 
preserved in the crustal rocks. 
Apart from bones and shells, 
fossils can include footprints, 
excrement, and borings. 


FRACTURE 

Mineral breakage that occurs 
at locations other than along 
cleavage planes. See also 
cleavage. 


FUMAROLE 

In volcanic regions, an opening 
in the ground through which 
hot gases are emitted. 


GARNET 

A member of a group of 
Silicates with the general 
formula A3B2(SiO4)3 in which 
A can be Ca, Fe”*, Mg, or Mn+; 
and B can be Al, Cr, Fe+, Mn*, 
Si, Ti, V, or Zr. 


GEODE 

A hollow, generally rounded 
nodule lined with crystals. 
See also nodule. 


GEM, GEMSTONE 

A cut stone worn in jewelry, 
valued for its color, rarity, 
texture, or clarity. It may even 
be an unset stone cut for use 
as jewelry. See also cut, rough 
gemstone. 


GEM CUTTING 

The process of shaping a 
gemstone by grinding and 
polishing. See also cut, 
gem, gemstone. 


GLASS 

A solid substance showing no 
crystalline structure—in effect, 
a very thick liquid. See also 
glassy texture. 


GLASSY TEXTURE 

The smooth consistency of 
an igneous rock in which 
glass formed due to rapid 
solidification. See also 
glass, texture. 


GRANULAR TEXTURE 

A rock or mineral texture that 
either includes grains or is 

in the form of grains. See 
also texture. 


GRAPHIC TEXTURE 

The surface appearance of 
some igneous rocks in which 
quartz and feldspar have 
intergrown to produce an 
effect resembling a written 
script. See also texture. 


HABIT 

The mode of growth and 
appearance of a mineral. 
The habit of a mineral results 
from its molecular structure. 


HACKLY FRACTURE 

A mineral fracture that has 

a rough surface with small 
protuberances, as on a piece 
of broken cast iron. See 

also fracture. 


HEMIMORPHIC FORM 

A crystalline form with a 
different facial development 
at each end. 


HOPPER CRYSTAL 

A crystal whose incomplete 
growth has created a hopper- 
shaped concavity on one or 
more faces. 


HYDROTHERMAL DEPOSIT 
A mineral deposit that is 
formed by hot water 

ejected from deep within 
Earth's crust. 


HYDROTHERMAL MINERAL 
A mineral that is derived 


from hydrothermal deposition. 


See also hydrothermal 
deposit. 


HYDROTHERMAL VEIN 

A rock fracture in which 
minerals have been deposited 
by fluids from deep within 
Earth's crust. See also 
hydrothermal deposit, 
pegmatite, vein. 


HYPABYSSAL 

A term describing minor 
igneous intrusions at 
relatively shallow depths 
within Earth's crust. 


IGNEOUS BRECCIA 

An igneous rock made up 
of angular fragments. See 
also breccia. 


IGNEOUS ROCK 

A rock that is formed 
through the solidification 
of molten rock. 


INCLUSION 

A crystal or fragment of 
another substance within 
a crystal or rock. 


INTERGROWTH 

Two or more minerals 
that are growing together 
and interpenetrating each 
other. See also associated 
minerals. 


INTERMEDIATE ROCK 

An igneous rock that is 
intermediate in composition 
between silica-rich and 
silica-poor rocks. 


INTRUSIVE ROCK 

A body of igneous rock that 
invades older rock. See also 
extrusive rock. 


IRIDESCENCE 

The reflection of light from 
the internal elements of a 
stone, yielding a rainbowlike 
play of colors. 


LAMELLAR HABIT 

A type of crystal habit in which 
plates or flakes occur in thin 
layers or scales. See also habit. 


LAVA 

Molten rock that is extruded 
onto Earth's surface. See 
also magma. 


LITHIFICATION 

The process by which 
unconsolidated sediment 
turns to stone. See 

also recrystallization. 


LUSTER 
The shine of a mineral caused 
by reflected light. 


MAFIC ROCK 

An igneous rock with 45-55 
percent silica. Such rocks have 
less than 10 percent quartz 
and are rich in iron-magnesium 
minerals.They are also known 
as basic rocks. See also 
ultramafic rock. 


MAGMA 

Molten rock that may 
crystallize beneath Earth's 
surface or be erupted as lava. 
See also lava. 


MAMILLARY HABIT 

A mineral habit in which 
crystals form rounded 
aggregates. See also 
aggregate, habit. 


MASSIVE 
A mineral form having no 
definite shape. 


MATRIX 

A fine-grained rock into 
which or on top of which 
larger crystals appear to be 
set. It is also Known as 

a groundmass. 


METAL 

A substance that is 
characterized by high electrical 
and thermal conductivity 

as well as by malleability, 
ductility, and high reflectivity 
of light. 


METALLIC LUSTER 

A shine similar to the typical 
shine of polished metal. See 
also /uster. 


METAMORPHIC ROCK 
A rock that has been 
transformed by heat or 
pressure (or both) into 
another rock. 


METEOR 

A rock from space that 
completely vaporizes while 
passing through Earth's 
atmosphere. 


METEORITE 
A rock from space that reaches 
Earth's surface. 


MICA 

Any of a group of hydrous 
potassium or aluminum 
silicate minerals. These 
minerals exhibit a two- 
dimensional sheet- or 
layerlike structure. 


MICROCRYSTALLINE HABIT 
A mineral habit in which 
crystals are so minuscule that 
they can be detected only 
with the aid of a microscope. 
See also habit. 


MINERAL GROUP 

Two or more minerals that 
share common structural and/ 
or chemical properties. 


MOONSTONE 

A gem-quality feldspar 
mineral that exhibits a silvery 
or bluish iridescence. Several 
feldspars, especially some 
plagioclases, are called 
moonstone. 


NATIVE ELEMENT 

A chemical element that is 
found in nature uncombined 
with other elements. 


NODULE 

A generally rounded accretion 
of sedimentary material that 
differs from its enclosing 
sedimentary rock. 


NONMETAL 

An element, such as sulfur, 
which lacks some or all of 
the properties of metals. See 
also metal. 


OOLITHS 
Individual spherical 
sedimentary grains from which 


oolitic rocks are formed. Most 
ooliths comprise concentric 
layers of calcite. 


ORE 

A rock or mineral from 
which a metal can be 
profitably extracted. 


OXIDATION 

The process of combining with 
oxygen. In minerals, the oxygen 
can come from the air or water. 


PEGMATITE 

A hydrothermal vein composed 
of large crystals. See also 
hydrothermal vein. 


PENETRATION TWINNING 
The phenomenon of two or 
more crystals forming from a 
common center and appearing 
to penetrate each other. See 
also twinned crystals. 


PHENOCRYST 

A large crystal set in an 
igneous rock matrix, creating 
a porphyritic texture. See also 
porphyritic texture. 


PISOLITIC HABIT 

A mineral habit characterized 
by pea-sized grains with a 
concentric inner structure. 
See also habit. 


PLACER, PLACER DEPOSIT 
A deposit of minerals derived 
by weathering and 
concentrated in streams 

or beaches because of the 
mineral's high specific gravity. 


PLASTIC ROCK 

A type of rock that is easily 
folded when subjected to high 
temperature and pressure. 


PLATY HABIT 
The growth habit shown by flat, 
thin crystals. See also habit. 


PLAYA DEPOSIT 

A mineral deposit formed 

in a desert basin that is 
intermittently filled with a lake. 


PLEOCHROIC, PLEOCHROISM 
The phenomenon of a mineral 
or gem presenting different 
colors to the eye when viewed 
from different directions. 


PLUTON 

A mass of igneous (plutonic) 
rock that has formed beneath 
Earth's surface by the 
solidification of magma. 


POLYMORPH 

A substance that can exist 
in two or more crystalline 
forms; one crystalline form 
of such a substance. See 
also pseudomorph. 


PORPHYRITIC TEXTURE 
An igneous rock texture in 
which large crystals are set 
in a finer matrix. See also 
phenocryst, texture. 


PORPHYROBLAST 

A relatively large crystal set 
in a fine-grained matrix in 

a metamorphic rock. 


PORPHYROBLASTIC TEXTURE 
A texture characterized 

by relatively large crystals 

in a fine-grained matrix. See 
also texture. 


PRECIPITATION 
The condensation of a solid 
from a liquid or gas. 


PRIMARY MINERAL 

A mineral that has crystallized 
directly from an igneous 
magma and is unaltered 

by rain, groundwater, or 

other agents. See also 
secondary mineral. 


PRISMATIC HABIT 

A mineral habit in which 
parallel rectangular crystal 
faces form prisms. See 
also habit. 


PROTOLITH 

A rock that existed prior to 
undergoing metamorphic 
transformation into a different 
rock type. 


PSEUDOMORPH 

A crystal with the outward 
form of another species of 
mineral. See also polymorph. 


PYRAMIDAL HABIT 

A crystal habit in which 
the principal faces join at 
a point. When two such 
pyramids are placed base 


to base, the crystal is said to 
be di- or bi-pyramidal. See 
also habit. 


PYROCLASTIC ROCK 

A rock consisting of airborne 
material ejected from a 
volcanic vent. 


PYROXENE 

A member of a group of 

21 rock-forming silicate 
minerals that typically form 
elongate crystals. 


RADIOMETRIC DATING 

The determination of absolute 
ages of minerals and rocks 

by measuring certain 
radioactive and radiogenic 
atoms in them. 


RARE-EARTH MINERAL 

A mineral containing a 
significant portion of one 

or more of the 17 rare-earth 
elements, principally ytterbium, 
gadolinium, neodymium, 
praseodymium, cerium, 
lanthanum, yttrium, 

and scandium. 


RECRYSTALLIZATION 
The redistribution of 
components to form 

new minerals or mineral 
crystals; in some cases 
new rocks form. It occurs 
during lithification and 
metamorphism. See 

also lithification. 


REFRACTIVE INDEX 

A measure of the slowing 
down and bending of light as 
it enters a stone. It is used to 
identify cut gemstones and 
some minerals. See also cut, 
gem, gemstone. 


RENIFORM HABIT 

A mineral habit with a 
kidneylike appearance. 
See also habit. 


REPLACEMENT DEPOSIT 
A deposit formed from 
minerals that have 

been altered. See also 
alteration product. 


RESINOUS LUSTER 
A shine having the reflectivity 
of resin. See also luster. 


RETICULATED 
Having a network or a netlike 
mode of crystallization. 


ROCK FLOUR 

Very fine-grained rock 
dust, often the product 
of glacial action. 


ROUGH GEMSTONE 
An uncut gemstone. See also 
cut, gem, gemstone. 


SALT DOME 

A large, intrusive mass of salt, 
sometimes with petroleum 
trapped beneath. 


SCHILLER EFFECT 

The brilliant play of bright 
colors in a crystal, which is 
often due to minute, rodlike 
inclusions. 


SCHISTOSITY 

A foliation that occurs in 
coarse-grained metamorphic 
rocks. It is the result of 

platy mineral grains. See 

also foliation. 


SCORIACEOUS 

A term for lava or other 
volcanic material that is 
heavily pitted with hollows 
and cavities. See also lava. 


SECONDARY MINERAL 

A mineral that replaces 
another mineral as a 

result of weathering or 
alteration. See also alteration, 
primary mineral. 


SECTILE 

The property of a mineral that 
allows it to be cut smoothly 
with a knife. See also fracture. 


SEDIMENTARY ROCK 

A rock that either originates 
on Earth's surface as an 
accumulation of sediments 
or precipitates from water. 


SEMIMETAL 

A metal, such as arsenic or 
bismuth, that is not malleable. 
See also metal. 


SILICA-POOR ROCKS 
Rocks containing less than 
50 percent silica. See also 
silica-rich rocks. 


SILICA-RICH ROCKS 
Rocks containing more than 
50 percent silica. See also 
Silica-poor rocks. 


SLATY CLEAVAGE 

The tendency of a rock, such 
as slate, to break along flat 
planes into thin, flat sheets. 
See also cleavage. 


SOLID-SOLUTION SERIES 
A series of minerals in which 
certain chemical components 
are variable between two 
end-members with 

fixed composition. 


SPECIFIC GRAVITY 

The ratio of the mass of a 
mineral to the mass of an 
equal volume of water. Specific 
gravity is numerically 
equivalent to density (mass 
divided by volume) in grams 
per cubic centimeter. 


SPHEROIDAL HABIT 

A crystal habit in which 
numerous crystals radiate 
outwards to form a spherical 
mass. See also habit. 


STALACTITIC HABIT 

A mineral habit in which the 
crystalline components are 
arranged in radiating groups 
of diminishing size, giving the 
appearance of icicles. See 
also habit. 


STRIATION 
A parallel groove or line 
appearing on a crystal. 


SUBLIMATION, SUBLIMATE 
The process by which a 
substance moves directly from 


a gaseous state to a solid state. 


A sublimate is the solid 
product of sublimation. 


SUNSTONE 

A gemstone variety of feldspar 
with minute, platelike 
inclusions of iron oxide 
oriented parallel to one 
another throughout. See 
also gem, gemstone. 


TABULAR HABIT 

A crystal habit in which the 
crystals have long, flat, parallel 
faces. See also habit. 


TERMINATION 
Faces that make up the ends 
of a crystal. 


TEXTURE 

The size, shape, and 
relationships between rock 
grains or crystals. 


TWINNED CRYSTALS 
Crystals that grow together as 
mirror images with a common 
face (contact twins) or grow 
at angles up to 90 degrees 

to each other and appear to 
penetrate each other 
(penetration twins). 


ULTRAMAFIC ROCK 

An igneous rock with less than 
45 percent silica. It is also 
known as an ultrabasic rock. 
See also mafic rock. 


VEIN 

A thin, sheetlike mass of 
rock that fills fractures in 
other rocks. 


VESICLE 

A small, spherical or oval cavity 
produced by a bubble of gas 

or vapor in lava, left after 

the lava has solidified. See 

also lava. 


VITREOUS LUSTER 
A shine resembling that 
of glass. See also luster. 


VOLCANIC PIPE 
A fissure through which lava 
flows. See also /ava. 


WELL-SORTED ROCK 

A sediment or sedimentary 
rock with grains or clasts that 
are roughly of the same size. 


X-RAY DIFFRACTION 

The passing of x-rays through 
a crystal to determine its 
internal structure by the 

way in which the x-rays are 
scattered. See also diffraction. 


ZEOLITE 

A group of hydrous aluminum 
Silicates characterized by 
their easy and reversible 

loss of water. 


INDEX 


Page numbers in bold indicate 
main entries. 


A 


a axis, crystals 20, 22-23 
abalone 249 
acanthite 49, 54, 69, 72 
accessory minerals 10 
achondrites 334, 337 
achroite 224 
acicular crystals 21 
acicular epidote 230 
acids, for cleaning 32-33 
acmite 209 
actinolite 90, 213, 217, 219, 220, 
291,276 
Adam, G.J. 160 
adamite 160, 161, 165 
Aegir 209 
aegirine 76, 182, 209, 262 
agate 168, 169, 170 
age-dating, radiometric 309, 334 
agglomerate 283, 284 
aggregates, crystal 21 
ailsite 222 
alabaster 114 
albite 76-77, 86, 177, 262 
in granite 11 
solid-solution series 167 
twinning 19 
alexandrite 81 
alexandrite effect 244 
almandine 221, 243 
aluminum 98-99, 101, 108, 326 
and halides 106 
ores 100 
aluminum oxide 74, 95, 101 
aluminum phosphate 158 
aluminum silicate 194, 236-37 
amazonite 175 
amber 13, 246, 250, 251 
amesite 191 
amethyst 13, 148, 168, 170 
amphibole 191, 270, 278-79, 317 
amphibolite 180, 218, 231, 296 
analcime 185, 190 
anatase 76, 77 
and other minerals 124-25, 139, 
160-62, 203 
andalusite 236, 294 
Andes Mountains 181 
andesine 167, 181, 264, 275 
andesite 257,275 
and minerals 180-81, 
188-89, 207 
and other rocks 274, 278 
andradite 302 
anglesite 54,119, 132 
anhydrite 67, 128-29, 133, 323-24 
Anker, M.J. 122 
ankerite 122 
annabergite 163 
annivite 73 
anorthite 167, 179 
anorthoclase 167, 176 
anorthosite 179, 261 
anthophyllite 216, 300 
anthracite 253 
antigorite 191 
antimony 41, 45, 61, 65, 68, 71, 73 


antimony sulfide 61 
Apache Tears 280 
apatite 13, 17, 148 
and other minerals 85, 153-54, 
156, 176 
and rocks 262, 321 
crystal system 22 
aplite 186 
apophyllite 11, 186, 188, 204 
appearance, crystal 21 
aquamarine 134, 148, 225, 260 
aragonite 115, 246-49 
arfvedsomite 262 
argentite 49 
argentopentlandite 55 
arkose 311 
arsenates 13, 147, 160-165 
arsenic 41, 45, 58, 59, 72, 73, 151 
in arsenates 147 
native element 36 
arsenic sulfide 59 
arsenopyrite 83, 148 
asbestos 192 
actinolite 220 
anthophyllite 216 
blue 222 
glaucophane 221 
riebeckite 222 
tremolite 219 
ash tuff 282 
asterism effect 78 
asteroids 27, 334-35, 337 
atacamite 106 
atomic structure 18 
augen gneiss 288 
augite 176, 179, 182, 211, 265 
in gabbro 11 
aureole 287 
autunite 149, 152 
axinite 23, 228 
axis, crystallographic 20, 22-23 
azurite 10, 14, 113, 120 


B 


b axis, crystals 23 
babbitt metals 41 
bags, for collecting 32 
baguette cut 25 
banded iron formation 329 
banded ironstone 329 
barite 11, 61, 66, 73, 103, 116, 134, 
155, 164 
cleavage 16 
crystal structure 131 
barium 94, 113, 116 
barium carbonate 116 
barium sulfate 134 
basalt 257, 273 
and other minerals 96, 180, 204, 
207, 211 
and other rocks 265-66, 
299317 
zeolites 186-90 
batholith 256 
battery, lithium 198 
bauxite 97, 100, 101, 104, 194, 326 
beaches, collecting on 28-29 
bentonite 200 
Bergmann, Torbern Olaf 152 


beryl 20, 198, 225, 240 
beryllium 225 
beryllium aluminum oxide 81 
Biot, Jean-Baptiste 197 
biotite 11, 197 
and extrusive igneous rocks 
274-75, 278-79 
and intrusive igneous rocks 258, 
262-64 
and metamorphic rocks 288, 
291-92, 294 
and other minerals 181, 199, 233 
and subvolcanic igneous 
rocks 270 
biotite schist 292 
bismuth 40, 41, 66, 73 
bitumen 246 
bituminous coal 253 
bixbyite 98 
black coral 247 
“black granite” 264, 268 
black-lip shell 248 
black mica 197 
black silver ore 69 
bladed crystals 21 
blastomylonite 289 
blister pearl 248 
blocky crystals 21 
blue asbestos 222 
blue coral 247 
Blue John 109 
blue labradorite 180 
blue ocher 157 
blue porphyry 181 
blue vitriol 138 
bluestone 268 
boart diamond 47 
bog iron 102, 327 
bohernite 100 
boleite 323 
bomb, volcanic 282, 285 
bomb tuff 282 
boracite, crystal structure 126 
borates 13, 126, 127-130 
borax 126, 127, 129-30 
Born, Ignaz von 50 
bornite 10, 50, 51-52, 67, 73 
crystal structure 48 
boron 126-27, 130 
bort diamond 47 
botryoidal habit 21 
boulder clay 318 
boulder-conglomerate 306 
boulder opal 172 
Bournon, Count J.L. de 71 
bournonite 65, 71 
bradawl, for cleaning 32 
brain coral 247 
breadcrust bomb 285 
breccia 307 
marble 301 
volcanic 283, 284 
Breithaupt, August 178 
brilliant cut, diamond 25 
brittle minerals 16 
brittle silver ore 69 
Brochant de Villiers, A.J.M. 139 
brochantite 139, 161-62 
bromine 106 
bronze 37 


Brooke, H.J. 77 

brookite 76, 77 

brown topaz 234 

brown Zircon 233 

Bruce, Archibald 105 
brucite 13, 105, 298 
“Bruneau jasper” 171 
brushes, for cleaning 31-33 
butterfly spar 114 
bytownite 167, 261 


C 


c axis, crystals 20, 22-23 
calamine 227 
calc-tufa 330 
calcareous tufa 330 
calcite 9, 11, 17, 114 
and other minerals 88, 103, 112, 
115, 121, 141, 249 
and other rocks 269, 272, 296, 
301-02 
and sedimentary rocks 309-10, 
313, 316-17, 319-21, 330, 333 
and silicate minerals 183, 186, 
190, 193, 205,229 
and sulfur minerals 51, 58, 68, 
70,72 
as a carbonate 113 
as a cementing agent 304 
as an organic mineral 246 
crystal structure 113 
fluorescence 17 
luster 15 
refraction 17 
calcium 89 
calcium aluminum silicate 205, 
231,245 
calcium aluminosilicate 179 
calcium bentonite 200 
calcium borosilicate hydroxide 129 
calcium carbonate 114, 122, 
247,249 
calcium magnesium silicate 
217,219. 
calcium phosphate 148 
calcium sulfate hydrate 136 
calcium sulfite 133 
calcium titanium oxide 89 
calcium titanium silicate 235 
calcium tungstate 146 
calcium uranium phosphate 149 
calomel 112 
campylite 164 
carbon 36, 46-47 
carbonado 47 
carbonate cycle 246 
carbonates 8, 9, 13, 113, 
114-125, 313 
carbonatite 117, 122, 272, 284 
Carnall, Rudolf von 107 
carnallite 106, 107 
carnelian 24, 169 
Carno, Marie-Adolphe 159 
carnotite 147, 152, 159 
cassiterite 74, 79, 83, 241 
cat's eye chrysoberyl 81 
catalytic converters 223 
caustic potash 107 
celestine 13, 135 
cementing in sedimentary 
rocks 304 
cerium 74, 89, 93 
cerium oxide 150 
cerium phosphate 150 


cerussite 54, 113, 119, 124, 
143,151 
twinning 19 
cesium 198, 270, 272 
chabazite 189 
chalcanthite 137, 138 
chalcedony 168, 169, 170, 203 
chalcocite 50, 51, 52 
chalcophyllite 162 
chalcopyrite 57, 138 
and sulfide minerals 50-52, 
54-55 
and sulfosalt minerals 66-67, 
ZIZ 
fracture 16 
streak 15 
chalcosine 13, 51 
chalcotrichite 87 
chalk 63, 196, 321, 331-32 
chalybite 123 
chamosite 328 
chatoyancy 81 
chemical elements, table of 12 
chemical sedimentary rocks 305 
chert 321, 329, 331, 332 
as sedimentary rock 305 
chessylite 120 
chiastolite 236, 303 
chiastolite slate 293 
“chimney,” seafloor 
hydrothermal 133 
chisels, for collecting 30 
chlorapatite 148 
chlorine 106 
chlorite, 
and other minerals 38, 89, 
105,221 
and rocks 289, 291-92, 294, 300, 
319,322 
chlorite schist 118 
chocolate 201 
chondrites 334, 337 
chondrules 334, 337 
chromates 13, 131, 142 
chrome diopside 210, 269 
chrome yellow 142 
chromite 74, 96, 99 
chromium 74 
and minerals 96, 99, 104, 142 
and rocks 265-66, 270, 331 
in chromates 131 
in emerald 225 
chrysoberyl 81 
chrysocolla 10, 125, 203, 226 
chrysoprase 169 
chrysotile 191, 192 
cinnabar 56, 61, 112 
cinnamon stone 245 
citrine 168 
clams 248 
clastic sedimentary rocks 304-05 
clay 6s. 101,123, 134, 171,202 313 
boulder 318 
clay-based minerals 200-206 
clay ironstone 331 
cleaning specimens 32-33 
cleavage 16 
cleavelandite 173, 177 
clinochrysotile 192 
clinoclase 161, 162 
clothing, for collecting 31 
coal 253 
and minerals 60, 62-63, 123, 137, 
140, 246, 251-52 
as a hydrocarbon 12 


cobalt 45, 55 
cobalt arsenate hydrate 163 
cobalt bloom 163 
cobaltpentlandite 55 
cobble-congolmerate 306 
cockscomb barite 134 
cogwheel ore 65, 71 
Coleman, William 130 
colemanite 126, 128, 130 
collecting rocks and minerals 
28-29 
code 29 
equipment 30-31 
color of minerals 14 
coltan series 82 
columbite 84 
columbite-tantalite 82 
comet Wild 2 179 
common mica 195 
compass, magnetic 29 
conch 249 
conchiolin 247 
conchoidal fracture 16 
concretion 333 
conglomerate 83, 306 
contact metamorphism 287 
continental drift 318 
copal 246, 250, 251 
copalite 251 
copper 37 
and other minerals 40, 43, 48, 74, 
117120125 
and rocks 302 
and sulfur minerals 50-52, 54, 
57:60, 6% 19; 131-139 
ductile 16 
native element 8, 10, 13, 36 
copper aluminum phosphate 154 
copper aluminum silicate 203 
copper arsenic sulfide 67 
copper carbonate 120 
copper glace 51 
copper iron arsenic sulfide 66 
copper iron sulfide 50, 57 
copper oxide 87 
copper sulfate hydrate 138-39 
copper sulfide 52, 161 
coral 246, 247, 319 
Cordier, Pierre L.A. 223 
cordierite 223, 236-37, 
294, 303 
correction fluid, for labeling 29 
corundum 17, 74, 81, 95, 104, 
236-37 
corundum schist 292 
cotton stones 188 
Covelli, Niccolo 52 
covellite 51, 52, 67 
Cretaceous Period 321 
crocidolite 222 
crocoite 15, 142 
cryolite 106, 108 
cryptocrystalline quartz 331 
crystal axes 20, 22-23 
crystals 18-23 
aggregates 21 
appearance 21 
axes 20, 22-23 
cubic 19, 20, 22 
faces 20 
forms 20 
habits 18, 20-21 
hexagonal 22 
monoclinic 23 
orthorhomic 23 


crystals continued 
structure 18 
symmetry 19 
systems 19, 22-23 
tetragonal 22 
triclinic 23 
trigonal 22 
twinning 19 
cubic crystals 20, 22 
cuprite 74, 87, 162 
Curie, Pierre and Marie 83 
curling 222 
cushion cut 25 
cuts, gems 25 
cuttlefish 206 
cycle, rock 27 
cyclic twinning 19 
cyclosilicates 166, 223-26 
cyprine 229 


D 


dacite 263, 274, 283 
dark ruby silver 70 
de Bournon, Count J.L. 71 
de Dolomieu, Déodat Gratet 117 
de Villiers, A.J.M. Brochant 139 
denarius coins 70 
dendritic crystals 21 
deposition 304 
desert rose barite 134 
desert rose gypsum 136 
diabase 190 
diamond 17, 47 
and other minerals 36, 46, 81, 90, 
95,99, 201, 233-35, 243 
and rocks 269-70, 299, 306 
faceting 25 
mining 24 
synthetic 12 
diaspore, crystal structure 100 
diatomaceous earth 325 
diatomite 325 
diatoms 325 
dickite 201 
dike 256 
dinosaurs 333 
diopside 210 
and other minerals 209, 211, 214, 
219 229 245 
and rocks 297, 299, 302 
dioptase 226 
diorite 90, 178, 180-81, 263, 
264, 275 
dirty sandstone 317 
diaspore 104 
displaying specimens 33 
dodecahedral crystal form 20 
dogtooth spar 114 
dolerite 186, 207, 268 
Dolomieu, Déodat Gratet de 117 
dolomite, 
and other minerals 54, 60, 
68, 122, 140, 184, 210, 217, 241 
and rocks 272, 284, 301-02, 
314,324 
as a carbonate 113 
as a mineral 117 
as a rock 320 
occurrence 9 
dolomitization 320 
dolostone 320 
double refraction 17 
“dragon's blood” 56 
dravite 224 


ductile minerals 16 
dynamic metamorphism 286 
dysprosium 93 


E 


earth, diatomaceous 325 
eclogite 299 
elastic minerals 16 
elbaite 224 
electrical charge 9 
elements, 

native 36 

table of 12 

trace 14 
emerald 12, 225, 226 
enargite 67 
enstatite 208 
epidote 214, 221, 230, 296 
epsom salts 140 
epsomite 140 
equant crystals 21 
equipment, for collecting 30-31 
erbium 93 
erythrite 163 
essential minerals 10 
euclase 240 
eucryptite 212 
eudialyte 262 
extrusive igneous rocks 26-27, 

257, 273-79 

eye shadow 183 


F 


faces, crystal 20, 22-23 
faceting, gems 25 
facies, grabulite 297 
fayalite 232 
solid solution 10 
feldspar porphyry 271 
feldspars 9, 93, 173-181 
and igneous rocks 258-60, 262, 
275, 278, 280 
and metamorphic rocks 288, 
290-91, 293-94, 296 
and minerals 202, 233 
and sedimentary rocks 310, 313, 
316-17; 336-37 
plagioclase 261, 264 
series 167 
twinning 19 
feldspathoids 182-184, 270 
felsic rocks 257 
Ferber, Moritz Rudolph 145 
ferberite 64, 79, 145 
Ferguson, Robert 93 
fergusonite 93 
ferroactinolite 219, 220 
ferroanthophyllite 216 
ferroaxinite 228 
ferrocolumbite 82 
ferroglaucophane 221 
ferrohornblende 218 
ferrosilite 208 
fertilizers 147, 185 
fibrous habit 21 
field equipment, collecting 
30-31 
field techniques, collecting 
28-29 
fingernail test 17 
fire agate 170 
fire opal 172 
fireworks 126 


“fishtail” gypsum 19, 136 

flexible minerals 16 

flint 321, 331;-332 

flos ferri 115 

flour, rock 318 

flow banding 278, 280 

fluorapophyllite 204 

fluorescence 17 

fluoridated manganese 

phosphate 153 

fluorine 106 

fluorite 17, 64, 66, 76, 109, 121 
color range 14 
crystal structure 106 

fluorspar 109 

fool's gold 62 

formanite-(Y) 93 

forsterite 10, 193, 232 

fortification agate 170 

fossils 63, 310, 313, 315-16, 319, 

321, 325, 328, 330, 332-33 

sedimentary rock 305 

fracture 16 

franklinite 88, 96 

frost 75 

fuchsite 195, 221 

fumaroles 8, 36, 44, 133, 141 

Funerary Temple 202 


G 


gabbro 90, 180, 261, 265, 
267-68, 296 
Gahn, John Gottlieb 97 
gahnite 96, 97 
galena 11, 54 
and carbonates 116, 119, 121 
and phosphates 151, 155 
and sulfur minerals 49, 51, 53, 
61, 65, 67, 70-73, 132 
luster 15 
garlic odor 59 
garnet 11, 242-45 
and minerals 42, 84, 147, 214 
and rocks 261, 267, 269, 288, 
291, 296-97, 299, 302 
pyrope 266 
solid-solution series 166 
garnet-chlorite schist 292 
garnet hornfels 303 
garnet schist 292 
gas, natural 12 
gelane 66 
gems 24-25 
Genesis Rock 179 
gibbsite 100 
glacial till 318 
glaciers 75 
glass 337 
muscovy 195 
volcanic 277-78, 280-81 
Glauber, Johann 141 
Glauber's salt 141 
glauberite 128, 141, 172 
glauconite 196, 309, 
321-22 
glaucophane 221, 291 
gloves, for collecting 30 
gneiss 288 
and feldspars 173, 175, 178 
and nesosilicates 235, 
238-39, 243 
and other minerals 61, 76, 
78,8197, 150 
and other rocks 290, 297, 310 


5. Measure and record the new values of 
voltage and current. 

6. Repeat steps 4 and 5 until the lowest 
resistance of the potentiometer is reached, 
taking aS many readings as possible. This 
results in the highest voltage and current 
readings for this circuit. At this point, the 


potentiometer resistance is zero ohms, and 
the current is limited to approximately 27 mA 
by the 330-ohm resistor. This resistor IS 
included in the circuit to avoid overheating the 
components when the potentiometer is set to 
zero ohms. If your circuit allows currents 
Significantly above this level as you adjust the 
potentiometer, something IS wrong. You 
Should disconnect the battery and examine 
the circuit to see if it were connected 
incorrectly. If V gets  large—above 3 or 4 
volts—and | remains small, then the diode is 
backward. Reverse it and start again. 


V (volts) | (mA) 


gneiss continued 
and other silicates 186, 190, 195, 
147,216, 218,223/23| 
as metamorphic rock 286-87 
Goethe, Johann Wolfgang von 102 
goethite 100, 102 
and halides 107, 112 
and other minerals 87, 103, 120, 
151, 155, 158, 161, 165,171 
and rocks 313, 327-28 
goggles, for collecting 30 
gold 42, 48, 146, 201, 272, 302 
crystals 36 
fracture 16 
malleable 16 
native element 8, 13, 36 
goshenite 225 
gossan 102 
granite 258 
and cyclosilicates 223, 225 
and feldspar minerals 173, 
175, 178 
and nesosilicates 234, 236, 244 
and other minerals 61, 64, 78, 97, 
108, 150, 158, 222 
and other rocks 260, 262, 264, 
270, 288, 290, 302, 310 
and phyllosilicates 195, 197, 201, 
204-05 
and zeolites 186-87, 189-90 
“black” 264, 268 
graphic 259 
hornblende 258 
metamorphism 287 
orbicular 259 
porphyritic 259 
textured 259 
granodiorite 175, 263, 264, 270, 
274, 288 
granulite 229, 243, 297 
graphic granite 259 
graphite 13, 46, 64 
and rocks 291-94, 301, 335 
green apophyllite 204 
greensand 196, 309 
greensand marl 322 
graywacke 296, 308, 317 
grinding, gems 25 
gritstone 312 
grossular 229, 245 
grossular garnet 214 
gyprock 323 
gypsum 17 
and other minerals 111, 133, 141 
and other rocks 324 
mineral 131, 136 
rock 323 


H 


habit, crystal 18, 20-21 

hackly fracture 16 

hafnium 272 

hailstones 75 

hair, Pele's 281 

halides 13, 106, 107-12 

halite 106, 110, 111, 127, 133, 324 
cubic crystal 19 

halloysite 201 

halogens 106 

hammers, for collecting 30 

hardness 17 

hats, for collecting 30 

Hausmann, Johann Friedrich 

Ludwig 98 


hausmannite 98 
hauyne 183 
heavy spar 134 
hedenbergite 209, 211 
heliodor 225 
hematite 91 
and other minerals 38, 78, 87, 90, 
92,101,107 110.171.241 
and rocks 280, 313, 321, 328-29 
luster 15 
streak 15 
hemimorphic crystal form 20 
hemimorphite 124, 160, 227 
hessonite 245 
Heuland, J.H. 187 
heulandite 186, 187, 188 
hexagonal crystal system 22 
hiddenite 212 
history, gems 24 
Hope diamond 47 
horn mercury 112 
horn quicksilver 112 
hornblende 218 
and igneous rocks 262-64, 270 
and metamorphic rocks 288, 
291, 296 
and other minerals 181 
hornblende granite 258 
hornfels 237, 303 
pyroxene 267 
How, Henry 129 
howlite 129 
Hübner, Adolf 144 
hübnerite 144, 145 
Hume, Sir Abraham 241 
humite 241 
hydrocarbons 12 
hydroxides 13, 100, 101-05 
hydroxyapophyllite 204 
hydroxyl radical 100, 148 
hypabyssal intrusive rocks 256 
hypersthene 297 


ice 12,75 
idiocrase 229 
igneous rocks 26-27, 256-57 
extrusive 26-27, 257, 273-79 
intrusive 26-27, 256, 258-67 
sub-volcanic 268-72 
volcanic 257, 280-85 
ignimbrite 282 
illite 202 
ilmenite 76, 90, 176, 265, 269 
imperial jade 213 
imperial topaz 234 
Indian pearl 248 
indicolite 224 
inosilicates 166, 207-22 
intermediate rocks 257 
intrusive igneous rocks 26-27, 256, 
258-67 
iodine 106 
iolite 223 
iridium 38 
iron 36, 39 
and meteorites 334, 335, 336-37 
and other minerals 55, 62, 101, 
109122. 123) 197 
and oxide minerals 77, 91, 92, 
98-99 
and rocks 265, 270, 302 
bog 327 
iron chromium oxide 99 


iron hat 102 
iron magnesium silicate 241 
iron mica 197 
iron oxide 92, 102, 326 
iron roses 91 
iron sulfate hydrate 137 
iron sulfide 8, 63 
iron tungstate 145 
ironstone 92, 122, 172, 328 
banded 329 
clay 331 
concretion 333 
isinglass 195 
isometric crystal system 22 


J 


jack-straw cerussite 119 
jade 213 

nephrite 219-20 
jadeite 167, 213, 221 
Jameson, Robert 68 
jamesonite 68 
jasper 168, 171 
jet 252 


K 


kamacite 39, 335 

kaolinite 138, 201 

kauri gum 250 

kernite 126, 129 

kerogen 314 

Khalkedon 169 

kidney ore 91 

Kimberley 269 

kimberlite 24, 47, 90, 96, 210, 
266, 269 

Klaproth, M.H. 83 

knives, for collecting 31 

Krakatoa 277 

kunzite 212 

kyanite 236, 238, 291, 295 

kyanite schist 291-92 


L 


labeling specimens 33 
labradorite 167, 180, 261 
laccoliths 256 
lamellar crystals 21 
Lamma, Statue of 162 
lamproite 47 
lamprophyre 270 
lanthanum 93, 150 
lanthanum phosphate 150 
lapilli 285 
lapilli tuff 282 
lapis lazuli 183, 184 
larvikite 176 
laterite 104, 326 
lattice, crystal 18 
lava 257 
layered gabbro 265 
lazurite 183 
lead, 
and native elements 40, 41, 43 
and other minerals 113, 117, 119, 
132: 134; 142151 
and rocks 302 
and sulfide minerals 53-54, 64 
“lead,” pencil 46 
lead chloro vanadate 155 
lead copper antimony sulfide 71 
lead iron antimony sulfide 68 


lead sulfide 54 
lenses, for collecting 31 
lepidolite 86, 198, 212 
Les-Beaux-De-Provence 
(bauxite) 100 
leucite 185 
leucogabbro 265 
liddicoacite 224 
light red silver ore 72 
lignite 251, 253 
lilac jadeite 213 
limestone 305, 319 
and carbonate minerals 114, 
117-18, 122 
and metamorphic rocks 301, 302 
and other minerals 60, 63, 96-97 
and sedimentary rocks 313-14, 
317,320, 323-24, 331-32 
and silicate minerals 184, 196, 
210,214, 224; 229 241 
limestone breccia 307 
limonite 100, 151, 160 
lipstick 194 
lithification 304 
lithium 86, 97, 198, 212 
lizardite 191 
lodestone 92 
lunar rocks see Moon 
luster 15 


M 


maceral 253 
mafic rocks 257 
magma 26-27, 48, 256-57 
magnahumite 241 
magnesia, medical 105 
magnesioanthophyllite 216 
magnesioaxinite 228 
magnesiohornblende 218 
magnesite 118, 206 
magnesium 98-99, 107, 118, 
122,270 
magnesium carbonate 118 
magnesium hydroxide 105 
magnesium silicate 191 
magnesium sulfate 140 
magnetite 92 
and igneous rocks 262, 265, 267, 
269, 272 
and other minerals 85, 90, 
102, 181 
and other rocks 298, 310, 329 
in gabbro 11 
streak 15 
magnifiers, for collecting 31 
malachite 10, 125 
and other minerals 113, 124, 139, 
161, 162, 203 
malleable minerals 16 
mamillary jasper 171 
manganaxinite 228 
manganese, 
and hydroxide minerals 
102-03, 105 
and other minerals 80, 94, 98, 
113, 122, 144-45 
and oxide minerals 74, 80, 
94,98 
and rocks 331 
and silicate minerals 215-16 
manganese aluminum silicate 244 
manganese bronze 80 
manganese carbonate 121 
manganese oxide 94, 103 


manganite 103, 104 
maps, for collecting 29 
marble 272, 301 
and minerals 81, 104-05, 114, 
117, 148, 183, 229, 235 
quarrying 26 
marcasite 8, 18, 63 
and other minerals 48, 50, 56, 
91; 137 
maria (lunar "seas") 207, 273 
marl 62, 314, 322 
marquise cut 25 
Mars 273, 337 
massive habit 21 
Medusa 247 
meerschaum 206 
melanterite 137, 331 
mercury 56, 65—66, 112 
horn 112 
mercury chloride 112 
mercury sulfide 56 
mesolite 188 
mesosiderite 336 
meta-autunite 149 
metamorphic rocks 26-27, 
286-87, 288-303 
metaquartzite 310, 295 
metatorbernite 152 
meteorites 27, 55, 334 
and minerals 53, 60, 89, 118, 179, 
207; 206,711, 245 
and native elements 36, 39 
and silicates 167 
iron 335 
stony 337 
stony-iron 336 
mica schist 81, 239 
micaceous hematite 91 
micas 11, 195-99, 201, 202 
and igneous rocks 258, 263, 
269, 278 
and metamorphic rocks 289, 
291;293,295301 
and sedimentary rocks 308, 315 
microcline 167, 175, 176, 262 
microlite 86 
micromounts 31 
microscope, for collecting 31 
migmatite 290 
milky quartz 168 
Miller, W.H. 60 
millerite 60 
Millstone Grit 312 
mimetite 151, 155, 160, 164 
minerals 8-17, 34-253 
accessory 10 
arsenate 13, 147, 160-65 
associations 10-11 
borate 13, 126, 127-30 
carbonate 8-9, 13, 113, 
114-125, 313 
chromate 13, 131, 142 
classification 12-13 
cleavage 16 
color 12 
composition 8-9 
essential 10 
fluorescence 17 
fracture 15 
groups 10-11 
halide 13, 106, 107-12 
hardness 16 
hydroxide 13, 100, 101-05 
identification 14-15, 16-17 
luster 15 


molybdate 13, 131, 143 
native element 8, 13, 36, 37-47 
organic 13, 246, 247-53 
oxide 8, 9, 13, 74, 75-99 
phosphate 13, 147, 148-58 
primary 10 
refractive index 16 
secondary 10 
silicate 9, 13, 166-67, 168-245 
streak 15 
sulfate 131-41 
sulfide 13, 48, 49-64, 74 
sulfosalt 65, 66-73 
tenacity 16 
tungstate 13, 131, 144-46 
vanadate 13, 147, 159 
mines 24, 28-29 
mixed cut 25 
Mohs scale 17 
molluscs 248-49 
molybdates 13, 131, 143 
molybdenite 64, 79, 143 
molybdenum 64, 131, 143, 302 
molybdenum sulfide 64 
monazite 84, 150 
monoclinic crystal system 23 
Mont St.-Hilaire 184 
Moon, 
anorthosite 261 
basalt 273 
meteorites 334, 337 
minerals 39, 53, 179, 207, 211 
fOCks 39, 53,207 
Silicates 167 
moonstone 173, 176 
morganite 225 
mother of pearl 115, 248-49 
Mount Fujiyama 275 
Mount Saint Helens 257, 274 
Mount Vesuvius 184, 229 
mudstone 288, 291, 293-94, 315, 
316, 327 
calcareous 322 
mullite 238 
muscovite 148, 195, 202, 258, 
200,292 
muscovite mica 294 
muscovite schist 291-92 
muscovy glass 195 
mylonite 289 


N 


nacrite 201 
nailhead spar 114 
native elements 8, 13, 36, 37-47 
natrolite 185, 186, 188 
natural gas 12 
nautilus 316 
nemalite 105 
neodymium 93, 150 
neodymium phosphate 150 
nesosilicates 166, 232-45 
nepheline 182, 185, 267 
nepheline syenite 262 
nephrite 213, 217 
nephrite jade 219-20 
nickel, 
and igneous rocks 265-66, 
270272 
and meteorites 334-37 
and minerals 39, 45, 55, 60, 85 
and sedimentary rocks 326 
nickel iron sulfide 55 
nickel sulfide 60 


niobates 82 

niobium 77, 82, 84-85, 89, 93, 272 
niobium sodium calcium oxide 85 
nitrates 13 

nodule 331, 333 

note-taking, for collections 29 


O 


obsidian 174, 257, 278, 280 
octagonal cut 25 
octahedrite 76 
oil (petroleum) 12, 314, 324 
oil shale 314 
oligoclase 167, 178, 264, 275 
oligoclase feldspar 90 
olivenite 160-61 
olivine 232 
and igneous rocks 261, 266-69, 
215,205 
and metamorphic rocks 
291279301 
and meteorites 334-37 
and other minerals 148, 182, 191 
chemical formula 12 
gabbro 11 
occurrence 9 
olivine gabbro 265 
omphacite 299 
oolitic ironstone 328 
oolitic limestone 319 
Opal 14, 172, 203, 325 
opaline 330 
optical spar 114 
orbicular granite 259 
organic minerals 13, 246, 
247-53 
organizing collections 32-33 
orpiment 15, 33, 48, 58, 59, 61 
orthochrysotile 192 
orthoclase 11, 17, 167, 173, 
262, 270 
orthogneiss 288 
orthopyroxene 265 
orthoquartzite 295, 308, 310 
orthorhombic crystal system 23 
oval cut 25 
oxides 8, 9, 13, 74, 75-99 
oxygen 74 
oxyhydroxy-halides 106 
oysters 248-49 


P 


palladium 38 
pallasites 334, 336 
panning 24, 28 
parachrysotile 192 
paragneiss 288 
pararealgar 58 
Paris, plaster of 131, 323 
peacock ore 50 
pearl 243, 246, 248 
pearly talc 193 
peat 253 
pebble-conglomerate 306 
pegmatite 259, 260 
and cyclosilicate minerals 
223-25 
and feldspar minerals 173, 175, 
177-78 
and feldspathoid minerals 184 
and inosilicate minerals 209 
and nesosilicate minerals 
234-36, 238, 240, 244 


and other minerals 40, 64, 
108, 123 
and oxide minerals 81, 82, 84-86, 
90,93, 95,97 
and phosphate minerals 149, 
150, 153; 157-58 
and phyllosilicate minerals 
195, 198 
and sorosilicate minerals 231 
and tungstate minerals 144-46 
and zeolite minerals 187, 189 
dikes 26 
Pele's hair 281 
Pele's tears 281 
pencil gneiss 288 
pencil “lead” 46 
pendeloque cut 25 
penetration, twinning 19 
Pentland, Joseph 55 
pentlandite 55 
peridot 232 
peridotite 266 
and minerals 96, 118, 192, 210 
and other rocks 261, 267, 269 
permineralization 305 
Perovski, Count Lev Alekseevich 89 
perovskite 89, 182, 269 
Perseus 247 
petroleum 12, 314, 324 
pharmacosiderite 165 
phlogopite 269, 272 
phonolite 174 
phosphates 13, 147, 148-58 
phosphorus 147, 151, 309, 331 
phyllite 214, 287, 294 
phyllonite 289 
phyllosilicates 166, 191-206 
Pigeon Point 207 
pigeonite 207 
pigments 196 
pinacoid face 20 
pink diamond 47 
pink topaz 234 
pisoliths 101 
pisolitic bauxite 101 
pistachio epidote 230 
pitchblende 83 
placer deposits 24 
plagioclase 265, 270, 273, 275, 297 
in gabbro 11 
sodium 262 
plagioclase feldspar 89, 261, 264, 
267-68 
plaster of Paris 131, 323 
plate tectonics 318 
platinum 38, 265, 272 
pleochroism 153 
pleonaste 96 
plug, volcanic 256 
plush copper ore 87 
plutonic intrusive rocks 26, 256 
Plymouth Rock 263 
polishing, gems 25 
polyps 247 
porphyritic granite 259 
porphyroblasts 292, 294 
porphyry 181, 271 
porphyry copper 57 
potash 106-07, 111 
potash mica 195 
potassium 107, 111, 309 
potassium bentonite 200 
potassium magnesium chloride 107 
powder, talcum 193 
precipitation 305 


Prehn, Hendrik von 205 
prehnite 141, 190, 205 
primary minerals 10 
prism face 20 
Prontium copal 250 
protective equipment, for 
collecting 30 
Proust, Joseph 72 
proustite 49, 70, 72 
Prussian blue 157 
psilomelane 94 
pteridosperm 333 
puddingstone 306 
pumice 257, 276, 277, 278 
purple copper ore 50 
purple zircon 233 
pyrargyrite 49, 65, 70, 72 
pyramid face 20 
pyrite 12, 62 
and other minerals 102, 137, 
153252 
and rocks 262, 293, 301, 331 
and silicate minerals 183, 
221,241 
and sulfide minerals 50, 53-57, 
61,63 
and sulfosalt minerals 67, 71, 73 
chemical formula 12 
pyritohedral crystals 62 
pyrochlore 85, 86, 272 
“pyroclastic” rocks 257 
pyrolusite 38, 80, 98, 103 
pyromorphite 54, 124, 143, 
151, 164 
pyrope 242 
pyrophyllite 21, 194 
pyroxene, 
and extrusive igneous rocks 273, 
275, 278-79 
and intrusive igneous rocks 261, 
262, 265-66 
and metamorphic rocks 296-99 
and meteorites 335-37 
and minerals 191 
and sedimentary rocks 317 
and subvolcanic igneous rocks 
268-70 
in pyroxenite 267 
pyroxene hornfels 267 
pyroxenite 266, 267 
pyrrhotite 55 


quarries 28-29 
quartz 9, 17, 168, 258-59 

and carbonate minerals 117, 121 

and igneous rocks 260, 262-65, 
268, 274, 278-80 

and metamorphic rocks 288, 
290-91, 293-95, 297, 301 

and native elements 37, 42-43 

and other minerals 101, 141, 
144, 161 

and oxide minerals 78, 90 

and sedimentary rocks 306, 310, 
312-13, 316-17 

and silicate minerals 166-67, 
169, 170-71, 186, 194, 203, 
223,220, 231,236;241 

and sulfide minerals 50, 51, 53, 
57-58, 61 

and sulfosalt minerals 66, 73 

cementing agent 304 

cryptocrystalline 331 


quartz continued 

in granite 11 

luster 15 

milky 168 

rose 168, 260 

smoky 168, 175, 178, 260 
quartz porphyry 271 
quartzite 295 
quicksilver, horn 112 


R 


radicals, chemical 9, 12, 14 
radiometric age-dating 309, 334 
radium 159 
realgar 48, 58, 59, 61 
record-keeping, collecting 29 
Red Cloud wulfenite 143 
red oxide of Zinc 88 
redruthite 51 
refractive index 17 
refractory materials 208 
regional metamorphism 286 
resin 250 
rhodium 38 
rhodochrosite 68, 80, 113, 121, 215 
rhodonite 215 
rhomb porphyry 271 
rhombohedral crystal form 20 
rhyolite 278 
and minerals 174, 178, 222, 
225,234 
and rocks 274, 279-80, 283 
as an extrusive rock 257 
rhyolite porphyry 271 
ribboned jasper 171 
Riebeck, Emil 222 
riebeckite 222 
rind, jadeite 213 
road cuttings, collecting from 
28-29 
rock cycle 27 
rock flour 318 
rock gypsum 323 
rock salt 110, 323, 324 
rocks 26-27 
igneous 256-57, 258-85 
metamorphic 286-87, 288-303 
sedimentary 304-05, 306-33 
romanechite 94, 98 
rose quartz 168, 260 
Rosetta Stone 263 
rouge 91 
round cut gems 25 
rubber 201 
rubbly scoria 276 
rubellite 224 
rubidium 198, 270 
ruby 12-13, 95 
ruby blende sphalerite 53 
ruby copper 87 
ruby-in-zoisite 231 
ruby silver 70, 72 
ruby spinel 96 
rutile 78 
and other minerals 76-77, 90, 243 
and rocks 267, 269, 310 


S 


safety, when collecting 29-31 
St.-Hilaire, Mont 184 
salt, 

rock 110, 323, 324 

table 106, 110, 324 


salt domes 44, 67, 133 
Samarski-Bykhovets, Vasili 
Yefrafovich von 84 
samarskite 84 
sandstone 308 
and minerals 83, 159, 196 
and other rocks 295, 309-10, 
313 315 
dirty 317 
layering 27 
sanidine 167, 174 
sapphire 20, 74, 95, 231 
water 223 
satin spar 136 
scandium 82 
Scheele, C.W. 146 
scheelite 64, 146 
schiller effect 180 
schist 286-87, 291 
and cyclosilicate minerals 
223; 225 
and feldspar minerals 175, 178 
and inosilicate minerals 209, 214, 
216, 218, 221 
and nesosilicate minerals 235, 
237-38, 240, 243, 245 
and other minerals 76, 78, 96-97, 
104-05 
and other rocks 288, 290 
and phyllosilicate minerals 
195, 197 
and sorosilicate minerals 231 
garnet 292 
schorl 224 
scissor cut 25 
scolesite 188 
scoria 276, 283 
scorodite 160, 165 
scrapers, for cleaning 32-33 
sea urchin fossils 305 
secondary minerals 10 
sectile minerals 16 
sedimentary rocks 26-27, 304-05, 
306-33 
selenite 23 
selenite gypsum 23, 136 
selenium 57 
sepiolite 206 
sericite 195 
serpentine 99, 191, 193, 217, 
269, 298 
serpentinite 298 
and minerals 60, 99, 117, 206, 245 
and other rocks 266, 300 
serpentinization 298 
shale 11, 313 
and metamorphic rocks 288, 
291, 293-94 
and minerals 62-63, 123, 202 
and sedimentary rocks 308, 
314-16, 322-24, 329 
metamorphism of 287 
oil 314 
shell 246, 249 
shores, collecting on 28 
siderite 123 
and other minerals 102, 103, 108, 
113,122 
and rocks 272, 328, 331 
sieve, for collecting 24, 31 
silica 325, 331-33 
silica gel 190 
silicates 9, 13, 166-67, 168-245 
siliceous tufa 330 
silicon 9, 166 


sill 256 
Silliman, Benjamin 237 
sillimanite 236, 237, 295 
siltstone 288, 291, 293-94, 315 
silver 8, 13, 36, 43, 272 
and other native elements 41, 45 
and sulfide minerals 48-49, 
54-55, 60 
and sulfosalt minerals 66, 69-70, 
72 
coinage 65 
silver antimony sulfide 69 
silver sulfide 49 
sinter 330 
skarn 148, 302 
sketching, collecting locations 29 
slate 214, 293, 303, 317 
as metamorphic rock 286-87 
smithsonite 13, 113, 124, 151, 160 
smoky quartz 168, 175, 178, 260 
snow 75 
snowflake obsidian 174 
soapstone 193, 300 
sodalite 183, 184, 185 
sodium 89 
sodium aluminum silicate 190 
sodium aluminum silicate 
chloride 184 
sodium aluminosilicate 186 
sodium-anthophyllite 216 
sodium bentonite 200 
sodium borate 127 
sodium calcium aluminosilicate 
181, 183 
sodium calcium sulfate 141 
sodium chloride 110 
sodium iron silicate 209, 222 
Solar System 334 
solid-solution series 10, 166 
sorosilicates 166, 227-31 
spatulas, for collecting 31, 33 
specimens, cleaning and display 
of 32-33 
spectrolite 180 
specular hematite 91 
spessartine 244 
sphalerite 11, 53 
and other minerals 121, 153, 227 
and sulfur minerals 48, 51, 54, 
66-67, 70-71, 134 
sphene 235 
spider conch 249 
spindle bomb 285 
spinel 74, 96, 97, 104, 182, 267 
spodumene 212 
square cut 25 
stalactites 114 
stalactitic crystals 21 
staurolite 238, 239, 288, 294 
staurolite schist 292 
steatite 193, 300 
steel 64 
Stephan, Archduke Victor 69 
stephanite 69, 72 
stibnite 56, 58-59, 61, 65 
stilbite 11, 204 
Stonehenge 268 
stony-iron meteorite 334, 336 
stony meteorites 334, 337 
storage, for collections 32-33 
strata, rock 26 
streak 15 
stream tin 79 
strontianite 113 
strontium 113, 135 


sub-bituminous coal 253 
subarkose 310 
subvolcanic igneous rocks 
268-72 

sulfates 13, 131, 132-41 
sulfides 13, 48, 49-64, 74 
sulfosalts 65, 66-73 
sulfur 8, 13, 36, 44, 57 

crystal structure 36 

in sulfates 131 

in sulfides 48 

luster 15 
sunstone 180 
sunstone oligoclase 178 
syenite 95, 262 

and silicate minerals 175-76, 

181, 186, 197,209, 222 

sylvine 111 
sylvite 13, 106, 111 
symmetry, crystal 19 
syphilis 112 
systems, crystal 19, 22-23 


7 


table cut 25 
table salt 106, 110, 324 
tabular crystals 21 
taenite 39, 335 
Taj Mahal 301 
tale 17, 193,217,220, 
291-92, 300 
talc schist 89, 117-18 
talcum powder 193 
tantalates 82 
tantalite 82 
tantalum 74, 82, 84, 86, 272 
tanzanite 231 
tears, Pele's 281 
tectonic plates 286 
tectosilicates 166-72 
tektites 334 
television stone 128 
tenacity 16 
Tennant, Smithson 66 
tennantite 66, 73 
tetragonal crystal system 22 
tetrahedrite 65, 66, 69, 70-72, 
73,144 
tetrataenite 39 
Theophrastus 203 
thorium 85, 93, 272 
thorny oyster 249 
thulite 231 
al 
till, glacial 318 
tillite 318 
tin 40-41, 79, 302 
cassiterite ore 74 
tin oxide 79 
tincalconite 127 
tinstone 79 
tinzenite 228 
titanite 76, 235, 262 
titanium 74, 89-90, 216, 
265, 331 
titanium dioxide 76-77 
titanium oxide 78 
topaz 17, 64, 79, 198, 234, 
240, 260 
cleavage 16 
habit 20 
sherry 23 
torbernite 152 
tortoise shell 249 


tourmaline 9, 79, 153, 177, 224, 
241, 260, 294 
trace elements 14 
trachyte 174, 257, 279 
transportation of specimens 32 
tremolite 219 
and other minerals 193, 213-14, 
217, 220 
and rocks 296, 300, 302 
triclinic crystal system 23 
trigonal crystal system 22 
trilobite 313 
triplite 153 
troilite 335 
trona 113 
trowels, for collecting 31 
tufa 330 
tuff 257, 275, 282 
tungstates 13, 131, 144-146 
tungsten 74, 79,82, 93, 143-46 
in tungstates 131 
turbidite 317 
turquoise 129, 154, 156, 203 
turtle 249 
twinning, crystals 19 


U 


Ulex, George Ludwig 128 

ulexite 126-27, 128, 130 
luster 15 

ultramafic rocks 257 

ultramarine 183 

ultramylonite 289 

ultrasonic cleaning 32 

ultraviolet light 17 

unit cells, crystal 18 

uraninite 83, 149, 152 

uranium 74, 83-85, 93, 147, 149, 

152, 159 
uvarovite 302 


V 


Valentine, Basil 40 

vanadates 13, 147, 159 

vanadinite 143, 151, 155 

vanadium 147, 155, 159, 225 

variegated copper ore 50 

variquoise 156 

variscite 156 

varlamoffite 79 

vent agglomerate 284 

Venus 273 

verdelite 224 

vermiculite 199 

vermillion 56 

vesuvianite 22, 229 

Vesuvius, Mount 184, 229 

Villiers, A.J.M. Brochant de 139 

violane 210 

violet jadeite 213 

Vivian, John Henry 157 

vivianite 157, 165 

volcanic bombs 282, 285 

volcanic breccia 283, 284 

volcanic glass 277-78, 280-81 

volcanic igneous rocks 257, 
280-85 

von Born, Ignaz 50 

von Carnall, Rudolf 107 

von Goethe, Johann Wolfgang 102 

von Prehn, Hendrik 205 

von Samarski-Bykhovets, Vasili 
Yefrafovich 84 


W 


water 75 

water sapphire 223 
watermelon tourmaline 224 
Wavell, William 158 
wavellite 156, 158 

Wheal Gorland mine 161 
white asbestos 192 

white mica 195 
Widmanstatten pattern 335 
Wild 2, comet 179 
williamsite 191 

Withering, William 116 
witherite 113, 116 
wolframite 145 
wollastonite 214, 229 
wood tin 79 

Wulfen, FX. 143 

wulfenite 143, 155 


X 


xenolith 299 
xenotime 147 


Y 


yellow orthoclase 173 
ytterbium 84 

yttrium 82, 84, 93, 147 
yttrotantalite 82 


Z 


zeolites 11, 185-90 

ZING: 
and other minerals 43, 48, 66, 

Tse 17; 12. 154 

and oxide minerals 74, 88, 98 
and sulfide minerals 53-54 
in rocks 302 

zinc aluminum oxide 97 

zinc arsenate hydroxide 160 

zinc carbonate 124 

zinc sulfide 48 

zincite 88 

zircon 85, 90, 233, 262, 310 

zirconium 85, 93 

zZoisite 231 

zultanite 104 
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KNOWN: 


oe #10 Slope Distance: 293.93’, Zenith Angle: 72° 37’ 35” 


861.58 Horizontal Distance = SD * sine (ZA) 
2 ae Vertical Difference = SD * cosine (ZA) 
SD Q 7 
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774.36’ 
Elevation 
K 


Using trig, you get 87.77 AONDA noona Distanes 


difference, but need to 
account for the difference 
in the height of 
instrument and height of 
rod (-0.55') 


Guyasuta 
Traverse: 


Closure Error: 0.26' 
(3 inches) 


Total Distance Traveled: 
3,085.08' 


Precision = 
distance/error 


??Answer?? 


1:11,866 


Third Order=1:10,000 
Second Order=1:50,000 
First Order=1:100,000 


7. Graph the points recorded in the table 
using the blank graph shown in Figure 2.12 


Your curve should look like the one shown In 
Figure 2.10 
Figure 2.12 
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Vertical Difference = HD * cosine (ZA) 
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your shadow/your height 
3/5=0.6 
Your shadow is 0.6 times your height 
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The accuracy of a GPS position reading is often expressed in terms of the Root Mean Square 
statistic (1-RMS). This is the radius of the circle contamine 68 percent of the individual 
measurements being made. In other words, with a 1-RMS of 100 feet, 685% of the positions 
collected will lie within 100 feet of the intended location, and 32% will be located farther 
than 100 feet 
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ap Gis (Gat it Surveyed) 


"ed of input data has been ‘rubbersheeted’ (stretched 
in either x, y, or both to fit all errors) — losing it’s integrity. 
Especially deeds and parcels. 


Unless metadata kept up — most points have no 
accuracy... they may be field surveyed accurately, spotted 
on (guessed), or done with a GPS with 10m accuracy. 


Ali Al Salem exam ple (one survey grade GPS receiver with no base station for 


differential corrections — all of base buildings off by 0-30’) 


Aviano example (no checks into base control monuments, no idea of accuracy, 
movement of base station with no ones knowledge — import it all into GIS for a nice looking (but 
very inaccurate) map. 


Tyndall example (given coordinates to stake where a berm is to be constructed. When 
first turned PLGR on — it gave me coordinates, distance and bearing — but the accuracy was >1 mile! 
After letting it gather almanac and more satellites, was able to navigate to the approximate area 


(where they were already working)). 
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Tax Maps and GIS layers 
show the mathematical 
polygon of the deed 
description as recorded. The 
Original survey may have 
been paced or even guessed, 
but the calls to monuments 
(stone, tree, road, etc.) hold. 
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1MQ 
potentiometer 


Compare your measurements with the ones 
shown in the following table: 
V (volts) | (mA) 


0.44 0.00 
0.46 0.01 
0.50 0.06 
0.52 0.11 
0.55 0.23 
0.58 0.49 
0.60 0.92 
0.63 1.74 
0.68 4.86 
0.72 15.1 
0.73 20.9 
0.74 25.2 
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Bearings 
Azimuth 


Ar North 08 West 


What would the Bearing be of this 
line? The Azimuth: 


h 
Bearing: Due South (or South 0° East, or South 0° West) Azimuth: 180 degrees 


40 


AN 


How many feet in a mile? 
How many square feet in an acre? 


How many feet in a rod/perch? 


5,280 feet 
43,560 square feet 
16.5 feet 
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Adjacent Deeds 


Lots 1 and 2 are adjacent to 
each other — but the 
common line between the 
two have different bearings 
(45° and 55°) — so they are 
different lines? 
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note the gap — and also the 
call for a 24” Oak tree — 
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Lot 2 is rotated to fit Lot 1 

common line (as the subject 

survey parcel is lot #1). 
ai Note there is no gap, and 
the 24” Oak is common to 
both lots and shown 
correctly. 
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increase in the voltage but produces large 
increases in the current. 

Figure 2.15 shows the V-I curve generated 
using the measurements shown In the 
preceding table. 

Figure 2.15 
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WHEREABOUTS OF TOPICS FROM 1987 EDITION 
To assist the many readers who are familiar with the 1987 edition of this book and who 
may have teaching notes based upon it, this fully updated 2008 edition has, as far as possible, 
retained a similar sequence and layout of information. The overall whereabouts of topics from 
the 1987 edition is as follows in the 2008 edition: 


1987 Edition 2008 Edition 

Chapter 1-3 Chapter 1-3 

Chapter 4 (except parts of pages 81-83) Chapter 4 

Chapter 4 (parts of pages 81-83) Transferred to BR 45 Vol 9 
Chapter 5 (except parts of pages 94-95) Chapter 5 

Chapter 5 (parts of pages 94-95) Appendix 5 

Chapter 6 (except part of pages105-106) Chapter 6 

Chapter 6 (part of pages 105-106) Chapter 9 


Chapter 7 (except pages 164,166-168-172) Chapter 6 and from BR 45 Vol 8 
Chapter 7 (parts of pages 164,166-172) Transferred to BR 45 Vol 4 


Chapter 7 (part of page172 [Trials]) Covered in BR 45 Vol6(1) 

Chapter 8 Chapter 7 and from BR 45 Vol 8 

Chapter 9 Chapter 8 and from BR 45 Vol 4 

Chapter 10 Chapter 9 and from BR 45 Vol 4 

Chapter 11 Chapter 10 and from BR 45 Vol 4 

-------------- New Chapter 11 from BR 45 Vol 4 and new data 
Chapter 12 Chapters 12 / 15 and from BR 45 Vols 4 & 6(1) 
Chapter 13 Chapters 12 / 15 and from BR 45 Vols 4 & 6(1) 
Chapter 14 Chapter 14 and from BR 45 Vol 6(1) 

Chapter 15 Chapter 15 and from BR 45 Vols 3 & 6(1) 
Chapters 16-18 Chapters 16-18 

Chapter 19 Chapter 19 and from BR 45 Vols 4 and 8(1) 
Appendices 1-6 Appendices 1-6 

Appendix 7 Appendices 7 and 10 (Appendices 8 / 9 are spare) 


FORMULA NUMBERING: 1987 AND 2008 EDITIONS 
Existing formula numbers from the 1987 edition have been retained, although their order 
of presentation may now be out of numerical sequence. Where formulae have been transferred 
to an Appendix or were in chapters whose numbers have altered (1e new Chapters 8 & 10 and 
new Appendices 5, 7 & 10) the new Chapter / Appendix number prefix is used but the 1987 
number is shown as well (eg “... 8.1 (1987 Ed...9.1)” ). No formulae have been re-allocated 


to a different previously-used number; where additional formulae have been introduced into a 
sequence, they have been inserted with an alphabetical suffix (eg “...5.24a’’). 
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Fig 0-1. T23 Frigate Entering Portsmouth Harbour (UK) 
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CHAPTER 1 
POSITION AND DIRECTION ON THE EARTH’S SURFACE 


0101. Scope of Chapter 

Chapter 1 introduces the basic terms dealing with position and direction on the Earth’s 
surface. More detailed geodetic information about the Earth’s shape and definition of position 
on the Earth’s surface in relation to Spheroids and Datums is at Chapter 3. 


0102. Choice of Units for Measuring Angles 

From ancient Greek times, ‘degrees’ (*) have been used to measure angles, with 360° in 
one complete revolution. Conveniently, 360 is exactly divisible by all single-digit prime 
numbers except 7 (ie 2, 3 & 5) and by their multiples (ie 4, 6, 8 & 9). See also Appendix 1. 


0103-0109. Spare 
SECTION 1 - POSITION ON THE EARTH’S SURFACE 


0110. The Shape of the Earth 


a. The Earth’s Dimensions. The Earth is not a perfect Sphere; it is slightly flattened 
at the top and bottom, the smaller diameter being about 23.1 n.miles less than the larger. 
The Earth’s ‘flattened’ shape is known as an Oblate Spheroid (see Fig 1-1 below) with 
an Equatorial radius ‘a’ of approximately 3443.9 n.miles and a Polar radius ‘b’ of 
3432.4 n.miles (International Nautical Miles of 1852 m based on WGS &4 Datum). 


South Pole |P” 


Fig 1-1. The Shape of the Earth - an Oblate Spheroid 


b. The Earth’s Rotation. The Earth turns about its shortest diameter (PP” in Fig 1-1 
above). An Oblate Spheroid is a figure traced out by the revolution of a semi-ellipse 
such as PWP’, about its minor axis PP”. The Earth revolves about its Axis PP” in the 
direction shown; this direction of revolution is East, the opposite direction is West. The 
North Pole is on the left and the South Pole on the right of an observer facing East. 
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(0110) c. Terminology. The following definitions have been established to describe key 


0111. 


1-4 


aspects and measurements of the Earth’s shape (see Fig 1-1 previous page). 


° Axis (of the Earth). The Earth’s Axis is its shortest diameter (PP”), about 
which it rotates in space. 


. Poles (of the Earth). The Poles are the extremities of the Axis of the Earth. 


e Great Circle. A Great Circle is the intersection of a Spherical surface and 
a plane which passes through the centre of the Sphere. It is the shortest 
distance between two points on the surface of a Sphere. See Geodesic and 
Note 1-1. 


. Geodesic. See Note 1-1 (below) and full definition at Para 0540a. 


e Small Circle. A Small Circle is the intersection of a Spherical surface and a 
plane which does NOT pass through the centre of the Sphere (see also Para 
0115 / Fig 1-9). See Note 1-1 below. 


e Meridian. A Meridian is a semi-Great Circle on the Earth’s surface whose 
ends lie at opposite Poles. Meridians are shown by the successive positions 
of PWP’ in Fig 1-1. See Para 0202a for explanation of Rhumb Line. 


. Prime Meridian. The Prime Meridian (also known as the Greenwich 
Meridian) passes through the Greenwich Observatory (London, UK). The 
Prime Meridian 1s the starting point (0°) for the measurement of Longitude, 
East and West from this Meridian. 


e Equator. The Equator is the line traced out on the Earth’s surface by the mid 
points of the Meridians. The Equator is shown by the successive positions of 
W in Fig 1-1 and its plane 1s perpendicular to the Earth’s Axis. 


Note I-1. The Geodesic is the equivalent of a Great Circle on a Spheroid. In everyday 
use, the terms ‘Great Circle’ (in lieu of “Geodesic”) and ‘Small Circle’ are applied to 
the Earth’s Oblate Spheroidal shape. See details at Paras 0115 and 0540. 


Latitude and Longitude 


a. Latitude. A position on the Earth’s surface may be expressed by reference to the 
planes of the Equator and the Prime Meridian (see Note 1-2). Fig 1-2 (opposite) shows 
a Meridional section of the Spheroid; the Latitude of point M is the angle MLE (Q ), 
where L 1s the point of intersection of the perpendicular to the Earth’s surface at M and 
the plane of the Equator OE. It should be noted that in a Spheroid, point L may not 
coincide with point O (centre of the Earth). Two definitions arise from this: 


° Definition of Latitude. The Latitude of a place on the Earth’s surface (also 
called the Geodetic, Geographical or True Latitude) is the angle that the 
perpendicular at that place makes with the plane of the Equator and is 
measured from 0° to 90° North or South of the Equator. 


. Parallels of Latitude. Planes parallel to the plane of the Equator are known 
as Parallels of Latitude. Except for the Equator itself, which is a Great 
Circle, they also comprise Small Circles (see Para 0115 / Fig 1-9). 


Note 1-2. A technical definition of ‘Absolute Position’ for use in Naval Command 
Systems is at BR 45 Volume 9. 
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(011la continued) 


Fig 1-2. The *Latitude of Point M on the Earth’s Surface 
(* also called Geodetic Latitude, Geographical Latitude or True Latitude) 


(0111) b. Longitude. The Longitude of a place on the Earth’s surface is the angle between 
the Prime (Greenwich) Meridian and the Meridian of that place, measured from 0° to 
180° East or West of Greenwich (see Fig 1-3 below). In Fig 1-3, the Longitude of F is 
the arc AB = angle AOB (East of Greenwich). 


Greenwich 


Fig 1-3. The Longitude of Point F on the Earth’s Surface 


c. Notation. From the chart, Semaphore Tower in Portsmouth Naval Base, is in 
Latitude 50 degrees 47 minutes 59 seconds North of the Equator and in Longitude 
1 degree 6 minutes 37 seconds west of Greenwich (WGS 84). This may be expressed 
as: 


e 50° 47'59"N_ 1°06'37"W (for traditional use) 

. 50"47.98N  1°06'.62W (UKHO accepted notation for Admiralty charts) 
e 50° 47.98'N  1*06.62'W (alternative notation - common usage) 

. + 50°.79972 -1°.11028 (for calculator use, +ve for N and E) 


The alternative notation (eg 50° 47.98'N 1° 06.62'W) is used in this book. 
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0112. Difference of Latitude and Difference of Longitude 


a. Difference of Latitude (d.lat). The Difference of Latitude (d.lat) between two 
places is the arc of the Meridian between the two Parallels of Latitude. When 
proceeding from one place to another, d./at is named North or South according to 
whether the Latitude of the destination is North or South of the Latitude of the place of 
departure. In Fig 1-4 (below) the d. lat between F and T is the same as the d. lat between 
G and T, where GF is the Parallel of Latitude through F. 


Explanation: d.lat from F to T = angle GCT (south) = Lat F - Lat T 


Note: ‘C’ is the centre of a circle and arc ‘GT’ is part of its circumference. Thus on a Spheroid (Ellipsoid), 
the position of ‘C’ will move relative to ‘O’ as arc ‘GT’ moves over the surface of the Spheroid. 


Fig 1-4. Explanation of the “d.lat” Calculation 


b. Difference of Longitude (d.long). The Difference of Longitude (d.long) between 
two places is the smaller arc of the Equator between their Meridians. When proceeding 
from one place to another, d.long is named East or West according to whether the 
Meridian of the destination is East or West of the Meridian of the place of departure. In 
Fig 1-5 (below), the d./ong between F and T is the same as the d./ong between B and A, 
where FB is the Meridian through F. 


Explanation: d.long from F to T = arc BA= angle BOA (West) = angle FPT. 
Angle FPT is the angle at the Pole between the Meridians of F and T. 


Fig 1-5. Explanation of the “d.long” Calculation 
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(0112) c. Calculation of “d.lat” and “d.long”. The rule for finding the d./at and the d./ong 


is as follows: 
Same Names: SUBTRACT Opposite Names: ADD 


If, when using this rule, the sum of the Longitudes exceeds 180”, this sum is subtracted 
from 360° to find the smaller angle and the name is reversed. 


Examples 1-1 to 1-3. 


0113. 


Find the d.lat and d.long between: 

1-1. Portsmouth (F): (50°48'N, 1°07'W) and New York (T): (40°40'N, 74°00'W). 
1-2. Malta (F): (35"53'N, 14°31'E) and Gibraltar (T): (36"07'N, 5°21'W). 

1-3. Sydney (E): (33°52'S, 151°13'E) and Honolulu (T): (21°18'N, 157°52'W). 


Example 1-1. Lat F 50°48'N Long F 1°07'W 
Lat T 40°40'N Long T 74°00'W 
d.lat 10°08'S d.long 72°53'W 

Example 1-2. Lat F 35°53'N Long F 14°31'E 
Lat T 36°07'N Long T 5°21'W 
d.lat 0"14N d.long 19°52'W 

Example 1-3. Lat F 33°52'S Long F 151"13'E 
Lat T 21°18'N Long T 157°52'W 
d.lat 55°10'N d.long 309°05'W 


subtract from 360° 
d.long  50"55'E 


Linear Measurement of Distance and Speed 


a. The Statute Mile. The Statute Mile (also known as the Land Mile) is a standard 
fixed length of 1760 yards or 5280 feet (1609.36 m). 


b. The Geographical Mile. A Geographical Mile 1s the length of 1' of arc measured 
along the Equator (ie 1' of Longitude); its value is 1855.3 m (WGS 84). As the Equator 
is a circle (Great Circle), the Geographical Mile 1s the same length at all parts of the 
Equator and is equal to “a sin 1' of arc”, where “a” is the radius of the Equator. 


c. The International Nautical Mile. The /nternational Nautical Mile is a standard 
fixed length of 1852 m. Its abbreviation is the term “n mile” (or “n.mile” or “nm’’). 


d. The Knot. In navigation, it 1s convenient to have a fixed or standard unit for 
measuring speed. This unit is called a Knot, and is one International Nautical Mile 
(1852 m) per hour. Its abbreviation is the term “kn” (NOT “kt”). The name ‘Kno?’ 
originates from running out a log line with distances marked by knots tied in the line. 
In normal practice, the errors arising from using Sea Miles (see Paras 0113e/f overleaf) 
instead of International Nautical Miles (n.miles) are very small (less than 0.5%); see 
details at Para 0113g (overleaf). 
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(0113) e. The Sea Mile. The Sea Mile is the length of one minute of arc (1') measured along 
the Meridian in the Latitude of the position (see explanation at Fig 1-6 below). On 
Admiralty charts on the Mercator Projection (see Chapter 4), the Latitude graduations 
form a Scale of Sea Mile (see Note 1-3 below). Except on charts (where the symbol ‘M?’ 
is used) the Sea Mile is denoted by ', which is also the symbol for a minute of arc. Thus, 
10'.8 (or 10.8' ) means 10.8 Sea Miles. Traditionally, the symbol was always placed 
before the decimal point, but increasingly, this convention has altered and placing the 
symbol at the end of the expression (eg 10.8") is now considered equally acceptable. 


Note 1-3. It is a common but mistaken practice for mariners to refer to a ‘Sea Mile” as 
a ‘Nautical Mile’. The British Standard Nautical Mile was discarded in 1970. 


f. Length of the Sea Mile. The Radius of Curvature in the Meridian (see Fig 1-6 
below) increases as M moves from the Equator to the Pole; thus, the distance subtended 
by 1' of arc also increases. The length of the Sea Mile is shortest at the Equator 
(1842.9 m) and longest at the Poles (1861.6 m), with a mean value of 1852.2 m at 45° 
Latitude (all WGS 84). 


g. Practical Differences: International Nautical Miles and Sea Miles. In normal 
practice, the errors arising from using Sea Miles instead of International Nautical Mile 
are very small (effectively zero error at 45° Latitude, 0.5% [short] at the Equator and 
0.5% [long] at the Poles). However, it is sometimes necessary to determine the error 
and the procedure for this is at Para 0314. Formulae (3.8 to 3.10) [see Para 0314] give 
the length of 1' of arc of Latitude; their derivation is at Appendix 5. 


h. Length of a Cable. One-tenth of a Sea Mile is known as a Cable, which varies 
between 184.3 m (201.55 yds) and 186.2 m (203.63 yds) according to Latitude. A Cable 
thus approximates to 200 yards, and this nominal distance is a convenient measure 
normally used at sea for short-range navigational purposes. 


Note: Position ‘C’ is the centre of 
a circle and arc ‘AB’ is part of 

its circumference. Thus on the 
Spheroid (Ellipsoid), the 

position of ‘C’ will move 

relative to ‘O’ as arc ‘AB’ 

moves over the surface 

of the Spheroid. 


P’ 
Explanation: If M is the place on the Earth’s surface, C the centre of circular curvature at M, and AMB 
is an arc of the Meridian subtending an angle of 1’, then AMB is the length of the Sea Mile at M. 


Fig 1-6. The Sea Mile 
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0114. Linear Measurement of Latitude and Longitude 


a. Linear Measurement of Latitude. The Linear Latitude of a place is the length of 
the arc of the Meridian between the Equator and that place. It is measured in Sea Miles 
North or South of the Equator (see explanation at Fig 1-7 below). 


p 
Explanation: If M is in Latitude 60°N, then angle MLW = 60° = 60 x 60 minutes of arc = 3600’. 
If place M, is 1800’ south of the Equator, its Latitude is 1800 / 60 = 30°S. 


Fig 1-7. Linear Measurement of Latitude 


b. Linear Measurement of Longitude. The Linear Longitude of a place is the 
smaller arc of the Equator between the Prime Meridian and the Meridian of the place. 
Along the Equator, it is measured in Geographical Miles, (see Para 0113b) East or West 
of the Prime Meridian (see explanation at Fig 1-8 below). 


Explanation: If point B is 40°E of the Prime Meridian PAP”, the angle AOB is 40°, the arc AB of 
the Equator is 40° = 40 x 60 = 2400 minutes of arc along the Equator = 2400 Geographical Miles 


Fig 1-8. Linear Measurement of Longitude 
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(0114) c. Variation in Linear Distance of Longitude with Change in Latitude. Meridians 


0115. 
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converge to meet at a point at the Poles, and thus the distance on the Earth’s surface 
between any two Meridians 1s greatest at the Equator and diminishes until 1t 1s zero at 
the Poles (see Fig 1-8, previous page). The linear distance of a degree of Longitude on 
the surface of a Spherical Earth varies with the cosine of the Latitude [see formula (1.1) 


below], but in practice with the Spheroidal Earth’s shape this is only an approximation. 


With a Spherical Earth at Latitude o 
1 “Longitude = Linear distance at Equator x cosine Latitude @ ... 11 


d. Linear Distance of Longitude - Errors. In practice (WGS 84 Spheroid), the 
percentage errors in assuming formula (1.1) increase towards the Poles, but as linear 
distance between Meridians decreases towards the Poles, these two variables work 
against each other [see formula (3.12)]. Formulae (1.1) and (3.12) produce a maximum 
linear error at about Latitude 60 °, as follows: 


° At the Equator: 0.0% error (0.0 metres) 
° At Latitude 10": 0.01% error (0.6 metres) 
. At Latitude 30": 0.08% error (81 metres) 
° At Latitude 45°: 0.17% error (132 metres) 
. At Latitude 60": 0.25% error (140 metres) 
° At Latitude 80°: 0.33% error (63 metres) 
. At Latitude 89°: 0.34% error (0.6 metres) 


In all cases the approximate distance is greater than the precise calculation. Formulae 
(3.8 to 3.12) [see Para 0314] give the precise Spheroidal distances. 


The Earth as a Sphere 


a. Properties of a Sphere. A Sphere is the figure formed by rotating a semi-circle 
about its diameter. The following definitions are repeated from Para 0110c for the 
convenience of readers (see Great & Small Circles at Para 0115c / Fig 1-9 opposite). 


(Extracts from Para 0110c): 


° Great Circles. Any plane through the centre of the Sphere cuts the surface in a 
Great Circle. 
: Small Circles. Any plane which cuts the surface of the Sphere, but does not pass 


through the centre, is called a Small Circle. 


b. Effect of Assuming the Earth as a Sphere. Although the shape of the Earth is that 
of an Oblate Spheroid, for most purposes of navigation it may be assumed to be a 
Sphere, with radius equal to the mean of the greatest and least radii and measuring 
approximately 3438 n.miles (International Nautical Miles with WGS 84 - see Note 1-4 
below). Thus, when the Earth is regarded as a Sphere, Meridians of Longitude become 
Great Circles which cut the Equator at right angles and join the Poles. The Equator is 
a Great Circle but all other Parallels of Latitude are Small Circles. 


Note 1-4. Where “a” is the Equatorial radius and ‘b’ the Polar radius, the Earth’s 
arithmetical mean radius is: 


a+ b 


= 6,367,444.657 metres= 3438.14506 n miles (WGS 84) 
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voltage is about 0.7 volt, which is typical for a 
silicon diode. This means (and your data 
should verify this) that at voltage levels below 
0.7 volt, the diode has such a high resistance 
that it limits the current flow to a low value. 
This characteristic knee voltage is sometimes 
referred to as a threshold voltage . If you 
use a germanium diode, the knee voltage IS 
approximately 0.3 volt. 

9 The knee voltage is also a limiting voltage 
. That is, it is the highest voltage that can be 
obtained across the diode in the forward 
direction. 

Questions 

A. Which has the higher limiting voltage, 
germanium or silicon? _—_— 

B. What happens to the diode resistance at 
the limiting or knee voltage? — 
Answers 

A. Silicon, with a limiting voltage of 0.7 volt, is 
higher than germanium, which has a limiting 
voltage of only 0.3 volt. 

B. It changes from high to low. 

Note You use these knee voltages in many 
later chapters as the voltage drop across the 
PN junction when it is forward-biased. 

10 Refer back to the diagram of resistance 
regions shown in Figure 2.16 . 

Question 

What happens to the current when the 
voltage becomes limited at the knee? 
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(0115) c. Practical Use of the Great Circle. The Great Circle gives the shortest distance 
between two points on the surface of a Sphere; for practical purposes, this term may also 
be applied to the surface of the Earth’s Oblate Spheroid shape (ie as a Geodesic - see 
Para 0540a) without appreciable error. A Great Circle may thus be regarded as the 
shortest distance between two points on the Earth’s surface and 1s also the path taken by 
an electro-magnetic radiation near the Earth’s surface (radio, radar, light, etc). 


Fig 1-9. The Earth as a Sphere 


d. Approximation of Distances - Assuming the Earth as a Sphere. Using the mean 
radius for the Sphere derived from WGS 84 (see Para 0115b opposite), the length of 1' 
of Latitude on the Meridian (or 1' of Longitude on the Equator) equals 1852.2 m. This 
distance approximates very closely to the length of the International Nautical Mile of 
1852 m. Thus without appreciable error (see Note 1-5 below), the Earth may be treated 
as a Sphere where: 


° l' of Latitude equates to 1 n.mile (International Nautical Mile) anywhere. 


. On the Equator, 1' of arc of Longitude equates to one n.mile. 
e Linear Latitude and Longitude may be measured in the same units (n.miles). 


Note 1-3. The errors introduced by assuming a Spherical Earth based on the 
International Nautical Mile are not more than 0.5% for Latitude, 0.2% for Longitude. 


0116. Astronomical Positions Used with a Spheroidal Earth 

Astronomical observations measure angles from the horizon, which is itself referenced 
to the local vertical (Zenith). If the Earth was Spherical, the Zenith line produced would pass 
through the centre of the Earth (which is also the centre of the Celestial Sphere) and positions 
from astronomical observations could be plotted without error. With a Spheroidal Earth, the 
Zenith line produced does NOT pass through the centre of the Earth except at the Equator and 
Poles; elsewhere, a small error occurs which is maximum at Latitude 45°. This error is NOT 
significant for distant celestial bodies (ie the sun, planets and stars), but can reach 0.2' of sextant 
altitude for the Moon; a correction for this is applied automatically in HM Nautical Almanac 
Office’s NAVPAC software (available from UKHO as DP330 - see details at Para 0210a). 


0117-0119. Spare. 
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SECTION 2 - DIRECTION ON THE EARTH’S SURFACE 
0120. Direction 


a. True Direction. The true direction between two points on the Earth’s surface is 
given by the Great Circle between them; it is expressed as the angle between the 
Meridian and Great Circle (angle PFT in Figs 1-10a/b below). A technical definition 
of ‘Direction’ for use in Naval Command Systems is at BR 45 Volume 9. 


TRUE NORTH 


P’ 
True Bearing (small angle) - measured clockwise True Bearing (small angle) - Great Circle treated 
from Meridian to Great Circle as Straight line over short distances 


Fig 1-10a. True Bearing (Small Angle) Fig 1-10b. True Bearing (Small Angle) 


b. True North. True North is the northerly direction of the Meridian and is the 
reference from which true bearings and courses are measured. 


c. The Navigational Compass. The navigational compass provides the reference 
direction from which courses and bearings may be measured. There are two principal 
types of compass: the Gyro Compass and the Magnetic Compass, both of which are 
described in detail in BR 45 Volume 3. The general principles of the two principal types 
of compass are described at Paras 0121 and 0122 respectively, with an explanation as 
to how true courses and true bearings may be obtained from them. 


d. True Bearing. The true bearing of an object is the angle between the Meridian and 
the direction of the object. 


e The true bearing of T from F is given by the angle PFT in Fig 1-10a (above) 
and Fig 1-11a (opposite), where PF is the Meridian through F and FT is the 
Great Circle joining F to T. 


. Angle PFT is measured clockwise from 000° to 360°. In Fig 1-10a (above), 
T bears 030° from F; in Fig 1-11a (opposite), T bears 330° from F. 


e Over short distances the Great Circle may be drawn as a straight line without 
appreciable error, as in Fig 1-10b (above) and Fig 1-11b (opposite). The error 
varies with the Latitude and the bearing. 
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(0120d continued) 


L 


TRUE NORTH 
P 


True Bearing (large angle) - measured clockwise True Bearing (large angle) - Great Circle treated 
from Meridian to Great Circle as straight line over short distances 


Fig 1-11a. True Bearing (Large Angle) Fig 1-11b. True Bearing (Large Angle) 


(0120) e. Position by Bearing and Distance - Notation. Rather than specify a position by 
Latitude and Longitude, it is often convenient to indicate either a position of an object 
from an observer by bearing and distance, or a position by bearing and distance from a 
known object. There are two notations for this: bearings centred on the observer and 
bearings centred on the object. Itis essential to establish clearly the difference between 
these notations as otherwise an error of 180° may occur: 


e Position of an Object From an Observer. When the position of an object 
is indicated from an observer by bearing and distance (as when taking a Fix), 
the convention is the state the object first, then the bearing and distance (eg 
Start Point Light 270” 4.0 n.miles). This indicates that the object 1s to the 
West of the observer. 


e Position from an Object. When a position from a known object is indicated 
by bearing and distance (as in specifying a rendezvous position), the 
convention is to state the bearing first, then the object and then distance (eg 
090° Start Point Light 4.0 n.miles). This indicates that the position is to the 
East of the object. 


f. True Course. True course is the direction along the Earth’s surface in which the 
vessel is being steered (or is intended to be steered). Itis measured by the angle between 
the Meridian through the vessel’s position and the fore-and-aft line, clockwise from 000° 
to 360°. A technical definition of ‘Course’ for use in Naval Command Systems is at 
BR 45 Volume 9. 


g. True Heading. True course is not to be confused with Heading (or Ship’s Head), 
which is the instantaneous direction of the ship and 1s thus a constantly changing value 
if the ship Yaws across the course due to the effect of wind, sea and steering errors. A 
technical definitions of ‘Yaw’ and ‘Heading’ for use in Naval Command Systems is at 
BR 45 Volume 9. 
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0121. The Gyro Compass 

The Gyro Compass first made its appearance in the early part of the 20" century; in its 
simplest form it comprised a rapidly rotating wheel (Gyroscope), the Spin Axis of which was 
made to point along the Meridian to True North. By the late 20" / early 21* centuries, Gyro 
Compasses became extremely accurate, reliable instruments; some now use Fibre Optic Gyro 
(FOG) technology with few, if any, moving parts. See Para 0920 for Gyro Compass theory. 


a. Gyro Compass Output. Provided there is no Gyro error, the Gyro Compass 
provides true courses and bearings, measured clockwise from 000° to 360”. 


b. Gyro Compass Errors. For a number of reasons the Gyro Compass may not 
always point exactly towards True North. Any Gyro error must be established before 
the Gyro Compass may be used as an accurate reference (see details at Para 0811). 


c. Gyro Repeater Error. The alignment of the Lubbers Line of Gyro repeaters to 
Ship ’s Head (see Fig 8-1 at Para 0802) should be checked frequently and adjusted if 
necessary. On offset repeaters (eg Bridge Wings) an incorrect alignment may not be 
easily noticed but will cause significant errors (see procedure at Para 1230f). 


d. Gyro Error Magnitudes. The maximum error in Royal Navy Gyro Compasses 
in adverse conditions is normally better than 4° at the Equator and 2° at Latitude 60’, 
and much better in good conditions (see details at BR 45 Volume 3). However, in some 
commercial Gyro Compasses the error may exceed this by one or two degrees. 


e. Calculating the Gyro Error. Ifthe true bearing of an object is known to be 075° 
and the Gyro bearing is 077”, then the Gyro is reading 2° high (see Fig 1-12a below); 
similarly, if the Gyro bearing is 073”, the Gyro is reading 2° low (see Fig 1-12b below). 


f. Correcting the Gyro Error. In order to calculate the true bearing: 


e Gyro Error High. Ifthe Gyro error is high, it must be subtracted from the 
Gyro bearing observed (or added to bearings from the chart). 


° Gyro Error Low. Ifthe Gyro error is low, it must be added to the Gyro 
bearing observed (or subtracted from bearings from the chart). 


. Suffixes ‘G?’ and ‘T’. The suffixes ‘G? or ‘T?’ should be used where 
appropriate to denote Gyro or ‘True’ courses / bearings respectively. 


Direction of North Direction of North 
According to the According to the 
Gyro Compass Gyro Compass 


To Object To Object 


Error High Error Low 


Fig 1-12a. Gyro Error High Fig 1-12b. Gyro Error Low 
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0122. The Magnetic Compass 
The Magnetic Compass is a bar magnet freely suspended in the horizontal plane and 
acted upon by both the Earth’s magnetic field and the magnetic properties of the ship. 


a. The Earth’s Magnetic Field. The Earth may be considered as a gigantic magnet. 
Magnetic lines of force emanate from the South Magnetic Pole (located in Antarctica). 
These lines of force follow approximate semi-Great Circle paths to the North Magnetic 
Pole (located in the Canadian Arctic). These Magnetic Poles are not stationary but are 
continually moving over a largely unknown path in a cycle of some hundreds of years. 


b. The Magnetic Meridian. A freely suspended Magnetic Compass needle acted on 
only by the Earth’s magnetic field will lie in the vertical plane along the Earth’s 
magnetic field line of force. This vertical plane is known as the Magnetic Meridian 
(Magnetic North). However, as the Earth’s magnetic field is irregular, Magnetic 
Meridians do not always point towards the Magnetic Poles. In addition, the Magnetic 
Poles are not 180° apart; thus, it is rare for the magnetic needle to point towards the 
Magnetic Pole. 


c. Magnetic North. Magnetic North is the name given to the direction in which the 
‘North’ end of a magnetic needle, suspended so as to remain horizontal, would point 
when subject only to the influence of the Earth’s magnetism. Itis the northerly direction 
of the Magnetic Meridian. 


d. Magnetic Variation. Magnetic Variation (normally abbreviated to ‘Variation’ ) is 
the angle between the geographic (true) Meridian and the Magnetic Meridian. It 1s 
measured East or West from True North; in Fig 1-13 (below) the Variation at point F 
is Shown as 20° West. Variation has different values at different places and 1s gradually 
changing. Its value at any place may be found from navigational charts which give the 
Variation for a certain year, together with a note of its annual value of secular change 
for which allowance must be made. Variation may also be taken from special /sogonic 
charts on which all places of equal Variation are joined by Isogonic lines known as 
Isogonals (not to be confused with Magnetic Meridians, which are lines of force). 


P (North Geographical Pole) 


Magnetic Meridian True Meridian 


Westerly Variation 


Fig 1-13. Magnetic Variation (Example) 
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(0122) e. Magnetic Deviation and Compass North. Ifa Magnetic Compass is put ina ship, 
the presence of iron, steel or electrical equipment will cause the Magnetic Compass to 
deviate from the Magnetic Meridian. The angle between the Magnetic Meridian 
(Magnetic North) and the direction in which the needle points (Compass North) is called 
Magnetic Deviation (normally abbreviated to ‘Deviation’ ). Itis measured East or West 
from Magnetic North. 


f Reducing Deviation. As a ship alters course in a particular Magnetic Latitude, the 
magnetic field of the ship changes, both in direction and magnitude. Consequently, 
Deviation 1s different for different compass courses. In practice, the Deviation of a 
ship’s Magnetic Compass is reduced to a minimum (usually less than 3°) by the fitting 
and adjustment of permanent magnets and soft-iron Spheres at the compass binnacle. 


g. ‘Swinging the Ship’ to Establish Residual Deviation. After adjustment of the 
permanent magnets and soft-iron Spheres at the compass binnacle, the ship’s residual 
Deviation 1s found by slowly ‘swinging the ship’ through 360° and noting the Deviation 
for the various compass Headings (see Note 1-6 below); this may easily be done at sea 
as a ‘Comparison Swing’ against the Gyro Compass (see Para 0125c). The residual 
Deviation may be tabulated (see Table 1-1 below) or drawn as a graph (see Fig 1-14 
opposite); intermediate values may be obtained by interpolation. If there is any 
significant change of Magnetic Latitude, the swinging (and sometimes adjustment) 
procedures should be repeated. Detailed procedures are at BR 45 Volume 3. 


Table 1-1. Table of (Example) Residual Deviations 
BEARING OF DISTANT OBJECT 


COMPASS HEADING A GNETIC COMPASS DEVIATION 
(FROM CHART) | (OBSERVED) 


N (000°) 236° M 237% °C WwW 
NNE (022%") 236° M 237%, "C "W 
NE (045°) 236° M Er WwW 
ENE (067%) 236° M EY 8 "W 
E (090°) 236° M % Ge W 
ESE (112°) 236° M 236%, °C "W 
SE (135°) 236° M 235% "C “E 
SSE (157°) 236° M 235 °C “E 
S (180°) 236" M 234% °C “E 
SSW (202%) 236" M 234 °C “E 
SW 4025) 236° M 234 °C “E 
WSW (247149) 336° M 234% °C “E 
W (270) 236° M 234% °C “E 
WNW (292°) 236° M 235% °C “E 
NW (315°) 236° M 236 °C 

NNW (337%) 236° M 37 “e 


Note 1-6. In the Royal Navy, Forms RNS 374A (Record of Observations for Deviation) and 
RNS 387 (Table of Deviations) are used to record Deviations. They are tabulated every 22% * 
to facilitate the calculation of the various compass coefficients (see BR 45 Volume 3). 
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(0122¢ continued) 


Fig 1-14. Graph of (Example) Residual Deviations 
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0123. Magnetic Courses / Bearings and Compass Courses / Bearings 


a. Magnetic Courses and Bearings. Magnetic courses and bearings are measured 
clockwise from 000° to 360° from Magnetic North (the Magnetic Meridian) and are 
given the suffix ‘M’, eg 075°M. They differ from true courses and bearings by the 
Variation (see Fig 1-15). See also Para 0123c opposite. 


P (North Geographical Pole) 


Magnetic True Meridian 
Meridian 


Westerly 
Variation Westerly 
Variation 


P’ 
Explanation: The magnetic bearing (or course) of T from F (angle MFT) is 085°M, while the 
true bearing of T from F (angle PFT) is 065°. The difference is the Variation, 20°W. 


Fig 1-15. Magnetic Courses and Bearings 


b. Compass Courses and Bearings. Compass courses and bearings are measured 
clockwise from 000° to 360° from Compass North, and are given the suffix ‘C’, eg 
195°C. They differ from true courses and bearings by the Variation for the geographical 
location and the Deviation for the compass Headings (see Fig 1-16). See also Para 
0123c opposite. 


Easterly 


Deviation ES 
Westerly Variation 


Variation” ‘ \ 


(20°W) 


Deviation 


P’ 
Explanation: The compass bearing (or course) of T from F (angle CFT) is 055°C, whereas 


the magnetic bearing (angle MFT) is 065°M and true bearing (angle PFT) is 045°. 
Angle MFC is the Deviation (10°E), and angle PFM is the Variation (20°W). 


Fig 1-16. Magnetic Courses / Bearings and Compass Courses and Bearings 
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(0123) c. ‘Traditional’ Graduation of Older Magnetic Compass Cards. Some older 
(mostly historical) Magnetic Compass cards may still be found which do not use 000° 
to 360° graduations, but instead, are graduated with ‘traditional’ markings: 


e Older Compass Cards. Older Magnetic Compass cards were divided into 
four quadrants of 90°, the angles being measured from North and South to 
East and West. For example, the bearing 137°M would be shown as S43”E. 


e Even Older Compass Cards. Even older Magnetic Compass cards were 
divided into four quadrants by the cardinal points, North, East, South, West. 
Each quadrant is divided into eight equal parts, the division marks being 
called Points; each point has a distinctive name - North, North by East, North 
North East and so on. There were 32 Points in the whole card. 


0124. Practical Application of Magnetic Compass Errors 


a. Compass Rose Magnetic Information. All Admiralty (UKHO) charts have 
Compass Roses printed on them, containing the following information. 


e True and Magnetic Roses. When there are two concentric Roses, the outer 
Rose represents the true compass and the inner the Magnetic Compass (see 
Fig 1-17 below). Some small-Scale charts have only the true Compass Rose. 


. Variation, Variation Change (and Deviation). The Variation, the year for 
which it is correct and its annual rate of secular change are normally shown 
in the Compass Rose on its Magnetic Meridian (see Fig 1-17 below). Before 
using the magnetic Rose to lay off compass bearings or the compass courses, 
correction for the change in Variation (and Deviation) must be applied. 
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Fig 1-17. Compass Rose of the Type Printed on Admiralty Charts 


1-19 
Original 


BR 45(1)(1) 
POSITION AND DIRECTION ON THE EARTH’S SURFACE 


(0124) b. Difference Between ‘Magnetic’ and ‘Compass’. As defined at Para 0122, 
Variation is the difference between True and Magnetic, while Deviation is the difference 


between Magnetic and Compass, ie: 


Magnetic = True + Variation 
Compass = Magnetic + Deviation = True + Variation + Deviation 


c. Conversion of Magnetic and Compass Courses and Bearings to True. The 
following rules should be applied for the conversion of magnetic or compass courses and 
bearings to true: 


° Easterly Variation and Deviation are added or applied clockwise. 
. Westerly Variation and Deviation are subtracted or applied anti-clockwise. 
° The order of conversions (Compass-to-Magnetic-to-True) is: 
“Compass + Deviation = Magnetic. Magnetic + Variation = True” 
For True-to-Magnetic-to-Compass conversions, see Para 0124f overleaf. 


d. Mnemonics. The conversion rules (Para 0124c above) may be easily memorised 
by the use of either of the two mnemonics shown below: 


e ‘CADET’. When converting from compass to true, add East (1e ‘Compass to 
True, Add EasT” ie “CADET”). It follows that West Variation and 
Deviation are subtracted (see Para 0124f overleaf). 


. Alternative Rhyme. An alternative (rhyming) mnemonic which may be used 
1s: “Error West, Compass Best; Error East, Compass Least.” 


° “CDMVT”. The ‘Compass: Deviation: Magnetic: Variation: True’ sequence 
may be summarised as ‘CDMVT (ie “Cadbury’s Dairy Milk Very Tasty”). 


e. Methods for Laying off the Compass Course or Compass Bearing. There are 
two methods available for laying off the compass course or bearing: 


° Method 1. Deviation (for the compass course steered) and Variation 
(corrected to date) are applied in one step to the compass course or bearing in 
accordance with the above rule to obtain the true course or bearing. The 
parallel ruler is then placed at the true reading on the true Compass Rose. 


Note 1-7. The application of compass error in one step in Method 1 avoids a very 
common mistake, that of taking out the Deviation for the compass bearing of the object 


instead of the compass course of the ship. 


. Method 2. The parallel ruler is placed on the given compass bearing or 
course on the Magnetic Compass Rose. It is then slewed through a small 
angle (sometimes known as the ‘Rose Correction’) which is the algebraic sum 
of the Deviation and the change in Variation (taking +ve for East, -ve for 
West in accordance with mnemonics), to allow for: 

>» The change in Variation to bring it up to date. 
>» The Deviation for the compass course being steered. 


Methods 1 and 2 are demonstrated overleaf at Examples 1-4 and 1-5 respectively. 
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Answer 
It increases rapidly. 
11 For any given diode, the knee voltage IS 


not exactly 0.7 volt or 0.3 volt. Rather, it 
varies Slightly. But when using diodes In 
practice (that is, imperfect diodes), you can 


make two assumptions: 
The voltage drop across the diode is either 
0.7 volt or 0.3 volt. 

You can prevent excessive current from 
flowing through the diode by using the 
appropriate resistor in series with the diode. 
Questions 

A. Why are imperfect diodes specified 
B. Would you use a high or low resistance to 
prevent excessive current? 


Answers 

A. All diodes are imperfect, and the 0.3 or 
0.7 voltage values are only = approximate. In 
fact, in some later problems, it IS assumed 


that the voltage drop across the diode, when 
it is conducting, is O volts. This assumes, 
then, that as soon as you apply any voltage 
above O, current flows in an ideal resistor. 
(That is, the knee voltage on the V-I curve 
for an ideal diode is O volts.) 

B. Generally, use a high resistance. However, 
you can calculate the actual resistance value 
given the applied voltage and the maximum 
current the diode can withstand. 
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(0124e) Example 1-4 (Demonstrating Method 1 from Para 0124e opposite) 

A ship is steering 260°C. Variation from the chart was 12°W in 2007, decreasing 10' 
annually. The compass bearing of an object is 043°C. Using the Deviation from Fig 1-14, what 
is the true course and how would the bearing be plotted using the above two methods? The year 
is 2010. 

e Calculation of the Deviation value that applies for Heading 260°C 


Variation in 2007 12 W 
Change in Variation 2007 to 2010: 3 x 10'E Y E 
Variation in 2010 112 °W 
Thus Deviation applicable for 260°C Headings = IR “E 
e Application of CADET / CDMVT 
Compass Headings 260 € 
Deviation Elo: “E 
Magnetic Headings 261 M 
Variation -11⁄2 °W 
True course 250 T 
Solution by Method 1 - Plotting the True Bearing 
Compass bearing 043 C 
Deviation + 1h E 
Magnetic bearing 0442 M 
Variation -11⁄2 W 
True bearing to be plotted 033 T 


Note 1-8. The compass error may be applied in one step (see Pare 0124e) to avoid the common 
mistake of taking out the Deviation for the compass bearing of the object instead of the compass 
course of the ship. In this case, the total error correction = +1% E -11% W = -10 W. Thus 
to convert to true while on compass Headings 260 C, all compass bearings should be reduced 
by 10” 


(0124e) Example 1-5 (Demonstrating Method 2 from Para 0124e opposite) 

Take the scenario from Example 1-4 (above). Place the parallel rule on the Magnetic 
Compass Rose in the direction 043°M. Slew through a total Rose Correction of +2° clockwise 
(2° clockwise to allow for the easterly change of Variation and 1%” clockwise to allow for the 
easterly Deviation). Plot the bearing on the Magnetic Compass Rose, 045°M. As Magnetic 
North on the Magnetic Compass Rose 1s already offset 12° to the West (see Fig 1-17), 1t will be 
immediately apparent that 045"M is the same as 033"T, the true bearing. 
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(0124) f. Conversion of True Course to Compass Course. To find the compass course 
from the true course, the mnemonic ‘CADET (see Para 0124d) is used in the reverse 
direction, although it no longer forms a mnemonic: 


True to Compass, add West (subtract East) 


There is, however, a small complication. Before the Compass course may be found, the 
Deviation must be known, but that cannot be established until the Compass course in 
known. An iterative process follows, where the Deviation table is entered with the 
Magnetic course in lieu of Compass course. If the Deviation is large, a second 
calculation is required to establish the exact Deviation for the Compass course. This 
process 1s shown at Example 1-6 below. 


Example 1-6. First and Second Approximations of Deviation for Compass Course 
Using the Deviations at Fig 1-14 and a true Headings of 260° with 10°W Variation, the 
following calculations are made: 


1" Approximation 


True course 260 T 
Variation +10 "W 
Magnetic course 270 M 
Deviation (for 270° M) -1% E 
Approximate Compass course 268% ~C 


The graph at Fig 1-14 indicates with this approximate course of 268% C, the correct 
Deviation to use is nearer 1'4°E than 1 E, thus giving the following 2" approximation: 


2° Approximation 


True course 260 T 
Variation +10 W 
Magnetic course 270 M 
Deviation (for 2687 M) - 1% E 
Refined Compass course 268% C 


Note 1-9, For practical purposes, providing that the Deviation is small, a second 
approximation is rarely necessary. 
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0125. Checking Magnetic Deviation 


a. Principles. If an accurate and reliable Gyro Heading is known, or a compass 
bearing is taken of a terrestrial or astronomical object whose true bearing is known, then 
provided the Variation is also known, the Deviation may be calculated and used to 
establish a new Deviation table. Various detailed procedures to establish Deviation 
exist; either by “Comparison Swing’ at Para 0125c (below) or by other methods at Para 
0811, but the calculation required for all of them is at Example 1-7 (below). 


Example 1-7. Calculating Deviation 

By calculation, the sun’s true bearing 1s 230°T, the compass bearing is 235°C and 
Variation 12°W. What is the Deviation? (The same calculation is used if a Gyro “Comparison 
Swing’ is made, with Gyro Heading 230°T and compass Heading 235°C) 


True bearing / Headings 230 T 
Variation +12 °W 
Magnetic bearing / Headings 242 M 
Deviation (by subtraction 242°-235° = 7°) -7 
Compass bearing / Headings 235 °C 


As 7° has to be subtracted from 242°M to reach 235°C, and since when calculating from 
“True to Compass”, East 1s subtracted (reverse of CADET), the Deviation is 7 E. 


b. Acceptable Deviation Limits. In practice, it should be possible to adjust a well 
placed Magnetic Compass to limit the residual Deviations to less than 3°. However, 1f 
a large change in Magnetic Latitude has taken place, any structural alterations have 
taken place near the compass, ferrous cargo loading / unloading has occurred etc, or 1f 
more than one year has elapsed since the previous compass swing (see full list of factors 
at BR 45 Volume 3), then a check ‘Comparison Swing’ (see Para 0125c below) should 
be carried out to establish a new Deviation table, as the residual Deviations may have 
changed substantially. Adjustment of the compass (ie moving magnets / Spheres) should 
only be carried out by a suitably qualified ‘Compass Swinging Officer’. 


c. Establishing Magnetic Deviation by Gyro Compass ‘Comparison Swing’. As 
stated at Para 0122g, the ship’s residual Deviation is found by slowly “swinging the 
ship’ through 360° and noting the Deviation for the various compass Headings, as 
compared to Gyro Headings (after making allowance for the correct Variation - see Para 
0125a above); this may easily be done at sea as a ‘Comparison Swing’ without the need 
for a qualified ‘Compass Swinging Officer’ (as no compass adjustments are carried out). 


. Rate of Turn. Itis essential that the swing is carried out slowly, with a rate 
of turn no greater than 8” per minute (ie 360° in not less than 45 minutes); 1f 
necessary the ship may be steadied on each Heading for a period. Failure to 
observe this very slow rate of turn will not allow the ship’s magnetism to 
adjust to each new Heading, and will result in a flawed set of readings. 
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0126. Relative Bearings 


a. “Red” or “ Green”. Relative Bearings are normally stated relative to the ship’s 
fore-and-aft line looking forward (ie from Ship 's Head) and are measured from the bow 
from 0° to 180° on each side. Starboard bearings are prefixed “Green” and port bearings 
prefixed “Red”. See Fig 1-18 below. 


b. “... Relative”. Occasionally, Relative Bearings are measured clockwise from 000° 
to 360° from Ship ’s Head and, if so, are given the suffix “Relative” (eg “135° Relative”). 
See Fig 1-18 below. 


c. “On the Bow” etc. The expressions “On the bow”, “On the beam” and “On the 
quarter” may be used with or without any specified number of degrees (or Points if 
‘traditional’ language is used). When used without any specified number of degrees (or 
Points if ‘traditional’ language is used), they mean respectively 45° (4 Points), 90° 
(8 Points), and 135° (12 Points) from Ship’s Head. When used with a specified angle, 
the meaning is as stated (see Fig 1-18 below). 


Explanation: The bearing of X is “Green 30” (or 030° Relative) and that of Y is “Red 140” (or 220° Relative). 
Alternatively, X could be said to be “30° on the starboard bow” and Y to be “40° on the port quarter”. 
If the ship is steering 045°, the true bearings of X and Y are 075° and 265° respectively. 


Fig 1-18. Relative Bearings 


0127. The Radian Rule 

The ‘Radian’ is defined as the angle subtended at the centre of a circle by a length of arc 
equal to the radius. ‘T’ is defined as the ratio of the circumference of a circle to its diameter; 
this ratio is constant in all cases and T is approximately equal to 3.1415927. It can thus be 
shown (see Appendix 1 Para 2b) that 360° equates to 27 radians. From these definitions, it 
follows that: 


P= radi 
= 360 raadlans 


and, at 1 n.mile (1852 metres): 


2m 
I subtends: 360 x 1852 metres = 32.32 metres = 35.35 yards = 106.05 feet 


With small angles at reasonably short ranges, 1° may be taken to subtend 35 yards 


(approximately 100 feet) at 1 n.mile without serious error; this is known colloquially as the 
“Radian Rule”. 
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CHAPTER 2 


THE SAILINGS (1) - BASIC CALCULATIONS 


Scope of Chapter 


a. ‘Sailings’. ‘Sailings’ are terms used to describe the various mathematical methods 
of finding course and Distance from one place on the Earth’s surface to another. 
Chapter 2 covers the following Sailings: 


Parallel Sailing. 

Plane Sailing. 

Mean Latitude Sailing and Corrected Mean Latitude Sailing. 
Traverse Sailing. 

Mercator Sailing (brief overview only). 

Spherical Sailing - Great Circle tracks (introduction only). 


Spherical Sailing - Composite Tracks (introduction only). 


b. Further Details. Mercator Sailing is only introduced very briefly in Chapter 2, and 
further details are as follows: 


Chapter 4. Mercator Projections are covered in detail at Chapter 4. 


Chapter 5. The calculations involved in both Spherical and Spheroidal 
Mercator Sailing are set out Chapter 5, together with Vertex and the 
Composite Track calculations. 
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0202. Rhumb Lines and Departure 


a. Rhumb Lines. A Rhumb Line is a curve drawn on the Earth’s surface which cuts 
all Meridians at the same angle (see Fig 2-1 below). 


° Special Cases - Equator, Parallels of Latitude and Meridians. As special 
cases, the Equator and Parallels of Latitude are Rhumb Lines of either 090° 
or 270°, while Meridians are Rhumb Lines of either 000° or 180°. 


. Other Rhumb Lines - Loxodromes. Other Rhumb Lines (cutting Meridians 
at the same angle) spiral towards the Pole and are also called Loxodromes. 


e Use. Rhumb Lines appear as straight lines on Mercator Projection charts and 
thus represent a ship”s steady course. 


Explanation: Rhumb Line curve FT cuts Meridians F, A, B, C and T at the same angle( 6) . 


Fig 2-1. The Rhumb Line 


b. Departure. ‘Departure’ is the Distance made good in an East-West direction in 
sailing from one place to another along a Rhumb Line. The units of Distance used in 
Departure are the same as in d.lat (ie Sea Miles). 
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0203. Parallel Sailing 
Parallel Sailing is a method of converting Departure along a Parallel of Latitude into 
Longitude, and assumes the Earth 1s a Sphere. 


a. The Arc ofa Parallel of Latitude. In Fig 2-2a (below), for a ship travelling along 
the Equator from A to B, the Departure and the d.long (Difference of Longitude) are 
equal. However, 1f the ship 1s travelling from F to T along any other Parallel of 
Latitude o , the d.long À is still AB, but the Departure FT (ie Distance) is numerically 
less than the d.long. The nearer the Parallel of Latitude is to the Pole (ie the higher the 
Latitude) the shorter Departure FT becomes, but the d.long AB does not alter. 


r = RCos Y 


Fig 2-2a. The Arc of a Parallel of Latitude Fig 2-2b. Alteration of the Arc with 
a Change of Latitude 


b. Alteration of the Arc with a Change of Latitude. The relationship between 
Departure and d.long may be found as follows (see Figs 2-2a/b above): 


e The radius r of the circle of Latitude Y is R cos @ , where R is the radius of 
the Sphere (see Fig 2-2b above). 


. The Departure (ie Distance) FT along the Parallel of Latitude 1s: 
= À r, where A is in radians (see Fig 2-2a above) 
= À R cos @ (see Fig 2-2b above) 
= AB cos @ (see Fig 2-2a above) 
=X cos Ọ (where A is in minutes, see Fig 2-2a above) 
Departure = d.long (in minutes) cos Latitude O | 


Thus for a Sphere, the Departure (Distance) along a Parallel of Latitude (in minutes of 
Latitude) equals d.long (in minutes of arc), times the cosine of the Latitude. 
Examples 2-1 and 2-2. 


2-1. At Latitude 40°N with Longitudes of F (15"E) and T (60°E ), the d.long is 45°, or 2700' 
minutes of arc along the Equator (18 FT = 2700' cos 40° = 2068'.3). 


2-2. Had the Latitude been 60°N instead of 40°N, the Distance along this new Parallel of 
Latitude would have been 2700' cos 60°, ie 1350". 
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0204. Plane Sailing 

Plane Sailing is a method of solving the relationship between d.lat (Difference of 
Latitude), Departure (see Para 0202b), Distance and Course, when NOT Parallel Sailing; in this 
case, Departure does NOT equal Distance. Plane Sailing assumes the Earth is a Sphere. It does 
not involve d.long (Difference of Longitude) except indirectly (see Para 0205). 


Departure 


Course 


Fig 2-3. Departure, d.lat and Distance when Plane Sailing. 


a. Plane Sailing Formulae. When a ship travels along any Rhumb Line other than a 
Parallel of Latitude or a Meridian of Longitude (ie not Parallel Sailing), its d.lat, 
Departure, Distance and Course may be considered as forming a plane right-angled 
triangle (see Fig 2-3 above). From this triangle it may be shown (and proved opposite 


at Para 0204b) that: 
Departure = Distance sin Course eee 
d.lat = Distance cos Course (but see Note 2-1) soe 
Dividing (2.2) by (2.3): 
tan course = E a ...2.4 
d.lat 


Note 2-1. If using formula (2.3) to find the Distance, it has a fundamental weakness 
as the Course approaches 90°, because small errors in the Course introduce large 
errors in the Distance. Formula (2.2) should be used instead to find Distance in such 
Cases. 
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12 Calculate the current through the diode in 
the circuit shown in Figure 2.17 using the 


steps in the following questions. 
Figure 2.17 


Questions 

A. The voltage drop across the diode IS 
known. It is 0.7 volt for silicon and 0.3 volt 
for germanium. (“Si” near the diode means it 


is silicon.) Write down the diode voltage drop. 
VD = — 

B. Find the voltage drop across the resistor. 
This can be calculated using VR = VS -V D 
. This is taken from KVL, which was discussed 
in Chapter 1, “DC Review and Pre-Test.” V R 
C. Calculate the current through the resistor. 
Use | = VR /R. 

D. Finally, determine the current through the 
diode. | = 

Answers 

You should have written these values: 
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(0204) b. Proof of the Plane Sailing Formulae. The Plane Sailing formulae may be proved 
as follows. Consider the Rhumb Line FT in Fig 2-4 (below): 


Fig 2-4. Division of the Rhumb Line (to Prove the Plane Sailing Formulae) 


° Division of the Rhumb Line. In Fig 2-4 (above), let the Rhumb Line FT be 
divided into a large number ‘n’ of equidistant Parallels of Latitude cutting the 
Rhumb Line at F, A, B, C, etc. Let the Meridians through the points cut the 
Parallels of Latitude at X, Y, Z, etc. 


° Small Triangles. In the small triangles FAX, ABY, BCZ etc, the angles FXA, 
AYB, BZC are right angles. The angles FAX, ABY, BCZ are all equal, being 
equal to the Course. The sides 4X, BY, CZ are all equal. 


. Consider as Plane Right-Angled Triangles. These triangles are therefore 
equal in all respects and, as they are very small, may be considered as plane 
right-angled triangles. Thus, in the triangle FAX (et al): 


AX = FA cos Course 
nAX = nFA cos Course 
d.lat = Distance cos Course ... (formula 2.3) 


FX = FA sin Course 
nFX = nFA sin Course 
Departure = Distance sin Course . . . (formula 2.2) 
Dividing (2.2) by (2.3): 
Departure 
tan Course = ———— . . . (formula 2.4) 
d.lat 
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0205. Mean and Corrected Mean Latitude Sailing 

There are two calculation methods by which a ship may determine its Latitude and 
Longitude after travelling along a Rhumb Line other than in a North-South or East-West 
direction. One of these methods uses the Mean Latitude or Corrected Mean Latitude, the other 
uses Mercator Sailing (introduced at Para 0207 and described at Chapter 5). 


a. Mean Latitude Sailing. Consider the Rhumb Line FT in Fig 2-5 (below). 


° Relative Sizes of Departures. The Departure of FT is greater than that of HT 
(ie Departure along the Parallel of Latitude through T), but less than that of 
FG (ie Departure along the Parallel of Latitude through F). Therefore, the 
Departure from F to T must equal the Departure along a Parallel of Latitude 
lying somewhere between FG and HT. Let this Parallel of Latitude be UV. 


Corrected Mean Latitude 


Mean Latitude 


Fig 2-5. Mean and Corrected Mean Latitudes 


e Mean Latitude. Provided that the d. lat between F and T 1s fairly small and 
the Latitudes of F and T are not too high, this Departure is approximately 
equal to the arc of the Parallel of Latitude MN, which has as its Latitude the 
mathematical mean between F and T. This Latitude is referred to as the 
‘Mean Latitude’ (or ‘Mean Lat’). In these particular circumstances MN and 
UV are almost identical. 


e Mean Latitude Formula. If QR is the d.long between F and T: 
MN = OR cos OM . . . (formula 2.1) 


Departure = d.long cos Mean Latitude (for the Sphere) Los 


° Errors. However, formula (2.5) is not mathematically accurate except when 

F and T are on the same Parallel of Latitude. 

> Distance. In practice, the accuracy of this formula depends on how close 
T is to F, and it should NOT be used for Distances exceeding 600'. 

>» Proximity to Equator. Ifthe Latitudes of F and T are on each side of 
the Equator and also within 10° of Latitude of the Equator, the 
Departure may be taken as the d./ong without appreciable error (the 
maximum error in Departure cannot exceed 0.4%.) 
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(0205) b. Corrected Mean Latitude Sailing - Formula. The true or ‘Corrected Mean 
Latitude” between F and T is given by UV (see Fig 2-5 opposite). For the Sphere (see 
Note 2-2 below for the Spheroid), it may be shown (see Appendix 3) that the Latitude 
L of UV may be found from the following formulae: 


Either: 
7915.7045 TEA o 
sec L = TS | tog tanl 45 + > 7 log ytan| 43 d 2 ) ... 2.6 
Or (see Para 0422): 
DMP 
N PA noa Ael 


d.lat (mins of arc) 


c. Corrected Mean Latitude Sailing - Terminology. ‘Corrected Mean Latitude” is 
frequently referred to in nautical tables and other navigational publications as the 
‘Middle Latitude”, but in the BR 45 series the term “Corrected Mean Latitude’ is used. 


Note 2-2. Rhumb Line position calculations for the Spheroid are at Paras 0530-0531. 


Example 2-3: Low Latitudes 
A ship transits from position F (30 N, 40 W) to a point T (34 N, 36 W). Find the 
Departure, Course and Distance by both Mean Latitude and Corrected Mean Latitude methods. 


e Mean Latitude Sailing: 


dlat = 4N 240'N 
dlong = 4E = 240'E 
Mean Lat Sailing = % (30°+34)N = 32N 


Departure = 240' cos 32 E = 203" 53E . . . (formula 2.5) 
Departure 
tan Course = diat . . . (formula 2.4) 


Course = 040.3“ 
Distance = d.latsec Course = 240' sec 040.3° = 314".68 


. . . (formula 2.3) 
e Corrected Mean Latitude Sailing: 
7915.7045 SE 30 
sec L = E log ,, tan | 45° + o log, tan | 45° + > 
... (formula 2.6) 


L = 32033158 (32 02”) 
Departure = 203.46' 
Course = 040.3* 
Distance = 314.64' 


e Difference between Mean Latitude / Corrected Mean Latitude Sailing Results: 
The difference in Distances (0.013%) between 314.68' for Mean Latitude Sailing 
and 314.64' for Corrected Mean Latitude 1s small, so Mean Latitude Sailing may 
be used here without appreciable error. 
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Example 2-4: High Latitudes 

A ship in a high Latitude position F (70°N 20°W), steers a Course of 020° for a Distance 
of 600 miles. What is its Latitude and Longitude at the end of the run, by both Mean Latitude 
and Corrected Mean Latitude Sailing methods? 


e Mean Latitude Sailing: 


d.lat = 600' cos 20 N ... (formula 2.3) 
= 563.81557'N 
= 9.3969262 * = 9°23.8'N 
Latitude T = 79*23'.8N 
Departure = 600' sin 20 E = 205.21209'E . . . (formula 2.2) 
Mean Lat = 74.6984631 N = 74 "41. 9N 
d.long = 205.21209' sec 74.6984631 E . . . (formula 2.5) 
= 777.61623'E = 12°57.6'E 


Longitude T = 7°02.4'W 


e Corrected Mean Latitude Sailing: 
7915.7045 


sec L= an tan 84.6984653"- log ,, tan 80°) 
. . . (formula 2.6) 
L = 75.197922° (75°11.9' N) 
d.long = 205.21209' sec 75.197922 . . . (formula 2.5) 
= 803.23871'E 
= [3387312 E A E 


Longitude T = 6°36.8'W 


e Difference between Mean Latitude / Corrected Mean Latitude Sailing Results: 
The difference in Longitude between Mean Latitude and Corrected Mean Latitude 
Sailing results is 25.6'E. From formula (1.1) [at Latitude 79° 23.8'N] this equates 
to 4.7 n. miles; over 600 n. miles this is 0.8% of the Distance. The discrepancy in 
position at the end of the run illustrates the danger of using the Mean Latitude 
method in high Latitudes, even though the Distance is only 600 n. miles. 


2-10 
Original 


BR 45(1)(1) 
THE SAILINGS (1) - BASIC CALCULATIONS 


0206. Traverse Sailing 

Traverse Sailing is the term given to Traverse solutions for single or multiple Plane 
Sailings (see Para 0204). The various leg(s) of the ship’s track are the hypotenuses of a series 
of Plane Sailing triangles (see Fig 2-4 at Para 0204b). The individual d./ats and Departures may 
be found using formulae (2.2 to 2.4) and d./ong using formula (2.5). 


a. Traverse Table. The ‘Traverse Table” in Norie’s Nautical Tables solves the d. lat 
/ Departure / Distance / Course plane triangles for any Distance up to 600'. Instructions 
for the use of these tables are given in the explanation within Norie’s. The tables may 
also be used to find d./ong by formula (2.5) by treating the Course as Mean Latitude, 
d.lat as Departure and Distance as d.long. 


b. Calculator or Spreadsheet. A calculator or spreadsheet with trigonometric 
functions is quicker and more accurate to use than the Traverse Table. If a calculator 
or spreadsheet with co-ordinate conversion is available, it should be possible to read off 
d.lat and Departure directly using Cartesian Coordinates (x, y) (see Note 2-3 below). 
Using a calculator or spreadsheet avoids the need to interpolate between sets of figures 
in the Traverse Table. 


c. Polar and Cartesian Coordinates. The position of point T (see Fig 2-6 below) 
may be defined in Polar Coordinates (r, 8 ) or Cartesian Coordinates (x, y) where: 


r = Distance 

8 = Course 

x = Departure 

y = d.lat (see Note 2-3 below) 


Fig 2-6. Polar and Cartesian Coordinates of a Position 


Note 2-3. If converting between Polar and Cartesian Coordinates using a calculator, 
d.lat appears as ‘x’ and Departure as y’ because of the difference between 
mathematical and navigational conventions on the initial line from which angles are 
measured. In navigational notation, Course is measured clockwise from the north-south 
line, while in mathematical notation, it is measured anti-clockwise from the east-west 
line. 
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Example 2-5: Traverse Sailing by Traverse Table and Calculator Methods 
A ship in position 45°25'N, 15"05'W at 0900 steers the following Courses and speeds. 
What is its position at 13157 


TIME COURSE SPEED 

0900-0946 045" 15 knots 
0946-1015 312° 16% knots 
1015-1122 217° 14% knots 
1122-1247 103° 17 knots 
1247-1315 190° 15 knots 


The ships track and the overall d.lat / d.long is shown at Fig 2-7 (below). Details for 
each leg by Traverse Table and calculator methods are at Table 2-1 (below): 


4525.0"N 


Departure 


Fig 2-7. Ship”s Track and Overall d.lat / d.long from Example 2-5 


Table 2-1. Details for each leg (Example 2-5) by Traverse Table and Calculator Methods 


Time fil Course O E Speed Distance r Traverse Table Method Calculator Method 


Course | Departure | d.lat Dep (x) d.lat (y) 


0900- 0946| 045° | 15 kn INTE N45°E 08.I3'E | 08.13N | +08.132 | +08.132' 
0946-1015 16% kn ETE N48"W ET 05.33'N -05.927' +05.336' 


oe] er 14% kn | 164711 | srw | 09.91 | 13.168 | -09.912 | -13.154 


canal ae I 17 kn 24. =a S77°E Era 46'E 05.42'S +23.466' -05.417' 
——— (0900- ld 12.01'S 

Mean Latitude (0900-1315): 45° 19.0'N 

Departure: 00” 14.5'E (both methods - see Table 2-1 above) 

d.long (from formula 2-5): 00” 20.7'E 

d.lat: 00° 12.0' S (both methods - see Table 2-1 above) 

Position at 1315: 45° 13.0'N 14° 44.3"'W 
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Mercator Sailing Overview 


a. Concept. Mercator Sailing provides a method of determining position after 
travelling along a Rhumb Line, other than in a North-South or East-West direction. As 
stated at Para 0205, Mercator Sailing 1s an alternative to Mean Latitude / Corrected 
Mean Latitude Sailing. It uses Difference of Meridional Parts (DMP) instead of d. lat, 
and d.long instead of Departure. 


b. Meridional Parts. Meridional Parts are a feature of the Mercator projection on 
which the great majority of small-Scale Admiralty (UKHO) navigational charts are 
based. Meridional Parts are discussed at length in Chapter 4. 


c. Further Details. Mercator Projection charts are covered in detail at Chapter 4. 
The calculations involved in both Spherical and Spheroidal Mercator Sailing are set out 
Chapter 5, together with Vertex and the Composite Track calculations. 


Spherical Sailing - Great Circle Tracks 
The definition of Great Circle is repeated for the convenience of readers, as follows: 


(Extract from Para 0110c): Great Circle. A Great Circle is the intersection of a Spherical 
surface and a plane which passes through the centre of the Sphere. It is the shortest 
distance between two points on the surface of a Sphere. 


a. The Great Circle - Explanation. A straight line is the shortest distance between 
two points. However, when two points lie on the surface of a Sphere, the arc of the 
Great Circle joining them is the curve that most nearly approaches the straight line, 
because it has the greatest radius and therefore the least curvature. 


e The smaller arc of the Great Circle joining two places on the Earth’s surface 
(eg arc FT at Fig 2-8 below) is the shortest route between F and T (or T’). 


. PF and PT are arcs of the Meridians passing through F and T (or 7'') and are 
also arcs of Great Circles. 


e The triangle PFT (or PF T') is therefore a Spherical triangle, and the Distance 
FT (or F T') is the length of the side opposite the Pole in this triangle. 


Fig 2-8. The Great Circle (shown in Northen Hemisphere) 
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(0208) b. True Bearings on a Great Circle. The true bearing of 7 from F (see Fig 2-9a/b 


below) is the angle between the Meridian through F and the Great Circle joining F and 
T, measured clockwise from the Meridian (ie the angle PFT). This angle is the initial 
Course to be steered by a ship sailing on a Great Circle from F to T. Radio waves also 
travel along Great Circles near the Earth’s surface (see Note 2-4 below) and the angle 
PFT is thus the bearing of 7 from F as given by a radio-direction finder. 


Note 2-4. The ‘Geodesic’ is the equivalent of a Great Circle on a Spheroid. However, 
in everyday use, the terms ‘Great Circle’ (in lieu of “Geodesic”) and ‘Small Circle’ are 
applied to the Earth’s Oblate Spheroidal shape (see Note 1-1 at Para 0110c). 


c. True Bearings at Intermediate Points on a Great Circle. At any intermediate 
point G between F and T on a Great Circle (see Fig 2-9a below), the true bearing of T 
is the angle PGT, and this is not equal to the angle PFT (see Fig 2-9b below). To an 
observer moving along the Great Circle from F to T, the true bearing of T changes 
continuously. Only when T is close to F may this change be neglected (as the area of 
the Earth’s surface traversed by FT is then sufficiently small to be considered as a plane 
or flat surface, on which Great Circles appear as straight lines). 


Intermediate 


Intermediate 
Bearing 


T 


Fig 2-9a. Great Circle True Bearings Fig 2-9b. Initial and Intermediate Bearings 
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d. Great Circle Distance and Bearing. In Spherical triangle FPT (see Fig 2-8, 
previous page), the length of the side FT and its true bearing (angle PFT) may be 
calculated (see calculation at Para 0211), as the angle FPT and sides PF and PT (or PT,) 
are known: 


e Angle FPT. The angle FPT is the d.long between F and T. 


. Sides PF and PT - ‘SAME’ Names. When the Latitudes of the sides PF and 
PT are in the same hemisphere (ie have “SAME” names, as in Fig 2-8 where 
F and T are both North), PF = (90° - Latitude F) and PT = (90° - Latitude T). 
The distance (90° - Latitude) is known as the Co-Latitude. 


e Sides PF and PT, - ‘CONTRARY’ Names. When the Latitudes of the sides 
PF and PT are in different hemispheres (ie have ‘CONTRARY’ names, as in 
Fig 2-8 where F is North and T, is South), PT, = (90° + Latitude T,). 
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(0208d continued) 
e For Pole P (Northern Hemisphere). From Fig 2-8, it can be seen that: 


For Latitudes of “SAME” name: 
PF = 90° - Latitude F Co-Latitude F 
PT = 90° - Latitude T = Co-Latitude T 
angle FPT = d.long 


For Latitudes of “CONTRARY names: 
PF = 90° -Latitude F = Co-Latitude F 
PT, = 90° + Latitude T, 
angle FPT, = d.long 


e For Pole P’(Southern Hemisphere). When F is also in southern Latitudes (see 
Fig 2-10), P’ may substituted for P in the above expressions. 


Fig 2-10. The Spherical Triangle (Southern Hemisphere) 


e Summary For Either Hemisphere. So, for either hemisphere: 
PF =90° + Latitude F 
PT = 90° + Latitude T 
The sign of the expression is determined by the NAME of the Pole and NAME of 
the Latitude of the places, summarised as: 
SAME Names: SUBTRACT 
CONTRARY Names: ADD 


e. Great Circle Sailing. To follow a Great Circle track exactly would involve 
continuous Course changes. In practice, the Great Circle track is divided into a series 
of Rhumb Lines, approximating the Great Circle (see Fig 2-11 below, and Para 044 1a). 


Great Circle 
(FABCT) 


Rhumb Lines 
(FA, AB, BC, CT) 


Fig 2-11. Rhumb Line tracks approximating the Great Circle 
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0209. Spherical Sailing - The Vertex and Composite Tracks 


a. The Vertex. The point at which a Great Circle most nearly approaches the Pole 
is called its Vertex - shown as ‘V at Fig 2-12 (below). At the Vertex, the Great Circle 
ceases to approach the Pole and begins to curve away. Therefore, at the Vertex, the 
Great Circle must cut the Meridian at right angles. The method of finding this position 
involves the use of right-angled Spherical triangles, and 1s described in Chapter 5. 


b. The Composite Track. A Great Circle track between any two points passes nearer 
to the Pole than does the Rhumb Line track (unless both points are on the Equator); the 
Great Circle track can easily reach high Latitudes (eg route from USA / Canada to UK). 
If ice is likely to be encountered, the Great Circle track should be modified to clear any 
ice danger by avoiding high Latitudes, while remaining the shortest possible safe track. 
This modified track is known as the Composite Track, and is formed by two Great 
Circle arcs joined at their Vertices by the ‘Safe Parallel of Latitude. In Fig 2-12 below: 


° Great Circle FLVMT. Track FLVMT is the Great Circle joining F and T. 


. “Safe Parallel? LM. Latitudes higher than the Safe Parallel LM are assumed 
to be dangerous and Great Circle arc LVM cannot be used. 


e Shortest Track. The track FLMT is not the shortest safe route. The shortest 
safe route is FABT, where FA and BT are Great Circle arcs tangential at A 
and B to the Safe Parallel. FABT is thus the Composite Trackin this example. 


e Proof of FABT as the Shortest Track. By inspection: 
>  IfLand Mare taken as any points on the Safe Parallel LM outside the arc 
AB, (FL + LA) is greater than FA itself 
>» Similarly, (BM + MT) is greater than BT. 
>» By addition, FL + LA + AB + BM + MT is greater than FA + AB + BT. 


DANGER AREA 
s (ABOVE SAFE PARALLEL) 


Safe Parallel Composite Track: 
Composite Track: Great Circle Arc BT, 
Composite Track: Safe Parallel Arc AB with its Vertex touching 
Great Circle Arc FA, the ‘Safe Parallel’ at B 
with its Vertex touching 
the ‘Safe Parallel’ at A 


Fig 2-12. The Great Circle, Vertex and Composite Track 


c. Calculation. The calculation of the Composite Track is at Para 0522. 
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A. 0.7 volt 
B VR = VS - VD = 5 volts - 0.7 volt = 
4.3 volts 
C. Ve  4.3volts 
[= = = 4.3mA 
R 1kQ) 


D. 4.3 MA (In a series circuit, the same 
current runs through each component.) 

13 In practice, when the battery voltage IS 
10 volt or above, the voltage drop across the 
diode is often considered to be O volt, instead 
of 0.7 volt. 

The assumption here is that the diode is a 
perfect diode, and the knee voltage is at O 
volts, rather than at a threshold value that 


must be exceeded. As discussed later, this 
assumption is often used in many electronic 
designs. 
Questions 


A. Calculate the current through the silicon 
diode, as shown in Figure 2.18 . 
Figure 2.18 
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0210. Summary of Methods for Spherical Great Circle Calculations 

Table 2-2 (below) lists 7 methods for solving Spherical Great Circle calculations, with 
their applicability to finding the Distance and Course / bearing. The calculation of Great Circle 
(Geodesic) Courses and Distances taking into account the Spheroidal shape of the Earth are at 
Paras 0541-0542. 


Table 2-2. Methods for Spherical Great Circle Calculations 


e 
Software - “NAVPAC "program (UKHO: DP 330) —— = 
WECDIS and ECDIS equipments 


[ Sine 
Sight Reduction Tables (NP 401) 
Half Log Haversine == 


| ABC Tables (NP 320 - Norie’s Nautical Tables) YES 


a. “NAVPAC’ Program (UKHO - DP 330). The NAVPAC software program is 
produced by HM Nautical Almanac Office (available to the public from UKHO, Taunton 
as DP 330); NAVPAC provides astronomical data and is a fast, reliable, authoritative 
method of solving Spherical Great Circle, Spheroidal Rhumb Line and astro-navigation 
calculations (see NAVPAC details at Para 0551). Its operation is fully described in 
BR 45 Volume 2 (available to the public and published by the Nautical Institute, 
London). NAVPAC is in Royal Navy service and is the Royal Navy’s preferred 
method for obtaining astronomical data and solving the above calculations. 


b. WECDIS / ECDIS. WECDIS also provides a fast, reliable and authoritative 
method of solving Spherical Great Circle and Spheroidal Rhumb Line calculations. 
ECDIS equipments are also capable of these calculations. 


c. Cosine and Sine Methods. The ‘Cosine Method’ 1s very suitable for use with a 
pocket calculator and is explained at Para 0211. The ‘Sine Method’ may be used to 
cross-check the Cosine solution and may also be used to determine the Course or 
bearing. Both the Cosine and the Sine Formulae are set out in Appendix 2. Although 
the Sine Formula is ambiguous, this ambiguity 1s easily resolved in most cases, and the 
calculation 1s simpler than the Cosine Method. An example 1s given at Para 0211. 


d. Haversine and Half Log Haversine Methods. The ‘Haversine Method’ and ‘Half 
Log Haversine Method’ are set out in Appendix 2. 


e. Sight Reduction and ABC Table Methods. A full explanation of the ‘Sight 
Reduction Method” and *ABC Table Method” are set out in BR 45 Volume 2 (see details 
of Volume 2’s availability to the public at Para 0210a above). 
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0211. Spherical Great Circle Calculations - Cosine Method 

Although Spherical Great Circle Distance and Course / bearing calculations are most 
easily solved by using NAVPAC (see Para 0210a), they may also be solved effectively by the 
‘Cosine Method”, which is very suitable for use with a pocket calculator (see Fig 2-13 below). 


T 
A 
\ 


\ 
Latitude T 


Fig 2-13. Spherical Great Circle Calculations 


a. Great Circle Distance. The equations for Great Circle Distance are: 
cos FT = cos FP cos PT + sin FP sin PT cos FPT 


cos Distance = cos (90°+ Lat F) cos (90 °+ Lat T) 
+ sin (90 “+ Lat F) sin (90°+ Lat T) cos d. long  ...2.8 


° Signs in Formula (2.8). Signs are determined in formula (2.8) by the name 
of the elevated Pole and the Latitude of the place, as follows: 


SAME Names: SUBTRACT 
CONTRARY Names: ADD 


In Fig 2-13 (above), F and T are on opposite sides of the Equator; thus in 
formula (2-8), the Latitude of F would be added and that of T subtracted. 


. Same and Opposite Hemispheres - Formula (2.9). Formula (2.8) may be 
resolved into formula (2.9) below. In formula (2.9), when F and 7 are on the 
same side of the Equator, F and T are both positive; when F and T are 
different sides of the Equator, the Latitude of the point opposite the elevated 
Pole is negative (eg At point F in Fig 2-13, sin Lat (-F) and cos Lat (-F) 
would be used). Example 5-6 at Para 0541 provides an illustration of this 
concept. 


cos Distance = sin Lat F sin Lat T + cos Lat F cos Lat T cos d.long ...2.9 
° Modified Formula (2.10). Formula (2.9) may also be modified as follows: 


cos Distance = (tan Lat F tan Lat T + cos d.long) cos Lat F cos Lat T 2.10 
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(0211) b. Great Circle Course / Bearing. The equations for Great Circle Course / bearing 
are: 
cos PT = cos FP cos FT + sin FP sin FT cos PFT 


cos PT - cos FP cos FT 
sin FP sin FT 
cos (90° lat T)- cos (90%: lat F) cos FT 


PS = RR ... 2.11 
dl sin (9O°t lat F) sin FT 


cos PFT = 


° Opposite Hemispheres. In Fig 2-13, F and T are on opposite sides of the 
Equator; thus the Latitude of T would be subtracted and that of F added. 


. Same Hemispheres. When F and T are both on the same side of the Equator, 
formula (2.11) resolves into: 


sin lat T — sin lat F cos distance 


cos initial course ... 2.12 


cos lat F sin distance 
sin (90°+ Lat T) sin d.long ... 2.13 


sin initial course = == 
sin distance 


° Initial Courses. In the Northern hemisphere, the initial Course is defined 
from North (and as either East or West). In the Southern hemisphere, it is 
defined from South unless Southern Latitudes are entered as negative values. 


Example 2-6: Great Circle Calculations by the Cosine and Sine Methods 
A ship transits from position F (45°N, 140°E) to T (65°N, 110°W). Find the Great Circle 
Distance and the initial Course by the Cosine Method, and the initial Course by the Sine Method. 


Fig 2-14. Ship’s Great Circle Track from Example 2-6 
e Great Circle Distance - Cosine Method: 


cos Distance = sin Lat F sin Lat T + cos Lat F cos lat T cos d.long 


... (formula 2.9) 
= sin Lat 45 “sin Lat 65 + cos Lat 45 cos Lat 65 “cos 110° 
= 0.53864837 
Great Circle Distance = 57.408325° = 3444.5' 
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(0211b Example 2-6 continued) 


° Great Circle Initial Course - Cosine Method: 


a sin lat T — sin lat F cos distance 
cos initial course = —————— 


cos lat F sin distance ... (formula 2.12) 


sin lat 65°- sin lat 45° cos 57.408325° 
cos lat 45° sin 57.408325° 


-0.52542587 
= 0.59575915 


= ().88194343 


Initial Course = N28.122305 E = 028.1” 


° Sine Rule Check: 
sin FT 7 sin PT 


sin FPT sin PFT . . . (Appendix 2, formula A2.5) 
sin 57.408325° OEA = sin 25° 
sin 1100  “ = sin 28.122305° 


° Great Circle Initial Course - Sine Method: 


sin FT sin PT 


A A . . . (Appendix 2, formula A2.5) 
sin FPT sin PFT 


sin PT sin FPT 
sin FT 


sin (90°+ Lat T) sin d. long 


sin distance 


sin PFT = 


sin initial course = 


. . . (formula 2.13) 


cos lat T sin d.long 


sin distance 


cos 65° sin 110° 


sin 57.408325° 


PFT = N28.122305 E or N151.87769 E 


In this case the ambiguity is easily resolvable, as the Great Circle Course from F to T 
must lie to the North of East. Thus: 


Initial Course = 028.1 ° 
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CHAPTER 3 
AN INTRODUCTION TO GEODESY 


0301. Scope of Chapter 

Geodesy is the branch of mathematics concerned with large areas of the Earth’s surface 
in which allowance must be made for Earth’s shape and the curvature of its surface. Chapter 3 
introduces the basic concepts of this subject. 


0302-0309. Spare 
SECTION 1 - SPHEROIDS 


0310. The Shape of the Earth - Oblate Spheroid 
As stated at Para 0110a / Fig 1-1, and repeated below for the convenience of readers: 


(Extract from Para 0110a): The Earth is not a perfect Sphere; it is slightly flattened at the 
top and bottom, the smaller diameter being about 23.1 n.miles less than the larger. The 
Earth’s ‘flattened’ shape is known as an Oblate Spheroid (see Fig 3-1 below) with an 
Equatorial radius ‘a’ of approximately 3443.9 n. miles and a Polar radius ‘b’ of 3432.4 n. 
miles (International Nautical Miles of 1852 m based on WGS 84 Datum). 


South Pole |P” 


Fig 3-1. The Shape of the Earth - an Oblate Spheroid (Copy of Fig 1-1) 
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0311. The Surfaces of the Earth (Physical Surface, Geoid and Spheroid) 

Within the overall concept of the Earth being an Oblate Spheroid, the Earth has 3 distinct 
surfaces (see Fig 3-2 below): the Physical Surface, the Geoid, and the Spheroid (also called the 
Ellipsoid - see Note 3-1 below). 


GEOID 
UNDULATION 


— MOUNTAIN > 


ai 
EEN 


<————— NORMAL TO GEOID 
(This is the ‘local vertical’, as 
indicated by a plumbline to an 
observer on the Earth’s surface) 


DEFLECTION OF THE VERTICAL 


Fig 3-2. The Surfaces of the Earth (Physical Surface, Geoid and Spheroid) 


Note 3-1. The term ‘Ellipsoid’ is also widely used for ‘Spheroid’. For the purposes of 
simplicity, the term ‘Spheroid’ is used in BR 45 Volume 1. 


a. Defining the Surfaces of the Earth. The 3 surfaces of the Earth may be defined 
as follows: 


e Physical Surface. The Earth’s Physical Surface does not have a perfectly 
Spherical shape, but is slightly flattened in the Polar regions (see Para 0310a 
/ Para 0110a previous page). In addition, although the Earth’s shape 
approximates to an Oblate Spheroid, it is highly irregular with local 
departures of several kilometres from a ‘pure’ Spheroidal shape. Thus, it is 
NOT a suitable surface on which to base calculations. 


e The Geoid. The Geoid is a more regular shape and is defined as: 


“An ‘Equipotential Surface’ (see Note 3-2 below) which is equivalent to 
Mean Sea Level” . 


However, due to topography and variations in the earth’s density, the Geoid 
is NOT a sufficiently regular surface on which to base calculations. 


Note 3-2. An ‘Equipotential Surface’ is one on which the gravity potential is always 
uniform and to which the direction of gravity is always perpendicular. 


e The Spheroid (Ellipsoid). The Spheroid (Ellipsoid) may be considered as an 
ellipse which has been rotated about its semi-minor axis. Calculations based 
on the semi-major and semi-minor axes provide a figure for the Spheroid ’s 
Flattening’ and ‘Eccentricity’ (see Figs 3-3 and 3-4 opposite). The Spheroid 
forms a convenient surface on which to base positions and positional 
calculations. A large number of Spheroids have been developed for a number 
of Local, Regional or worldwide Geodetic Datums (see details at Para 0321). 
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(0311) b. Flattening. The ‘Flattening’ (or ellipticity) of the Spheroid is an important factor 
in Geodetic Datum conversion calculations. The reciprocal of Flattening (ie ‘1/f °) and 
the Earth’s semi-major Equatorial axis ‘a’ are defined values; others values are derived 
from these. The relationship between ‘f, ‘a’ and ‘b’ (semi-major Polar axis) is: 

P 31 


a 


a = Semi-major (Equatorial) Axis 
b = Semi-minor (Polar) Axis 
f = Flattening (ellipticity) 


Fig 3-3. The Spheroid - Flattening ‘f (ellipse exaggerated for clarity) 


c. Eccentricity. The ‘Eccentricity’ of the Spheroid is another important factor in 
Geodetic Datum conversion calculations. If point M? moves so that its distance from 
a fixed point ‘S (the focus of the ellipse) is always in a constant ratio “e” (less than 
unity) to its perpendicular distance from a fixed straight line AB (the directrix), then the 
locus of a point ‘M’ is called an ellipse of Eccentricity ‘e’(see Fig 3-4 below). 
Eccentricity ‘e’ may be calculated from the Earth’s semi-major (Equatorial) axis ‘a’ and 
semi-minor (Polar) axis ‘b’ (see Fig 3-3 above), as follows: 


1/2 2 2 
2 p2 -b 
e= E and e? y see ee 


Z 
a 


a = Semi-major (Equatorial) Axis 
b = Semi-minor (Polar) Axis 
e = Eccentricity 


Fig 3-4. The Spheroid - Eccentricity ‘e’ (ellipse exaggerated for clarity) 
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0312. Spheroid - Geodetic and Geocentric Latitudes 
Fig 3-5 (below) shows a Meridional section of the Spheroid. ‘M’ is a point on the 
Meridian PAP”, and MK is the tangent to the Meridian at M. 


a. Geodetic Latitude. If the normal LM to the tangent MK cuts OA at L, the angle 
MLA 1s called the Geodetic Latitude of M, and denoted by the symbol o . ML does 
NOT pass through the centre O of the Spheroid, except when M is on the Equator or at 
the Poles. 


b. Geocentric Latitude. The angle MOA (which by definition, does pass through the 
centre O of the Spheroid) 1s called the Geocentric Latitude of M and is denoted by the 
symbol 6 . 


c. Connection between Geodetic Latitude and Geocentric Latitude. The Geodetic 
Latitude @ and Geocentric Latitude O are connected by the following formula (see 
Appendix 5): 


2 
tan O = Pa yy .. 3.4 
-(1- f) tan¢ ... 35 
= (1- e)tan ¢ ... 3.6 


d. Difference between Geodetic Latitude and Geocentric Latitude. The difference 
between Geodetic Latitude and Geocentric Latitude 1s zero at the Equator and the 
Poles, and has a greatest value when o = 45". For WGS 84 Datum, the greatest value 
is 11.54 minutes of arc. 


Geocentric Lat 9 


Fig 3-5. Geodetic Latitude and Geocentric Latitude 
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0313. Spheroid - Parametric Latitude 
Fig 3-6 shows a Meridional section of a Spheroid WPE and Sphere WBE: 


e The Polar axis of Spheroid WPE is OP and its shape and size are defined by 
the radii OE = a, and OP = b. 


° WBE is the Meridional section of a Sphere with centre O, Polar axis OB and 
radii OE = OB =a. 


e Misapoint on the Spheroid with Geodetic Latitude o i 


e HM is parallel to OP and produced to cut the circle WBE at U. The radius 
OU makes an angle @ with the X axis. 


a. Parametric Latitude. Angle 8 is the Parametric Latitude (or Reduced Latitude) 
of point M. The Parametric Latitude is often used for Geodesic calculations on the 
Spheroid (see Paras 0541-0542). 


b. Connection between Geodetic Latitude and Parametric Latitude. The Geodetic 
Latitude Y and Parametric Latitude 8 are connected by the following formula (see 
Appendix 5): b 
tan p= zrno ees 


The difference between the Geodetic Latitude and Parametric Latitude is zero at the 
Equator and at the Poles and has a greatest value when o = 45°. For the WGS 84 
Spheroid, where f= 1/298.257223563, the greatest value is approximately 5.85 minutes 
of arc. 


Geodetic Lat Ø 


Fig 3-6. Geodetic Latitude and Parametric Latitude (ellipse exaggerated for clarity) 
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0314. Spheroid - Length of 1' in Latitude and Longitude 
As explained at Para 0113, the length of the Sea Mile varies between the Equator and 
the Poles because of the Earth’s changing Radius of Curvature. 


a. Latitude Formula. The length of 1 minute of Latitude may be found from the 
formula pd¢, where P is the circular Radius of Curvature in the Meridian and 6d¢ is a 
small increase (measured in radians) in the Geodetic Latitude o (see Fig 3-7 below). 
It may be shown (Appendix 5) that: > 
al -e ) 


O . 3.8 
7 3/2 
(1- e?sin? 9) 
When $$ = 1 minute of arc: r 
1" of Latitud a(1- e°) 7 ...3.9 
of Latitude = 75 Sin 
- e sin’ @ 
When @ = zero 
1" of Latitude at the Equator = al ae )sin I' . 3.10 


P 
Note: Position ‘C’ is the centre of 

a circle and arc ‘pdø’ is part of 

its circumference. Thus on the 

Spheroid (Ellipsoid), the 

position of ‘C’ will move 

relative to ‘ʻO’ as arc ‘pdo’ 

moves over the surface 

of the Spheroid. 


C Geodetic Lat Ø 
P1 


Fig 3-7. Length of One Minute of Latitude 


b. Longitude Formulae 
1'of Longitude at the Equator = a sin 1' (minutes of arc) ... 311 


At Latitude É, 
acos@ 3.12 
ly Longitude = HA sin ]' ES E 
(1 - e” sin” o) 


0315. Spheroid - Geodesic 
Just as a Great Circle gives the shortest distance between two points on a Sphere, a 
Geodesic is the shortest line between two points on the Spheroidal Earth. See Para 0540a. 


0316-0319. Spare. 
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SECTION 2 - DATUMS 


0320. Vertical and Horizontal Datums 

Chart data 1s referenced to a Vertical Datum and a horizontal Geodetic Datum. Charted 
depths and heights are referenced to a Vertical Datum; this subject 1s covered in detail at 
Chapter 10. The horizontal Geodetic Datum defines the Spheroidal shape of the Earth used to 
establish the positional framework (ie Latitude / Longitude, Grids etc). 


0321. Geodetic Datums 

A position given solely in terms of Latitude and Longitude will NOT define a unique 
point on the Earth’s surface (see Fig 3-8 below). To define a point unambiguously, it is also 
necessary to quote the Geodetic Datum (and the particular Spheroid utilised) to which the 
position 1s referred. Fig 3-8 illustrates the difference on the Earth’s surface between the same 
Latitude and Longitude, but referenced to two different Geodetic Datums. 


, Royal Landing \ Royal Landing 


\ Q.G 
t t (in fog) FI.5s 31 
‘ Or Wy 


8 


9 


CHART 1901 CHART 1901 
| a iu ON SP en 36 DATUM A ON = 84 DATUM 
When a eae to OSGB 36, position ‘A’ 5021 AENT 5'N 004° T0. 0’W) is 101 metres 
from position ‘B’ (also 50° 21.5’N 004° 10.0’W, when referenced to WGS 84 Datum) 


Fig 3-8. Example of the Difference for the Same Position Referred to Different Datums 


a. Choosing a Geodetic Datum. Classically, a Geodetic Datum can be considered 
as the surface to which positions are referred. A (horizontal) Geodetic Datum utilises 
a specific Spheroid which best fits the Geoid over the area of interest. This 1s because 
the Geodetic measurements, (angles obtained by theodolite, and heights obtained by 
spirit levelling), are obtained with respect to the local gravity surface - the Geoid. 
However, since calculations are performed on the Spheroid, it is necessary that the 
Spheroid and Geoid be in close agreement to minimise errors in calculation. 


b. Local Geodetic Datums. Thus, in the simple case of a Local Geodetic Datum, an 
accurate position may be defined by precise astronomic observations, with a Spheroid 
chosen to fit the Geoid exactly at this point (see ‘rugby ball / orange peel’ analogy at 
Note 3-3 overleaf). Local Geodetic Datums thus deal only with discrete parts of the 
Earth’s surface and are only loosely related to the Earth’s centre of mass. 
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(0321) c. Classical Regional Geodetic Datums. For ‘classical’ Regional Geodetic networks, 


3-10 


the differences between observed astronomic position and Geodetic position computed 
through the triangulation network at several points may be minimised, thus ensuring an 
overall minimal separation between the Geoid and the Spheroid. Like Local Geodetic 
Datums, ‘classical’ Regional Geodetic Datums deal only with discrete parts of the 
Earth’s surface, are only loosely related to the Earth’s centre of mass and suffer from the 
‘rugby ball / orange peel’ analogy at Note 3-3 below. See also Para 0321e - “Modern 
Regional Datums Tied to WGS 84” (below) and Table 3-1 (opposite). 


Note 3-3. A crude analogy for a Local or Regional Geodetic Datum is to consider the 
chosen Spheroid as a rugby ball and the Local Geodetic Datum as a piece of orange 
peel placed over it where the position and orientation fitted best. The precise observed 
position would then be a pin stuck into the orange peel at the appropriate location. 


d. World Geodetic System (WGS). The World Geodetic System (WGS) is a 
combined Spheroid and Datum. It is global in coverage and directly related to the 
Earth’s centre of mass. 


e Concept. A satellite-derived World Geodetic Datum / Spheroid is defined 
by the system in which the satellite orbit parameters are given. These in turn 
are dependent upon the precise coordinates of the satellite tracking stations, 
the geopotential model for the Earth’s gravity field and a set of constants 
including GM (the Earth’s mass ‘M’ times the gravitational constant *G”). 


. WGS 84. From this satellite reference system data, a universal (worldwide) 
Spheroid and Datum was established. WGS 1984 (WGS 84”) is the current 
system and is NATO’s preferred Spheroid / Datum; 1t has replaced WGS 72. 


° GNSS: GPS and Equivalents. The adoption of WGS 84 has made it possible 
to define absolute position anywhere in the world by common Geodetic 
Latitude and Longitude for use with Global Navigation Satellite Systems 
(GNSS) [eg Global Positioning System (GPS) or equivalents]. 


e. ‘Modern’ Regional Datums Tied to WGS 84. Due to satellite technology, 
centimetric distance measurement is now possible over many thousands of nautical 
miles and the motion of tectonic plates becomes Geodetically significant. Thus Regional 
Geodetic Datums tied to WGS 84 Datum have been established at a specific time epoch 
and then held fixed in relation to the tectonic plate for the region. For most practical 
navigational purposes, these ‘modern’ Regional Geodetic Datums may be considered 
equivalent to WGS 84; the differences are only significant for the most precise uses. 


. Movement of European Tectonic Plate - ETRS 89 Regional Datum. The 
European tectonic plate is moving at approximately 2.5cm / year in relation 
to WGS 84. A ‘modern’ European Regional Geodetic Datum (ETRS 89) was 
established in 1989 where WGS 84 coordinates of the fundamental points were 
observed and held fixed. Since 1989, WGS 84 and ETRS 89 have drifted apart 
by 2.5cm / year and are now (2008) 0.47metres apart (increasing). 


e Other Modern Regional Datums. Other examples of modern Regional 
Geodetic Datums are NAD 83 (N. America) and SIRGAS (S. America). Other 
similar Regional Geodetic Datums are now (2008) being established. 


Original 


BR 45(1)(1) 
AN INTRODUCTION TO GEODESY 


0322. Multiplicity of Geodetic Datums 


a. Common Geodetic Datums. Numerous Geodetic Datums have been defined 
throughout the world from past centuries to the present time. Some of the more common 
Geodetic Datums, the Spheroids associated with them and their areas of application are 
at Table 3-1 (below). The International (1924) Spheroid is used for the calculation of 
distances in (UKHO) ‘Admiralty Distance Tables’ (NP 350) and ‘Ocean Passages for 
the World’ (NP 136). All calculations in this book are based on WGS 84. 


b. Geodetic Datums Worldwide. 


e NATO Data. NATO lists those Geodetic Datums and Spheroids which may 
be applicable for mapping and charting products within the area of NATO 
interest (and hence is also of interest for naval operations in support of land 
based activities, eg Naval Gunfire Support [NGS] or amphibious warfare). 
While the stated aim is to adopt the WGS84 Datum and Spheroid for all such 
products, it may be some time before this objective is fully achieved. 


. UKHO Data. The Admiralty List of Radio Signals (ALRS) Volume 2 
provides further detail on this subject, including the number of UK 
Hydrographic Office (UKHO) charts currently based on each Datum. 


Table 3-1. Common Datums and Associated Spheroids with Areas of Application 


Datum | Spheroid | (a) Equatorial Flattening (f) & | Eccentricity (e) Remarks 
& (Type) Radius Reciprocal (1 /f) | & Squared (e?) 
(b) Polar Radius | f=(a-b)/a e = (a’-b’) / a 


OSGB 36 Airy (a) 6,377,563.396m |(f) 0.003340851 (e) 0.081673374 | Some remaining 
(Regional) 1830 (b) 6,356,256.909m |(1/f) 299.324964 (e?) 0.006670540 UK charts. 
OSSN 80 Airy (a) 6,377,563.396m |(f) 0.003340851 (e) 0.081673374 Not for charts. 
(Regional) 1830 (b) 6,356,256.909m |(I/f) 299.3249645  |(e?)0.006670540 | OSGB 36 related. 
ED 50 |International| (a) 6,378,388m (f) 0.003367003 (e) 0.081991890 | Some remaining 
(Regional) 1924 (b) 6,356,911.946m |(1/f) 297 (e?) 0.006722670 | European charts. 
NAD 27 Clarke |(a) 6,378,206.4m (f) 0.003390075 (e) 0.082271854 | Some remaining 
(Regional) 1866 (b) 6,356,583.8m (1/f) 294.978698 (e?) 0.006768658 USA charts. 
Arc Clarke |(a) 6,378,249m (f) 0.003407561 (e) 0.0824834 Some remaining 
(Regional) 1880 (b) 6,356,515m (1/f) 293.465 (e?) 0.006803511 | S. African charts. 
WGS 72 | WGS 72 |(a) 6,378,135m (A 0.003352779 (e) 0.081818811 |Being replaced by 
(W’ldwide)} (1972) |(b) 6,356,750.520m |(1/f) 298.26 (e° ) 0.006694318 WGS 84. 
NAD 83 GRS 80 |(a) 6,378,137m (f) 0.00335281068 |(e) 0.0818191910| Regional WGS 84 
(Regional)| (1980) |(b) 6,356,752.3141m |(1/f) 298.25722210 |(e?)0.0066943800| for N. America 
ETRS 83 | GRS 80 |(a) 6,378,137m (A 0.00335281068 |(e) 0.0818191910| Regional WGS 84 
(Regional)| (1980) |(b) 6,356,752.3141m |(1/f) 298.25722210 |(e? ) 0.0066943800 for Europe 
WGS 84 | WGS 84 |(a) 6,378,137m (A 0.00335281066 |(e) 0.0818191908 | WGS 84 is NATO 
(W’ldwide)} (1984) |(b) 6,356,752.3142m |(1/f) 298.257223563 |(e” ) 0.0066943800| preferred Datum. 


Note: The defined parameters are ‘a’ and ‘1/f’; all others are derived values. | 
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0323. 


Geodetic Datum Shifts 


a. Datum Shifts. Where two adjacent Geodetic Datums overlap, the same point on 
the Earth’s surface will have two distinct sets of Geodetic Coordinates, one set in 
relation to each Geodetic Datum (see Fig 3-8). The difference between these two sets 
of coordinates is called a ‘Datum Shift’. These differences are primarily a result of the 
two different reference systems. The Datum Shift may not be consistent in magnitude 
and direction (ie it 1s likely to vary with geographic location). 


b. Datum Shift Information. Datum Shift information is shown on navigational 
charts in the form ofa ‘Satellite-Derived Positions Note’ and ‘Overlapping Charts Note’. 
However, some charts exist for which the (horizontal) Datum or the relationship to 
WGS 84 is unknown (some 1762 UKHO chart panels in 2008). These areas will have 
to be re-surveyed to modern standards before accurate WGS 84 coordinates may be 
obtained for use with GNSS (18 GPS or equivalent). 


Table 3-2. Examples of Common ‘Datum Shifts’ 
From To Devonport Rosyth 
Datum Datum Lat(") Long(") Lat(") Long("') 
WGS84 WGS72 
WGS84 ED50 
WGS84 OSGB36 


OSGB36 EDS50 
OSGB80 ED50 


Note 3-4. See also Admiralty List of Radio Signals (ALRS) Volume 2, which provides further 
detail on this subject, including the number of UK Hydrographic Office (UKHO) charts 
currently based on each Datum. 
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0324. Geodetic Datum Transformation Methods 
Several techniques are available to transform positional information from a variety of 
Geodetic Datums onto a common reference Geodetic Datum (normally WGS 84). 


a. Non-Homogeneous Geodetic Datums - Inconsistencies. Some of the earlier 
Local or Regional Geodetic Datums (eg OSGB 36) contain internal inconsistencies in 
Scale and Azimuth, and are thus known as ‘Non-Homogeneous Geodetic Datums’. 
These inconsistencies may be significant (eg for Precise Navigation) if calculating 
position transformations to other Geodetic Datums, particularly if using automatic 
systems. 


b. Published Geographical Shifts. When the Datum Shift has been determined by 
comparison of positions common to both Datums, a simple block shift in geographical 
coordinate values may be applied. As a result, many nautical charts referred to Geodetic 
Datums other than WGS 84, now show the Datum Shift between WGS 84 and the 
horizontal Datum in which the chart is published. These Datum Shifts are quoted to an 
accuracy commensurate with the chart Scale, and should not produce an error capable 
of being plotted on the chart at that Scale. 


c. WGS 84 and WGS 72. To plot WGS 84 positions on WGS 72 charts, the WGS 84 
positions must be moved by: 
e Longitude: 0.554 seconds Westward. 
. Latitude: 0.1455 cos Latitude + 0.0064 sin*Latitude seconds Southward. 
The distance varies between 17.1 metres at the Equator and zero at the Poles. 


d. Datum Conversions. Further details may be found in NATO STANAG 2211 
(available in the public domain). To transform positions between different Geodetic 
Datums, the Geodetic Datum coordinates of Latitude and Longitude are first converted 
into 3-dimensional Cartesian Coordinates. Using the ‘Molodensky Equations’, 
translations along the X, Y and Z axes, rotations around these axes and a Scale factor are 
applied to the Cartesian Coordinates. The modified Cartesian Coordinates are then re- 
converted into the second Geodetic Datum coordinates of Latitude and Longitude. 


e Homogeneous Geodetic Datums. For Homogeneous Geodetic Datums, an 
average set of values for X, Y and Z axis rotation will provide sufficient 
accuracy in Datum transformation. This process may be easily automated. 


° Non-Homogeneous Geodetic Datums. For Non-Homogeneous Geodetic 
Datums, average values may not always be adequate. Two methods are 
commonly available to overcome this: 
>  Localised Values. One method is to use localised values for X, Y and 
Z axis rotations. This method suffers from the disadvantage that no 
single value can be used in automated systems and that 1t must 
interrogate a digital record of the contours; these values should never be 
extrapolated. 

> Multiple Regression Equations (MRE). Another method is to use 
Multiple Regression Equations (MRE). This method is appropriate for 
determining Datum Shifts for land based applications, but 1s NOT valid 
for maritime applications since the MREs become rapidly unstable 
outside the area for which they were defined. 

0325-0329. Spare. 
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SECTION 3 - EARTH MODELS FOR NAVIGATION SYSTEMS 
0330. Earth Models - Spheroidal, Spherical and Flat Earth 


a. Types of Earth Models. A variety of Earth models may be used in navigation 
systems. These fall into three categories: 


e A ‘Spheroidal Earth’ 
e A ‘Spherical Earth’ 
. A “Flat Earth” or Tangential Plane” 


b. Choice of Earth Models in Navigation Systems. The Spheroidal Earth model is 
the closest approximation to the ‘true’ Earth shape, and is the most suitable surface on 
which to base precise long-range calculations in navigation systems. The other Earth 
models are less accurate approximations of the ideal model and will give less accurate 
results, particularly when dealing with long-range contacts beyond horizon-distance. 
The size of these errors should be compared with those of the Spheroidal Earth model. 


0331. Spheroidal Earth Models 
Numerous Spheroids are in existence and standardisation 1s therefore necessary. 


a. Adoption of WGS 84 Spheroid. The Global Positioning System (GPS) uses 
WGS 34, which combines functions of both Datum and Spheroid. The preferred NATO 
Geodetic Datum and Spheroid for mapping and charting products in the NATO maritime 
operational areas is WGS 84. WGS 84 was adopted for all relevant Royal Navy 
applications from 1991. WGS 84 has been adopted by the JMO for WECDIS / ECDIS 
/ ECS equipments and for Electronic Navigation Charts (ENCs) / Raster Navigation 
Charts (RNCs) used with them. The Automatic Identification System (AIS) also uses 
WGS 84. 


b. Differences Between Spheroids. The correct Spheroid associated with the 
Geodetic Datum to which Geodetic Coordinates are referred must always be used in all 
calculations, otherwise some quite large and unexpected errors can be introduced. In 
Naval Gunfire Support (NGS), Geodetic Latitude and Longitude coordinates may require 
to be converted to Grid coordinates to be compatible with adjacent land mapping. See 
Example 3-1 (below) for an indication of possible errors if incorrect Datum / Spheroid 
information 1s applied to Geodetic / Grid conversions. 


Example 3-1. Ina gunnery exercise, a target position on the North East corner of Garvie Island 
at 58° 37.09' N, 004° 52.20' W (WGS 84) translates into a British National Grid position of 
233418E 973594N when using (correctly) the Airy Spheroid (1830) / OSGB36 Datum (see Fleet 
Chart F6681WGS). Ifno special (Fleet) chart overprinted with various Grids is available for a 
particular area, the transformation calculation has to be carried out mathematically; some 
transformation facilities are contained within WECDIS and may be included in ECDIS 
equipments. However, if the wrong Spheroid / Datum combination is selected for the 
transformation, a significant error can occur (eg in the above example, the incorrect use of, say, 
the International Spheroid (1924) instead of Airy Spheroid (1830) will result in a British 
National Grid position 19 metres East and 288 metres North of the correct position). 
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0332. Spherical Earth Models 

Spherical Earth models, as their name suggests, assume a perfectly Spherical Earth. 
Position calculations are therefore based on Spherical trigonometry. The errors introduced by 
this assumption and method of calculation are principally, but not exclusively, dependent upon 
the adopted value of Spherical Earth radius, the Latitude of own ship, and the distance and 
direction to the observed (or reported) contact. Table 3-3 below indicates the likely maximum 
size of error induced by assumption of a Spherical Earth, by comparison with the WGS 84 
Spheroid, when dealing with contacts at long range. 


Table 3-3. Errors from a Spherical Earth Calculation versus WGS 84 Spheroid 


Range of Contact Positional error (n. miles) | Positional error (n. miles) 
(n. miles) at Latitude 0° at Latitude 75° 
100 0.1 0.7 
500 0.5 3.4 


Note 3-6. In the above calculations and tabulated results no account has been taken of the 
height above (or below) the reference surface (Spheroid, Sphere, Tangential Plane) of own 
platform or the target. This in itself will lead to further range errors, in addition to those 
directly due to the use of approximate Earth models. 


0333. Flat Earth Models 


a. Flat Earth Assumptions. Flat Earth models assume a plane Earth and their 
Cartesian Coordinate reference systems adopt a 2-dimensional concept. These 
2-dimensional Cartesian Coordinate systems have axes arranged to lie along True (or 
Magnetic) North and due East from an arbitrarily chosen Grid Origin, which may not 
always coincide with own ship’s position. 


b. Errors Associated with Flat Earth Assumption. The errors introduced by the 
Flat Earth assumption are dependent on the specific algorithms implemented within 
individual navigation systems. However, in general, the size of error will be a function 
of both the distance from the Grid Origin and the Latitude of the Grid Origin. Thus 
errors in bearing and distance increase with distance from the Grid Origin and with 
increase in the Latitude of the Grid Origin. 
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Answers 

A. 0.7 volt; 9.3 volt; 9.3 mA; 9.3 mA 

B. O volt; 10 volt; 10 mA; 10 mA 

14 The difference in the values of the two 
currents found in problem 13 is less than 10 
percent of the total current. That is, 0.7 mA is 
less than 10 percent of 10 mA. Many 
electronic components have a plus or minus 5 
percent tolerance in their nominal values. This 
means that a 1 k & resistor can be anywhere 
from 950 ohms to 1,050 ohms, meaning that 
the value of current through a resistor can 
vary plus or minus 5 percent. 

Because of a slight variance in component 
values, calculations are often simplified if the 
simplification does not change values by more 


than 10 percent. Therefore, a diode is often 
assumed to be perfect when the supply 
voltage is 10 volts or more. 

Questions 

A. Examine the circuit in Figure 2.19 . Is it 


safe to assume that the diode is perfect? 


Figure 2.19 
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CHAPTER 4 
PROJECTIONS AND GRIDS 
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SECTION 2 - MERCATOR PROJECTION FOR CHARTS 


Principles of the Mercator Projection 
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Meridional Parts of a Mercator Chart 

Constructing a (Small Scale) Mercator Chart of the World 
Constructing a (Larger Scale) Mercator Chart of Part of the World 
Great Circle Tracks on a Mercator Chart 


SECTION 3 - TRANSVERSE MERCATOR PROJECTION FOR CHARTS 


Transverse Mercator Projection - Concept 
Transverse Mercator Projection - Principles 


SECTION 4 - GNOMONIC PROJECTION FOR CHARTS 


Gnomonic Projection - Concept 
Transfer of a Great Circle Track from a Gnonomic to a Mercator Projection Chart 
Composite Tracks 


SECTION 5 - GRIDS 


Grid Reference Systems - Concept 
Universal Transverse Mercator (UTM) Grid 
British (Ordnance Survey) National Grid 
Other National Grids 
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CHAPTER 4 
PROJECTIONS AND GRIDS 


0401. Scope of Chapter 
Chapter 4 introduces Projections and Grids and their application in navigation. Detailed 
information on Projections, including their mathematical derivation, 1s at Appendix 4. 


0402-0409. Spare 
SECTION 1 - PROJECTION CONCEPTS AND PRINCIPLES 
0410. Transposing Three Dimensions to Two Dimensions 


a. Requirement for Projections. The Earth is a 3-dimensional Spheroidal object and 
a chart is a 2- dimensional plane. A Projection is a method of representing a Spheroidal 
surface on a plane. It is usually expressed as a mathematical formula for converting 
Spheroidal geographical co-ordinates to plane co-ordinates on charts or maps. Provided 
it is suitable, a Projection may be used to represent any portion of the Earth’s surface. 


b. Distortion. A Spheroidal surface CANNOT be fitted exactly on to a plane and, 
except over very small Areas, all Projections will contain some distortion. When the 
outline of three identical circular Areas from different parts of the Earth’s surface are 
each Projected from a point of origin at the centre of the Earth on to a plane chart, they 
are represented by a quite different sizes and shapes (see example at Fig 4-1 below). 


Plane of a Chart 


Fig 4-1. Example of Distortion of Areas of the Earth’s Surface on a Chart 
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4-4 


Distortion in Projections 


a. Properties of Projections. The distortion of a Projection must involve some or all 
of the following four interrelated properties: 


° Shape. 

. Bearing. 
e Scale. 

° Area. 


b. Choice of Projection Properties. Projections can be devised which will eliminate 
or reduce to negligible proportions some of these distortions, while keeping the others 
within reasonable (and thus usable) limits. The choice of Projection for a chart of map 
is thus governed by the specific purpose for which the chart is intended. 


c. Mariners’ Chart Projection Property Requirements. Presentation of the correct 
Area of land on a chart is not usually a priority for the mariner, although it may be 
important for other users. Ideally, the mariner requires a chart which will provide the 
correct Shape of land, and correct Bearings and distances (Scale). Unfortunately these 
3 requirements CANNOT be met in one single Projection, and a compromise must be 
made by accepting a very close approximation to all three (Shape, Bearing, Scale), or 
satisfaction of two (usually Shape and Bearing) at the expense of the third (Scale). 


d. Orthomorphism. An Orthomorphic (or Conformal) Projection is one in which, 
with certain compromises (see Para 041le below), Shape, Scale and Bearings are 
correctly represented. These properties are the ones needed by mariners, because, 1f 
distortion of Shape occurs, then distortion of the Compass Rose (ie Bearing) must also 
occur. A compass rose on a chart which is NOT Orthomorphic will NOT be circular, 
nor will its graduation be uniform, and so 1t would be impossible to lay off courses and 
bearings correctly. Mercator, Transverse Mercator, Inverse (Oblique) Mercator, 

Lamberts Conical Orthomorphic, Skew Orthomorphic and Stereographic charts (see 
Fig 4-3b) are Orthomorphic. In Orthomorphic chart Projections, the following apply: 


e Shape. The Shape ofthe land correctly represents that of the Earth’s surface, 
at least over small Areas. 


. Scale. At any specific point on that chart or map the Scale is the same in all 
directions. However, the same Scale may NOT apply to the whole chart. 


e Bearing. The Parallel of Latitude and Meridian of Longitude at any point are 
at right angles to each other. Angles around any point on that chart or map, 
and hence Bearings, are correctly represented. 


e. Orthomorphism Compromises. No Projection can meet the mariner’s ideal 
requirement for perfect Shape, Bearing and Scale over large Areas. On a Mercator chart 
of the world, (see Fig 4-2 opposite), the Area around Cape Farewell (Greenland) is just 
as correctly shown for Shape as is the Amazon Estuary (South America), but Greenland 
as a whole ‘appears’ to have about the same Area as South America, whereas it is 
actually about one-tenth. This is because the Scale in the (near-Polar) Greenland Area 
is quite different from the Scale being used for (Equatorial) South America on the same 
chart, and this affects Area properties. The change of Scale can also be seen (at Fig 4-2) 
in the expanding intervals towards the Poles between Parallels of Latitude. 
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(041 1e continued) 
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Fig 4-2. Mercator Chart of the World (showing Scale Error increasing with Latitude) 


(0411) f. The ‘Flat Earth’ Concept. Over a limited Area (12 miles radius from a point) the 
Earth may be assumed to be flat for all practical purposes, as the errors introduced by 
this assumption are less than those resulting from the measurement of angles and 
distances. A simple sketch survey plan over a small Area may be constructed on Flat 
Earth principle by transferring observed ranges and bearings directly to a sheet of 
squared paper (see Chapter 18). However, at a distance of 50 miles from a point, the 
errors introduced by assuming a Flat Earth become navigationally and operationally 
significant; they increase rapidly with distance (see Para 0333). 


0412. Projection Graticules and Grids 


a. Graticules. A Graticule is the network of lines representing the Parallels of 
Latitude and Meridians of Longitude in a Projection. 


b. Grids. A Gridis a reference system of rectangular Cartesian Coordinates obtained 
when a Projection is applied either to the whole world or a part of it. Grids are described 
in detail at Paras 0450-0453. 
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0413. Spherical Projections 

If the Earth were considered to be Spherical, Projections could be created by wrapping 
a plane surface around an imaginary Sphere, switching a light on at its centre (or other position) 
and projecting features from the Earth’s surface onto the plane. Although the Earth 1s Spheroidal 
and different methods are used in practice (see Para 0414 overleaf), the above analogy is 
adequate to explain the concepts and basic properties of the Projections 1n the examples below. 


a. Tangent and Secant Projections. Using the above analogy, Fig 4-3a (opposite) 
shows six common examples of fitting plane surfaces around an imaginary Sphere. 


° Tangent Projections. In the left column of Fig 4-3a (Examples 1, 3 and 5) 
the surfaces touch the Sphere along a circle or at a point. This type are known 
as ‘Tangent Projections’. 


. Secant Projections. In the right column of Fig 4-3a (Examples 2, 4 and 6) 
the plane surfaces have been sunk into the Sphere; in Examples 2 and 4 they 
cut the Sphere twice and in Example 6 once. This type are known as “Secant 
Projections. 


b. Areas of Accuracy and Distortion. If the detail on the Spheres at Fig 4-3a 
(opposite) are now projected on to a plane surface from a point on the axis of the cone, 
cylinder or plane circle, there will be no distortion of Scale along the lines where contact 
is made with the Sphere (shown by bold, grey-filled dashed lines). Elsewhere there is 
distortion of some sort or another, which will persist when the planes are unwrapped and 
laid flat. 


c. Points of Projection. In Examples 1, 2, 3 and 4 of Fig 4-3a, the point from which 
the Projection takes place 1s usually the centre of the Sphere. With Examples 5 and 6 
1t may take place from anywhere on an axis at right angles to the plane, but usually from 
either the centre B of the Sphere, or from the opposite Pole A. The Projections at 
Fig 4-3a are usually referred to as follows: 


e Example 1: ‘Conical with one Standard Parallel”. 

° Example 2: ‘Conical with two Standard Parallels. 

e Example 3: ‘Cylindrical with one Standard Parallel at the Equator’. 

. Example 4: ‘Cylindrical with two Standard Parallels. 

e Example 5: ‘Zenithal’ projected from A — ‘Stereographic’. 

° Example 6: ‘Zenithal’ projected from B — ‘Gnomonic’. 
d. Orientation of Cones, Cylinders and Plane Circles. Although for simplicity the 
examples in Fig 4-3a are oriented ‘North-Up’, the cones, cylinders and plane circles 


could equally well be inclined at any angle to the Earth’s axis, and in practice, this does 
occur. 
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(0413 continued) 
Example 1 (Tangent Example 2 (Secant) 
Conical with One Standard Parallel Conical with Two Standard Parallels 


Example 3 (Tangent Example 4 (Secant) 
Cylindrical with One Standard Parallel Cylindrical with Two Standard Parallels 


at the Equator 


pam o i Pa E 
a A SSS ON 
A A 
Example 5 (Tangent Example 6 (Secant) 
Zenithal - Projected from A: Stereographic Zenithal - Projected from A: Stereographic 
Zenithal - Projected from B: Gnonomic Zenithal - Projected from B: Gnonomic 


Fig 4-3a. Examples of Commonly Used Spherical Projections 
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0414. Spheroidal Projections 

None of the ‘perspective’ Projections at Fig 4-3a (previous page) are Orthomorphic for 
the Sphere (except Examples 5 and 6 when Projected from A), and none at all are Orthomorphic 
for the Earth’s Spheroidal shape. To overcome this, completely ‘mathematical’ Projections have 
been devised, analogous to the perspective ones at Fig 4-3a, but with their formulae adjusted to 
ensure that some have Orthomorphic and others ‘Equal Area’ properties, as required for their 
intended task. The main types of Spheroidal Projection for charts and Grids are explained in 
outline at Paras 0414a-g (opposite and overleaf) and summarised at Fig 4-3b (below). Details 
of mathematical constructions are at Sections 2-5 of this Chapter (Paras 0420-0450). 


E PROJECTION TYPE o onos 
Used for aeronautical charts 


Lamberts Very many, with Unsuitable at high Latitudes, 
Conical . ah ba Yes, but |where Modified Lambert 


Orthomorphic Standard Parallels 


Not often used, 


Grids can be 
made from Yes, on Used for most small scale 


Meriodinal small Admiralty charts. 
navigation tables. | Scales 


Yes Yes Used for large-scale charts. 


National Grid of e ! 
B A h i 


Mercator 
UTM (Universal Y No Worldwide between 84°N 
and 80°S 


Transverse Mercator) 


Malaysia, Borneo 


Orthomorphic and 
Madagascar 


Used mainly for land surveys 
and designed to keep 
scale errors small over the 
area covered by the grids 


Inverse Excellent for air charts of 
(Oblique) Not often used Polar areas. A very close 
Mercator relation of the Transverse 

and Skew Orthomorphic. 


Good for surveys between 
the Pole and 80°. Not so 
good for small scale charts. 


Universal Polar 
Stereographic. 


P 
n 


Used for small scale 
Great Circle charts 


Not used 


Z 
O 


: The so-called ‘Gnomonic’ 
Uka da es of old large scale UKHO 
Tables plans. Largely superseded 
l by Transverse Mercator. 


No 


Fig 4-3b. Commonly Used Projections and Grids 
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(0414) a. Lambert”s Conical Orthomorphic Projection. ‘Lambert’s Conical Orthomorphic 
Projection’ (see Fig 4-3b, Line A) is a modification of the Conical Projection with one 
or two Standard Parallels (see Fig 4-3a, Examples 1 and 2). 


Orthomorphism. The Parallels (of Latitude) other than the Standard 
Parallels appear as circular arcs, concentric with the Standard Parallels, but 
distances between them are chosen so that the Projection 1s Orthomorphic. 


Scale Manipulation. To achieve Orthomorphic properties, the Scale along 
the Meridian at any place must be equal to the Scale along the Parallel at that 
place. The Scale along the Meridian cannot now be uniform but must be 
adjusted to the Scale along the Parallels. The Scale is correct only along the 
Standard Parallels; if there are two of these, the Scale is smaller between 
them and it becomes increasingly large outside. The Latitude covered by the 
Projection 1s limited so that the Scale error does not become unacceptable. 


Great Circles. Great Circles are very nearly straight lines on this Projection. 


Uses. This Projection is widely used for aeronautical charts. It cannot be used 
in high Latitudes where Modified Lambert’s Conformal is used instead. It can 
also be used for mapping countries with a large extent in Longitude but not 
much in Latitude, but has largely been superseded for this purpose by the 
Universal Transverse Mercator Projection (see Fig 4-3b / Para 0414c). 


Derivatives. The Mercator Projection is a derivative of Lambert’s Conical 
Orthomorphic Projection. 


b. Mercator Projection. The Mercator Projection (see Fig 4-3b, Line B) 1s described 
in detail at Paras 0420-0425, but a brief summary 1s as follows. 


Scale Expansion. Sca/e units are minutes of Longitude measured along the 
Equator. The Scale expands as Latitude increases (see Fig 4-2). 


Meridional Parts. The (Cartesian Coordinate) Grid is not normally shown, 
although accurate calculations are generally carried out in terms of Meridional 
Parts which form the unit of the Grid. 


Properties. The Mercator Projection is Orthomorphic and 1s a special case 

of Lambert’s Conical Orthomorphic Projection in which the Equator is used 

as the Standard Parallel. Its properties are: 

>  Rhumb Lines on the Earth appear as straight lines on the chart. 

>» Angles between Rhumb Lines are the same on the Earth’s surface / chart. 

>» The Equator (a Rhumb Line & Great Circle) appears as a straight line. 

> Parallels of Latitude appear as straight lines parallel to the Equator. 

>  Meridians appear as straight lines perpendicular to the Equator; use of 
a Meridional Grid to plot Eastings / Northings 1s unnecessary. 

>» A straight line on the chart joining two points does NOT represent the 
shortest distance between them, unless it is also Great Circle. A Great 
Circle which 1s not a Meridian or the Equator will appear as a curve. 

> — Increased spacing of adjacent Parallels away from the Equator leads to 
Scale magnification which increases with Latitude (see Fig 4-7). 

> The Shape of charted features is correctly drawn for small Areas but 
those of large features are distorted as Latitude increases. 
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(0414b continued) 


Uses. The Mercator Projection is extensively used for standard UKHO 
nautical charts at Scales smaller than 1:50,000, up to Latitudes 80°N / 80°S. 
However, for large Scale nautical charts (1:50,000 and greater), the 
Transverse Mercator Projection is generally used instead (see Paras 0430- 
0431). 


Shape on a Mercator Chart - Scale Error Increasing with Latitude. On 
the Earth, Meridians converge (see Fig 4-4 - left diagram), so land masses on 
a Mercator Projection chart will be increasingly distorted in an east-west 
direction proportional to their distance from the Equator, until at the Poles 
their sizes would be infinite. In order to preserve the correct Shape, the 
Parallels of Latitude, which are equally spaced on the Earth’s surface (see 
Fig 4-4 - right diagram) must be increasingly spaced towards the Poles on the 
Mercator Projection chart until at the Poles the Latitude Scale is infinite. 
This distortion is governed by the secant of the Latitude. Thus, on a Mercator 
Projection chart of the world (see Fig 4-2 at Para 0411), Greenland appears 
as broad as Africa at the Equator, although the latter is three times wider; this 
fact becomes apparent once the distance is measured at the Latitude Scale in 
the vicinity of the two Areas. 


quate’ 


Convergence of Meridians Spacing of Parallels of Latitude 


Fig 4-4. Earth’s Surface - Convergence of Meridians and Spacing of Parallels 
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Practical Measurement of Distance on Mercator Projection Charts. For 
the reasons stated above, distances should ALWAYS be measured using the 


Latitude Scale at the Latitude of the position concerned. The Longitude Scale 
must NEVER be used for measuring distances on a Mercator Projection chart. 


Use of the Rhumb Line as Course. If two places on the Earth’s surface are 
joined by a Rhumb Line and a ship steers along that line, the direction of the 
ship’s head will remain the same throughout the passage (see Para 0202a). 
This direction is measured by the angle from the Meridian to the Rhumb Line, 
measured clockwise from 0° to 360°, and is the Course. The Rhumb Line 
itself is often called the Course. On the Earth’s surface, a continuous Rhumb 
Line (except 090°/270°) will spiral towards the Pole. The Mercator 
Projection chart shows the ship’s track as a straight line between the starting- 
point and destination; the measurement of this straight line gives the steady 
Course. 


B. Calculate the current through the diode. 
Answers 

A. Yes, it can be considered a perfect diode. 

B. | = 10 mA 

15 When a current flows through a diode, it 
causes heating and power dissipation, just as 


with a resistor. The power formula for 
resistors is P = V x I. This same formula can 
be applied to diodes to find the power 
dissipation. 

To calculate the power dissipation in a 
diode, you must first calculate the current as 
shown previously. The voltage drop in this 
formula is assumed to be 0.7 volt for a silicon 
diode, even if you considered it to be O volts 
when calculating the = current. 

For example, a silicon diode has 100 mA 
flowing through it. Determine how much 


power the diode dissipates. 
P = (0.7 volt)100mA) = 70mW 


Question 


(0414b continued) 
Plotting of Great Circle Tracks. A Great Circle which 1s not a Meridian or 
the Equator will appear as a curve on a Mercator Projection chart (see Fig 4-5 
below). Thus Great Circle tracks are normally plotted on a Gnonomic chart 
and the Waypoints transferred to a Mercator Projection chart. 
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BISHOP ROCK 


Fig 4-5. Mercator Projection of North Atlantic - Rhumb Line / Great Circle Tracks 


(0414) c. Transverse Mercator Projection. The Transverse Mercator Projection (see 
Fig 4-3b, Line C) is described in detail at Paras 0430-0431, but a brief summary is as 


follows. 


Construction. The Transverse Mercator Projection may be considered as 
a standard Mercator Projection (see Fig 4-3a, Example 3) with the ‘cylinder’ 
turned through 90°. The Central Meridian and the Equator plot as straight 
lines; all other Meridians and Parallels plot as curves. 


Properties. The Transverse Mercator Projection is Orthomorphic. 


> 


Scale Expansion and Direction. The Scale between Meridians expands 
as Longitude increases away from the Central Meridian. However, due 
to the large Scale used, these Meridians will appear as straight lines to 
the user, and for all practical purposes, straight lines can be used to plot 
all Bearings and direction lines on the chart. 

Central Meridians. To minimise the effects of Scale expansion, 
coverage of a Transverse Mercator Projection chart 1s restricted to +3° 
of Longitude from the Central Meridian. 

High Latitudes. The Transverse Mercator Projection does not suffer 
from the high Latitude difficulties of standard Mercator Projections. 


Uses. The Transverse Mercator Projection is used for: 


> 


Most UKHO large Scale charts of 1:50,000 or larger (ie covering a small 
Area) as well as for land maps. 

Most land maps (including UK Ordnance Survey maps and NATO 
military maps). 

Polar charts and maps, although the Polar Stereographic Projection (see 
Para 0414d overleaf) is more commonly used for this purpose. 
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(0414) d. 


e. 


f. 
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Stereographic Projection (Universal Polar Stereographic Projection). The 
point of origin of a Stereographic Projection (see Fig 4-3b, Line F) may be anywhere; 
however, as this projection 1s normally only used in Polar regions, only the Universal 
Polar Stereographic Projection 1s considered here. 


> 


Construction. For the Universal Polar Stereographic Projection, the 
Meridians and Parallels of Latitude are Projected on to a plane tangential to 
the Pole, the centre of Projection being the opposite Pole (see Fig 4-3a, 
Example 5). Meridians appear as straight lines originating from the Pole, 
Parallels of Latitude appear as concentric circles radiating outwards from and 
centred on the Pole. 


Orthomorphic Properties. The Universal Polar Stereographic Projection 
is Orthomorphic. 


Great Circles. Great Circles (except Meridians) are not projected as straight 
lines, although in practice, little accuracy is lost by plotting them as such. 


Uses. The Universal Polar Stereographic Projection is used for Polar charts 
and Orthomorphic maps of Polar regions. 


Gnomonic Projection. The Gnomonic Projection (see Fig 4-3b, Line G) 1s 
described in detail at Paras 0440-0442, but a brief summary is as follows. 


> 


Construction. The Gnomonic Projection projects the Earth’s surface from 
the Earth’s centre onto a tangent plane. The Gnomonic Projection is only 
applied to a Sphere which represents the Earth. 


Properties. The Gnomonic Projection is NOT Orthomorphic and has the 

following properties: 

> Great Circles. Great Circles are represented by straight lines on this 
Projection. 

> Parallels of Latitude. Parallels of Latitude are curves. 

>»  Meridians. The Meridians will not be parallel unless the tangent point 
is on the Equator. 

> Rhumb Lines. Rhumb Lines will be shown curves, not as straight lines. 

>» Tangent Point and Distortion. Angles are also distorted, except at the 
tangent point. The farther a point on the chart is away from the tangent 
point, the greater will be the distortion. It is therefore impossible to take 
courses and distances from a Gnomonic Projection chart. 

>» Equal Areas. The Gnomonic Projection does NOT have Equal Area 
properties. 


Uses. The distortion of the Gnomonic Projection Graticule, which gives 
neither Orthomorphic nor Equal Area properties, makes it quite unsuitable for 
general Navigation purposes. Its usage is limited entirely to plotting Great 
Circles as straight lines, usually in order to obtain Great Circle Waypoints. 
It was also used historically to plot long range radio beacon Bearings, 
although this usage has almost completely disappeared. 


Skew Orthomorphic Projection. Instead of a Central Meridian, a central Great 
Circle passing through the axis of the country 1s used as the line of contact for the Skew 
Orthomorphic Projection (see Fig 4-3b, Line D). Itis used mainly for land surveys. 
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(0414) g. Polyconic Projection. The Polyconic Projection (see Fig 4-3b, Line H) is a 
modification of the simple Conical Projection. 


Paras 0415-0419. 


Construction. The Central Meridian of the Area to be displayed is divided 
correctly for intervals of Latitude, but each Parallel is constructed as if it were 
the Standard Parallel of a simple Conical Projection (see Fig 4-6 below). 
The Parallels are arcs of circles, the radii of which steadily increase as the 
Latitude decreases. The Central Meridian 1s a straight line, although the 
other Meridians are curved. 


Orthomorphic and Equal Area Properties. The Polyconic Projection 1s 
neither Orthomorphic nor Equal Area, so it is unsuitable for large Areas. 


Advantages. The main advantage Polyconic Projection 1s that if small Areas 
are shown on this Projection, with each small Area covering the same amount 
of Longitude, the sheets on which the geographical Graticules are drawn fit 
exactly along their northern and southern edges. For ordinary purposes, the 
sheets also fit along their eastern and western edges, although the join here is 
a ‘rolling fit’ as the Meridians are curved (see Fig 4-6 below). 


Modified Form. In slightly modified form, the Meridians can be made to 
project as straight lines, and this modified form was used in practice. 


Uses. The modified Polyconic Projection is suitable for topographical maps 
which, individually covering a small Area, combine to cover a large one. 
However, it has been superseded by the Transverse Mercator Projection. A 
few old UKHO harbour plan charts may still exist with the legend ‘Gnomonic 
Projection’, but they almost certainly used the modified Polyconic Projection. 


C 


Construction Graticule 


Fig 4-6. Polyconic Projection 
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SECTION 2 - MERCATOR PROJECTION FOR CHARTS 


0420. Principles of the Mercator Projection 

An introduction to the Mercator Projection is at Para 0414b. It is a ‘Cylindrical 
Orthomorphic Projection’ and in practice, it is a ‘mathematical’ rather than a ‘perspective’ 
projection. 


a. Mercator Projection - ‘Perspective’ Concept and ‘Mathematical’ Reality. The 
‘perspective’ concept of the Mercator Projection 1s to imagine a cylinder of paper 
wrapped around the Earth, with the cylinder’s and Earth’s axes coincident, and their 
surfaces in contact only at the Equator; the Earth’s surface is then projected from the 
Earth’s centre onto the cylinder (see Fig 4-5a below). When unrolled flat, the image on 
the paper cylinder will represent a Mercator Projection. In reality, the ‘perspective’ 
method is not used; instead the Mercator Projection is produced by ‘mathematical’ 
formulae which are adjusted to ensure that the resulting charts are Orthomorphic. 
Different formulae apply for the Sphere (see Para 0422) and Spheroid (see Para 053 1a). 


The complete Polar regions (N or S) cannot be shown on Mercator Projection, 
as expansion between Parallels of Latitude increases to infinity at Latitude 90° 


Fig 4-7. Simplified Diagram of Mercator Projection 


b. Properties of Mercator Projection. The properties of the (Orthomorphic) 
Mercator Projection are listed at Para 0414b: 


c. Uses. The uses of Mercator Projection are listed at Para 0414b. 


d. History of the Mercator Projection. The idea of the Mercator Projection belongs 
to Gerhard Kremer, a Fleming who adopted the name Mercator. Kremer used the 
Graticule derived from the Projection in the world map which he published in 1569. 
However, the Graticule was inaccurately drawn above the Parallels of 40°, and there 
was no mathematical explanation of the Projection. In 1599, a mathematical 
explanation was established by Wright who correctly calculated the positions of the 
Parallels and published the results. The Mercator Projection chart came into general use 
among navigators in about 1630, but the first complete mathematical description of it 
was not available until 1645, when Bond published the logarithmic formula for it. 
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Mathematical Analysis of the Mercator Projection 


a. Mercator Projection - Concept. The Mercator Projection is introduced at 
Para 0414b and is “a special case of the Lambert Conical Orthomorphic Projection in 
which the Equator is used as the Standard Parallel”. Para 0420 and Fig 4-7 opposite) 
provide an outline of the principles of the Mercator Projection. 


b. Mercator Projection - Governing Criteria. The requirements for the Mercator 
Projection are governed by two criteria: 


e [In a cylindrical Projection based on the Lambert Conical Orthomorphic 
Projection, the Constant of the Cone must be zero (see Para 0421d). 


° The Projection must retain Orthomorphic properties (see Para 0421e). 


c. Mercator Projection - Detailed Mathematical Analysis. Amplifying Para 0420 
and Fig 4-7 (opposite) in more detail, Fig 4-8 (overleaf) takes the Equator as the 
Latitude of the origin @, . 


e RO1sa Central Meridian and is equal in length to V, cot o , where V, is the 
Radius of Curvature at right angles to the Meridian at O for the Spheroid of 
the Earth in use, and @ is the Latitude of O. 


° As the cotangent of 0° is infinity, R recedes northwards (or southwards) to 
infinity (see Fig 4-8 overleaf); this can also be seen from Fig 4-7 (opposite) 
1f Latitude is extrapolated to 90°. Thus the complete Polar regions can never 
be shown on Mercator Projection charts as expansion between Parallels of 
Latitude expands to infinity at Latitude 90°. 


. The angle between True North and Grid North becomes zero for this 
Projection, thus there is no convergence. 


° OP, coincides with Grid East, all Parallels become straight lines parallel to 
OP, and, since Convergence is zero, all the Meridians are parallel Grid North. 


. One minute of Longitude measured along the Equator (or Standard Parallel) 
as the unit of the Grid makes this Projection suitable for navigation use. 


d. Constant of the Cone. The quantity Sin ø, is the Constant of the Cone (where o 
is the Latitude of O) and it is a constant for any given Latitude of the point of origin. 
When the Equator is the point of origin: 

sinó, =sin0°=0 


e. Orthomorphism and Rhumb Lines. The Scale along a Meridian in the 
neighbourhood of a point in Latitude o is stretched by the same amount (sec o ) as the 
Scale along the Parallel through that point. 


e Orthomorphism. In view ofthis, and that the Meridians and Parallels on the 
Mercator Projection are at right angles, the Projection must be Orthomorphic. 


e Rhumb Lines. The Parallels are spaced at increasing intervals as they 
approach the Poles (see Fig 4-7 opposite), while the Meridians are spaced 
equally. Thus any straight lines (including diagonals) make a constant angle 
with the Meridians with no distortion; they are thus Rhumb Lines. 
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(0421c continued) 


To R To R 
(at infinity) (at infinity) 


Grid North 


Grid East 


Fig 4-8. Detailed Analysis of Mercator Projection 


(0421) f. Use of Longitude Scale When Constructing a Mercator Chart. As Meridians 
of the Mercator Graticule are straight lines at right angles to the Equator, the Longitude 


Scale is the same everywhere and provides a means of measurement in the Graticule. 


e Let the Scale of any Mercator Projection chart be x millimetres to 1' of d. long. 


e Departure = d.long cos Lat (see Note 4-1 below), thus Departure on the chart 
represented by ‘x millimetres’ approximates to /’ cos Lat (18 one Sea Mile in 
that particular Latitude is represented by x sec Lat millimetres on the chart). 


. Therefore, the Scale of Latitude and distance at any part of a Mercator 
Projection chart is proportional to the secant of the Latitude of that part; 
thus the amount of distortion in any Latitude is also governed by the 
secant of that Latitude (see Example 4-1 below). 


e The Latitude Scale cannot be used to draw the Parallel in its correct position 
on the Graticule because it is continually being stretched as the Latitude 
increases. Thus for this purpose, the spacing of any Parallel from the 
Equator must be calculated in units of the Longitude Scale. 


Example 4-1. On a Mercator Projection chart (see Fig 4-2) , Greenland (70°N) appears 
to have the same width as Africa (0°), although Africa is in reality three times as wide 
as Greenland. This is not unexpected, as: sec 70° = 3. 


Note 4-1. This formula is correct for the Sphere but only approximates for the Spheroid. 
The precise length of one minute of Longitude is given by formula (3.12) at Para 0314. 
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(0421) g. Measurement on the Chart. Mercator Projection charts are graduated along the 


0422. 


sides for Latitude and along the top and bottom for Longitude. 


e Latitude Scale and Distance. The length of the Rhumb Line FABCT is the 
distance between them (see Fig 4-9); FF,, AA,, BB, etc are Parallels of 
Latitude. The distance between any two points must be measured on the 
Latitude Scale between their_Parallels of Latitude (ie FA between F, and 4,, 
AB between 4, and B, etc). If FT is less than 100', no appreciable error is 
made by measuring it on the Scale roughly either side of its middle point. 


e Longitude Scale. The Longitude Scale is used only for laying down or taking 
off the Longitude of a place, never for measuring distance. 


Measure distance CT 
against Latitude C1T1 


Measure distance BC 
against Latitude BiC1 


Measure distance AB 
against Latitude A1B1 


Measure distance FA 
against Latitude F1A1 


Fig 4-9. Measurement of Distance on a Mercator Chart 


Meridional Parts of a Mercator Chart 


a. Latitude and Distance Scale Distortion. Para 0414b / Fig 4-4 and Para 0420a / 
Fig 4-7 established that the Latitude (distance) Scale of a Mercator Projection chart 
continually increases as it recedes from the Equator, until at the Pole it becomes infinite; 
thus the complete Polar regions cannot be shown on a Mercator Projection chart. 
Para 0421f (opposite) established that the Latitude (distance) Scale at any part of a 
Mercator chart is proportional to the secant of the Latitude of that part. 


b. Meridional Parts. The Latitude Scale of a Mercator Projection chart affords no 
ready comparison with the fixed Longitude Scale. In Fig 4-9 (above), the tangent of the 
course-angle PFT cannot be PT (measured on the fixed Longitude Scale) divided by FP 
(measured on the Latitude Scale), because the units of Latitude measurement are 
continually changing. For the ratio PT/ FP to be valid, PT and FP must be measured 
in the same fixed units. The length of 1 minute of arc of the fixed Longitude Scale 
provides this unit of measurement and is called a ‘Meridional Part’. Thus: 
The Meridional Parts of any Latitude are the number of ‘Longitude Units’ in the 
length of a Meridian between the Parallel of that Latitude and the Equator. A 
‘Longitude Unit’ ts the length on the chart representing one minute of arc in 
Longitude. 


Meridional Parts are lengths measured on the Mercator Projection chart (usually called 
‘Chart Lengths’) and should NOT be confused with distance on the Earth’s surface, 
which is expressed in Sea Miles or Nautical Miles (see Para 0422c / Example 4-2). 
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(0422) c. Number of Meridional Parts for Any Latitude. The number of Meridional Parts 


4-18 


for any Latitude may be found from formula (4.1) for the Sphere (see Para 0422e below) 
and formulae (5.21a/b) for the Spheroid (see Para 0531a). They are also tabulated in 
Norie’s Nautical Tables (NP 320) which uses the Clarke 1880 Spheroid (‘compression’ 
of 1/293.465 [ie based on *//Flattening’ =293.463 at Para 0322 Table 3-1] ). Example 
4-2 shows their use in calculating the length of the Meridian on a Mercator Projection 
chart (ie the Chart Length) between a Parallel of Latitude and the Equator. 


Example 4-2. If the Longitude Scale on the Mercator Projection chart is 1 degree (ie 
60 Meridional Parts) to 10 mm, what is the length of the Meridian between the Parallel 
of 45° 00' N and the Equator, when measured on the chart in millimetres? 


From NP 320, for 45° 00' there are 3013.38 Meridional Parts. Thus the distance on the 
chart (ie the Chart Length) for the Meridian 1s 10 x 3013.38 / 60 = 502.23mm. 


A simplistic and incorrect calculation of 45 x 10 = 450mm is entirely wrong. 


d. Difference of Meridional Parts (DMP). Where the two positions are both remote 
from the Equator (eg A and K in Fig 4-10a, and a and k in Fig 4-10b opposite), their 
relative position may be determined by the difference between the individual Meridional 
Parts for K and the individual Meridional Parts for A, which gives the number of 
Longitude Units in the length of a Meridian between the two Parallels of Latitude 
through A and K. This length mk (see Fig 4-10b opposite) is usually referred to as 
the ‘Difference of Meridional Parts’ and written as ‘DMP’. See also Para 0510-0511. 


e. To Find the Meridional Parts of any Latitude on a Sphere. Fig 4-10a (opposite) 
represents a part of the Earth’s Spherical surface (see Note 4-2 overleaf for Spheroidal 
data). Position F is a point on the Equator and FT is the Rhumb Line joining it to 
position 7. Fig 4-10b (opposite) shows this same Rhumb Line as the straight line ft on 
a Mercator Projection chart. 


° If TO is now divided into n small lengths o, so that (na) is equal to the 
Latitude of T, the arcs of Parallels of Latitude drawn through the points of 
division are equally spaced and, with the Meridians, form a series of small 
triangles FAX, ABY, ... If œ is so small that these triangles may be considered 
plane, they are equal in all respects, since: 


FX =AY =... =q 

FXA = AYB =... = oneright angle 
XFA = YAB = ... = the course 

“ AX = BY 


° Since these small arcs recede in size in succession from the Equator, the 
Meridians which bound them are spaced successively farther apart. Hence: 


FO, <0/0,<... 


e A comparison of Figs 4-10a and 4-10b shows that the small triangles on the 
Earth are all ‘equal’ (ie equal angles and linear dimensions), but when drawn 
on the chart, they are only ‘similar’ (1e equal angles only). 


e The triangles in Fig 4-10b progressively increase in size as they recede from 
the Equator, and this is emphasised by progressively darker shading. This 
increase in size can be found by considering two similar and corresponding 
triangles. 


Original 
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(0422e continued) 


Fig 4-10a. 
Representation 
of a Rhumb Line on 
the Earth’s Surface 


Fig 4-10b. 
Representation 
of Fig 4-10a (above) 
on a Mercator 
Projection Chart 
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Fig 4-10a (top figure). Representation of a Rhumb Line / Mer Parts on the Earth’s 
Surface 


Fig 4-10b (bottom figure). Representation of Fig 4-10a on a Mercator Projection Chart 
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(0422e cont) Thus: 
fx ax FO, 


FY AY 4x ` sec Lat A 
fx = FX sec Lat A 
= Asec 
e Similarly, by considering the triangles ABY and aby: 
ay = asec2a 


e But qt, the length of the Meridian between the Parallel of Latitude through t 
and the Equator, is the sum of all the elements fx, ay . . . kz. That is: 


qt = Q (sec Q + sec 2q + sec 3a +... + sec nO) 
TS 
qt = 7915.7045 log otar 45°+ = | 


Note 4-2. Formula (4.1) gives the number of Meridional Parts in the Latitude of T for 
a Sphere (see also Appendix 3). It is a simplified version of the equivalent Spheroidal 
formulae (5.21a/b) at Para 0531a, but with the corrections for Spheroidal Eccentricity 
e ignored; the proof of formulae (5.2 1a/b) are at Appendix 5. As stated at Para 0422c, 
Norie’s Nautical Tables (NP 320) gives the Meridional Parts for the Clarke 1880 
Spheroid (‘compression’ of 1 / 293.465). 


0423. Constructing a (Small Scale) Mercator Chart of the World 


a. Calculating the Longitude Scale. As there is no Latitude or distance distortion at 
the Equator on a Mercator Projection chart, the base on which the chart is constructed 
must be the line representing the Equator, and convenience governs the length of this 
line. Suppose it 1s 720 mm (about 28 in). Then the Longitude Scale must be: 
Length of Equator in degrees 360 ; l = 
O OA L = Y Longitude per millimetre 
Length of base in millimetres 720 
Y” Of Longitude at the Equator equates to 30 Meridional Parts; more conveniently this 
can be expressed as 5° of Longitude or 300 Meridional Parts to 10 mm. Vertically the 
Scale will be the same, 300 Meridional Parts to 10 mm. 


b. Placing of Meridians. If it 1s required (for example) to draw Meridians every 20° 
of Longitude, the Equatorial line must be divided into eighteen (20° x 18 = 360°) equal 
parts, each of 40 mm (or 1200 Meridional Parts) in width. The perpendiculars drawn 
through the points of division will be the Meridians. For simplicity (see Note 4-3 
below), the Prime Meridian (Greenwich Meridian, 0° Longitude) has been placed in the 
centre of Fig 4-11 (opposite); thus with a total coverage of 360° of Longitude, the 
extreme left-hand Meridian will be 180°W and the extreme right-hand Meridian will 
bel80°E. 


Note 4-3. In practice, the Prime Meridian (0 ° Longitude) is normally placed off-centre to the 
left with some overlap (usually 40 ) of Longitude overall (ie 400 ° coverage), in order to show 
the Atlantic Ocean, Indian Ocean and Pacific Ocean in an unbroken view, with North America 
shown in full at one side of the chart and South America at the other (see example at Fig 4-2). 
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Assume a current of 2 amperes is flowing 


through a silicon diode. How much power IS 
being dissipated? ———__ 
Answer 


P = (0.7 volts)(2amperes) = 1.4 watts 
16 Diodes are made to dissipate a certain 
amount of power, and this is quoted as a 
maximum power rating in the manufacturer's 
Specifications of the diode. 
Assume a silicon diode has a maximum 
power rating of 2 watts. How much current 
can it safely pass? 


P=V XI 
[= 3 
V 

E 2 watts 

0.7 volt 


2.86amperes (rounded off to two decimal places) 
Provided the current in the circuit does not 


exceed this, the diode cannot overheat and 
burn out. 
Question 
Suppose the maximum power rating of a 
germanium diode is 3 watts. What is its 
highest safe current? — —ć 
Answer 
3 watts 
= = 1O0amperes 


y 0.3 volt 
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120° W 60°W Prime (0°) Meridian 60° E 120°E 180° E 


180° W 120° W 60°wW_ Prime (0°) Meridian 60° E 
Fig 4-11. Graticule for a Mercator Chart of the World (Centred on the Prime Meridian) 


(0423) c. Placing of Parallels of Latitude. Meridional Parts for deciding the positions of 
the Parallels of Latitude may be extracted from Norie’s Nautical Tables (NP 320), 
although it uses the Clarke 1880 Spheroid (see Para 0422c). 


° Parallels of Latitude for 20°. From NP 320, there are 1217.14 Meridional 
Parts between the Parallels of Latitude for 20° and the Equator. At a Scale 
of 300 Meridional Parts to 10 mm, the Parallels of Latitude for 20° must be 
drawn on the chart 1217.14 +30 = 40.57mm either side of the Equator. 


. Parallels of Latitude for 40”. Similarly, there are 2607.64 Meridional Parts 
between the Parallels of Latitude for 20° and the Equator and so the Parallels 
of Latitude for 40° are drawn 2607.64 + 30 = 86.92mm from the Equator. 


e Other Parallels of Latitude. In the same way the other Parallels of Latitude 
are drawn. On the Graticule formed (see Fig 4-11 above), it is possible to 
insert the position of any place, 1f the Latitude and Longitude are known. 


d. Choice of Spheroids when Constructing a Mercator Projection Chart. 


e Errors Induced by Using Norie’s Tables - Clarke 1880 Spheroid. The 
table of Meridional Parts in Norie’s Nautical Tables (NP 320) uses the 
(Clarke 1880 Spheroid). This will produce a chart based on the Clarke 1880 
Spheroid and induce an error when plotting positions referred to WGS 84 (ie 
GPS) on the chart. However, on a very small Scale world-map such as this, 
for practical purposes of plotting, the induced error will be negligible. 


° Use of Spheroid Meridional Parts Formulae for WGS 84. To construct 
a Mercator Projection chart based on WGS 84, the appropriate Meridional 
Parts for this Spheroid need to be calculated using general formula (5.21a) at 
Para 053 1a, which is customised for WGS 84 at formula (5.21b) at Para 0531a. 
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0424. Constructing a (Larger Scale) Mercator Chart of Part of the World 
To show small portions of the Earth in detail, a larger Scale is needed with only the 
relevant portion of the chart being constructed. 


a. Equator Not Included on Chart. If the Equator is not included on the chart, the 
Chart Lengths between successive Parallels of Latitude on the chart (in millimetres, 
appropriate to the Scale chosen) are found from the Difference of Meridional Parts 
(DMP) for the corresponding Parallels of Latitude (see Para 0422d). 


b. Construction. To construct a Mercator Projection Graticule (see Fig 4-12 
opposite) from 142°E - 146°E and 45°N - 49 "N ata Scale of 1° of Longitude to 30mm: 


e At this Scale, 1' Longitude equates to 30+60 = 0.5mm. 


. The difference between 142°E - 146°E is 4”, and at a Scale of 1° of Longitude 
to 30mm, the base-line at the bottom of the chart representing the Parallel of 
Latitude 45°N is thus 30 x 4 = 120 mm in width. 


° The limiting Meridians of 142'E and 146°E will be perpendiculars erected on 
this line at its two ends. The Meridians of 143'E, 144°E, 145°E will be spaced 
equally between the limiting Meridians (see Fig 4-12 opposite). 


. The length in millimetres between the Parallels of Latitude of 45°N to 49°N 
can be established from the DMPs at Table 4-1 (below). 


Table 4-1. ‘Chart Lengths’ (mm) between Parallels of Latitude of 45°N to 49°N 


Latitude Meriodinal Parts ‘Chart Lengths’ between Parallels 
(from Norie’s Tables - (DMP x 0.5) 
See Note 4-4 opposite) 


3364.41 


3274.13 45.14 mm 


3185.59 44.27 mm 
46°N 3098.70 86.89 43.45 mm 


| 45°N | 3013.38 | 85.32 42.66 mm 


c. Intermediate Divisions. To create intermediate divisions on the Graticule, for 
both Longitude and Latitude Scales, the Chart Lengths between Meridians, and those 
between Parallels of Latitude may be calculated for smaller units (eg 10' of Longitude 
between Meridians, and 10' of Latitude between Parallels). This division 1s easily 
effected on the Longitude Scale, because it is fixed. On the Latitude Scale, a new table 
of Meridional Parts for every 10' of Latitude between 45° and 49°is needed (not shown). 


d. Completed Graticule. Fig 4-12 (opposite) shows the complete Graticule for this 
example. Each rectangle, whatever its dimensions in millimetres, represents a part of 
the Earth’s surface bounded by Meridians 1° apart in Longitude, and Parallels 1° apart 
in Latitude. Although the Chart Lengths between these Parallels of Latitude vary from 
42.66mm to 45.14mm as shown, each Chart Length represents a distance of 60 Sea 
Miles on the Earth’s surface. The actual distance in Sea Miles between the Meridians 
depends on the Latitude in which it is measured on the chart (41.82 Sea Miles at 46°N 
and 40.27 Sea Miles at 48°N), and may be obtained by measurement against the Latitude 
Scale, or from formulae (3.12) and (3.9). 
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(0424d continued) 


Fig 4-12. Construction of a (Larger Scale) Mercator Chart of Part of the World 


(0424) e. Measuring Distances on the Chart. The distance between any two points must 
be measured on the Latitude Scale between their Parallels of Latitude (see Para 0421 g 
/ Fig 4-9). Using this method, the distances between points F and T on Fig 4-12 (above), 
measured on the Latitude Scale between 46° and 48”, is found to be 135 miles. 


Note 4-4. The Meriodinal Parts at Table 4-1 (opposite) were taken from Norie’s 
Nautical Tables (NP 320), so that the reader can easily duplicate them. Although 
NP 320 uses the Clarke 1880 Spheroid (not WGS 84), as it is the DMP which is actually 
used for construction, in practice little difference in the Graticule Shape is caused. To 
establish Meridional Parts for WGS 84, use the Spheroidal formulae at Para 053 1a. 
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0425. Great Circle Tracks on a Mercator Chart 

Rhumb Lines appear as straight lines on a Mercator Projection chart. In general, Great 
Circles will appear as curves; the exceptions to this are the Equator and Meridians, which appear 
as straight lines perpendicular to each other. See also Paras 0414b / Fig 4-5 and Para 0441. 


a. Appearance of Great Circles. On a Mercator Projection chart, the limiting Great 
Circles are the Equator which appears as a horizontal line, and any ‘double’ Meridians, 
which appear as two separate vertical lines 180° apart. Any other Great Circles passing 
through their points of intersection must appear as two curves with vertices towards the 
Poles (see Fig 4-13 below). 


b. Great Circles in One Hemisphere. In Fig 4-13 (below), the Great Circle joining 
points F and T will always lie on the Polar side of the Rhumb Line joining them. 


e Small Latitude Difference and Large Longitude Difference. When the 
difference of Latitude between F and T is small and the difference of 
Longitude large (ie a broadly East - West course), the difference between the 
two tracks is considerable. 


. Large Latitude Difference and Small Longitude Difference. When the 
difference of Latitude between F and T' is large and the difference of 
Longitude small (1e a broadly North - South course), the difference between 
the two tracks is small and is usually insignificant. 


c. Great Circles in Two Hemispheres. In Fig 4-13 (below), as points A and B lie on 
opposite sides of the Equator, the Rhumb Line almost coincides with the Great Circle. 
The difference between the two tracks is small and is usually insignificant. 


Meridian 180° W Prime Meridian 0° (Greenwich) Meridian 180° E mu» 


dr 


Any Great Circles 
through Prime Meridian (0°) 
and Equator (0°) 


<< Meridian 180° W Prime Meridian 0° (Greenwich) Meridian 180° E == 


Fig 4-13. Great Circle Tracks on a Mercator Projection Chart 
0426-0429. Spare. 
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SECTION 3 - TRANSVERSE MERCATOR PROJECTION FOR CHARTS 


0430. ‘Transverse Mercator Projection - Concept 

The Transverse Mercator Projection (sometimes known as the Gauss Conformal 
Projection) is essentially a Mercator Projection with the ‘cylinder’ turned through 90°; it is 
Orthomorphic. However, the resulting appearance of the Graticule is markedly different (see 
Fig 4-14 below and compare with Fig 4-2 / Fig 4-11). A list of Transverse Mercator 
Projection’s construction and uses is at Para 0414c, together with a list of its properties; an 
explanation of the mathematics for geographical / Grid conversions is at Appendix 4. 


Central Meridian 


Increasingly curved (straight line) 


Parallels and Meridians 
Equator 
(straight line) 


Fig 4-14. Global Application of the Transverse Mercator Projection 


0431. Transverse Mercator Projection - Principles 


a. Central Meridian. In the Transverse Mercator Projection, the line of contact with 
the cylindrical Projection surface is known as the Central Meridian and plots as a 
straight line; the Equator also plots as a straight line (see Fig 4-14 above and Fig 4-15 
overleaf). All other Meridians and Parallels of Latitude plot as curves. 


b. Scale Expansion. Adjacent Meridians (of Longitude) plot further apart as 
Longitude increases from the Central Meridian. ‘This is analogous to the Scale 
expansion between Parallels with increasing Latitude in the Mercator Projection. 
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(0431) c. Central Meridians and Zones of Longitude. To minimise the effects of Scale 
expansion, a Transverse Mercator Projection chart is normally restricted to +3° of 
Longitude from the Central Meridian (see Fig 4-15 below). Beyond these limits, anew 
chart must be constructed with a Central Meridian in a new Zone of Longitude. 


Central Meridian Increasingly curved Central Meridian 
(line of contact) Parallels. and Meridians a, (straight line) 


Equator 
(straight line) 


Cylindrical Projection Surface 


Resulting Chart Graticule 


Fig 4-15. Transverse Mercator Projection - Limited Longitude Coverage 


d. High Latitudes. By restricting its use to a narrow band of Longitude, the accuracy 
constraints imposed by high Latitude working on Mercator Projections are overcome. 
Although it is possible to depict the Polar regions on the Transverse Mercator 
Projection, in practice, better Projections exist for coverage of these Areas. 


e. Properties and Uses. The properties and uses of Transverse Mercator Projection 
charts are listed at Para 0414c. 


f. Universal Transverse Mercator (UTM) Grid. Due to the Meridians (except the 
Central Meridian) and Parallels of Latitude (except the Equator) plotting as curves, a 
Grid with Eastings and Northings is needed for the rapid identification of positions. To 
exploit the properties of the Transverse Mercator Projection globally, the Universal 
Transverse Mercator (UTM) Grid has been devised with globally standardised Central 
Meridians. These standardised Central Meridians are spaced at 6° intervals based on 
initial Central Meridians of 3"W and 3°E (ie on either side of the Prime (Greenwich) 
Meridian). Projections for charts using the UTM Grid are constructed for the 
appropriate Central Meridian. See details at Para 0451. 


g. UK Transverse Mercator (UKTM) Grid. Charts and maps (including Ordnance 
Survey maps) using the British National Grid are constructed on the UK Transverse 
Mercator (UKTM) Projection with a (non-standard) Central Meridian of 2"W and Grid 
Origin 49°N 2°W. The Grid is then offset to give a False Origin located to the South 
and West of UK (see details at Para 0452). 


0432-0439. Spare. 
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SECTION 4 - GNOMONIC PROJECTION FOR CHARTS 


0440. Gnomonic Projection - Concept 

An introduction to Gnomonic Projection 1s at Para 0414e / Fig 4-3b and an explanation 
of its application is at Para 0622. To establish the Waypoints for a Great Circle track, it is very 
helpful to show the Great Circle on a chart as a straight line. This also allows radio direction- 
finder Bearings to be plotted as straight lines, although this usage has almost completely 
disappeared. 


a. Gnomonic Projection - Construction. The Gnomonic Projection achieves the 
representation of Great Circles as straight lines by projecting the Earth’s surface from 
the Earth’s centre onto the tangent plane (see Note 4-5 below). To minimise distortion, 
the tangent point is chosen to be at the centre of the Area to be shown on the chart. 


b. Gnomonic Projection - Example. An example of a Gnomonic Projection 
Graticule 1s at Fig 4-16 (below). The tangent point has been placed on the Equator and 
at Longitude 0°; the Graticule is symmetrical about the Meridian through this tangent 
point, which is independent of the Longitude. The Longitude Scale can thus be adjusted 
as required (eg UKHO Chart 5029). 


Tangent Point 


Fig 4-16. Example Gnomonic Projection Graticule (Similar to UKHO Chart 5029) 


Note 4-5. Gnomonic Projection - Type. The Gnomonic Projection is a Zenithal 
Projection (from position ‘B’ at Para 0413, Fig 4-3a Example 5), and is based on a 
Sphere which represents the Earth. It is NOT a Spheroidal Projection. 
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(0440) c. Representation of Great Circles as Straight Lines. A Great Circle is defined at 
Para 0110c as: “... the intersection of a Spherical surface and a plane which passes through 
the centre of the Sphere”. As one plane will always cut another in a straight line, all Great 
Circles will appear on the chart as straight lines. 


d. Properties and Uses. The properties and uses of Gnomonic Projection charts are 
listed at Para 0414e. 


e. Theory. The mathematical theory of the Gnomonic Projection is at Appendix 4. 


0441. Transfer of a Great Circle Track from a Gnonomic to a Mercator Projection Chart 


a. Transfer Procedure. To transfer of a Great Circle track (eg FT in Fig 4-17), from 
a Gnomonic to a Mercator chart, note the Latitude / Longitude of convenient Waypoints 
A, B, C ...etc on the line FT and mark them on the Mercator Projection chart. This will 
produce a series of Rhumb Lines, closely approximating a curve. See also Para 0208e. 


150°W 140°W 130°W 120°W 110°W 100°W 
— n 


Great Circ 


SOUTHERN HEMISPHERE GNONOMIC CHART 
140°W 130°W 120°W 110°W 100°W 


y PO SS 
C $ 
Gr K B 

eat Circle Track 


SOUTHERN HEMISPHERE MERCATOR CHART 


Fig 4-17. Great Circle Track on Gnomonic and Mercator Projection Charts 
(Southern Hemisphere Example) 
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(0441) b. Adjusting Courses. The Rhumb Line courses between transferred Waypoints may 
not be multiples of full (integer) degrees (see Fig 4-17 opposite). The Waypoints should 
thus be adjusted to approximate the Great Circle track, while achieving convenient 
whole-degree courses. If manual steering is intended (as opposed to auto-pilot) the track 
should ideally be adjusted to multiples of 5° (1e 295°, 300° etc). 


c. Same and Opposite Sides of the Equator. When F and T lie on the same side of 
the Equator (solid line at Fig 4-18 below), the procedure 1s as at Para 0441a opposite. 
When F and T lie on opposite sides of the Equator (eg F being North and T South in Fig 
4-18 below), if the tangent point is on the Equator (eg UKHO Chart 5029), the same 
chart can be used (a Gnomonic Projection chart of both hemispheres 1s symmetrical 
about the Equator). In practice, this is rarely necessary as in these cases, the Rhumb 
Line almost coincides with the Great Circle; the difference between the two tracks is 
small and is usually insignificant (see Para 0425c). However, if required to do so (see 
dashed lines at Fig 4-18 below), the following geometrical construction suffices: 
e Mark the position of T as 1f it were in the Northern hemisphere. 
e Join F to K, the point on the Equator which has T’s Longitude. 
e Join T to H, the point on the Equator which has F”s Longitude. 
e Drop a perpendicular RO on the Equator from R, the point where FK cuts TH. 
e Draw FQ and OT. 
e Then FO is the Great Circle track in the Northern hemisphere, and OT is the 
reflection of its continuation South of the Equator. Points on OT may 
therefore be treated as if they were in the Southern hemisphere. 


Meridians 


Parallels 
of 
Latitude 


A 


Tangent Point 


Fig 4-18. Great Circle Track on One / Both Sides of Equator - Gnomonic Projection Chart 


4-29 
Original 


BR 45(1)(1) 
PROJECTIONS AND GRIDS 


0442. Composite Tracks 

A Composite Track may easily be constructed using a Gnomonic Projection chart (see 
Para 0441, previous pages). Fig 4-19 below shows three tracks - a Rhumb Line, a Great Circle 
track and a Composite Track - all on a Mercator Projection chart. 


a. Composite Track on a Gnomonic Projection Chart. A Composite Track is 
formed by two Great Circle arcs joined at their Vertices by the ‘Safe Parallel’ of 
Latitude (see Para 0209b / Fig 2-12). On a Gnomonic Projection chart, the two Great 
Circle tracks are shown as straight lines and the ‘Safe Parallel” of Latitude is shown as 
a curve (see single Great Circle track example at Fig 4-17 facing previous page) . 


b. Composite Track on a Mercator Projection Chart. On a Mercator Projection 
chart, the appearance of Composite Track is the reverse of the Gnomonic Projection 
chart presentation. The two Great Circle tracks are shown as curves, and the ‘Safe 
Parallel” of Latitude is shown as a straight line (see Fig 4-19 below). 


c. Transferring Composite Track Waypoints. Waypoints for the two separate Great 
Circle elements of the Composite Track may be transferred from a Gnomonic Projection 
chart to a Mercator Projection chart (as shown at Para 0441 / Fig 4-17 and Para 0208e 
/ Fig 2-11). 


d. Calculation. The calculation of the Composite Track 1s at Para 0522. 


140°E 160°E 180° 160°W 140°W 120°W 100°W 80°W 60° W 


Great Circle 
Arc (FA) 


Safe Parallel (AB) Great Circle 


_RHUMB LINE TRACK Arc (BT) 


Vertex of Vertex of 
Great Circle Great Circle 


Arc (FA) Arc (BT) 


Safe 
Parallel 


GREAT CIRCLE TRACK 


140°E 160° E 180° 160° W 140”? W 120°W 100°W 80W 60° W 


Fig 4-19. Rhumb Line, Great Circle and Composite Track on a Mercator Chart 


0443-0449. Spare. 
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17 Answer the following questions for 
another example. 


Questions 
A. Could a 3-watt Silicon diode carry the 
current calculated for the germanium diode 


for problem 16? | 

B. What would be its safe current? | 
Answers 

A. No, 10 amperes would cause a power 
dissipation of 7 watts, which would burn up 
the diode. 


B. 3 o 
| = —_ = 4.3amperes 
0.7 


Any current less than this would be safe. 


18 The next several examples concentrate 
on finding the current through the diode. 
Look at the circuit shown in Figure 2.20 . 
Figure 2.20 ne 


The total current from the battery flows 
through R 1, and then splits into |2 and ID. 
| 2 flows through R2, and ID flows through 
the diode. 
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SECTION 5 - GRIDS 
0450. Grid Reference Systems - Concept 


a. Grids - Definition and Properties. A Grid is a reference system of rectangular 
Cartesian Coordinates obtained when a Projection is applied to a part or all of the 
world. The Grid will have all the properties of the Spheroid and Projection used and 
may have some special ones peculiar to itself. Several Grids, all different, may be based 
on the same Spheroid and Projection. 


b. Grids and Geographical Graticules. An example of a Transverse Mercator 
Projection Grid with a (geographical) Graticule superimposed is at Fig 4-20 below. A 
Grid equates to a large piece of graph paper, graduated in suitable Grid units North 
(Northings) and East (Eastings) from the Grid Origin. Distances West and South of the 
Grid Origin are given negative values of Eastings and Northings respectively, but this 
can be avoided by using a False Origin. 


Grid Eastings 
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Meridian 


ES 
Grid Northings 
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Fig 4-20. Generic Grid with Geographical Graticule Superimposed 


c. Plotting the Graticule on the Grid. The intersections of Meridians (of Longitude) 
and Parallels of Latitude are converted into Grid Eastings and Grid Northings; these are 
then plotted as individual points on the Grid and joined by smooth curves to form the 
geographical Graticule. To simplify this conversion, a set of tables or a computer 
program may be created, based on the Spheroid and Projection used. 
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(0450) d. Scale Factors. At the Grid Origin (position Grid 0000 0000, or 50°N 20°W at 
Fig 4-20 previous page), the distortion in distance and direction is at a minimum. This 
distortion increases with distance from Grid Origin and can be represented by a ‘Scale 
Factor’, defined as: 

Scale Factor = Grid Length + Spheroidal Arc 


The Scale Factor is applied to both Eastings and Northings. Grid Length and Spheroidal 
Arc are illustrated at at Fig 4-21 (below). Scale Factors for the Universal Transverse 
Mercator Projection (UTM) are at Fig 4-22 (below). 


Central Meridian 
(line of contact)”. _ Grid Length 
hi 7 _-Spheroidal Arc 


Grid Origin _ 


7 Cylindrical Projection Surface 
Equator / 
(straight line) 


Scale Factor = Grid Length + Spheroidal Arc 


Fig 4-21. Grid Length, Spheroidal Arc & Scale Factor (Transverse Mercator Projection) 


UTM Grid False Eastings (Kilometres) 
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Fig 4-22. Scale Factors for Universal Transverse Mercator (UTM) Projection 
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(0450) e. Grid Convergence and Grid Orientation. Ona Transverse Mercator Projection 
map / chart, the Grid does not always point North (see Fig 4-23 below); this also applies 
in principle to other Grids using other Projections. At any point on the Grid, the angle 
between the true Meridian (ie true North) and the Grid North line (measured from 
True North), is known as the Grid Convergence (C) in navigation and as Grid 
Orientation in gunnery. It varies as follows: 


° Transverse Mercator Projection. On Transverse Mercator Projection, Grid 
Convergence increases with distance from the Central Meridian. 


e Polar Stereographic and Other Projections. Grid Convergence varies with 
the Projection in use and can be as much as 180° (eg Polar Stereographic). 


e Mercator Projection. On Mercator Projection charts, Grid Convergence 
/ Grid Orientation is zero everywhere (ie Grid North always coincides with 
Meridians). If a Transverse Mercator Grid is superimposed on a Mercator 
Projection chart, Grid distortions will occur away from the chart borders. 


Part of the Transverse Mercator Projection Grid at Fig 4-20 containing the points A and 
B, is shown enlarged at Fig 4-23 below. AP, and BP are the Meridians through A and 
B respectively and they are both very slightly curved (see Fig 4-14). AX, and BX both 
define the direction of Grid North at positions A and B respectively. 

C ; the Grid Convergence at B = angle PBX 

C,”, the Grid Convergence at A = angle P AX, 


g Je YHON PLD 


@) 
po $ 
a 
= 
O 
> 
=g 
cu 
mh 
P 


Note. The Meridians BP and AP; 

are actually curved (see Fig 4-10), 

but on the Scale of this diagram, 
the curvature is imperceptible. 


Fig 4-23. Transverse Mercator Projection Grid Convergence at ‘A’ and ‘B’ from Fig 4-20 


f. Calculating Grid Convergence and Grid Orientation. On Military and Ordnance 
Survey (OS) maps, the difference between True North and Grid North is printed for 
specified positions - in the centre on Military Maps and in the corners on OS Maps. At 
any intermediate position, interpolation is required. Care must be taken when using 
Ordnance Survey Maps, as these show the difference of True North from Grid North (ie 
the opposite of the definition at Para 0450e above). 


Example 4-3. If Grid North is 2° west of True North then Grid Convergence is 2° West. 
Example 4-4. If True North is 2° east of Grid North, Grid Convergence is 2° West. 
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0451. Universal Transverse Mercator (UTM) Grid 

The Transverse Mercator Projection was introduced at Paras 0430-0431 and was used 
to provide examples for the concept of Grids at Para 0450. The Universal Transverse Mercator 
(UTM) Grid is used extensively worldwide for military and civil maps. Detailed UTM Grid 
arrangements are contained in NATO ‘STANAG 2211” (available in the public domain); the 
following sub-paragraphs contain a summary of this information. 


a. Scope of the UTM Grid - Zones of Longitude. The UTM Grid is split into UTM 
Zones (or strips) of Longitude 6” wide (although there are a small number of NATO 
anomalies to this - see Para 0451d opposite). The UTM Zones of Longitude are 
numbered from 1 to 60, with Zone 1 covering from 180° to 174° W (ie starting at the 
International Date Line), counting eastwards to Zone 60 (174° Eto 180°) Although 6° 
of Longitude wide, the geographical width of each UTM Zone varies with Latitude (ie 
at the Equator each Zone is 360 miles wide, reducing to 62 miles wide at 80° Latitude). 
A UTM Zone includes the West boundary but NOT the East boundary. 


b. Standardised Central Meridians. Each UTM Zone is bisected by a Central 
Meridian (see Table 4-2 below). UTM Grid Central Meridians are spaced at 6° of 
Longitude intervals (except for some NATO anomalies - see Para 0451d opposite), with 
first / last Central Meridians at 177°W and177°E (ie on either side of the International 
Date Line); two of them will lie at 3°W and 3%E of the Prime (Greenwich) Meridian). 


Table 4-2. Longitude, UTM Zones and Central Meridians 


Longitude 180° 174°W 168°W 162°W 156°W 150°W 144°W 138°W 132°W 126°W 120°W 114°W 108°W 102°W 96°W 90°W 84°W 


UTM Zone 1 2 3 4 5 6 8 9 | 10 | 11 | 12 | 13 | 14 | 15 | 16 
Central 177° [171° | 165° | 159° | 153° | 147° |141* | 135° | 129° } 123° }117° }111° |105° | 99° | 93° | 87° 
Meridian Wlwl|lwlwlwlwlwlwlwlwlwlwlwlwilwilw 


Longitude 84 W 78W 72 W 66 W 60W 54 W 48°W 42°W 36W 30W 24 W 18 W 12W 6W 0 6° 


E 12 
UTM Zone 17 | 18 | 19 | 20 | 21 | 22 25 | 26 | 27 | 28 | 29 | 30 | 31 | 32 
Central 81° | 75° | 69° | 63° | 57° | 51° | 45° | 39° | 33° | 27° | 21° | 15° | 9° | 3° | 3° | 9” 
Meridian WlwlwlwlwlwlwlwlwlwlwlwlwlwleE E 


Central 
Meridian 


Longitude 


UTM Zone 


Central 
Meridian 
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(0451) c. Scope of the UTM Grid - Latitude Bands. The UTM Grid covers Latitude 80°S 
to 84°N, and splits this Area into Bands of Latitude 8” high, except for the most 
Northerly Band (72°-84°N) which is 12° high. Each (Latitude) Band is given a letter, 
starting at ‘C’ in the Southern hemisphere through to ‘X’ in the Northern hemisphere, 
but omitting the letters ‘I’ and “O” (see Table 4-3 below). 


Table 4-3. Latitude and UTM Zones (shown from South to North) 


Southern Hemisphere Northern Hemisphere 
Latitude Band Letter 
C 80°S-72°S N 0"-8"N 
G 48°S-40°S 32°N-40°N 


40°S-32°S 

32°S-24'8 

24°S-16°S 
16°S-8°S 


40°N-48°N 
48°N-56°N 
56 N-64 N 


64 N-72N 


8°S-0° | | 72°N-84°N 


: 


A 


d. NATO UTM Grid - Zone Anomalies. NATO UTM Grid charting and mapping 
anomalies in the Northern hemisphere Bands ‘V’ and ‘X’ that do NOT comply with the 
normal convention for UTM Zones are at Tables 4-4a/b (below). These anomalies affect 
SW Norway, Denmark and the Svalbard Island between 56°N and 64°N (Band ‘V’), and 
Norway between 72°N and 84°N (Band ‘V’, just south of the permanent pack ice line). 
NATO mapping in these Areas is based upon the following modified UTM Zones. 


Table 4-4a. NATO UTM Grid - Band ‘V’(56' N-64°N) - Zone Anomalies 


| UTM Zone | Band Affected | Zone Limits (Longitude) | Central Meridian | 
32 V (SÓN - 64°N) 3'E- 12'E 


Table 4-4b. NATO UTM Grid - Band ‘X’ (72°N-84°N) - Zone Anomalies 
UTM Zone Zone Limits (Longitude) meet 
32, 34, 36 X (72°N - 84N) Zones 32, 34, 36 not used Not applicable 
33 X (IZN - 84°N) 9°E-21°E ISE 
37 33°E - 42'E 


e. 100,000 Metre Square Identifiers. Two-letter identifiers are also provided to 
identify the 100,000 metre squares within a 6° Zone / 8” Band. These are not normally 
needed when using computerised Grid conversions (see Paras 045 1g/1). 
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(0451) f. UTM ‘True’ Grid Origin and ‘False Origin. The UTM Grid Zone number (see 
Para 045la) and Band letter (see Para 0451c) may be combined to provide a single 
unique identifier for a UTM Grid “block” (normally a 6° wide Zone of Longitude and 8° 
high Band of Latitude). The Zone number always precedes the Band letter (eg *30U”). 


“True” Grid Origin. Each Zone / Band ‘block’ (eg *30U”) has a ‘True’ Grid 
Origin at the intersection of its Central Meridian (Longitude) and the Equator. 
If a Grid value of zero was assigned to the ‘Eastings’ and ‘Northings’ of the 
‘True’ Grid Origin, then Grid ‘Eastings’ for positions West of the Central 
Meridian would always have negative values, and in the Southern hemisphere, 
all Grid ‘Northings’ would have negative values. 


Grid ‘False Origin’. To overcome negative values, each Zone / Band ‘block’ 
(eg ‘30U’) is assigned a Grid ‘False Origin’. To achieve this, a ‘False 
Easting’ and ‘False Northing’ are assigned, but the ‘False Northing’ is 
different in the Northern and Southern hemispheres (see Para 0451 g below). 


g. Calculating Global UTM Grid References. The method of calculating UTM Grid 
references from the False Origin (see Fig 4-24 below) is as follows: 


Both Hemispheres - Eastings. In both hemispheres, a False Origin is placed 
500,000m West of the Central Meridian (which thus has a ‘False Easting’ of 
500,000m East). UTM Grid Eastings are counted eastwards across Zone, 
although they do not start at zero due to Zone width. At Zone boundaries, 
Eastings are re-set for the Central Meridian / False Origin of the new Zone. 


Northern Hemisphere - Northings. In the Northern hemisphere, the ‘False 
Origin’ is on the Equator (ie “False Northings” are zero). UTM Grid 
Northings are counted northwards (irrespective of Band boundaries) from the 
False Origin at the Equator; UTM Grid Northings increase as Latitude 
increases away from the Equator and False Origin (eg 16°N 3'E has a 
Northing of 1,768,935m; 80°N 3°E has a Northing of 8,881,585m). 


Southern Hemisphere - Northings. Inthe Southern hemisphere, the ‘False 
Origin’ 1s placed 10,000,000m South of the Equator, close to the South Pole 
(ie the Equator has a ‘False Northing’ of 10,000,000m North). UTM Grid 
Northings are counted northwards (irrespective of Band boundaries) from the 
False Origin. UTM Grid Northings decrease as Latitude (South) increases 
away from the Equator but towards the False Origin (eg 16°S 3°E has a Grid 
Northing of 8,231,064m; 80°S 3°E has a Grid Northing of 1,118,416m). 
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Fig 4-24. UTMG True and False Grid Origins (N & S Hemispheres) 
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(0451) h. Local UTM Grid References (4, 6 and 8 Figures). Although the Grid Easting 
and Northing coordinates are measured in metres from the False Origin, when using 
maps, the user normally requires only the ‘local’ 6-Figure or 8-Figure Grid reference. 
On most maps and charts the smallest Grid division shown is the 1 kilometre (1000 
metres) square (see Fig 4-25 below); however, so that there can be no doubt, the legend 
of the map or chart will normally specify the graduations shown. 


e Grid Coordinates. To specify Grid coordinates of a point, the Eastings 
(measured from the western edge of the graduations) are stated first, followed 
by the Northings (measured from the southern edge of the graduations). 


e — 4-Figure Grid References. Using the 1 kilometre square graduations, a 
4-figure grid reference (eg ‘0588’ at Fig 4-25 below) will specify a position 
to an accuracy of 1000 metres; it is in fact an ‘area’ rather than a ‘point’. 


e — 6-Figure Grid References. By estimating tenths in the 1 kilometre square 
graduations, a 6-figure grid reference (eg “White Head Light’ at Grid 
‘040874’ in Fig 4-25) will specify a position to an accuracy of 100 metres. 


e — 8-Figure Grid References. By estimating hundredths in the 1 kilometre 
square graduations, an 8-figure grid reference (eg “White Head Light’ at Grid 
‘03988743’ in Fig 4-25 below) will specify a position to an accuracy of 
10 metres. This level of accuracy is difficult to measure without a large Scale 
map or chart, but can be obtained by observation on the ground with a hand- 
held DGPS receiver, or by computer transformation of accurate Latitude and 
Longitude positions (see Para 0451i overleaf). 
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Fig 4-25. UTM - 4, 6 and 8 Figure Grid References 


Note 4-6. The UTM Grid in Fig 4-25 is clearly not aligned exactly North-South, but is 
offset by the Grid Convergence / Grid Orientation due to this chart showing an Area 
some distance from the Central Meridian (see details at Para 0450e). 
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(0451) i. UTM Grid Conversions - ‘Silent’ Figures. When converting from Latitude / 
Longitude to UTM Grid using computerised navigation systems (eg ECDIS or WECDIS) 
or even navaids (eg DGPS / GPS receivers), the full Grid coordinates to the nearest 
hundredth of a metre are normally given. The two-letter identifiers used to identify the 
100,000 metre squares are normally replaced by figures (see Paras 0451e/g). This 
generates potentially confusing additional figures in addition to the 6 or 8 figure Grid 
references at Para 0451h (previous page). When converting from UTM Grid to Latitude 
/ Longitude, to avoid ambiguity, care must be taken use the full UTM Grid reference and 
to specify the Central Meridian and hemisphere. 
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White Head Light Example. In the case of the example of White Head Light 
(58° 31.01'N 004° 38.90'W [WGS 84]) at Para 0451h / Fig 4-25 (previous 
page), the full UTM Grid coordinates to the nearest hundredth of a metre (as 
provided by WECDIS) are: 403982.17 (Eastings), 6487431.13 (Northings). 


‘Silent’ Figures - “The Key’. The key to decoding these coordinates is that 
the figures to the left of the decimal point (in order to the left) are: metres / 
tens of metres / hundreds of metres / thousands of metres etc. 


6-Figure Grid References. Thus, if a 6-figure Grid reference (ie accurate to 
100 metres) is needed, ignore the first two figures to the left of the decimal 
point (ie metres / tens of metres), take the next three figures (rounded to the 
nearest significant figure) and ignore the figures further left to obtain Grid 
reference ‘040874’ (see Table 4-5a below - significant figures underlined): 


Table 4-5a. Decode of Full Grid Reference to 6-Figure Grid Reference 


Full Grid Reference 6-Figure Grid Reference 
(1/100th metre accuracy) (100 metre accuracy) 


Eastings 403982.17 040 (rounded up) 
Northings 6487431.13 874 (rounded down) 


8-Figure Grid References. Thus, if an 8-figure Grid reference (ie accurate 
to 10 metres) is needed, ignore the first figure to the left of the decimal point 
(ie metres), take the next four figures (rounded to the nearest significant 
figure) and ignore the figures further left to obtain Grid reference 
‘03988743’ (see Table 4-5b below - significant figures underlined): 


Table 4-5b. Decode of Full Grid Reference to 8-Figure Grid Reference 


Full Grid Reference 8-Figure Grid Reference 
(1/100th metre accuracy) (10 metre accuracy) 


Eastings 403982.17 0398 (rounded down) 
Northings 6487431.13 8743 (rounded down) 


‘Silent’ Figures on the Map / Chart. The map or chart will normally show 
the ‘silent’ figures in small print at the edge of the map / chart where major 
Grid intersections occur. Some reference to these ‘silent’ figures may also be 
mentioned in the map / chart legend. 
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0452. British (Ordnance Survey) National Grid 

The British National Grid is used for Ordnance Survey mapping of UK; it differs from 
UTM only in that it has a non-standard Central Meridian / Grid Origin, a non-standard False 
Origin and the UK Transverse Mercator (UKTM) Projection used is referenced to the Airy 
Spheroid / OSGB 36 Datum, rather than to the WGS 84 Spheroid / Datum. 


a. UTM Grid Covering UK. The UTM Grid covering UK has an inconvenient 
change of Zone on either side of the Prime (Greenwich) Meridian, which straddles UK. 
To the West, Zone *30U” has a Central Meridian of 3°W and covers from 6° W-0°, while 
to the East, Zone ‘31U’ has a Central Meridian of 3"E and covers from 0°-6°E (see 
Fig 4-26 below). Thus to use UTM Grid in UK would mean using coordinate systems 
from several different Zones. 


b. British National Grid. To overcome this difficulty, the British National Grid uses 
a Grid Origin of 49°N 002° W with a non-standard Central Meridian of 2°W. Non- 
standard False Eastings of 400,000 metres and False Northings of 100,000 metres are 
applied to give a False Origin located to the South and West of UK (see Fig 4-27 
overleaf). This choice allows all of UK (except Northern Ireland) to be covered by a 
single (non-standard) Zone with positive Grid coordinates. Unlike UTMG Zones which 
are normally limited to a width of 6°(Longitude), the British National Grid is 
approximately 12%” wide at 61°N and 10%°wide at 52°N, thus leading to substantial 
Grid Convergence at the extremities. Due to national boundaries, the overall shape of 
the British National Grid 1s not entirely regular (see Fig 4-27 overleaf). 


c. Spheroid and Projection. For historical reasons, the British National Grid is 
based on the UK Transverse Mercator (UKTM) Projection referenced to the Airy 
Spheroid | OSGB 36 Datum. Particular care must be taken when transferring British 
National Grid coordinates to Latitude / Longitude if a different Spheroid (eg WGS 84) 
is involved. 


UTM Grid Zones 30U / 31U Boundary ( 0°) 


] 
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Width of 


British National Grid 
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Note: UTMG Convergences 
are exaggerated for clarity, 
thus outer (E/W) UTMG Zone 
boundaries are not shown. 
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Fig 4-26. UTM Grid Zones Covering UK and British National Grid Widths 
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(0452) d. Simplified Diagram of British National Grid. A simplified diagram of the British 
National Grid (source STANAG 2211) 1s at Fig 4-27 below. 
Kilometres 


Eastings 
300 400 


False Origin of -~ 
British National Grid True Origin of >@ Co-ordinates of True Origin 
British National Grid +400,000 metres E 
49°N 2°W —100,000 metres N 


Fig 4-27. Simplified Diagram of British National Grid (source STANAG 2211) 


0453. Other National Grids 

For the same reasons that the British National Grid differs from UTM Grid, certain other 
nations have dedicated Grids with non-standard Central Meridians, False Origins and 
Spheroids; these include the Irish Grid, the Nord Maroc Grid, the Sud Maroc Grid, the Nord 
Algerie Grid, the Sud Algerie Grid, the Nord Tunisie Grid and the Sud Tunisie Grid. Details 
of the above Grids are contained in NATO STANAG 2211 (available in the public domain). 


0454. Grivation 
The term ‘Grivation’ is occasionally used for the combination of (Grid) Convergence 
and Magnetic Variation, and is the angular difference between Magnetic North and Grid North. 
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Questions 

A. What is the relationship between IT, 12, 
and ID? | 

B. What is the value of VD? — 

Answers 

A. Remember KCL, IT = 12 + ID _— 

B VD = 0.7 vot — —__ 

19 To find I D , you need to go through the 
following steps because there is no way to 
find | D directly: 

1. Find 12. This ts done using VD = R2 x | 
Za 


2. Find VR. For this, use VR = VS — VD 
(KVL again). 

3. Find IT (the current through R 1). Use V 
R= 1T x Rl. 

4. Find ID . This is found by using IT = I 2 
+ | D (KCL again). 


To find ID in the circuit shown in Figure 
2.21 , go through these steps, and then 
check your answers. 
Figure 2.21 


Para 
0501. 


0510. 
0511. 
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CHAPTER 5 
THE SAILINGS (2) - MORE COMPLEX CALCULATIONS 
CONTENTS 
Scope of Chapter 
SECTION 1 - SPHERICAL MERCATOR SAILING 


Mercator Sailing and Meridional Parts Overviews 
Spherical Rhumb Line Course and Distance From Meridional Parts 


SECTION 2 - SPHERICAL GREAT CIRCLE COMPOSITE TRACK / VERTEX 


0520. 
0521. 
0522. 


0530. 
0531. 


0540. 
0541. 


0550. 
0551. 


Finding the Position of the Vertex of a Great Circle 
Calculating Great Circle Waypoints for a Mercator Chart 
Calculating the Composite Track 


SECTION 3 - SPHEROIDAL RHUMB LINE SAILING 


Rhumb Line Methods and Accuracies 
Calculating the Spheroidal Rhumb Line Course and Distance 


SECTION 4 - SPHEROIDAL GEODESIC (GREAT CIRCLE) SAILING 


Spheroidal Geodesic (Great Circle) Terminology, Methods and Accuracies 
Spheroidal Geodesic - Parametric Latitude (Andoyer-Lambert) Method 


SECTION 5 - COMPARISON AND CHOICE OF METHODS 


Summary of Methods of Calculation Available 
Choice of Methods 
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CHAPTER 5 
THE SAILINGS (2) - MORE COMPLEX CALCULATIONS 
0501. Scope of Chapter 


a. Sailings (1). Chapter 2 introduced ‘Sailings (1)’ (1e Parallel Sailing, Plane 
Sailing, Mean Latitude Sailing / Corrected Mean Latitude Sailing, Traverse Sailing and 
brief overviews of Mercator Sailing and Spherical / Spheroidal Great Circle Sailing). 


b. Sailings (2). Chapter 5 deals with the more complex calculations of ‘Sailings (2)’, 
consisting of: 


e Spherical Mercator Sailing. 

e Spherical Great Circle Composite Track and Vertex. 
e  Spheroidal Rhumb Line Sailing. 

e  Spheroidal Great Circle Sailing. 


0502-0509. Spare 
SECTION 1 - SPHERICAL MERCATOR SAILING 


0510. Mercator Sailing and Meridional Parts Overviews 
A very brief overview of Mercator Sailing is given at Para 0207; a detailed explanation 
of Meridional Parts is at Para 0422. 


a. Meridional Parts. The number of Meridional Parts on a Meridian of the Sphere 
for any Latitude @ is established at Para 0422e, as follows: 


Meridional Parts = 7915.7045 log ,gtan| 45°+ a ... (formula 4.1) 


b. Difference of Meridional Parts (DMP). The term ‘Difference of Meridional Parts 


(DMP)’ is explained at Para 0422d; an extract is repeated below for the convenience of 
readers: 


(Extract fromPara 0422d): Where the two positions are both remote from the Equator, 
their relative position may be determined by the difference between their individual 
Meridional Parts, which gives the number of Longitude Units in the length of a Meridian 
between the two Parallels of Latitude. This length is usually referred to as the 
‘Difference of Meridional Parts’ and written as ‘DMP’. 
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0511. Spherical Rhumb Line Course and Distance From Meridional Parts 

Spherical Mercator Sailing (Rhumb Line) Course and Distance may be found by 
Spherical Meridional Parts calculations, although in different circumstances the appropriate or 
inappropriate choice of a particular formula can affect the accuracy of the calculation. 


a. Difference of Meridional Parts. From the explanation at Para 0422d (repeated 
at Para 0510b previous page), the number of Meridional Parts in the length MT of a 
Meridian on a Mercator Projection chart between the Parallels of Latitude through two 
points F and T (see Figs 5-1a/b below) is the ‘Difference of Meridional Parts (DMP)’. 


b. Course by Meridional Parts. From Para 051 la (above), it follows that: 


e Same Hemisphere. If F and T are on the same side of the Equator (see Fig 
5-la below), then: 


Meridional Parts TF = Meridional Parts T minus Meridional Parts F ... 5.1 


e Opposite Hemispheres. If F and T are on opposite sides of the Equator (see 
Fig 5-1b below), then: 


Meridional Parts TF = Meridional Parts T plus Meridional Parts F ...5.2 


e Course. From the triangle FTM (see Fig 5-1a/b below), it follows: 
FM d.long (E /W) 


tan Course = — = 
ee PETES" MT DMP N/S) 


.5.3 
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Figs 5-1a/b. Difference of Meridional Parts - Same and Opposite Hemispheres 
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(0511) c. Course by Departure. An alternative method for finding the Course is by the 
Departure method (see Para 0204a): 
tan Course = te te E . . . (formula 2.4) 
d.lat 
d. Comparison of Methods for Finding Course. The relation between the two 
methods of finding the Course is shown at Fig 5-2 (below). The use of the Departure 
formula (2.4) involves finding a Corrected Mean Latitude (see Paras 0205b/c), if an 
error in the Course is to be avoided. For this reason, the DMP formula is preferred. 


e Course by Meridional Parts. In the Meridional Parts method, d.lat (FM, ) 
is stretched into DMP (FM) and d.long (MT) remains unchanged, te: 


d.long 
DMP 


tan Course = ... (formula 5.3) 
e Course by Departure. In the Departure method, d.lat (FM,) remains 
unchanged and d.long (MT) is compressed into Departure (MT), ie: 
Departure 


tan C AS ... (formula 2.4 
an Course rir ( ) 


Departure 


~~ Course 


Fig 5-2. Comparison of Methods for Finding Course 


e. Finding Rhumb Line Distance - Method 1. The Course angle obtained by 
formula (5.3) 1s exact, irrespective of the length of Distance (FT). The Rhumb Line 
Distance, as in Plane Sailing, is obtained from formula (2.3) re-arranged as follows: 


Distance = d.lat sec Course ... 5.4 


Formula (5.4) is quite satisfactory in use for Course angles approaching 90. There 1s, 
however, a fundamental weakness in this formula at Course angles between 60° and 90° 
because (see Note 2-1 at Para 0204a), small errors in the Course introduce increasingly 
large errors in the Distance. When using tables in these circumstances it 1s preferable 
to use the formula in Method 2 (see Para 0511f overleaf). See also Note 5-1 overleaf. 
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(0511) f. Finding Rhumb Line Distance - Method 2. Instead of Method 1 (Para 051le 
previous page), the Rhumb Line Distance may also be obtained by formulae (5.5) or 
(5.6), particularly when the Course angle is between 60° and 90”. 


, d.lon 
either: Distance = d.lat 2 cosec Course mee 
DMP 
or: Distance = Departure Cosec Course £5 43.0 


Note 5-1. The Rhumb Line Distance may also be found from formula (2.7) using a 
Corrected Mean Latitude, but as formula (2.7) can be manipulated into the Meridional 
Parts formula (5.3) by use of formulae (2.5) and (2.4), this will always give the same 
results for Course (and thence Distance) as formula (5.3). 


Example 5-1: Rhumb Line Course and Distance (Spherical Mercator Sailing) 
What is the Rhumb Line Course and Distance by Mercator Sailing from F (45°N, 140°E) 
to T (65°N, 110°W) (the same positions as in the Great Circle Example 2-6 at Para 0211)? 


d.long (FT) =110E = 6600'E 
d.lat (FT) = 20N=1200'N 


e DMP (FT): 
65° ... (formula 4.1) 
Meriodinal Parts T = 7915.7045 log , y tan (45 > | = 5178.81 


O 


45 
> = 3029.94 


Meriodinal Parts F = 7915.7045 log , tan (45 
DMP (FT) = 2148.87N 


e Course: 
_ d.long(E) 


tan Course = 
DMP(N) 
E 6600 
2148.87 


. (formula 5.3) 


= 3.0713817 
Course = N71.965457 °= 072° 


e Distance: 


Either: 
Distance = d.lat sec Course ... (formula 5.4) 
= 1200' sec 71.965457 °= 3876'.09 
Or: d.long ... (formula 5.5) 


Distance = d.lat cosec Course 


DM. 


= 1200'x 3.0713817 Cosec 71.965457°= 3876.09" 


0512-0519. Spare 
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SECTION 2 - SPHERICAL GREAT CIRCLE COMPOSITE TRACK / VERTEX 


0520. Finding the Position of the Vertex of a Great Circle 
The concepts of the Vertex and the Composite Track were introduced at Para 0209. The 
calculations of the Vertex and the Composite Track are given below. 


a. The Vertex. The point at which a Great Circle most nearly approaches the Pole 
is called its Vertex - shown as ‘V at Fig 5-3 (below). Ifa series of Parallels of Latitude 
are drawn, one Parallel of Latitude will touch the Great Circle FT at V. As the Great 
Circle and the Parallel of Latitude touch at V and the Meridian PV cuts the Parallel of 
Latitude at right angles, 1t also cuts the Great Circle at right angles; thus the Spherical 
Triangles PFV and PTV are both right-angled at V (ie angles PVF and PVT = 90°) and 
can be easily solved mathematically. 


Fig 5-3. The Vertex (V) of a Great Circle (FT) 


b. Location of the Vertex. The Vertex may NOT be located between F and T. Only 
one plane cuts the Sphere to create a Great Circle joining F and T. Depending on the 
positions of F and T, the Vertex (ie point at which it most nearly approaches the Pole) 
may be beyond F or T (eg if the final Course angle is < 90°, the Vertex lies beyond T). 


c. Longitude of the Vertex. The Vertex Longitude can be found from the formula: 


tan d.long VT = tan Lat F cot Lat T cosec d.long FT - cot d.long FT ...5.8 


d. Latitude of the Vertex. The Vertex Latitude may be found from the formula: 
cot Lat V = cot Lat F cos d.long FV aie? 
e. Napier’s Rules. Alternatively, ifthe initial Course has been found, the position of 
Vertex V can be obtained from Napier ’s Rules (see Appendix 2 Para 10). Thus: 
cos Lat V = cos Lat F sin initial Course ... 3.10 


tan d.long FV =cosec Lat F cot initial Course ... 5.11 


f. Example. An illustration of a Vertex calculation is at Example 5-2 (overleaf). 
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(0520f continued) 
Example 5-2: Calculating the Position of the Vertex (Spherical Great Circle Sailing) 

On the Spherical Great Circle F (45°N, 140°E) to T (65°N, 110°W) in Example 2-6, find 
the Vertex position. 


From Napier’s Rules: 
e Latitude of Vertex: 
cos Lat Vertex = cos Lat F sin initial Course . . . (formula 5.10) 
= cos Lat 45 “sin 28.122305” 
Lat Vertex = 70.530896 N = 70 31'.85N 
e Longitude of Vertex: 
tan d.long FV =cosec Lat F cot initial Course ... (formula 5.11) 
= cosec 45 “cot 28.122305 ° 
d.long FV = 69.297735 E = 69 17'86E 
Long Vertex = 150°70227W = 150 42' 14W 


0521. Calculating Great Circle Waypoints for a Mercator Chart 

The simplest method of calculating Great Circle Waypoints for a Mercator Projection 
chart 1s to select and transfer them from a Gnomonic Projection chart (see Para 0441). However, 
if a Gnomonic Projection chart is not available, the Waypoints can be calculated with reference 
to the Vertex or to an intermediate Meridian. The latter method is used by HM Nautical 
Almanac Office’s NAVPAC program (available from UKHO as DP330; see details at Paras 
0210a/0551a). 


a. Vertex Method. There is no simple formula for finding where a Great Circle track 
cuts Parallels of Latitude without knowing the position of the Vertex. The ‘Vertex 
Method” 1s as follows 


e Vertex. Find the position of the Vertex V [formulae (5.10), (5.11)]. 


e Waypoints. Waypoints are calculated from the following formula, where G 
is any position on the Great Circle joining F and T (see Fig 5-4 opposite). The 
results may be tabulated (see Example 5-3 opposite). 


Either: cos d.long VG = cot Lat V tan Lat G A 
Or: tan Lat G = tan Lat V cos d.long VG TEA ES 


b. Meridian Method. The *Meridian Method” may be used to find the Latitude where 
a Great Circle track cuts an intermediate Meridian, without the need to find the position 
of the Vertex. However, if a number of intersections are required, it is simpler to use the 
Vertex method at Para 0521a (above). 


tan Lat F sin d.long GT + tan Lat T sin d.long FG 5.14 
ian Lat = — e A 
sin d.long FT 
c. Plotting. Once calculated, the Waypoints may be plotted on the Mercator 
Projection chart and joined by means of a series of Rhumb Lines (see Para 044 1b). 
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(0521 continued) 


Fig 5-4. Calculating Great Circle Waypoints (‘G’, etc) for a Mercator Chart 


Example 5-3: Calculating Spherical Great Circle Waypoints for a Mercator Chart 

Find the Latitudes where the Spherical Great Circle track F (45°N, 140°E) to T (65°N, 
110°W) used in Example 5-2 (opposite), cuts the Meridians of 150°E, 160°E, 170°E, 180°, 
170°W, 160°W, 150°W, 140°W, 130°W, 120°W. (F (45°N, 140°E), T (65°N, 110°W).) 


e Calculation and Tabulation. Using formula (5.13) for a series of Latitudes, a 
Table / Tables (similar to Tables 5-1a/b, below) may be prepared. 


Table 5-1a. Table of Calculated Great Circle Waypoints for a Mercator Chart 
Longitude 


VG (d.long) | 59.298 49°.298 39°.298 29° .298 19°.298 
| Latitude D 33 15)! 61°32'.3 65°26'.9 67°56'.1 69°28'.0 


Table 5-1b. Table of Calculated Great Circle Waypoints for a Mercator Chart 
Longitude 


VG (d.long) 


Latitude D 
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0522. Calculating the Composite Track 

The concepts and definitions for the Composite Track were explained at Para 0209, to 
which reference should be made before proceeding further. In summary, the Composite Track 
is formed by two Great Circle arcs joined at their Vertices by the ‘Safe Parallel” of Latitude. 
It is normally used to avoid high Latitudes due to the danger of ice. 


a. High Latitude Situation. Fig 5-5 (below) illustrates a high Latitude situation, 
showing: 
e The Safe Parallel [of Latitude] (LABM). 
° The Great Circle (FLVMT) joining F and T. 
. The Composite Track (FABT) in which FA and BT are Great Circle arcs 
touching the Safe Parallel at A and B. 
e AB is part of the Safe Parallel and comprises part of the Composite Track. 


DANGER AREA 
s (ABOVE SAFE PARALLEL) 


Safe Parallel Composite Track: 
Composite Track: Great Circle Arc BT, 
Composite Track: Safe Parallel Arc AB with its Vertex touching 
Great Circle Arc FA, the ‘Safe Parallel’ at B 
with its Vertex touching 
the ‘Safe Parallel’ atA 


Fig 5-5. High Latitude Situation - The Composite Track (Copy of Fig 2-12) 


b. Calculation. The positions of A and B are quickly found because the Course angles 
at A and B are right angles (Meridians and Parallels of Latitude intersect at 90°). Also, 
along the Parallel of Latitude AB, the ship is steering a Course of 090°/270°. 


e If the Latitude of the Safe Parallel (LABM) is o : 
AB = d.long cos o ..5.15a 
e Using the formulae for a Spherical right-angled triangle: 
cos PF = cos PA cos FA 


cos PF 
FA = . 5.15 
dl cos PA 
sin FA 
SAMLAS y Pr 5,16 


e Formula (5.15) gives the length of the Great Circle arc FA. Formula (5.16) 
gives the d.long between F and A by which the position of A may be found. 
BT may also be found in a similar manner. 
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Questions 


A 12 = 
B, VR = 
C ITs č — 
D. ID = č 
Answers 

A. 


Vp  0.7volt  0.7volt 


I, = = | = 0.0lampere = 1OmA 
R; R; 70ohms | 
B VR = VS - VD = 5 volts - 0.7 volt = 
4.3 volts 
Es 
Ve 4.3 volts 
[r= = = (), lampere = 100 mA 
R, 43 ohms 
D. ID = IT - 12 = 100 mA - 10mA = 90 
mA 
20 For this problem, refer to your answers 


in problem 19. 

Question 

What is the power dissipation of the diode in 
problem 19? 


Answer 
P = VD x ID = (0.7 volt)(90 mA) = 63 
milliwatts 
21 To find the current itn the diode for the 
circuit shown in Figure 2.22 , answer the 


following questions in order. 
Figure 2.22 
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Example 5-4: Calculating Spherical Composite Track 

Find the Spherical Composite Track Distance F (45°N, 140°E) to T (65"N, 110°W), when 
a Safe Parallel of Latitude 67 N is applied (see Fig 5-6 below). F and T are the same 
coordinates as in Examples 5-2 and 5-3. 


Total Distance. The total Composite Track Distance = FA + AB + BT 


Distance FA: 
cos PF _ COS 45° 


cos PA cos 23° 
FA = 39.809911° = 3948'6 = 2388.6 miles 


cos FA = . . . (formula 5.15) 


Distance BT: PT 
cos BT = a T (formula 5.15) 
cos PB 
BT = 10.075896° = 1004'6 = 604.6 miles 
Longitude A: 
l sin FA sin 39.80991 1° . . . (formula 5.16) 
sin FPA = — o S 
sin PF sin 45° 


FPA = 64.882575° = 6453'E 
Longitude of A is thus: 180 + 40 - 64 53' = 155 07'W. 


Longitude B: 


sn TPR = es _ sinl0" 075896 ... (formula 5.16) 


sin PT y sin25° 
TPB = 24.454656° = 2427.3 W 
Longitude of B is thus: 110 + 24 27'.3 = 134 27'.3 W. 


Distance AB: 
FPT =40°+ 70°=110° 
Latitude of A and B is 67'N (Safe Parallel of Latitude) 
AB =APB cos 67° . . (formula 5.15a) 
= [FPT - (FPA + TPB)] cos 67° 
= 20.662769 "cos 67 ° 
= 8.0735870 ° = 484.4 miles 


Composite Track Distance FABT: 
FABT = 2388.6 + 604.6 + 484.4 miles = 3477.6 miles 


Courses from F to A and B to T: Course from F to A and B to T may be 
found by any of the methods listed at Para 0210. 


0523-0529. Spare. 
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SECTION 3 - SPHEROIDAL RHUMB LINE SAILING 


0530. Rhumb Line Methods and Accuracies 

Provided that the Meridional Parts and the length of the Meridional Arc (eg Arc ‘EM’ 
in Fig 5-6 below), between the Latitudes of the two places are computed for the Spheroid, an 
accurate Rhumb Line Course and Distance may be calculated for any Spheroid. If Spherical 
formulae (ie Paras 0204-0205 and 0511) are used without correction for the Spheroid, the Rhumb 
Line solution will be inaccurate (up to 0.5% error), depending on Course, Distance and Latitude. 


0531. Calculating the Spheroidal Rhumb Line Course and Distance 


a. Meridional Parts for the Spheroid. Meridional Parts for the Clarke Spheroid 
(1880) are tabulated in Norie’s Nautical Tables (NP 320). Itis shown at Appendix 5 that 
the Meridional Parts ‘m’ may be evaluated for any Spheroid, from the formula: 


10800 
m = 


L 1 ER 
tog, tan (4574 a - e'sinL - zesin Le sin Lo. | ...5.21a 


From (5.21a), a simplified numerical formula (ignoring e° and higher powers) for the 
WGS 84 Spheroid, giving the Meridional Parts ‘m’ correct to four decimal places 1s: 


O 


L 
- 23.01358 sin L- 0.05135 sin”L  ...5.21b 


m = 7915. 704510g „tan| 45+ 


b. Calculation of the Rhumb Line Course. The Rhumb Line Course may now be 
calculated from formula (5.22), where m, and m, are the Meridional Parts evaluated 
from formula (5.21b) for the start and end points of the Rhumb Line: 
d. lon d.lon 
tan Course = E 2 ... 5.22 
m, £m, DMP 
c. Length of the Meridional Arc. Itis shown at Appendix 5 that the length “0” of 
the Meridional Arc ‘EM’ (see Fig 5-6 below) may be found from the formula: 
ep 3e 3e? 3e? 15e* 


C= d 9- — sin2@- 54 p- 3 sin2@ + e cina) [6 inradians|. . 5.24 


Fig 5-6. Length of the Spheroidal Meridional Arc 
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(0531) d. Length of the Meridional Arc in WGS 84. For the WGS 84 Spheroid, where 
values of a and e” from Table 3-1 (see Para 0322) are applied (taking care to select the 
correct units), formula 5.24 may be simplified with negligible loss of accuracy, as: 


£ = 60.0070- 8.660 sin 26+ 0.009 sin4@ |ø in degrees]... 5.24a 


e. Calculation of the Rhumb Line Distance. The Rhumb Line Distance may now 

be calculated, using the Course calculated from formula (5.22) and the Meridional Arcs 

‘0? calculated from formula (5.24) for the start and end points of the Rhumb Line. 
Distance =(0,+2,) sec Course ees, 


Example 5-5: Calculating Spheroidal Rhumb Line Course and Distance 
Find Rhumb Line Course and Distance from F (40°43'N, 74°00'W) to T (55°45'S, 
37°37'E) on the WGS 84 Spheroid. 


e Meridional Parts for the Spheroid: 


O 


L 
; )- 23.01358 sin L- 0.05135 sin*L ... (formula 5.21b) 


m = 7915. 70451og „tan| 45*+ 


Thus: m, (F) = 2664.094 
m, (T) -4028.114 
DMP -6692.208 (ie 6692.208 S) 


° Calculation of the Rhumb Line Course: 


d.long  d.long 
m,tm, DMP 


d.long =111'37E=6697'E 


tan Course = . (formula 5.22) 


+m 


Thus: tan Course 6697 = -6692.208 


Course = -45 021 =845.021 E = 134.98 . . . (formula 5.22) 
e Calculation of the Length of the Meridional Arcs: 
4 
f= alo eo qe o Je 37 3in20+ ze sind) oe (formula 5.24) 


a = 3443.918467 n. ae 
Lat F ( o ) =40.716°= 0.71063989 radians 
LatT(@) =55.750°= 0.97302106 radians 


Thus: 0, = 2434.724 n. miles 0, = 3337.326 n. miles 
e Calculation of the Rhumb Line Distance: 
Distance = (l, + l,)sec Course . . . (formula 5.23) 
= 8165.83 n. miles . . . (formula 5.23) 


Note 5.2. Lengths of the Meridional Arcs for WGS 84 by the simplified formula (5.24a) are: 
0, = 2434.724 n. miles, l, = 3337.327 n. miles 


Note 5.3. Full accuracy figures were used in the above calculations, but all intermediate and 
final answers shown (above) have been simplified to a lower numbers of decimal places. 


0532-0539. Spare. 


5-13 
Original 


BR 45(1)(1) 
THE SAILINGS (2) - MORE COMPLEX CALCULATIONS 


0540. 
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SECTION 4 - SPHEROIDAL GEODESIC (GREAT CIRCLE) SAILING 
Spheroidal Geodesic (Great Circle) Terminology, Methods and Accuracies 


a. Geodesic - Definition and Properties. The definition of a Great Circle was stated 
and the concept of a Geodesic was introduced at Para 0111c. A full explanation of a 
Geodesic 1s as follows. 


e Geodesic - Definition. A Geodesic 1s the intersection of a Spheroidal surface 
and a plane which passes through the centre of the Spheroid. 


. Geodesic - Properties. A Geodesic 1s the shortest distance between two 
points on the surface of a Spheroid. 


e Geodesic - Equivalence to Great Circle Properties. The Geodesic (on a 
Spheroid) is the equivalent of a Great Circle on a Sphere; it properties and use 
are similar to those of a Great Circle (see details at Para 0115). 


b. Geodesic - Common Usage and Precise Terminology. In everyday colloquial 
use, the terms Great Circle (in lieu of Geodesic) and Small Circle are usually applied 
to the Earth’s Oblate Spheroidal shape. However, within this Section (Paras 0540-0541) 
and in Appendix 5, to avoid any possible mathematical confusion, the precise 
terminology is used. Elsewhere in this book, the colloquial usage of Great Circle is 
normally adopted to include the meaning of Geodesic. 


c. Methods for Calculating Geodesics. There are a variety of solutions for 
computing the Geodesic; some of these use the Geodetic Latitude (see Para 0312) and 
some the Parametric Latitude (see Para 0313). Some of the formulae required are too 
complex for general use, but one of the most suitable formulae is the Andoyer-Lambert 
method using Parametric Latitude, which 1s fully explained at Para 0541 (opposite). 


d. Summary of the Andoyer-Lambert (Parametric Latitude) Method. In this 
method, Distance and Course are pre-computed on a Sphere of radius equal to the semi- 
major axis of the Spheroid on which the positions are located. Corrections are then 
made to obtain the corresponding Spheroidal values. 


e. Accuracy of the Andoyer-Lambert (Parametric Latitude) Method. The 
Andoyer-Lambert (Parametric Latitude) method 1s extremely accurate and has been 
adopted by the Royal Navy and the US Naval Oceanographic Office for navigational 
use. The magnitude of errors are as follows: 


° Distance Error. This method has a maximum Distance error of 1 metre at 
500 n.miles (0.00011 %) and 7 metres at 6000 n.miles (0.000063 %). 


. Course Error. Course 1s correct to within 1 second of arc with this method. 
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Spheroidal Geodesic - Parametric Latitude (Andoyer-Lambert) Method 


a. Sign Convention. In this calculation, Latitude N, Longitude E, and d.long E are 
given a positive (+) value, while Latitude S, Longitude W, and d.long W are given a 
negative (-) value. 


b. Conversion of Geodetic to Parametric Latitudes. Geodetic Latitudes (@ ) are 
reduced to Parametric Latitudes( P) using ‘a’ and ‘b’ as the Equatorial and Polar radii 
respectively (see Para 0313) in formula (3.7): 


b 
tan P= —tan @ ... (formula 3.7) 
a 


c. Initial Geodesic Course. The Geodesic Azimuth (and thence initial Course) from 
F (Parametric Latitude B, )to T (Parametric Latitude B, ) is found from formula (5.25): 
sin d.long 


tan Azimuth = — A Be n 
A cos P, tan P, - sin P cos d.long =e 


d. Spherical Distance. The Spherical Distance ( O ) is calculated in degrees from 
formula (2.9) and then converted into radians for use with the Spheroidal Corrections 
at Para 0541e (below): 


cos O = sin B, sin B, + cos B, cos B, cos d.long ... (formula 2.9) 


e. Spheroidal Corrections. The Spheroidal Correction s M, N, U, V are now 
calculated as follows: 


M = (sin B, + sin BY ...5.25a 
N = (sin B, - sin BY ...5.25b 
U = O- sin O I l j ] 
= A ane O in radians ...5.25¢€ 
O+ sin O 
P a == lo in radians] ...5.25d 
l- cos O 


f. Further Small Spheroidal Corrections. A further small Spheroidal Correction 
(in seconds) may be applied for extreme accuracy, but for practical purposes this may 
usually be ignored, and is not covered here. 


g. Geodesic Distance. Finally, the Geodesic Distance is calculated from formula 
(5.26), where ‘a’ is the Equatorial radius measured in International Nautical Miles and 
f “1s the Flattening coefficient for the Spheroid in use (see Table 3-1 at Para 0322 ): 


Geodesic Distance lin radians| = o- Lu U+ NV) ...95.26a 


E mU + NV) ...5.26 


Geodesic Distance lin nautical miles| -alo- 
lo in radians | 


h. Example. An illustration of this calculation is at Example 5-6 overleaf. 
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(0541 continued) 


Example 5-6. Calculating Spheroidal Geodesic Initial Course and Distance 
What is the Geodesic initial Course and Distance from point F (40°43'N, 74°00'W) to 
point T (55°45'S, 37°37'E) on the WGS 84 Spheroid? See Fig 5-7 (below). 


(Geodetic Latitude) Ø, 


Track 
(Distance) 


Fig 5-7. Spheroidal Geodesic Initial Course and Distance 


o Conversion of Geodetic to Parametric Latitudes: 


a = 6,378,137m +1852 = 3443.918467 n. miles (see Table 3-1 at Para 0322) 
b = 6,356,752.314m + 1852 = 3432.37166 n. miles (see Table 3-1 at Para 0322) 


d.long = +111.61667 * 


É, = + 40.71667° O, = — 55.75" 
tan f= ~ tan ø _. . (formula 3.7) 
Thus: B, = + 40.62155172° B, =-55°66042739° 
e Initial Geodesic Course: 
l sin d.long 
tan Azimuth = —— z zs . . . (formula 5.25) 


cos P, tan P, - sin P cos d.long 
Azimuth = 133.140’ or 313.140 ° 


By Inspection: Course = 133.1" 


e Spherical Distance (© ): 
cos O = sin B, sin B, + cos B, cos B, cos d.long ... (formula 2.9) 


© =134.0526724" = 2.3396605 radians 
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(0541 Example 5-6 continued) 


e Spheroidal Corrections: 


M = (sin B, + sin BY . . . (formula 5.25a) 
= 0.030502 


N = (sin B, - sin B,” ... (formula 5.25b) 
= 2.180845 
O- sin O 


= lo > radians] . . . (formula 5.25c) 
l+ cos O 


= 5.320193 


O+ sin O 


V — . . 
l- cos O lo a radians] . . (formula 5.25d) 


= 1.804003 


° Geodesic Distance: 


f = 0.005353528107 (see Table 3-1 at Para 0322) 


Geodesic Distance lin nautical miles| = alo-— 
lo in radians] 


KISS 


(MU + NV)| ... (formula 5.26) 


Geodesic Distance = 8045.775 n. miles 


Note 5.4. Full accuracy figures were used in the above calculations, but all intermediate and 
final answers shown (above) have been simplified to a lower numbers of decimal places. 


0542-0549. Spare. 


5-17 
Original 


BR 45(1)(1) 
THE SAILINGS (2) - MORE COMPLEX CALCULATIONS 


0550. 
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SECTION 5 - COMPARISON AND CHOICE OF METHODS 
Summary of Methods of Calculation Available (New) 


a. Mathematical Concepts and Calculations. Chapters 1-5, supported by 
Appendices 1-5, have presented the reader with a detailed mathematical explanation of 
the shape of the Earth and the calculations necessary to create charts and plan Sailings. 
This provides the mariner with a thorough understanding of the fundamental ‘tools of 
the trade’, together with a working knowledge of their capabilities and limitations. It 
thus provides a firm foundation on which practical use of automated systems (eg ECDIS 
/ WECDIS etc) may be carried out with confidence. 


b. Practical Solutions to Calculations. In the current age of computerised navigation 
systems (eg ECDIS / WECDIS) and very capable stand-alone software (eg HM Nautical 
Almanac Office NAVPAC program [UKHO - DP 330] ), in practice, it is unlikely that 
mariners will need to resort to lengthy hand-calculations, even with the assistance of 
programmable calculators or computer spreadsheets. However, care must be taken with 
computerised navigation systems (eg ECDIS / WECDIS) and stand-alone software that 
the user fully understands the parameters (ie Spheroidal / Spherical / Flat Earth) of the 
automatic calculation being performed. In the case of Spheroidal calculations, the user 
must also know which Spheroid / Geodetic Datum is being employed. 


Choice of Methods 


a. NAVPAC. In the Royal Navy, the use of HM Nautical Almanac Offices’s 
NAVPAC program (available from UKHO as DP 330) is regarded as the prime 
authoritative source for Rhumb Line and Great Circle calculations, as well as for astro 
navigation and other calculations. NAVPAC calculates Rhumb Lines on the WGS 84 
Spheriod / Geodetic Datum; Great Circles are calculated on a Spherical basis (ie not 
Geodesics), but a series of Rhumb Lines (with user-defined parameters) are also 
provided automatically for each Great Circle so that convenient Rhumb Line 
approximations may be selected and plotted for practical navigation (see Para 0208e and 
Para 0441b). 


b. ECDIS / WECDIS. Most modern ECDIS / WECDIS provide a method of 
calculating Rhumb Line distance / courses and Great Circle distances on a variety of 
Spheroids Datums as well as on the Sphere. However, the facility provided in NAVPAC 
for automatic user-defined Rhumb Line approximations of Great Circles 1s not normally 
available; if it is not provided, this action will have to be carried out manually on the 
chart-display. 


c. Paper Chart Method. The intended track may be plotted on a paper chart 
(Mercator Projection and/or Gnonomic Projection as appropriate) and the distance / 
course(s) measured. 


d. Manual Calculations by Hand. In the event that none of the above methods are 
available, the necessary calculations (see Chapters | to 5 and Appendices | to 5) may 
have to be carried out by hand. In view of the mathematical complexity of some of the 
equations involved, the use of a computer spreadsheet is strongly recommended. 
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CHAPTER 6 
CHARTS AND PUBLICATIONS - OVERVIEW 
CONTENTS 
Scope of Chapter 
SECTION 1 - CHARTING CONCEPTS AND POLICY 


UK Charting Policy 

Types of Charts 

Organisation of Charts 

Legacy Chart Data 

Digital Chart Production Methods 

Correction and Upkeep of Paper Charts 

Reporting Hydrographic Information - Hydrographic Notes 


SECTION 2 - NAVIGATIONAL CHARTS 


Mercator Projection Charts 

Transverse Mercator Projection Charts 
Gnomonic Projection Charts 

Large Scale Harbour Plans 
Information Shown on Paper Charts 
Information Shown on ENCs 
Selection and Use of Charts 


SECTION 3 - DIGITAL NAVIGATION SYSTEMS AND ELECTRONIC CHARTS 
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0640. 
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Digital Navigation Systems - International Standards 

Digital Navigation Systems - ECS, ECDIS and WECDIS Equipments 
Digital Navigation Systems - Electronic Chart Data 

RNC Raster and ENC Vector Charts - Advantages & Disadvantages 


SECTION 4 - NAVIGATIONAL AND DIGITAL PUBLICATIONS 


UKHO Navigational and Digital Publications (NPs / DP) 
Navigational & Meteorological Stores, ‘RNS’ Forms and Other Stationary Products 
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Questions 
A 12 = č 
B VR = 
C. ITs _—ć č 
D ID =s č 
Answers 
AAN 
250 
B VR = VS VD = 16 - 03 = 1,3 volts 
T 
R, 440 
D. ID = IT - 12 = 1.8 mA 


If you want to take a break soon, this is a 
good stopping point. 


Diode Breakdown 


22 Earlier, you read that if the circuit in 


Project 2.1 was not working correctly, then 
the diode may be in backward. If you place 
the diode in the circuit backward—as shown 


on the right in Figure 2.23 —then almost no 
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CHAPTER 6 
CHARTS AND PUBLICATIONS - OVERVIEW 


0601. Scope of Chapter 

Chapter 6 provides a brief summary of British Admiralty charts and publications. 
Further details of these products may be found at BR 45 Volume 7, and in United Kingdom 
Hydrographic Office (UKHO) publications ‘The Mariners Handbook’ (NP 100) and ‘Catalogue 
of Admiralty Charts and Publications’ (NP 131). This chapter replaces both Chapters 6 and 7 
of the 1987 Edition of this book 


0602-0609. Spare 
SECTION 1 - CHARTING CONCEPTS AND POLICY 


0610. UK Charting Policy 

The policy followed by the UKHO is to chart all waters, ports and harbours in UK 
waters, UK Overseas Territories and certain Commonwealth and other areas on a Scale sufficient 
for the safe navigation of all vessels. Elsewhere overseas, Admiralty charts are schemed to 
enable ships to cross the oceans and proceed along the coasts of the world to reach the 
approaches to ports using the most appropriate Scales. In general, foreign ports are charted by 
UKHO at a Scale adequate for ships under Pilotage (but see Para 0611e). Major ports are 
charted on larger Scales commensurate with their importance or intricacy. Further details are 
at the UKHO publication ‘The Mariners Handbook’ (NP 100). 


0611. Types of Charts 

The following information is a brief overview only; for further details see BR 45 
Volume 7 Chapter 1, “The Mariners Handbook’ (NP 100) Chapter 1 and ‘Catalogue of 
Admiralty Charts and Publications’ (NP 131). 


a. Standard Navigational Charts. Standard navigational charts, which are usually 
Mercator Projection or Transverse Mercator Projection and available commercially 
from the UKHO, make up the vast bulk of a vessel’s chart outfit. They are listed 
primarily in the “Catalogue of Admiralty Charts and Publications’ (NP 131) and (for RN 
/ RFA vessels) in the ‘Chart Correction Log and Folio Index” (NP 133B). 


b. ‘Fleet’ and Other Protectively Marked Charts. Certain charts and diagrams are 
available to authorised users only; they are not listed in NP 131 or made available for 
sale commercially. Some of these charts and diagrams are known as ‘Fleet’ charts and 
many are standard navigational charts overprinted with additional information; 1f so, 
they retain their normal chart number, prefixed by a letter. Their ‘Protective Marking’ 
status varies but, in some cases, where the additional data relates only to information (eg 
exercise area limits) now in the public domain, they have been downgraded to 
‘Unclassified’ while still retaining their ‘Fleet’ status. 


c. Thematic Charts. A variety of ‘Thematic’ charts are available from the UKHO 
including: Routeing Charts, Routeing Guides, Gnomonic Charts, Instructional Charts, 
Hydrographic Practice & Symbol Charts, UK Practice & Exercise (PEXA) Charts, 
Miscellaneous (UK & World Series Thematic) Charts, Astronomical Charts, Climatic 
Charts, Magnetic Variation Charts, Meteorological and Upper Air Charts, Territorial Sea 
Baseline Charts, Tidal Charts, Bathymetric Charts, and ‘Plotting Diagrams and Sheets”. 
Details are listed in the ‘Catalogue of Admiralty Charts & Publications’ (NP 131). 
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(0611) d. X Charts. Ifa new regulation (eg new Traffic Separation Scheme [TSS] ) affecting 


0612. 


a chart is due to come into force on a particular date, UKHO will publish a New Edition 
(NE) of the chart well in advance showing the new information. At that time, the 
existing chart will be authorised to be prefixed *X” and retained until the NE comes into 
force. In the interim, both charts should be corrected for Notices to Mariners (NMs). 


e. Foreign Charts. Foreign Charts may be supplied by UKHO to RN / RFA vessels 
on request, if they are of a better Scale or more appropriate than the UKHO versions. 


Organisation of Charts 


a. Chart Folios. Although charts may be supplied individually, they are also grouped 
together in ‘folios’ by geographical area. Chart outfits are normally supplied to RN / 
RFA vessels in folios, together with the associated Navigational Publications (NPs). 


e Folios 1-100 each provide all the available ‘standard navigation charts’ (see 
Para 061 1a) for a particular geographical area. 


. Folios in the *700 series’ contain “Fleet” charts (see Para 0611b). 


e Folios in the ‘300 series’ contain special diagrams, plotting sheets and 
‘Routeing’ charts etc (see Para 0611c). 


Chart folios are supplied with buckram covers of an appropriate colour and charts are 
arranged in numerical order within each folio. A list of unclassified chart folios is 
contained in ‘Chart / Publication Outfits For HM Ships, RFAs and RMAS” (NP 104). 
A list of protectively marked folios, together with their contents, is listed in the 
‘Catalogue of Classified and Other Charts and Hydrographic Publications’ (NP 111). 


b. Geographical Folio Coverage. Approximate geographical limits of Folios 1-100 
are in the ‘Catalogue of Admiralty Charts & other Hydrographic Publications’ (NP 131). 


Note 6-1. When deciding on the outfit, care must be taken to ensure sufficient folios are held, 
particularly if operating near the boundary of folios (eg the boundaries of folios 1, 7, 8, 9 and 
16 are adjacent, in the southern North Sea / Thames Estuary / Dover Straits area). 
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c. Folio Labels. When chart folios are supplied, a ‘folio label” (H119 for standard 
folios / H82 for Fleet folios) is pasted on the cover showing the folio number, dates of 
issue, the correction state, and the name of ship / submarine to which it has been issued. 


d. Folio Lists. When chart folios are supplied, in addition to the folio label (see Para 
0612c above), a ‘folio list” showing the numbers and titles of the charts contained in the 
folio, the NP numbers and titles of the appropriate volumes of Admiralty Sailing 
Directions (Pilots) and of the Admiralty List of Lights and Fog Signals (ALLFS), and if 
appropriate, any other necessary VP. Duplicate folio lists are also supplied and kept in 
the ‘Chart Correction Log and Folio Index’ (NP 133B). 


e. Local Folios. The number of ‘spare’ charts needed (eg for Pilotage, Blind Pilotage, 
exercises etc) may exceed the capacity of the folio cover (eg Folio 1, which includes 
naval base ports and exercise areas). It 1s thus appropriate to transfer some charts from 
the main folio to a ‘local folio’ for ease of storage and use; a note must be made in the 
‘Chart Correction Log and Folio Index’ (NP 133B) and that the appropriate chart 
corrections must be properly logged and applied (see BR 45 Volume 7 Chapter 4). 


f. RN Backup Folios. UKHO provides ten regional ‘Backup’ folios of paper charts 
for RN / RFA vessels corresponding to the ten regional ARCS areas. 
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0613. Legacy Chart Data 

The compilation and production processes for British Admiralty charts has evolved from 
the days of the quill pen (see below) to [Warship] Electronic Chart Display and Information 
Systems (WECDIS / ECDIS) (see Para 0614). British Admiralty charts are produced by UKHO, 
which is an Agency of the British Ministry of Defence. This department was formed in 1795 
because, it was said, more RN warships were being lost on uncharted or badly charted shoals 
than were being sunk by enemy action. 


a. Sounding Methods. 


+ Lead and Line Soundings: 1795-1935 / 1950. Lead and line was the only 
method of sounding until Echo Sounders came into use in about 1935; the 
hand lead continued for inshore work into the 1950s. A sounding with lead 
and line covered only the few centimetres actually struck by the lead and 
objects less than a metre away from each cast remained undetected. 


e Vertical Echo Soundings: from 1935. Vertical Echo Sounders only examine 
a narrow strip immediately under the hull of the ship, and even on a large- 
Scale harbour chart these strips can be as much as 60 metres apart. 


° Sidescan Sonar: from 1973. Sidescan sonar was introduced in about 1973, 
allowing the detection of shoals and wrecks lying between sounding lines. 


. Examination of Dangers. Until the early 1960s, UKHO did not examine in 
detail any object likely to be deeper than 66 feet (20 metres). 


b. Charted Soundings. Although sidescan sonar has been employed extensively by 
UKHO since 1973, the large majority of charts 1n use are still based on older surveying 
methods. Ships can still find that in every part of the world there are areas which were 
surveyed using the hand lead only. 


c. Uncharted Dangers. For the above reasons, it is still quite possible to find 
uncharted rocks, shoals and wrecks anywhere in the world. Rocky pinnacles rising to 
within 10 metres of the surface have been found in well-used waters (eg approaches to 
Holyhead [Wales] and Auckland [New Zealand]. The 18 metre ‘Walter Shoals’, 
surrounded by great oceanic depths on the route between Cape of Good Hope and Sunda 
Strait, were not discovered until 1962. Itis estimated that there are some 20,000 wrecks 
or underwater obstructions in British coastal waters alone, but the exact position or the 
depth of water over many of them is unknown. For historical reasons, dangers to deep- 
draught ships still exist on continental shelves, even in well recognised shipping lanes 
(see CAUTION below). Thus no chart is infallible. Every chart is liable to be 
incomplete, either through imperfections in the surveys on which it is based, or through 
subsequent alterations to the topography and sea-bed. 


CAUTION 


UNCHARTED DANGERS. Deep-draught ships need to exercise care within the 200 
metre depth contour, even in well recognised shipping lanes, because of the historic limit 
of 20 metres for the examination of dangers. 
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0614. Digital Chart Production Methods 


UKHO methods for modern chart production are as follows. (See Para 0632 for details 


of Vector and Raster digital chart types [ie Electronic Navigation Charts (ENCs), Raster 
Navigation Charts (RNC) and ‘non-f[HO-compliant’ Vector charts] and their legal status.) 
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a. Digitisation of Paper Chart Data. Over some years, navigational data previously 
stored on paper charts has been scanned digitally. The latest version of each RNC and 
paper navigational chart is now held digitally in Raster format in a Raster database. 


b. Input of New Data for Charts. New data for charts is forwarded to the UKHO 
from a very wide range of sources in both analogue and digital formats; however, it can 
only be applied to ENCs which have been produced by UKHO. All new data (eg new 
foreign government charts, textual NMs, new surveys etc) 1s first assessed by the 
appropriate ‘Nautical Chart Branch’ or ‘Specialist Branch’ for safety-criticality before 
appropriate chart action is taken (NM textual correction / block correction for paper 
charts etc). Large NM updates and blocks for paper charts will be issued as NEs for 
ENCs. New data is transformed into the UKHO digital format for charts, as follows: 


e New Data in Digital Format. On receipt of new digital data in the UKHO, 
it is validated and verified to ensure it is fit for purpose. Using the digital 
source as a backdrop to the Raster image of the existing chart, changes are 
captured in Vector format. Once the new information has been captured, it is 
then converted into Raster format and combined with the existing file. 


e New Data NOT in Digital Format. Hard copy data is Raster scanned and 
used as a Raster backdrop to the existing chart, in order to view the existing 
chart and the new data together. The same editing process 1s then followed. 


c. Raster Database. Once a chart has been revised, the digital Raster files are 
returned to the Raster database. The Raster database therefore holds the latest data for 
all UKHO charts. Several products are generated from the Raster database; these 
include paper charts, the (RNC) Admiralty Raster Chart Service (ARCS) version of the 
chart and inputs to the ENC database for the creation of updates and NEs of ENCs. 


d. Paper Chart Production. The Raster database is used to export digital files to the 
computer-to-plate technology, which produces thin aluminium printing plates. These 
plates are used once, for a single multi-colour print run of the full sized paper chart using 
high quality paper and precision printing machines to ensure perfect colour registration. 


e. Notices to Mariners. Notices to Mariners (NM), including their associated tracings 
and colour blocks for pasting onto charts, are produced similarly to paper charts. 
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0615. Correction and Upkeep of Paper Charts 

To be safe and effective, navigational charts (whether in paper or electronic format) must 
be corrected up to date for safety-critical navigational information. The methods of 
promulgating this information are described in detail in “The Mariners Handbook’ (NP 100) 
Chapter 1; the detailed procedures for updating charts are at BR 45 Volume 7 Chapters 5 and 7 
(paper charts) and at BR 45 Volume 8(1) Chapter 8 (charts in electronic format). The following 
information is a brief overview of the methods of promulgating safety-critical navigational 


information. 


a. Promulgation. Safety-critical information is promulgated as follows: 


Permanent Notices to Mariners (NMs). Permanent Notices to Mariners 
(VMs) are issued weekly in hard and soft copy by UKHO. They are usually in 
text but may include a coloured ‘block’ to be pasted over part of the chart. 


Temporary and Preliminary Notices to Mariners (T& Ps). Temporary and 

Preliminary Notices to Mariners (T&Ps) are issued weekly in hard and soft 

copy by UKHO, together with ordinary NMs. They are normally plotted on 

paper charts in pencil and erased when no longer in force. 

> Temporary Notices to Mariners. Temporary Notices to Mariners are 
used when the information is only valid for a limited period. 

>» Preliminary Notices to Mariners. Preliminary Notices to Mariners are 
used when early notification of changes needs to be promulgated (eg 
harbour development work about to take place, or notification that a New 
Chart (NC) / New Edition (NE) 1s about to be published). 


Local Notices to Mariners. Local NMs are issued by local authorities. 


New Editions (NEs) / New Charts (NCs). When substantial chart changes 
have accumulated UKHO will issue a New Edition (NE), or 1f the boundaries 
/ number have changed will issue a New Chart (NC). A Preliminary Notice 
to Mariners will normally precede the issue of a NC / NE. 


Urgent New Edition (UNE). An NE may be issued as an Urgent New 
Edition (UNE) but 1f so, may NOT include all available safety-critical data. 


Radio Navigational Warnings. Three types of Radio Navigational Warning 

are issued for urgent safety-critical navigational information: NAVAREA 

Warnings, Coastal Warnings and Local Warnings. Radio Navigational 

Warnings are normally plotted on the appropriate paper charts in pencil and 

erased when no longer in force. 

> NAVAREA Warnings. NAVAREA Warnings contain safety information 
for ocean-going mariners, divided into 16 areas (see Fig 6-1 overleaf). 
They are broadcast by “SafetyNET” and appropriate NAVTEX stations. 

>» Coastal Warnings. Coastal Warnings are promulgated by the 
appropriate National Coordinator for areas out to about 250 n. miles from 
the coastline. They are normally broadcast by the appropriate NAVTEX 
station but may also be broadcast on “SafetyNET” or other means. 

> Local Warnings. Local Warnings supplement Coastal Warnings for 
detailed inshore or port information for ships visiting a particular 
harbour. They are usually issued by port, pilotage or coastguard 
authorities, often by VHF voice messages, which may be in English or 
the local language. 
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(0615a continued) 
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Fig 6-1. NAVAREA Limits of the World-wide Navigational Warning Service 


(0615) b. Digital Promulgation. NMs, T&Ps, NEs and NCs are promulgated by cumulative 
weekly CD for digital charts Ge RNCs and ENCs etc). Radio Navigation Warnings (see 
Para 0615a) for digital charts are manually input to RNCs /ENCs, using digital methods. 


0616. Reporting Hydrographic Information - Hydrographic Notes 


a. Requirement. Subject to the provisions of international law concerning innocent 
passage through territorial seas or national laws where appropriate, mariners should 
endeavour to note where charts and navigational publications disagree with fact, and 
report any differences to the UKHO. In addition, statements confirming the accuracy 
of charted and published information which may be old is also of considerable value. 


b. Method. Reports should be made to the “UKHO, Admiralty Way, Taunton, 
Somerset TAI 2DN, United Kingdom”, either in manuscript, or by e-mail, or as a 
Hydrographic Note on Forms H.102 / H.102a. Current web, e-mail, FAX and phone 
contact details for UKHO are shown at the front of Weekly NMs. Copies of Forms H.102 
/ H.102a are included on RNC / ENC weekly CDs, in every Weekly NM, and in The 
Mariners Handbook (NP 100); they may also be obtained gratis from any Admiralty 
Chart Agent. Digital Hydrographic Notes, including instructions for completion are 
available in (NP 145) ‘HMOG Forms”, under ‘H102, H102A and H102B’. These can 
also be downloaded from UKHO and e-mailed to UKHO when complete. 


c. Further Information. For further information on all aspects of Hydrographic 
Notes, see ‘The Mariners Handbook’ (NP 100) Chapter 8. 


0617-0619 Spare. 
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SECTION 2 - NAVIGATIONAL CHARTS 


0620. Mercator Projection Charts 

A list of Mercator Projection properties and uses 1s at Para 0414b and a full description 
of its construction is at Paras 0420-0425; an explanation of the mathematical basis for 
Meridional Parts and Position Circles is at Appendix 4. For the convenience of readers, an 
extract from Para 0414b (Uses of Mercator Projection charts) 1s repeated below: 


(Extract from Para 0414b): 

° Uses. The Mercator Projection is extensively used for small Scale nautical charts of 
1:75,000 and smaller. However, for large Scale nautical charts (1:50,000 and 
greater), the Transverse Mercator Projection is generally used instead. 


0621. Transverse Mercator Projection Charts 

A list of Transverse Mercator Projection properties and uses is at Para 0414c and a full 
description of its construction is at Paras 0430-0431; an explanation of the mathematics for 
geographical / Grid conversions is at Appendix 4. For the convenience of readers, an extract 
from Para 0414c (Uses of Transverse Mercator Projection charts) is repeated below: 


(Extract from Para 0414c): 
: Uses. The Transverse Mercator Projection is used for: 
> Most UKHO large Scale charts of 1:50,000 or larger (ie covering a small area) 
as well as for land maps. 
> Most land maps (including UK Ordnance Survey maps / NATO military maps). 
> Polar charts and maps, although the Polar Stereographic Projection is more 
commonly used for this purpose. 


0622. Gnomonic Projection Charts 

A list of Gnomonic Projection properties and uses 1s at Para 0414e, a full description of 
its construction is at Paras 0440-0442 and an explanation of its mathematical basis is at 
Appendix 4. For the convenience of readers, an extract from Para 0414e (Uses of Gnomonic 
Projection charts) 1s repeated below: 


(Extract from Para 0414e): 

° Uses. The distortion of the Gnomonic Projection Graticule, which gives neither 
Orthomorphic nor Equal Area properties, makes it quite unsuitable for general 
Navigation purposes. lts usage is limited entirely to plotting Great Circles as straight 
lines, usually in order to obtain Great Circle Waypoints. 


a. Gnomonic Projection - Available Charts. A series of small-Scale Gnomonic 
Projection charts covering the major oceanic areas is available for plotting Great Circles 
as straight lines. They are particularly useful for Composite Tracks (combinations of 
Great Circles and a Safe Parallel). They should NOT be used for Navigation. 


b. Gnomonic Projection Chart - Incorrect Use of Title for Large Scale Plans. In 
a few older Admiralty charts and plans of Scale 1:50,000 and larger, *Gnomonic 
Projection’ was printed under the chart title, when in fact, a modified form of Polyconic 
Projection (see Para 0414g) was actually used. Although it was strictly incorrect to call 
these charts‘Gnomonic’, on such large Scale plans, lines of sight and other Great Circles 
are correctly represented by stra1ght lines; for all practical purposes straight lines can be 
used on them to plot all bearing and direction lines. Modern charts of this Scale are 
constructed on the Transverse Mercator Projection (see Para 0623 overleaf). 
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0623. Large Scale Harbour Plans 


a. Modern Harbour Plans. Most modern large-Scale harbour plans are constructed 
on Transverse Mercator Projection and are graduated for Latitude / Longitude. Linear 
Scales of feet, metres and cables (1 cable = 0.1 Sea Mile, see Para 0113) are given on 
all plans, with heights and depths in metres. A modern harbour plan 1s at Fig 6-2 below. 
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Fig 6-2. Modern Harbour Plan - Linear Scales (ft/m/c) with Depths / Heights (m) 


b. Older Harbour Plans - Constructing a Longitude Scale. On older harbour plans, 
the Longitude Scale may not be given. This may be found from the following 
construction. 


e From the zero on the Latitude Scale, draw a line making an angle with it equal 
to the Latitude of the plan (see example of 45°at Fig 6-3 below). 


e From each division on the Latitude Scale, draw a perpendicular to this line. 
Intersections of the perpendiculars with the line mark the Longitude Scale. 


2 3 
Sea Miles on Latitude Scale 


Fig 6-3. Older Harbour Plans - Constructing a Longitude Scale (eg 45° Latitude) 
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Information Shown on Paper Charts 
Information contained on Admiralty charts is summarised as follows: 


a. Chart Number and Thumb Label. The chart number is shown outside the 
bottom right-hand and top left-hand corners of the chart. If the chart is also in the 
International Series, this number is also shown, prefixed ‘INT’. A small label, known 
as the “thumb label’, is printed on the reverse of each chart; it shows the number, title, 
printing date and printing batch number of the chart, and provides space for notation of 
the folio number. 


b. Chart Title. The chart title is shown in the most convenient place so that no 
essential navigational information is obscured by it. The chart title is also shown in the 
thumb-label on the reverse of the chart. 


c. Source Data Diagram. A Source Data diagram (see Fig 6-4 below) is normally 
shown on each chart. These diagrams indicate the source, date and Scale of the survey 


in each part of the chart. 


SOURCE DATA 
Admiralty Surveys Department of Environment 


a 1977-82 1:5000 and Other Surveys 
b 1967 d 1975-84  1:500-1250 


:5000 
c 1953-57 1:2500-5000 and aerial photography 


Fig 6-4. Source Data Diagram 


d. Source Data Legends. On some (usually older) charts, in lieu of the Source 
Datadiagram, the source may be shown under the chart title. 


e. Satellite Derived Positions. The Datum Shift (see Para 0323) 1s included on older 
charts adjacent to the chart title, indicating the amount by which a position obtained 
from a satellite navigation system should be moved to agree with the chart. Charts 
published in WGS 84 Datum indicate this in magenta, outside the bottom right and top 
left-hand corners, in lieu of the “Depths in Metres’ marking. 


f. New Charts (NCs) - Publication Date. When a New Chart (NC) is published, the 
date of publication is shown outside its bottom margin, in the middle eg: “Published at 
Taunton, 30th March 2006” (Chart 2692). 


g. New Editions (NEs) / Urgent New Editions (UNEs) - Publication Date. When 

a chart is revised, a New Edition (NE) or Urgent New Edition (UNE) is published. The 

edition number and date of publication is shown at the bottom of the chart eg: 
“Edition Number 6 Edition Date 6" Mar 2003” (Chart 2675) 

Older charts (pre-2000) state: “New Editions 27" July 1990, 1* July 1999” (Chart 3154) 
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(0624) h. Notices to Mariners (Small Corrections). Notices to Mariners (NMs) which have 
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been applied to the chart are listed, by year and NM number, at the bottom left-hand 
corner of the chart eg: 

“Notices to Mariners 2005 - 6183- 2006 - 2652 - 4546” (eg Chart 34) 
Charts issued as NES prior to May 2000 may show the legend ‘Small Corrections’ in lieu 
of ‘Notices to Mariners’. Admiralty charts corrected for Australian or New Zealand 
NMs list the applicable British Admiralty (BA) and AUS or NZ Small Corrections 
separately, prefixed accordingly. 


1. Large Corrections and Bracketed Corrections (Obsolete). Until 1972, Large 
Corrections were sometimes issued instead of New Editions (NEs). Until 1986, 
Bracketed Corrections were used to give information which was useful to mariners but 
not essential. These notations may still be found on some older charts. 


j. Date of Printing. The date of printing is shown in the format YY / MM / DD in 
the thumb-label on the reverse of the chart eg: “01 / 05 /20” (Chart 30). 


k. Chart Dimensions. Chart dimensions in millemetres (eg 630.0 x 980.0 mm) are 
shown in parentheses outside the lower right-hand border of the chart; some fathoms 
charts use inches. The dimensions are for the inner border of the chart (neat lines) and 
exclude chart borders. Inthe case of charts on the Gnomonic Projection, dimensions 
are quoted for the north and south borders, and on the Transverse Mercator Projection 
for all four borders. These dimensions may be used to check for chart distortion. 


m. Corner Co-ordinates. Co-ordinates expressing the Latitude and Longitude of the 
limits of Admiralty charts published after 1972 as New Charts (NCs) or NEs are shown 
at the upper right and lower left corners of the chart. 


n. Scale of the Chart. The natural Scale is shown beneath the title; on Mercator 
Projection charts this is for a stated Latitude. A Scale of metres is shown in the side 
margins of some charts of Scale larger than 1:100,000 to facilitate the plotting of ranges 
from radar displays graduated in this way. Large Scale plans have an additional Scale, 
normally showing feet, metres and cables. 


o. Colours Used on Metric Charts. Shallow water on metric charts is distinguished 
by a light blue tint and a darker blue tint between the coastline and appropriate depth 
contours; these tints includes all isolated patches within the depth range and the darker 
blue tint indicates shallower water. Drying (intertidal) areas are shown in a green tint. 
Dry land is shown in a yellow tint. Magenta is used for the emphasis of certain details, 
notably lights and radio aids and to distinguish numerous other features superimposed 
on the basic hydrography. Example of modern metric charts are at Fig 6-2 (facing 
previous page) and Figs 12-1 & 12-2a/b/c (all at Para 1214). 


p. Depth Soundings - Position. On all charts, the position of a depth sounding is the 
centre of the space occupied by the sounding figure(s). 


q. Depth Soundings - Units. The unit in use for depths is stated in bold lettering 
below the title of the chart. It is also shown on older charts, in magenta, outside the 
bottom right and top left-hand corners of metric charts. Charts published in WGS 84 
Datum indicate this in magenta, outside the bottom right and top left-hand corners, in 
lieu of the “Depths in Metres’ marking (see Para 0624e). 
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The V-I curve for a perfect diode would 
show zero current for all voltage values. But 
for a real diode, a voltage is reached where 
the diode “breaks down” and the diode allows 
a large current to flow. The V-I curve for the 
diode breakdown would then look like the one 
in Figure 2.24 
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(0624) r. Depth Soundings - Chart Datum. Depths on charts are given below Chart Datum 
(see definition at Para 1062c). 


e UKHO as Charting Authority. On metric charts for which the UKHO is the 
charting authority, Chart Datum is the approximate level of Lowest 
Astronomical Tide (LAT) - see definition at Para 1062e. 


e Charts Based on Foreign Charts. For charts based on Foreign Charts in 
tidal waters, Chart Datums are LW levels which range from Mean Low Water 
(MLW ) to the lowest possible LW; in non-tidal waters (eg the Baltic) Chart 
Datum is usually Mean Sea Level (MSL) - see definition at Para 1062e. 


. Chart Datum Information Legend / Panel. A brief description of the level 
of Chart Datum is given under the title of all metric charts. Large and 
medium Scale charts contain a panel giving the heights above Chart Datum 
of either Mean High Water Springs (MHWS) and Mean Low Water Neaps 
(MLWN), or Mean Higher High Water (MHHW) and Mean Lower Low Water 
(MLLW), whichever is appropriate (see definitions at Para 1062e). 


s. Depth Soundings - Metric Charts. On metric charts, soundings are generally 
shown in metres and decimetres in depths of less than 21 metres; elsewhere in whole 
metres only. Where navigation of deep-draught vessels 1s a factor and where the survey 
data are sufficiently precise, soundings between 21 and 31 metres may be expressed in 
metres and half-metres. 


t. Depth Soundings - Fathom Charts. On fathom charts, soundings are generally 
shown in fathoms and feet in depths of less than 11 fathoms, and in fathoms elsewhere. 
In areas used by deep-draught vessels where the depth data are sufficiently precise, 
charts show depths between 11 and 15 fathoms in fathoms and feet. Some older charts 
show fractional parts of fathoms in shallow areas and a few older charts express all 
soundings in feet. 


u. Depth Contours. On charts, all soundings less than and equal to certain depths are 
enclosed by appropriate metre or fathom contour lines. 


v. Heights / Elevations. Heights and Elevations, except Vertical Clearance and 
(drying) heights (see Paras 0624w/x), are given in metres or feet above a Vertical 
Datum, usually Mean High Water Springs (MHWS), or Mean Higher High Water 
(MHHW) or, where tidal Range is negligible, Mean Sea Level (MSL). In most instances 
the position of the height is that of the dot alongside the figure (eg .135). Heights which 
are displaced from the feature to which they refer (eg a small islet), or which qualify the 
description of a feature (eg a chimney) are placed in parentheses. 


w. Vertical Clearance Heights. Since 2004, Vertical Clearance of bridges and 
overhead power cables have been quoted above Highest Astronomical Tide (HAT) where 
there is an appreciable tidal Range (instead of MHWS), and above MSL where the Range 
is negligible. The Vertical Datum used for clearance heights 1s stated on the chart. 


x. Drying Heights. Underlined figures on rocks and banks which uncover give the 
drying heights above Chart Datum in metres and decimetres, or in feet, as appropriate. 


y. Compass Roses. Compass Roses are printed at intervals on paper charts and show 
true bearings from 0°-360° (and usually local Magnetic Variation and its annual change). 
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(0624) z. Tidal Stream Information. Tidal Stream information may be shown either in a 


0625. 


table, or (when insufficient data for constructing tables is available) by Tidal Stream 
arrows and notes giving the times of slack water and the rate of the Tidal Streams. All 
information about Tidal Streams 1s given in a convenient place on the chart and referred 
to by a diamond symbol (ie © ) at the position for which the information 1s given. 


aa. Reference to Adjoining Chart or Large Scale Plan. References to adjoining 
charts are shown in magenta on many charts. Larger Scale charts or plans are indicated 
on many charts by a magenta outline with the chart number shown in magenta. 


ab. Cautionary Notes. Any ‘Cautionary Notes’ are printed prominently, usually under 
the chart title. “Cautionary Notes’ should ALWAYS be read before using the chart. 


ac. Abbreviations and Symbols. Standard abbreviations and symbols used on 
Admiralty charts are shown in ‘Chart Booklet’ 5011, ‘Thematic Charts’ D6067 (Use of 
Symbols and Abbreviations) and D6695 (Borders, Grids, Graduations and Scales). 


ad. Crown Copyright. All Admiralty charts are “UK Crown Copyright’ and this is 
indicated adjacent to the date of publication (see Para 0624f). 


Information Shown on ENCs 
Much of the information on paper charts (see Para 0624) is presented on ENCs but often 


in a different form (see Para 0632). In particular, ENCs do not have Source Data diagrams but 
instead have Category of Zone of Confidence (CATZOC) data fields with 5 assessed categories 
(Al, A2, B, C, and D) and 1 category (U) which is not assessed. Details of CATZOC parameters 
are at “The Mariners Handbook’ (NP 100) Chapter 2. 


0626. 
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Selection and Use of Charts 


a. Using Charts. Each Admiralty chart, or series of charts, is designed for a particular 
purpose. Large Scale charts are intended for entering harbours or anchorages or for 
navigating close to potential hazards. Medium Scale charts are intended for coastal 
navigation, while small Scale charts are intended for offshore navigation. Always use 
the largest Scale chart appropriate to the purpose. 


e Coastal Passage. For passage along a coast, use the continuous series of 
medium Scale charts provided for that purpose. 


. Use of Larger Scale Charts on Coastal Passage. Only transfer to the larger 
Scale chart where 1t depicts potential hazards close to the intended route more 
clearly. There is usually no need to transfer for short distances to a larger 
Scale chart intended for entering an adjacent port or anchorage. Although the 
larger Scale chart depicts information in more detail, the next smaller Scale 
shows all the dangers, traffic separation scheme, navigational aids etc that are 
appropriate to the purpose for which the smaller Scale chart is designed. 


e Sea-Bed. The sea-bed is likely to correspond to the adjacent land features, 
even when the chart gives no hint of bottom irregularities. Off an area where 
sharp hillocks and rocky, off-lying islands abound, the sea-bed is likely to be 
equally uneven and_old surveys must be even more suspect than off a coast 
where the visible land is flat and regular. There may be uncharted dangers on 
or near the rim of a saucer-like plateau surrounding a coral group. 
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(0626) b. Distinguishing a Well-Surveyed Chart. As stated at Para 0613c, no chart is 
infallible; every chart is liable to be incomplete in some way. The date of survey and 
sounding methods used (see Paras 0613, 0624c/d and 0625) will give a good indication 
of the chart’s reliability. It should be carefully inspected to check the following: 


e The survey should be reasonably modern (check Source Data / CATZOC). 
. The survey authority should be reliable (check Source Data / CATZOC). 


e The survey Scale should be adequate and will usually be larger Scale than that 
of the chart itself (check Source Data/ CATZOC). 


e The character and completeness of the original survey material and of 
subsequent updates should be reliable (check Source Data / CATZOC). 


e Soundings should be close together, regularly spaced with no blank spaces. 


. Lead-line surveys should be treated with particular caution, particularly 1f 
the chart is to be used for pilotage (check Source Data / CATZOC). Vertical 
Echo Sounder surveys should also be treated with caution. 


e — Depth and height contour lines should be continuous, not broken. 
e Topographical detail should be good. 


. All the coastline should be completed, with no pecked portions indicating lack 
of information. 


e Any suspicious inconsistencies of any sort (eg errors in Latitude and 


Longitude for geographical position) should be carefully assessed. 


c. Distortion of Paper Charts. Paper charts are liable to slight distortion at various 
stages in the process of reproduction but the effect is seldom sufficient to affect 
navigation. Any distortion may be observed by checking the dimensions (see Para 
0624k). If there is distortion, bearings of objects, however accurate, may not plot 
correctly, particularly if those objects are at a distance as displayed on the chart. The 
larger the Scale of the chart, the effects of distortion lessen proportionately. 


d. To Identify a Particular Copy of a Chart. When ordering a chart from UKHO 
or elsewhere it is normally only necessary to state the chart number. However, to 
identify a particular copy of a chart, the following parameters are needed: 


e Chart number. 

. Chart title. 

e Date of publication (as a NC) 

. Date of the last NE 

° Number (or date) of the last NM (or pre-2000: Small Correction). 


0627-0629. Spare 
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SECTION 3 - DIGITAL NAVIGATION SYSTEMS AND ELECTRONIC CHARTS 


0630. 


Digital Navigation Systems - International Standards 
A wide variety of electronic navigation systems for use with charts in electronic format 


are available commercially. However, not all such systems are ‘JMO-compliant’ and not all such 
charts conform to /nternational Hydrographic Organisation (IHO) specifications for safe 
Navigation. Thus a wide variation in quality may be experienced between different electronic 
navigation systems and data, with obvious implications for safe Navigation. Detailed guidance 
on this subject is at BR 45 Volume 8, but this Section provides a brief summary. 


0631. 


Digital Navigation Systems - ECS, ECDIS and WECDIS Equipments 


a. Electronic Chart System (ECS). An Electronic Chart System (ECS) is a generic 
term for equipment that displays charts in electronic format, which do NOT satisfy JMO 
SOLAS requirements, and may NOT be used as a substitute for up-to-date official charts. 
However, an ECS may legally be used alongside paper charts and can improve 
navigational safety and situational awareness provided care is exercised in its use. 


b. Electronic Chart Display and Information System (ECDIS). An Electronic 
Chart Display and Information System (ECDIS) is a navigational information system 
which complies with the JMO performance standards and which, with adequate back-up 
arrangements, can be accepted as complying with carriage requirements of Chapter V 
Regulation19 of the 2002 JMO SOLAS Convention. The presence of a second ECDIS 
system, robust Uninterruptible Power Supply (UPS) and/or the immediate availability 
of adequate, corrected paper charts covering the present area (although not necessarily 
the best Scale available) are deemed “adequate back-up’ by the JMO and RN. 


c. Warship Electronic Chart Display and Information System (WECDIS). A 
Warship Electronic Chart Display and Information System (WECDIS) is an ECDIS with 
extra functionality to make it more effective for warfare purposes (see Fig 6-5 below). 


. e 
et 


Fig 6-5. A WECDIS Terminal fitted in an RN Warship (operating ECPINS software) 
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(0631) d. Management of ECDIS and WECDIS - BR 45 Volume 8. The effective 


0632. 


management of an ECDIS / WECDIS being used for Navigation is a major task. All 
RNCs / ENCs held also need to be systematically updated and the updates recorded, 
particularly when duplicate / triplicate ECDIS / WECDIS are fitted. In the RN, Standard 
Operating Procedures (SOPs) have been devised for these purposes. Detailed ECDIS 
/WECDIS operating guidance and SOPs are at BR 45 Volume 8. 


Digital Navigation Systems - Electronic Chart Data 
Wide variations exist in the quality and reliability of charts in electronic format available 


commercially. The existing types of chart in electronic format and their legal status are: 


a. Legal Status of ENCs and RNCs. SOLAS Chapter V (2002) Regulations 2 and 19 
state that paper charts and ENCSs are legally classified as ‘Nautical Charts”, but RNCs 
are not because they are neither a ‘map’ nor a ‘database’, but are only a digital facsimile 
of the original paper chart. However, ECDIS / WECDIS using RNCs fulfills the carriage 
requirement when no ENC 1s available, provided it 1s used with an up-to-date outfit of 


paper charts. 


b. Official Chart Data. Official chart data is issued from National Hydrographic 
Offices or equivalent, and should conform to JHO specifications. Official chart data 
includes: ‘S-57? format ENCs, “Official Paper Charts’, ARCS and Australian 
Hydrographic Office (AHO) ‘Seafarer’? RNCs. See Para 0615b for updating of official 
chart data. 


c. Raster Navigation Charts (RNC). RNCs, known colloquially as ‘Raster’ charts, 
are produced by scanning a paper chart. Official RNCs conform to JHO specifications, 
but as they are only a digital facsimile of the original paper chart, the image has no 
“intelligence” and cannot be ‘interrogated’ other than by visual means. 


d. Raster Navigation Chart (RNC) Formats. There are two Raster chart formats: 
HCRF and BSB. The UKHO produces ARCS charts in their proprietary Hydrographic 
Chart Raster Format (HCRF). The AHO also uses HCRF to produce AHO ‘Seafarer’ 
Raster charts. The US National Geospatial & Chart Agency (NGA) produce Raster 
charts in BSB format, which is not compatible with HCRF. 


e. Vector Charts - General. Vector charts comprise a digital database of chart data 
which can be input to an ECDIS / WECDIS. Certain Vector charts may, or may not, 
meet /HO standards and users should take particular care to establish the origin and 
reliability of any Vector charts used with an ECDIS/ WECDIS. 


f. Electronic Navigation Charts (ENC). Electronic Navigation Charts (ENC) are 
Vector charts which conform to the following legal WHO specification) conditions: 


e ENCs are compliant with JHO ‘S-57 Edition 3.1” (see Note 6-2 below), for 
content, structure and format. 


e ENCs are issued for use with ECDIS / WECDIS on the authority of 
government authorised Hydrographic Offices. 


Note 6-2. The IHO (Standard) “S-57 Edition 3.1” database format ensures that ENCs 
contain all the information necessary for safe Navigation, and may contain 
supplementary information in addition to that contained on the paper chart (eg Sailing 
Directions, tidal information, etc) which may assist safe Navigation. 
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(0632) g. Non-Compliant Vector Charts. Vector charts which are NOT compliant with the 
IHO “S-57 Edition 3.1”standard (eg US NGA ‘DNCs’) have been produced by a number 
of organisations. These charts are NOT legally considered to be ENCs. 


h. ENC Chart Symbols. The S-57 chart symbol specification complies with the 
IHO’s 8.52 Presentation Library, and allow a user-choice of Traditional Symbols and 
Simplified Symbols to be displayed on ENCs. Traditional Symbols are closely matched 
to paper chart symbols, although variations do occur. Simplified Symbols are usually in 
a more generic style and one Simplified Symbol may represent two features (eg 2 buoys) 
which have different functions. Simplified Symbols may vary from manufacturer to 
manufacturer (see manufacturers’ system-specific guidance for details). 


i. Capabilities of ENCs. ENCs are ‘intelligent charts’ and have information that can 
be ‘interrogated’ electronically by the user (eg depths - which can be used to generate 
automatic alarms based on crossing danger depths). The information displayed can also 
be adjusted by the user, by removing certain parts of the chart file from the display. The 
‘look and feel’ of ENCs is quite different to paper charts / RNCs and users may need 
some time to familiarise themselves with this (see Fig 6-6 below). 


j. Additional Military Layers (AML). Additional Military Layers (AMLs) are layers 
of extra information for military use which may be displayed over the navigational chart 
information provided by ENCs or RNCs. AMLs will NOT function correctly in a 
commercial ECDIS and should ONLY be used on WECDIS or other systems specifically 
designed to exploit them. AMLs are NOT to be used as a primary aid to Navigation. 
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Fig 6-6. A WECDIS display fitted in an RN Warship, aperating ECPINS software, 
showing mix of Vector and Raster charts, plus other data at the left and top of the screen. 
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0633. RNC Raster and ENC Vector Charts - Advantages & Disadvantages 
Table 6-1 (below) summarises the main advantages / disadvantages of RNC (Raster) / 
ENC (Vector) chart formats. 


Table 6-1. Summary of RNC Raster / ENC Vector Chart Advantages & Disadvantages 
RNC (RASTER) CHARTS 


ADVANTAGES 


Direct copy of existing paper chart. 
Contents are as comprehensive, 


accurate and reliable as paper charts. 


Much easier to ensure the quality and 
integrity of Raster data during 
Raster charts 


production. are 


relatively cheap to produce. 


Same familiar colours and symbols 


as paper charts. 


Users will not require additional 
training to be able to interpret the 


charts 


Inadvertent omission of significant 
navigational info from the chart 


display information IS NOT possible 


System display parameters are 


relatively simple to set. 


Information from other nautical 
publications may be displayed in the 


same Raster format. 


‘Official’ Raster charts are available 


virtually worldwide 


It is possible to use SOME of the 
ECDIS / WECDIS functionality 


with Raster charts. 


0634-0639. Spare 


DISADVANTAGES 


Chart displays CANNOT be 
customised, although other 


information may be overlaid. 


Raster file sizes are generally 
large and have large memory / 


processing requirements. 


Colour palette used is limited to 


that for paper charts. 


Chart features CANNOT be 
interrogated or alarmed. Chart 


boundaries are visible. 


May become cluttered when 
zoomed or overlaid with other 


information. 


Charts can ONLY be displayed 


North-up 


ENC (VECTOR) CHARTS 


ADVANTAGES 


Chart information is stored in 
layers in a database. Users CAN 


customise chart displays. 


ENC Vector file sizes are 
generally smaller than those for 
Raster charts and are easier to 


process for display. 


Larger colour palette may be 
used for ENC Vector charts than 


is used for paper / Raster charts 


Chart features CAN be 
interrogated and some features 
CAN be alarmed. Chart 


boundaries are seamless. 


Zooming automatically filters 


features shown to avoid 


confusion on display 


Information from other nautical 
publications may be displayed in 


Raster format. 


Charts can be displayed OTHER 
than North-up (eg Head-up) 


COMPLETE ECDIS / WECDIS 
functionality available with ENC 


Vector charts. 


DISADVANTAGES 


Creation of ENC Vector chart 
database is a very complex 


process. 


More difficult to ensure the 
quality and integrity of ENC 
Vector data during production. 
ENC Vector charts are very 


expensive to produce. 


Symbols and colours are often 
different to those on paper / 


Raster charts 


Users will require additional 
training to ensure that ENC 


Vector charts are used safely 


Inadvertent omission of 


significant navigational info 


from the chart display 


information IS possible. 


Careful management of system 
parameters needed to ensure 


correct feature filtering is set 


Worldwide coverage in ENC 


Vector charts will not be 


available for many years 
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SECTION 4 - NAVIGATIONAL AND DIGITAL PUBLICATIONS 


0640. UKHO Navigational and Digital Publications (NPs / DP) 
The following 1s a list of useful UKHO ‘Unclassified’ Navigational Publications (NPs) 
and Admiralty Digital Publications (ADPs). BR 45 Volume 7 contains amplifying information 


on each NP / ADP and covers ‘Protectively Marked’ (Classified) publications. 


NP 1-72 


NP 1(S)-72(S) 
NP 74 - 84 


NP 100 
NP 109 
NP 129 
NP 131 


NP 133B 


NP 136 
NP 139 
NP 145 
NP 164 
NP 167 


NP 201-204 


Admiralty Sailing Directions (Pilots) 

Supplements to Sailing Directions 

Admiralty List of Light and Fog Signals (ALLFS):Volumes A - L 
Mariner’s Handbook 

NW Europe Catalogue 

Wallet With Hydrographic Forms 

Catalogue of Admiralty Charts and Publications 

Chart Correction Log and Folio Index 

Ocean Passages for the World 

Echo Sounding Correction Tables 

Hydrographic & Meteorology Operational Guidance (HMOG) 
Dover: Times of High Water 

Tidal Streams in the Approaches to HM Naval Bases 
Admiralty Tide Tables 


NPs 209-266, 337 & 628-636 Admiralty Tidal Stream Atlases 
NP 234A / NP 234B Cumulative List of Admiralty Notices to Mariners 


NP 281 
NP 282 


NP 283 
NP 284 
NP 285 
NP 286 
NP 303 
NP 314 
NP 320 
NP 323 
NP 350 
NP 400 
NP 401 
NP 441 


NPs 713/715 


NP 718 
NP 720 
NP 727 
NP 735 


ADP Licence 


Admiralty List of Radio Signals (ALRS) Vol | (Parts 1 & 2) - Coast Radio Stations 
ALRS Vol 2: Radio Aids to Navigation, Satellite Navigation Systems, Legal 
Time Radio Time Signals and Electronic Position Fixing Systems 

ALRS Vol 3 ( Parts 1 & 2):Maritime Safety and Information Services 
ALRS Vol 4: Meteorological Observation Stations. 

ALRS Vol 5: Global Maritime Distress and Safety System 

ALRS Vol 6 (Parts 1 to 5) - Pilot Services, VTS and Port Operations 
Sight Reduction Tables For Air Navigation 

Nautical Almanac 

Nories Nautical Tables 

Star Identifier 

Admiralty Distance Tables 

Sight Forms 

Sight Reduction Tables for Marine Navigation (6 Volumes) 

Guide to Completing Bridge Weather Log 

Folio Covers 

Polythene Chart Cover 

Conversation Table - Metres to Feet / Fathoms 

Wallet Containing Ships’ Boats’ Charts 

[ALA Buoyage System 

Admiralty TotalTide / Digital List of Lights / Digital List of Radio Signals 


0641. Navigational & Meteorological Stores, ‘RNS’ Forms and Other Stationary Products 
Details of current RN / RFA Navigational & Meteorological Stores, ‘RNS’ Forms and 
other stationary products are contained in BR 45 Volume 7, Appendix 2. 
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Scope of Chapter 


SECTION 1 - PAPER CHARTWORK PROCEDURES 


Positions and Position Lines 

Defining Position and Plotting Bearings 
Calculating Positions 

Plotting the Track 

Allowance for Turning Circles in Chartwork 
Chartwork Planning Symbols 

Execution of Chartwork on Passage 


SECTION 2 - DIGITAL CHARTWORK PROCEDURES 


WECDIS / ECDIS Chartwork 
WECDIS / ECDIS Check-Fixing Intervals 
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diode, even though it is at the breakdown 

voltage, by limiting the current with a resistor. 

Question 

The diode in the circuit shown in Figure 2.25 
is known to break down at 100 volts, and it 


can safely pass 1 ampere without 
overheating. Find the resistance in this circuit 
that would limit the current to 1 ampere. 
Figure 2.25 


200 V -= 100 V 


Answer 


Vr = Vs — Vp = 200 volts — 100 volts = 100 volts 


Because l ampere of current is flowing, then 


Ve o 100 volts 


= = 100 ohms 
I l ampere 
23 All diodes break down when connected in 
the reverse direction if excess voltage IS 
applied to them. The breakdown voltage 
(which is a function of how the diode IS 
made) varies from one type of diode to 
another. This voltage is quoted in the 


manufacturer's data sheet. 
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CHARTWORK 


0701. Scope of Chapter 

Chartwork procedures, whether ‘traditional’ with a paper chart or ‘electronic’ with a 
digital system, must be clear to all who use them. Thus standard symbols should be used for all 
forms of chartwork, including the planning and execution of all types of Navigation. This 
chapter replaces Chapter 8 of the 1987 Edition of this book 


e Section 1. Section 1 covers ‘traditional’ chartwork, using a 2B pencil on a paper 
chart. It also provides the foundation principles for digital chartwork. 


e Section 2. Section 2 provides an overview of the differences to be applied to 
“traditional” paper-chartwork procedures, when carrying out similar functions with 
WECDIS / ECDIS / ECS equipments and software. 


0702-0709. Spare 
SECTION 1 - PAPER CHARTWORK PROCEDURES 
0710. Positions and Position Lines 
Fig 7-1 (below) sets out the standard symbols used in the Royal Navy to display 
positions and Position Lines on paper charts. Amplifying comments are at Para 0710a-b 


(overleaf). 


Position Line 


Arrowhead away from object 
{ Visual Bearing o7os (Mrrowhead away fron ject) 


Astronomical Observation ¿O lg 
(Arrowheads away from object) 


Visual Bearing 0803 
Transferred Position Line 0815 


Astronomical Observation eeM E 


Radar R ‘we 
pa , adar Range or 
Position Line Vertical Sextant Angle a M 


(Arrowheads at 
(Arrowheads away both ends) 


0926 from objects) 0957 


(Bearings) (Ranges) 


EP 


Position Probability Area (PPA) Major Axis ST Minor Axis 


a ia qe Appropriate suffixes to identify the navaid should be 
AEE Fises eC Here inserted where ambiguity exists [eg (L) for Loran etc] 


Fixes transferred from plotting sheets or other charts 
© (R) () (GPS) () (DGPS) © (L) () Obs ©) HSA 
1235 0430 0615 0615 0615 0920 
Appropriate suffixes to identify the navaid should be inserted [eg (L) for Loran, (R) for Radar etc] 


Fig 7-1. Positions & Position Lines (Paper Charts) - Symbols in Use in the Royal Navy 
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(0710) a. Arrowheads on Position Lines. See illustrations at Fig 7-1 (previous page). 


0711. 


7-4 


e Terrestrial Bearing Line. A Position Line obtained from a bearing of a 
terrestrial object is shown with a single open arrow at the outer end. 


. Terrestrial Transferred Position Line. A terrestrial Transferred Position 
Line is shown with a double open arrow at the outer end. 


e Astronomical Position Line or Terrestrial Range. A Position Line obtained 
from an astronomical observation or from the range of a terrestrial object is 
shown with a single open arrow at both ends. 


. Astronomical Transferred Position Line. An astronomical Transferred 
Position Line 18 shown with a double open arrow at both ends. 


b. Positions. See illustrations at Fig 7-1 (previous page). 


e Fix. A Fix is shown on the chart as a dot surrounded by a circle with the time 
alongside, with its Position Lines (af appropriate) passing through the position 
of the Fix. An appropriate suffix may be added to the Fix to indicate the 
navaid used if other than by visual bearings. 


° Dead Reckoning (DR). A Dead Reckoning (DR) position is shown on the 
chart as a small line drawn across the course being steered, with the time 
alongside. A small cross may be used to originate the DR if a Fix or 
Estimated Position (EP) is not available. 


. Estimated Position (EP). An Estimated Position (EP) 1s shown on the chart 
as a dot surrounded by a small triangle, with the time alongside. The 
estimated Ground Track of the ship should pass through the dot. 


e Position Probability Area (PPA). A Position Probability Area (PPA) may 
be shown on the chart as an ellipse with a major and a minor axis. 


Defining Position and Plotting Bearings 


a. Defining a Position. A position may be defined by its Latitude and Longitude 
(provided the Spheroid and Datum used are also known or specified - see Chapter 3), or 
as a range and bearing from a specific object. It may be plotted on the chart using a 
parallel rule and dividers, and with the chart’s Latitude and Longitude Scales. 


b. Method of Transferring a Position. More serious mistakes are made when 
transferring a position between two charts than any other single error. When transferring 
a position from one chart to another, it is essential to use two methods as a cross-check 
on each. Normally, Latitude / Longitude is used as one method, and bearing / distance 
from a distinguishing feature common to both charts (eg point of land or lighthouse etc) 
as another. A Fix should be taken as soon as possible thereafter. 


c. Position Line. A Position Line represents a line on the Earth’s surface on which 
the observer is believed to lie; 1t may be based on observation or detection of some 
terrestrial or astronomical information. In its simplest form, 1t may be the visual bearing 
ofa conspicuous landmark. In the context of Astro-Navigation, the term ‘Position Line’ 
is frequently used as an abbreviation for ‘Astronomical Position Line’. 
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(0711) d. Plotting a Terrestrial Position Line. In Fig 7-2 (below) a lighthouse L bears 065° 
at 1030. A line drawn in the direction 065” passing through L is the Position Line. It 
is only necessary to draw the Position Line in the vicinity of the ship’s position (‘Q’), 
the arrowhead being placed at the outer end to indicate the direction in which the 
observer must lie from the observed object. Always use the nearest Compass Rose (Para 


0712. 


Fig 7-2. Plotting a Terrestrial Position Line 


e. The Fix. If two or more Position Lines can be obtained at the same time, the 
position of the ship is at their point of intersection and this position 1s known as a ‘Fix’. 
Position Lines obtained from different sources may be combined in a Fix. 


f. The Observed Position. Ifa Fix is obtained by astronomical observations, it is 
known as an Observed Position and is marked with the suffix ‘Obs’ (see Fig 7-1). 


Calculating Positions 


a. DR (Dead Reckoning). DR (Dead Reckoning) is the expression used to describe 
the position obtained from the true course steered and the ship’s speed through the 
water, and from no other factors. This is normally plotted either manually or 
automatically (via WECDIS/ECDIS or plotting tables), using compass and (speed) log 
inputs. In the absence of a speed log input, ship’s speed may be calculated from engine 
rpm, making due allowance for the state of the ship’s bottom, weather effects etc. 


b. EP (Estimated Position). EP (Estimated Position) is the most accurate position 
that can be obtained by calculation and estimation alone. It 1s derived from the DR 
position (course and speed steered) adjusted for the effects of Leeway, Tidal Stream, 
Currents and Surface Drift. An EP symbol may also be used to update a DR /EP 1f only 
one Position Line is available (ie one Position Line does NOT comprise a Fix). 


c. Position Probability Area (PPA). The Position Probability Area (PPA) is derived 
from a combination of appropriate Position Lines obtained from available navigational 
aids (including Speed Log and Gyro), after applying the relevant statistical error 
correction to each Position Line in turn (see Paras 1622-1623). It may be shown on the 
chart in the form of an ellipse with a major and a minor axis (see Fig 7-1). 


d. Most Probable Position (MPP). Within the PPA, the Most Probable Position 
(MPP) may be determined (see detailed procedures at Para 1623), which, dependent on 
the quality of the inputs, may be considered as a Fix, an EP or a DR. 
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(0712) e. Leeway. Leeway is the effect of wind in moving a vessel bodily to leeward at right 


7-6 


angles to the course steered (effects of the wind in altering ship’s speed through the 
water are subsumed within the DR). Leeway is complex and depends on: 


e Own Ship’s Speed. The higher own ship’s speed, the less is the Leeway. 


e Wind Speed and Own Ship’s Course. The greater the component of wind 
speed at right angles to the course, the greater is the Leeway. 


e — Windage and Draught. The greater the ratio of the area above the waterline 
to that below (ie the draught), the greater is the Leeway. 


. Depth of Water. The shallower the depth of water in relation to the draught, 
the less Leeway 18 made. 


f. Estimation of Leeway. Leeway may exceed 2 knots in storms, particularly if the 
ship is at slow speed; it can only be judged by experience, assisted by any records of 
previous experience. Throughout history many ships have gone aground through losing 
more ground to Leeward than expected; it is wise to allow a liberal margin for safety 
when passing dangers to Leeward, even with modern ships. 


e Apparent Mitigation of Leeway. When steering manually in heavy weather, 
an inexperienced helmsman may steer a course 2° or 3° to windward of that 
ordered, as most ships tend to “fly” into wind, especially when running with 
a quartering wind and sea. This may compensate for the effect of Leeway, and 
may be gauged by comparing the course ordered with that recorded on 
automatic plotters over a period, or by close observation. 


e Leeway Vector and Leeway Angle. As RN warships frequently proceed at 
different speeds, it is usual to quantify Leeway in terms of a Leeway Vector 
(eg 120° 4 knot). In merchant ships, which normally proceed at a set service 
speed, Leeway is normally quantified in terms of Leeway Angle - the angular 
difference between the ship’s course and its track through the water. 


g. Terminology of Wind and Current / Tidal Stream Directions. 


e Wind Direction. Wind direction is stated as the direction from which the 
wind blows. 


. Current / Tidal Stream Direction. The direction of a Current or Tidal 
Stream 1s the direction toward which the water is moving. 


h. Tidal Streams. ‘Tidal Streams’ are the periodic horizontal movements of the 
water accompanying the vertical rising and falling of Tides (see Para 1040). Tidal 
Stream data is provided by UKHO on Admiralty charts, in ENC databases, Admiralty 
Sailing Directions (“Pilots”), Admiralty Tide Tables, Tidal Stream Atlases and in the 
comprehensive ‘7otalTide®’ software (see Paras 1040-1042 and 1051). 


1. Differences in Predicted / Actual Tidal Streams. Tidal Stream data must always 
be used with caution, particularly at Springs and around the calculated time of change- 
over from ebb to flood and vice-versa. It will often be found that the actual Tidal 
Stream experienced is different from that predicted. 
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(0712) j. Currents. An ocean Current is a non-tidal movement of water, which may flow 
at all depths in the oceans and may have both horizontal and vertical components; a 
Surface Current can only have a horizontal component (see Para 1120). Current data 
is provided at Chapter 11 (Paras 1120-1125) of this book, and by UKHO on Admiralty 
charts, in Admiralty Sailing Directions (“Pilots”), on Routeing charts, in Ocean Passages 
for the World and in The Mariner’s Handbook (see Para 0640). 


k. Estimating Surface Drift. When wind blows over the sea surface the frictional 
effect tends to cause the surface water to move with the wind; this is known as Surface 
Drift (or Surface Drift Current). Sometimes there may be no reliable data on ocean 
Currents in a particular area, or the wind itself may be in a different to that normally 
prevailing and thus affecting the usual ocean Current. It may therefore be necessary to 
to make an estimate for Surface Drift (or Surface Drift Current), which may or may not 
be in addition to that made for Currents. In practice it is often difficult to distinguish 
between the effects of Surface Drift and Leeway. Surface Drift can only be estimated 
from experience and with a knowledge of the meteorological conditions in the area 
through which the ship is passing; however, the following outline parameters may be 
helpful. 


e Maximum Drift Speeds. The speeds of Surface Drifts are variable although 
it has been postulated that at a maximum they can amount to 1/40th of the 
wind strength. This figure should be treated with caution, as 1t also depends 
on the length of time and the Fetch involved (the extent of open water over 
which the over which the wind has been blowing). 


e Build up of Surface Drift. The build-up of Surface Drift in response to wind 
is slow and a steady state takes some time to become established. With light 
winds the slight Current resulting may take only about 6 hours to develop, but 
with strong winds about 48 hours is needed for the Current to reach its full 
speed. Hurricane force winds may give rise to a Surface Drift in excess of 
2 knots, but it is rare for such winds to persist for more than a few hours 
without a change in direction. The piling up of water caused by a storm near 
a coastline may lead to particularly strong Surface Drift parallel to that coast. 


. Surface Drift Direction. The effect of the rotation of the Earth (Coriolis 
force) is to deflect water movement to the right in the Northern Hemisphere 
and to the left in the Southern Hemisphere. This produces a direction of the 
Surface Drift inclined at some 20° to 45° to the right of the wind direction in 
the Northern Hemisphere and to the left in the Southern Hemisphere. 


e Example. If, for example, the wind has been blowing steadily from the north- 
east (045°) at 20 knots for several days, the rate and direction of the Surface 
Drift in the Northern Hemisphere may be expected to be of the order of Ya 
knot in a direction between 225°+20°= 245° and 225°+45°= 270°. 


m. Set and Drift - Definitions. See Para 0713c (overleaf). 
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0713. Plotting the Track 


a. Plotting the Estimated Position (EP). Plotting the EP from an initial Fix is 
carried out in two steps (see Fig 7-3). 


e Step 1. Plot the DR position (course steered / speed through the water). 


. Step 2. Plot the EP from the DR position by plotting the effect of: 
>»  Leeway 
> Tidal Stream 
> Current 
> Surface Drift 


Leeway Vector 


| y Stream Current 


Sea Drift 
Position 


Note. Effects of Leeway, Tidal Stream, Current 
and Surface Drift have been exaggerated for clarity. 


Fig 7-3. Plotting the Estimated Position (EP) - (Diagram exaggerated for clarity) 


b. Terms and Definitions. Fig 7-3 also displays the terms and symbols used in the 
calculation of the EP. Those not already defined are at Table 7-1 (below). 


Table 7-1. Terms, Symbols and Definitions used for Construction of an EP 
Term or Symbol Definition and/or Use 
Single Arrowhead Course steered, Water Track (Track through the water), Leeway Vector. 
Double Arrowhead | Ship’s Ground Track (Track over the Ground / Course made good). 
Treble Arrowhead Tidal Stream, Current, Surface Drift and Drift 


The path followed or to be followed, between one position and another. It 
may be the Ground Track, Water Track, Relative Track or a True Track. 


Track Angle The direction of a Track. 


Track Made Good The mean Ground Track actually achieved over a given period. 


The resultant direction towards which Current, Tidal Stream and Surface 
Drift flow. 


The distance covered in a given time due solely to the movement of 
Current, Tidal Stream and Surface Drift. 


Drift Angle The angular difference between the Ground Track and Water Track. 


| Sea Position The point at the termination of the Water Track. 
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(0713) c. Set and Drift- Definitions. Set and Drift result from the combined effects of Tidal 
Stream, Current and any Surface Drift. Set and Drift are defined as direction and 
distance respectively (eg 103° 3.5'). Drift may also be expressed as Drift Rate in 
knots (eg if the time over which the drift of 3.5' has been determined 1s 2 hours, the 
Drift Rate would be 1.75 knots [ie Drift 3'.5 or Drift Rate 1.75 knots]). 


d. Practical Examples of Calculations. Four practical examples of Tidal Stream 
calculations follow; the same method of solution applies to problems associated with 
Leeway, Current or Surface Drift. The fifth (final) example involves all four factors. 


Example 7-1. Find the course to steer, allowing for Tidal Stream. 
Find the course to steer at 12 knots, to make good 090° if the Tidal Stream is 040° at 3 knots? 


e Lay off the Ground Track (course to make good - AB in Fig 7-4 below). From A 
lay off the direction of the Tidal Stream AC. Choosing a suitable Scale, mark along 
AC the distance AD that the Tidal Stream runs in any convenient interval. In Fig 
7-4 an interval of 1 hour has been allowed: thus, 4D will be 3 miles. 


e With centre D and radius equal to the distance the ship runs in the same interval (ie 
12 miles), and on the same Scale, cut AB at E. Then DE (101°) is the course to 
steer. AE (13.7 miles) is the Ground Track distance in an 090° direction in 1 hour. 


Ground Track 90° 


Fig 7-4. Find the Course to Steer, Allowing for Tidal Stream (Not to Scale) 


Example 7-2. Find the course to steer and speed required, to make an ETA. 
Find the course to steer and speed required, to proceed from A to position B (15 n.miles) in 1⁄2 
hours, allowing for a Tidal Stream setting 150° at 3 knots? 


e Join AB, as shown in Fig 7-5 (below). Measure the Ground Track and distance 
required in 1’ hours (eg 090° 15'); thus, the Ground Speed required is 10 knots. 
Mark a position D along AB using a convenient time interval depending on the 
Scale of the chart (eg1 hour; in this case AD will be 10 miles). 


e From A lay off the Tidal Stream AC for the same interval (ie 150° 3'). Join CD. 
CD will give the course (073°) to steer and the speed (8.9 knots) required. 


090° 10 Knots 


Fig 7-5. Find the Course to Steer and Speed Required, to make an ETA (Not to Scale) 
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(0713d continued) 


Example 7-3. Find the time to pass an object at a given distance, allowing for Tidal 
Stream. A ship at A (see Fig 7-6 below) steers to clear a lighthouse ‘L’ by 2 miles, allowing for 
a Tidal Stream setting 345°. Show the method to calculate the time when the lighthouse L be 
abeam. 


e From L draw the arc of a circle, radius 2'. From the ship’s present position draw a 
tangent to the arc. This is the Ground Track required, AD. 


e Find the course to steer BC by the method at Example 7-1. The light is abeam 
when 90° from the course steered (ie when the ship is at E, not at D which is the 


Closest Point of Approach [CPA] - 2 miles). The time will be that taken to cover 
the distance AEF at a speed represented by AC, which is the Ground Speed. 


Fig 7-6. To find the time to pass an object at a given distance, allowing for Tidal Stream 
(Not to Scale - Diagram exaggerated for clarity) 


Example 7-4. Find the direction and rate of the Tidal Stream between two Fixes. A ship 
is at A at 0100 (see Fig 7-7 below), and steers 110° at 10 knots. At 0300 it is Fixed at B. What 
is the direction and rate of the Tidal Stream from 0100 to 0300? 


e Plot the ship’s course 110° for a distance of 20' from A. 


e The difference between the DR position C and the Fix B at 0300 gives the direction 
of the Tidal Stream CB (025°) and the distance it has displaced the ship in 2 hours 
(7.6 miles). From this data the Tidal Stream may 1s as 025° at 3.8 knots. 


Course Made Good 


Fig 7-7. To find the direction and rate of the Tidal Stream between two Fixes 
(Not to Scale - Diagram exaggerated for clarity) 
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(0713d continued) 
Example 7-5. Find the EP allowing for Leeway, Tidal Stream, Current and Surface Drift. 


The ship is Fixed at 0700, on an ordered course of 090°, speed 15 knots. At the end of 1 hour, 
course steered recorded by automatic plotting is 090%”, speed through the water from the log is 
14.7 knots (allowing for calibration errors). Estimated Tidal Stream (from tables) is 295° 1.5 
knots. Estimated Current (from routeing charts) 1s 060° 0.75 knots. 


The wind has been blowing steadily in the area from the south at about 20 knots over the past 
2-3 days. Leeway as deduced from the data in the Navigational Data Book is 3⁄4 knot. Plot the 
EP after 1 hour, and calculate the estimated Ground Track / Ground Speed (course / speed made 
good), and the Set / Drift from the combined effects of Tidal Stream, Current and Surface Drift. 
The ship is in the Northern Hemisphere. From a study of the area and the data available it is 
estimated that Surface Drift will be in addition to the predicted Current. 


e The Leeway Vector will be perpendicular to the course steered; thus, in this case it 
will be 000%” 3⁄4 knot. (The Leeway Angle is 3°.) Estimated Surface Drift will be 
020° to 045° % knot; allow for 030”. 


e Plot the DR position B at 0800 from the course steered 090° at the speed through 
the water 14.7 knots (AB in Fig 7-8 below). (Hint: to achieve 090%”, lay the 
parallel rule through 091° and 270° on the compass rose). 


e  Plotthe Leeway BC, 000%” 0.75 knot (Hint: lay parallel rule through 000'and 181° 
on the compass rose). 


e Plot the Tidal Stream CD, 295° 1.5 knots. 
e Plot the Current DE, 060° 0.75 knot. 
e Plot the Surface Drift EF, 030° 0.5 knot. 


e Fis the EP at 0800, AF is the estimated Ground Track / Ground Speed (course and 
speed made good over the ground) and CF is the estimated Set and Drift. 


e The estimated Ground Track / Ground Speed is 082° 14.4 knots; the Set and Drift 
are estimated to be 343° 1.5 miles, rate 1.5 knots. 


Surface Drift... 


`s. 0800 ,F 
AN 


; „Set = Tidal Stream 
e + Current 
: + Surface Drift 
A 


Current... 


C (Sea Position) 


A Course and Speed through the Water 090°, 14.7 Knots Leeway 


Tidal 
Stream 


Fig 7-8. To find the direction and rate of the Tidal Stream between two Fixes 
(Vot to Scale - Diagram exaggerated for clarity) 


7-11 
Original 


BR 45(1)(1) 
CHARTWORK 


0714. Allowance for Turning Circles in Chartwork 


During chartwork for Pilotage and some Coastal Navigation, it 1s necessary to plot the 


‘Wheel-Over’ position as well as the Waypoint where tracks meet. To do this, knowledge of the 
ship’s Turning Circle is necessary. Use of Turning Circles and the Manoeuvring Data trials 
necessary to establish it are covered in detail in BR 45 Volume 6 (Shiphandling) Chapter 1, but 
a brief summary is repeated here. Manoeuvring Data trials are conducted for all classes of RN 
warships and the results are contained in the Navigation Data Book for each ship. 
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a. Calculation, Monitoring and Control of Turns. The path followed by the Bridge 
of most RN warships turning with headway closely approximates that taken by the Pivot 
Point, and this makes the Bridge an ideal position from which to plan, monitor and 
control turns. As the Manoeuvring Data supplied is intended for use from the Bridge 
position of RN warships, this allows turns to be planned and executed with precision. 


b. Transfer. The 7ransfer for a specific alteration of course is the lateral distance 
moved in a direction at right angles to the original course. In Fig 7-9 (opposite), 
distance OC is the Transfer for an alteration of 60. When calculating the Wheel-Over 
position for a specific alteration of course, Transfer is the first measurement that 
should be plotted (as shown by the line OC in the 60° turn example at Fig 7-9). 


c. Advance. The Advance for a specific alteration of course is the distance moved 
in the direction of the original course from the Wheel-Over position to the point where 
the ship steadies on her new course. In Fig 7-9 (opposite), the distance AQ is the 
Advance for an alteration of 60”; in this example, should be measured back from position 
Q (obtained from plotting the Transfer) to obtain the Wheel-Over position at A. 


d. Distance to New Course (DNC). DNC is the distance along the original course 
from the Wheel-Over position to the point of intersection between the new and old 
courses. In Fig 7-9 (opposite), distance AL is the DNC for an turn of 60°. DNC is of 
little use for Pilotage and is misleading for turns over 120”; it is thus little used. 


e. Intermediate Course and Intermediate Distance. The /ntermediate Course and 
Intermediate Distance are the direction and distance respectively between the Wheel- 
Over position on the original course and the point where the ship steadies on the new 
course. /ntermediate Course and Intermediate Distance for a 120° alteration are shown 
Fig 7-9 by the angle RAE and the distance AE. Plotting the Intermediate Course and 
Distance does NOT give the position at which the ship steadies on the new course. 


f. Times of Turning. The times taken for alterations of course under different speeds 
and rudder angles are also given in the Manoeuvring Data for RN warships. They are 
normally provided in minutes and seconds and are useful for certain manoeuvres. 


g. Tactical Diameter. The Tactical Diameter (shown by distance PF in Fig 7-9) is 
the distance moved at 90° to the original course after turning through 180°. Tactical 
Diameter does increase slightly with speed, but only by a relatively small amount. 


h. Final Diameter (Steady Turning Diameter). The Final Diameter (also known 
as the Steady Turning Diameter) is the diameter of the Turning Circle when the ship is 
turning at a steady rate. Itis shown by distance TU in Fig 7-9 (opposite). 


Original 


Breakdown is not a catastrophic process 


and does not destroy the diode. If the 
excessive Supply voltage IS removed, the 
diode can recover and operate normally. You 


can use it safely many more times, provided 
the current is limited to prevent the diode 
from burning out. 

A diode always breaks down at the same 


voltage, no matter how many times it is 
used. 

The breakdown voltage is often called the 
peak inverse voltage ( PIV ) or the peak 
reverse voltage ( PRV ). Following are the 
PIVs of some common diodes: 

Diode PIV 


1N4001 50 volts 

1N4002 100 volts 
1N4003 200 volts 
1N4004 400 volts 
1N4005 600 volts 
1N4006 800 volts 


Questions 

A. Which can permanently destroy a diode, 
excessive current or excessive voltage? _—_— 
B. Which is more harmful to a diode, 
breakdown or burnout? ———_|_ 

Answers 


A. Excessive current. Excessive voltage cannot 
harm the diode if the current is limited. 

B. Burnout. Breakdown is not necessarily 
harmful, especially if the current is limited. 
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(0714 continued) 
Transfer (QC) 
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Wheel-over (A) 


Aly / 


Intermediate Course 
for 120° turn 


Fig 7-9. A Turning Circle showing, Transfer, Advance, Distance to New Course, 
Intermediate Course, Intermediate Distance, Tactical Diameter and Final Diameter 


(0714) i. Allowance for Loss of Speed in Turns. Ships inevitably lose speed in turns, and 
it is sometimes necessary to adjust the DR time for this. Automated systems (eg 
WECDIS / ECDIS / ECS etc) have log speed and/or GPS inputs, and thus will normally 
allow for this automatically. Manoeuvring Data for RN warships includes an 
‘Acceleration Distance’ in yards per knot (also known as ‘Speed Factor’). To make the 
adjustment to a manual chart DR, multiply the Acceleration Distance by the speed in 
knots lost in the turn; convert this distance into time at the original speed and add this 
‘time correction’ to the DR time at which the ship is calculated (from Advance / Transfer 
and ‘Duration of Turn’ figures) to steady on the new course. A table of such ‘time 
corrections’ may easily be constructed for turns at various speed and rudder angles. This 
technique may also be applied to speed changes on the same course. In practice, 
application of this manual ‘time correction’ is rarely necessary, but the calculation is 
available if such precision is needed. 


Example 7-6. A ship with an Acceleration Distance of 60 yards/knot alters course at 15 knots 
and loses 3 knots in the turn. On steadying, the ship’s manual DR at 15 knots will be in error by 
a time equivalent to a distance at 15 knots of 3 x 60 = 180 yards. At 15 knots this distance 
equates to approximately 21’4 seconds, which should be added to the manual DR time. 
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(0714) j. Warships Manoeuvring in Groups. When warships are manoeuvring together in 


0715. 


groups, it can be difficult to apply Manoeuvring Data manually to the many bold 
alterations of course and speed occurring in quick succession, in order to maintain an 
accurate DR. Possible solutions to achieve an accurate DR are: 


e Use automatic plotting facilities (eg WECDIS/ ECDIS etc) to maintain the DR 
position and to provide frequent / continuous Fixing. 


. Establish the Guide”s position on the chart, DR 1t on (at what will normally be 
a track with fewer alterations of course and speed than warship consorts), and 
plot own ship at intervals from the Guide. Fix frequently to update the DR. 


k. Manoeuvring Data in Merchant Ships. Manoeuvring Data in merchant ships is 
usually sparse, and often confined to the (WO minimum requirement (currently one hard 
turn port and one hard turn starboard at full rudder and one crash stop, all at maximum 
manoeuvring speed). In addition, due to different upper deck configurations and cargo 
loadings, the Pivot Point may be far displaced from the Bridge, thus making it difficult 
to plan and execute turns with the precision normally expected of an RN warship. 


Chartwork Planning Symbols 
At the planning stage, the following symbols should be used for chartwork on paper 


charts (see Fig 7-10 opposite). Blind Pilotage symbols are at Para 1316. Symbols used with 
WECDIS / ECDIS equipments, although based on the paper chart equivalent, may vary widely 
depending on the system facilities available. See details at Para 0720. 
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a. Planned Track. Draw the planned track boldly, writing the course along the track 
with the course to steer in brackets alongside and the speed in a box, north orientated, 
underneath. The figures for course and speed should be sufficiently far away from the 
track to permit the necessary chartwork. See Fig 7-10a (opposite). 


b. Tidal Stream. Indicate the expected Tidal Stream, showing the direction by a 
triple arrowhead, the rate in a box, and the time at which it is effective. See Fig 7-10b. 


c. Currents. Indicate the expected Current (or Surface Drift), showing the direction 
by a single arrowhead on a ‘wavy’ line and the rate in a box. See Fig 7-10c (opposite). 


d. Wind. Show the expected wind with direction and speed in a black arrow-headed 
box (do not confuse with a magenta ‘Direction of Buoyage’ symbol). See Fig 7-10d. 


e. Dangers. Emphasise dangers near the track by outlining them boldly in pencil (or 
coloured ink for often-used charts). The Limiting Danger Line (LDL) depth (“No Go 
Line’) should ALWAYS be drawn to show the navigable channel; this will vary with 
the Height of Tide (HOT) and should NOT be inked-in. See Fig 7-10e (opposite). 


f. Clearing Bearings. Draw Clearing Bearings boldly, using solid arrowheads 
pointing to the object. ‘NLT ...’ (Not Less Than ...) or ‘NMT ...* (Not More Than ...) 
should be written alongside. Clearing Bearings should be drawn sufficiently clear of 
the danger so that the ship 1s still safe even if the Bridge 1s on the Clearing Bearing line 
but turning away from danger. Allow for the Bridge being on the line with the stem or 
stern on the dangerous side of it, whichever is the greater distance. See Fig 7-10f 


(opposite). 


g. Distance to Run. Indicate the distance to run to the destination, rendezvous, etc. 
Numbers should be upright. See Fig 7-10g(opposite). 
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(0715 continued) 


15] 


a. Planned Track b. Tidal Stream c. Current / d. Wind 
Surface Drift 


eee 


e. Dangers f. Clearing Bearings 


60M 
g. Distance to Run (Sea Miles) 


0557 “ky 
Sunrise 1809 (2) Ww 
Sunset lOs 


i. Sunrise and Sunset j. Visual Limits of Lights 


1402 
090° 2000 


Chart 1127 


k. Position and Time of ‘Wheel Over’ m. Change of Charts 


Fig 7-10. Chartwork Planning Symbols 


(0715) h. Planned Position and Time. Indicate the time it is intended to be at particular 


positions at regular intervals, using ‘bubbles’ close to but clear of the track (1e ‘Bubble 
Times’). Ocean passages are normally marked every 12 hours and coastal passages 
more frequently, every 2 or 4 hours. See Fig 7-10h (above). 


1. SunRise and SunSet. Indicate the times of SunRise (SR) and SunSet (SS)at the 
expected positions of the ship at those times. See Fig 7-101 (above). 


j. Visual Limits of Lights. Indicate the arcs of the visual limits of lights that may be 
raised or dipped — the rising/dipping range. See Fig 7-10) (above). 


k. Position and Time of ‘Wheel-Over’. Show position and DR/EP time of ‘Wheel- 
Over’ for alterations of course as a 4-figure time. The amount of wheel can be stipulated 
if this differs from standard. See Fig 7-10k (above). 


m. Change of Chart. The positions of changes of chart should be indicated by double 
parallel lines, either vertical or horizontal. See Fig 7-10m (above). 
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0716. Execution of Chartwork on Passage 


7-16 


*Extracts of Paras 0716b/c are repeated at Paras 1231f/h and 1313a. 


a. Fixing. Methods of Fixing the ship are at Chapter 8. With a sound plan, regular 
visual / radar Fixing has traditionally been the foundation of all Coastal Navigation, but 
this is now being supplanted by continuous GPS/DGPS Fixing with automatic WECDIS 
/ ECDIS position displays. Although WECDIS / ECDIS give the Officer of the Watch 
(OOW) more time for other tasks (such as lookout), it is essential to make independent 
position checks at frequent intervals (see Para 0721). 


b*. Fixing and Comparison with DRs/EPs. A DR (or WECDIS/ ECDIS equivalent) 
from the last Fix should always be maintained ahead of the ship and an EP should be 
derived from all available information (ie Leeway, Tidal Stream, Current). Use ofa DR 
alone may be acceptable when these factors are insignificant, otherwise, an EP should 
ALWAYS be generated. As soon as a new Fix is obtained, it should be compared with 
the DR / EP to ensure that there has been no mistake, to estimate the strength and 
direction of any Tidal Stream or Current since the last Fix, and to assess any actions 
needed. Generate a new DR / EP after an alteration of course. 


c*. Paper Charts - Frequency of Fixing. The frequency of Fixing on paper charts 
should, in principle, depend on the distance from navigational hazards and the time the 
ship would take to run into danger before the next Fix; 1t 1s thus at least partly speed- 
dependent. The decision on the frequency of Fixing is ultimately for the CO and is 
usually specified in Captain’s Standing Orders, although may be delegated to the NO or 
OOW. Useful ‘Rules of Thumb’ for Fixing on paper charts are: 


e Ocean Navigation - Fixing. The frequency of Fixes will depend on the 
availability of position data (1e GPS, LORAN-C / eLORAN, astronomical 
observations, long range radar Fixes etc) and the distance from danger. 


. *Coastal Navigation - Fixing. A useful Coastal Navigation Fixing ‘Rule of 
Thumb’ at 12-15 knots is as follows, although the actual Fixing interval 
chosen MUST be selected according to the circumstances prevailing: 
>» Fix every 5 miles (approx) when navigating well offshore on a 1:150,000 

coastal chart. 
>» Fix every 2 miles (approx) when coasting closer inshore on a 1:75,000 


chart. 
>» Fix every | mile (approx) when approaching a port using a 1:20,000 
chart. 


> 6 minute intervals between Fixes are convenient for converting distance 
to Ground Speed, as 6 minutes is one-tenth of an hour (ie 1.35 miles in 
6 minutes equals13.5 knots Ground Speed [speed made good] ). 


+ Fix Timing. Every Fix should be timed to coincide with the DR / EP time, in 
order to check for unexpected position differences (see Para 0716b above). 


e *Pilotage. In Pilotage, check Fixes should be plotted at least once per leg, 
and at intervals of not more than 6 minutes on long legs. 


d. WECDIS / ECDIS - Frequency of Check Fixing. See Para 0721. 
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(0716) e. Speed Calculations. Ground Speed (speed made good) may be calculated from the 
distance run between Fixes, or estimated from predicted Leeway, Tidal Stream, Current 
and Surface Drift. Actual or estimated Ground Speed should always be used when 
projecting the EP ahead. Ground Speed is liable to fluctuate when any sea is running, 
also when the strength or direction of the Tidal Stream is changing. 


f. Chart Precautions. Keep only one chart on the chart table, to avoid the error of 
measuring distances off the Scale of a chart underneath the one in use. 


g. Time Taken to Fix Manually. The time taken to note the bearings and the time, 
plot the Fix on the chart, check the DR and lay off further DR / EP, verify time to 
‘Wheel-Over’ (if applicable), and return to lookout should not be more than 2 minutes 
at the most. A practised OOW should be able to complete the task within 60 seconds. 
If it is essential to reduce the Fixing time further, an assistant or a team should be used. 
Using an assistant, the time can be reduced to less than 30 seconds. 


h. Navigational Records. Full details of the navigational records required in the RN 
/ RFA are at BR 45 Volume 4. A summary is repeated here and amplified at Para 1238. 


e Navigational Record Book. When any Navigation is being ‘Executed’, Fixes 
and alterations of course and speed, together with other information (see 
details at Para 1238) are entered in the Navigational Record Book (RNS 
3034). The officer ‘Executing’ the Navigation keeps this record, but the NO 
has overall responsibility for supervising the OOWs to enter accurate and 
complete information. Care should always be taken to record times accurately 
as this is usually the single most difficult element when reconstructing the 
ship’s track. The book’s format is designed for entries to be made easily (see 
Fig 7-11) and the following symbols may be employed: 

D Transit 

Left-hand edge (of land, etc) 

Right-hand edge (of land, etc) 

Port (Sc) Abeam to port (5 cables) 

Stbd (1'.2) Abeam to starboard (1.2 miles) 


co [se | remar ooo 
090 15 


Fidra Ø Bass Lt. 089%? 


Elie Ness Lt. 047° 


k— EWEMYSS 344° 


North Carr Lt. 


Fig 7-11. The Navigational Record Book 


e The Ship’s Log. The NO has charge of the Ship’s Log (RNS 0322) and is 
responsible for seeing that it is properly compiled in accordance with the 
instructions given inside the front cover. In particular, it should contain an 
extract of positional information from the Navigation Record Book. 

0717-0719 Spare. 
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SECTION 2 - DIGITAL CHARTWORK PROCEDURES 


0720. WECDIS / ECDIS Chartwork 

Standard symbols to be used for chartwork on paper charts were specified at Paras 0710 
and 0715, with Blind Pilotage paper chart symbols at Para 1316. Symbols used with WECDIS 
/ ECDIS equipments, although based on the paper chart equivalents, may vary widely, depending 
on the system facilities available. One significant difference with most WECDIS / ECDIS 
equipments is that text labels are written horizontally and cannot normally be rotated parallel 
with a bearing line (eg Clearing Lines [|ie Clearing Range / Clearing Bearing] or a ‘Route’ 
[Track] line). Paras 0720a-e with Figs 7-12 to 7-15 provide some illustrative examples of RN 
WECDIS chartwork, to provide an indication of current RN WECDIS symbology. A summary 
of WECDIS / ECDIS / ECS and Electronic Chart capabilities and limitations is at Paras 0630- 
0633. Full details are at BR 45 Volume 8. 


a. RN and RFA WECDIS / ECDIS Equipments. In the RN / RFA, ‘ECPINS’ 
software (created by OSL Ltd) is installed on WECDIS terminals. This software 
provides comprehensive facilities to display automatic and manual chartwork symbols 
which are reasonably close to those specified for paper charts. A few older ECDIS 
systems are also fitted to some RFAs, and these have significantly less functionality and 
capability in symbology than WECDIS equipments. 


b. WECDIS - Safety Depth Contour and Interpolated Depth Contours. On 
(Vector) ENCs, WECDIS1s capable of higlighting a selected ‘Safety Depth Contour’ and 
drawing mathematically created intermediate interpolated depth contours, to assist with 
manual creation of the Limiting Danger Line (LDL). In addition WECDIS can display 
prominent ‘Shallow Danger Marks’ to highlight isolated dangers inside ‘Safety Depth 


Contour’. See Fig 7-12 (below) 
‘Shallow Danger Marks’ (ON), 
Stev indicate isolated dangers 
inside Safety Depth Contour (20m) 


‘Interpolated Depth Contours’ se, i 
providing realistic indications j 17 aa E 


a i 
f 


. . - . . ES | x | j j 1 y 
providing doubtful indications PE Y MES 
1 6 C 4 I~ i | 


‘Interpolated Depth Contours’ s > Iva TAN 


Safety Depth Contour (20m) 
(Safety Depth set at 12m) | 


by AÑ: y 14 
f A DM 


Q 


“Shallow Danger Marks” (ON), 
indicate isolated danger 
(wreck) in otherwise deep water, 


inside Safety Depth Contour CT e | 


SF ini 


Fig 7-12. Example WECDIS Symbology - ‘Safety Depth Contour’, 
‘Interpolated Depth Contours’ and ‘Highlight Shallow Dangers’ 


7-18 
Original 


BR 45(1)(1) 
CHARTWORK 


(0720) c. WECDIS - Route Display Options. WECDIS can display the ‘Active Route’ 
(Track) and ‘Track Labels’(with predicted Set and Drift plus ‘Course to Steer’), the 
‘Active Leg’ within that ‘Route’, Wheel-Overs and a Wheel-Over line, a “Cross Track 
Distance’ (XTD) ‘Alarm Corridor’ (which alarms if “Own Ship’ strays outside it), 
‘Waypoints’ and ‘Waypoint Labels’, as well as ‘Own Ship’ itself and an *Anti-Grounding 
Cone’(AGC). All items are user-selectable for display. See Fig 7-13 a 


(Inactive) 


Active Leg 


XTD Alarm 
Corridor | 


o, Track Label 
E (Planned Speed) 


23 11:50:06 Ve ` Anti- 
Om | Grounding 
Nx0230.0"1 


Cone 
ie: / 2094 


Waypoint Label 
(PIM DTG, HOT and | a T po ad RL "y Own 
Ship 


= Predicted set & Drift) ed 
cas Track Track aa Track Label 


(Planned Course) (Course to Steer) (Predicted Set & Drift) 


Fig 7-13. i WECDIS Symbology - ‘Route Display Options’ 


d. WECDIS - Anti-Grounding Cone. WECDIS provides an ‘Anti-Grounding Cone” 
with user-selectable parameters, and which alarms against nominated dangers and certain 
features (see Fig 7-14a below). The ‘Anti-Grounding Cone’ (AGC) bends around 
Waypoints provided ‘Own Ship’ is inside the ‘XTD Warning Corridor’ (see Fig 7-14b 
below). 


¡ Own Ship | XTD Alarm 
i I Corridor 
Active Leg of ! 
Active Route | 


Anti-Grounding 
Cone, bending 
at Waypoint 
(provided Own Ship 
inside XTD 
Warning Corridor) 


XTD Alarm “A N 


Dangerous Corridors XTD Alarm 
Wreck | _ (Stbd) Corridors 


y "SÍ $ _ (Port) 


wa 


Anti-Grounding Cone will 


XTD Alarm | alarm when it reaches 
| Corridor Dangerous Wreck 
(Stbd) 
Fig 7-14a. Anti-Grounding Cone (AGC) Fig 7-14b. AGC bending at Waypoint if 
and XTD Alarm Corridor Own Ship is inside XTD Warning Corridor 


(Warning Corridor not shown in diagram) 
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(0720) e. WECDIS - Radar Image Overlay and ‘Ghost Ship’. A ‘Radar Image Overlay’ 
(RIO) can be superimposed over the WECDIS chart display for checking that the radar 
coastline and other features (shown in GREEN at Fig 7-15 below) are in alignment with 
the chart (ie GPS has not slipped). WECDIS can also display a ‘Ghost Ship’ positioned 
at a user-selectable distance ahead of ‘Own Ship’. Para 0720e is repeated at Para 1528. 
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Cl | 
as around Own Ship | 


Bearing 
Limiting Danger 


Line A.” 
TA a Own Ship 


“Ghost Ship’). l 


> 
E AHEATIDOOS) o » m 


= 170°1 


= Better Positioning Source Available 


Fig 7-15. Example WECDIS Symbology - Radar Image Overlay (RIO) & ‘Ghost Ship’ 
(RIO shown as a Green Image) 


0721. WECDIS/ECDIS Check-Fixing Intervals (*Extracts repeated at Paras 123 1g/1313a) 
*For the purposes of check-Fixing in WECDIS/ECDIS, inthe RN, ‘Coastal Navigation’ 
is deemed (depending on circumstances and the size of vessel involved) to be Navigation at 
distances between about 2 n. miles and 15 n. miles from the Limiting Danger Line (LDL); ‘Ocean 
Navigation’ is deemed to be Navigation at distances greater than 15 miles from the LDL. RN 
WECDIS / ECDIS check-Fixing intervals are as follows. See BR 45 Volume 8(1) for details. 


a Ocean Navigation. In Ocean Navigation, the interval between manual check Fixes 
should not be greater than 30 minutes. 


b*. Coastal Navigation. In Coastal Navigation, the interval between manual check 
Fixes should not be greater than 30 minutes, but a RIO coastline alignment check should 
be carried out (subject to emission policy) at not more than 15 minute intervals between 
Fixes. 


O Pilotage. In Pilotage, check Fixes should be plotted at least once per leg and at 
intervals of not more than 6 minutes on long legs. 
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Inside the Diode 

At the junction of the N and P type regions 
of a diode, electrons from the N region are 
trapped by holes in the P region, forming a 
depletion region as illustrated in the following 
figure. 


P region N region 


Depletion region 
When the electrons are trapped by holes, 


they can no longer move, which is what 
produces this depletion region that contains 
no mobile electrons. The static electrons give 
this region the properties of an electrical 
insulator. 

You apply a forward-biased voltage to a diode 


by applying negative voltage to the N region 
and positive voltage to the P region. Electrons 
in the N region are repelled by the negative 
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CHAPTER 8 
VISUAL FIXING 


0801. Scope of Chapter 

This chapter builds on the principles established at Chapter 7 (Chartwork) and covers 
all aspects of Fixing a vessel’s position by visual means. It replaces Chapter 9 of the 1987 
Edition of this book. Radar Fixing 1s at Chapters 12, 13 and 15, as appropriate to the context. 


0802. Azimuth Circles for Visual Bearings 
A variety of bearing taking equipments (of greater or lesser ease of use) are found at sea, 
but most rely on some sort of prismatic Azimuth Circle fitted on a compass repeater. 


a. Admiralty Pattern Azimuth Circle. The ‘standard’ Admiralty Pattern Azimuth 
Circle (see Fig 8-1 below) is easy to use and is accurate in all conditions. It uses a 
curved prism; thus if the object is seen through the ‘ V ’sight, the correct bearing is read, 
even if the Azimuth Circle itself is not aligned to the object (see Fig 8-2 below). A line 
is engraved on the face of the prism to assist reading of the bearing. Reflections of high 
altitude objects on the black mirror are sighted through the ‘ V ’sight; for this, the bubble 
level is used to keep the Azimuth Circle horizontal. The alignment of the Lubbers Line 
to ship’s head should be checked frequently and adjusted if necessary (see Para 1230f). 


Black Reflecting Mirror 
Curved Prism 


Shade Glasses | BSA À Lubbers Point / Line 


Azimuth Circle 
Support Bracket | 
(includes a Bubble Level) y " Verge Ring 


Compass Card 


Binnacle (or ‘Pelorus’ if at 
Primary Conning Position) 


Fig 8-2. The Admiralty Azimuth Circle (does not need to be aligned to the object) 


b. Other Azimuth Circles. Other designs of Azimuth Circle are often awkward to use 
and do not produce sufficiently accurate results, particularly in difficult conditions. 
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0803. Methods of Obtaining a Position Line 

Although Fixing by DGPS / GPS is the norm, it may be necessary on occasion to use 

other means. A single Position Line (as opposed to a Fix) may be obtained from: 
e Compass Bearing (also radar bearings). See details at Para 0803a. 
° Relative Bearing. See details at Para 0803b. 
. Transit of Two Fixed Objects. See details at Para 0803c. 
e Horizontal Angle (by compass or HSA). See details at Para 0803d. 
e Radar Range. See details at Para 0803e. 
° Range by Distance Meter (height of object known). See Para 0803f. 
. Range by Rangefinder. See details at Para 0803g. 
e Range by VSA / HSA (height of object known). See Paras 0803h-1. 
e Soundings. See details at Para 0803). 
e Astronomical Observation. See details at Para 0803k. 
° Sonar Range. See details at Para 0803m. 
. Rising or Dipping Range (height of object known). See Para 0803n. 
e Horizon Method of Rangefinding. See Para 0803p. 


a. Compass Bearing (also Radar Bearings). Bearings should be taken visually; 
radar bearings are significantly less accurate (see Para 1522) and should NOT normally 
be used as Position Lines unless no practical alternative exists. When a visual bearing 
of the edge of an object is taken, 1t is best to use a vertical edge if possible; the Height 
of Tide (HOT) must be taken into account if the bearing of a sloping edge of land is used, 
as the charted edge is the MHWS / MHHW line (or Mean Sea Level in areas where there 
are no tides). Symbols used for recording bearings of edges are at Para 0716h. 


b. Relative Bearing. A Position Line may be calculated from a Relative Bearing (see 
Para 0126) when added-to / subtracted-from the True bearing of ship’s head; if ship’s 
head is not recorded at the instant of taking the Relative Bearing, inaccuracies may 
occur. At Fig 8-3 (below), an object is observed at Green 60; ship’s head is 030”, thus 
the True bearing of the object is 090”. 


True Bearing of Object = 30°+60° = 90° = 090° 


Fig 8-3. Position Line by Relative Bearing and Ship’s Head 


c. Transit of Two Fixed Objects. If two fixed objects are seen in transit (in line), 
then the observer must be on an extension of line joining them (see Fig 8-4 opposite). 
For good ‘sensitivity’ of relative movement between the objects, ideally, the distance 
between the observer and the nearer object should be not more than 3 times the distance 
between the objects. However, less sensitive transits may still be used with care. 
Transits are used in Fixes, for checking compass errors (see Para 0811), and for 
assessing ship movement when Turning at Rest even if the objects are not charted. The 
symbol ® is used for a transit, but the symbol Æ is used by the UKHO to identify transits 
on Admiralty charts (see UKHO Chart 5011 [Symbols & Abbreviations]). 
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(0803c continued) 


Ideally, for good ‘sensitivity’, distance between ship and nearer object 
should be no more than 3 times distance between objects. 


Fig 8-4. Position Line by a Transit of Fixed (Charted) Objects 


(0803) d. Horizontal Angle (Compass or HSA). All angles subtended by a chord in the 
same segment of a circle are equal; it follows that if a horizontal angle between two 
objects is measured by sextant or by compass, the observer must lie on the arc of a circle 
containing the angle observed and both objects. In Fig 8-5 (below), the Horizontal 
Sextant Angle (HSA) between objects 4 and C is 80°. The observer is thus on a Position 
Line whichis the arc of the circle ABC along which the angle between 4 and Cis always 
80°. An HSA may be used as a ‘Danger Angle’ to clear a danger (see Fig 8-5 [below] 
and Para 1233 / Example 12-3). Detailed procedures for HSAs are at Para 0808. 


The observer is on a Position Line 
which is the arc of the circle ABC, 
along which the angle between 
A and C is always 80°. HSAs 
may be used as ‘Danger Angles’. 


Fig 8-5. Position Line by Horizontal Sextant Angle (also showing ‘Danger Angle” use) 


e. Radar Range. Radar may be used to obtain a Position Line as a circular arc of a 
circle at both short and long ranges off the land. See details at Paras 1232 and 0710. 


f. Range by Distance Meter (Height of Object Known). ‘Distance Meters’ operate 
on the principle of the Vertical Sextant Angle (VSA - see Para 0803h overleaf) with the 
height of the object set onto the instrument and the ranges obtained read directly from 
it. Distance Meters of this type are normally for short range use. The operation of 
Distance Meters in RN service is covered in BR 45 Volume 3. 


g. Range by Rangefinder. ‘Optical Rangefinders "use parallax principles to establish 
the distance of an object whose height is not known; none are currently in RN service. 
‘Laser Rangefinders’ operate by generating a narrow and intense beam of coherant infra- 
red radiation. Concerns over eye-safety, attenuation when used in wet weather and from 
enclosed Bridges have prevented their introduction into RN service. 
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(0803) h. Range by VSA / HSA - Base of the Object Visible to the Observer. A Position 
Line may be obtained from a Vertical Sextant Angle (VSA) of an object whose base is 
visible to the observer, by multiplying the height of the object by the Cot of the observed 
angle BAC (see formula (8.1) / Fig 8-6). The width may be used with formula (8. 1a). 


Distance = Visible Height of Object x Cot (Observed Angle) 
... 8.1 (1987 Ed... 9.1) 


Width of Object x 360 
Distance =. AR AA eS AA eee 8.la 
27 x Observed Angle (in degrees) 


° Position Line. The Position Line will be the circumference of a circle, 
centred on the object (B), which has this distance as its radius. 


° Danger Angle. A VSA may be used as a Horizontal or Vertical Danger Angle 
to clear a danger (see Fig 8-6 [below] and Para 1233d / Example 12-2). 


. Charted Height / Elevation and HOT Correction. The charted height or 
Elevation of an object is usually above MHWS or MHHW (see Para 0624v) so 
1t must be corrected for HOT. If this correction 1s not made, the calculated 
distance will be less than the actual distance (thus erring on side of safety). 


e Charted Elevation and Height of Structure. The charted Elevation of a 
lighthouse is taken from MHWS or MHHW to the centre of the lens and NOT 
to the top of the structure. Heights of light structures (base to top) are also 
tabulated in the Admiralty List of Lights and Fog Signals (ALLFS). 


e  Norie’s Nautical Tables. Norie’s Nautical Tables solve the triangle for 
ranges between 1 cable and 7 miles and heights between 7 metres (23 feet) 
and 600 metres (1969 feet). 


. Shoreline Errors. Angle ( @ ) in Fig 8-6 is BDE but, provided that shoreline- 
distance (DC) is greater than Elevation H (BE) and Elevation H is greater than 
shoreline-object distance (CE), no appreciable error is introduced if angle 
BAC ( Q ') is used instead of BDE ( @ ) (see Notes 8-1 / 8-2 below). 


Level of 


MHWS / MHHW 


Fig 8-6. Vertical Sextant Angle (VSA) - Base of the Object Visible to the Observer 


Notes: 

$-1. Shoreline Errors - Object at Shoreline. If the object observed (B) is vertically 
over the shore edge (C), and object-distance (DE) is greater than Elevation H (BE), the 
error in position will be less than the observer’s height of eye (AD). 

8-2. Shoreline Errors - Object set back from Shoreline. If the object is NOT vertically 
over the shore edge (C) (as in Fig 8-6), provided the shoreline-distance (DC) is greater 
than Elevation H, and Elevation H is greater than the shoreline-object distance (CE), 
the error in position is less than 3 times the observer’s height of eye AD. 
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(0803h continued) 
Example 8-1. Vertical Sextant Angle (VSA) Calculation 


A VSA of a lighthouse, charted Elevation 40 metres above MHWS, is 0°46'.2. HOT is 


2.12m below MHWS. The Index Error of the sextant is + 1'.2. What is the range of the light? 


(0803) 


Observed VSA = 0 °46'.2 
Index Error = EZ 
Corrected VSA = 0°47'.4 (0.79 ) 
Charted Elevation = 40.00m 
EZI? 
Corrected Elevation = 42.12m (0'.02274 n. miles) . . . (formula 8.1) 
Range = Corrected Elevation X cot Corrected angle 


0.02274 cot 0.79 ° 
1.65 n. miles (Norie’s Nautical Tables also give 1.65 n. miles). 


1. Range by VSA - Base of the Object Beyond the Observer’s Horizon. A Position 
Line may also be obtained from the observation of the Vertical Sextant Angle (VSA) of 
an object (eg distant mountain peak) where the base is out of sight beyond the 
observer’s horizon, but the calculation is more complex, and some approximations are 
necessary. See Appendix 6 Para 2b for details. 


J- Soundings. Soundings are frequently of value in establishing a Position Line. In 
areas where a particular depth contour on the chart is sharply defined and reasonably 
straight, or in approaches to the land where there is a steady decrease in depth, a Position 
Line may be obtained. Good examples of this are in the south-western approaches to the 
British Isles, where the depth decreases rapidly from 2000 to 200 metres in a distance 
of some 10 to 20 miles, or in the southern approaches to Beachy Head, where the depth 
shoals from 50 to 30 metres in about 1’4 miles. In the latter case, it will be necessary to 
allow for the HOT and to ensure that the Echo Sounder is reading accurately. The 
procedures for calibrating the Echo Sounder are at BR 45 Volume 3 and are summarised 
at Paras 1807 and 1827n. 


k. Astronomical Observation. An Astronomical Position Line 1s a small element of 
the circumference of a Small Circle centred on the Geographic Position of a heavenly 
body with a radius equivalent to ‘90 °- Altitude’ (corrected for errors), converted into 
n.miles. Although an Astronomical Position Line is circular, for practical purposes it 
may be treated as a straight line, except in the case of very high altitudes. An 
Astronomical Position Line may be obtained from the observation of one of the heavenly 
bodies - the sun, moon, stars or planets. The term ‘Astronomical Position Line’ is often 
abbreviated to ‘Position Line’. Full details of astronomical observation procedures and 
methods of making the necessary calculations are at BR 45 Volume 2. 


m. Sonar Range. Provided sonar equipment is fitted, it is possible to obtain the range 
of an underwater object (eg sonar conspicuous rock or Coral outcrop) which can be used 
for navigational purposes as a Position Line in the form of a circular arc. However, it 
is often impossible to determine precisely from which part of the sea-bed the sonar range 
is being obtained, and so particular care should be taken with this technique. 
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(0803) n. Rising or Dipping Range. The ‘Rising or Dipping Range’ is the range at which 
an object is observed to rise above / fall below the horizon. It is approximate, is 
substantially affected by Atmospheric Refraction and should be treated with caution. 


e Distance of the Sea Horizon - Formulae. The theoretical geometric distance 
of the sea horizon for a height of h metres is a range between 1.92 /h to 
1.93 /h Sea Miles, or 1.93 Vh to 1.92 4h n. miles (depending on Latitude), 
thus in practice these units are interchangeable in the calculation and are 
identical at approximately 45° Latitude. However, the effect of ‘standard’ 
Atmospheric Refraction (see Para 1515) is to increase the geometric distance 
by about 8%. Formulae for the approximate distance of the sea horizon are: 


Distance = 2.08 Vh (metres) [approx] ... 8.2 (1987 Ed... 9.2) 
1.15 Vh (feet) [approx] ... 8.3 (1987 Ed... 9.3) 


° Distance of Sea Horizon - Nories Nautical Tables and ALLFS. These 
distances may also be found in Norie’s Nautical Tables or the Geographical 
Range table in the ALLFS - [see Para 0932]. As these tables make different 
allowances for Atmospheric Refraction the distances obtained will be different 
(see Note 8-3 below) . 


or: Distance 


e Distance of Sea Horizon + Distance of the Object Beyond the Horizon. 
The distance of sea horizon and the distance of the object beyond the horizon 
added together give the distance of the ship from the object (see Fig 8-7) 


Fig 8-7. Position Line from a Dipping Range 


Note 8-3. Norie’s Tables uses the formula: distance of the sea horizon d = 2.095 /h where h 
is the Elevation in metres. ALLFS uses the formula: d = 2.03 Jh , where h is the Elevation in 
metres, or d = 1.12 Xh , where h is the Elevation in feet. 


Example 8-2. Rising or Dipping Range Calculation 
A shore light, Elevation 40 metres, is observed from the Bridge to dip below the horizon. 
Height of eye is 12 metres. What is the range of the light? 


From... formula (8.2), the following ranges are obtained: 
Range of sea horizon for height of eye of 12 metres 7.21 Sea Miles 
Range of sea horizon for Elevation of 40 metres 13.16 Sea Miles 
Range of light 20.37 Sea Miles. 


From Norie’s Nautical Tables the following ranges are obtained: 
Range of sea horizon for height of eye of 12 metres 7.3 Sea Miles 
Range of sea horizon for Elevation of 40 metres 133 Sea Miles 
Range of light 20.6 Sea Miles. 


The range given in the Geographical Range table in ALLFS is 19.9 Sea Miles. 
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(0803) p. Horizon Method of Rangefinding. When the height of the object is unknown or 
negligible, the range may be found if one’s own height of eye is known. The 
(theoretically negative) VSA between the waterline of the object and the sea horizon is 
measured (see Fig 8-7a below). This angle, corrected for Index Error and Dip (‘Dip of 
the Sea Horizon’ - see the Nautical Almanac or Norie’s Nautical Tables) is angle 0. It 
can be shown that angle 0, A (height of eye) and d (distance in n miles) are connected 
by the formulae: h 

O = 0.56537 + 0.42 d (h in feet, d in n.miles) ...8.3a 


O = 1856324 0.42 d (h in metres, d in n.miles)  ...8.3b 


These formulae may be solved for d, or d may be found from the ‘Dip of the Shore 
Horizon’ table in Norie’s Nautical Tables. This method should give the range to within 
about 3% at short ranges. The greater the height of eye, the greater should be the 
accuracy, since the base line is the vertical line from the sea to the observer. However, 
any values obtained are approximate, especially if Abnormal Refraction is suspected. 


~~. of Sea Horizon 


Sea Horizon 


Note: Angles exaggerated for clarity. 


Fig 8-7a. Horizon Method of Rangefinding. 


Example 8-3. The angle between the base of an object and the horizon is observed to be 
0° 12.1° Index Error is +1°.2. Height of eye is 49 feet. What is the range of the object? 


Observed angle 0” 12°.1 
Index Error FP 2 
Corrected angle 0° 137.3 
(-) Dip of sea horizon 67.8 
0 0° 20°.1 
| 27.7242 
20.1"= Ta 0.42 d . . . (formula 8.3a) 


d= 1.42 n. miles (or 1.43 from Nories) 
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0804. Transferred Position Lines 

A Position Line may be *Run-on” along the ship’s track as a ‘ Transferred Position Line”, 
allowing for wind and the estimated Tidal Stream / Current if known. This procedure has many 
uses, predominately in a Running Fix, but may also assist in clearing some danger or making a 
Wheel-Over into an ill-defined anchorage or port. Itis a standard procedure in astro navigation 
when plotting Astronomical Position Lines (see BR 45 Volume 2 Chapter 3). The technique is 
illustrated at Examples 8-4 to 8-6 (below and opposite). 


Example 8-4. A ship on course 090° speed 8 knots observes a lighthouse bearing 035° at 1600. 
There is no Tidal Stream or wind. Plot the Transferred Position Line for 1630. See Fig 8-8. 


e Position Line. Draw a line in a 215° direction from the light. This is the Position 
Line at 1600. The ship’s actual position A at 1600 is unknown, although it must 
be somewhere on the Position Line from the light through A. 


e Transferred Position Line. Assume that the ship may be at 4 (somewhere on 
Position Line from the light) and project AB in a direction equivalent to a 30 minute 
run, in this case 090° 4 miles. Construct a Transferred Position Line, with a double 
arrowhead at the outer end, parallel to Position Line through A and passing through 
B. The ship should be on the Transferred Position Line at 1630. 


o 
% 
> 


1630 
(Initial Position Line) (Transferred Position Line - No Tidal Stream) 


Fig 8-8. Plotting a Transferred Position Line (No wind or Tidal Stream / Current) 


Example 8-5. Plot the Transferred Position Line from position A for 1630 as in Example 8-4 
(above), but with a Tidal Stream of 132° 1.7 knots. See Fig 8-9. 


e Transferred Position Line. Proceed as in Example 8-4, but add a Tidal Stream 
vector (BK) of 132° 0.85' before plotting the Transferred Position Line. 


Lo] 
© 
> 


1630 
(Initial Position Line) (Transferred Position Line - With Tidal Stream) 


Fig 8-9. Plotting a Transferred Position Line (With Tidal Stream) 


8-10 
Original 


BR 45(1)(1) 
VISUAL FIXING 


Example 8-6. A ship on course 180° requires to turn onto an anchorage approach 080” in an ill- 
defined bay without a suitable Wheel-Over mark. Using lighthouse ‘L’, plot the transferred 
Wheel-Over bearing and Transferred Position Line ‘CK’ for the approach to anchorage ‘K’. 
Assume that there is no wind or Tidal Stream. See Fig 8-10 (below). 


e Position Line. Observe lighthouse L when it bears 080° (parallel to the anchorage 
approach course ‘CK’) and note the time. 


e Transferred Position Line. Plot Wheel-Over position B using ship’ turning data. 
Transfer the 080° Position Line AL through B, calculating the time the ship will 
reach the transferred Wheel-Over line. 


e Tidal Stream. In this example (for simplicity), wind and Tidal Stream was 
assumed to be zero. In practice, this will rarely be the case and the time of the 
transferred Wheel-Over will need to take wind and Tidal Stream into account, using 
the procedures at Example 8-5 (previous page). 


Fig 8-10. Plotting a Transferred Wheel-Over Line (No wind or Tidal Stream / Current) 
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0805. Fixing Techniques - Summary of Methods 

A Fix is the position obtained by the intersection of two or more Position Lines. Unless 
the Position Lines are obtained at the same time, one or more of them must be transferred (see 
Paras 0804 and 0806). Methods of obtaining a Fix are: 


DGPS / GPS (or equivalent). 
LORAN-C and eLORAN. 

Cross Bearings - Theory and Practice. 
Bearing and Range. 

Transit and HSA. 

Bearing and ASA. 

Multiple HSAs. 

Running Fix. 

Range Lattices - Radar / Visual 
Astronomical Observations. 

Bearing / Range and Depth Contour Sounding. 
Bottom Contour Soundings. 


a. DGPS/GPS. DGPS/GPSreceivers are fitted in almost every vessel and WECDIS 
/ECDIS fits with automatic DGPS/ GPS inputs are increasingly common (see Chapter 9 
for DGPS/ GPS theory). However, “Traditional” Fixing methods are still important as 
a back-up method and to check automated systems. 
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DGPS / GPS Denial or Degradation. DGPS / GPS signals are extremely 
weak; they may easily be jammed or seduced (‘GPS Denial’). Graceful 
degradation of positional accuracy can occur which may be difficult to spot 
unless regular independent checks are made (see Note 8-4 opposite). 


Check Fix Requirement and DR/EP Comparison. It is essential to carry 
out independent regular check Fixes to check DGPS / GPS inputs, using 
another navaid; if this is not possible (ie outside radar range of land / no 
LORAN coverage / no 2" GPS receiver / without astronomical observations), 


then comparison of the DGPS / GPS position against DR/EP is required. 


Fix and Check Fix Intervals. Intervals for Fixes and check-Fixes are at 
Paras 0716 / 0721 (with extracts repeated at Paras 1231f/g/h). 


GPS Lattice. Ships not fitted with WECDIS / ECDIS may need to construct 
a chart expansion with a GPS Lattice superimposed (Latitude / Longitude 
Grid) to allow rapid, accurate plotting of GPS positions and course alterations 
(eg for minefield swept channel transits etc). If the original chart is not based 
on WGS 84, a (Geodetic) Datum Shift must be applied. 


Construction of GPS Lattice. The quickest way of constructing a GPS 
Lattice chart expansion is by photocopying the navigational chart with a 
particular expansion factor set, taking care to include a suitable Grid and 
distance Scale on the area being photocopied. This Grid and distance Scale 
may then be subdivided into smaller divisions on the photocopy to assist 
rapid, accurate plotting of Fixes. Care must be taken to ensure a uniform 
Grid and distance Scale expansion. Alternatively, a Mercator chart 
expansion may be constructed using UKHO chart (Diagram) 5004, or from 
first principles by using Meridional Parts (see Para 0424). 


voltage, pushing more electrons into the 
depletion region. However, the electrons in the 
N region are also repelled by the © electrons 
already in the depletion region. (Remember 

that like charges repel each other.) When the 
forward- biased voltage is sufficiently high (0.7 


volts for silicon diodes, and 0.3 volts for 
germanium diodes), the depletion region IS 
eliminated. As the voltage is raised further, 
the negative voltage, in repelling electrons In 
the N region, pushes them into the P region, 
where they are attracted by the positive 
voltage. 

This combination of repulsive and attractive 
forces allows current to flow, as illustrated In 


the following figure. 
P region N region 


+V —VY 
dl Flow of electrons 
Conventional current flow —e 
Note that an interesting aspect of diodes IS 


that while the N and P regions of the diode 
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Note 8-4. GPS Denial / Degradation. ‘GPS Assisted’ accidents, where over-reliance has been 
made on erroneous GPS inputs, are becoming increasingly common (see also Para 0916). 


e In one notable case, a modern cruise liner with 1,509 persons on board, fitted with 
GPS and an automatic navigation system, grounded 17 n. miles from its presumed 
position. The GPS aerial lead had failed and GPS had automatically switched to 
DR mode for 34 hours until the grounding; aural and visual alarms were missed. 
With wind and a Y kn Current taking effect, no independent position checks nor EP 
comparison with the GPS position were made in the entire 34 hour period. 


e In another case, a large modern vessel equipped with 2 GPS receivers and ECDIS, 
grounded 15 n. miles from its presumed position. The GPS input to ECDIS had lost 
its signal some 30 hours earlier and had switched to DR mode; the alarm had been 
cancelled but no action taken. The 2" GPS was operating correctly but was not 
used for comparison. No effective check Fixes were taken on the coastline, which 
had been in range for most of the preceding 30 hours prior to grounding. 


b. LORAN-C /eLORAN. LORAN-C is not as accurate as GPS but is valuable as a 
position source and for cross-checking GPS data. eLORAN 1s under development (2008) 
and has achieved accuracies similar to GPS during trials (see Para 0918). 


c. Cross Bearings in Theory. When accurate bearings are obtained from two 
different known objects at the same time, the ship’s position must be at the point of 
intersection of the two lines of bearing. To identify any possible errors, a third (check) 
bearing should always be taken at the same time and should pass through the point of 
intersection of the other two bearings. See Fig 8-11 (below). 


Ground Track 


0 1 2 C. 
S Cale o VES 


Fig 8-11. Fixing by Cross Bearings 


d. Cross Bearings In Practice - The Cocked Hat. When 3 bearings are taken, the 
resulting Position Lines may NOT meet at a point but as a triangle known as a Cocked 
Hat (see Fig 8-12 overleaf). The cause of a Cocked Hat may be any of the following: 


(1) Excessive time interval between observations. 

(2) Error in identifying the object(s). 

(3) Error in plotting the lines of bearing. 

(4) Inaccuracy of observation due to compass / repeater / human error. 
(5) Inaccuracy of the survey or the chart. 


(6) Compass error unknown or incorrectly applied. 
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(0805d continued) 
A detailed treatment of bearing errors is at Chapter 16 and Appendix 8, but in summary: 


° Errors (1), (2) and (3). Ifthe Cocked Hat is large, removal of errors (1), (2) 
and (3) may usually be attempted, or the Fix re-taken avoiding them. Error 
(1) may be removed by applying a ‘Run-on’ / ‘Run-back (see Example 8-7). 


e Error 4. Error (4) should never be greater than '4°-'2° with modern compass 
repeaters and may generally be disregarded. 


e Error 5. Error (5) may be assessed by checking the chart Source Diagram 
(Paras 0624c/d) or Category of Zone of Confidence (CATZOC) (Para 0625). 


° Error 6. Methods of eliminating error (6) are at Para 0811. 


Example 8-7. A ship is on course 180 at 24 knots (see Fig 8-12 below). Bearings for a Fix were 
taken at 10592, 1059374 and 1100. On plotting the ‘1100 Fix’, no allowance was initially made 
for the 15 second intervals (each equivalent to 1 cable’s run) between each bearing, which 
caused a large Cocked Hat. On re-plotting with an appropriate ‘Run-on’ for the earlier bearings, 
the 1100 Position Lines and Transferred Position Lines create a good Fix. 


Ground Track 180° 


‘Run-on’ 0.2’ for 1100 
Cocked Hat 


(Grey Area)` 0 (12) 


‘Run-on’ 0.1’ for 1100 


Revised Position of Fix! 


0 1 2 
Scale Hp Miles 


Fig 8-12. Example 8-7: The Cocked Hat and Resolution of ‘Run’ Errors 


(0805) e. Bearing and Range. A visual bearing may be combined with a range to obtain two 
Position Lines and thus a Fix. To identify any possible errors, a third (check) bearing 
or range should always be taken at the same time (as for cross bearings). See Para 1232. 


f. Transit and HSA. A transit may be combined with a range from an HSA between 
the nearer object of the transit and a third object. The position is the intersection of the 
transit and the arc of the circle obtained from the HSA (see Para 0803d / Fig 8-5). No 
compass 1s required for this method of Fixing. 


8-14 
Original 


BR 45(1)(1) 
VISUAL FIXING 


(0805) g. Bearing and HSA. If passing a small island (or similar feature) where the 
compass bearings of the two edges give too small an angle of cut and a ranging aid (eg 
radar) is not available, a bearing of one edge may be combined with a range from the 
HSA between the edges. From the Radian Rule (see Para 0127), if the width of the 
island is measured on the chart, the range of the ship may be calculated (see Example 
8-8). 


Example 8-8. The HSA between the edges of an island 0.7 n. miles wide was 6° 00.0". At the 
same time, the left-hand edge of jhe island bore 085°. What was the range (R) of the island? 


PF = — radians 6° = —=—— radians 
360 ae: 360 
360x 0.7 l l 
Range (R) = Per n.miles = 6.68 n.miles 
X 


Range plotted from 
edge sighted in HSA 


Fig 8-13. Example 8-8: Fixing by a Bearing and an HSA 
h. Multiple HSAs. Multiple HSAs may be used to Fix. Details are at Para 0808. 


1. Running Fix. A Running Fix involves transferring one Position Line to cross 
another (see Para 0804). Details of Running Fix techniques are at Para 0806. 


J. Range Lattices - Radar / Visual. The intersection of range arcs (radar, VSA etc) 
provides a Fix. Radar / VSA Range Lattices of arcs cutting each other at angles of 
between 30° and 90° from two radar conspicuous objects may be constructed on the 
chart. The radar should be calibrated in n. miles and radar Index Error known to ensure 
accurate Fixing. Other radar Fixing techniques are at Para 1232. 


k. Astronomical Observations. Calculation of an Observed Position (Fix) from 
astronomical observations is described in detail in BR 45 Volume 2. 


m. Bearing / Range and Depth Contour Sounding. On transiting shoaling water, a 
Position Line may be obtained by an Echo Sounder reading when crossing (as nearly as 
possible at right angles) significant, substantially changing, clearly defined, reliable 
depth contours (see Fig 8-14 overleaf). The Echo Sounder reading may be combined 
with any other Position Line (eg visual bearing or radar / VSA range) taken 
simultaneously with the sounding. Before plotting the depth contour sounding Position 
Line, an allowance must be made for: 


° The HOT. 


. The draught of the Echo Sounder (usually ship’s draught) if it is NOT set to 
read depths below the waterline. 
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(0805m continued) 


In Fig 8-14 (below), at 1000, St Anthony’s Head bore 342” at the same time as depth 
47m (below the keel) was recorded on the Echo Sounder. Draught was 6.1m, HOT 


3.1m. The sounding Position Line was drawn along the 50 metre depth contour (47 + 
6.1 - 3.1 =50m) and where 1 
Black Rk s 


Beacon 


t intersected the bearing of 342”, was the position at 1000. 
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Fig 8-14. Fixing by Bearing and Sounding of Dep 
(0805) n. 


th Contour 


Details are at BR 45 Volume 9. 


Bottom Contour Soundings. Fixing by the use of multiple bottom contour depth 
soundings alone is a specialized technique, normally only used by dived submarines. 
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0806. Running Fixes 

The concept of a Transferred Position Line was established at Para 0804. The 
accuracy of the Running Fix is fundamentally dependent on the accurate assessment of the 
ship’s course and speed (the Water Track) and the Drift / Set (effect of wind, Tidal Stream 
/ Current) experienced over the period. The biggest single source of error is likely to be an 
inaccurate assessment of the Drift / Set. 


a. “Standard” Running Fix. A ‘Standard’ Running Fix is the point of intersection of 
a Transferred Position Line and a second Position Line on the same single object. 


Example 8-9. ‘Standard’ Running Fix. A ship on course 090° speed 8 knots observes a 
lighthouse bearing 035° at 1600. At 1630 the same lighthouse bore 295°. The Tidal Stream is 
estimated as 132° at 1.7 knots. Find the ship’s position at 1630. See Fig 8-15 (below). 


e Plot the Transferred Position Line for 1630 allowing for Tidal Stream, as in 
Examples 8-4 / 8-5 (Para 0804). 


e Plot the 1630 Position Line (295°). The 1630 Running Fix position is at the 
intersection of the Transferred Position Line and the 2™ Position Line. 


B 


A 


%y 
b o 
ey 
S i i o 

Running Fix at 1630 52 
1630 (Second Position Line - 295°) 
1600 1630 
(Initial Position Line) (Transferred Position Line - With Tidal Stream) 


Fig 8-15. Example 8-9: A ‘Standard’ Running Fix 


b. “Special Case” Running Fix - Doubling the Angle on the Bow. The range of an 
observed object 1s the distance run between observations when the “angle on the bow” 
is doubled, provided there is no Drift / Set’(see Fig 8-16 below). Provided there is no 
Drift / Set, the distance run (AB) equals the range of the object (BL). If there is any 
Drift / Set, the observations should normally be plotted as a conventional Running Fix 
(see Example 8-9 at Para 0806a / Fig 8-15 above). The detailed theory of ‘Doubling the 
Angle on the Bow’, both in still water and with a Drift / Set, is at Appendix 7. 


: Provided there is no Set, 


AB (Distance Run) = BL (Range of Object) 


Ho \ 


Course Steered 


Fig 8-16. ‘Special Case’ Running Fix - Doubling the Angle on the Bow 
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(0806) c. ‘Special Case’ Running Fix - Establishing a Tidal Stream. If starting from a 
known Fix position, the Drift / Set experienced may be estimated by Running Fix, 


provided it is certain that the strength and direction of the Drift / Set remain constant (see 
Example 8-10 / Fig 8-17 below). 


Example 8-10. Running Fix from Fix Position with Unknown Tidal Stream. At 1700 a ship 
on course 180° was Fixed at A. At 1800 object R bore 090° and at 1836 it bore 053°. Assuming 
it is constant, establish the Tidal Stream from 1700 to 1836. See Fig 8-17 (below). 


e Plot the ship’s Water Track AE (180°) from the 1700 Fix at A. 
e Plot the 1* (1800) Position Line, intersecting AE at B. 
e Plot the Transferred Position Line at the EP position at 1836 using speed AB. 


e Plot the 2"! Position Line (1836). The 1836 Running Fix position is at the 
intersection of the Transferred Position Line and the 2™ Position Line. 


e The Tidal Stream from 1700-1836 is represented by DP, where Dis the DR position 
at 1836, plotted from A. 


A(e) 1700 Fix Position 


1800 1° Position Line 


Transferred Position Line 


( P - 1836 Running Fix Position 


1836 2”” Position Line 


Fig 8-17. Example 8-10: ‘Special Case” Running Fix - Establishing a Tidal Stream 


8-18 
Original 


BR 45(1)(1) 
VISUAL FIXING 


(0806) d. ‘Special Case’ Running Fix - Estimating Distance Abeam. When ‘Doubling the 
Angle on the Bow’, if the initial angle on the bow is 45” the second angle will be 90°, 
thus giving the distance abeam provided there is no Drift / Set; this is known as the 
‘Four-Point Bearing’ (ie one Point = 11'/4° and thus four Points = 45° [see Para 0123c]). 
The Four-Point Bearing suffers the disadvantage that the distance abeam 1s not known 
until the object is abeam. However, provided the difference between the cotangents of 
the two measured angles is 1 [see formula (8.5) below], the distance run between the two 
angles equals the distance at which the object will pass abeam (see Fig 8-18 below); thus 
the distance abeam can be estimated before the object is abeam. A number of pairs of 
angles satisfy this criteria (see Table 8-1 below). 


Course Steered 


Provided there is no Set, 
AB (Distance Run ‘x’) = CL (Range Abeam of Object ‘x’) 


Fig 8-18. ‘Special Case’ Running Fix - Estimating Distance Abeam 


y XT y 
In Fig 8-18: cotO== and cot@= a 
x 
x + 
cotó- cot@ = on e d 
x x 
cotó- cot@ = 1 ... 8.5 (1987 Ed... 9.5) 


—p 8-1. Pairs of a | ‘wee 1 for use in Estimating Passing Distance Abeam 


Remarks 


Distance Run (AB) = Distance Abeam (CL) 
Distance Run (AB) = Distance to Abeam Position (BC) 


e. Estimating Distance Abeam - Subtended Angle. From the Radian Rule, 1° 
subtends approximately 1 n.mile at a distance of 60 n.miles. (or 2 cables at 12 n.miles). 
Thus the angle on the bow and range of an object may be used to calculate the distance 
it will pass abeam (eg An object is 10° on the bow at 12 n.miles. Assuming no Tidal 
Stream or Leeway, it will pass at 10 x 2 cables = 2 n.miles). Course may be altered to 
adjust the distance off, but allowance must be made for any Tidal Stream or Leeway. 
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0807. Selection and Use of Visual Fixing Marks 


a. Choosing Marks. Marks selected for Fixing should be charted and identifiable. 
If possible, marks should be ahead of the ship and visible from the same repeater. 


+ Bearing Separation. Chosen marks should be well separated in bearing, 
normally with a minimum cut of 30°. Fig 8-19 (below) illustrates the 
difference in position caused by an error of 5° with two cuts of 90° (4B) and 
20° (CD). Ideally, when three objects are observed they should be 60° apart 
in bearing, and with two objects 90° apart. 


+ Effect of Range. The closer the object, the less will be the difference in 
position resulting from any error in the bearing. 


° Same Circle. The marks and ship should NOT be on the circumference of the 
same circle, because any unknown compass error will NOT be revealed when 
the bearings are plotted (see details at Paras 0808f-h / Fig 8-27). 


° Channels. When navigating in channels on older charts, marks should be 
selected from one side only to avoid any possible discrepancy arising from 
any different geographical Datums in use on opposite sides of the channel. 


5° Bearing Errors _ 


90° Angle of cut 
w ‘ _ \20° Angle of cut 


Fig 8-19. Effect of a 5” Error at 90° and 20° Angles of Cut 


b. Fixing Procedures. The normal (single operator) procedure for Fixing 1s as 
follows, and should NOT take more than 1 minute. An assistant may be used to 
record and plot Fixes. Fixing procedure when anchoring are at Para 1415b. 


e Select 3 or 4 marks from the chart and any additional marks to be ‘shot-up’. 

e Check the bearings of selected marks from the present DR / EP position. 

e  Positively identify the marks with binoculars. Ifin any doubt, identify them, 
either by transit bearing or from a previous Fix (see Para 0807d opposite). 

. Write the names of selected marks in the Navigational Record Book. 

e Observe the bearings as quickly as possible. Except when anchoring, the time 
of the Fix will be the last bearing, so take marks with slow bearing movement 
first (ie ahead / astern) and marks with rapid bearing last (ie beam). The time 
of Fix should ideally coincide with the DR / EP time on the chart. 

e Note the bearings and time in the Navigational Record Book (see Fig 7-11). 
If using a magnetic compass, apply Magnetic Deviation and Variation. 

e Plot the Fix and compare to the DR/ EP. Lay off a further DR / EP. 

e Verify time of Wheel-Over (if applicable). Plan marks for next Fix. 

. Return to lookout. 
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(0807) c. Shortcuts to Fixing. Experienced OOWs may use shortcuts to Fixing procedures. 
Examples of these are as follows, but it should be emphasised that these are not 
recommended for beginners. 


The fastest changing bearing will be observed at the exact intended time for 
the Fix; the other bearings will be observed just before or just after this time. 


Only the last two digits of each bearing are memorised while taking the Fix; 
these are recorded in the Navigational Record Book after all bearings have 
been taken and the third (hundreds) figure of each added by inspection. This 
procedure allows 3 (or 4) bearings to be taken very rapidly, but does require 
mental agility and a practised memory for figures to achieve reliable results. 


d. Identifying Marks - Procedures. The OOW / NO must plan ahead and positively 
identify any marks which are to be used for Fixing or as marks in Pilotage. Chimneys, 
flagstaffs and radio masts are notorious for having been demolished and/or 
sometimes re-built in slightly different positions without the charting authority 
having been informed; such marks should be treated with particular caution. 
Several methods are available to identify marks, as follows: 


From the DR / EP. Well-known, ‘Conspicuous’ marks (often marked 
‘Conspic’ on the chart) may often be identified from the DR / EP, by looking 
down the expected bearing with binoculars. Such marks may be identified by 
this method alone, but less obvious marks will need further proving before 
being used. 


By Transits. A quick and most useful method of positively identifying an 
unknown mark is to select a bearing when it will be in transit with a known 
object and to observe the bearing of both at that moment. This can often be 
the ‘opening bearing’ when the object comes into transit with an edge of land. 
Compass error must be allowed for, as reliance is made of a single bearing. 
If doubt remains, another transit bearing will provide a ‘cut’, or 1t may be 
necessary to prove the mark by Fix (see Bullet below). 


By Fix. When taking a Fix, an additional bearing of an ‘unknown’ mark may 
be taken. Once the Fix is plotted, the extra bearing is plotted from the Fix to 
the mark to check whether it coincides with the mark’s charted position. If 
doubt remains, this process may need to be repeated to provide a ‘cut’ with 
another check bearing, either using another Fix or a or a suitable transit (see 
Bullet above). 


e. Poor Fixes. Ifthe Fix does not fit, it must NOT be ‘fudged’; this is both dishonest 
and dangerous. The Fix either needs to be re-worked to eliminate known errors (see 
Para 0805d / Fig 8-12), or to be retaken. If there is any doubt about the ship’s 
position in relation to immediate dangers, the ship should be turned into safe water 
or stopped using astern power (as appropriate) and the navigation situation 
resolved before proceeding further. This may dent the OOW / NO’s pride, but it may 
well prevent the ship itself from being severely ‘dented’ in a grounding. 
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(0807) f. Identification of Uncharted Objects. It sometimes happens that a shore object 
or buoy is visible from the ship but is not shown on the chart. Its position may be 
plotted on the chart by a series of bearings, using the Fix and / or transit methods at 
Para 0807d (previous page). Figs 8-20 and 8-21(below) illustrate these techniques in 
establishing the position of an uncharted buoy, by bearings and transits respectively. In 
practice, these two methods may be mixed. Once a fixed object has been positively 
identified and plotted on the chart, it may be used for Fixing the ship, subject to any 
accuracy limitations arising out of the processes used to chart the object. 


Note. Ship Fixed from known charted 
objects, with ‘Shoot-up’ bearings taken 
at each Fix and plotted from the Fix 
to the buoy, to establish its position. 


Note. Buoy’s position established 
by transits of charted objects. 
Fixes (except at 1000) omitted 

from diagram for clarity. 


Fig 8-21. Establishing the Position of an Uncharted Buoy by Transit Method 
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have mobile charges, they do not have a net 
charge. The mobile charges (electrons in N 
regions and holes in P regions) are simply 
donated by the impurity atoms used to dope 
the semiconductor material. The impurity 
atoms have more electrons in the N region 
and less in the P region than are needed to 
bond to the adjacent silicon or germanium 
atoms in the crystalline structure. However, 
because the atoms have the same number of 
positive and negative charges, the net charge 


is neutral. 
In a similar way, metal iS a conductor 
because it has more electrons than are 


needed to bond together the atoms in its 
crystalline structure. These excess electrons 
are free to move when a voltage is applied, 
either in a metal or an N type semiconductor, 

which makes the material electrically 
conductive. Electrons moving through the PẸ 
region of the diode jump between the holes, 
which physicists model as the holes moving. 
In a depletion region, where electrons have 
been trapped by holes, there iS a net 
negative charge. 

You apply a reverse-biased voltage to a diode 
by applying positive voltage to the N type 
region and negative voltage to the P type 
region. In this scenario, electrons are 
attracted to the positive voltage, which pulls 
them away from the depletion region. No 
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0808. Horizontal Sextant Angle (HSA) Fixes 

Despite the advent of DGPS / GPS and WECDIS / ECDIS equipments, in the event of 
‘GPS Denial’ or other circumstances (eg defects, hostilities, action damage etc), it may still be 
necessary to navigate to a higher degree of accuracy than that obtainable from normal Fixing, 
while at the same time plotting the Fix quickly and maintaining an accurate record of the ship’s 
movements. Examples of the occasions when this may be necessary are mine countermeasure 
operations, Pilotage and the anchoring of ships in company. Two visual methods are available 
for this type of Fixing: Horizontal Sextant Angles (HSAs) and Bearing Lattices. 


a. Fixing by HSAs. Observing and plotting HSAs subtended by three or more objects 
Fixes the ship’s position by the intersection of two or more Position Lines. It is 
extremely useful for Fixing the ship accurately when moored or at anchor, and for Fixing 
the ship accurately at sea when two trained observers are available. The theory of HSA 
Fixes 1s at Appendix 6 and errors in HSA Fixes at Chapter 16 / Appendix 10. 


e Advantages. The advantages of the HSA Fix are: 


> 


HSA Fixes are more accurate than a compass Fix, because a sextant 
can be read more accurately than a compass. 

HSA Fixes are independent of compass errors. 

HSAs can be taken from any part of the ship. 

HSA Fixes are easy to take, particularly with trained observers. 


e Disadvantages. The disadvantages of the HSA Fix are: 


> 


> 


> 


Plotting HSA Fixes can take longer than plotting compass bearings. 
Three suitable objects are essential (see Para 0808e). 

If the objects are incorrectly charted or incorrectly identified the Fix 
will be false and the error may not be apparent. For this reason HSA 
Fixes should not normally be used with a poorly surveyed chart. 
The HSA marks and ship should NOT be on the circumference of the 
same circle, because the Fix can be plotted anywhere on the circle 
(see details at Para 0808f / Fig 8-27). 


b. HSA Fixes - Concept. Fig 8-22 (below) shows a ship ‘L’ and marks (4, B, C, D), 
all in roughly the same horizontal plane. The angles ALB and BLC are measured by HSA. 
L and B lie at the intersection of the circles ALB and BLC, which contain the observed 
angles ALB and BLC respectively. The ship must be at L, and not at B. 


Angle ALB = 34°15° 


‘Angle BLC = 51°16’ 


Fig 8-22. Fixing by Two HSAs 
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(0808) c. HSA Fixes - Plotting. To plot the Fix at Fig 8-22 (previous page), the angles ALB 
and BLC are set on a Station Pointer which is placed over the chart so that LA, LB and 
LC pass through the charted positions of A, B, and C. L is the ship’s position. 


e Plotting Check Angles. To guard against incorrect identification, a check 
angle may be taken between the centre and fourth objects (B & D in Fig 8-22). 
When a Station Pointer is used, the fourth angle may be plotted after the Fix 
has been obtained, by holding the Station Pointer steady and moving the 
appropriate leg to the check angle. This leg should then pass through D. 


e Recording Angles. The Fix shown in Fig 8-22 (previous page) would be 
recorded in the Navigation Record Book as: 
HSA A34°15'B 51°46'C 
HSA B 73°49'D 


e No Station Pointer. Ifno Station Pointer is available, a Douglas Protractor 
(see Para 0811g) or tracing paper may be used instead. The observed angles 
are drawn from the centre of the Douglas Protractor or from any point on the 
sheet of tracing paper. The Douglas Protractor or tracing paper are placed on 
the chart and rotated until all the lines are in contact with the charted objects. 
The ship’s position may then be pricked through onto the chart. 


d. Strength of an HSA Fix. The mathematical strength or weakness of an HSA Fix 
is assessed by the angle of cut between the Position Circles; the closer the cut is to 90° 
the stronger the Fix. A major disadvantage of plotting by Station Pointer, Douglas 
Protractor or tracing paper (as at Para 0808c) is that none of these methods shows the 
Position Circles. The Position Circles may be drawn on the chart using a simple 
geometrical construction, allowing the angle of cut to be assessed (see Fig 8-23 below). 


yy 
~ Angle BLC = 51°16’ 


Fig 8-23. Plotting the Position Circles of an HSA Fix 


e Construction. Perpendicular bisectors to 4B & BC are HDF & KEG . The 
centres O, and O, of the two relevant Position Circles through AB and BC 
may be found from the calculations opposite, based on formula (A6.2): 
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(O808d) From example at Paras 0808c/d and Figs 8-22 / 8-23: 
hd 
DO, = X, = tan34 25 37.45 mm ... formula (A6.2) 
We 
EO, = X, = — = 30.48 mm . . . formula (A6.2) 


2 tan5l".2667 


e Plotting the Position Circles. The distance between A and B is represented 
by d the distance between B and C by e. The two Position Circles, radii AO, 
and BO,, may now be plotted and the Fix at L established. 


e Angle of Cut. The angle of cut between the two Position Circles is 
immediately apparent and the closer this is to 90”, the stronger the Fix. 
Ideally, the angle of cut should never be less than 30”. In Fig 8-23 (opposite), 
the angle of cut at L is about 70”. 


e Third Position Circle. If the two angles are small (eg 20° or 30°) the 
weakness of the Fix may be overcome to some extent by plotting a third 
Position Circle through the two outer marks A and C (this would be circle 
ALC in Fig 8-23). 


e. Choosing Marks for an HSA Fix. The sum of the two HSAs should be more than 
50°; better results will be obtained if neither HSA is less than 30°. Marks for an HSA Fix 
should be chosen so that at least one of the following conditions applies: 


(1) Marks are either all on or near the same straight line, and the centre mark is 
nearest the observer (see Fig 8-24 below). 


(2) The centre mark is nearer the ship than the line joining the other two (see 
Fig 8-25 overleaf). 


(3) The ship is inside the triangle formed by the marks or on the outer edge of the 
triangle formed by the marks (see Figs 8-26a/b overleaf). 


(4) At least one of the HSAs should change rapidly as the ship alters position. 


Fig 8-24. HSA Condition (1) - Marks are either all On or Near the Same Straight Line. 
Centre Mark is Nearest the Observer 
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Fig 8-25. HSA Condition (2) - The Centre Mark is Nearer the Ship 
than the Line Joining the other Two 


Fig 8-26a. HSA Condition (3a) - Ship is Inside the Triangle Formed by the Marks 


Fig 8-26b. HSA Condition (3b) - Ship is on Outer Edge of Triangle Formed by Marks 
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(0808) f. When Not to Fix Using HSAs. Ifthe ship and the marks observed are all on the 
arc of the same circle (see Fig 8-27 below), the two Position Circles become one, and 
the two HSAs will cut at any point on the arc. An HSA Fix is impossible in these 
circumstances. In Fig 8-27, the beacon should have been chosen for the middle mark, 
and NOT the chimney. 


g. When Not to Fix Using Compass Bearings. Ifthe ship and the marks observed 
using compass bearings (instead of HSAs) are all on the arc of the same circle (as in Fig 
8-27 below), and there is an unknown error in the compass, this error will not be 
revealed by plotting. The angles between the objects will be correct but the plotted 
bearings will always meet at some point on the arc of the circle. The plotted position 
will differ from the actual position dependent on the amount of the unknown error. 


h. Summary of When Not to Fix. Never Fix the ship by HSAs or bearings when the 
ship and the objects observed are all on the arc of the same circle. 


Some Possible 7, 
Positions (etc), `- 
all on the arc 


of the same circle 


Fig 8-27. When Not to Fix Using HSAs or Bearings 


1. Rapid Plotting Without Instruments. To enable HSA Fixes obtained to be plotted 
rapidly without instruments, an HSA Lattice of curves (see Fig 8-28 overleaf) may be 
constructed on the chart. Sets of curves are plotted from each of two pairs of marks and, 
if the angle between each pair is observed simultaneously, the Fix may be plotted 
immediately at the intersection of the two curves. The method for construction of the 
HSA Lattice 18 at Appendix 6. 
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Fig 8-28. HSA Lattice of Curves 


0809. Bearing Lattice Fixes 
To produce a Bearing Lattice for use with rapid plotting of visual Fixes, a lattice of 
bearing lines from two visually conspicuous objects is drawn on the chart (see Fig 8-29 below). 


a. Marks. Marks should be suitably placed to give an acute angle of cut, ideally 
between 60° to 90° (a minimum angle of cut of 30° is acceptable). In Fig 8-29 (below), 
the acute angle of cut varies between 55° and 90°. Depending on the distance of the 
objects and the Scale of the chart, lines may be drawn 1” to 5° apart. In Fig 8-29, the 
lines are drawn at 5° intervals, while two ‘boxes’ are illustrated at 1” intervals. 


b. Procedure. A team of 3 is required: a ‘plotter’ to coordinate, record and plot the 
bearings, and two ‘bearing takers’. The ‘plotter’ controls the rate of Fixing which 

should be about one Fix every 30 to 60 seconds. Noise level is reduced 1f headphone 
_communication is available. 
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0810. HSA Fixing Procedures 

Successful rapid Fixing using HSAs and an HSA Lattice can only be achieved 1f there 1s 
a high standard of training and techniques. Special teams should be formed, as follows: 

+  Plotting/Course Control Officer 

e Recorder 

+ Red Angle Taker 

e Green Angle Taker 


a. Organisation. When continuous Fixing is required, the angle takers should do a 
20 minute trick. They should be positioned close together where they can best see the 
marks with good communications to the plotter; each Fix 1s recorded and plotted as the 
angle takers report their readings. Fixes should be plotted every 30-60 seconds. The 
Index Error of sextants must always be checked before use. The Fixing marks should 
be ‘shot-up’ beforehand to ensure they agree with the charted objects selected. Unless 
the HSA Lattice is drawn to a very large Scale, it will not usually be possible to plot to 
an accuracy of more than + Y”, so angles need only be reported to the nearest Y”. But, 
if a Station Pointer is being used to plot the Fixes rather than an HSA Lattice, angles 
should be reported to the nearest 5' of arc. Either of the following HSA Fixing methods 
may be used, but it is easier to generate DRs / EPs with the ‘Time Interval’ method: 


b. Fixing by Time Intervals. This method is more difficult to plot than Para 0810c. 


5 - 10 seconds before the Fix is due, the recorder, using a stopwatch, gives the 
warning ‘Standby’ to the angle-takers. 


The angle-takers raise their sextants and align the marks. The lead angle- 
taker (whose angles are changing more quickly) and second are nominated. 


The second angle-taker reports “On” when coincidence is obtained and then 
keeps the marks lined up. 


At the appropriate moment the recorder calls “Time”, and the lead angle-taker 
obtains coincidence and reports ‘Fix’. Both angle-takers record angles. 


The recorder notes the time of the Fix and the reported angles eg: 
‘On the right, 60° 30° (or Green 60° 30”)”. 
‘On the left, 40° (or Red 40°)’. 


The Fix is plotted. 


c. By Angle Intervals. This method is easier to plot than Para 0810b. 


The lead angle is usually chosen to coincide with one of the HSA curves 
drawn on the chart. 


The lead angle-taker pre-sets the sextant. 


As the marks near coincidence, the lead angle-taker calls “Standby” and the 
second angle-taker aligns the marks. 


The lead angle-taker calls ‘Fix’ as the marks come into coincidence 
The time of the Fix 1s recorded. 


The angle-takers report their angles and the Fix 1s plotted. 
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0811. Adjustment of Fixes for Compass Errors 
a. Compass Error Checks. If it is suspected that a Cocked Hat has been caused by 
a compass error, first check that any known corrections have been applied correctly. 


e Gyro Errors. Gyro error corrections should be applied as in Para 0121 (ie if 
gyro is HIGH, subtract error from observed bearing; if LOW, add error). 


e Magnetic Variation and Deviation. Magnetic Variation and Deviation 
should be applied as in Para 0124 (ie subtract westerly Variation and 
Deviation from the Magnetic Compass bearing and add 1t when easterly; the 
mnemonics ‘CADET ‘and ‘CDMVT are useful for the conversion rules). 


b. Methods of Checking Gyro Error and Magnetic Deviation. The Gyro error and 
/ or Magnetic Deviation may be checked by any of the following methods: 


. Transit. The compass bearing of two charted objects may be observed when 
they are in line (see Para 0803c) and the true or magnetic bearing taken from 
the chart. The difference between the observed and charted bearings will be 
the Gyro error (see Paras 0121e/f) or the Magnetic Deviation (see Para 0125 
and Example 1-7). 


e Bearing of a Distant Object. The ship (ideally at anchor) may be Fixed by 
HSAs, or may be alongside a jetty in a known geographic location. An 
observed bearing of a distant object may then be compared with the bearing 
taken from the chart and the error calculated. From the Radian Rule (see Para 
0127), ⁄2° subtends approximately 100 yards at 6 n.miles; so, 1f the ship’s 
position is known to an accuracy of 100 yards, the compass error can be 
established to an accuracy of 2° using an object 6 n.miles away. 


e True Bearing of a Heavenly Body. The true bearing of a heavenly body 
may be most easily and accurately calculated with NAVPAC software (DP 
330; see Para 0210a), using the procedures at BR 45 Volume 2 Chapter 3. 
With data from the Nautical Almanac (NP 314), other methods include the 
Cosine formula, Weir’s Azimuth Diagrams (Charts 5000 and 5001), Marine 
Sight Reduction Tables (NP 401), Air Navigation Sight Reduction Tables (NP 
303), Concise Nautical Almanac Reduction Tables (NP 314), and the ABC 
Azimuth Tables / Amplitudes and Corrections Table in Norie’s Nautical 
Tables (NP 320). Calculation details are at BR 45 Volume 2 Chapter 5. 


e Reduction of the Cocked Hat. If it seems certain that the Cocked Hat is due 
to compass error alone, and none of the above three methods is available to 
resolve it, then the Cocked Hat may be reduced and the error found, as at 
Paras 081 1d-e (opposite). 


e Magnetic Deviation - Gyro ‘Comparison Swing”. See Paras 0122g/ 0125c. 


c. Reciprocal Compass Checks (RAS Operations). Reciprocal compass 
checks may be carried out with other ships prior to conducting Replenishment 
at Sea (RAS) or similar close stationing operations. The procedure for 
carrying out reciprocal compass checks is at BR 45 Volume 6, Chapter 5. 
This method is NOT relevant for terrestrial Fixing. 
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(0811) d. Reduction of the Cocked Hat - Station Pointer. Assume that on taking a Fix, a 
Cocked Hat results (see Fig 8-30 below) and that the same compass error exists (see 
Note 8-5) on all three bearings (4, B and C). To reduce the Cocked Hat, subtract the 
three observed bearings from each other to establish the two angles between them (in 
Fig 8-30, 345/%*-051"= 65%” and 097°-051°= 46°). These angles are then set on a 
Station Pointer and the ship’s position found by rotating the instrument until each arm 
of the Station Pointer goes through the charted position of the relevant mark. In the 
absence of a Station Pointer, the angles can be drawn on a Douglas Protractor (see Para 
0811g overleaf) or piece of tracing paper and the same procedure adopted. The charted 
bearing of the furthest object may then be compared with the observed bearing; the 
difference is the compass error (Gyro error 3° Low in Fig 8-30). 


e. Reduction of the Cocked Hat - Iteration. An alternative (iterative) method for 
establishing a (fixed) compass error is to add (or subtract) 1° to each bearing and re-plot 
the Fix. Provided that the same compass error exists (1e not Random Errors - see 
Note 8-5) on all three bearings, the compass error may be established by an iterative 
process of gradually refining its size and direction. In Fig 8-30, an Gyro error of 3° Low 
is found. A similar process may be adopted with WECDIS / ECDIS. 


Note 8-5. Random Errors are explained at Paras 1611-1612; Cocked Hats resulting 
from different Random Errors on each bearing are covered at Appendix 10 Para 3e. 


Corrected Fix, 
(Outside the ^. 
Cocked Hat) 


Fig 8-30. The Cocked Hat Resulting from Gyro Error (Same Error on all Bearings) 


f. Fix Position - Inside or Outside the Cocked Hat. The ship’s position may well 
be OUTSIDE the Cocked Hat (as demonstrated at Fig 8-30 above). There may be real 
danger in assuming that the ship’s position will always be inside a Cocked Hat. 
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(0811) g. The Douglas Protractor. The Douglas Protractor is at Fig 8-31 (below), with 
bearings from Fig 8-30 (previous page) drawn on it. 
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Fig 8-31. The Douglas Protractor (with bearings from Fig 8-30 drawn on) 


0812. Action on Obtaining a Cocked Hat 

Assessment of the size of a Cocked Hat is a subjective judgement. Noting the danger 
from automatically assuming (potentially in error) that the ship’s position is inside a Cocked Hat 
(see Para 0811f/ Fig 8-30 previous page), the following actions should be taken: 


a. Small Cocked Hat. Ifthe Cocked Hat is small and the ship is not endangered, the 
centre may usually be taken as the ship’s position, without undue risk. 


b. Large Cocked Hat. If the Cocked Hat is large and it seems clear that the same 
error is NOT applicable to each bearing, then either the Fix position should be taken as 
the corner of the Cocked Hat nearest to danger (taking the ship’s subsequent movements 
into account) or, the Fix should be disregarded and reliance placed on the DR / EP until 
another Fix is obtained. In any case, if a large Cocked Hat has been obtained, a new Fix 
should be taken as soon as possible. If the ship is in the vicinity of immediate danger, 
it should be turned into safe water or stopped using astern power (as appropriate) 
until the uncertainty about its position is resolved. 
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current can flow unless the voltage exceeds 
the reverse breakdown voltage. 

Diodes are marked with one band indicating 
the cathode (the N region) end of the diode. 
The band on the diode corresponds to the 
bar on the diode symbol, as shown in the 
following figure. Use this marking to orient 
diodes in a circuit. 


\ 


Band indicates 
cathode 
The part number is marked on diodes. 
However, the part numbers don't tell you 
much about the diode. For example, the 


1N4001 is a silicon diode that can handle a 
peak reverse voltage of 50 volts, whereas the 
1N270 is a germanium diode that can handle 
a peak reverse voltage of 80 volts. Your best 


bet is to refer to the manufacturer's data 
sheet for the diode peak reverse voltage and 
other characteristics. You can easily look up 


data sheets on the Internet. Also, you can 
find links to the data sheets for the 
components used in this book on the website 
at 

www.buildinggadgets.com/index_datasheets.htm 
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CHAPTER 9 
AIDS TO NAVIGATION 


0901. Scope of Chapter 

Chapter 9 provides a summary of ‘Aids to Navigation’, including definitions of JMO 
‘e-Nav’ and RN/ RFA ‘Digital Navigation’. Further details are at BR 45 Volumes 3 and 8, and 
in United Kingdom Hydrographic Office (UKHO) publications, as specified in the appropriate 
paragraphs of this chapter. This chapter replaces Chapter 10 of the 1987 Edition of this book. 


0902. Coverage of Digital Navigation, Electronic Charts, Radar and its Applications 
Digital Navigation and “Electronic Chart’ concepts are at Paras 0630-0633 and 

procedures for their use are at Paras 0720-0721. Use of radar is at Para 1232 (Coastal 

Navigation) and Paras 1316/1325 (Blind Pilotage). Radar and its applications is at Chapter 15. 


0903-0909. Spare 
SECTION 1 - SATELLITE NAVIGATION, LORAN AND E-NAV / DIGITAL NAV 


0910. GPS (NAVSTAR Global Positioning System) 
The following information on Global Positioning System (GPS) is a brief summary; for 
details see BR 45 Volume 3 and Admiralty List of Radio Signals (ALRS) Vol 2 (NP 282). 


a. GPS Configuration. NAVSTAR in an acronym for ‘NAVigation Satellite Timing 
And Ranging’. NAVSTAR GPS is a US Dept of Defence world-wide satellite navigation 
system providing very accurate continuous position, velocity and time. 24 operational 
satellites are uniformly distributed in 6 orbital planes, each inclined to the plane of the 
Equator at 55°, at a height of 20,200 km (10,900 n.miles). This configuration ensures 
that at least 4 satellites with suitable elevations are ‘visible’ to a receiver anywhere on 
the Earth’s surface at any time (except in Polar regions where coverage is reduced). 


b. Levels of Accuracy. There are 3 levels of GPS accuracy (PPS, SPS, DGPS). For 
details of Dilution Of Precision (DOP) / Estimated Position Error (EPE) see Para 
1806g. 


° PPS. Encrypted Precise Positioning Service (PPS) for military users. 


. SPS. Standard Positioning Service (SPS) for commercial users. Accuracies 
in the order of 8-13 metres (95%) may be expected with modern receivers. 


e DGPS. Differential GPS (DGPS) for all users(see Para 0911). Accuracies in 
the order of 3-4 metres (95%) or better may be expected. 


c. Spheroid and Datum. GPS is referenced to WGS 84. Most modern charts and all 
WECDIS/ ECDIS / ECS equipments are referenced to WGS 84, but if GPS positions are 
used with older charts referenced to other horizontal Geodetic Datums, a ‘Datum Shift 
must be applied to GPS (WGS 84) positions before they are plotted. Details of the 
appropriate Datum Shift are normally found on the chart. 


d. Pseudo Ranging. ‘Pseudo Ranging’ is used to calculate the geographical position 
of the GPS receiver, using atomic clocks in the satellites and the propagation time of 
each satellite transmission. To obtain a two-dimensional Fix, the receiver must obtain 
a minimum of 3 Pseudo Ranges so that the processor can remove the effects of receiver 
clock offset error, satellite clock / GPS system time errors and atmospheric propagation 
delays. A minimum of 4 Pseudo Ranges will give a three-dimensional Fix. 
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0911. 


DGPS (Differential Global Positioning System) 
The following information on Differential GPS (DGPS) is a brief summary; for details 


see BR 45 Volume 3 and ALRS Volume 2 (NP 282). 


0912. 


a. DGPS Method. Fixed DGPS base stations determine real-time errors in received 
GPS Pseudo Ranges for each ‘visible’ satellite. The corrections are then transmitted 
directly to DGPS receivers in vehicles in the vicinity (typically within about 1000 km 
/ 540 n.miles), normally using selected maritime radiobeacon frequencies to do so. 
Corrections may also be transmitted by satellite links (eg INMARSAT), or in certain 
areas by Eurofix (see Para 0912) using LORAN-C stations. DGPS receivers in receipt 
of corrections apply them automatically to GPS data before establishing a DGPS Fix. 
DGPS will only work when the vehicle is within range of the DGPS station and when 
using the satellites being monitored by that station. 


b. DGPS Accuracy. As stated at Para 0910b, DGPS accuracies in the order of 3-4 
metres (95%) or better may be expected. 


Eurofix - Transmitting DGPS Corrections on LORAN-C 
The following information on Eurofix is a brief summary; for details see BR 45 


Volume 3, and ALRS Volume 2 (NP 282). 


0913. 


a. Eurofix Method. £Lurofix uses selected Northwest European LORAN-C System 
(NELS) stations to transmit DGPS corrections (see Para 0911 above), without corruption 
of the LORAN-C signal, to satellite receivers in vehicles within about 1000 km / 540 
n.miles. Eurofix signal channel allocations include future provision for DGLONASS , 
eLORAN and DChayka (Russian LORAN -C equivalent) corrections. 


b. Eurofix Availabilty. Eurofix is currently (2008) under development and may NOT 
yet be available from all NELS stations. ALRS Volume 2 (NP 282) should be consulted 
for details of available transmitting stations. 


GLONASS 
The following information on GLONASS (an acronym for “GLObal NAvigation Satellite 


System’) is a brief summary; for details see ALRS Volume 2 (NP 282). 
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a. GLONASS Configuration.. GLONASS is operated by the Russian Federation 
Space Forces and is similar in nature to GPS (see Para 0910), except that WGS 84 is not 
used. When fully operational (planned for 2009), 1t will provide a world-wide satellite 
navigation system giving very accurate continuous position, velocity and time. 24 
operational satellites will be uniformly distributed in 3 orbital planes, each inclined to 
the plane of the Equator at 64.8”, at a height of 19,100 km (10,313 n.miles). This 
configuration improves Polar region coverage, as compared to GPS. In March 2008, 
16 operational satellites were in orbit. GLONASS provides encrypted and non-encrypted 
Services. 


b. Spheroid and Datum. The Spheroid and Datum used by GLONASS is PZ 90, 
referenced to the Soviet Geocentric Co-ordinate System 1990 (SGS 90). Differences 
between PZ 90 and WGS 84 are less than 15m with a mean average of about 5m. 
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0914. Galileo 
The following information on Galileo 1s a brief summary; for details see ALRS Volume 2 
(NP 282). 


a. Galileo Origin. The European Union is developing an independent satellite 
navigation constellation named ‘Galileo’. The system is not yet (2008) fully 
operational. ALRS Volume 2 (NP 282) should be consulted for details of available 
satellites. 


b. Galileo Configuration. Galileo is a world-wide satellite navigation system, similar 
to GPS (see Paras 0910), providing extremely accurate continuous position, velocity 
and time. 27 satellites (plus 3 active spares) will be distributed in 3 orbital planes, each 
inclined to the plane of the Equator at 56”, at an altitude of 23,222 km (12,540 n.miles). 
This configuration will provide good cover up to 75° Latitude. 


c. Levels of Service / Accuracy. Five levels of service / accuracy will be available: 


° Open Service (OS). The Open Service (OS) will be a basic level dedicated 
to consumer applications and general interest navigation. 


. Commercial Service (CS). The restricted access Commercial Service (CS) 
will be used for commercial and professional applications that require superior 
performance. Accuracies in the order of 1 metre (95%) may be expected. 


e Public Regulated Service (PRS). The restricted access Public Regulated 
Service (PRS) will be used for governmental applications that require high 
continuity characteristics. Accuracies in the order of 1 metre (95%) may be 
expected. 


. Safety of Life Service (SoL). The highly stringent Safety of Life Service 
(SoL) will be used where passenger safety 1s critical. 


e Search and Rescue Service (SAR). The Search and Rescue Service (SAR) 
will be used for pinpointing the location of world-wide distress messages. 


0915. GNSS (GPS, GLONASS, SBAS and Galileo) 

The following information on Global Navigation Satellite Systems (GNSS) is a brief 
summary; for details see ALRS Volume 2 (NP 282). GNSS is the generic term for satellite 
navigation systems that provide autonomous global geo-spatial coverage. 


a. GPS and GLONASS Integrated Use. GLONASS provides advantages for high- 
Latitude cover (see Para 0913) while GPS favours mid-Latitudes (see Para 0910), thus 
a receiver able to operate with both systems would offer faster acquisition times, 
optimum results at all Latitudes and an increased number of ‘visible’ satellites. 
Although there are technical complications, dual receiver technology continues to make 
significant advances and a wide range of products are commercially available. 


b. Satellite Based Augmentation System (SBAS). The Satellite Based Augmentation 
Systems (SBAS), primarily developed for aeronautical purposes, are overlay systems 
offering users greater reliability, accuracy, availability, integrity and continuity. SBAS 
signals are broadcast from several geo-stationary communications satellites and provide 
corrections for GPS measurements which enhance the accuracy of the GPS receiver. 
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(0915) c. SBAS Components. The 3 major components of SBAS are: 


e EGNOS (European Geostationary Navigation Overlay Service) 
b WAAS (Wide Area Augmentation System) [American] 
e MSAS (MTSAT Satellite Augmentation System) [Japanese] 
(MTSAT = Multi-functional Transport Satellite | 
These systems are currently (2008) under development. See also Paras 1806g/h. 


d. GNSS: SBAS + GPS + GLONASS (+ Galileo). The current and future proposed 
GNSS-] structure is illustrated at Fig 9-1 (below). In summary, SBAS is composed of 
EGNOS, WAAS and MSAS; GNSS-/ is composed of GPS, SBAS and GLONASS. The 
integration of Galileo (see Para 0914) into a proposed GNSS-2 structure is currently 
(2008) still under discussion. 


Note. The structure of GNSS-2 and the 
possible integration of Galileo into it, 
is currently (2008) still under discussion. 


0916. 


0917. 


Fig 9-1. GNSS: SBAS + GPS + GLONASS (+ Galileo) 
Vulnerability of Satellite Navigation Systems to Jamming / Interference / Spoofing 


a. Threat. Unless an anti-jamming antennae is fitted, GPS/ DGPS and other satellite 
navigation systems are extremely vulnerable to degradation or denial (“GPS Denial’), 
due to deliberate ‘Jamming’, accidental interference (eg TV stations) or ‘Spoofing’ 
(deliberate introduction of a signal to seduce and mislead the GPS / DGPS receiver 
with graceful positional degradation). Even simple defects (eg a break in the aerial 
leads or connection) can result in the receiver switching to DR /EP automatically; if this 
change is not noticed and allowance is not made for any Currents or Tidal Streams, 
serious positional errors can result (see incidents at Para 0805a [Note 8-4]). 


b. Remedy. To guard against such events, in all circumstances GPS / DGPS (and 


other satellite navigation systems) should be checked frequently against other available 
Fixing sources and against the correct DR / EP, in accordance with Para 0805a. 


GMDSS - Integral GPS Capability 
Global Maritime Distress and Safety System (GMDSS) equipments usually have an 


integral GPS (SPS) receiver and GPS position information can be accessed from the GMDSS 
equipment control screens. However, on some GMDSS equipments this position may only be 
displayed to the nearest whole minute; if so, it should normally only be used to check the 
veracity of other installed GPS equipments. 
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0918. LORAN-C and ‘Enhanced LORAN’ (eLORAN) 
The following information on LORAN 1s a brief summary; for details, see BR 45 Volume 
3 and ALRS Volume 2 (NP 282). 


a. LORAN Acronym. LORAN in an acronym for ‘LOng RAnge Navigation’; the 
earliest version (in 1957) was LORAN-A, but this was later superseded by LORAN-C. 


b. LORAN-C Configuration. LORAN-C is a 100 kHz electronic position Fixing 
system using pulse transmission, covering the North West Atlantic including the Gulf 
of Mexico, the North Pacific including the South China Sea, North West Europe and the 
Arabian Sea. A LORAN-C chain consists of a master station and two, three or four slave 
stations sited around it at distances of about 600-1000 n.miles. Ground wave cover 
extends to a range of 800-1200 n.miles. Sky wave cover extends to 1800 - 2400 n.miles 
at night; there 1s usually some sky wave cover by day. 


c. LORAN-C Levels of Accuracy. Fixing accuracy is better than 0.25 n miles (95%) 
within the ground wave and may be as good as 0.1 n mile close to the baseline between 
the stations of a pattern. Fixing accuracy is reduced to about 10-20 n miles (95%) when 
using the sky wave. 


d. LORAN-C Spheroid / Datum. LORAN-C uses WGS 84 (see Para 0910c). 


e. “Enhanced LORAN’ (eLORAN). Enhanced LORAN (eLORAN) is currently 
(2008) under development; it includes differential eLORAN corrections in the signal, 
with positional accuracy <10 metres achieved in trials. Operational systems are unlikely 
immediately but eLORAN may soon be a possible alternative to GPS in some areas. 


0919. IMO ‘e-Navigation’ and RN / RFA ‘Digital Navigation’ - Definitions 
The concept of ‘e-Navigation’ is an [MO -led initiative based on the harmonisation of 
marine navigation systems and supporting shore services driven by user needs. It is currently 


(2008) under development at JMO and does not have any legal force at present. 


a. Possible Confusion between ‘e-Navigation’ and ‘Digital Navigation’. The term 
‘e-Navigation’ should NOT be confused with the term ‘Digital Navigation’ used in this 
book. Their respective definitions (and source data) are at Paras 0919b/c (below) 


b. Provisional Definition of ‘e-Navigation’. The term ‘e-Navigation’ has been 
defined provisionally (2007) by [MO as: 
““E-Navigation” is the harmonised collection, integration, exchange, presentation and 
analysis of maritime information onboard and ashore by electronic means to enhance berth 
to berth navigation and related services, for safety and security at sea and protection of the 
marine environment.” [Source: IMO NAV 53 WP.8 e-NAV3 Output-17]. 


c. Digital Navigation. The term ‘Digital Navigation’ used in the RN / RFA does 
NOT change existing navigation planning / execution principles and is defined as: 
“ ‘Digital Navigation’ is navigation on ENCs/RNCs (or other electronic charting products) 
using WECDIS /ECDIS equipments, rather than on paper charts other than for back-up 
purposes.” [Repeated at Para 1911. Source: BR 45 Volume 8 Para 0102 |. 
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SECTION 2 - COMPASSES, INERTIAL NAV SYSTEMS, ECHO SOUNDERS «€ LOGS 


0920. Gyro Compass Principles 


Details of Gyro Compass use and error correction are at Para 0121. The following 
information on Gyro Compass principles is a summary; for details see BR 45 Volumes 3 and 9. 


a. Gyroscope Properties. A rotating body, such as a gyro wheel (Gyroscope), has 
two inherent properties, Gyroscopic Inertia and Precession, both of which are crucial 
to Gyro Compasses. 


Gyroscopic Inertia. A rotating body has angular momentum, and in 
accordance with Newton’s First Law of Motion, its Spin Axis will point at a 
fixed position in space until an external force is applied. The larger its mass 
and higher its rotational speed, the larger will be the angular momentum and 
thus the more stable will be the ‘Rigidity-in-Space’ of the body’s Spin Axis. 


Precession. Any attempt to Tilt or Turn a rotating body (Gyroscope) by an 
external force results in a combination of the “force vector’ and the ‘angular 
momentum vector’ acting on the body. The effect 1s that the Spin Axis will 
always move in a plane that is 90° ahead of the applied force and in the 
direction of wheel rotation. This can be summarised as: 

>» Attempt to Tilt a Gyroscope and it will Turn. 

>» Attempt to Turn a Gyroscope and it will Tilt. 
This 1s easily demonstrated on a moving bicycle (the wheels of which are two 
simple Gyroscopes); to Turn left the rider leans (Tilts) inwards, and the front 
wheel Turns left automatically. The rear wheel would do the same but is 
constrained by the bicycle frame. 


b. North-Finding Gyro Compasses. Unless started pointing directly at the Celestial 
Pole, the axis of a “free” rotating Gyroscope on the Earth’s surface will appear to rotate 
about the Celestial Pole with East-West ‘Drift’ and North-South ‘Tilt’, due to the 
rotation of the Earth beneath it. To make a free Gyroscope into a North-finding Gyro 
Compass, this “Drift” rotation must be compensated, a “Gravity Control’ introduced for 
“Tilt”, and then “Tilt” must ‘damped’ into a spiral which will settle on True North. 
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Earth’s Rotation Drift Compensation. The compensation necessary for the 
East-West*Drift’ 1s proportional to both Latitude and Hemisphere. It is 
achieved by applying a suitable force to the side of the casing, originally as 
a weight called the ‘Latitude Rider’, but now achieved electronically. 


North-Seeking. To make the Gyro ‘North-seeking’, a “Gravity Control’ was 
introduced for ‘Tilt’; originally the casing was made top-heavy by a 
theoretical ‘bail-weight’, but is now achieved electronically. This resulted in 
the Gyro making an elliptical rotation about North and the horizontal (ie 
“North-seeking” or ‘undamped’, but NOT ‘North-finding’). See Fig 9-2a 
opposite. 


North-Finding. To make the Gyro North-finding, an unequal Precession must 
be introduced, resulting in the elliptical “undamped” motion being changed 
into a spiral ‘damped’ motion, settling horizontally on True North. This was 
originally achieved by slightly offsetting the Gyro’s bottom cone bearing from 
the vertical plane, but is now achieved electronically. See Fig 9-2b opposite. 
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East; 


Initial i Initial 
Displacement ' 


Fig 9-2a. North-Seeking Gyro Movement Fig 9-2b. North-Finding Gyro Movement 
(The Pole Star is used above as an approximation for the North Celestial Pole) 


(0920) c. Gyro Compasses - Other Controls. The Earth rotates to the East at about 900 kn 
at the Equator and 0 kn at the Poles; at intermediate Latitudes it is proportional to the 
Cosine of the Latitude. Provided the Earth’s rotational speed is not too small (see Para 
0920f below), a Gyro Compass will settle in the Meridian, normal to the Earth’s 
rotation, but ship?s movement (speed / Heading) and acceleration errors as a result of 
turns (Ballistic Deflection and Ballistic Tilt) will affect this. Additional controls are thus 
necessary, in the form of Speed Log and accelerometer inputs respectively. 


d. Gyro Compasses - User Inputs / Checks. The correct Latitude setting (see Para 
0920b 1“ bullet) and Speed Log inputs are essential for accurate Gyro Compass results. 
Both can be applied manually by the user, but speed is normally input automatically; the 
Latitude on start-up normally has to be initialised by the user, thereafter it 1s automatic 
on most modern systems. Automatic Gyro Compass settings should be checked 
periodically. Gyro Compass errors should be checked frequently (see Para 0121). 


e. Modern Gyro Compasses. Gyro Compasses have evolved over the last century 
from simple rotating wheels, to rotating spheres on almost frictionless gas bearings to 
the current generation of Ring Laser Gyros (RLGs) and Fibre Optic Gyros (FOGs) 
which have virtually no moving parts and rely on two coherent light beams passing 
around a closed path in opposite directions. Due to changes in interference patterns, 
RLG / FOGs can behave as a rotational sensor and thus may be used as a very accurate 
Gyro Compass. The most sophisticated Gyro Compasses have more than one gyro with 
Spin Axes 90° apart, and can provide not only a very accurate heading output but also 
the local vertical; they may thus be used for weapon and other stabilisation purposes. 


f. Very High (Polar) Latitudes - Directional Gyro Mode. At very high (Polar) 
Latitudes, typically above about 80°-84°, a North-finding Gyro Compass becomes 
ineffective, partly due the greatly reduced rotational speed of the Earth at such Latitudes 
(see Para 0920c) and partly due to the convergence of Meridians near the Poles. The 
requirement for a North-finding Gyro Compass is thus replaced by one which will 
indicate and maintain a Great Circle course. This is achieved by making the Gyro 
Compass behave as a simple Gyroscope, pointing in a fixed direction in space (see Para 
0920a 1* bullet); this is known as ‘Directional Gyro’ (DG) mode and most modern Gyro 
Compasses have this facility. Once in DG mode, ‘Grid Navigation’ 1s conducted on a 
Polar Stereographic chart (see details at BR 45 Volume 9). 


9-9 
Original 


BR 45(1)(1) 
AIDS TO NAVIGATION 


0921. 


Inertial Navigation Systems (INS) Principles 
The following information on /nertial Navigation Systems (INS) principles is a brief 


summary; for details see BR 45 Volume 3. 


0922. 


0923. 


a. Principles of Inertial Navigation Systems (INS). An INS comprises the 
equivalent of 3 Gyro Compasses with their Spin Axes at 90° from each other; in practice, 
one of these Gyro Compasses may be replaced or augmented by accelerometers. It 
works by measuring accelerations produced by changes in course and speed; its 
computer integrates these accelerations into the distance and direction that the ship has 
moved from the starting position and converts these to Latitude and Longitude to give 
the present position. As an INS cannot measure absolute position, it is necessary to 
initialise it with a start position, and usual to monitor its performance against other 
navaids. 


b. Modern INS - Ring Laser Gyros (RLGs). The limitations of gyros and 
accelerometers in early systems necessitated mounting them on stabilised gimbal 
platforms. RLGs do NOT require to be fitted on a stabilised gimbal platform, and so can 
be ‘strapped down’ (bolted) to the ship or aircraft structure. 


c. UseofINS. /NS are widely fitted in commercial and military aircraft, submarines, 
other warships and in many survey vessels. As well as position, INS also provides a very 
accurate heading output and the local vertical, and thus may be used for weapon and 
other stabilisation purposes. 


Magnetic Compasses 


a. Application. A summary of the principles of magnetism and its application for the 
uses, errors and error corrections of Magnetic Compasses 1s at Paras 0122-0125. 


b. Magnetism and Magnetic Compass Principles. A full explanation of the 
principles of magnetism, Degaussing, Magnetic Compass adjustment and correction, and 
the theory / limitations of Fluxgate (Magnetic) Compasses 1s at BR 45 Volume 3. 


Echo Sounder Principles 
The following information on Echo Sounders is a brief summary; for details see BR 45 


Volume 3. Standard depth / sounding reporting procedures are at Para 0924. Guidance on 
specific uses of Echo Sounders in Coastal Navigation, Pilotage, Blind Pilotage and Minor 
Surveys are at Chapters 12, 13 and 18 respectively. 
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a. Importance of the Echo Sounder. At sea, the nearest point of land is almost 
always the sea-bed. For example, consider a position in the busy English Channel, some 
20 n.miles south of Plymouth Sound; the charted depths there are about 70m, which is 
generally regarded as relatively ‘deep’ water. However, when seen in a horizontal 
context, 70m is about one-third of a cable, and few ships would willingly venture within 
that (horizontal) distance of the Limiting Danger Line (LDL) unless berthing. Even in 
deepest ocean, depths rarely exceed 3 n.miles and are frequently very much less 
(minimum depths across the Mid-Atlantic Ridge are only a few hundred metres). Seen 
in that context, the nearest point of land is almost always the sea-bed and thus the 
Echo Sounder is a vitally important piece of equipment for navigational safety. 


Original 


The Zener Diode 


24 Diodes can be manufactured SO that 
breakdown occurs at lower and more precise 
voltages than those just discussed. These 
types of diodes are called zener diodes , so 
named because they exhibit the “Zener 
effect”—a particular form of voltage 
breakdown. At the zener voltage , a small 


current flows through the zener diode. This 
current must be maintained to keep the diode 
at the zener point . In most cases, a few 
milliamperes are all that is required. Figure 
2.26 shows the zener diode symbol and a 
simple circuit. 

Figure 2.26 


Cathode 


Anode 


Vy 


P. 
In this circuit, the battery determines the 


applied voltage. The zener diode determines 
the voltage drop (labeled V z ) across it. The 
resistor determines the current flow. Zeners 
are used to maintain a constant voltage at 
some point in a circuit. 

Question 
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(0923) b. Outline Concept. In a vertical Echo Sounder, a pulse of sound is transmitted 
towards the sea-bed from a transducer on the underwater hull of a ship. On reaching the 
sea-bed, part of the sound is reflected back. Given the speed of sound in water (usually 
1500 m/s) and the time interval between transmission and reception, the depth may be 
easily calculated. Depth may be displayed graphically or numerically. 


c. Waterline Depth v. ‘Keel’ Depth. The pulse from the transmitting transducer is 
picked up almost instantaneously by the receiving transducer and is displayed on the 
recorder as a continuous “transmission mark’ line. 


e Waterline Depth. If the transmission mark is set to the distance of the 
transducers below the sea surface, the recorder will show the depth of water 
below the waterline (this is the recommended default setting for most RN 
surface ships - see Para 0924e). Ships operating in shallow water areas with 
little clearance under the keel may experience Squat (see BR 45 Volume 6 
Chapter 2) and this may affect the waterline depth setting in some cases. 


. ‘Keel’ Depth. If the transmission mark is set to zero of the scale, depth 1s 
recorded below the transducers (this is the recommended default setting for 
submarines and surface ships with substantially variable draughts - see Para 
0924e). If the transducers are level with the keel, this depth may be 
considered as the ‘keel depth”. If they are not level, a further adjustment to 
the transmission mark will be necessary. 


d. Separation Correction. It may be necessary to apply a correction to recorded 
soundings in shallow water if the transducers are some distance apart laterally. See 
details at BR 45 Volume 3. 


e. Calibration of Echo Sounders. Echo Sounders should be checked against the 
hand leadline periodically (see below). Several readings at various depths should be 
obtained for constructing a graph of Echo Sounder readings against leadline readings. 
Adjustments can then be made to the Echo Sounder, or the soundings themselves 
corrected. An Echo Sounder should be calibrated on each of the following occasions: 

e On completion of a refit. 

. When any part of the equipment 1s changed. 

e Before any survey is carried out or a line of soundings obtained. 

. If there 1s doubt about 1ts accuracy. 

e Annually. 


f. Interpretation of Soundings - False Echoes. In general, hard sand, coral, chalk 
and rock give a good echo; thick mud gives a bad echo. Echo Sounders which can 
sound to great depths are subject to ‘2™ phase” errors, by reading on the 2”* (or even 3 
) pulse. In this case, the returning echo 1s not received until after the Echo Sounder has 
transmitted the next pulse(s); the prudent mariner should assume the vessel 1s standing 
into danger until the correct depth is established. Other false echoes may be caused by 
shoals of fish, water layers of different temperatures and density, salt and fresh water 
submarine springs, kelp or weed, side echoes, turbulence in the water, interference from 
incorrect ‘Gain’ settings or other sonars, or multiple reflection echoes between the ship’s 
hull and the sea-bed in shallow water. See details at BR 45 Volume 3. 
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0924. Echo Sounder Reporting Procedures 


Unless otherwise ordered by the NO or OOW, reports by the Echo Sounder operator 


should be made as follows. A copy of this instruction should be displayed at the Echo Sounder. 
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a. Reporting Terms (“Depths” or “Soundings”). 


° Ships. In surface ships, readings should be reported as ‘Depth’ (eg “Depth 20 
metres shoaling”). 


. Submarines. In submarines ‘Depth’ means the depth of the submarine below 
the surface, and so in submarines all Echo Sounder readings should be 
reported as ‘Sounding’ (eg “Sounding 20 metres shoaling’’). 


b. Standard Reports. When Special Sea Dutymen (SSD) or their equivalents are 
closed up, or at any other times when ordered, an additional person should close up to 
monitor and report depths / soundings. Standard reports should be at intervals of not 
greater than | minute, or as follows: 

Depths / Soundings 0-20 metres: Report every 1 metre 

Depths / Soundings 20-40 metres: Report every 5 metres 

Depths / Soundings greater than 40 metres: Report every 10 metres 


c. Use of Suffixes with Standard Reports. The operator should suffix the depth / 
sounding with ‘Steady’, ‘Deepening’,‘Shoaling’ or ‘Below Minimum Depth / 
Sounding’. 


d. Briefing and Acknowledgement. In Pilotage, the Echo Sounder operator should 
be briefed by the NO on the minimum expected depth / sounding on each leg. Each 
depth / sounding report is to be acknowledged by the Command Team (ideally in the 
order Chart Assistant, NO or OOW and CO in ships). If a sounding below the briefed 
minimum expected depth 1s reported but not acknowledged, the Echo Sounder operator 
is to repeat the report more loudly and urgently, until an acknowledgement is given. 


e. Soundings From Waterline / Transducer Depths. Except where exempted below 
or where equipment limitations dictate otherwise, Echo Sounders are to be adjusted _ to 
read depths from the waterline, unless specifically ordered otherwise by the NO. 
Exceptionally, as an exemption, in vessels which have substantially variable draughts 
(ie submarines and ships with flooding docks or equivalent) the CO / NO should 
normally order depths / soundings to be reported as transducer depths / soundings, 
because waterline depths / soundings may lead to substantial errors. In all cases each 
Echo Sounder 1s to be clearly labelled with the position from which it is reading. 


f. Reporting Units. Echo Sounder readings should be reported in the units shown on 
the navigational chart in use. In the rare event of using a chart with soundings in feet 
or fathoms, the Echo Sounder operator should transpose the units before reporting the 
depth / sounding, by using a conversion table (eg NP 720). 


g. Annotation of Echo Sounder Trace. In submarines, when an Echo Sounder 
operator 1s closed up it is mandatory for the paper trace to be annotated on the occasions 
listed below. This procedure is NOT mandatory for use in ships but is recommended. 

e Every 6 minutes with a four figure time. 

. At every Fix with a four figure time. 

° All alterations of course and speed. 

. Any change in a surfaced submarine’s draught (eg trimming down). 

e Any incident or other useful information (eg buoys abeam, boat transfers etc). 
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0925. Speed & Distance Measuring Equipment (Speed Logs) 
The following information on ‘Speed & Distance Measuring Equipment’ (Speed Logs) 
is a brief summary; for details see BR 45 Volume 3. 


a. Concepts and Capabilities. Speed Logs are used to record the ship’s speed and 
distance run. This is usually through the water (ie not allowing for Leeway, Tidal 
Stream, Current or Surface Drift), although Sonar Speed Logs of various types may be 
used to determine the Ground Track. Provided they are properly calibrated and well 
sited on the hull, the accuracy of Speed Logs should be better than 2% (95% probability) 
for speed and distance through the water. 


b. Single-Axis Electromagnetic Speed Logs. Single-axis electromagnetic (EM) 
Speed Logs are widely fitted in warships and other vessels. They have an electromagnet 
mounted in a sensing head which is fitted on the hull of a ship; the head may be on a 
fixed probe, a retractable rodmeter, or in a sensor flush with the hull. Probes are more 
accurate than a flush sensor because they usually protrude beyond the ship’s Boundary 
Layer water flow. A small alternating current energises the electromagnet to set up a 
magnetic field. As the ship moves through the water, the sensor’s magnetic field 
induces a voltage in the water. This voltage, which is proportional to the relative speed 
of the sensor to the water, is picked up by electrodes in the sensor and applied to 
electronic circuits where it is converted into speed and distance. The faster the water 
moves past the sensor the greater the voltage generated and the higher the speed 
recorded. 


c. Two-Axis EM Speed Logs. A two-axis EM Speed Log has similarities to the 
single-axis version but has a discus shaped sensor, aligned so that each axis measures 
the ship’s forward and athwartships speed through the water. Two pairs of electrodes 
pick up the induced voltages, which are proportional to the fore-and-aft and athwartships 
components of the water flowing past the sensor; these are applied to electronic circuits 
where they are converted into the resulting Ground Track. A two-axis EM Speed Log 
will therefore produce a good DR track through the water, but suffers from inaccuracies 
at very low speeds. 


d. Two-Axis Sonar Speed Logs. Two-axis Sonar Speed Logs are typically fitted in 
vessels where high accuracy Ground Tracks are required, particularly at low speeds. 
They measure speed by processing the echoes derived from sonar pulses projected 
towards the sea bed. The signal processor can be based on either Doppler or Correlation 
principles. There are two types of Correlation Speed Logs, one being based on time 
(Temporal Correlation Logs), the other based on separation distance (Spatial 
Correlation Logs). Sonar Speed Logs are superior to conventional EM Speed Logs in 
several respects: 


e Sonar Speed Logs measure the ship’s ground speed over the sea bed in 
sultable depths of water. 


e The accuracy of Sonar Speed Logs is typically of an order better than 
conventional EM Speed Logs, particularly at low speed. 


. Sonar Speed Logs may be flush mounted without loss of accuracy and are thus 
less likely to be damaged. 


9-13 
Original 


BR 45(1)(1) 
AIDS TO NAVIGATION 


(0925) e. Pitometer Logs. Pitometer Speed Logs use the difference between the static water 


0926. 


pressure when stationary and the impact water pressure from a moving ship acting on 
a rodmeter probe protruding below the hull. They have superseded by EM Speed Logs 
in most large vessels. 


f. Impeller (Chernikeef) Logs. /mpeller Speed Logs (often referred to for historical 
reasons as ‘Chernikeef Logs’) use the rotation of an impeller caused by the water flow 
around a moving ship. They have mostly been replaced by EM or Sonar Speed Logs, 
although Impeller Speed Logs may still be found in some merchant vessels and in some 
small craft. 


g. Calibration of Speed Logs. Itis essential to calibrate Speed Logs over the whole 
speed range of the ship, on first installation, after a refit if the underwater shape of the 
hull has changed, or if a different type of probe or sensor 1s fitted. Percentage errors 
should always be calculated as a percentage of log speed and NOT true speed. Log 
speed is usually calculated in knots (ie n.miles [1852m] per hour); Sea Miles (1' of 
Latitude) vary in length (see Para 0113) and should not normally be used for Speed Log 
calibration. The detailed procedure for Speed Log calibration is at BR 45 Volume 3. 


h. The Dutchman”s Log. The Dutchman’s Log is the oldest and simplest method of 
measuring the ship’s speed through the water, but it may still be useful on occasion. A 
piece of wood is thrown overboard from a forward position and the time is taken when 
it passes two other points stationed along the fore and aft line of the ship at a known 
distance apart. The speed of the ship 1s then determined from the interval of time. When 
manoeuvring very slowly, a Dutchman’s Log is useful to indicate whether the ship has 
headway or sternway. 


Night Vision Aids and Electro Optic Surveillance Systems (EOSS) 
“Night Vision Aids’ are now widely available and can be used to advantage in Pilotage, 


particularly if there are no shore lights (see Para 1312c); however, there is a risk of losing night- 
adapted vision for a short period after using them. In many RN warships, powerful Electro Optic 
Surveillance Systems (EOSS) are fitted; although controlled from the Ops Room, they can be 
used to provide a continuous bearing of a chosen mark. An FOSS bearing accuracy check should 
be carried out just before use or as soon as possible thereafter. 


0927-0929. Spare 
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SECTION 3 - LIGHTS AND FOG SIGNALS 


0930. Details, Characteristics and Nomenclature of Lights 


a. Availability of Light Information. Details of lights may be found as follows: 


Charts. Lights are shown on Admiralty paper charts and ARCS charts (Raster 
Navigation Charts [RNCs]) as a light star with a magenta flare. The greatest 
detail will usually be found on the largest Scale paper / ARCS charts; the 
amount of detail reduces as the Scale of the chart decreases. Electronic 
Navigation Charts (ENCs) may be interrogated to display full details. 


Admiralty List of Lights & Fog Signals (ALLFS). The ALLF'S (NPs 74-84) 
provides additional information not shown on paper / ARCS charts. 


Admiralty Sailing Directions. The Admiralty Sailing Directions (‘Pilots’) 
usually only provide the height and description of important light structures. 


b. Characteristics of Lights. The appearance of a light is called its ‘Character’ or 
‘Characteristic’. The principal Characteristics are usually the sequence of light and 
darkness exhibited and, in some cases, the colour(s) of the light. Lights may be Fixed, 
Rhythmic and Alternating. See examples at Tables 9-1 to 9-3 (overleaf) and Fig 9-3. 


Fixed Lights. Fixed lights are those exhibited without interruption. 


Rythmic Lights. Rythmic lights show a sequence of intervals of light and 

dark, the whole sequence being repeated at regular intervals. Terms used to 

describe elements of Rythmic lights are: 

> Period. The Period is time taken to exhibit one complete sequence. 

> Phase. The Phase is one element (eg Flash, Eclipse) of a sequence. 

>» Flashing. A Flashing light has a Phase of illumination shorter than that 
of darkness. Quick, Very Quick and Ultra Quick Flashing lights have 
flash rates per minute of 50-80, 80-160 and ‘over 160’ respectively. 

> Eclipse. An Eclipse is a Phase where no light is visible. 

> Group Flashing. A Group Flashing light is a Flashing light in which a 
group of flashes, specified in number, is regularly repeated. 

>»  Isophase. An /sophase light has a Phase of illumination the same length 
as that of darkness (Eclipse). 

> Occulting. An Occulting light has a Phase of illumination longer than that 
of darkness (eclipse). 

> Group Occulting. A Group Occulting light is a Occulting light in which 
a group of eclipses, specified in number, is regularly repeated. 

> Composite Group Occulting. A Composite Group Occulting light is 
similar to a Group Occulting light except that successive groups in a 
Period may have different numbers of eclipses. 


Alternating Lights. Alternating lights are Rhythmic lights showing different 

colours during each sequence. 

> Period. The Period of an Alternating light is the time taken to exhibit the 
complete sequence, including the change of colour. 
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(0930b continued) 
Table 9-1. Illustration of (White) Fixed Light Characteristics 


Character Abbreviation Illustration 


Table 9-2. Illustration of (White) Rhythmic Light Characteristics 


Character Abbreviation Illustration 


Occulting 


Group Occulting Oc(2)W ME NN NN MI 
Period 


Composite Group Occulting Oc(3+4) W 
Period 


Isophase 
Period 


Flashing 


Long Flashing a 
Period 

i lai ~~ AAA AAA AAA 
Period 


Composite Group Flashing F1(3+2) W AAA AA BAA 
Period 


Quick Flashing 

Group Quick Flashing 

‘Group Quick’ character, for Q(6)+L FI W 
IALA South Marks only. 

Interrupted Quick Flashing 


Very Quick Flashing 


Group Very Quick Flashing VQ(3) W OO 
Period 
Period 
9-16 
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Table 9-2 (continued). Illustration of (White) Rhythmic Light Characteristics 


Character Abbreviation Illustration 


Ultra Quick Flashing UQW 


Period 


Morse Code (example ‘K’) Mo(K) W W VY E TI 
Period 

Morse Code (example ‘AR’) Mo(AR) W EN W TEET 

Flashing (example *4”) Mo(4) W EY ATT 


Period 


Fixed and Flashing FFI W EE e 
Period 


Fixed and Group Flashing FFI(2) W A T r T 
Period 


Table 9-3. Illustration of Alternating Light Characteristics 


Character Abbreviation Illustration 


Alternating 


E o E od 


Alternating and Flashing AIFI WR aa 
Period 


Alternating Group Flashing AIFI RW 


Period 


Alternating Group Flashing AIFI WWRR eee | 
Alternating Occulting AlOc WR re EAI 
Period 


Alternating Group Occulting AlOc WGR 
Period 


Alternating Fixed and Flashing | AIF W FIR ——= 


Alternating Fixed and Flashing | AIF W FIRG 


Alternating Fixed and Group AIF W FI1(3)G 

Flashing a ay 
Alternating Fixed and AIF W Fl WRR 

Composite Group Flashing eee 


A 
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(0930) c. Nomenclature of Lights. See ALLFS for full details of nomenclature of lights. All 
distances in ALLFS are in Sea Miles. See examples from charts at Fig 9-3 opposite. 


e Intensity. The /ntensity of a light is its ‘brightness’ and is either expressed in 
candelas or converted to Nominal Range (see below). 


. Elevation. The Elevation of a light 1s the vertical distance between the focal 
plane of the light and the level of Mean High Water Springs (MHWS) or Mean 
Higher High Water (MHHW) or, on some charts, above Mean Sea Level 
(MSL). 


e Luminous Range. The Luminous Range of a light is the maximum distance 
at which it can be seen, determined only by its intensity and the prevailing 
visibility. Luminous Range takes no account of Elevation, observer’s height 
of eye or the curvature of the Earth. 


. Nominal Range. The Nominal Range of a light is its Luminous Range for a 
meteorological visibility of 10 miles. The light’s /ntensity in candelas may be 
converted to Nominal Range with the Luminous Range diagram at Fig 9-4a. 


e Geographical Range. The Geographical Range of a light is the maximum 
distance at which a light can reach an observer as determined by the height of 
the observer, the light’s Elevation and the curvature of the Earth. 


. Loom. The Loom of a light is the diffused glow observed from a light below 
the horizon or hidden behind an obstacle, due to atmospheric scattering. 


e Main Light. The Main Light is the major of two lights on the same or adjacent 
supports. 


. Subsidiary (Auxiliary) Light. A Subsidiary (Auxiliary) Light is one placed 
near a Main Light and having a special use in navigation. 


e Sector Light. A Sector Light presents different colours or Characteristics in 
different directions. Sector limits are stated in true bearings (0°-360°) from 
seaward. If no sectors are stated it may be assumed to be visible all round. 


e Leading Lights. Leading Lights are two or more lights forming a Leading 
Line; their alignment is stated in true bearings (0°-360°) from seaward. 


e Direction Light. A Direction Light is a light showing over a very narrow 
sector, forming a single Leading Light. This sector may be flanked by sectors 
of greatly reduced intensity, or by sectors of different colours or Character. 


. Moiré Direction Light. A Moire Direction Light gives a yellow background 
to a screen on which a vertical black line is seen when on the centre-line; when 
off the centre-line, the vertical black line changes to black arrows indicating 
the direction to turn to regain the centre-line. 


e Vertical Lights. Vertical Lights are two or more lights disposed vertically, 
horizontally or in a geometric shape, to distinguish them from single lights. 


. Occasional Lights. Occasional Lights are only exhibited when needed. 


° Structure Descriptions - Heights, Bands, Stripes & Diagonal Stripes. 
Heights are measured from the ground to the top of the structure. The terms 
‘Bands’, ‘Stripes’ and ‘Diagonal Stripes’? are used to describe horizontal, 
vertical or diagonal markings respectively. 
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Fathoms and Metric Charts Lights 


Light structures and positions t This symbol and/or abbreviation is obsolescent 
Lighted beacon 
Position of light 
Position of minor light 
Lt +L! Light 
LtHo +L! Ho. Lighthouse 
* Aero Aero light (may be unreliable) 


Major floating light (light-vessel, 
major light float or LANBY) 


Lighted offshore platform 


Lights visible on certain bearings only 


Leading Lts 090°30° o 


t Lights in line 090° 30’ Y | 
ARES \ Moe a Some large scale charts 


show the arcs of visibilit 
Leading lights W ine arcs of VISIONY 


Marking a submarine cable 


Main light visible 
all-round, with 
auxiliary light 


Sectors emphasised AR, 
where denoting fairway y seen over danger 


Directional lights 


i : : AN Intensified ` 
Obscured sector Faint, or partially obscured sector sector 


Fig 9-3. Examples of Lights shown on Admiralty (Paper / ARCS) Charts 


0931. Admiralty List of Lights & Fog Signals - Paper and Digital Versions 

ALLFS Volumes A-L (NPs 274-284) and its digital equivalent provide details of lights 
/ Fog signals worldwide, with instructions for their use. Light buoys with a height of 8m or more 
may be listed, but mobile Oil / Gas / Drilling Platforms are not. ALLFS are published annually 
and are updated weekly by Notices to Mariners. ALLFS uses the following terms: 


e Positions. Positions of lights are referenced to WGS 84 unless otherwise stated but 
may be approximate. Charts should be consulted for more authoritative positions. 


e Aeromarine Lights. Aeromarine Lights included are marine-type lights in which 
part of the beam is deflected 10°-15° above the horizon for aircraft use. 


+ Aero Lights. Aero Lights are primarily for aircraft use; they are often of great 
intensity and Elevation. They are included where relevant for marine use, but details 
may change without notice and they should be used with caution. 


e Obstruction Lights. Obstruction Lights mark radio towers, chimneys etc. Details 
may change without notice and they should be used with caution. 


e Daytime Lights. Daytime Lights are operated throughout 24 hours. 
e Fog Lights. Lights shown only in Fog are marked accordingly. 
e Fog Detector Lights. Fog Detector Lights are often bluish in colour. 
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0932. Maximum Ranges of Lights 


a. Calculating the Maximum Range of Lights. There are two criteria for determining 
the maximum range at which a light can be seen: 


e 1* Criterion. First, the light must be above the horizon. This depends on the 
Geographical Range (see definition at Para 0930c). 


e 2™ Criterion. Secondly, the light must be powerful enough to be seen. This 
depends on the Luminous Range (see definition at Para 0930c) 


The range at which a light will be seen by the observer will be either the Geographical 
or the Luminous Range, whichever is the less. It is necessary to work out each range. 
Examples of the calculations are at Para 0932g overleaf. 


b. Geographical, Nominal and Luminous Ranges. Geographical, Nominal and 
Luminous Ranges are defined at Para 0930c. The ranges quoted in ALLFS for nominated 
countries is the Nominal Range, but for other countries Luminous Range is used instead 
(in most cases with a meteorological visibility of 20 Sea Miles, equivalent to a 
transmission factor of 0.85); the list of nations for which Nominal Range is used is given 
in the preamble pages for each volume of ALLFS. 


c. Calculating Geographical Range. Geographical Range may be calculated from 
a table in ALLFS, a copy which is at Fig 9-4b opposite. 


d. Calculating Luminous Range from Nominal Range and Visibility. Luminous 
Range may be calculated from a diagram in ALLFS (see Fig 9-4a below). If Nominal 
Range is quoted in ALLFS, enter the diagram using Nominal Range, but if Luminous 
Range is quoted, enter using /ntensity (candelas). See also Note 9-2 (Para 0932g). 


NOMINAL RANGE IN SEA MILES 
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Fig 9-4a. Luminous Range Diagram (reproduced from ALLES) /Examples in colours] 
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Why are zeners used for this purpose, rather 
than ordinary diodes? 


Answer 

Because zeners have a precise breakdown 
voltage. 

25 Examine an application in which a 
constant voltage is wanted—for example, a 
lamp driven by a DC generator. In this 
example, when the generator turns at full 
speed, it puts out 50 volts. When it runs 
more slowly, the voltage can drop to 35 
volts. You want to illuminate a 20-volt lamp 
with this generator. Assume that the lamp 
draws 1.5 amperes. Figure 2.27 shows the 
circuit. 

Figure 2.27 


A 


DC Ve 
cencrator 
Va =50 V VL 

V =20 V 


You need to determine a suitable value for 
the resistance. Follow these steps to find a 
Suitable resistance value: 

1. Find RL, the lamp resistance. Use the 
following formula: 
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(0932 continued) 


Height of Eye of Observer in feet/metres 


Range in Sea Miles 
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Fig 9-4b. Geographical Range Table (reproduced from ALLFS) /Examples in RED] 


e. Atmospheric Refraction. The Geographical Range table in the ALLFS is based 
upon a particular allowance for Atmospheric Refraction (see Para 0803n, Note 8-3). 


f. Sighting of Lights at Ranges in Excess of Visibility. From Examples 9-1 and 9-2 
(overleaf), it can be seen that lights may be sighted at a range in excess of the estimated 
meteorological visibility, dependent on the light’s /ntensity. 
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(0932) g. Calculating the Maximum Range of Lights - Examples. 


Example 9-1. Geographical Range less than Luminous Range 

Height of eye 12 metres, estimated visibility 15 miles; disregarding Height of Tide (HOT), 
at what range should the Lizard Light (A0060) be sighted? The Elevation of the light 1s 70 
metres. Nominal Range 1s 26 Sea Miles. 


Geographical Range. This can be established as 24.0 Sea Miles from the Geographical 
Range table (see Fig 9-4b) for an Elevation of 70 metres and height of eye 12 metres. 


Luminous Range. Enter the Luminous Range diagram (see Fig 9-4a) from the top border 
for 26 Sea Miles (Nominal Range) and note where the vertical line from this point cuts 
the visibility range curve for 15 miles (which must be interpolated between the 20 mile 
and 10 mile visibility curves). From this second point move horizontally left and read off 
the Luminous Range; 34.0 Sea Miles in this case. 


Maximum Range. The maximum range at which the light will be sighted is therefore the 
lesser of the Geographical and Luminous Ranges, and 1s thus 24.0 Sea Miles. 


Example 9-2. Geographical Range greater than Luminous Range 


Given the same situation as in Example 9-1 but with the visibility now reduced to 5 miles, 
at what range should the light be sighted? 


Geographical Range. As before, Geographical Range 1s 24.0 Sea Miles. 


Luminous Range. Follow the same procedure as in Example 9-1, but this time use the 
5 mile visibility curve, move horizontally left and read off the Luminous Range; 15.0 Sea 
Miles in this case. 


Maximum Range. The maximum range at which the light will be sighted is therefore 
the lesser of the Geographical and Luminous Ranges, and 1s thus 15.0 Sea Miles. 


Example 9-3. Use of Luminous Range and Intensity (not Nominal Range) 

Height of eye 10 metres, estimated visibility 5 miles. Disregarding HOT, at what range 
should Punta Gobernadora Light (J4836) be sighted? The Elevation of the light is 33 metres, 
Luminous Range 46 Sea Miles, Intensity 3 million candelas (see Note 9-2 below). 


Geographical Range. This can be established as 18.0 Sea Miles from the Geographical 
Range table (see Fig 9-4b) for an Elevation of 33 metres and height of eye 10 metres. 


Luminous Range. Enter the Luminous Range diagram (see Fig 9-4a) from the bottom 
border for 3 million candelas (Intensity) and note where the vertical line from this point 
cuts the visibility range curve for 5 miles, then move horizontally left and read off the 
Luminous Range; 16.4 Sea Miles in this case. 


Maximum Range. The maximum range at which the light will be sighted 1s therefore the 
lesser of the Geographical and Luminous Ranges, and 1s thus 16.4 Sea Miles. 


Note 9-2. Procedure for Obtaining Actual Luminous Range Without Intensity. If Luminous 
Range is listed without Intensity, enter the Luminous Range diagram (see Fig 9-4a) at the left with 
the tabulated Luminous Range, move horizontally right until the 20 Sea Mile visibility curve is 
reached, then vertically up or down until the actual visibility curve is met, then read back across 
to the left, where actual Luminous Range for the prevailing visibility may be read. 
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0933. Using Lights - Aide Memoire 
The following aide memoire of practical tips is useful as a check-list when using lights 


for navigation. 


Checking. The Characteristics of a light should always be checked on initial 
sighting. 


Actual Geographical Range. Atmospheric Refraction and HOT may affect 
the Geographical Range expected. 


Raising or Dipping Range. The ‘Rising or Dipping Range’ of a light can only 
be approximate, and must be used with particular caution if being used as a 
Position Line. 


Obscured High Lights. Lights placed at high Elevations are often obscured 
by cloud (eg lights on the Spanish coast). 


Estimating Distances. The distance of an observer from a light cannot be 
estimated from its apparent brightness. 


Effect of Atmospheric Conditions. The distance at which lights are sighted 
varies greatly with atmospheric conditions. It may be increased (or decreased) 
by Abnormal Refraction. It will be reduced by Fog, haze, dust, smoke or rain; 
a light of low /ntensity may easily be obscured in any of these conditions and 
even the range of a light of great Intensity may be considerably reduced. Thus 
ranges at which lights first appear can only be approximate. There may 
also be Fog or rain in the vicinity of the light even though it is clear at the ship, 
and this may affect its initial sighting range. 


Cold Weather. In cold weather, and more particularly with rapid changes of 
weather, a shore-light’s lantern glass and screens may be covered with 
moisture, frost or snow, which can greatly reduce the sighting range. Coloured 
sectors may appear more or less white, the effect being greatest with green 
lights of low intensity. 


Sector Limits. The limits of light sectors should not be relied upon and should 
always be checked by compass bearing. At the boundaries of sectors there may 
be a small arc in which the light may be obscured, indeterminate in colour or 
white; however, more modern lights usually define sector boundaries to a much 
greater degree of accuracy and precision than older lights. 


Arcs of Visibility. The limits of arcs of visibility of lights are rarely exact, 
especially at short ranges. 


Reddish Hue. In certain atmospheric conditions, white lights may have a 
reddish hue. 


Glare from Background Lighting. Glare from background lighting may 
considerably reduce the range at which lights are initially sighted. The 
approximate sighting range in such circumstances may be found by first 
dividing the /ntensity of the light by 10 for minor background lighting, by 100 
for major background lighting, and then using the Luminous Range diagram 
(Fig 9-4a) to establish a likely initial sighting range. 
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0934. Fog Signals - Types and Uses 
ALLFS Volumes A-L (NPs 274-284) and its digital equivalent (DP 565) contain details 
of Fog signal and their operation. Brief details are also given on the chart. 


a. Fog Signal Types. The following types of Fog signals are likely to be encountered. 


Diaphone. The Diaphone uses compressed air to issue a powerful low note, 
usually with a characteristic ‘grunt’ at the end of the note (a brief sound of 
suddenly reduced pitch). If the Fog signal does not end in this ‘grunt’, ALLFS 
will state “No Grunt’. 


Horn. The Horn uses compressed air or electricity. Horns exist in many 
forms, differing greatly in sound and power. Some forms, particularly those 
at major Fog signal stations, simultaneously produce sounds of different pitch 
which are often very powerful. Others produce a single steady note, or vary 
continuously in pitch. 


Siren. The Siren uses compressed air and exists in many forms varying greatly 
in sound and power. 


Reed. The Reed uses compressed air and emits a weak (particularly 1f hand- 
operated) high-pitched sound. 


Explosive. This signal produces short reports by firing explosive charges. 


Bell, Gong & Whistle. Bell, Gong & Whistle may be operated by machinery, 
(sounding regularly), by hand (sounding irregularly) or by wave action 
(sounding erratically). Bells, Gongs & Whistles are frequently used as Fog 
signals on buoys. 


Morse Code. Morse Code Fog signals consist of one or more letters of the 
Morse Code. In a similar manner to lights, the abbreviation “Mo” may be 
included in the abridged description of a Fog signal. 


b. Using Fog Signals - Cautions. Sound travels through air in an unpredictable way 
and Fog signals should never be relied upon implicitly. Fog lookouts should be placed 
where noises in the ship are least likely to interfere with the hearing of a Fog signal. 


Varying Distances. Fog signals may be heard at greatly varying distances. 
Fog signal emitters vary greatly in power; reserve emitters are often weak. 


Apparent Direction. The apparent direction of a Fog signal is NOT always 
a correct indication of its true direction. 


High and Low Notes. Ifa Fog signal is a combination of high and low notes, 
one of the notes may be inaudible in certain atmospheric conditions. 


Inaudible Areas. There are occasionally areas around a station in which the 
Fog signal is quite inaudible. 


Patchy Fog. Fog may exist a short distance from a station and not be 
observable from it, so that the signal may not be operated. 


Starting. Some Fog signals cannot be started immediately Fog is detected. 


0935-0939. Spare 
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SECTION 4 - BUOYS, OTHER FLOATING STRUCTURES AND BEACONS 


0940. 


0941. 


Buoy and Beacon Types 


a. Buoys. Buoys are floating structures moored to the sea bed, used to mark channels 
and fairways, shoals, banks, rocks, wrecks and other dangers to navigation. Buoys have 
a distinctive colour and shape, they may carry topmarks and/or radar reflectors, exhibit 
lights and/or sound Bells, Gongs, Whistles or Horns. 


b. Beacons. Beacons are navigational marks, erected as an aid to navigation. They may 
be placed on or in the vicinity of danger, or onshore. Beacons have a distinctive colour 
and shape, they may carry topmarks and/or radar reflectors and may exhibit lights; these 
features all have the same meaning as for buoys. Large unlit beacons are often referred 
to as Daymarks (Daybeacons in the USA and Canada). In its simplest form, a beacon is 
known as a ‘Pile Beacon’ and consists of a single wooden or concrete pile identified only 
by colour and possibly a number. 


c. Sources of Information. The definitive guide to buoys and beacons for any area 
is the largest Scale paper chart or ENC / RNC of the place concerned. The Admiralty 
Sailing Directions (‘Pilots’) describe the buoyage system and Direction of Buoyage in 
use in the area covered by the particular volume and often refer in the text to individual 
light-buoys without giving a detailed description. Details of beacons may also be found 
in the Admiralty Sailing Directions (“Pilots”). ALLFS gives details of lighted beacons, 
and of most buoys with an of an Elevation of 8 metres or more. 


IALA Maritime System of Buoyage - Regions A and B 
The ZALA Maritime Buoyage System covers most (but not all) of the world and applies 


to buoys and beacons. It consists of Lateral Marks, Cardinal Marks, Isolated Danger Marks, 
Safe Water Marks, Special Marks and Emergency Wreck Marking Buoys. The following 
information is a brief summary; for full details, see ‘ZALA Maritime Buoyage System’ (NP 735). 


a. Regions A and B. To reflect long-standing practices, the system is divided into 
Region A and Region B (see details in NP 735 and in the Admiralty Sailing Directions 
[*Pilots”]). In broad terms, areas using Region B comprise N & S America, Japan, Korea 
and the Philippines; most of the rest of the world comprises Region A. The only 
differences are that the in Region A red is used for port hand Lateral Marks with green 
for starboard, and in Region B these colours are reversed; the shapes of Lateral Marks are 
the same in both Regions (can to port, conical to starboard). 


b. Direction of Buoyage. Lateral Marks are generally used for well-defined channels 
with a “Conventional Direction of Buoyage’ , which indicates the port and starboard hand 
sides of the route to be followed. This is defined by either the Local Direction of 
Buoyage (used when approaching a harbour, estuary etc from seaward), or a General 
Direction of Buoyage (created on the principle of a clockwise direction around 
continents). The relevant Direction of Buoyage (if established) 1s normally shown on the 
chart and mentioned in Admiralty Sailing Directions (‘Pilots’) for a particular area. 


c. Retroflectors. High-visibility Retroflector material is fitted to many unlit buoys. 
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(0941 continued) 
LATERAL MARKS - REGION A 
PORT HAND STARBOARD HAND 


Colour: Red Colour: Green 

Shape: Can, Pillar or Spar Shape: Conical, Pillar or Spar 

Topmark: Single red can (when fitted) Topmark: — Single green cone point up (when fitted) 
Retroflector: Red band or square Retroflector: Green band or triangle 


vs a 


O O A 
DIRECTION 
[| OF BUOYAGE | l 


Red Light Green Light 
Q.R iT Continuous quick light YYYY Q.G 


FIR Single-flashing light E F/G 
L.FI.R WIN Long-flashing light IS LFG 


FI(2) R MI Group-flashing light PS F/(2) G 
PREFERRED CHANNELS 
Preferred Channel to Starboard Preferred Channel to Port 
Colour: Red with one broad green band Colour: Green with one broad red band 
Shape: Can, Pillar or Spar Shape: Conical, Pillar or Spar 
Topmark: Single red can (when fitted) Topmark: Single green cone point up (when fitted) 
Retroflector: Red band or square Retroflector: Green band or triangle 


ONO 


DIRECTION 


z Mi | OF BUOYAGE A A | 


Red Light Green Light 
Fi(2+1) WII Composite Group-flashing (2+1) light T (2+7) G 


Fig 9-5. IALA Lateral Marks - Region A 


(0941) d. IALA Lateral Marks - Region A. Lateral Marks, with colours, shapes and lights 
as in Fig 9-5 (above), are used in well defined channels in conjunction with Direction of 
Buoyage and indicate the port and starboard sides of the route to be followed. Where a 
channel divides to form two alternatives for the same destination, the ‘Preferred Channel’ 
is indicated by a modified Lateral Mark. In Region A, red is used for port hand Lateral 
Marks with green for starboard; the shapes of Lateral Marks are the same in both Regions 
(can to port, conical to starboard). 


e Features. Fig 9-5 is schematic and buoy features may vary. 


° Shapes. Where buoys do not rely on shape for identification, they carry the 
appropriate topmarks where practicable. 


e Numbers. Numbering / lettering of buoys follows the Direction of Buoyage. 


e. IALA Lateral Marks - Region B. As stated in Para 0941a, in Region B Lateral 
Marks are identical to those in Region A except that the colours are reversed with green 
used for port hand Lateral Marks and red for starboard; the shapes of Lateral Marks are 
the same in both Regions (can to port, conical to starboard). 
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(0941 continued) 


CARDINAL MARKS 


Colour: Black and Yellow 
Shape: Pillar or Spar (if a buoy) 
Topmark: Two black cones 
Retroflector: Blue and / or Yellow 


Retroflector 


Q(9) or VQ(9) Q(3) or VQ(3) 
[VVVVVVVV Uy VVVVVVVV ee AAA o Y Y o 


Vv v 
A A 


Retroflector Retroflector 


Retroflector 


sl = 


Q(6) + L.FI.15s or VQ(6)+ L.FI.10s 
CVVVVV'  AAAAAAME O 


Fig 9-6. IALA Cardinal Marks 


(0941) f. IALA Cardinal Marks. Cardinal Marks, with colours, shapes and lights as in 
Fig 9-6 (above), indicate that safe navigable water lies to the named side of the mark (ie 
safe water lies to the North of a North mark etc). Cardinal Marks are used to indicate 
that the deepest water in an area is on the named side of the mark, or to indicate the safe 
side on which to pass a danger (eg rocks, shoals or a wreck), or to draw attention to a 
feature in a channel such as a bend or junction, or the end of a shoal. 


. Topmarks. Cardinal Marks are always painted in black and yellow bands, 
with black double-cone topmarks. The points of the cones indicate the position 
of the black-painted section relative to the yellow (see Fig 9-6). 


e Lights. Cardinal Marks always show a white light based on a group of Quick 
(Q) or Very Quick (VQ) flashes using a clock face pattern which indicates the 
quadrant (ie North = continuous, East = groups of 3, South = groups of 6 plus 
a Long Flash (L Fl), and West = groups of 9) - see Fig 9-6 (above). 
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(0941) g. IALA Isolated Danger Marks. /solated Danger Marks, with colours, shapes and 
lights as in Fig 9-7 (below), are placed at isolated dangers of limited extent surrounded 
by navigable water. On the chart, the position of the danger is the centre of the symbol 
or sounding indicating the danger; the symbol for the buoy will be slightly displaced. 


e Shape and Topmark. /solated Danger Mark buoys are pillar or spar in shape. 
A black double-sphere, topmark is fitted wherever practicable as an important 
feature. 


. Colours. /solated Danger Marks have horizontal stripes (red and black). 


ISOLATED DANGER MARKS 


Colour: Black and Red 
Shape: Pillar or Spar (if a buoy) 
Topmark: Two black spheres Retroflector 


O O 
Light (when fitted): 
Retroflector: Blue and Red | — WERE ia festive (2) 
a O E  F/(2) 


Fig 9-7. IALA Isolated Danger Marks 


h. IALA Safe Water Marks. Safe Water Marks, with colours, shapes and lights as 
in Fig 9-8 (below), are used to indicate that there is navigable water all around the mark. 
They may be used as a centre-line, mid-channel or landfall mark or to indicate the best 
point of passage under a fixed Bridge. 


. Shape and Topmark. Ifthe Safe Water Mark 1s not spherical, a red spherical 
topmark is fitted wherever practicable as an important feature. 


° Colours. Safe Water Marks have vertical stripes (red and white) and should 
not be confused with the Emergency Wreck Marking Buoy (see Para 0941)) 
which also has vertical stripes (blue and yellow). 


SAFE WATER MARKS 


Colour: Red and White Light (when fitted): 


Shape: Spherical, Pillar or Spar White, 
@ Retroflector Isophase or Occulting, or 


i © 
Topmark: — Red sphere Long-flashing every 10 secs, 


Retroflector: Red and White or Morse Code A. 


M A 


Fig 9-8. IALA Safe Water Marks 
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(0941) 1. IALA Special Marks. Yellow Special Marks, with shapes and lights as in Fig 9-9 
(below) are used to indicate a special area or feature, the nature of which is apparent from 
a chart, the Admiralty Sailing Directions (‘Pilots’), or Notices to Mariners (NM). These 
include (but are not limited to): ‘Ocean Data’ marks, Traffic Separation Schemes (TSS), 
spoil grounds, recreation and military exercise zones, cables, pipelines, outfall pipes and 
‘channels within a channel’. 


e Colour, Shape and Topmarks. Special Marks are always yellow, can be a 
variety of shapes and may have lettered topmarks to indicate their purpose. 


SPECIAL MARKS 


Colour: Yellow 
Shape: Optional 
Topmark: Yellow diagonal cross - TA ‘Lo 


Retroflector: Yellow 


Light (when fitted): 
Yellow, 
and may have any rhythm 
not used for white lights. 


Examples 


oS eS 
O es F/. Y 
NO DÁ COC TT TS F/(4) Y 


Fig 9-9. IALA Special Marks 


Jj- IALA Emergency Wreck Marking Buoys. New Emergency Wreck Marking 
Buoys (see Fig 9-10 below) were introduced by ZALA on a trial basis from 2006-2010 to 
provide clear and unambiguous marking of a new wreck, as a temporary response in the 
first 24-72 hours. Full incorporation of the buoy into the ZALA Maritime Buoyage System 
will depend on the trial results. 


e Characteristics. Emergency Wreck Marking Buoys are fitted with alternating 
Occulting blue and yellow lights, a Racon (Morse Code ‘D’) and an AJS 
transponder. If multiple buoys are deployed, the lights will be synchronised 


e Retroflector. As Emergency Wreck Marking Buoys are always intended to be 
lit, they are NOT normally fitted with Retroflectors. 


. Colours. Emergency Wreck Marking Buoys have vertical stripes (blue and 
yellow) and should not be confused with the Safe Water Mark (see Para 0941h) 
which also has vertical stripes (red and white). 


EMERGENCY WRECK MARKING BUOYS 


Colour: Blue and Yellow (vertical stripes) Eds Light (when fitted): 


Shape: Pillar or Spar Buoy Alternating Occulting 
ms Blue and Yellow . 

If multiple buoys deployed, 

lights will be synchronised. 


Topmark: Upright Yellow Cross 


EEE Alt.Occ.Bu.Y 


Fig 9-10. IALA Emergency Wreck Marking Buoys 
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0942. Using Buoys and Other Floating Structures for Navigation - Procedures 


a. 


Limitations of Buoys and Other Floating Structures. The position of buoys and 
other floating structures (ie Light vessels, light floats and LANBYs [Large Automatic 
Navigation BuoYs]) must always be treated with caution, even in narrow channels 
where buoys positions may be monitored by harbour authorities (etc) ashore. Buoys (and 
to some extent, other floating structures as above) are liable to the following: 


Dragging and Moving. Buoys may quite easily drag or break adrift and they 
are frequently moved as a shoal extends. 


Charted Position. The charted position can only show the approximate 
position of the buoy mooring and takes no account of the length of mooring 
chain used; this may result in the buoy being substantially away from its 
charted position, particularly at LW or where a large (tidal) Range or strong 
Tidal Stream is experienced. 


Light Characteristics. Buoys may not always display the correct light 
Characteristics. 


b. Advantages of Buoys. Despite the known limitations of buoys (see Para 0942a 
above), buoys are still a useful aid to navigation, particularly in the following 
circumstances: 


C. 


Pattern. If buoys are in a pattern, their relative position to each other may be 
assessed or Fixed using identification techniques (see Para 0807d), thus 
enhancing confidence (or otherwise) in their position. 


Shore Radar Monitoring. If buoys (particularly 1f they are in a pattern) are 
monitored by radar from shore by an appropriate harbour authority (etc), it may 
be possible to confirm (eg by a VHF call) if they are all in position. 


Supplementary Visual Checks. Buoys provide an instant visual confirmation 
(or otherwise) of other position source information. The Echo Sounder depth 
of water should also be used for correlation of position. 


Use of Buoys with Caution. Buoys should NOT be treated as infallible aids to 
navigation, particularly when in an exposed position. Whenever possible: 


Fixing & Pilotage. Navigate by Fixing from charted shore objects or high 
accuracy electronic systems, and in Pilotage also run a Headmark / Sternmark 
with Clearing Lines (Clearing Bearings or Clearing Ranges) 


Echo Sounder. Always monitor the Echo Sounder (as this measures the 
proximity of the nearest point of land) and correlate it to the charted position. 


DR/ EP. Always check the DR / EP against the other positions indicated. 


Cross Checking. As with all navigation, the concept of cross-checking all 
available sources of positional information applies to buoys; use buoys, but do 
NOT rely implicitly on them. 


0943-0949. Spare. 
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2. Find V R. Use VS = VR + VL. 
3. Find R. Use the following formula: 


R= Vr 
| I 


Questions 

Work — through these steps, and write your 
answers here. 

A. RL = 


Answers 


A. 20 volts o 
Ri = - = 13.33 ohms 
1.5 amperes 
B. Vz = 50 volts — 20 volts = 30 volts 
C. 
50 volts —20 volts 30 volts 
R= = = 20 ohms 
1.5 amperes 1.5 amperes 


26 Assume now that the 20-ohm resistor 
calculated in problem 25 is in place, and the 
voltage output of the generator drops to 35 
volts, as shown in Figure 2.28 . This is similar 
to what happens when a battery gets old. Its 
voltage level decays and it will no longer have 
sufficient voltage to produce the proper 
current. This results in the lamp glowing less 
brightly, or perhaps not at all. Note, however, 
that the resistance of the lamp stays the 
same. 

Figure 2.28 
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SECTION 5 - AUTOMATIC IDENTIFICATION SYSTEM (AIS) AND VHF RADIO 


0950. Concept of AIS and VHF Radio Use 

The following information on Automatic Identification System (AIS) and the use of VHF 
radio is a summary; for details, see BR 45 Volumes 3 & 8, and UK Maritime and Coastguard 
Agency (MCA) documents. Current MCA documents are available on the MCA website. 


a. AIS Summary. A/S was introduced in 2002 and is a shipboard broadcast 
transponder system, using common digital VHF channel(s) by which ships continually 
transmit identity, course, speed and other data to other ships and coastal authorities. 


b. AIS - Aim and Objectives. The aim and objectives of A/S are to enhance the 
following 3 areas of maritime activity: 


Aim. The aim of A/S is to enhance the safety of life at sea, the safety and 
efficiency of navigation, and the protection of the marine environment. 


Objectives. In support of the aim, the objectives of AIS are: 

> To help identify vessels. 

>» To assist in contact tracking. 

> To simplify information exchange by reducing VHF verbal reporting. 
> To provide additional information to assist situation awareness. 


c. Classes of AIS - Features and Vessel Carriage Requirements. Four classes of 
AIS are in use, with the following features and vessel carriage requirements: 


AIS Class A. A/S Class A provides full maritime functionality (see details at 
Para 0951) and must be carried by all vessels over 300 grt, from 1 July 2007. 
The baseline display of A/S data is by Minimum Keyboard Display (MKD), but 
AIS data may instead be interfaced to Automatic Radar Plotting Aids (ARPA) 
and WECDIS / ECDIS, for graphical display. An AZS ‘Pilot Port’ is required 
for an external 415 display (eg laptop) to be connected to the ships’ system. 


Warship AIS (W-AIS). Warship AIS (W-AIS) is an enhanced version of AIS 
Class A and has additional military functionality. See BR 45 Volume 8(1). 


Inland AIS (Derivative of AIS Class A). Inland AIS is a derivative of AIS 
Class A, specifically authorised for use in inland waters. Inland AIS covers the 
main features of 415 Class A while covering the specific requirement of inland 
navigation and enabling direct data exchange between seagoing and inland 
vessels in mixed traffic areas. Inland AIS specifications may vary regionally 
but, typically, may replace the MKD with a graphical display, remove VHF 
Digital Selective Calling (DSC), add some facilities of specific relevance to 
inland navigation (eg dedicated Persons on Board [POB] data field) and 
increase the message transmission rate. See Note 9-1 (below). 


AIS Class B. 4/5 Class B provides a reduced maritime functionality and may 
be carried optionally by vessels not covered by A/S Class A. In summary, AIS 
Class B has much reduced message fields and transmission intervals; tracks 
may also be automatically inhibited in areas of high traffic density. 


Note 9-1. Thames AIS. An Inland AIS (‘Thames AIS’) is operated by the Port of London 
Authority (UK) in the River Thames, with mandatory carriage requirements from I June 2007. 
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0951. 


9-32 


AIS - Operation 


a. Operation of AIS. 4/5 Class A should always be in operation when ships are 
underway or at anchor, although it may be switched off 1f the Master / CO considers its 
continued use may compromise the security of the ship (eg piracy areas). Such action 
should be noted in the Ship’s Log with reasons; in mandatory reporting systems, the 
competent authority should also be informed unless security would be compromised. 


b. Modes of Operation. A/S operates in 3 modes -‘Static’, ‘Dynamic’ and “Voyage 
Related’, as follows: 


° Static Mode. In ‘Static Mode”, A/S Class A transmits the vessel’s identity, 
size and type, and the precise location of the navaid antenna (usually GPS) in 
use on board. 


e Dynamic Mode. In ‘Dynamic Mode’, AIS Class A transmits the vessel’s 
Position, Position ‘time stamp’ in UTC, Course Over the Ground (COG) / 
Ground Track, Speed Over the Ground (SOG) / Ground Speed, heading, rate 
of turn and “Navigational Status’ (which may include Underway [power / sail], 
alongside, at anchor, “Not under Command’ [NUC], ‘Restricted in Ability to 
Manoeuvre’ [RAM], ‘Constrained by Draught [CBD]’, aground or fishing). 


e Voyage Related Mode. In ‘Voyage Related Mode’, AIS Class A transmits the 
vessel’s draught, any hazardous cargo, destination, ETA and Waypoints. 


c. Data Input. Most A/S data is input automatically, either at installation set-up or 


from navaids / gyro compass. However, before sailing or when changes occur, the NO 


/ OOW should manually input the following: draught, cargo, destination, Waypoints, 
ETA, navigational status and text messages. Failure to input this data accurately may 


lead to incorrect information being broadcast (see Paras 0953 [opposite] and 1320a). 


d. Data Transmission Slots. 4/5 Classes A and B use a Time Division Multiple Access 
(TDMA) system to transmit A/S messages in slots, each of 29.7 milliseconds. 


° AIS Class A / Inland AIS. 4/5 Class A vessels use ‘Self Organising TDMA” 
(SOTDMA) to organise transmission slots automatically. AIS Class A ‘Base 
Stations’ and “Aids to Navigation’ use ‘Fixed Access TDMA’ (FATDMA) with 
reserved transmission slots. Inland AIS TDMA is based on A/S Class A 
SOTDMA, but regional variations in the transmission rate may occur. 


e AIS Class B. 4/5 Class B vessels use ‘Carrier Sense TDMA’ (CSTDMA) to 
listen for a free slot before transmitting. 


e. Range of Operation and AIS Loading. A/S coverage is usually 20-30 n.miles, 
unless substantial shielding by high land masses occurs. If high traffic densities occur 
and the available A/S broadcast time-slots become overloaded, A/S will automatically 
drop contacts furthest away. 


f. Short Text Messages. A/S may be used to send short (maximum 158 characters), 
safety-related text messages, addressed either to a specific addressee or broadcast to all 
ships and shore stations (eg iceberg sighted, buoy off station etc). 


Original 
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0952. Virtual (or Pseudo) AIS Contacts 


a. Virtual AIS Contact Facility. Certain equipments, used primarily by coastal 
authorities (eg VTS Centres etc) may be fitted with a ‘Base-Station’ 415 capability, 
allowing them to provide Virtual AIS (or Pseudo AIS ) symbols / data in any position. 
This allows the positions to be broadcast for: 


e Vessels whose transmissions to other ships are shielded by land masses. 


e — Vessels which are not transmitting on A/S but whose positions are known and 
need to be disseminated (eg disabled vessel in distress etc). 


b. False AIS Contacts. The Virtual AIS contact facility could lead to the appearance 
of false 4/5 contacts. The Virtual AIS contact facility also has the potential for misuse 
(eg spoofing) if such equipment comes under the control of those wishing to confuse, 
either for illegal purposes (eg piracy) or warfare. Particular care is necessary with 415 
contacts (see CAUTION below). 


CAUTION 


FALSE AIS CONTACTS. The Virtual AIS contact facility could lead to the appearance 
of false AIS contacts. Particular care is necessary when an AIS contact is not 
complemented by a radar contact. 


0953. Incorrect AIS Data 

Since the introduction of AIS, many instances have occurred of incorrect A/S data being 
broadcast, due either to incorrect setting up of navaids and other interfaced equipment, or to 
incorrect manual inputs. One example of erroneous A/S data is at Fig 9-11 (below), where a ship 
broadcast its A/S position some 4.8 cables from its real position, causing a potentially dangerous 
situation in the busy approaches to the ports of Portsmouth and Southampton (UK). Many other 
examples of incorrect 4/5 data being broadcast have been reported. 


a A 5 5 


| 
Fig 9-11. Example of Dangerously Incorrect AIS Information Transmitted by a Vessel 
(Reproduced by kind permission of Associated British Ports, Southampton) 
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0954. 


Collision Avoidance - Use of AIS and VHF Radio 


a. Limitations of AIS. AIS may not provide a complete picture of the situation around 
a vessel, for a variety of possible reasons. Not all ships are fitted with 415 (particularly 
small craft and fishing boats); in others, AIS may be switched off or be transmitting 
incorrect data. Other floating objects without A/S (eg navigational marks etc) may give 
a radar echo but will not give an A/S response. If a sensor is not installed (eg a gyro 
compass is not required in ships under 500grt) or fails, AIS cannot transmit its data. ALS 
positions are derived from the vessel’s GNSS equipment (usually GPS) and may not 
exactly coincide with the radar contact. 


b. Misuse of AIS for Collision Avoidance. Collision avoidance must be carried out 
strictly in compliance with the International Regulations for Prevention of Collisions at 
Sea 1972 (the ‘ColRegs’ ). There is no direct provision in the Co/Regs for the use of AIS 
data, except broadly under the ‘all available means’ provisions of Co/Regs Rules 5 and 7 
(but see CAUTION below). 


CAUTION 
AIS DATA. Current (2008) UK (MCA) guidance is that AIS may be used to assist 


collision avoidance decision making, but only as an additional source of information; 
decisions should be based primarily on visual and/or radar data. 


c. Correlating Virtual AIS Contacts with Radar Contacts. 4/5 ‘Base-station’ 
equipments are capable of providing Virtual AIS (or Pseudo AIS ) contact symbols / data 
in any position on AZS displays (see Para 0952). Mariners should therefore take particular 
care if an AIS contact does not correlate with an appropriate radar contact. 


d. Misuse of VHF Radio for Collision Avoidance. In a significant number of 
collisions, one or both parties had used VHF radio in an attempt to avoid collision, and 
this was later found to be a contributory cause. Time can be wasted making VHF contact 
and establishing the correct identity of each party, instead of complying with the ColRegs. 
Subsequent VHF conversations are open to misunderstanding. See CAUTION below. 


e. Misuse of AIS with VHF Radio for Collision Avoidance. Notwithstanding 
availability of A/S, the uncertainties that can arise over the identification of vessels and 
the interpretation of VHF messages present a real danger (see Para 1954d above). See 
CAUTION below. 


CAUTION 


MISUSE OF VHF RADIO AND AIS. The use of VHF radio to discuss action to be taken 


between approaching ships is fraught with danger and Is actively discouraged by the UK 
MCA; identification of a contact by AIS does NOT remove this danger. 
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CHAPTER 10 
TIDES AND TIDAL STREAMS 


1001. Scope of Chapter 

Chapter 10 summarises the theory and practice of Tides and Tidal Streams, including 
predictions from the Admiralty Tide Tables and Admiralty TotalTide® software. For further 
details see BR 45 Volume 2 (Astro Navigation) and ‘The Admiralty Manual of Tides’ (NP 120). 
This chapter replaces Chapter 11 of the 1987 Edition of this book. 


1002. Primary Definitions 

The terms ‘Tides’ (vertical), ‘Tidal Streams’ (horizontal), Currents and the American 
usage ‘Tidal Currents’ are frequently mixed up; their definitions (repeated at Para 1040a) are as 
follows. Further information is at Paras 1040-1046 and Paras 1120-1125. 


e Tides. ‘Tides’ are periodic vertical reversing movements of the water on the 
Earth’s surface, caused by the Tide Raising Forces of the Moon and Sun. 


e  TidalStreams. ‘Tidal Streams’ are the periodic horizontal reversing movements 
of the water accompanying the vertical rising and falling of Tides. 


e Currents. Ocean Currents are non-tidal movements of water, which may flow 
steadily at all depths in the oceans and may have both horizontal and vertical 
components; a Surface Current can only have a horizontal component. In rivers 
and estuaries, there 1s often a permanent Current caused by the flow of river water. 


e Tidal Currents. ‘Tidal Currents’ is the American usage for ‘Tidal Streams’. The 
term Tidal Currents’ 1s NOT used in this book. 


1003-1009. Spare 
SECTION 1 - TIDAL THEORY 


1010. Newton’s Universal Law of Gravitation 

Tides are caused by the gravitational attraction of other heavenly bodies on the Earth and 
on the water over the Earth. The two heavenly bodies which have the greatest Tide Raising 
effect are the Sun and the Moon, while the effect of other heavenly bodies is negligible. 


a. Magnitude. The magnitude of the gravitational attraction between two bodies is 
defined in Newton’s Universal Law of Gravitation, which states that: 


“For any two heavenly bodies, a force of attraction is exerted by each one on the 
other, the force being: 
1. Proportional to the product of the masses of the two bodies. 
2. Inversely proportional to the square of the distance between them. 
3. Directed from the centre of the one to the centre of the other.” 


b. Calculation. Newton’s Universal Law of Gravitation may be expressed as: 
me EL ... 10.1 (1987 Ed... 11.1) 


where F is the force, m, and m, the masses of the two bodies, and d their distance apart. 
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1011. Earth-Moon System 


a. Barycentre. The common Centre of Gravity of two bodies in a system is known 
as its Barycentre”. 


b. Earth-Moon Barycentre. The Earth and Moon form an independent system 
rotating about a common Centre of Gravity known as the Earth-Moon Barycentre (see 
Fig 10-1 below). The Earth-Moon Barycentre lies on a line joining the Centres of 
Gravity of the Earth and Moon (at a point about 1000 miles below the Earth’s surface). 


Orbit of the Moon around 
the Barycentre 


e) 


Orbit of the Earth 
around the Barycentre 


Perigee 


Earth-Moon Barycentre 


Fig 10-1. The Earth-Moon System (not to scale) 


c. Earth-Moon Orbits. The Earth describes a very small ellipse about the Earth- 
Moon Barycentre, while the Moon describes a much larger ellipse about the same 
Barycentre, taking approximately 27⁄2 days to complete one orbit. The Moon revolves 
around the Earth with respect to the Sun approximately once every 29% days; this period 
is known as the Lunar Month (see details at BR 45 Volume 2). 


d. Earth-Sun Orbits. The explanation of Earth-Sun orbits is at Para 1016. 
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1012. Gravitational Force 


a. Gravitational Force of the Moon Acting on Water. Although the Gravitational 
Force of the Moon acts on the Earth as a whole (affecting the structure of the Earth 
itself) and also on the atmosphere, its effect on the water on the Earth’s surface is the 


important factor for the causes of Tides. 


b. Gravitational Force of the Moon Acting on the Earth. In Fig 10-2 (below): 


e MM, 1s the diameter of the Earth on the line joining the centres of the Earth 
and Moon. 


e Mis the point on the Earth’s surface directly under the Moon and known as 
the Sublunar Point. 


e  M, 1s on the opposite side of the Earth away from M and is known as the 
Antipode (or Antipodal Point). 


e A and B are two points on the Great Circle whose plane is perpendicular to 
MM, and at all points on this Great Circle the distance from the Moon is 
effectively the same (see Note 10-1) as that from the centre of the Earth. 


Thus, the Gravitational Force exerted by the Moon anywhere on AB is the same and is 
denoted by G. At M the distance to the Moon has decreased; thus, the Gravitational 
Force acting at M is increased by a small amount 0G, while at M, the Gravitational 
Force has decreased by a similar amount. Thus, the total Gravitational Force acting at 
Mis (G + ôG) and that at M, is (G - ôG). 


M (Sublunar 
Point) 


Ma 
(Antipode 
or 
Antipodal 
Point) 


Fig 10-2. Gravitational Force of the Moon Acting on the Earth (not to scale) 


Note 10-1. The distance of A and B from the Moon is very slightly more than that at C but, as 
the radius of the Earth is small compared with the distance of the Moon (approximately 1:60), 
the differences are also small. 
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(1012) c. Differential Gravitational Force on the Earth’s Surface. [fit is assumed that the 
Earth is a smooth Sphere completely covered by water, the Gravitational Force acting 
on the waters may be considered as the difference between the Gravitational Force G 
acting at the centre of the Earth and the actual Gravitational Force anywhere else on the 
Earth’s surface (see Fig 10-3 below). 


M (Sublunar 


Point) 
Ma 
(Antipode 
or 
Antipodal 
Point) 


— — 
=e ee = ee 


N 
D 
= 
O 
~ 


Fig 10-3. Differential Gravitational Force on the Earth’s Surface at M / M, (not to scale) 


d. Direction of Gravitational Force at Antipodal Point. At the Antipodal Point M,, 
the differential Gravitational Force is negative (ie *-0G '). This is equivalent to the 
differential Gravitational Force at M, being positive (ie ‘+-6G’) but acting in the 
opposite direction (see Fig 10-4 below). 


+5G Cos Y 
\ Y 


í 
Zero, we M(Sublunar 


Ce 7 Point) 


Antipodal 
Point) 


Fig 10-4. Differential Gravitational Force at Other Points (D etc) on Earth’s Surface 
(Not to scale) 


e. Differential Gravitational Force at Other Points. At some other point D on the 
Earth’s surface (see Fig 10-4 above), the differential Gravitational Force acting on the 
waters must be somewhere between 6G and zero. If D is O ° above the Sublunar- 
Antipodal plane, then the differential Gravitational Force at D is equal to 6G cos O >, 
Similarly, at D, it is also equal to 6G cos O *, but acting in the opposite direction. 
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R = 20 ohms 


Questions 
A. Find the total current flowing. Use the 
following formula: 
Vs 
I+ SS 
(R + R;) 
[r = 


B. Find the voltage drop across the lamp. Use 
VL = IT x RL. 

VL = 

C. Have the voltage and current increased or 
decreased? 

Answers 

A. 


I. = 35 volts ao volts 
"200 +1330 3330 
V, = 1.05 amperes X 13.30 = 14 volts 


C. Both have reduced in value. 


= 1.05 amperes 


27 In many applications, a lowering of 
voltage across the lamp (or some other 


BR 45(1)(1) 
TIDES AND TIDAL STREAMS 


(1012) f. Centrifugal Force. As the Earth and Moon orbit around a Barycentre, Centrifugal 
Force acts at M, and M,. The effect is to reinforce the differential Gravitational Forces. 


1013. Tide Raising Force 


a. Vertical and Horizontal Components of Differential Gravitational Forces. If 
it is assumed that the entire surface of the Earth is covered with a uniform layer of water, 
the differential Gravitational Forces may be resolved into a vertical component (FV) at 
right angles to the Earth’s surface and a horizontal component (FH) directed towards the 
Sublunar or Antipodal Points (see Fig 10-5 below). 


M(Sublunar 
Point) 


Mı (Antipode 
or 


Antipodal 
FH\ Point) 
Y 


5G Cos Y 


Fig 10-5. Vertical and Horizontal Components of Differential Gravitational Forces 
(Not to scale) 


b. Vertical and Horizontal Components. The vertical component is only a very 
small portion of the Earth’s gravity, so that the actual lifting of the water against gravity 
is infinitesimal. Tides are produced by the horizontal component which cause the water 
to move across the Earth and pile up at the Sublunar and Antipodal Points until an 
equilibrium position is found. The horizontal component of the differential 
Gravitational Forces 1s known as the Tide Raising (or Tractive) Force. Its magnitude 
at a given point (X in Fig 10-5) may be expressed as: 


m,r 
F, œ SE 
where  F,1s the magnitude of the horizontal (Gravitational) Tide Raising Force; 

m, is the mass of the Moon; 

r 1s the radius of the Earth; 

d is the distance between the Earth’s and Moon’s centres; 

is the angle at the centre of the Earth between the line joining the Sublunar 
and Antipodal Points, and the line joining the Earth’s centre with point X. 


sin2d@ . . . 10.2 (1987 Ed... 11.2) 


From formula (10.2), 1t may be seen that the (Gravitational) Tide Raising Force caused 
by the Moon varies directly with the mass of the Moon and the radius of the Earth, but 
is inversely proportional to the cube of the distance between Earth and Moon. 
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(1013) c. Effect of the Tide Raising (or Tractive) Force. The effect of the Tide Raising 
Force is shown at Fig 10-6 (below). 


e Minimum (Zero). The Tide Raising Force is zero at the Sublunar and 
Antipodal Points M and M, and along the Great Circle AB the plane of which 
is perpendicular to MM. 


e Maximum. The maximum Tide Raising Force may be found along the Small 
Circles EF and GH, which are 45° from the Sublunar and Antipodal Points 
respectively. 


M (Sublunar 


Point) 
Ma 
(Antipode 
or 
Antipodal 
Point) 


Fig 10-6. Effect of the Tide Raising (or Tractive) Force (not to scale) 


d. Lunar Equilibrium Tide. Equilibrium is reached when the Tides formed at the 
Sublunar and Antipodal Points are at such a level that the tendency to flow away from 
them 1s balanced by the Tide Raising Force. The Tide caused in these circumstances 1s 
known as the Lunar Equilibrium Tide (see Fig 10-7), with a “High Water’ (HW) at M and 
M, and a ‘Low Water’(LW) at 4 and B. 


Low Water 


Mı ; 
(Antipode 


or 
Antipodal 
Point) 


Low Water 


Fig 10-7. Lunar Equilibrium Tide (not to scale) 
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1014. Effect of the Earth’s Rotation 


a. Moon’s Declination Zero - Lunar Equilibrium Tide. The effect of Tide Raising 
Forces on the Earth and at points M and P /P,-P, when the Moon is above the Earth’s 
Equator (ie the Moon’s Declination is zero - see Note 10-2 below) gives a Lunar 
Equilibrium Tide (see Fig 10-8 below). However, the Earth rotates relative to the Moon 
once every Lunar Day (approximately 24 hours 50 minutes) and thus during this period 
observers at points M and P,-P, will experience two equal HWs at intervals of 12 hrs 25 
mins, interspersed with two equal LWs also 12 hrs 25 mins apart. Such Tides, with 1 
cycle per 2 day, are called Semi-Diurnal Tides (see Para 1020 for further details). 


M 
(Sublunar 
or Point) 
Antipodal 
Point) 


Fig 10-8. Moon’s Declination Zero and Effect of the Earth’s Rotation (1) (not to scale) 


b. Lunar Equilibrium Tide - Parameters. Tide Raising Force magnitudes vary with 
the cosine of Latitude o ” (see Fig 10-9 below). HW occurs shortly after the Moon’s 
transit (upper and lower) of the observer’s Meridian; the slight delay is a side effect of 
the Earth’s rotation. The (tidal) Range (ie HW minus LW heights) of the Lunar 
Equilibrium Tide is less than 1 metre at the Equator. 
Tide Raising 
Force 


(Observer at Sublunar Point M) 5G 


(Observers at P1-P4) 5G Cos Y 


6h12⁄2m 12h25m 18h37/%m 24h50m 
Fig 10-9. Moon’s Declination Zero and Effect of the Earth’s Rotation (2) 


Note 10-2. Declination is the angular distance of a heavenly body North or South of the 
Celestial Equator, and corresponds to Latitude on the Earth (see details at BR 45 Volume 2). 
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1015. Change of Moon’s Declination 


a. Diurnal Inequality. When the Moon’s Declination is NOT zero, maximum Tides 
still occur at the Sublunar and Antipodal Points M and M,. But at any point P on the 
Earth’s surface (see Fig 10-10 below), not only are the heights of successive HWs and 
LWs different, but the time intervals between them also change (see Fig 10-11 below). 
This effect is known as Diurnal Inequality and affects Diurnal and Semi-Diurnal Tides. 


Moon 


N (Sublunar 
an / Point) 


(Antipode or 
Antipodal Point) 


Tide Raising 


6h127m 12h25m 18h377m 24h50m 


Fig 10-11. Diurnal Inequality (Semi-Diurnal Tides) 


b. Diurnal Tides. At a point O on the Earth’s surface, where its Latitude is greater 
than 90° minus the Moon’s Declination (90 =D) - (see Fig 10-10 above), the Tide 
Raising Force never reaches zero; from Fig 10-12 (opposite), 1t can be seen that at O 
there is only one HW and one LW every Lunar Day. Such Tides, with 1 cycle per day, 
are called Diurnal Tides (see Para 1020 for further details). 


c. Declination Cycles. The Moon’s Declination changes between North - South 
maxima and back every 2713 days, causing a similar effect on the Tide to be experienced 
roughly every fortnight. In addition, over an 18.6 year cycle, the Moon’s maximum 
monthly Declination oscillates between about 182° and 28”. 
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(1015 continued) 


Tide Raising 


5G Cos(@+D) 


6h127m 12h25m 18h377m 24h50m 


Fig 10-12. Diurnal Tides 


(1015) d. Distance ofthe Moon. As the Moon rotates around the Earth approximately once 


1016. 


every 272 days (see Fig 10-1), the Tide Raising Force is strongest when the Moon is 
closest to the Earth (ie Perigee), with a Perigean Tide. The Tide Raising Force 1s 
weakest when the Moon is furthest away (1e Apogee), with an Apogean Tide. Variation 
in the Moon’s distance causes a 15% and 20% difference in the lunar Tide Raising 
Force; thus, Tides at Perigee are usually appreciably higher than those at Apogee. 


The Earth-Sun System 


a. Earth-Sun Barycentre. The Earth and Sun form another independent Tide Raising 
system rotating around the Earth-Sun Barycentre. Similarly to the Earth-Moon system 
(see Para 1011), the Earth-Moon Barycentre describes an elliptical orbit around the 
Earth-Sun Barycentre (a point located inside the Sun) - see Fig 10-13 (below). It takes 
one year (about 3654 days) for the Earth to complete one orbit around the Sun. 


Orbit of the Earth-Moon Barycentre 
around the Earth-Sun Barycentre 


Earth-Moon 
Barycentre 


Barycentre 


Fig 10-13. The Earth-Sun System (not to scale) 
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(1016) b. Magnitude of the Sun’s Tide Raising Force. Although the Sun has a much 


1017. 


10-12 


greater mass than the Moon, the Sun’s Tide Raising Force 1s only about 45% that of the 
Moon. This is because the Tide Raising Force 1s inversely proportional to the cube of 
the distance between the bodies [see formula (10.2)]. 


c. Effect of the Sun’s Tide Raising Force. Although of lesser magnitude, the Tide 
Raising effects of the Sun on the Earth are similar to those of the Moon. Thus, Tides 
caused by the Sun will vary according to the following parameters: 


e Earth’s Rotation. The Solar Day is approximately 24 hours; thus when the 
Sun’s Declination is zero, the Semi-Diurnal ‘Solar Equilibrium Tide” will 
have two HWs 12 hours apart, interspersed with two LWs also 12 hours apart. 
The time interval between successive HWs and LWs will be 6 hours. 


° Change of Sun’s Declination. The Sun’s Declination changes much more 
slowly than that of the Moon and reaches a maximum of about 23%” North 
and South of the Equator on about 22" June and 22”* December respectively, 
these dates being known as the Solstices (see details at BR 45 Volume 2). 


e Distance of the Sun. It takes the Earth about | year (approx 3654 days) to 
complete its elliptical orbit around the Sun. Perihelion, when the Earth is 
closest to the Sun, occurs on about 2”* January, and Aphelion, when the Earth 
is furthest away, occurs on about 1* July. Thus, the Sun’s Tide Raising Force 
will be at its maximum in January and at its minimum in July. However, this 
variation in magnitude is very small, in the order of 3%. 


Springs and Neaps 


a. Spring Tides. Twice every Lunar Month, the Earth, Moon and Sun are in line with 
each other when viewed in the Ecliptic Plane (see Fig 10-14 below). At ‘New Moon’, 
the Moon is passing between the Sun and the Earth (which is not visible to an observer 
on Earth - effectively a ‘black’ Moon); the Moon’s and Sun’s Tide Raising Forces are 
thus working in ‘Conjunction’. About 14% days later, at ‘Full Moon’ (when the Moon 
is seen as a bright full disc), the Earth is between the Moon and Sun; the Moon’s and 
Sun’s Tide Raising Forces are thus working in ‘Opposition’. The net result in both cases 
is a maximum Tide Raising Force, producing what are known as Spring Tides, when 
higher HWs and lower LWs than usual will be experienced; Spring Tides occur shortly 
after New Moons and Full Moons take place (see Para 1017d opposite). Details of the 
Moon’s phases are at BR 45 Volume 2. 


LW Springs 


New Moon 


(not visible to 
observer on Earth) 


Fig 10-14. Spring Tides (not to scale) 
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(1017) b. Neap Tides. Twice every Lunar Month (ie about every 14% days), the Moon and 
Sun are at 90° to each other (see Fig 10-15 below). At these times the Moon and Sun 
are said to be in Quadrature. This occurs when the Moon is in the First Quarter and 
Last Quarter, and at this time the Moon’s and Sun’s Tide Raising Forces are working 
at 90° to each other. The net result in both cases is a minimum Tide Raising Force, 
producing what are known as Neap Tides when lower HWs and higher LWs than usual 
will be experienced; Neap Tides occur shortly after First and Last Quarters of the Moon 
take place (see Para 1017d below). Details of the Moon’s phases are at BR 45 
Volume 2. 


Moon 
First 
Quarter 


Moon 


D Last 
Quarter 


Fig 10-15. Neap Tides (not to scale) 


c. Frequency of Springs and Neaps. Two Spring Tides thus occur each Lunar 
Month interspersed with two Neap Tides, the interval between successive Spring and 
Neap Tides being about 7/2 days. This occurs at many places in the world, although 
other inequalities sometimes alter these timings. 


d. Timing of Springs and Neaps. Spring and Neap Tides usually follow the relevant 
phase of the Moon by 2 or 3 days. This is because there 1s always a time-lag between 
the action of the force and the reaction to it, caused by the time taken to overcome the 
inertia of the water surface and friction. Spring and Neap Tides will occur at 
approximately the same time of day at any particular place, since the Moon at that time 
is in a similar position relative to the Sun. 


e. Equinoctial and Solstitial Declinations. When the Declinations of the Moon and 
the Sun are the same, their Tide Raising Forces act more in concert than when the 
Declinations are different. However, as stated at Para 1015c, the Moon’s Declination 
changes rapidly over a 4 week period. It can be at any value at the actual Equinox or 
Solstice, although it is bound to reach zero or maximum Declination respectively within 
a few days. 


f. Equinoctial Tides. At the Equinoxes (March and September), when the 
Declinations of Moon and Sun are both zero, the Semi-Diurnal ‘Luni-Solar’ Tide 
Raising Force will be at 1ts maximum, thus causing Equinoctial Tides. At these times 
Semi-Diurnal Spring Tides are normally higher than other Spring Tides. 


10-13 
Original 


BR 45(1)(1) 
TIDES AND TIDAL STREAMS 


(1017) g. Solstitial Tides. At the So/stices (June and December), when the Declinations of 
Moon and Sun are both maximum, the Diurnal ‘Luni-Solar’ Tide Raising Force is at its 
maximum, thus causing the Solstitial Tides. At these times Diurnal Tides and the 
Diurnal Inequality are at a maximum. 


h. Priming and Lagging. It was explained at Para 1014 that the effect of the Earth’s 
rotation and that of the Moon relative to each other is to cause a HW at intervals of about 
12 hours 25 minutes. The effect of the Earth’s rotation and that of the Sun relative to 
each other is to cause a (smaller) HW at intervals of about 12 hours. Thus, when the 
effects of both Moon and Sun are taken together, the intervals between successive HWs 
and LWs will be altered. When the Moon is in a position between New Moon / Full 
Moon and Quadrature, the Sun’s effect will be to cause the time of HW either to precede 
the time of the Moon’s transit of the Meridian or to follow the time of the Moon’s transit 
(see Fig 10-16 below); this 1s known as Priming and Lagging. 


e Priming. The Tide is said to ‘Prime’ between the New Moon and the First 
Quarter, and between Full Moon and the Last Quarter; HW then occurs 
before the Moon’s transit of the Meridian. 


+ Lagging. The Tide is said to ‘Lag’ between the First Quarter and Full Moon, 
and between the Last Quarter and New Moon; HW then occurs after the 
Moon’s transit of the Meridian. 


PRIMING 
Fig 10-16. Priming and Lagging of the Tides (not to scale) 


1018. Summary of Tidal Theory 


a. Tide Raising Forces. Semi-Diurnal Tide Raising Force is maximum when the 
Moon’s Declination is zero and minimum when it is greatest. Diurnal Tide Raising 
Force is zero when the Moon’s Declination is zero and maximum when it is greatest. 
The Sun’s Declination has a similar effect, but with a different period. Changes in the 
Sun’s and Moon’s distances from the Earth each cause variations in the Tide Raising 
Force. The Sun’s Tide Raising Force is about 45% of the Moon’s. 


b. Spring and Neap Tides. Spring and Neap Tides occur at intervals of about 14 
days, caused by the Moon and Sun either working together at Full Moon / New Moon 
(Springs) or against each other at First and Last Quarters (Neaps). 


1019. Spare 
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SECTION 2 - THE TIDES IN PRACTICE 


1020. Diurnal and Semi-Diurnal Tides 

In practice, actual Tides may differ considerably from theoretical Luni-Solar Equilibrium 
Tides (see Paras 1013-1018). This is because of the size, depth and configuration of the ocean 
basins, land masses, the friction and inertia to be overcome in any particular body of water, 
together with other complicating factors. 


a. Tidal Waves. Foran appreciable Tide to be raised in a body of water, it is essential 
to generate a large enough Tide Raising Force; to achieve this, the body of water must 
be large. The great oceans of the world - the Pacific, Atlantic and Indian Oceans - are 
large enough to permit Tides to be generated, although Tides do not appear as a single 
Tidal Wave form but rather as the sum of a number of oscillating Tidal Wave forms. 


b. Diurnal, Semi-Diurnal and Mixed Tides. The natural period of Tidal Wave 
oscillation is the decisive factor in determining whether the body of water responds to 
Diurnal or Semi-Diurnal Tide Raising Forces, or a mixture of the two. Hence, Tides in 
practice are often referred to as being Semi-Diurnal, Diurnal or a mixture of both. 


Atlantic Ocean. The Atlantic is more responsive to Semi-Diurnal Tide 
Raising Forces; thus Tides on the Atlantic coast and around the British Isles 
tend to be Semi-Diurnal in character (ie two HWs and two LWs per day) and 
are more influenced by the phases of the Moon than by its Declination. 
‘Large’ Springs Tides occur near Full or New Moons with ‘small’ Neap Tides 
near the First and Last Quarters. The largest Tides of the year occur at 
Springs near the Equinoxes when the Declinations of the Sun and Moon are 
both zero (ie they are over the Equator). 


Pacific Ocean. The Pacific is generally more responsive to the Diurnal Tide 
Raising Forces, and so Tides here tend to have a large Diurnal component. 
In these areas, the largest Tides are associated with the greatest Declination 
of Sun and Moon (ie at the So/stices). Areas in the West Pacific off New 
Guinea, Vietnam and in the Java Sea are predominantly Diurnal with one 
single HW and LW per day; on the North / East coasts of Java, Tides are 
purely Diurnal. 


Mixed Tides. Mixed Tides, where Diurnal and Semi-Diurnal Tide Raising 
Forces are both important, tend to be characterised by a large Diurnal 
Inequality (see Para 1015, Fig 10-11). This may be apparent in the heights of 
successive HWs, LWs or both; such Tides are common along the Pacific 
coast of the USA, the East coast of West Malaysia, Borneo, Australia and the 
waters of South-West Asia. Occasionally, the Tides may even be purely 
Diurnal. 


Mediterranean and Baltic Seas. The bodies of water of the Mediterranean 
and Baltic Seas are too small to enable any appreciable Tide to be generated. 
> Strait of Gibraltar. The Strait of Gibraltar is too restricted to allow 
the Atlantic Tides to have any appreciable effect other than at its 
extreme Western end. 
>» Adriatic Sea. The greatest Tides are to be found in the Adriatic Sea, 
where they are predominantly mixed, with a Diurnal Inequality at 
both HW and LW water. The (tidal) Range may exceed 0.5 metre in 
several places in the Adriatic, but is rarely greater than | metre. 
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1021. Shallow Water and Other Special Effects 


a. Oscillating Tidal Wave Distortions. Tides travel as oscillating Tidal Waves (see 
Para 1020a), and as they enter shallow water, they slow down. The trough is retarded 
more than the crest; thus there is a progressive steepening of the wave front 
accompanied by a considerable increase in the wave height (Amplitude). This distorts 
the timing, so that the period of rise becomes shorter than the period of fall. These 
Shallow Water Effects are present to a greater or lesser degree in the Tides of all coastal 
waters. 


b. Estuaries. The Amplitude (height) of the Tidal Wave increases even more if it 
travels up an estuary which narrows from a wide entrance. This may result in very large 
Tides such as those to be found in the Bay of Fundy (Nova Scotia), the Severn Estuary 
(UK) and around the Channel Islands (UK). 


c. Tidal Bores. Where a river is fed from an estuary with a large (tidal) Range, a 
phenomenon known as a (tidal) ‘Bore’ (Old English - ‘Eagre’) may be found. The crest 
of the rising Tide overtakes the trough and tends to break. Should it break, a (tidal) Bore 
occurs in which half or more of the total rise of Tide occurs in only a few minutes. 
Notable (tidal) Bores are in the Rivers Severn (UK), Seine (France), Hooghly (India - 
West Bengal) and Chien Tang Kiang (China - Hangzhou, Yangtze Delta). 


d. Double HWs/LWs. At certain places, Shallow Water Effects are such that more 
than 2 HWs or 2 LWs may be caused in a day. In UK, at Southampton (see Fig 10-17 
below), double HWs occur with an interval of about 2 hours between them; further west, 
at Portland, double LWs occur (see Fig 10-18 below). Double HWs / LWs also occur 
on the Dutch coast and at other places. The practical effect of this is to create a longer 
‘Stand’ at HW / LW (a ‘Stand’ is defined as the period at HW or LW between the Tide 
ceasing to rise / fall and starting to fall / rise, respectivel 
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Fig 10-18. Tidal Curves at Portland (UK) showing Double LW at Springs 
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component) may be unacceptable. You can 


prevent this by using a zener diode, as 
shown in the circuit in Figure 2.29 . 
Figure 2.29 


V 


3 
generator \ 


Lamp 


If you choose a 20-volt zener (that is, one 
that has a 20-volt drop across it), then the 
lamp always has 20 volts across it, no matter 
what the output voltage is from the generator 
(provided, of course, that the output from the 
generator is always above 20 volts). 

Questions 

Say that the voltage across the lamp IS 
constant, and the generator output drops. 

A. What happens to the current through the 
lamp? 
B. What happens to the current through the 
zener? 


Answers 

A. The current stays constant because the 
voltage across the lamp stays constant. 

B. The current decreases because the total 


current decreases. 
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(1021) e. Special Tidal Curves - Southern UK. Because of the distortion of Tidal Waves 
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caused by Shallow Water Effects, special curves based on LW for determining the 
Height of Tide (HOT) on the south coast of UK between Swanage and Selsey are 
contained in Admiralty Tide Tables Volume 1 (NP 201). The tidal curve at 
Southampton (a Standard Port) is also based on LW because of the complexity of the 
Tides around HW. 


Meteorological Effects on Tides 
Non-standard meteorological conditions can substantially affect actual Tides 


experienced, as compared to predicted Tides. The effect of such conditions is complex and 
difficult to forecast, even with the resources of National Hydrographic Offices (NHOs) and 
Weather Centres. Apparently ‘unexplained’ changes to Tides can occur (eg the effect of a storm- 
centre hundreds of miles away, in otherwise benign conditions) and mariners should be aware 
that tidal predictions are indeed only ‘predictions’; an adequate margin of safety should always 
be allowed when planning Underkeel Clearances. Some of the main meteorological conditions 
affecting Tides are as follows. 


a. Barometric Pressure. Tidal predictions are computed for average barometric 
pressure in the local area; a 34 millibar change can cause a difference in HOT of about 
0.3 metres. Low barometric pressure will tend to raise sea level and high barometric 
pressure will tend to depress it. The water level does not adjust itself immediately to a 
change of pressure and it responds to the average change in pressure over a considerable 
area. Changes in sea level due to barometric pressure rarely exceed 0.3 metres but when 
other factors are added, this effect can be important. 


b. Wind. The effect of wind on HOT and HW / LW times is very variable; it depends 
largely on the topography of the area. In general, wind will raise the sea level in the 
direction to which it is blowing. A strong onshore wind piles up the water and causes 
HWs to be higher than predicted; this can have substantial effect in harbours (eg in 
Portsmouth [UK], where strong onshore winds with low barometric pressure can 
increase the HOT by up to 1.0 metre). Offshore winds have the reverse effect, drawing 
water away from a coastline, making LWs lower than predicted. Winds blowing along 
the coast tend to set up long Tidal Waves which travel along the coast, raising sea level 
where the crest of the Tidal Wave appears and lowering sea level in the trough. 


c. Seiches. Abrupt changes in meteorological conditions (eg passage of an intense 
depression or line squall) may cause an oscillation in the sea level known as a Seiche. 
The period between successive Tidal Waves may vary from a few minutes to about 2 
hours and the height of the Tidal Waves may vary from 1 centimetre to 1 metre. 


d. Positive and Negative Surges - Summary. A rise in sea level superimposed on 
the normal tidal cycle, caused by a combination of wind and pressure or other factors, 
is referred to as a Positive Surge and a fall as a Negative Surge. Both Positive and 
Negative Surges may alter the predicted times of HW / LW, often by as much as | hour. 


e. Positive Surges. Positive Surges have the greatest effect when confined to a gulf 
or bight (eg the North Sea [UK]). Unless they are Storm Surges (see Para 1022g), they 
rarely increase sea level height by more than 1 metre. In a bight (eg the North Sea), 
northerly winds will raise sea level at the southern end, causing a Positive Surge. 
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(1022) f. Negative Surges. Negative Surges are of great importance to vessels navigating 
with small Underkeel Clearances. Negative Surges are most evident in estuaries and 
areas of shallow water, and typically occur when strong winds blow water away from 
shore over a significant Fetch of shallow water. Falls in sea level of up to 1 metre are 
common, while 2 metres have been recorded. In the North Sea (UK), strong Southerly 
winds will lower sea level at the southern end. Negative Surges may also occur due to 
Storm Surges. Negative Surge warnings may be given in the Southern North Sea, 
Thames Estuary and Dover Straits from 6-12 hours (possibly up to 30 hours) ahead. 


g. UK Storm Surges. Storm Surges in the North Sea are wave forms which occur 
if an intense depression with storm force winds sets up a wave running down the UK 
coast at a speed similar to that of the Tidal Wave. The Tidal Wave is reinforced by the 
storm and increases in amplitude, reaching up to 3 metres in height. If a Storm Surge 
crest coincides with HW Springs, a strong Positive Surge is created; flooding and 
damage may be caused along the coastline (see Note 10-3 below). If the trough of a 
Storm Surge coincides with LW Springs, a strong Negative Surge occurs. Lesser 
Negative Surges can occur at any part of the tidal cycle, thus reducing Underkeel 
Clearances. 


Note 10-3. In1953 a Storm Surge in the Southern North Sea (UK) raised sea level by 2.7 to 
3 metres. This coincided with HW Springs and caused severe flooding in East Anglia, Kent and 
London, with of loss of over 300 lives; as a result, the ‘Thames Barrage’ was built across the 
River Thames east of London and other flood defences were improved. In 2007, a Storm Surge 
of 2.8 metres occurred in the same area but did not quite coincide with HW Springs, it was held 
back by the improved flood defences. Storm Surges are also likely in the Bay of Bengal. 


1023. Seismic Waves (Tsunamis) 

Tsunamis (often incorrectly called ‘Tidal Waves’) are groups of Seismic Waves with a 
very high wave speed (300 to 500 knots) and are entirely unconnected with Tides; they are 
formed by seismic action (earthquake or ‘seaquake’) on the ocean floor. These eruptions are 
concentrated at the boundaries of Tectonic Plates and Japan is particularly vulnerable to them, 
although they can affect anywhere with an uninterrupted Fetch to a Tectonic Plate boundary. 
They cause great damage and loss of life ashore, and are a serious hazard to coastal shipping and 
ships in port. See NP 100 (The Mariners Handbook) and BR 45 Volume 6 Chapter 6. 


a. Open Ocean. At the epicentre, Tsunamis have a wave height under 1 metre and a 
wave length of over 100 miles, so are largely undetectable in the open ocean. 


b. Shallow Water /Shore. On entering shallow water, the waves become shorter and 
higher, reaching a wave height of up to 17 metres when they strike the shore. The first 
indication of a Tsunami’s approach may be a sudden drop in sea level. A group of 
waves may then strike at intervals of 10 to 40 minutes ; the second and third waves are 
usually higher than the first, with the rest gradually decreasing over an extended period. 


Note 10-4. Satellite observation of the 2004 Tsunami which devastated Indian Ocean coastlines 
with the loss of over 250,000 lives, established that in open ocean the wave height was 0.9 
metres with a wave speed of 450 knots. On approaching shallow coastal water, wave height 
increased to 10 metres while the wave speed reduced to 20 knots. 


1024-1029. Spare 
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SECTION 3 - TIDAL HARMONICS AND SHM FOR WINDOWS 
1030. Harmonic Constituents 


a. Scope of Harmonic Constituents. The Tide Raising Forces comprise a large 
number of Harmonic Constituent cosine curves, the periods and relative Amplitudes of 
which can be calculated from astronomical theory. Some 400 Harmonic Constituents 
have been identified but in practice it 1s unnecessary to use so many. Up to 160 
Harmonic Constituents are used for major Standard Ports and up to 36 for Secondary 
Ports. The Harmonic Constituents are given symbols from which their general 
significance may be deduced (eg the letter M 1s used for lunar constituents, S for solar 
constituents, the subscript , for Diurnal and the subscript , for Semi-Diurnal 
components). 


b. Tidal Observations. To predict with accuracy the HOT at any place, extensive 
tidal observations must be carried out and the results analysed to identify a number of 
Harmonic Constituents making up the Tide Raising Forces at that place. Due to the 
various cycles involved, a period of 18.6 years, equal to the longest cycle, is desirable 
if all the necessary Harmonic Constituents are to be identified. However, adequate 
predictions may be made over shorter periods, as follows: 


e Admiralty Tide Tables - Standard Ports. For Standard Port predictions in 
the Admiralty Tide Tables (NPs 201-204), the general rule is for at least 1 
complete year’s observations to be analysed. This permits the identification 
of up to 160 Harmonic Constituents. 


. Admiralty Tide Tables - Secondary Ports. For Secondary Ports, analysis 
of at least 1 month’s observations is the aim, as this permits the identification 
of up to 36 Harmonic Constituents (see Para 1031 below). 


1031. Principles of Harmonic Tidal Analysis 


a. Principal Harmonic Constituents. The four principal Harmonic Constituents with 
which the user will come into contact are: 


° M, - is the principal Lunar Semi-Diurnal Harmonic Constituent, which 
permits calculations ofthe Amplitude caused by a theoretical Moon in circular 
orbit around the Earth at the average speed of the real Moon, halfway between 
Apogee and Perigee and at an average Northerly or Southerly Declination. 


. S, - is the principal Solar Semi-Diurnal Harmonic Constituent, which permits 
calculation of the Amplitude caused by a theoretical Sun in similar 
circumstances to that for the Moon (at M, above). 


e K  - is the Luni-Solar Declinational Diurnal Harmonic Constituent, which 
allows for part of the Moon’s and Sun’s Declinations. 


e O, - is the Lunar Declinational Diurnal Harmonic Constituent, which allows 
for the remainder of the Moon’s Declination. 
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(1031) b. Components of Harmonic Constituents. Each Harmonic Constituent has a speed, 


(/ hour, when 1 cycle = 360°), an Amplitude ‘H’ and a Phase Lag ‘g’. Cycle and speed 
details for the 4 main Harmonic Constituent components are at Table 10-1 (below). 


Table 10-1. Cycle and Speed Details for the 4 Main Harmonic Constituents 


Harmonic Cycles per Day Speed 
Constituent (Degrees per Hour) 


12 h 00 min 


1032. 


c. Harmonic Constants. The Amplitude ‘H’ and Phase Lag ‘g’ of a Harmonic 
Constituent are known as the Harmonic Constants of that Harmonic Constituent. 


° Amplitude ‘H’. The Amplitude ‘H’ 1s equal to half the (tidal) Range (ie half 
of HW minus LW heights for each oscillation). 


. Phase Lag ‘g’. The phase of a Harmonic Constituent is its position in time, 
in relation to its theoretical position as deduced from astronomical theory. 
Tide Raising Forces do not act instantaneously (see Para 1017d), thus each 
Harmonic Constituent has a (time) Phase Lag ‘g’. 


d. Tidal Analysis and Predictions. The purpose of tidal analysis is to determine the 
Harmonic Constants for a particular location (ie Amplitude ‘H’ and Phase Lag ‘g’). Tidal 
predictions are then made using an appropriate number of Harmonic Constituents. In 
many places (eg Portsmouth [UK]), the Harmonic Constituents for Shallow Water 
Effects (see Para 1021) are very complex and extra Shallow Water Corrections are 
applied. The authority for the observations, Harmonic Constants, predictions, method 
of prediction and year of observation are in the Admiralty Tide Tables (NPs 201-204). 


Simplified Harmonic Method - ‘SHM for Windows®” Software (DP 560) 
‘SHM for Windows®” is a simple Windows-based tidal prediction program using the 


UKHO’s Simplified Harmonic Method (SHM) of tidal prediction. It is supplied by UKHO on 
a CD-ROM as DP 560. A variation of SHM is also published in the Admiralty Tide Tables (NPs 
201-204) for those who wish to use it with a pocket calculator. 


a Operation. ‘SHM for Windows®” is safe, accurate, fast and user-friendly. The 
user 1s required to input Harmonic Constants and Shallow Water Corrections, 
principally from the ‘Admiralty Tide Tables’ (NPs 201-204) or ‘Tidal Harmonic 
Constants - European Waters’ (NP 160). Predictions are then displayed as a graph of 
heights against time, for up to 24 hours and up to 7 consecutive days; these results may 
be printed. 


b. Program Duration and Storage of Data. The calculation software is everlasting, 
but does require up to date Harmonic Constants to be stored or input. Data for any 
number of ports or Tidal Streams may be stored within the software. 


1033-1039. Spare. 
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SECTION 4 - TIDAL STREAMS AND CURRENTS 


1040. Primary Definitions and Types of Tidal Streams 


a. Primary Definitions. The terms ‘Tides’ (vertical), ‘Tidal Streams’ (horizontal), 
Currents and the American usage ‘Tidal Currents’ are frequently mixed up; their 
definitions are stated at Para 1002, but are repeated for the convenience of readers. 


(Extract from Para 1002): 


Tides. ‘Tides’ are periodic vertical reversing movements of the water on the 
Earth's surface, caused by Tide Raising Forces of the Moon and Sun. 

Tidal Streams. ‘Tidal Streams’ are the periodic horizontal reversing movements 
of the water accompanying the vertical rising and falling of Tides . 

Currents. Ocean Currents are non-tidal movements of water, which may flow 
steadily at all depths in the oceans and may have both horizontal and vertical 
components; a Surface Current can only have a horizontal component. In rivers and 
estuaries, there is often a permanent Current caused by the flow of river water. 
Tidal Currents. ‘Tidal Currents’ is the American usage for ‘Tidal Streams’. The term 
‘Tidal Currents’ is NOT used in this book. 


b. Types of Tidal Stream. Tidal Streams are of two types: ‘Rectilinear’ and ‘Rotary’. 


Rectilinear Tidal Streams. Rectilinear Tidal Streams have only two 
directions (with small variations), which may be called the ‘Flood’ (the 
incoming Tidal Stream) or the ‘Ebb’ (the outgoing Tidal Stream). Ideally, 
instead of the terms *Flood” and ‘Ebb’, the water flow should be described by 
its direction (eg East-going or 090°), with its rate (eg 090° 2.0 kn). 


Rotary Tidal Streams. Rotary Tidal Streams continually change in 
direction; they rotate through 360° in a complete cycle. The rate of the Tidal 
Stream usually varies throughout the cycle, with two maxima in 
approximately opposite directions interspersed with two minima about 
halfway between the maxima in time and direction. 


c. Occurrences of Tidal Stream Types. 


Rectilinear Tidal Streams. Rectilinear Tidal Streams are normally found in 
port approaches, estuaries, channels and straits, where the direction of the 
flow of the Tidal Stream is constricted by the surrounding land and shoals. 


Rotary Tidal Streams. Rotary Tidal Streams are normally found offshore 
where constraints to the water flow are absent. 


d. Semi-Diurnal and Diurnal Components of Tidal Streams. Tidal Streams may 
have Semi-Diurnal and Diurnal components, including Diurnal Inequality, and can be 
analysed harmonically or non-harmonically. In European waters (where Tides are Semi- 
Diurnal) Tidal Stream rates are usually related to the Range of the Tide, and the times 
of ‘Slack Water’ are usually related to (but not necessarily the same as) the times of HW 
and LW at the nearest Standard Port (eg In UK, ‘Slack Water’ occurs at “Half Tide’ on 
the East coast but at HW / LW on the South coast). Significant differences in the times 
of ‘Slack Water’ may occur between ports / harbours and adjacent offshore areas. 
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1041. 


Currents 
The causes of Tides and Tidal Streams due to Tide Raising Forces have already been 


fully explained at Paras 1002-1022 . However, Currents (non-tidal movements of water) are 
caused by a variety of factors quite separate from Tide Raising Forces. 


1042. 


10-22 


a. Causes of Currents. Currents are caused by meteorological factors (eg wind and 
barometric pressure), oceanographic factors (eg water of differing sea levels, salinity 
and/or temperatures) and by topographical factors (eg irregularities in the sea-bed, run- 
off of water from the land in rivers and estuaries). A detailed explanation of ocean 
Current types (ie Drift Currents and Gradient Currents) and a summary of the 
characteristics of the principal ocean Currents 1s at Chapter 11 (Paras 1120-1125). 


b. Causes of River Currents. In rivers and estuaries, there is often a permanent (but 
variable) Current caused by the flow of river water from the land. The flow of river 
water in such Currents 1s heavily dependent on rainfall inland. 


c. Assessment of Currents for Chartwork. The practical assessment of the rate and 
direction of Currents for chartwork is at Chapter 7. 


Tidal Stream Data, Atlases and Observations 


a. Semi-Diurnal Tidal Streams. Semi-Diurnal Tidal Streams (eg European waters) 
may be predicted from Mean High Water Springs (MHWS) / Mean High Water Neaps 
(MHWN) at a Standard Port. Tidal Stream predictions are displayed in tables on the 
chart, in ENC databases and in Tidal Stream Atlases (see Fig 10-19 overleaf), showing 
the rate and direction at MHWS / MHWN, by reference to the time of HW at a suitable 
Standard Port. The rate on occasions other than MHWS / MHWN may be found by 
using the (tidal) “Range of the Day” to interpolate or extrapolate from the two mean rates 
(see Para 1045), thus avoiding the need for date-specific predictions to be published. 


b. Tidal Stream Atlases. Where the Tidal Stream is related to a Standard Port (see 
Para 1042a above), Tidal Stream Atlases show Tidal Streams in pictorial form (see 
Fig 10-19 overleaf); they are available from UKHO (with instructions for their use) for 
the waters around UK and the west coast of France. RN / RFA vessels have access to 
more detailed (classified) Tidal Stream Atlases and guidance for HM Naval Bases. 


c. Admiralty Sailing Directions (Pilots). Limited Tidal Stream information is also 
contained in Admiralty Sailing Directions (Pilots). 


d. Tidal Streams with Large Diurnal Inequality. Where the Diurnal Inequality of 
the Tidal Stream is large (eg Malacca and Singapore Straits), the procedure at Para 
1042a (above) is not possible and individual date-specific predictions are needed. 


e Tidal Stream Tables. Daily Tidal Stream predictions for important areas are 
published as ‘Tidal Stream Tables’ in Volumes 3 and 4 of the Admiralty Tide 
Tables (NPs 203-204). 


. TotalTide®. UKHO’s TotalTide® software can predict all Tidal Streams 
with the integrity of the Admiralty Tide Tables; see details at Para 1051. 


e SHM. Harmonic Constants for some Tidal Streams are also published in 
Volumes 2, 3 and 4 of the Admiralty Tide Tables (NPs 202-204) so that 
predictions may be made using SHM for Windows® software; see Para 1032. 
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(1042) e. Tidal Stream Observations and Predictions. Tidal Stream predictions for UK 
waters are generally based on observations extending over a period of 25 hours, which 
is a far shorter period than the equivalent observations for Tide predictions. Permanent 
Currents 1n rivers and estuaries are included, but for coastal predictions any variable 
Current is removed before the predictions are compiled. The observation of Tidal 
Streams presents greater difficulties than the observation of Tides and a lesser degree of 
observational accuracy 1s achievable for the following reasons: 


e Sea-bed Topography. Because of the rapidly changing effect of sea-bed 
topography on the direction and rate of the Tidal Stream, it is often impossible 
to give more than an indication of how a vessel will be affected by Tidal 
Streams. 


. Channels. In a channel, the Tidal Stream may be running strongly (eg 3 kn) 
in the centre with virtually no Tidal Stream (or even a Tidal Stream running 
in the opposite direction) at the edges of the channel. The Tidal Stream may 
vary significantly (eg from zero to 3 kn) in the navigable part of the channel. 
Thus Tidal Stream predictions for any given position in a channel will be 
correct for that exact position, but may well be incorrect for a position a few 
metres either side. 


e Complexity. While the Tidal Stream predictions must be accurate enough for 
navigational purposes, the methods of prediction to achieve an adequate result 
are not as complex as those for Tide predictions. 


f. International Regulations for Charts, Tide Tables and Tidal Stream Data. 
Certain countries and ports may make the carriage and use of specified Tide Tables, 
Tidal Stream Atlases, charts and diagrams compulsory for ships proceeding to and from 
their ports. Mariners are advised to check the necessary regulations in good time. 


1043. Tidal Stream at Depth 
Published Tidal Stream data normally refers to the uppermost 10 metre layer of the sea. 


The following guidance is of necessity generalised and local conditions may vary from it. 


a. 0% to 75% of Depth of Water. Except for areas fed by river water in addition to 
the Tides (see Para 1043c below), Tidal Streams at depths below 10 metres tend to be 
very similar to those on the surface to a depth of about 75% of the total depth of water. 
However, the times of Slack Water may be different by as much as 1 hour compared 
with surface Slack Water times; Slack Water at depth is usually early but sometimes late. 


b. 75% to 100% of Depth of Water. At depths greater than 75% of the total depth 
of water, until about 1 metre above the sea-bed, Tidal Streams fall away in strength to 
a value which may be about 50% to 60% of the surface rate, and also change direction 
slightly by about 10° to 20°. In the bottom metre to the sea-bed, Tidal Streams may 
undergo a marked change from those on the surface. 


c. Effect of River Water. The situation at Para 1043a may be quite different in ports 
which are fed by river water in addition to the Tides (eg Devonport [UK ]). The strength 
and direction of the Tidal Stream may vary considerably with depth, dependent on the 
amount of fresh water flowing down-river, and the depth to which it penetrates. 
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1044. Eddies, Races and Overfalls 


a. Causes of Eddies, Races and Overfalls. Eddies, Tide-Rips, Overfalls and Races 
are different forms of water turbulence caused by any of the following: 

e Abruptly changing topography of the sea-bed. 

e Configuration of the coastline. 

. Constriction of channels. 

e Sudden changes in Tide or Tidal Stream characteristics. 


b. Eddies. An Eddy is a circular movement of water, the diameter of which may 
extend from a few inches to a few miles (eg at Portland [UK] there is an anti-clockwise 
Eddy of the Tidal Stream South East of Portland between 1 and 5 hours after HW 
Devonport [UK] - see Fig 10-19 below). Where the effect of Eddies are of a permanent 
nature, they are taken into account when predicting Tidal Streams. 


c. Overfalls. An Overfall is another name for a Tide-Rip and is caused by a strong 
Tidal Stream near the sea-bed being deflected upwards by obstructions on the bottom, 
thus causing a confused sea on the surface. 


d. Races. A Race is an exceptionally turbulent Tidal Stream, usually caused by a 
strong water flow round a headland or where Tidal Streams converge from different 
directions. The Tidal Stream Atlas for Portland [UK] shows an almost permanent Race 
(for 9 out of 12 hours), south of Portland Bill (see Fig 10-19 below). 
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1045. ‘Percentage Springs’ (Tides and Tidal Streams) - Calculation and Use 

This method applies to Semi-Diurnal Tidal Streams only, but can be adapted for use with 
reasonable accuracy if moderate Diurnal Inequality 1s present. If large Diurnal Inequality 1s 
present, Tidal Stream predictions must be made 1aw Para 1042d. See also the ‘Computation of 
Rates’ diagram / worked example in each Tidal Stream Atlas (NPs 209-266,337 & 628-636). 


a. Definitions. Mean Spring Range (MSR) and Mean Neap Range (MNR) are: 


° MSR. MSR is the difference between MHWS and MLWS. Tide Level 
definitions are at Para 1062. 


. MNR. MNR is the difference between MHWN and MLWN. Tide Level 
definitions are at Para 1062. 


b. Reason for Calculation. Semi-Diurnal Tidal Stream predictions are linked to the 
MSR / MNR. In order to calculate the Tidal Stream at any particular time and date, it is 
necessary to establish the tidal ‘Range of the Day’ between successive HWs/LWs at the 
port to which the data is referenced, compare it to the MSR / MNR and interpolate or 
extrapolate appropriately to give a ‘Percentage Springs’ (% Springs) figure. 


c. Nomenclature. It is convenient to refer to MSR as 100% Springs and to MNR as 
0% Springs. The Range of the Day may thus be given a ‘% Springs” figure (ie 
Percentage of the Day) by interpolation / extrapolation, and this may be used to 
interpolate / extrapolate from the MSR / MNR Tidal Stream rates given at the Tidal 
Stream diamond or in the Tidal Stream Atlas. When the Range of the Day exceeds the 
MSR at the port to which the data 1s referenced, ‘% Springs’ may be greater than 100%. 
Similarly, when the Range of the Day is less than MNR, *% Springs’ will be negative 
(and Tidal Streams will be less than the lower figure given on the chart / atlas). 


Example 10-1. MSR and MNR for Portsmouth are 3.9m and 1.9m respectively. At 
Portsmouth the heights of HW and LW are as follows: 


18 February 1446 HW 4.2m 2008 LW 1.3 
In this case, the “Range of the Day’ 1s 2.9m; interpolation by inspection gives 50% Springs. 


27 February 1112 HW 4.7m 1653 LW 0.5 
In this case, the “Range of the Day’ is 4.2m; interpolation by inspection gives 115% Springs. 


2 September 0618 HW 3.7m 1206 LW 2.2 

In this case, the “Range of the Day’ 1s 1.5m; interpolation by inspection gives -20% Springs. 
d. Formula. Although accurate interpolation or extrapolation by inspection is usually 
straightforward, ‘% Springs’ may be calculated precisely, using the following formula: 

Range of Day- MNR 

a A ... 10.3 

MSR- MNR 
Thus in Example 10-1 for 18 February (above), formula (10.3) gives: 


% Springs = 


% Springs = Ea x 100= _ x 100= 50%  -... (formula 10.3) 
3.9- 1.9 2.0 


Similar treatment may be applied to the other calculations for 27 Feb and 2 Sep. 


e. Use. Care must be taken to use % Springs correctly when extrapolating (ie 50% 
Springs indicates a result half-way between the MNR and MSR rates). 
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1046. ‘Tidal Nurdle’ - Construction and Use 

This method applies to Semi-Diurnal Tidal Stream only, but can be adapted for use with 
reasonable accuracy if moderate Diurnal Inequality 1s present. If large Diurnal Inequality 1s 
present, Tidal Stream predictions must be made by the methods outlined at Para 1042d. 


a. Purpose. A ‘Tidal Nurdle’ diagram may be shown on the chart (at suitable Scale) 
as a representation of the Tidal Stream vectors applicable for a particular position over 
a period of several hours. It 1s based on Tidal Stream diamond or Tidal Stream Atlas 
data, and may be applied to any chartwork to allow instant assessment of future Tidal 
Streams or comparison of the predicted Tidal Streams to those actually experienced. 


b. Construction. A *Tidal Nurdle’ diagram is constructed as follows (see Figs 10-20 
and 10-21 (opposite): 


Step 1. Select the Tidal Stream diamond on the chart (or Tidal Stream Atlas 
pages) appropriate to the area for which tidal information is required. 


Step 2. From the Admiralty Tide Tables or TotalTide® software, obtain the 
time of HW at the Standard Port to which the chart refers. From this, 
determine whether tidal information is required before or after HW. Calculate 
the ‘Percentage Springs’ figure (see Para 1045 - previous page). 


Step 3. For the appropriate Tidal Stream diamond (or appropriate Tidal 
Stream Atlas data), note the MSR / MNR rates and direction: 


>  Interpolate. Using the ‘Percentage Springs’ figure from Step 2, 
interpolate between MSR / MNR rates to obtain the Rates for the Day. 


> Vector Diagram. In a convenient and suitable place on the chart draw 
a vector diagram in the direction of the Tidal Stream, using a suitable 
Scale Factor with the Rates for the Day. Annotate the diagram (boldly) 
with the selected Scale Factor. The length of each vector will be the 
result of multiplying the Tidal Stream rate by the Scale Factor, 
plotted using the distance Scale of the chart in use. 


Step 4. At the mid-point of the vector produced in Step 1, annotate the vector 
with the interval from HW and the direction to which the Tidal Stream is 
flowing. Add a small table summarising the Rates for the Day. 


Step 5. Repeat Steps 3 and 4 for times before and after HW, noting that: 


>» Times Before HW. Ifthe diagram is for times before HW, then vectors 
are plotted backwards from the previous one (see Fig 10-20 opposite). 

>» Times After HW. Ifthe diagram is for times after HW, then vectors are 
plotted on from the last one produced (see Fig 10-21 opposite). 


c. Precautions before Use. The Scale Factor of the Tidal Nurdle diagram (see 
Step 3 above) must be taken into account when it is used. 
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28 To make this circuit work and keep 20 
volts across the lamp at all times, you must 
find a suitable value of R. This value should 
allow sufficient total current to flow to provide 
1.5 amperes required by the lamp, and the 
small amount required to keep the diode at 
its zener voltage. To do this, you start at the 
“worst case” condition. (“Worst case” design 
is a common practice in electronics. It is used 
to ensure that equipment can work under the 
most adverse conditions.) The worst case 
here would occur when the generator puts 
out only 35 volts. Figure 2.30 shows the 
paths that current would take in this circuit. 
Figure 2.30 

35 V 


Find the value of R that enables 1.5 
amperes to flow through the lamp. How 
much current can flow through the zener 
diode? You can choose any current you like, 
provided it is above a few milliamperes, and 
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(1046 continued) 


(270°) 0900 


Rates for the Day 
(Interpolated) 


(000°) 
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(040°) 
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Fig 10-20. ‘Tidal Nurdle’ Vector Diagram - Times Before HW 


(270°) 0900 


Rates for the Day 
(Interpolated) 


SCALE: x5 


(020°) 
1500 


140009 


Fig 10-21. ‘Tidal Nurdle” Vector Diagram - Times After HW 


Notes: 

10-5. Annotation at Mid Point of Vector. All references to intervals before or after HW, are 
at the mid-point of each vector produced (see Para 1046b - Step 4 opposite). 

10-6. Precautions before Use - Scale Factor. Attention is drawn to Para 1046c (opposite). 


1047-1049. Spare 
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SECTION 5 - ADMIRALTY TIDE TABLES AND ADMIRALTY TOTALTIDE 


1050. Using Admiralty Tide Tables 
Full instructions for use are included in each Volume of the Admiralty Tide Tables 
(NP 201-204). The following information provides a summary of these procedures. 


a. Intermediate HOT / Times at Standard Ports. To find the HOT at a Standard 
Port at a given time (see Example 10-2 / Fig 10-22 below), or vice versa: 


e HW/LW Heights. Plot the heights of HW and LW on the appropriate side 
of the required time and join by a sloping line. 


e HW Time. Enter HW time (or LW in certain cases in UK [eg Southampton ]) 
and other times before / after HW to cover the required time / event. 


. Answers. 

> For Heights. From the required time, go vertically to the curves, 
interpolating between MSR and MNR curves (but not extrapolating 
outside them). Then go horizontally to sloping line, thence vertically to 
height scale and read off the height required. 

> For Times. From the required height, go vertically to the sloping line, 
thence horizontally to the curves, interpolating between MSR and MNR 
curves (but not extrapolating outside them). Then go vertically to time 
scale and read off the time required. 


Example 10-2. Find the HOT at Ullapool at 1900. HW / LW times and heights are: HW 0420 
4.6m, LW 1033 1.6m, HW 1641 4.6m, LW 2308 1.2m. (Answer: Height 3.7m) 
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Fig 10-22. Example 10-2: Finding the Height of Tide (HOT) at a Standard Port 


b. Standard Tidal Curves. Where an individual tidal curve is not provided for a 
Standard Port, the standard tidal curve (at front of tables) may be used provided that: 
. The duration of the rise or fall of the Tide is between 5 and 7 hours. 
° There is no shallow water correction. 
If either of these criteria is not met, TotalTide® or SHM for Windows® should be used. 


c. Special Tidal Curves - Southern UK. Special curves based on LW are used for 
some ports on the south coast of UK. See details at Para 1021e. 
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(1050) d. HW and LW at Secondary Ports. For calculating heights at Secondary Ports, use 
data from the Admiralty Tide Tables (NPs 201-204) Parts I and II as follows: 


e Step 1. Establish the predicted HW and LW heights at the Standard Port 


. Step 2. Algebraically SUBTRACT Seasonal Variation for Mean Sea Level 
(MSL) (see Para 1060c/d) at the Standard Port. 


e Step 3. Establish the Secondary Port height differences (interpolating or 
extrapolating as necessary) and apply them 


. Step 4. Algebraically ADD Seasonal Variation for MSL (see Paras 1060c/d) 
at the Secondary Port. 


e. Intermediate HOT / Times at Secondary Ports. Once having established the 
correct HOT / times of HW and LW at a Secondary Port (Para 1050d above), use this 
data with the procedures at Para 1050a/b/c (opposite), to calculate the intermediate HOT 
/ times required. 


f. Tidal Prediction Form - Secondary Ports HW / LW. Copies of UKHO’s ‘Tidal 
Prediction Form’ are at the back of each volume of Admiralty Tide Tables to assist users 
in correctly applying the tabulated differences and MSL Seasonal Variations for HW / 
LW at Secondary Ports. 


g. Tabulation of Secondary Port Differences. 


° Semi-Diurnal Tides. Where the Tide is mainly Semi-Diurnal in character, the 
differences are tabulated for MHWS, MLWS, MHWN, MLWN at the Standard 
Port. Tide Level definitions are at Para 1062. 


. Large Diurnal Inequality. When the Diurnal Inequality 1s large, the 
differences are tabulated for Mean Higher High Water (MHHW), Mean 
Lower High Water (MLHW), Mean Higher Low Water (MHLW) and Mean 
Lower Low Water (MLLW). Tide Level definitions are at Para 1062. 


h. SHM/SHM for Windows® / TotalTide®. Details of the Simplified Harmonic 
Method (SHM) and SHM for Windows® software are at Para 1032. Copies of a UKHO 
form to assist users in correctly utilising the Harmonic Constants, to compute a tidal 
prediction by calculator or spreadsheet, are at the back of each volume of Admiralty 
Tide Tables. For certain Secondary Ports (which are annotated accordingly in the 
Admiralty Tide Tables) no suitable Standard Port is available and thus simple time / 
height differences for these Secondary Ports cannot be applied; in such cases predictions 
must be made with TotalTide® or by using Harmonic Constants with SHM / SHM for 
Windows®. 


i. Co-Tidal / Co-Range Charts or Atlases. Co-Tidal and Co-Range charts or 
atlases should be used for tidal predictions for offshore areas and coastlines between 
Secondary Ports. See Para 1052 (overleaf). 
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1051. Admiralty TotalTide® Software 

The Admiralty TotalTide® software program provides predictions for all ports and Tidal 
Stream data currently available in UKHO publications. The accuracy of its predictions has the 
integrity of the Admiralty Tide Tables, provided the latest software edition is used. HOTs for 
multiple ports may be calculated for up to 7 consecutive days; results may be printed. Outputs 
include periods of daylight, Nautical Twilight, phases of the Moon, Springs / Neaps indicators 
and Underkeel / Vertical Clearances. TotalTide® runs under MS Windows and may be 
interfaced to certain WECDIS / ECDIS equipments for the display of HOT's / Tidal Streams. 


1052. Co-Tidal and Co-Range Charts / Atlases 

Co-Tidal and Co-Range charts / atlases show lines of equal time and Range of Tides in 
the open sea (see Figs 10-23a/b below). They are only available for limited areas, but are of 
great importance to vessels with small Underkeel Clearances in those areas. However, as it is 
difficult to obtain data offshore, interpolation from inshore stations 1s also used; thus the data on 
Co-Tidal and Co-Range charts / atlases must be used with caution. 


a. Amphidromic Points. At Amphidromic Points the (tidal) Range is zero or very 
small. Co-Tidal lines radiate outwards from them, with HW / LW times progressing 
clockwise or anti-clockwise (see Fig 10-23a below); Co-Range lines surround 
Amphidromic Points (see Fig 10-23b opposite). Near Amphidromic Points, the Range 
of the Tide may alter considerably within a short distance. 


b. Co-Tidal Lines. Co-Tidal lines (12h, 11h, 10h etc) are drawn through points of 
equal Mean High Water Interval (MHWI). MHWIis the mean time interval between the 
passing of the Moon over the Meridian of Greenwich and the time of the next HW at the 
place concerned. See Fig10-23a (below). 


c. Co-Range Lines. Co-Range lines (5m, 4m, 3m etc) are drawn through positions 
of equal MSRs). See Fig 10-23b (opposite). 


Ss 


Immingham 


Bremen 
MEAN HIGH WATER INTERVAL 


ae se Sone eee Interval r cee ia 
Lowestoft to ae tae ofthe eridia sage at Greenwich 
Mean High Water Time Interval at Standard Ports 


North Shi elds 03h 01 
05h 29 


Kings Lynn 


Margate 11h 49 


ar 
Y LE 
Rotterdam 00h 51 
sa elgoland 10h 35 
ANS Y7 
CAS NOTE 

In the area enclosed by the dotted line the tidal curve is very distorted at High Water. 
There is a tendency for a stand of at least one hour's duration. The predicted times 
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the period of the stand 
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Fig 10-23a. Co-Tidal Chart (Southern North Sea [UK]) 
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(1052c continued) 
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Fig 10-23b. Co-Range Chart (Southern North Sea [UK]) 


1053. Scope of the Admiralty Tide Tables 
The Admiralty Tide Tables (NPs 201-204) are set out in 4 Volumes and cover the whole 
world. Information in this paragraph is based on the Admiralty Tide Tables dated 2008. 


a. Standard and Secondary Ports. The Admiralty Tide Tables cover about 250 
Standard Ports, nearly 7,000 Secondary Ports and 125 Tidal Stream systems (see Paras 
1030b / 1042e for tidal observation criteria). The authority for the observations, method 
of prediction and year of observation are stated in each volume. 


b. Content of the Admiralty Tide Tables. There are slight differences in the content 
of the 4 volumes to reflect the tidal characteristics of different parts of the world. 


e PartI. Part I gives daily predictions of the times and heights of HW and 
LW at a selected number of Standard Ports. 


e  PartIa. Part la gives hourly height predictions for a few Standard Ports 
in Vol 1, but, it gives daily predictions of Tidal Streams in Vols 3 & 4. 


e PartII. Part II gives data for prediction at a large number of Secondary 
Ports, as height and time differences from a Standard Port. 


e Part III. Part III lists Harmonic Constants for use with SHM 
predictions. 


e Part IIa. Part Illa lists Harmonic Constants for Tidal Stream prediction 
in Vols 2, 3 and 4. 


e Tables. Up to 8 Supplementary Tables are included in each Volume. 
1054-1059. Spare 
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1060. 


1061. 


SECTION 6 - LEVELS AND DATUMS 
Tidal Levels 


a. Tidal Levels for Standard and Secondary Ports. A list of Tidal Levels for 
Standard Ports is given at Supplementary Table V in the Admiralty Tide Tables (NP 
201-204); Tidal Levels (Vertical Datums) for a large number of Secondary Ports are at 
Part II of the Admiralty Tide Tables. 


b. Tidal Levels for Tidal Prediction. The Tidal Level for tidal predictions must be 
the same as Chart Datum (see Para 1062c), to ensure that the depth of water is equal to 
the charted depth plus the HOT. Tidal Levels established at Standard Ports vary widely; 
they do not conform to any uniform standard. Modern charting practice is to establish 
Tidal Levels at or near the level of Lowest Astronomical Tide (LAT), but when planning 
passages, the Tidal Levels printed on the chart and in Supplementary Table V in the 
Admiralty Tide Tables should be checked for agreement. Where the UKHO is the 
surveying authority, Tidal Levels have been adjusted to approximate to LAT. 


c. Mean Sea Level (MSL). Tidal Levels for Standard Ports do not necessarily remain 
constant, due to changes in Mean Sea Level (MSL); a number of MSLs have risen by 
0.1 metres over the past 40 years. In addition, regular Seasonal Variations can occur to 
MSL, due either to established meteorological patterns (barometric pressure, wind 
strength and direction), or the effect of river water (ports with a temperate climate). 


d. Allowance for Seasonal Variations in Mean Sea Level (MSL). Regular Seasonal 
Variations in MSL greater than 0.1 metres are tabulated in the HW and LW predictions 
for Standard Ports in Part II of the Admiralty Tide Tables. See Para 1050d for details 
of calculations necessary to allow for Seasonal Variations in MSL. 


Chart Datum and Land Survey Datums 
Tidal Levels are referred to Chart Datum (see Para 1062c) of the largest Scale Admiralty 


chart. A variety of “Land Survey Datums’ are in use worldwide; in UK, Ordnance Datum is 
used for this purpose. 
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a. Tide Tables. The connection between Chart Datum and Ordnance Datum in UK 
is given at Supplementary Table III. Where known, the equivalent information for other 
Tidal Levels outside UK 1s given at Supplementary Table IV. 


b. Charts. On large and medium Scale charts for which UKHO is the primary 
authority, the panel giving tidal height may also tabulate the difference between Chart 
Datum and Ordnance Datum for the area. 


c. Lack of Data. If absolute heights are required at a point on the coast where no tidal 
data is given, or where there is no connection to the Land Survey Datum, they may be 
obtained by interpolation from heights obtained from places on either side where data 
is available. 
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1062. Tidal Levels and Heights - Definitions 
Definitions of Tidal Levels and heights are defined below and overleaf, and are shown 
diagrammatically at Fig 10-24 (below). 
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ll imating to LAT 
o Charted Depth (usually approximating to LAT) 


Fig 10-24. Tidal Levels and Heights (not to scale) 


Soundings 


a. Heights. Except for Vertical Clearances, heights on Admiralty charts are given 
above MHWS in areas where the Tides are Semi-Diurnal and MHHW where there is a 
Diurnal Inequality. Mean Sea Level (MSL) is used where there is negligible Tide. 


b. Vertical Clearances. Since 2004, Vertical Clearances have been quoted above 
Highest Astronomical Tide (HAT) in all areas where there is an appreciable (tidal) 
Range. MSL is still used where there is negligible Tide. The ‘Heights’ statement 
beneath the title of each information panel makes it quite clear which Vertical Datum 
(HAT, MHWS or MSL) is being used for Vertical Clearances on that particular chart. 
Where a ‘Safe’ Vertical Clearance has been obtained to avoid the risk of electrical 
discharge from overhead power cables, it is shown on charts in magenta; however the 
deduction used may vary with changes in transmission voltage and should be used with 
caution. 


c. Chart Datum. By international agreement, Chart Datum is defined as a level so 
low that the Tide will not frequently fall below it. In areas for which UKHO is the 
authority, Chart Datum is the approximate level of Lowest Astronomical Tide (LAT). 


d. Variation in Values. The average values of MHWS, MHWN, MLWS, MLWN, 
MHHW, MLHW, MHLW and MLLW (see definitions at Para 1062e overleaf) vary from 
year to year in a cycle of approximately 18.6 years (the “Metonic Cycle’). Tidal Levels 
shown in Supplementary Table V of the Admiralty Tide Tables are average values over 
the whole cycle. 


10-33 
Original 


BR 45(1)(1) 
TIDES AND TIDAL STREAMS 


(1062) e. Tidal Levels. Tidal Levels are referred to Chart Datum (see Para 1062c - previous 
page). MSR / MNR are defined at Para 1045a. Definitions of other Tidal Levels are: 


e Highest Astronomical Tide (HAT) and Lowest Astronomical Tide (LAT). 
Highest and Lowest Astronomical Tides (HAT and LAT) are the highest and 
lowest levels respectively which can be predicted to occur under average 
meteorological considerations and any combination of astronomical 
conditions. HAT and LAT are not the extreme levels which can be reached; 
Storm Surges (see Para 1022) may cause considerably higher and lower levels 
to occur. 


. Mean High Water Springs (MHWS). The height of Mean High Water 
Springs (MHWS) is the average throughout a year when the average maximum 
Declination of the Moon is 23%”, of the heights of two successive HWs 
during those periods of 24 hours (approximately every fortnight) when the 
Range of the Tide 1s greatest. 


e Mean Low Water Springs (MLWS). The height of Mean Low Water 
Springs (MLWS) is the average height obtained from two successive LWs 
during the same period as MHWS. 


. Mean High Water Neaps (MHWN). Mean High Water Neaps (MHWN) is 
the average throughout a year, as defined for MHWS, of the heights of two 
successive HWs during those periods (approximately every fortnight) when 
the Range of the Tide 1s least. 


° Mean Low Water Neaps (MLWN). Mean Low Water Neaps (MLWN)is the 
is the average height obtained from two successive LWs during the same 
period as MHWN. 


° Mean Tide Level (MTL). Mean Tide Level (MTL) is the mean of the heights 
of MHWS, MHMW, MLWS and MLWN. 


. Mean Sea Level (MSL). Mean Sea Level (MSL) 1s the average level of the 
sea surface over a long period, preferably 18.6 years, or the average level 
which would exist in the absence of Tides. 


° Mean Higher High Water (MHHW). Mean Higher High Water (MHHW) 
is the mean of the higher of the two daily HWs over a long period of time. 
When only one HW occurs in a day, this 1s taken as the higher HW. 


° Mean Lower High Water (MLHW). Mean Lower High Water (MLHW) is 
the mean of the lower of the two daily HWs over a long period of time. When 
only one HW occurs on some days, a 1s printed in the MLHW column of the 
Admiralty Tide Tables to indicate that the Tide is usually Diurnal. 


. Mean Higher Low Water (MHLW). Mean Higher Low Water (MHLW) is 
the mean of the higher of the two daily LWs over a long period of time. When 
only one LW occurs on some days, a 1s printed in the MHLW column of the 
Admiralty Tide Tables to indicate that the Tide 1s usually Diurnal. 


e Mean Lower Low Water (MLLW). Mean Lower Low Water (MLLW) is the 
mean of the lower of the two daily LWs over a long period of time. When 
only one LW occurs on a day, this is taken as the lower LW. 
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APPENDIX 1 
PLANE TRIGONOMETRY 


1. Scope of Appendix 

Trigonometry is the branch of mathematics dealing with the relations between the angles 
and sides of a triangle and with the relevant functions of any angles. Appendix 1 contains the 
following information: 


e Para2: Units - The Degree, Radian and TL 

e Para3: Trigonometric Functions 0° to 90° - Sin, Cos and Tan 

e Para4: Trigonometric Functions 0° to 360° - Sin, Cos and Tan 

e Para5: Sin & Cos Curves -180° to 540° and Tan Curves -180° to 270° 

e Para6: Inverse Trigonometric Functions - Sin, Cos and Tan 

e Para7: Pythagorean Relationships between Trigonometric Functions 

e Para8: Non-Right Angled Triangles - Sine, Cosine and Area Formulae 
e Para9: Functions of Sum and Difference of Two Angles 

e Para 10: Sine and Cosine of Small Angles 


Ze Units - The Degree, Radian and TT 


a. The Degree. The angle between two intersecting lines is the inclination of one line 
to the other, and this inclination is commonly measured in ‘degrees’ and sub-divisions 
Of a degree. In one complete revolution there are 360 degrees; when the two arms of the 
angle are perpendicular, the angle is said to be a “right angle”, in which there are 90 
degrees (see Fig A1-1 below). The sub-divisions of the degree are the ‘minute’ and 
“second”, the relation between them is: 

1” = 60 minutes (*) 

1 60 seconds (”) 


In navigation, angles are measured clockwise from North (000°), through East (090°), 
South (180°) and West (270°) to North (see Fig A1-1 below). 


(Revolution) 


Fig A1-1. Degrees in a Right Angle and in One Revolution 
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(2) b. The Radian and 7. The ‘Radian’ is defined as the angle subtended at the centre 
of a circle by a length of arc equal to the radius (see Para 0127). ‘T’ is defined as the 
ratio of the circumference of a circle to its diameter; this ratio is constant in all cases and 
T is approximately equal to 3.1415927 (see Para 0127). From this it follows that: 


e Radians to Degrees. The angle subtended by an arc equal to the radius is 
also constant and equal to 360° + 27, or approximately 57° 17' 45". 


° Radians in a Right Angle. The number of radians in a right angle is Y2TT. 


e Length of any Arc of a Circle. The length of any arc of a circle is equal to 
the radius multiplied by the angle in radians. 


3. Trigonometric Functions 0° to 90° - Sin, Cos and Tan 


a. The Right-Angled Triangle. In Fig A1-2 (opposite), the Plane Triangle ABC is 
right-angled at C; the sides BC, CA and AB are of length a, b and c respectively; and the 
angle CAB is of size @. For navigational convenience AC is taken as due north so that 
the (true) bearing of B from A is 8. 


b. The Six Trigonometric Functions of a Right-Angled Triangle. There are six 
trigonometric functions of a right-angled Plane Triangle. Two of these, the sine and 
cosine, are of fundamental importance while the other 4, tangent, cotangent, secant and 
cosecant are derived from them. The six functions are defined and abbreviated thus: 


l side opposite the angle a 
MMO e e ... All 
hypotenuse C 
side adjacent to the angle b 
OO ———— SS ee . A1.2 
hypotenuse C 
side opposite a a c sing AS 
MOS SMS : 
side adjacent b c b cos@0 
io b 1 cos 0 
CO = A ESA A S 
a tan sind “an 
ge eee ALS 
sec 0=—= . : 
b cos@ 
C 1 
cosec O= == — . A1.6 
a sing 


The last four trigonometric functions are defined in terms of sine and/or cosine. The last 
three functions are reciprocals of the first three. 


In Fig A1-2, where angle BCA is 90° and angle CAB equals 0, 
a = csin O 
b = ccos 0 
Thus, if AC points North, B is both ‘c sin 0’ East of A and ‘c cos @’ North of A. 
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provided it does not cause the zener diode to 


burn out. In this example, assume that the 
zener current |Z is 0.5 amperes. 
Questions 


A. What is the total current through R? 
LR = 


B. Calculate the value of R. 
R T 

Answers 

A. 


[, =1, + I, = 1.5 amperes + 0.5 amperes = 2 amperes 


Vs — Vz (35 volts — 20 volts) 
R= = = 7.5 ohms 
Ip 2 amperes 
A different choice of I Z here would produce 
another value of R. 


29 Now, take a look at what happens when 


the generator Supplies 50 volts, as shown In 
Figure 2.31 
Figure 2.31 


50 V 


20 V 
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Fig A1-2. The Right-Angled Triangle Fig A1-3. Complimentary Angles 


(3) c. Complementary Angles. Angles that add together to make 90° are said to be 
‘complementary’. Thus, if one angle is 34’, its complementary angle is 56°. In any 
right-angled triangle the two acute angles are complementary, since the sum of the three 
angles, of which one is 90”, must be 180”. It can also be shown from Fig A1-3 that: 


l a 
sin = 


a cos (90°- @) (eg sin34° = cos56°)  ...A1.7 
b O : O 
cos == = sin(90°-@) (eg cos34” = sin56°) ...A1.8 
C 
tan O = A = cot (90°- 0) (eg tan 34° = cots6") ...A1.9 


d. Trigonometric Functions of Specific Angles. Fig A1-4 and Table A1-1 show the 
relationship between the trigonometric functions of specific angles and the length of 
sides of right-angled triangles. 


Fig A1-4. Trigonometric Functions of Specific Angles 


Table A1-1. Trigonometric Functions of Specific Angles 


CI EC E E IC A 
| sin 0 | 0 | 0.5 5 = 0.707 E = 0.866 | | 
| æo | DB = 0.866 | araar o5 | | 
| tan 0 | 0 = 0.577 | | EIC 
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4. Signs and Values of the Trigonometric Functions Between 000° and 360°. The 
definitions at formulae (A1.1 to A1.6) of the six trigonometric functions for acute angles may 
be extended to angles up to 360”. 


a. Sign Conventions between 000° and 360°. Bearing and direction are measured 
clockwise from 000” to 360”. In can be shown from Fig A1-5 (below) that Northerly and 
Easterly directions may be considered as +ve, while Southerly and Westerly are —ve . 
South may be said to be the equivalent of negative North and west the equivalent of 
negative East. Tangent, cotangent, secant and cosecant may be defined in terms of sine 
and/or cosine (see Para 3b). 


b. Signs of Trigonometric Functions - The Four Quadrants. Bearing and direction 


000° to 360° may be divided into 4 quadrants (see Fig A1-5 below) for the purposes of 
establishing the signs of functions. 


PA sr 
4th QUADRANT 1st QUADRANT 


270° 090° 
(- ve) (+ ve) 


3rd QUADRANT 2nd QUADRANT 


03 = 180° + 0 62 = 180° — 6 


Fig A1-5. Signs of Trigonometric Functions - The Four Quadrants 


* Explanation of Fig A1-5. B, is in the 1% Quadrant’, at a distance r and on a 
bearing 0, from A, where 0, equals angle O, B, is r sin O East of A and r cos 0 
North of A. Equivalent points B,, B;, and B, are in the 2”, 3 and 4" quadrants. 


e Example - 3™ Quadrant. In Fig A1-5 (above), B, is South and West of A at a 
distance r on a bearing 0, (equal to angle 180° + 0). Thus: 


l - rsin O l 
sin 0, (sin [180°+0]) = Te -sin O 
- rcos 0 
cos 0, (cos [180°+0]) = ii -cos O 
ano = sinó, -sin ME 0 
e E cos 0, ~—cos8  cosd 


In summary, B, is r sin O West of A, which is thus equivalent to -r sin O. B, is also 
r cos O South of A, and thus equivalent to -r cos 6. 
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(4) c. Signs in Each Quadrant. Reciprocals of sine, cosine and tangent (ie cosecant, 
secant and cotangent respectively) take the same sign as their original function. From 
Fig A1-5 (opposite) it may be shown that: 


° 1* Quadrant. Bearings between 000° and 090° lie between North (+ve) and 
East (+ve). For direction 0,, sine, cosine and tangent are all +ve. 


e 2™ Quadrant. Bearings between 090° and 180° lie between East (+ve) and 
South (-ve). For direction 6@,, sine is (+ve), cosine and tangent are (-ve). 


e 3"* Quadrant. Bearings between 180° and 270” lie between South (-ve) and 
West (-ve). For direction 0, tangent is (+ve), sine and cosine are (—ve). 


e 4" Quadrant. Bearings between 270° and 360° lie between West (-ve) and 
North (+ve). For direction @,, cosine is (+ve), sine and tangent are (-ve). 


d. Summary of Signs and Mnemonic “All Stations To Crewe”. The signs of sine, 
cosine and tangent (plus their reciprocals, which take the same sign as their original 
functions) are summarised at Fig A1-5a (below) for the four quadrants. The mnemonic 
“All Stations To Crewe” provides a reminder of the signs of the trigonometric functions. 


(C) Cosine is positive (A) All functions are positive 
Sine & tangent are negative, 
reciprocals follow originals. 


(T) Tangent is positive (S) Sine is positive 
Sine & cosine are negative, Cosine & tangent are negative, 
reciprocals follow originals. reciprocals follow originals. 
180° 


Fig A1-5a. Summary of Signs of Trigonometric Functions 000° to 360° 


e. Values of Trigonometric Functions. The value (as distinct from the sign) of any 
trigonometric function of an angle greater than 90° is equal to the value of the 
trigonometric function of the angle made with the North-South axis. For example, the 
value of sin 127° equals sin 53° (180° - 127”), while the value of cosine 296° equals 
cosine 64° (360° - 296”). The angle (180° - 0) is known as the ‘Supplement’ of @. 
‘Supplementary Angles’ add together to 180”. The signs and values of the trigonometric 
functions of angles in each quadrant are summarised in Table A1-2 (below). See also 
examples at Fig A1-6 / Table A1-3 (overleaf). 


Table A1-2. Values of Trigonometric Functions 


| Direction | Angle | Sine Angle | Cosine Angle | Tangent Angle 


0, O sin 0 | cos 0 | tan 0 | 


O, 180”- 0 sin (180°-0 ) cos (180°- 0) tan (180”-6 ) 
= sin = -cos = -tan 

O, 180°+0 sin (180°+0 ) cos (180°+0 ) tan (180°+0 ) 
= -sin = -cos0 = tan 0 


sin (360° -0) cos (360°-0) tan (360°-0) 


= -sin = cos 0 = -tan 


= sin(- 0) = cos(- 0) 


Appendix 1-5 
Original 


BR 45(1)(1) 
PLANE TRIGONOMETRY 


(4) f. Examples of Values of Trigonometric Functions. The signs and values of the 
trigonometric functions of some (example) angles in each quadrant are and demonstrated 
at Fig A1-6 / Table A1-3 (below). 


Fig A1-6. Examples of Signs and Values of Trigonometric Functions 000° to 360° 


Table A1-3. Examples of Signs and Values of Trigonometric Functions 000° to 360° 


Angle Sign Cosine Tangent 
106° + sin 74° -cos 74° - tan 74° 
233" - sin 53° - cos 53° + tan 53° 


5. Sin & Cos Curves -180° to 540° and Tan Curves -180° to 270° 


a. Angles Greater than 360. Although, in navigation, angles outside the range 0” to 
360° are rarely encountered, the definitions given earlier may be extended to angles 
greater than 360°. The value 360° (or multiples of 360°) may be subtracted from the 
angle concerned to reduce it to an angle between 0” and 360°. 


b. Negative Angles. Negative angles may be taken as angles measured anti-clockwise 
from North and brought to an angle between 0° and 360° by the addition of 360° (or 
multiples of 360°). 


c. Sin, Cos and Tan Curves. The graphs of sin O, cos Gand tan O may be deduced 
for any given range. Fig A1-7 (opposite) shows the graphs of sin Oand cos O between 
-180° and +540°, and the graph of tan 0 between -180° and +270°. The following 
points should be noted: 


+ Both sin Oand cos Orepeat every 360”. 
e Tan Orepeats every 180”. 
e In any 360°, there are two angles which have the same value for any 
trigonometric function: 
(eg sin 35° = sin 145°, cos 134° = cos 226”, tan 213° = tan 33’, etc). 
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(5c continued) 


Fig A1-7. Sin & Cos Curves 0° to 540° and Tan Curves 0° to 270° 


6. Inverse Trigonometric Functions - Sin, Cos and Tan 


a. Principal Values. As there are two angles in any 360° which have the same value 
for any trigonometric function, it follows that the inverse function has more than one 
value. However, a calculator / spreadsheet can only give what is called the ‘Principal 
Value’ of the inverse trigonometric function. The principal value ranges for sine, cosine 
and tangent are: 


sin? -90° < 0< 90° 
cos? 0” < 0< 180° 
tan -90° < 0< 90° 


b. Selection of Appropriate Value. The principal value may not be the one required 
in a particular problem, and the graph of the appropriate trigonometric function should 
be used to determine other values. For example: 


sin? +0.5 = 30° (the angle could be 030” or 150”.) 
sin! -0.5 = -30° (the angle could be 210° or 330°.) 
cos +0.866 = 30° (the angle could be 030° or 330°.) 
cos -0.866 = 150° (the angle could be 150° or 210°.) 
tan! +0.577 = 30° (the angle could be 030° or 210°.) 
tan! -0.577 = -30” (the angle could be 150° or 330°.) 
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(6) c. Assessment of Appropriate Value by Inspection and/or Comparison. When 
assessing values of trigonometric functions, care must be taken to ensure that, if 
necessary, the displayed angle reading is adjusted to the correct value. 


e Inspection. Assessment may often be achieved by inspection. For example, 
if a bearing @ is such that tan 0  -0.577, but it is also known that the 
bearing is in the 4” (North-West) quadrant, then the angle required must be 
330° (and not 150”, nor the -30° given by a calculator). 


e Comparison. The two trigonometric functions corresponding to the 
displayed value may also be compared. For example, if the sine of the 
displayed value is -ve, while the cosine is also -ve, the angle corresponding 
to both values can only be in the 3™ (South-West) quadrant, where sine and 
cosine are both negative. 


7. Pythagorean Relationships between Trigonometric Functions 
By the theorem of Pythagoras, the square on the hypotenuse of a right-angled triangle 
is equal to the sum of the squares on the other two sides. Using the notation from Fig A1-3: 


a +t b= ec 
a b’ 
thus: ae + a = 1 
or sin’ @ + cos@ = 1 ... A1.10 


Further division by cos* O gives: 

tan 0 + 1= sec? O ...A1.11 
or, if (A1.10) is divided by sin? O 

1 + cot’ 0 = cosec 0 ...A1.12 


Formulae (A1.10 to A1.12) hold for all values of 6, because the square of any quantity 
is always positive, although the quantity itself may be negative. 
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Non-Right Angled Triangles - Sine, Cosine and Area Formulae 


a. Non-Right Angled Triangles. There are several formulae connecting the sides 
and angles of acute and obtuse triangles (Fig A1-8) and the choice of formula is 
governed, as a rule, by the data available and the requirements of the problem to be 
solved. 


Fig A1-8. Non-Right Angled Acute and Obtuse Triangles ABC 


b. The Sine Formula. The Sine Formula is established by dropping a perpendicular 
from any vertex on to the opposite side (see Fig A1-8 above). In Fig A1-8, the 
perpendicular is CD, denoted by ‘p’. Then: 


sinA = E 
also P -sinB (acute triangle) or sin (180 ° - B)(obtuse triangle) = sin B 
a 
le p= b sin A and p= a sinB 
b sin A = a sin B 
a — b 
e sin A sin B 


Similarly, if a perpendicular is dropped from A to BC, or BC produced: 


b E C 
sin B sin C 


H —————S oe AA ...A1.13 
nes sn A sin B sin C 


e Summary. Thus, in a triangle, if two angles A and B and one side are given, 
by simple arithmetic the third angle is 180° - (A + B); the Sine Formula may 
be used to calculate the remaining sides. 
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(8) 


c. Ambiguity in the Sine Formula. Ambiguity arises if the Sine Formula is used for 
solving the triangle when two sides and an angle other than the included angle are given, 
when the given angle is opposite the smaller side (see Fig A1-9 below). If, in Fig A1- 
10, the sides b and c and the angle C are given, the angle found from the formula is 
either ABC or its supplement AB,C, because the sine of an angle is equal to the sine of 
its supplement. 


Fig A1-9. Ambiguity in the Sine Formula 


d. The Cosine Formula. The Cosine Formula is established by applying the theorem 
of Pythagoras to the right-angled triangles ADC and BDC in Fig A1-8. Thus: 


a? = p?+ BD’ 
b? p° + AD” 
+ al = (b? - AD?) + BD? 
b° - AD’ + (c - AD) 
= bi - AD? +c’ - 2cAD + AD’ 
b? + c - 2cAD 
= b°+c* -2bccosA ... A114 


In the same way it can be established that: 


b’ = +a’ -2cacosB ... A115 
C = a+b? -2abcosC ...A1.16 


e Negative Cosines. The Cosine Formula is true for any triangle, but if the 
angle A, B or C is greater than 90°, the angle lies in the 2" quadrant and its 


cosine is negative. 


e Summary. Thus, in a triangle, the Cosine Formula gives the third side when 
two sides and the included angle are known, or any angle when the three sides 
are known. 


e. Area of a Triangle. The area of a triangle is equal to half the base multiplied by 
the perpendicular height. The area of the triangle ABC (see Fig A1-8, previous page) 
may also be found by transposing this value using the Sine Formula to give: 


Area = %ab sin C ... A1.17 
Area = M bc sin A ... A1.18 
Area = YH ca sin B . . .A1.19 
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Functions of Sum and Difference of Two Angles 


a. Trigonometric Functions of Combined Angles. The trigonometric functions of 
combined angles may be determined. For example, the sine, cosine and tangent of the 
angles A + B in Fig A1-10 (below) may be found as follows: 


Fig A1-10. Trigonometric Functions of Combined Angles. 


In Fig A1-10 (above), triangle PQR is right-angled at R. The line QS divides the angle 
Q into the angles A and B. PS is a perpendicular from P to QS and SV is a perpendicular 
from S to QV. ST is the perpendicular from S to PT. The angle SPT equals the angle B. 


Thus: 
rsin(A+B) = PR=PT+TR=PScos B + SV 
= rsinAcos B + QS sin B 
= r sin A cos B + r cos A sin B 
.- sin (A + B) = sin A cos B + cos A sin B . . . A1.20 
and: 


rcos (A+ B) = QR = QV -RV=0Scos B -TS 
= rcosAcos B -PS sin B 
= rcosAcosB -rsinA sin B 


. cos (A + B) = cos Acos B -sin A sin B .. . A1.21 
and: : 
sin (A+ B 
tanl A+ B) = E GE 
cos (A+ B) 


Dividing top and bottom by (cos A cos B): 


tan A + tan B 
tan( A+ B) = ——— `.. A1.22 


1- tan A tan B 
Sin (A - B), cos (A - B) and tan (A - B) may be found from formulae A1.20 to A.122, 
as sin (-B) = -sin B, cos (-B) = cos B and tan (-B) = -tan B, and substituting these 
values. 


Thus: 
sin (A - B) = sin A cos B -cos A sin B .. . A1.23 
cos (A - B) = cos A cos B + sin A sin B . . . A1.24 


tan A - tan B 
1 + tan A tan B 


tan( A - B) 


sas A1.25 


Appendix 1-11 
Original 


BR 45(1)(1) 
PLANE TRIGONOMETRY 


(9) b. Double and Half-Angle Formulae. If A is equal to B, it follows from formulae 
A1.20 to A1.22, that: 


sin2A = 2sinAcosA . . . A1.26 
cos2A = cos A -sin A ...A1.27 
= 1 -2sin’°A 
= 2cos A -1 
2 tanA 
A a oe A ... A1.28 


In terms of the half-angle these formulae become: 


snA = 2 sin YA cos PA . . . A1.29 
cosA = cos” WA -sin” YA ... A1.30 
= 1 -2sin YA 
= 2co HA -1 


2 tan YA 
tanA = ~~~z ...A1.31 


1- tan" YA 
c. Sum and Difference of Functions. The above formulae, relating to the sines and 
cosines of sums and differences, may be combined to give other formulae which relate 
to the sums and differences of sines and cosines. 


e Adding Formulae (A1.20) and (A1.23). By adding formulae (A1.20) and 
(A1.23), and writing P for (A + B) and Q for (A - B) so that A is equal to 
Y(P + Q) and B to Y(P - Q): 


sin (A + B) + sin (A -B) = 2 sin A cos B 
sin P + sin Q = 2sin'¥%(P + Q) cos Y(P -Q) .. . A1.32 
e Subtracting Formula (A1.23) from Formula (A1.20). By subtracting 
formula (A1.23) from formula (A.1.20): 
sin (A + B) -sin (A -B) = 2 cos Asin B 
sin P -sin Q = 2cos Y(P + Q) sin Y(P -Q) ... A1.33 
e Use of Formulae (A1.21) and (A1.24). By using formulae (A1.21) and 
(A1.24), it can be shown that: 


cosP+cosQ = 2cos ¥%(P + Q) cos Y(P -Q) . . .A1,34 
cos P -cos Q -2 sin ¥2(P + Q) sin Y(P - Q) .. . A1.35 
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Because the lamp still has 20 volts across 
it, it can still draw only 1.5 amperes. But the 
total current and the zener current change. 
Questions 
A. Find the total current through PR. 


IR =s Z 

B. Find the zener current. 

LZ =] nn 

Answers 

A. (Vs —_— Vz ) (50 —=— 20) 

Ip — a — _ 4amperes 

R f. 

B. IZ = IR — IL = 4 —T- 15 = 2.5 amperes 


30 Although the lamp voltage and current 
remain the same, the total current and the 
zener current both changed. 
Questions 

A. What has happened to IT (I R )? 
B. What has happened to IZ? 
Answers 


A. | T has increased by 2 amperes. 

B. I Z has increased by 2 amperes. 

The increase in |I T flows through the zener 
diode and not through the lamp. 

31 The power dissipated by the zener diode 
changes as the generator voltage changes. 
Questions 

A. Find the power dissipated when the 
generator voltage is 35 volts. 


B. Now, find the power when the generator S 
at 50 volts. 


Answers 
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10. Sine and Cosine of Small Angles 
Certain approximations are possible in the sine and cosine of angles, provided the angle 
is small. 


a. Sine of Small Angles. In Fig A1-11 (below), AOB is a small angle 8, measured in 
radians. AB is the arc of a circle which subtends this small angle. The radius of a circle 
is r, and BC is perpendicular to OA at C. The length of arc of a circle is equal to the 
radius multiplied by the angle subtended in radians (see Appendix 1, Para 2b). Thus: 


AB=rx @ 
0 = — 
or F 
BC 
but sin 0 = — 
r 


Therefore, when @is sufficiently small for AB to approximate to BC: 
sin O = @ 


Fig A1-11. The Sine of a Small Angle 


If there are x minutes in this small angle of O radians, then there must be y minutes in 
1 radian. But 1 radian is equal to 360° or 3437.7468 minutes of arc. 


2T 
X 
hence 0 = 3437'.7468 
Or O = _— a 
3437' .7468 


The relation sin O = 0 therefore becomes: 


X 
Sm X S 2. aa 
3437' .7468 
Since this relation holds for any value of x that is small: 
l 1 
i e == 207 
3437' .7468 
sinx’ = xsimnml' ... A1.36 
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(10) b. Cosine of a Small Angles. In Fig A1-12 (below), when @ is small, OC 
approximates to OA, which is the same as OB. 
OC 


But: cos GO = —— 
OB 


Therefore, when @ is small, cos Gis equal to 1. 


Fig A1-12. The Cosine of a Small Angle 


A second approximation can be obtained if cos @ is expressed in terms of the half-angle 
(in radians), for then: 


cos @ = 1- 2sin 40 


cos 0 = 1- 207 


cos O 1- YO ...A1.37 
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APPENDIX 2 
SPHERICAL TRIGONOMETRY 


1. Scope of Appendix 

Trigonometry is the branch of mathematics dealing with the relations between the angles 
and sides of a triangle and with the relevant functions of any angles. Appendix 2 contains the 
following information: 


e Para2: Spherical Trigonometry Definitions 

e Para3: Properties of a Spherical Triangle 

e Para4: The Solution of a Spherical Triangle 

e Para5: The Cosine Formula 

e Para6: The Sine Formula 

e Para7: Polar Spherical Triangles and the Polar Cosine Rule 
e Paras: The Four-Part Formula 

e Para9: Right-Angled Spherical Triangles 

e Para10: Napier’s Mnemonic Rules for Right-Angled Spherical Triangles 
e Para11: Quadrantal Spherical Triangles 

e Para12: The Versine and Haversine 

e Para 13: The Haversine Formula 

e Para 14: The Half-Log Haversine Formula 

e Para15: Haversine / Half Log Haversine Solution - Example 


Zi Spherical Trigonometry Definitions 


a. Spherical Trigonometry. Spherical trigonometry is the science of trigonometry 
(see Appendix 1) when applied to triangles marked on the surface of a Sphere by planes 
through its centre. 


b. Axis (of the Earth). The Earth’s Axis is its shortest diameter (PP’), about which 
it rotates in space (defined at Para 0110c). 


c. Sphere. A Sphere is defined as a surface, every point on which is equidistant from 
one and the same point, called the ‘centre’. The distance of the surface from the centre 
is called the ‘radius’ of the Sphere. 


d. Great Circle. A Great Circle is the intersection of a Spherical surface and a plane 
which passes through the centre of the Sphere. It is the shortest distance between two 
points on the surface of a Sphere (defined at Para 0110c). 


e. Small Circle. A Small Circle is the intersection of a Spherical surface and a plane 
which does NOT pass through the centre of the Sphere (defined at Para 0110c). 


f. Spherical Triangle. Any three-sided figure ABC in Fig A2-1 (overleaf), formed 
by the minor arcs of three Great Circles on the Spherical surface 1s known as a 
Spherical Triangle. The side of a Spherical Triangle is the angle it subtends at the 
centre of the Sphere and may be measured in degrees and minutes, or radians. In Fig 
A2-1, ABC 1s a Spherical Triangle formed by the minor arcs of three Great Circles, AB, 
AC and BC. The length a of the side BC 1s equal to the angle subtended at the centre of 
the Sphere, that is, BOC. Similarly, b and c are equal to the angles AOC and AOB. 
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Fig A2-1. The Spherical Triangle 


(2) g. Spherical Angles. Ina Spherical Triangle (see Fig A2-1), the angle A is the angle 
between the planes containing the Great Circles AB and AC, that is, the angle between 
the plane AOB and the plane AOC. Similarly, the angle B is the angle between the 
planes AOB and COB, and the angle C is the angle between the planes AOC and COB. 
In a Spherical Triangle ABC, it is customary to refer to its angles as A, B and C, and to 
the sides opposite these angles as a, b and c. This is analogous to the conventions 
adopted in a Plane Triangle set out in Appendix 1. 


de Properties of a Spherical Triangle 

Certain properties of a Spherical Triangle are equivalent to those of a Plane Triangle: 
the largest angle is always opposite the largest side, the smallest angle 1s always opposite the 
smallest side and one side is always less than the sum of the other two sides (eg c <a + b in Fig 
A2-1). However, there are two very important differences between Spherical Triangles and 
Plane Triangles. 


a. The Sum of the Three Angles of the Spherical Triangle. The sum of the three 
angles of the Spherical Triangle A + B + C is always greater than 180° (n radians) and 
always less than 540° (3T.). 


b. The Sum of the Three Sides of the Spherical Triangle. The sum of the three 
sides of the Spherical Triangle a + b + c is always less than 360° (27). 


4. The Solution of a Spherical Triangle 

A Spherical Triangle has six dimensions: the sizes of its three angles and the lengths of 
its three sides. Various formulae connect these angles and sides so that, if sufficient of them are 
given, the rest can be found. The common calculations are those of finding the third side when 
two sides and their included angle are known, and finding a particular angle when the three sides 
are known. 
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de The Cosine Formula 

In Fig A2-2 (below), O is the centre of the Sphere of radius R. AB, BC and CA are the 
minor arcs of three Great Circles forming the Spherical Triangle ABC on the surface of the 
Sphere. OA=0B=0C=R. Angle BOC= a, angle AOC=b and angle BOA =c. 


Fig A2-2. Spherical Trigonometry - The Cosine and Sine Formulae 


CD is the perpendicular from C to the plane OAB and CE is the perpendicular from C 
to the line OB. .. DE is perpendicular to OB and angle CED = Spherical angle at B. 


Similarly, CG, is the perpendicular from C to the line OA. ~. DG is perpendicular to OA, 
and angle CGD = Spherical angle at A. 


GH is the perpendicular from G on to OB, and DJ is the perpendicular from D on to GH. 
JD is parallel and equal to HE. Angle JGD =c. 


In the triangle COE, which is right-angled at E: 


—— = cosa < OE = R Cosa 


but OE = OH + HE 
= OGcosc+ GDsin c 
= R cosb cosc + CG cos Á sinc 
= R cosb cosc + R sinb cosA sinc 


-. Cosine Rule: cosa = cosb cosc + sinb sinc cosA . . . A2.1 
and Similarly: cosb = cosc cos a + sinc sina cos B .. . A2.2 
cos cC = cosa cosb + sina sinb cos C ... ÅA2.3 


Thus, if any two sides and their included angle are given, the third side may be found, 
this side being the one opposite the only Spherical angle in the formula. Such formulae are 
analagous to the Cosine Formulae for the Plane Triangle set out in Appendix 1. When all three 
sides of the Spherical Triangle are known, the angle may be found by transposing the relevant 
Cosine Formula. For example, from formula (A2.1): 


cosa= cosb cosc 


cos A = —— ~~~ ...A2.4 
sinb sinc 
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6. The Sine Formula 
In Fig A2-2 (previous page), in the triangles CED and CGD, which are both right-angled 


— = sinB and — = sináÁ 
CG 


CE 
thus: CE sinB = CD = CG sinA 
R sin a sinB = R sinb sin A 

me 7”? and, by symmetr 

10 = 4 E 
sin A sin B P y 

.. Sine Rule: lees - LE = ashlee ...A25 

sin A sin B sin C 


The Sine Formula for the Spherical Triangle is analogous to the Sine Formula for the 
Plane Triangle set out in Appendix 1, and has the same limitation in that ambiguity arises if it 
is used to solve the triangle when two sides and one angle are given. It must be remembered that 
as sin O = sin (180° - 0), there is no way of knowing from the formula alone whether the 
quantity found is greater or less than 90”. 


In the example at Fig A2-3 (below), a is 66”, b is 50° and B is 40”. 
sin a 
sin b 


= sin a sinB cosec b 


x sin B 


sin Á 


sin 66° sin 40° cosec 50° = 0.76657 
A = 50°02'.8 or 129° 57'.2 


Fig A2-3. Spherical Trigonometry - Ambiguity in Sine Formula 


Fig A2-3 (above) shows that ABC and A,BC are possible triangles. The ambiguity, 
however, may often be resolved in practice and the formula is easier and quicker to use on a 
calculator than the Cosine Formula. The Sine Formula may therefore often be used to find the 
Great Circle course, having first found the Distance. 


When the complete solution of the Spherical Triangle is found using the Cosine 
Formula, the sine rule 1s a useful cross-check against the accuracy of 1ts workings: 
sin a sin b sin C 


1e: - = an - 
sin A sin B sin C 
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A Polar Spherical Triangles and the Polar Cosine Rule 
The Polar Cosine Rule may be used to calculate a side of the Spherical Triangle given 


all three angles. It may also be used to calculate an angle given the other two angles and the 
opposite side. 


j 
I 
I 
| 
I 
I 
| 
l 
| 
| 

| 

\ 


Dg aj9119 18919 


Fig A2-4. Polar Triangles 


In the same way as the Equator is related to the Earth’s Axis (which cuts the Earth’s 
surface at the North and South Poles - see definition at Para 2b), so every Great Circle has an 
‘Axis’ and two ‘Poles’. Polar Triangle A,B,C, of the Spherical Triangle ABC (see Fig A2-4 
above) is formed as follows: 


e A, 1s the ‘Pole’ of the Great Circle BC on the same side of BC as A. OA, is 
perpendicular to the plane of the Great Circle through BC. 


e B 1s the ‘Pole’ of the Great Circle AC. OB, is perpendicular to the plane of the 


Great Circle through AC. 
e  C,1isthe ‘Pole’ of the Great Circle AB. OC, is perpendicular to the plane of the 
Great Circle through AB. 
The two triangles ABC and A,B,C, are mutually Polar. In the Polar Triangle A,B,C;: 
a,=T -A A,=T-a 
b =n-B B,=nT-b 
C= aC C= E 


If these values are substituted in the Cosine Rule (formula A2.1), the Polar Cosine Rule 
formula is obtained: 


Á + B C 
Polar Cosine Rule: cosa = ieee A ae ...A2.6 


sin B sin C 
Formula (A2.6) may be used to calculate a side of the Spherical Triangle given all three 


angles. It may also be used to calculate an angle given the other two angles and the opposite 
side. 
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8. The Four-Part Formula 

The Four-Part Formula is one in which the terms are four consecutive angles and sides 
of any Spherical Triangle (see Fig A2-5 below). It may be used to find the initial Course or 
final Course direct from Latitude and Longitude without first finding the Great Circle Distance. 


Fig A2-5. The Four-Part Spherical Triangle 


In Fig A2-5 (above), the four parts to be considered are C, a, B and c. The angle B, 
contained by the two sides a and c, is called the “inner angle’ or ‘IA’. The side a, common to 
the angles B and C, is called the ‘inner side’ or ‘IS’. The others are the ‘other angle’ C, denoted 
by ‘OA’, and the ‘other side” c, denoted by ‘OS’. 


The Four-Part Formula (A2.7) states that: 
cos (IS) cos (14) = sin (IS) cot (OS) - sin (14) cot (OA) .. . A2.7 


It may be proved thus: 
cosb =cosccosa + sinc sina cos B 
cosc =cosacosb + sina sin b cos C 


By substituting for cos b: 
cos c = cos a (cos c cos a + sin c sin a cos B) + sin a sin b cos C 
cos c = cos c (1 - sin? a) + sin a cos a sin c cos B + sin a sin b cos C 


Therefore, since cos c cancels out and sin a is common to the remaining terms: 
sin a cos c = cosa sin c cos B + sin b cos C 
COS C sin b cos C 


sin a — = cosacosB + 
sin c SINC 


Hence, by the Sine Formula: 


l sin B cos C 
sina cotc = cosa cosB + —— 
sin C 


cosa cos B= sinacotc- sin B cot C 
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9. Right-Angled Spherical Triangles 
If one angle of a Spherical Triangle is a right angle, the formulae for solving the triangle 
are greatly simplified. 


Thus, if the angle C in the triangle ABC is a right angle (see Fig A2-6 below), the Cosine 
Formula (A2.3) becomes: 


cos C = cosa cosb A28 
And, the Sine Formula (A2.5) becomes: 


sin a sin b -..A2.0 


= SM CE 


sin A sin B 
The numerous formulae thus obtainable are best summarised by Napier’s Rules (see 
Para 10 below). 
10. Napier’s Mnemonic Rules for Right-Angled Spherical Triangles 
Right-angled Spherical Triangles may be used: 


e To find the position of the Vertex on a Great Circle. 


e To solve an isosceles triangle where two points are in the same Latitude, by 
bisecting the triangle. 


+ To find where a Great Circle cuts the Equator. 
e To solve the Composite Track. 


Triangle ABC (see Fig A2-6) is ‘extended’ to form symbolic five quantities [displayed 
clockwise: a, b, (90 ° - A), (90 ° - C) and (90 ° - B)]. These quantities may also be shown as the 
sectors of a circle having a vertical radius that represents the right angle at C. 


(90° — A) 


(90° — B) 


Fig A2-6. Napier’s Right-Angled Triangles 


If any one of the quantities at Fig A2-6 (above) is taken as the ‘middle’ quantity, two of 
the other four quantities become ‘adjacent’ and the remaining two quantities become ‘opposite’, 
Napier’s Rules thus become: 


Napier’s Rules: sin middle = products of tans of adjacents ... A2.10 
Napier’s Rules: sin middle = products of cosines of opposites ... A211 
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(10 - Napiers’ Rules continued) 


In triangle ABC (see Fig A2-6 previous page), which is right-angled at C, Napier ’s Rules 
give ten formulae (see Table A2-1 below), which may also be derived from the various formulae 
described earlier. 

Table A2-1. Napier’s Ten Rules 


MIDDLE FORMULA ALSO DERIVED FROM 
a sin a = tan b cot B Four-Part Formula 


sin a = sin c sin Á Sine Rule 


b sin b = tan a cot A Four-Part Formula 
sin b = sin c sin B Sine Rule 
(90° - A) cos Á = tan b cot c Four-Part Formula 


cos Á = cos a sin B Polar Cosine Rule 


(90° - c) cos c = cot Á cot B Polar Cosine Rule 
cos C = Cos a cos b Cosine Rule 

(90° - B) cos B = tan a cot c Four-Part Formula 
cos B = cos b sin A Polar Cosine Rule 


11. Quadrantal Spherical Triangles 

A Quadrantal Spherical Triangle 1s a Spherical Triangle where one side is equal to 90° 
(eg side c in Fig A2-7 below). As with the right-angled Spherical Triangle, the Quadrantal 
Spherical Triangle may be ‘extended’ and a five-part figure constructed. The symbolic five 
quantities are now [4, B, (90° - a), (C - 90°), (90° - b)]. These quantities may also be combined 
in accordance with Napier’s Rules (formulae A2.10 and A2.11), as follows: 


sin A = tan B cot b 
sin A = sina sin C 
cos a = cos A sin b 
(etc) 


(90° — a) 


Fig A2-7. Napier’s Quadrantal Spherical Triangles 
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A PZ = V x | = (20 volts) (0.5 ampere) 
10 watts 
B. PZ = V x | 
50 watts 
If you use a zener diode with a power 
rating of 50 watts or more, it does not burn 


(20 volts) (2.5 ampere) 


out. 
32 Use Figure 2.32 to answer the following 


question. 
Figure 2.32 
24-60 Y 
I5 Y 
0.075 A 
Question 
For the circuit shown in Figure 2.32 , what 


power rating should the zener diode have? 
The current and voltage ratings of the lamp 
are given. | 
Answer 

At 24 volts, assuming a zener current of 0.5 


ampere: 


R= 2 
0.575 


At 60 volts: 


= 15.7 ohms 
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12. The Versine and Haversine 

Ifobliged to use logarithmic tables (instead ofa calculator, when the Cosine / Sine Rules 
are more useful), it is more convenient to solve a Spherical Triangle using a function called the 
‘Haversine’ of the angle. This function is half the ‘versine’ - hence the name Haversine - and 
the versine of an angle is defined as the difference between its Cosine and unity, that is: 


Versine: versine 0 =1 -cos O ...A2.12 
and 1t follows that: 
Haversine: — haversine O = Y(1 -cos 0) ...A2,13 


The Haversine of an angle 1s thus always positive, and increases from 0 to | as angles 
increase from 0° to 180°. Fig A2-8 shows the Haversine curve in relation to the Cosine curve 
from which it is derived. Norie’s Tables give the values of Haversines between 0” and 360”. 


y = hav 
= Y (1—cos 0) 


Fig A2-8. The Haversine Curve 


13. The Haversine Formula 
To express the Cosine Rule in terms of Haversines instead of Cosines, substitute for the 
appropriate Cosines their values in terms of the Haversines. 


Thus cos A can be written (1 -2 hav A), and the formula becomes: 


cosa = cos b cosc + sinb sinc (1 -2 hav A) 
cosa = cos b cosc + sinb sinc -2 sin b sin c hav A 
cosa =cos(b~c) -2 sinb sinc hav A 


Similar substitutions for cos a and cos (b ~ c) give: 
l -2 hava = 1 -2 hav (b~c) -2 sinb sin c hav A 


Haversine: hava = hav (b~ c) + sinb sin c hav A .. . A2,14 


Great Circle Distance. 
When calculating the Great Circle Distance between two points, F and T, with known 
Latitudes and Longitudes, the Haversine Formula (A2.14) becomes: 
hav FT = hav FPT sin PF sin PT + hav (PF ~ PT) 
hav FT = hav (d.long) sin (90° - lat F) sin (90° + lat T) + hav [(90° - lat F) ~ (90° + lat 7)] 


F may be in either North or South Latitudes, thus: 
GC Distance: hav dist = hav d.long cos lat F cos lat T + hav (co-lat F ~ co-lat T) 
... A2.16 
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14. The Half-Log Haversine Formula 

The Half-Log Haversine Formula, which gives one of the angles when the three sides 
are known, is derived from the Cosine Rule by making substitutions similar to those used in 
building the Haversine Formula. 


As before, the first substitution gives: 
COS a = cos (b ~ c) - 2 sin b sin c hav A 
2sinbsinchavA = cos (b ~c) -cosa 


By the rule for the subtraction of two Cosines, this equation becomes: 
2 sin b sinc hav A = 2 sin %2 [a + (b ~ c)] sin Y [a - (b~ c)] 


Therefore, by division: 

hav A = cosec b cosec c sin % [a + (b ~ c)] sin Y [a -(b~c)] 
But, from the definition of the Haversine: 

havx = %(1 -cosx)=% [1 -(1 -2 sin? %x)] 

hav x = sin? x 


Therefore, by analogy: 


sin’, [a+ (b ~ c)= yJhav [a+ (b~ c)] 
sin⁄2 [a- (b ~ c)= hav [a- (b~ c)] 


By substitution: 


hav A= cosec b cosec ca[hav |a + (b ~ c)| hav |a- (b ~ c)| 


In logarithmic form the Half-Log Haversine Formula becomes: 


Half-Log Haversine Formula: 

log hav A = log cosec b + log cosec c + % log hav [a + (b ~ c)]+ % loghav [a - (b~ 
c)] 

... A215 

Initial Great Circle Course / Great Circle Bearing. 

When calculating the Great Circle initial Course when sailing on a Great Circle track 
from one point to another (or the bearing of one point on the Earth’s surface from another), the 
Half-Log Haversine Formula (A2.15) is applied. Thus, the bearing of T from F is given by: 


hav PFT= cosecPF cosecFT,Jhav | PT + (PF ~ FT)| hav | PT - (PF ~ FT)| 
log hav PFT= log cosecPF log cosecFT + ‘log hav [PT + (PF ~ FT)] +%log hav [PT - (PF ~ FT)] 


Initial GC Course: 


log hav initial course = log cosec co-lat F + log cosec distance 
+ % log hav[co-lat T + (co-lat F ~ distance)] 
+ % log hav[co-lat T - (co-lat F ~ distance)] .. . A217 


The haversine / Half-Log Haversine solution to Example 2-6 from Para 0211 is set out 
opposite. 
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15. Haversine / Half Log Haversine Solution to Example 2-6 from Para 0211 
A ship proceeds from position F (45°N, 140°E) to T (65°N, 110° W). Find the Great Circle 
Distance and the initial Course. 


Fig A2-9 (Copy of Fig 2-14). Ship’s Great Circle Track from Example 2-6 


Great Circle Distance: 


From formula (A2.16): 
hav dist = havd.long cos lat F cos lat T + hav (co-lat F ~ co-lat T) 


Thus: hav dist = hav 110°cos 45 °cos 65°+ hav (45 °~ 25) 
= hav 110 cos 45 “cos 65 °+ hav 20° 
= 0.67101 x 0707107 x 0.422618 + 0.030154 
0.230676 
= hav 57 24.5" 
.. Great Circle Distance = 3444.5' 


Initial Great Circle Course: 
From formula (A2.17): 
log hav initial course = log cosec co-lat F + log cosec distance 
+ % log hav[co-lat T + (co-lat F ~ distance) ] 
+ % log hav[co-lat T - (co-lat F ~ distance)] 


Thus: 
log hav initial Course = log cosec 45 "+ log cosec 57 °24.5' 
+ % log hav[25° - 12° 24.5'] 
+ Y log hav[25°+ 12 °24.5'] 
= log cosec 45 "+ log cosec 537 "24.5" 
+ % log hav 12°35.5'+ % log hav 37° 24.5' 
= 0.150515 + 0.074414+ 1.040056 + 1.506074 
2.771059 


Initial GC Course = N 28 °07.3'E = 028° 
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APPENDIX 3 
THE SPHERICAL EARTH 


1. Scope of Appendix 
Appendix 3 contains the following information: 


° Para 2: Meridional Parts for the Sphere 

° Para 3: Construction of the ‘Mer Parts’ Formula for the Sphere 
° Para 4: Evaluation of the ‘Mer Parts’ Formula for the Sphere 

° Para 5: Corrected Mean Latitude for the Sphere 


Zz Meridional Parts for the Sphere 
As stated at Para 0422b: 
The Meridional Parts of any Latitude are the number of ‘Longitude Units’ in the 
length of a Meridian between the Parallel of that Latitude and the Equator. A 
‘Longitude Unit’ ts the length on the chart representing one minute of arc in 
Longitude. 


3. Construction of the ‘Mer Parts’ Formula for the Sphere 

In Fig A3-1 (below), X is any point on the Earth in Latitude @, and Y is a neighbouring 
point differing from it in Latitude by the small amount A ( . X, and Y, are the corresponding 
points on the Mercator Projection chart. As all Meridians are straight lines at right angles to the 
Equator, A,B, is equal to X,Z,. 


Fig A3-1. Construction of the “Mer Part” Formula 


a. Scale of the Chart. The ratio that the chart length 4,B, bears to the geographical 
distance AB decides the Longitude Scale of the chart. That 1s, when 4B and 4,B, are 
expressed in the same units, A,B, is some fraction of AB (ie AB is equal to kA,B, where 
k is some constant). 
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(3) 


Example A3-1. If AB is 1 minute of arc and A,B, is | mm, | mm on the chart is 
equivalent to | minute of arc or approximately 1,853,300 mm on the Earth, and k is 
1,853,300. The value of k thus determines the size of the chart. 


b. Actual Measurement of Meridional Parts. However, for the actual measurement 
of Meridional Parts, it is sufficient to know the chart unit that represents 1 minute of arc 
along the Equator. In the Example A3-1 (above), where 1 mm represents | minute, the 
Meridional Parts of X, are simply the number of millimetres in 4,4). 


c. Calculation of Chart Length. To calculate this chart length and so determine the 
number of minutes of arc along the Equator to which it is equivalent, consider the 
distortion that occurs away from the Equator: 


XZ is the Parallel through X, and XY the Rhumb Line joining X to Y. On the chart 
X Z is the Parallel and X,Y, the Rhumb Line, both lines being straight. Then, if all 
lengths XZ, AB, A,B, ... are measured in the same units: 
XZ = AÁB cos O . . . (formula 2.1) 
= kA,B,cos O 
= kX,Z, cos ( 
[O = y AZ secp 
d. Stretching of Distance Scale. Any arc of a Parallel, the Latitude of which is Q , 
1s thus represented on the chart by a line proportional to the actual length of the arc 


multiplied by sec o , a quantity greater than unity. The distance Scale along the Parallel 
is therefore stretched, as follows: 


If Y is taken sufficiently close to X for XYZ to be considered a plane triangle right- 
angled at Z: 


di XZ, 
ZY XZ 
1 
= Bee QD 
1 


Thus: LY, = p~ sec Y 


Any small element of a Meridian in near Latitude o is thus represented on the chart by 
a line proportional to the actual length of the element multiplied by sec ( ; the distance 
Scale along the Meridian is therefore stretched. 


As the actual distance between Z and Y on the Earth is A o in circular measure: 


Actual Distance = 180x60 AQ = 3437.747 A ( (minutes of arc) 
7 T 
Hence: ZY, = 7 3437. 747 sec HAH (minutes of arc) 
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But, 1 minute of arc is equal to k millimetres (or whatever the Scale units are). 


Therefore: ZJ = E 3437.747 sec oA o k (an millimetres or Scale units) 


The actual chart length of Z,Y, in millimetres, or whatever the Scale units are, is thus: 


Z1Y1 = 3437.747 sec OAD 


The chart length of any particular Parallel from the Equator, measured along a Meridian 
is clearly the sum of all the component elements of which the expression just found 1s 
typical. If the Latitude of the Parallel is @ measured in radians, this sum, in the chosen 
units, 1s given by: i 
3437. 747| sec@d@ (radians) 


The number of Meridional Parts or Longitude Units (a Longitude Unit is the length on 
the chart that represents 1 minute of arc in Longitude) in the length of a Meridian 
between Latitude L, measured in degrees and the Equator is thus: 


3437.747 log, tan (45° + YL,?) AL 


e. Evaluation of the ‘Mer Parts’ Formula for the Sphere. From formula (A3.1), 
the actual evaluation of the ‘Mer Parts’ formula for the Sphere may be accomplished 
more easily if the logarithm is expressed to base 10. Thus, if y 1s the number of 
Meridional Parts: 


= 7915.7045 log,,tan(45°+AL,°) _.. (formula 4.1) 


Suppose the Latitude is 40°. Then: 


y = 7915.7045 log,, tan 65° 


= 7915.7045 x 0.33132745 


= 2622.69 


iS atte ure eons (continued overleaf) 
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4. Corrected Mean Latitude for the Sphere 

At Paras 0205a/b it was established that in some circumstances, the Mean Latitude must 
NOT be used to determine d.long by means of formula (2.5), but that a correction to the Mean 
Latitude must first be applied. 


Fig A3-2. The Corrected Mean Latitude 


In Fig A3-2 (above), a ship travels from F'to 7. Since the Departure 1s greater than HT 
and less than FG, it must be exactly equal to the arc of some Parallel UV. The Latitude 
of this Parallel is called the Corrected Mean Latitude, and if it is denoted by L, then: 
OR = UV sec L 
d.long = Departure sec L 


This is an accurate formula, but L must be known before it can be used. The problem 
is therefore to find L. 


The Latitudes of F and T may be denoted by L, and L,, and the difference of Latitude 
between them, FH, divided into n equal parts of length x. JK is one of these parts. 
Then: 

d.lat = nx = Lr -Lp 


If Parallels of Latitude are now drawn through the points J, K . . . , intersecting the 
Rhumb Line FT in A, B, etc and the Meridians through these points of intersection in 4,, 
B, etc, n small triangles are formed. These triangles are equal because in each the side 
of which 44, is typical is x, the angle at 4, is 90°, and the angle at A is the course (which 
is constant between F and T). The length of the arc of which 4,B is typical is thus the 
same for each triangle and if the triangles are made sufficiently small (that is, if n if 
made sufficiently large) for the conditions for evaluating an accurate Departure to be 
realised, the Departure between F and T is the sum of the elements 4,B. 
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Thus: 
Departure = ny (where y is the length of A,B.) 
Also, the d.long corresponding to the element A,B is ab and: 
ab =A,B sec (Latitude B) 
ab = y sec (Latitude K) 
By adding all these elements ab, bc etc, the d.long is obtained, the formula being: 
d.long = y[sec (Lp + x) + sec (Lp + 2x) +... + sec Ly] 
Or, since the Departure is equal to ny: 
sec (L, F x) + sec (L, + 2x) E ot Secos 
d.long = Departure ——_—_—__________««— 
n 
But the Corrected Mean Latitude L is given by: 
d.long = Departure sec L 
Hence, by equating these two values of the d.long: 
1 
sec L= =| sec(L, + x) F sec(L, + 2x)...+ secL, | 
n 
The quantity sec L is thus the mean of the secants of the Latitudes of the successive 
Parallels. Written in the integral form in order that the value of sec L may be found, the 
equation 1s: 7 
sec L= sec (L, + x) F sec(L, + 2x)+...+ sec L, |x 
1 
= ——|sec(L, + x) + sec(L, + 2x)+..4 sec L, |x 
2 7 da) 
Then, as n becomes larger, x grows progressively smaller and, in the limit: 
La — |" sect at 
A me 
And, if d./at is expressed in radians: 
L= -a log, t (2, E 
eee d.lat Sele tac 4 21|, 
Or, if d.lat is expressed in minutes of arc: 
1 180 x 60 
Tia x ———— x logel0/logwtan(45* + Lr )- logio tan(45° + YALr" )] 
.la 
Thus 1t may be seen that: 
180 x 60 
A log«10/logwtan(45"+ “Lr? )- logo tan(45° + “Lr° )] 


corresponds to the Meridional Parts formula (4.1) and 1s equal to the Difference of 
Meridional Parts (DMP). Thus: 


DMP _.. (formula 2.7) 


¡ APP cs 
— d.lat (minutes of arc) 
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Ip = = = 2.87 amperes; therefore I, 2.8 amperes 


PZ = (15 volts)(2.8  amperes) = 42 watts 


Project 2.2: The Zener Diode Voltage 
Regulator 
Objective 

The objective of this project is to measure 
the voltage applied to the lamp, and the 
current through the lamp for different supply 
voltages, demonstrating the use of a zener 
diode to provide a steady voltage and current 
to a lamp when the supply voltage changes. 

General Instructions 
While the circuit is set up, measure the lamp 


current, zener diode current, and supply 
voltage as the voltage from the 9-volt battery 
drops. 

Parts List 


One 9-volt battery 

One battery snap connector 

Two multimeters set to measure current 
(mA) 

One multimeter set to measure DC voltage 
One 56-ohm, 0.5-watt resistor 

One 1N4735A zener diode 

One breadboard 

One lamp rated for approximately 25mA at 
6 volts. (Part # 272-1140 from Radio 
Shack is a good fit for this project.) 

Two terminal blocks 
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APPENDIX 4 
PROJECTIONS 


1. Scope of Appendix 
Appendix 4 contains the following information: 


° Para 2: Conical Orthomorphic Projection on the Sphere. 

° Para 3: Deduction of the ‘Mer Part’ Formula for the Sphere. 

e Para 4: Mercator Projection Chart - Position Circles. 

° Para 5: Modified Polyconic Projection. 

° Para 6: Polar Stereographic Projection. 

° Para 7: Gnomonic Projection. 

° Para 8: Transverse Mercator Projection - Conversion of Geographical 
/ Grid Coordinates. 


Ze Conical Orthomorphic Projection on the Sphere 
On Projections of the simple Conical type, all Meridians are equally spaced straight 
lines meeting in a common point beyond the limits of the chart or map; the Parallels (of 
Latitude) are concentric circles, the common centre of which is the point of intersection of the 
Meridians (see Fig A4-1 below). In Fig A4-1: 
e The Cone AVG is tangential to the Sphere along the Standard Parallel AFGH. 
e AV isthe radius r, of the Standard Parallel at Latitude '0) ( Co-Latitude Z,) on the 
Projection. 
e Radius AV is equal to R tan Z, where R is the radius of the Sphere. 
e The angles EVF and WVF on the Projection are equal, each representing 180° of 
Longitude on the Sphere. 


This scale is correct at the standard parallel AG. 
Away from AG, the scale becomes increasingly large 


Fig A4-1. The Simple Conical Orthomorphic Projection 
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(2) a. Simple Conical Orthomorphic Projection. The Meridians and Parallels of the 
Simple Conical Orthomorphic Projection intersect at right angles and thus angles are 
preserved. Although this is necessary for Orthomorphism, 1t 1s not sufficient to make 
the Projection Orthomorphic; for this, the Scale along the Meridian must be equal to the 
Scale along the Parallel at any point on the Projection. 


° Fig A4-2. In Fig A4-2 (opposite), ABCD is an infinitely small quadrilateral 
on the Sphere, while A,B,C,D, 1s its plane representation on the Conical 
Projection. 


. Constant of the Cone. The small change in the Meridian on the Projection 
(d@) is only a fraction of the equivalent change in the Meridian on the Sphere 
(dA) and this fraction may be referred to as n (the Constant of the Cone). 


where: d@ = nda ... A4.1 
See also further details at Para 2b (opposite). 


e Scale Along the Meridian at A,. The Scale along the Meridian at A, is the 


relationship: 
AB, -dr dr 


The negative sign must be allocated to dr 1f O is used, because r increases as 
( decreases. The positive sign must be allocated if Z is used, as r increases 
as Z increases. 


e Scale along the Parallel at A,. The Scale along the Parallel at A, is the 


relationship: 
AD, - rd@ 
AD R coso da 
AD rdO nr 


A O 4 CI en ... 44.3 
AD R sin ZdA R sin Z 


. Orthomorphism. To be Orthomorphic, the Scales along the Parallel and the 
Meridian must be equal, and where k is a constant defining the Scale: 


dr E nr 
RdZ RsinZ 


le: 
1 
—dr=ncosec Z dZ 
r 


le: | ar = E cosec Z dZ 


Z Z 
logr =n log, tan > + C =n log, tan a + log, k 


VA n 
f= k{ tan a ...A4.4 


e General Properties. The general properties of a system of conformal 
Conical Projections may be defined by formula (A4.4). 
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(2a continued) 


(2) 


Fig A4-2. Scale on the Conical Orthomorphic Projection 


b. The Constant of the Cone. From Fig A4-1, it may be seen that the length of the 
Standard Parallel AFGH is 27R cos '0) , whilst the radius of the Parallel on the 
Projection 1s R tan Z, or R cot Q, . When this Conical shape is displayed for the whole 
360° of Longitude for the Earth, the angle on the Projection represents 27. Thus: 

R cotQ, d0 = 27R cos D, 


d0 =271 sin QD, 
But, in this case, 
dA =27 
So, from formula (A4.1), 
27m = 27 sin D, 
n = sin Q, = cos Z, ... A4.5 


Thus for the simple Conical Projection, the Constant of the Cone (n), equals sin '0) , 
which is the sine of the Standard Parallel. 


PEA EE OE E E esas: (continued overleaf) 
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(2) c. Conical Orthomorphic Projection with Two Standard Parallels. Since the Scale 
at any point not on the Standard Parallel is too large on a Simple Conical Orthomorphic 
Projection, two Standard Parallels may be chosen where the Scale is correct (see 
Fig A4-3 below). However, between the two Parallels (AG and A,G, at Fig A4-3 
below), the Scale of the chart is too small, while beyond them the Scale 1s too large. 
This Projection is known as Lambert’s Conical Orthomorphic Projection. 


The Scale is correct at the Standard Parallels AG and A1G1. 
Between them, the Scale is too small; outside them it becomes increasingly large. 


Fig A4-3. Lambert’s Conical Orthomorphic Projection, two Standard Parallels 
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RA Deduction of the Meridional Parts (‘Mer Parts’) Formula for the Sphere 
The formula giving the Meridional Parts (‘Mer Parts’) of any Latitude may be derived 
from the general formula (A4.4) for conformal Conical Projections. 


If Z, is the Co-Latitude of the Standard Parallel, the radius of the Parallel on the 
Projection is given from formula (A4.4), thus: 


=k [ 2) 
r= an — 
The distance between the Standard Parallel and any other Parallel is given by: 


Alem) (3) 
r -r= Be). Gi 


And approximating by expanding the right-hand side in its exponential form, given that 
n ultimately tends to zero, becomes: 


A Z 
ro-r ~ kn Tog, tan e log, tan a 


The value of k follows at once from the fact that r, cos Z, is equal to R sin Z, and is 


econo Rosin Z, 1 
cos Z, Í aj 
í 
an . 
and since: n= cos Z, 
R sin Z 
then: kn= E x 
an E 
an E 


When the Conical Projection becomes a Cylindrical Projection, the Standard Parallel 
becomes the Equator; this being the Mercator Projection, Z, becomes 90”. 


thus: kn= R 


The value of (r, - r), which is now the chart length of a Parallel in Latitude o from the 
Equator, measured along a Meridian, is therefore given by: 


Z Z 
r-r=-R log, fan > = R log, co 


= 10800 log tan ee E radians 
P Í 4 2 


I 
= 3437.747 log, tan (45% Lo pe OE ae 


] 
= 7915.7045 log, tan (45 Lp) . - . (formula 4.1) 


Note A4.1. Symbol Q is used for Latitude at formulae (A3.1) and (4.1) above, although 
elsewhere it may be represented by T or L,, depending on the context. 
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4. Mercator Projection Chart - Position Circles 

If a Position Circle 1s drawn on the Earth’s surface as a circle with the Geographic 
Position of the heavenly body as centre, it will be Small Circle (see Fig A4-4 below). When 
plotted on a Mercator Projection chart, the shape of the ‘Position Circle’ will no longer be a 
circle but a curve (see Figs 4-5 and 4-6 opposite); the problem is to find formula (A4.7) to 
establish the resulting curve path: 


Fig A4-4 (below) shows the relative positions of the Pole P, the observer Z, and the 
Geographic Position of the heavenly body U, when the True Altitude (obtained from 
a Sextant) is a, and the Declination is d. The Latitude of Z is Q . Then, if X and x are 
the easterly Longitudes of Z and U, the Hour Angle of the heavenly body is (x - X). 


The Cosine Formula applied to the Spherical triangle PZU gives: 
cos UZ = cos PU cos PZ + sin PU sin PZ cos UPZ .. . (formula A2.1) 


le: sina = sind sin ( + cos d cos o cos (x -X) 
or: cos (x - X) = sin a sec d sec o - tan d tan ( .. . A4.6 
P 


Fig A4-4. A Position Circle Drawn on the Earth’s Surface 


If the coordinates of Z on the chart are x and y, then: 
sec ( = Ye” + e”) 
and: tan O = '/,(e”-e”) 


Hence, by substitution: 


2 cos (x -X) =e (sin a secd -tan d) + e” (sin a sec d + tan d) . .. A4.7 


Formula (A4.7) is the general equation of the curve on the chart that represents the 
Position Circle; the curve itself is defined by the values of a, d and X. 


Fig A4-5 (opposite) shows the curve as 1t appears on a Mercator Projection chart when 
the Declination 1s zero, and Fig A4-6 (opposite) shows three typical curves representing 
Position Circles for three values of the Altitude when the Geographic Position is in 
Latitude 40°N, Longitude 60"W. 
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(3 continued) 
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Fig A4-6. Typical Position Circles (for three values of the Altitude), 
when the Geographic Position is in Latitude 40°N, Longitude 60°W. 
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de Modified Polyconic Projection 

Although new charts on a Scale 1:50,000 or larger are now drawn on the Transverse 
Mercator Projection, there are 290 UKHO harbour plans / approaches in use (2008), traditionally 
described on the chart as being Gnomonic, while actually Modified Polyconic Projections. 


a. Polyconic Projection Properties. In the Polyconic Projection, the Central 
Meridian alone is straight; distances between consecutive Parallels are made equal to 
the real distances along the surface of the Spheroid, to the Scale required for the chart. 


b. Polyconic Projection Construction. Each Parallel is constructed as if it were the 
Standard Parallel of a simple Conical Projection. This means (see Chapter 4) that the 
circular arcs in which the Parallels are developed are not concentric, but their centres 
lie on the Central Meridian. The other Meridians are concave towards the Central 
Meridian and, except near the corners of maps or charts showing large areas, they 
intersect the Parallels at angles differing only slightly from right angles. 


c. Modified Polyconic Projection Construction. In practice, all Meridians are 
drawn as straight lines on Admiralty charts and to this extent the Polyconic Projection 
has been modified, although the normal curvature of the limiting Meridians would be 
extremely small in any case, having regard to the Scale of the chart. 


The coordinates (x, y) of any point O on the Modified Polyconic Projection (Fig A4-7) 
may be found from the formulae: 


x =vAÁl cos Q ... A4.8 
y = (AA) sin 20 ...A4.9 


where: O is the Latitude of the Parallel, 
AÀ is the difference of Longitude from the Central Meridian, 
v 1s the (transverse) radius of curvature at right angles to the Meridian at 
Latitude Q (see Fig A4-7 below); it should not be confused with the 
Meridional radius of curvature p (see Para 0314). 
These formulae are accurate for Projections covering 2° of Latitude and 1° of Longitude. 
This may be extended to 2° of Longitude without appreciable inaccuracy by laying off 
coordinates from each of the extreme Meridians, to cover a further 30' of Longitude. 


For any Spheroid: 
a 


y =—— 

a , 1/2 
x (1 - e’sin’$ ) 
ro 


Fig A4-7. The Modified Polyconic Projection 
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Polar Stereographic Projection 
The Polar Stereographic Projection (see Fig A4-8 below) is a Perspective Conformal 


Projection on a plane tangential to the Sphere at the Pole, obtained by projecting from the 
opposite Pole. Angles are correctly represented; Parallels of Latitude are represented by circles 
radiating outwards from and centred on the Pole. Meridians appear as straight lines originating 
from the Pole. 


P 2Rtan2Z 


Fig A4-8. The Polar Stereographic Projection 


If R is the Earth’s radius and o the Latitude of G, the angle PP,G, is Ya (90° - ( °”) and 
the radius PG, of the projected Parallel is 2R tan Y. (90° - o >). 


If the radius PG, is r, and the Co-Latitude of o is Z, the Scale along the Parallel is G, 
is given by: 
r 2R tan YL 


O e V2 
ksn? Ronz ~” 


The Scale along the Meridian at G, where dr is a small increase in r and dz a small 


increase in Z 1s: 
dr = 2R%secVZ , 
Par 7 = ar = sec Z 
A 


The Scale is the same in each direction; thus the Orthomorphic property is established. 
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7. Gnomonic Projection 

The Gnomonic Projection projects the Earth’s surface from the Earth’s centre onto the 
tangent plane. The Gnomonic Projection 1s only applied to a Sphere which represents the Earth. 
The Gnomonic Projection is NOT Orthomorphic and it does NOT have Equal Area properties. 
Great Circles are represented by straight lines on this Projection . (This summary is repeated from 
Para 044400). 


a. Principal or Central Meridian. The plane on which the Parallels and Meridians 
are projected is a tangent plane and, to avoid distortion, the tangent point K should be 
chosen in the centre of the area to be shown (see Fig A4-9 opposite). 


Since the Gnomonic Projection is a Perspective Projection, the point on the tangent 
plane that corresponds to a point on the Sphere that represents the Earth is found by 
producing the radius at the point until it cuts the tangent plane. Thus (at Fig A4-9 
opposite) p corresponds to P (the Pole), and all points on the Meridian PK project into 
the straight line pK. PK 1s known as the Principal Meridian or the Central Meridian. 


If B is any point and ABC any Great Circle through it, the arc AB projects into the 
straight line ab. The Meridian through B is PBL and, since it is part of a Great Circle, 
pbl 1s also a straight line. The Meridians on the Gnomonic Graticule are thus straight 
lines radiating from p. 


The straight line K/ corresponds to the Great Circle arc KL. 
If O, and D ), are the Latitudes of K and A, then: 
KOP = arc KP = 90° - D, 

And: AOP = arc AP =90°-@, 
Also: KOA = KOP - AOP 
= (90` - Py ) - (90"- D) 
7 O, T O, 
In triangle OKa: 
Ka = OK tan KOa = OK tan KOA 


Ka= R tan(@,- ¢,) A410 


The chart distances of the Pole (Kp) and any point on the Central Meridian (Ka) from 
the tangent point are thus known. 


It is thus clear from Fig A4-9 (opposite) that, if the Latitude of A 1s greater than that of 
K, a will lie on the line Kp between K and p. If the Latitude of A is less, a will lie 
beyond K on pK produced. 
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Step-by-Step Instructions 
Set up the circuit shown on Figure 2.33 . The 


circled “A” designates a multimeter set to 
measure current, and the circled y” 
designates a multimeter set to measure DC 
voltage. If you have some experience In 
building circuits, this schematic (along with the 
previous parts list) should provide all the 
information you need to build the circuit. If 


you need a bit more help in building the 
circuit, look at the photos of the completed 


circuit in the “Expected Results” section. 
Figure 2.33 


IN4735A * AN Cto) Lamp 


Carefully check your circuit against the 
diagram, especially the direction of the battery 
and the diode. The diode has a band at one 
end. Connect the lead at the end of the 
diode without the band to the ground bus on 
the breadboard. 

After you check your circuit, follow these 
steps, and record your measurements in the 
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(7a continued) 


Fig A4-9. Gnomonic Projection - The Principal (or Central) Meridian 


b. Angle Between Two Meridians on the Chart. The difference of Longitude 
between the Meridians PBL and PAK in Fig A4-9 (above) is the angle LPK, denoted by 
A, and this angle is projected into the angle /pK, denoted by a. 


Suppose the great circle ABC 1s chosen so that it cuts the Meridian PK at right angles. 
Its projection ab will then be at right angles to Kp and, from the plane right-angled 
triangle pab: 

ab = ap tan « 


Also, of the plane of the great circle KLM is made to cut the Central Meridian at right 
angles, the angle pK/ is a right angle and, from the plane right-angled triangle pKI: 
KI = Kp tan q 


From the plane right-angled triangles KO and pKO: 
Kl = OK tan KOL 
And: Kp = OK tan KOP = R cot O, 


By Napier’s rules applied to the Spherical triangle LKP, right-angled at K: 
tan KL =sin KP tan A 


Hence, by combining these relations: 
tan a = sin O, tan Á ... A411 


From this relation it is apparent that when O, is 90°, (ie when the Pole is the tangent 
point), œ is equal to A and there is no distortion in the chart angles between the 
Meridians: they are equal to exact differences of Longitude. When the tangent point is 
not at the Pole, there is distortion and the angles between the Meridians are not 
represented correctly on the chart. 


If the distance ab is required, 1t can be found by substitution. Thus: 
ab =aptana 
= (Kp - Ka) sin D, tan A 
= R [cot O, - tan (Q, -D,.)] sin O, tan A 


= R tan A cos D, sec (Q, - O, ) . . . A4,12 
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c. Parallels of Latitude. As Parallels of Latitude are not Great Circles, they form 
a series of curves on the Gnomonic Graticule. In Fig A4-10 (below) ABC 1s a Parallel 
in Latitude o , and b is the projection of B. As B moves along the Parallel, b describes 
a path which is not a straight line. The problem is to find formula (A4.13) to establish 
the path, and this can be done by referring b to the rectangular axes KX and Kp. 


Thus: 


Fig A4-10. Gnomonic Projection - The Parallel of Latitude 


Ifthe angle AKB is denoted by 7, the angle bKp will also be 7 because the Great Circles 
KB and KP can be regarded as ‘Meridians’ radiating from ‘Pole’ K which is a tangent 
point. There is thus no distortion when this angle is projected. Hence, if x and y are the 
coordinates of b: 
x =XKb sin n 
And: y =Kbcos n 
And: x+y =Kb’ 


From the right-angled Plane Triangle KOD: 
Kb = OK tan KOb 


From the Spherical Triangle PBK, by the Cosine Formula: 
cos PB = cos KB cos KP + sin KB sin KP cos n 
le: sin O sec KB = sin D, + tan KB cos O, cos 1 


For convenience take the radius of the Sphere as unity. Then: 
sin O sec KB = sin D. + y COS O, 
And: tan? KB =x + y 
ie sec KB =1+x+y 


E sin’ Ọ (1 + x? + y”) = sin’ O, + 2y sin O, COS O, + y COS” O, 


x? sin? o +y (sin? ( - cos” O, ) -2y sin O, COS O, = sin? O, - sin? o .. . A4.13 


For all points on the Parallel ABC, o is constant and O, is also constant. Thus the 
formula (A4.13) 1s therefore the equation of the curve that represents the Parallel ABC 
on the chart. 
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(7) d. To Construct a Gnomonic Graticule. When the tangent point is on the Equator 
or at the Pole, the Graticule admits a simple geometrical construction. When the tangent 
point is elsewhere, formula (A4.13) must be employed. 


Fig A4-11. The Gnomonic Graticule 


Fig A4-11 (above) shows the Graticule when the tangent point is in Latitude 45°S, 
Longitude 120°W. MK is the Central Meridian, and the other Meridians are inclined to 
it at angles given by: 
tan Y = sin O, tan A 
where O, is 45° and À has successive values 10°, 20°, 30°, etc. 


The position of the Pole (not shown in Fig A4-11) is given by: 
Kp = OK cot O, 


Kp can therefore be marked according to the chosen Scale, and the Meridians drawn as 
lines radiating from p at the angles discovered. 


If b is the point corresponding to Latitude 50°S, Longitude 130°W, and ba is the 
perpendicular from b to MK, the length of Ka in the chosen Scale 1s given by: 


Ka = tan (Q, -Q,) 


where D |, 18 the Latitude of A, the point that a represents on the chart (see 
Fig A4-10 opposite). 


If D, is the Latitude of B, the point that b represents on the chart, Napier’s Rules 
applied to the triangle PBA give: 
tan, = tan @, sec A 
where À is the difference of Longitude between A and B. 


This formula gives D since D, is 50° and A is 10°. Hence Ka can be found. Also, in 
the chosen units: 


ab = tan AcosQ, sec (O, -D,.) 
Thus: ab =tan 10*cosQ, sec (OD, -45 ) 


The point b, corresponding to Latitude 50°S, Longitude 130"W, can therefore be plotted 
with other points where this Parallel cuts the Meridians. 


In this way all the Parallels can be inserted. 


Appendix 4-13 
Original 


BR 45(1)(1) 
PROJECTIONS 


(7) e. Equatorial Gnomonic Graticule. When the tangent point is on the Equator, D, 
is zero, and the general formulae are simplified considerably. The Graticule, however, 
lends itself to a geometrical construction. 


Fig A4-12. Gnomonic Projection - The Equatorial Graticule (1) 


In Fig A4-12 (above) the Central Meridian is KP, and this is represented on the chart 
by KM which is at right angles to OK. The Equator KA projects into the straight line Ka 
at right angles to KM, and any other Meridian, AP, projects into a line at right angles to 
Ka and therefore Parallel to KM. 


The distance between the projected Meridian ab and the Central Meridian is given by: 
Ka = OK tan KOA 
= R tan (d.long between K and A) 
Thus the positions of the Meridians can be decided. 


If B is any point on the Meridian AP in Latitude o , B projects into b, and ab represents 
this Latitude on the chart. Fig A4-13 (opposite) shows the geometrical construction for 
finding the position of b. 


The plane of Projection is represented by MKa in the plane of the paper, and Ka is a 
tangent to the Equatorial circle at K. A is fixed on this circle by its exact difference of 
Longitude from K, and it projects into a. If ab, is now drawn at right angles to Oa, so 
that the angle aOb, is equal to the Latitude of B, the triangle aOb, is equal in all respects 
to the triangle aOb in Fig A4-12 (above). The position of b can thus be marked merely 
by making ab equal to ab}. 


Other points on the Projection of the Parallel through B can be found in the same way. 
Since, however, a Graticule is usually drawn for equal angular intervals of Latitude and 
Longitude, the work can be shortened by drawing radials at the required interval and 
using them for both d.long and Latitude as shown in Fig A4-14 (opposite). 
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Fig A4-13. Gnomonic Projection - The Equatorial Graticule (2) 


Fig A4-14. Gnomonic Projection - The Equatorial Graticule (3) 


Appendix 4-15 
Original 


BR 45(1)(1) 
PROJECTIONS 


(7e cont) 
This same construction can be used for finding the position of the Vertex and the 
Latitude of any point on a Great Circle, the Longitude of which is known. 


Any Great Circle projects into a straight line. Also, a Great Circle cuts the Equator in 
two points 180° apart. In Fig A4-15 (below), Q is one of these points, and g its 
projection. Then, since the Vertex Longitude is 90° from the Longitude of O, the 
position of the Vertex v is found merely by making the angle QOU a right angle. The 
angle uOv, measures the Vertex Latitude. 


If the Latitude of any point x is required, it can be found in the same way, that is, by 
drawing xy at right angles to ug and yx, at right angles to Oy, and making yx, equal to 
xy. The angle yOx, then measures the Latitude of the point X on the Earth to which x 
corresponds on the chart. 


Fig A4-15. Gnomonic Projection - The Equatorial Graticule (4) 
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8. Transverse Mercator Projection - Conversion of Geographical / Grid Coordinates 

The symbols and formulae to be used in the appropriate computer program for the 
conversion of Geographic Position to Grid coordinates and vice versa on the Transverse 
Mercator Projection are set out below and overleaf. 


a. Symbols. The symbols used in these formulae, which correspond to those in use 
in UKHO, are as follows: 
a = semi-major axis of Spheroid (metres) 
b = semi-minor axis of Spheroid (metres) 
e= aaa of Spheroid 
Ai 


n 
a+b 

O = Latitude (radians) 

A = Longitude (radians) 
à, = Longitude of Central Meridian of Grid (radians) 
A=A-A, 

t = tan() 

p = radius of curvature of Meridian (metres) 

all -e?) 

(7 - esing) 
v = radius of curvature at right angles to Meridian (metres) 
ZO - 
(7 — esing) 


2 2 
2 Vv fae cos” Y 


1 p Ue) 
S g — length of Meridian arc from Equator to Latitude Ø (metres) 


0 = Se 


5n? 8ln* 
b(l+n) 1+ + F 


D, = ‘footpoint’ Latitude 
t, = variable, defined above, corresponding to O, 
p; = variable, defined above, corresponding to O, 
v, = variable, defined above, corresponding to O, 
n, = variable, defined above, corresponding to QD, 
E = Grid Easting (metres) 
N = Grid Northing (metres) 
FE = False Easting of True Grid Origin 
EN = False Northing of True Grid Origin 
E" = True Easting 
= E - FE (points East of Central Meridian) 
= FE - E (points West of Central Meridian) 


and: E 
E’ 
N’ = True Northing 
N’ 
k, 


Or: 


=N - FN 
= Scale Factor on Central Meridian (= 0.9996 for UTM) 
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(8) b. To Find the Length of the Meridional Arc Given the Latitude. The length of 
the Meridional Arc is set out in formula (A5.8d) at Appendix 5 Para 6, but is repeated 
here for convenience, in a slightly different form as formula (A4. 14a). 


S, = all J So (22 A sd 
¿=4 e 3077 sin 60 sin 40 


+ 
256 1024 
Es l5e* 525€ 3e?  45e! ca 6 | .. A4.14a 


] +|1+ + + 
sg 32" ze id 4" 64° 236 


c. To Find the *Footpoint” Latitude, Given the True Grid Coordinates. If S, is the 
length of the Meridian arc from the Equator to the true Grid Origin, then: 
N' 
Sa = 8, + y in N hemisphere, - in S hemisphere) 
And where D, is the Latitude of the foot of the perpendicular drawn from a point on the 
Projection to the Central Meridian, D, can be found from S ġl using the formula: 
8011 a 1097n TT Ll 41 E mn” 
É, = 3560” sin Laf 512 sin E 96 128 sin I 
= nd aai (2 oe OE er 
ie gy ee ee 


d. To Convert From Geographical to Grid Coordinates. If an accuracy of + 0.01 
metre is acceptable, terms containing AA°and higher powers of AA may be ignored. 


El AA? 3 AR 5 
= AÀ cos d+ e t? + )+ ee 5. 18t? +t’ + 141? - 5817) 
kv — 6 120 
O py: 479t? + 179t' t°) 
ar ... A415 
And: 
Ni Ss AZ eas ‘ols t? + 917 A) 
ins z sin É cos @ zg É cos @ 1 17 
AX E 5 2 4 2 LA 
+79 sin @ cos W(61- 581? + 1* + 27017 - 330417”) 
8 
+ Fa a5g Sing cos’ P(1385- 3111t? + 543t*- 1%) ...A4.16 


e. To Convert From Grid to Geographical Coordinates. Ifan accuracy of+ 0.001" 

is acceptable, terms containing (E ')' and higher powers of E ‘may be ignored. 

o 9 (ey (ey 

t, t 2k, p, V, 24k," Pp, Vv, 

Š = 90t? + 451 + 4677? - 25217? - 90t n) 
720k p, Vv, 1 1 1 1 1 I 1 


(E) 


(5+ 31 +, - 9, - 47) 


1 


+ 70320k,'pv7 385 36331 + 4095t, + 1575t,") - AG.17 
And: ] m e 
AA cosQ, = = ae (7+ 2t + n’ )+ ae 281 + 24t*+ 6n + 8177) 
is 6621? + 1320t + 720t,°) A4.18 
5040k; vý i ! OS 
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APPENDIX 5 
THE SPHEROIDAL EARTH 


1. Scope of Appendix 
Appendix 5 contains the following information for the Spheroidal Earth: 


e Para 2: The Equation of the Ellipse. 

e Para 3: Geodetic Latitude, Geocentric Latitude & Parametric Latitude. 
e Para 4: The length of the Earth’s radius in various Latitudes. 

e  ParaS5: The length of one minute of Latitude - The Sea Mile. 

e Para 6: The Length of the Spheroidal Meridional Arc. 

e Para7: Meridional Parts for the Spheroidal Earth. 


Zs The Equation of the Ellipse 

When a point M (see Fig AS-1 below) moves so that its distance from a fixed point S (the 
focus) is always in a constant ratio e (less than unity) to 1ts perpendicular distance from a fixed 
straight line AB (the directrix), the locus of M is called an ellipse of Eccentricity (e). The 
Equation of the Ellipse takes its simplest form when the co-ordinates of S are (-ae, 0) and the 
directrix AB is the line: a 


b = Semi-minor (Polar) Axis 


Fig A5-1. The Ellipse 


From Fig A5.1: MS = eMC and MC=x+ 2 
e 
(MS) = y? +(x+ ae) 
2 
a 
a els e = (x+ ae) + y? 
e 


le  (1-e?)x?+ y? = a (1-e?) 


This may be written in the form: 


2 2 


y ... AS.1 
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(2 continued) 


where: b = a (l-e) ...A5.2 


Pe 1/2 
ie e | q? | ... (formula 3.2) 


The ellipse corresponds to a cross-section of the Earth, where a is the Equatorial and b 
the Polar radius. As b is less than a, the Earth is ‘flattened’ in the Polar regions. 


The Flattening or ellipticity of the Earth may be defined by a quantity f where: 
a-b 
f = 


a 


. . (formula 3.1) 
From formulae (3.1) and (3.2): 
2 1/2 
e=(2f- f°) _.. (formula 3.3) 


The quantities a, e and f are used regularly in the solution of Rhumb Line and Great 
Circle sailing problems on the Spheroid. 


3. Geodetic Latitude, Geocentric Latitude and Parametric Latitude 


a. Geodetic Latitude and Geocentric Latitude. As stated at Para 0312 and shown 
in Fig A5-2 (below), ( is the Geodetic Latitude and 0 is the Geocentric Latitude of M. 


Geocentric Lat 9 


Geodetic Lat Y 
x—> 


Fig A5-2. Geodetic Latitude and Geocentric Latitude 


In Fig A5-2 (above), if the distance of the point M from the Polar axis OP is x, and its 
distance from the major axis OA is y, these distances or co-ordinates are connected by 
the Equation of the Ellipse on which M lies, 1e: 


x? y 
a p 1 ... (formula A5.1) 
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blank table following the steps: 

1. Measure and record the supply voltage. 

2. Measure and record the lamp current. 

3. Measure and record the zener current. 

4. Wait 30 minutes. 

5. Measure and record the new values of 
voltage and current. 

6. Repeat steps 4 and 5 four times. 


E 
60 (1 hr) 


Expected Results 
Figure 2.34 shows the  breadboarded circuit 
for this project. 
Figure 2.34 
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Y X 
Thus: -~ LE 7 
2p? 
y” = b’ — = 
By differentiation: 
dy ° 
Ta A ere 
dy PO 
dx ya? 


If y is the angle which the tangent MK makes with the X-axis, then, since the slope of 
the tangent is measured by the differential coefficient: 
dy b’ x 


But y is equal to (Ø + 90°) since ML is perpendicular to MK: 


Hence: tan y = -cotQ 
b’ x 
“ cot @= > ... AS3 
a y 
2 
= — cot O 
a 


But ( and 0 are connected by formulae (3.4), (3.5) and (3.6): 


tan O = 7 4 ... (formula 3.4) 
= (1- fY tano . . . (formula 3.5) 
= (J-e) tango -.. (formula 3.6) 


The difference between the Geodetic Latitude and Geocentric Latitude 1s zero at the 
Equator and the Poles and has a greatest value when O =45". 


For the WGS 84 Spheroid, where f= 1/298.257223563, the greatest value of the angle 
OML (6 - 0) is approximately 11.54 minutes of arc (see Para 0312d). 
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(3) b. The Parametric Latitude. As stated at Para 0313 and shown in Fig AS-3 (below), 
P is the Parametric Latitude of M. 


Geodetic Lat Y 


Fig AS-3. Parametric Latitude 


If the co-ordinates of M are (x, y) and WBE is a semi-circle of radius a, centre O. 


OH = OU cos B 
ie x =acosf 
y’ x? > 
But: oa 1- 72 = 1- cos from... (formula A5.1) 


i = b?(1- cos’ p) = b’ sin’ 


y= bsin p 
b 
a — tan P 
x a 
From Fig A5-2: Ze tan O 
X 
And, x j 
y ~ 9 from . . . (formula 3.4) 
b 
.. tan B= — tan ... (formula 3.7) 
a 
= (1- f)tang ... AS5.5 


The difference between the Geodetic Latitude and Parametric Latitude is zero at the 
Equator and at the Poles and has a greatest value when o =45". 


For the WGS 84 Spheroid, where f = 1/298.257223563, the greatest value is 
approximately 5.85 minutes of arc (see Para 0313b). 
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4. The Length of the Earth’s Radius in Various Latitudes 

In Fig A5-2 (see Para 3a), the required Geocentric radius is OM and, if this length is 
denoted by R, it follows that x = R cos 6 and y = R sin @ Hence, by substituting for x and y in 
the equation of the ellipse: 


R’cos°@ R’sin’@ 
w aa 
2 
But, as: b?=a (1- f) then: 
R?\(1- f) cos 0+ sin” 6] = a (1- f) 
When terms in f° (10° x 1.1) are neglected, this equation becomes: 


R (1 - 2f cos” O) = a’ (1- 2f) 


1/2 
l-2 
R= a Ts 
l- 2fcos‘ 0 
When the right-hand side is expanded by the binomial theorem, terms in f* and higher 
powers again being omitted, the equation becomes: 


R= a(l- f)\(1+ f cos*0) 
= al 1- f sin*0) 


Since O varies from o by a small quantity, R may be expressed in terms of the Geodetic 
Latitude (Para 3a) without appreciable error by direct substitution: 


R=a(l- f sing) ... A5.13 
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5. The Length of One Minute of Latitude - The Sea Mile 
The length of the Sea Mile (one minute of Latitude on the Spheroid) may be found from 

the general formula pdø (see Fig A5-4 below) where p is the radius of curvature in the 
Meridian and dø a small increase (in radians) in the Geodetic Latitude o l 

Note: Position ‘C’ is the centre of di 

a circle and arc ‘pdø’ is part of 

its circumference. Thus on the 

Spheroid (Ellipsoid), the 

position of ‘C’ will move 

relative to ‘O’ as arc ‘Pde’ 

moves over the surface 

of the Spheroid. 


Fig A5-4. The Length of One Minute of Latitude (1) 


Fig A5-5 (below) shows an expanded version of Fig A5-4, where dø is a very small 
increase in o . The co-ordinates of M are (x, y); those of M,, representing this small 
increase, are (x - dx), (y + dy). 


M1(x-dx, y+dy) 


d} 
ay — a 
re, 


Xk 


Fig A5-5. The Length of One Minute of Latitude (2) 


Geodetic Lat Y 
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(5 continued) 
The triangle MOM, (see Fig A5-5 opposite) may be considered plane and, if the length 


of MM, is denoted by dí then: 


de | 1 
dx sing 
But, as: dl = pd@ 
de, _ d de 
do do dx 
eas A5.6 
P sing Si do l 
dx may be found as follows: 
2 
pe — tang from... (formula A5.3) 
a 
Thus: = x(1- e*)tanó from... (formula A5.2) 


If this value of y 1s substituted in the general Equation of the Ellipse formula (A5.1) and 
the value of b from formula (A5.2) also substituted, then: 
x x’?(1- e’) tan’ = 
a” all-e) 


x + (U- e )x tang =a’ = x’ (1+ tan’ ġ- e*tan? @) = x’ (sec ġ- e*tan? @) 


e 1 e sin ġ _ 2 
cos @ cos’ @ 
a cos @ 
(7- esing) 


a .. A5.7 
=a COS o1- e’ sin’ p) m 


Differentiating: 
dx -aļl- e )sinġ 


df i (1- esin) 
Substituting in formula (A5.6): 
al1- e?) 
(7 — esing) 
Thus, when dø equals 1' of arc: 


all-e) 
E 1" we (formula 3.9) 
— e sin 


. . (formula 3.8) 


l' of Latitude = 
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Formula (3.9) 1s the theoretical expression for the Sea Mile. The expression may be 
expanded as follows: 


, ler,  1Set o, 
l' of Latitude = asinl'(1-e*)| 1+ z Sin Ø+ g Sin É +... 


Approximating by disregarding terms of e* (10° x 4.5) and higher powers: 


lero, j 
> sin p- e 


l' of Latitude = a sin m1 


3e” 
=a sin Wi e+ Pia COS 20) 


2 2 
e 


=a sin m1 É- E COS 20] 
4 4 


e? 
=a sin I’ fas es COS 29) 
When figures for a and e for the WGS 84 Spheroid are given: 


1' of Latitude = 1852.22-9.315cos 24 (metres) ...A5.8 
Or: 1' of Latitude = 1.00012 - 0.00503 cos 2@ (n. miles) ... A5.8 
1' of Latitude = 1852.22 (metres) or 1.00012 (n.miles) (at Latitude 45 ) 


Compared to the precise formula (3.9), this approximation gives a solution for the Sea 
Mile which 1s correct (for WGS 84 Spheroid) at the Equator, is 0.00127% in error at 
Latitude 45° and is 0.00169% in error at Latitude 90”. 


6. The Length of the Spheroidal Meridional Arc 
In Fig A5-6 (below), where O is the Geodetic Latitude and p the radius of curvature 
in the Meridian, the length R of the Meridional Arc EM may be found from formula (A5.8a): 


$ 
f= | pdo . .. A5.8a (1987 Ed... 5.17) 


The value of p is given in formula (3.8) at Para 0314. 


Fig A5-6. The Length of the Spheroidal Meridional Arc (Copy of Fig 5-6) 
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Following from Fig A5.6 (opposite) and formula (A5.8a), the Meridional Arc length ¢ 
along a Meridian between two Geodetic Latitudes @, and @, may be found from 
formula (A5.8b): 


62 
t=] pdo ... A5.8b 
62 1 
= a(l- e*)| — do ... A5.8c (1987 Ed... 5.18) 
f (1- e” sin Ø) 
Expanding by the binomial theorem: 


7 (1 IS mos 15e* 77 35e° b+ Jag 
=a e ja > sin 3 sin 16 sin’ Qt... 
Each term in the integral may now be integrated separately where: 
n 2 
| sinó dó= [(4- Z COS 26) dø = EE, C 
3 cos 2@ cos e JO sin 20 sin 49 
ne = e d i A a + 
| sin’ 6 ag i(2 2 8 8 4 a 
10 15 cos 20 3 cos 4 cos 
ng ap= [1 19 cos 20, 5 cos 46 cos 68) 
J sin’ dó= (5 32 16 32 
E 109 _ 15 sin LN 3 sin 49 sin LE dla 
32 64 64 192 
Thus: ; 7 , ; 
E >) 3e e sin 9), 15e Es sin 29 sin 2 
l=a(1- e) b+ ACTO ae 7 o 


16 32 6&4 ° 64 19 


The Meridional Arc length l may be determined from formula (A5.8e) for any Spheroid 
of known Equatorial semi-major axis a and Eccentricity e (see Para 0322, Table 3-1), 
and expressed, dependent on what unit is used for a (metres, International Nautical Miles 


35e" = 15sin2ġ  3sin4p e, — 


gl 


etc). 
0 = Jf pdf = a( 49%- A,sin2¢+ A,sindd— A,sin6 d+... 
... A5.8e (1987 Ed... 5.19) 
This may be expanded in the form: 
(= al 4,0- A,sin2¢+ A,sin4g- A,sin69 +...) .. A5.8f 
Thus: f= al 4,(0, — Ø) - A, (sin2¢, — sin2¢, ) 


E A,(sin4¢, = sin4@,)- A,(sin6¢, - sin6 @, ) is |. . . A5.9 


Where, O is measured in radians and 4,, A,, A,, A, are given by: 
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A sl me PELA ° + | 
25 g TE T28" 
te 3; 
ASS he. ae 
256 4 
s= 30725 


Formula (A5.9) [previous page] is large and complex, and ideally a computer 1s needed 
to calculate the Meridional Arc distance 0. However, the Meridional Arc distance ? may 
be calculated to a reasonably high degree of accuracy by disregarding terms of e°(10” 
x 3.1) and higher powers. With this approximation, the Meridional Arc distance ! from 
the Equator to Latitude o may be found from formula (5.24): 


ep 3e q 3e T l5e* j 
TE a ee 
. . . (formula 5.24) 


Tables giving the length of the Meridional Arc for any Latitude (eg at minute of arc 
intervals) may be constructed by computer from the general formula (A5.8e). Tables 
may be computed for any Spheroid and may be expressed in the same units of distance 
used for a. The length of the Meridional Arc between the two different Latitudes can 
then be obtained, and the course and distance calculated between two positions using 
formulae (5.22) and (5.23). Conversely, 1f the course, distance and initial positions are 
known, the final Latitude may be computed from the length of the Meridional Arc and 
the final Longitude from the difference of Meridional Parts. 


An error can arise from the assumption that a distance in International Nautical Miles 
(n miles) can be said to equate to a d.lat measured in minutes of arc or Sea Miles. The 
maximum error in this assumption is of the order of 0.5%. For most purposes, little 
account need be taken of this difference between the n mile and the Sea Mile except 
when precise distances are required, particularly near the Equator or the Poles. 
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Ta Meridional Parts for the Spheroidal Earth 

Tables of Meridional Parts used by cartographers to compute the Graticules for 
Mercator Projection charts must be for Spheroidal Meridional Parts. Astronomical observations 
at sea are made with reference to a horizon which is part of the Spheroidal surface of the Earth; 
thus, tables of Spheroidal Meridional Parts are consistent with the co-ordinates of positions 
found from astronomical observations. 


In Fig A5-7 (below), where x = a cos B and y = b sin 8, the elliptic Meridional section 
of the Earth may be expressed by the equation: 


Paramatic Lat ß 


a 


Geodetic Lat@ 


Fig A5-7. Meridional Section of the Spheroidal Earth 


Ata point M which has co-ordinates (x, y) with reference to O, the centre of the ellipse, 
let the Geographic Latitude be @ . If the radius of curvature at Mis p , the length of an 
element of the Meridian is pd@ . 


In order to measure the Meridional Parts of o , the Meridional Element pdø must be 
expressed in terms of the length of 1 minute of Longitude at Latitude @ . The Longitude 
Scale for this Latitude 1s x/a times the Longitude Scale at the Equator, and the unit of 
Longitude at the Equator is the length of that Equatorial Element which subtends an 
angle of 1 minute of arc at the centre of the Earth. The length of this element 1s a 
divided by the number of minutes in 1 radian, that is: 47 
10800 
The length of a minute of Longitude at Latitude @ is thus: 


x an XIT 
x or 
a 10800 10800 
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And, the number of Longitude units in the Meridional Element Pa®@ is: 


XÆ 4, 10800 p, 


Pob = 79800 r 
The Meridional Parts at Latitude L are given by the equation: 
10800 ç: 
Mer Parts L = ——| ay 
T "9 x 
Which, from formulae (3.8) and (A5.7): 
10800; all-e) 1 
Mer Parts L = —— | AA eee O 
m °° (1- esin’) a cos o(1- e’ sin’ $) 
i sal 1- Jag 
O a 6 ... A511 
10800 ç: 
Mer Parts L = a? secg|1- e*cos’ b( 1+ e sin’ + e* sin’ + e*sin* Pt... ) lap 
10800 


L 
Mer Parts L = > (secó- e’ cos- esin’ ġ coso - e°’ sin’ cos@-... lag 


10800 E" es Lo Ea 
Mer Parts L = -a log, tan RE - e sink - F Ls zo Ls | 
. . . (formula 5.21a) 


From formula (5.21a), a simplified numerical formula (ignoring e° and higher powers) 
for the WGS 84 Spheroid, giving the Meridional Parts ‘m’ correct to three decimal places 
1S: 
L? , E 
Mer Pats L = 7915. 7045log „tan| 45% = — 23.01358 sin L- 0.05135 sin’ L 
. . . (formula 5.21b) 
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APPENDIX 6 
VERTICAL AND HORIZONTAL SEXTANT ANGLES 


Scope of Appendix 
Appendix 6 contains the following information: 


° Para 2: Vertical Sextant Angles (VSAs). 
° Para 3: Horizontal Sextant Angles (HSAs). 


Vertical Sextant Angles (VSAs) 


a. Base of the Object Visible to the Observer. As stated at Para 0803h, a Position 
Line may be obtained from the observation of the Vertical Sextant Angle (VSA) of an 
object (eg 10 foot pole, lighthouse etc) whose base is visible to the observer, by 
multiplying the known height of the object by the ‘cot’ of the observed angle. 


Distance = Visible Height of Object x Cot (Observed Angle)  .. . (formula 8.1) 


A table of ‘Distance by Vertical Angle” for ranges up to 7 n. miles is provided in Norie’s 
Nautical Tables, for objects whose base is visible to the observer. At such short ranges, 
the effect of Atmospheric Refraction is ignored. 


b. Base of the Object Beyond the Observer’s Horizon. A Position Line may also 
be obtained from the observation of the VSA of an object (eg distant mountain peak) 
where the base 1s out of sight beyond the observer’s horizon, but the calculation is more 
complex, and some approximations are necessary. 


Parameters. At Fig A6-1 (overleaf), the following parameters are established: 
e C is the Centre of Curvature of the Earth, with a local Radius of Curvature R. 
e AD 1s the height of eye h. 
e B1isamountain summit whose height BE is H above the prevailing sea level. 
e DE 1s the required distance d, while the angle measured between the mountain 
top and the observer’s horizon is represented by the angle JAF. 


Terrestrial Atmospheric Refraction. The angle J4F takes account of the terrestrial 
Atmospheric Refraction r, which ‘bends’ the ray of light as it proceeds through the 
atmosphere between object and observer. Thus, the top of the mountain B is seen in the 
direction AJ, while the horizon G is seen in the direction AF. These two lines 4J and AF 
are tangential to their respective curved rays of light (shown as pecked lines in 
Fig A6-1). At long range with high objects, terrestrial Atmospheric Refraction amounts 
to approximately 8% of the distance in n. miles of the object, expressed in minutes of arc; 


thus an initial approximate estimate of distance is required. 


Dip. AK is the horizontal at the observer’s position and the angle KAF is known as the 
Angle of Dip (Dip), defined as the angle between the horizontal plane through the eye 
of the observer and the apparent visible horizon. It 1s always present when the 
observer’s eye 1s above sea level. Dip is tabulated in the Nautical Almanac and in 
Norie’s Tables. Dip and Atmospheric Refraction are explained fully in BR 45 Volume 
2 Chapter 8; both must be subtracted from the Observed Altitude of the object to obtain 
its True Altitude. 
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(2b continued) 


Refraction (r) 


Fig A6-1. Position Line by Vertical Sextant Angle - Base of the Object Beyond Horizon(1) 


Explanation. The apparent altitude of B as measured from the sea horizon, when 
reduced by Dip, is the angle JAK, a. The True Altitude of B, the angle BAK, is (a - r), 
where r is the amount of Atmospheric Refraction JAB. 


Earth’s Radius. The Radius of Curvature of the Earth varies slightly with both Latitude 
and the Azimuth of the cross-section concerned. However, for most practical purposes 
it is sufficiently accurate to use a fixed Radius of Curvature of 3437.75 n. miles; this 
may result in a distance error which should not exceed 0.32%. The calculated distance 
d would then be expressed directly in n. miles, regardless of Latitude or Azimuth. 


Calculation. At Fig A6-1 (above) and at Fig A6-2 (opposite) in the triangle CAB: 
CA= R+h 
CB= R+H 
CAB = 90°+&-r 
CBA = 180°-(d + 90°+a@-r) = 90°-d-atr 
sin CBA R+h _ sin 90°-(d + a-r) _ cos (d+ a-r) 
sin CAB R+H sin 90°+(@-r) coslæ-r) 
.. A6.1 


“cos (arr) 
pa g &-r 
Distance d may be found from formula (A6.1): see Example A6-1 (opposite). If the 
estimated distance is too much in error, a second approximation will be necessary. 


cos (d+ &œ-r)= 
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(2b continued) 


K (Horizontal) 


Fig A6-2. Position Line by Vertical Sextant Angle - Base of the Object Beyond Horizon(2) 


Example A6-1. A mountain 1646 m (5400 ft) high is observed at a range of about 25 n.miles. 
The observer’s height of eye is 7.6 m (25 ft). The VSA of the summit is 1°59'.3. Index Error 
of the sextant is -1'.3. What is the range of the mountain? 


Observed angle 1°59.3 
Index error -1'.3 
1°58'.0 
Dip -4'.9 
Apparent Altitude («) 1°53'.1 
Refraction correction (r) (8% of 25 = 2.0) -2'.0 
True altitude (a - r) 1°51'.1 (1.8517) 


R = 3437.75 n. miles 
H = 0.8888 n. miles 
h = 0.0041 n. miles 
, 3437.7541 : 
cos (d + 1.8517°) = 3438 6388 cos 1.8517 . . . (formula A6.1) 


d = 2.2621°-1.8517° =0.4104” = 24.6 n. miles 


Effect of Abnormal Refraction on Accuracy of Calculation. Long-range Position 
Lines obtained in this way are of little value if Abnormal Refraction is suspected (see 
BR 45 Volume 2 Chapter 8). Abnormal Refraction 1s likely to be present when the 
temperature of the water and that of air differ considerably. 


CAUTION 


PRACTICAL USE. This method of obtaining a Position Line has a limited application 


and while useful in giving a reasonably satisfactory long-range Position Line on a single 
isolated peak (eg Mount Teide at Tenerife in the Canaries), it should ALWAYS be used 
with PARTICULAR CAUTION, and should NOT be used with a mountain peak which 
forms part of a mountain chain unless it has been positively identified. 
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3. 


Horizontal Sextant Angles (HSAs) 


a. Rapid Plotting Without Instruments - HSA Lattice. To enable Fixes obtained 
by Horizontal Sextant Angles (HSAs) to be plotted rapidly without instruments, a lattice 
of HSA curves (HSA Lattice) may be constructed on a chart. Each curve gives the 
constant angle between a pair of suitably placed Fixing marks, and is an arc of a circle. 
If a set of curves is plotted for each of two pairs of marks, then, having observed the 
angle between each pair simultaneously, the observer can plot the resultant Fix 
immediately at the intersection of the two curves corresponding to the two angles. A 
sufficient number of curves must be drawn to enable the observed angles to be plotted 
conveniently by interpolation between the HSA Lattice lines. 


b. Preparation of an HSA Lattice. The preparation of an HSA Lattice is illustrated 
at Fig A6-3 (opposite). At Fig A6-3, consider the pattern of arcs which may be 
generated from one pair of objects 4 and B. Three arcs are shown: AEB, ADB, ACB. 
Their centres O, P, Q respectively, all lie along the perpendicular bisector FO of the base 
line AB. Then, consider one arc AEB. Let QO ( the distance of the centre of the arc 
from the base line) be x, where d is the length of the base line and @ is the angle 
subtended by the chord AB on the circumference of the circle through AEB. 


Thus: x = %dcot @ ... A6.2 


Formula (A6.2) may now be used to construct the lattice for all required angles. 


c. Fixing Objects Within the Boundaries of the Chart - Chart D6472. Chart 
D6472 (Diagram for Facilitating the Construction of Curves of Equal Subtended Angles) 
is issued by UKHO and enables the observer to plot any lattice of HSA curves on any 
chart or plotting sheet, provided that all the Fixing objects lie within the boundaries of 
the chart. Full instructions as to how to use Chart D6472 are printed on it. 


d. Fixing Objects Outside the Boundaries of the Chart. Ifthe Fixing objects do not 
lie within the area of the chart, the following procedure will enable the observer to plot 
a customised HSA Lattice. 


° Lay out on an appropriate space, such as the floor or deck, the chart or 
plotting sheet on which the HSA Lattice is required. Represent the HSA marks 
with pins placed in their correct relative positions. 


. From the largest Scale navigational chart which shows the Fixing marks, 
measure, as accurately as possible, the distance between them. Convert these 
distances to the desired Scale of the HSA Lattice to obtain the distances 
between the pins on the floor. The simplest method for this Scaling up 1s to 
find a multiplication factor (eg if the navigational chart has a natural Scale of 
1:50,000 and the ASA Lattice is to have a Scale of 1:10,000, then all chart 
lengths taken off the former must be multiplied by 5 [1e 50,000 / 10,000]. If 
two objects, A and B, are found to be 150 mm apart of the navigational chart, 
the pins should be placed 750 mm apart (ie 150 x 5) on the HSA Lattice). 


e Measure the angle between the base lines («œ in Fig A6-4 opposite) and lay this 
off on the floor. Measure the appropriate floor lengths and mark the position 
of the third object C. Ifthe grid co-ordinates of the Fixing marks are known, 
the accuracy of all these measurements should be checked by calculation. 
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Angles above the baseline (ie at “Y”) 
represent HSAs of less than 90° 


Circle centred on O 
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Fig A6-3. Pattern of Arcs Generated From One Pair of Objects 
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Fig A6-4. Construction of an HSA Lattice 
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(3d continued) 


Next, the exact position on the floor for the HSA Lattice chart must be found. 
On the largest Scale navigational chart which shows both the HSA Lattice area 
and the Fixing marks, draw in the limits of the HSA Lattice chart. Measure 
the distances from each of the Fixing marks to all four corners of the HSA 
Lattice (Aa, Ab, Ad, Ac, Ba, Bb, etc). Scale up these distances by the 
appropriate multiplication factor, and then, by striking off arcs on the floor, 
Fix the positions of the corners of the HSA Lattice. Pin down the outline HSA 
Lattice chart in this position. 


On the floor, draw the base lines and their perpendicular bisectors. Where the 
floor surface is unsuitable for drawing, tightly stretched thread can be used. 


On the perpendicular bisectors of the base lines mark the centres of the arcs 
to be drawn (4d cot O from the base line). Strike off two arcs from each pair 
of objects giving an intersection at each end of the HSA Lattice area. Asa 
check, compare for accuracy the geographical positions of the intersections 
thus obtained with Fixes plotted by Station Pointer using the same angles on 
a navigational chart which shows the objects and HSA Lattice area. This will 
reveal any inaccuracy in the construction of the HSA Lattice. 


Finally, complete the HSA Lattice, using red ink for the curves generated from 
the left-hand angles as viewed from seaward, and green for the right-hand 
angles. On large-scale HSA Lattices, an alteration of firm and pecked lines 
in each pattern may improve the clarity of the HSA Lattice. If the curves do 
not cut at a satisfactory angle or are too widely spaced in any part of the chart, 
other objects can be taken and the curves generated from them drawn in the 
appropriate area, with colours other than red or green being used. The general 
form of the completed HSA Lattice is shown in Fig A6-5 (below). 
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Fig A6-5. Lattice of HSA Curves 
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APPENDIX 7 
DOUBLING THE ANGLE ON THE BOW 


1. Scope of Appendix 
Appendix 7 contains ‘Doubling the Angle on the Bow’ and the effect of Current and/or 
Tidal Stream on this technique. 


2. Doubling the Angle on the Bow and Effect of Current / Tidal Stream 


a. Doubling the Angle on the Bow - Concept. If a ship holds a steady course until 
the bearing of an object on its bow 1s doubled, the position at which this occurs forms 
an isosceles triangle with the first position and the object, and its distance from the 
object is equal to the run between the observations. If the ship experiences a Current 
or Tidal Stream in the meantime, an allowance must be made to avoid an error in the 
final position calculation. In practice, it will usually be more convenient to solve a 
problem of this type by plotting it on the chart and transferring the position lines as 
necessary. However, the following theory may be regarded as general. 


b. Doubling the Angle on the Bow in a Current / Tidal Stream. In Fig A7-1 
(below), AB is the course of the ship, and BC 1s the Tidal Stream. AB and BC combine 
to give the Ground Track, AC. 


Fig A7-1. Doubling the Angle on the Bow in a Current / Tidal Stream 


If X is some object observed from the ship, when the ship is at 4, the angle on the bow 
is XAB, denoted by «. When the ship is at C, it is assumed for the purpose of this 
problem that the angle on the bow has been doubled. At this point the fore-and-aft line 
is in the direction CE, parallel to AD, and the angle XCE is thus 2a. 
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(2b continued) 
EC produced meets AX in F. The angle CFX is therefore equal to the angle CXF, and 
FC is equal to CX. CG is drawn parallel to XA. The angle CGB is therefore equal to a, 
and, since FAGC 1s a parallelogram: 


CX =AG=AB -GB 


AB, the distance resulting from the ship’s known speed and the duration of the run, can 
be found at once, but GB must be calculated from the triangle GCB. 


GB sin GCB sin GCB 
Thus: Se And: GB= BC—— 

= BC sin BGC = sin X 
If BC is denoted by d (the amount of Drift during the run) and the angle CBD by Q , the 
angle GCB is (6 - a) and: 
d sin( o- ar) 


sin A 


CX = AB- .(@> æ) ... A7.1a (1987 Ed... A7.8) 


If o is less than a, CX is given by: 
d sinl oz - o) 


sin Œ 


CX = AB + ...A7.2a (1987 Ed... A7.9) 


These formulae are correct when the Current or Tidal Stream carries the ship to the same 
side as the object. However, when the Current or Tidal Stream carries the ship to the 
opposite side to the object, it can easily be shown that CX is given by: 


d sin 6 + a) 


sin O 


CX=AB+ . . . A7.3a (1987 Ed... A7.10) 
The distance of the ship from the object at the instant of the second observation can 
therefore be found in both cases. 


Example A7-1. At 1000 an object is seen to bear 040° to an observer on board a ship steering 
075° at 16 knots in a Tidal Stream setting 300° at 3 knots. At 1030 the same object bears 005”. 
How far is the ship from the object at 1030? 


At 1000 the angle on the port bow is (075°-040°) or 35°. At 1030 the angle is 
(075° -005°) or 70°. Also, the angle o is (75° -300° + 360°) or 135°. The ship’s run in 
30 minutes 1s 8', and dis 1'.5. Both the Set of the Tidal Stream and the object are to port. 
The distance of the ship from the object at 1030 is therefore: 


1'.5 sin (13533) . . . (formula A7.la) 
sin 35° 
1.5 sin 100° 
sin 35° 
The position of the ship at 1030 is thus Fixed by a bearing and distance of 005° and 5'.4, 
and it is necessary to plot only the true bearing. If the Set had been in the opposite 
direction, 120”, O would have been equal to (120° - 75°) or 45°, and the distance would 
nag DEEN 1'.5 sin (45°+35°) 


Distance = 8'+ === = & + 2.6°= 10.4 
oe? ... (formula A7.3a) 


Distance =8' - 


= §’ = 8’ - 2.6'=5.4' ... (formula A7.3a) 
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(2) c. Effect of the Tidal Stream when o has Particular Values. The general formula 
is simplified considerably when ( has certain values. These values and adjustments 
are: 


e When ( is Equal to Zero. This means that the direction of the Current or 
Tidal Stream is the same as the course steered. Then, by substitution: 
CX =AB+d 


e When ( is Equal to 180°. The Current or Tidal Stream is now in a direction 
opposite to the course steered, and: 
CX =AB -d 


e When ( is Equal to œ. This means that the direction of the Current or Tidal 
Stream 1s that of the first true bearing, and: 
CX =AB 


e When ( is Equal to (180° - œ). The Current or Tidal Stream is now in a 
direction opposite to the first true bearing, and again: 
CX =AB 


e When ( is Equal to 2a. This means that the direction of the Current or 
Tidal Stream is that of the second true bearing, and: 
CX =AB -d 


e When ( is Equal to (180° - 2a). The Current or Tidal Stream is now ina 
direction opposite to the second true bearing, and: 
CX =AB+d 
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INTENTIONALLY BLANK 


(APPENDICES 8 & 9 ARE SPARE AND APPENDIX 10 IS IN PART 2) 
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To multimeter 
set to mA 


To multimeter 
set to mA 


stase roret 
n.o.. DP «¿0% 


s.r +» 


To multimeter opis 


..... 
.. 


set to volts 
lz Vs 
Compare your measurements with the ones 
shown in the following table. You should see 
a similar trend in the measured values, but 


not exactly the same values. 
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INDEX-GLOSSARY 


1. Purpose - ‘Technical Terms’ 


The purpose of this “Index-Glossary’ is to provide a quick method of locating the 
primary definition and/or explanation of each of the ‘technical terms” used in BR 45 Volume 1, 
together with the location of other occurrences of their use. 


2. Italicised Terms. 


“Technical terms’ (as described above) are indicated in the text of BR 45 Volume 1 by 
being italicised. Exceptionally,“Notes”, ‘Examples’ and ‘lettered notations’ referring to diagrams 
or included in formulae are also italicised to enhance clarity, but are NOT included in the Index- 


Glossary. 


3. Primary and Secondary References. 
Within this Index-Glossary, the primary definition and/or explanation of an ‘italicised 
technical term’ is given in bold type, with secondary occurrences given in ordinary type. 


4. Explanatory Notes in the Index Glossary 


Some words have more than one meaning (eg ‘compass Bearing .... 
, or “Sphere [Earth’s shape]’ and ‘Sphere [soft-iron, for magnetic compass]”). Where 


mind ....’ 


> 


and ‘bearing in 
bearing 


appropriate, to avoid the risk of confusion between similar terms, a brief explanatory note to 
indicate the context is included in the Index-Glossary, in addition to the paragraph locations. 


5. Scope 


This Index-Glossary gives the paragraph location of instances of the italicised technical 
terms used in BR 45 Volume 1. Instances of words used in a sense which is NOT a technical 
term (eg “bearing in mind ....’ see Para 4 above) are NOT included in the Index-Glossary. 


Italicised Technical Term 


2nd and/or 3rd Trace Echoes (Radar) 
ABC Table Method 

Abnormal Refraction 

Abnormal Waves 


Absolute Position (Naval Command Systems) 


Absolute Position (Navigational Errors) 
Acceleration Distance (Manoeuvring Data) 
Accuracy (Navigational Errors) 
Acquisition (Radar / ARPA) 

Additional Military Layers 

Admiralty Digital Publications 
Admiralty List of Lights and Fog Signals 
Admiralty List of Radio Signals 
Admiralty Raster Chart Service 
Admiralty Sailing Directions (Pilots) 
ADPs (Admiralty Digital Publications) 
Advance (Manoeuvring Data) 

Advising (Management) 

Aerial Rotation (Radar) 

Aero Lights (Light characteristics) 
Aeromarine Lights (Light characteristics) 
AGC (Automatic Gain Control - Radar) 


Primary / Secondary References (Primary References in BOLD) 


1515, 1518, 1530. 
0210. 
0803, 0933, 1603, App 6. 
1125, 1812. 
0111. 
1602. 
0714, 1314 
1602-1603, 1611, 1620, Anx 16A. 
1703. 
See AML. 
See ADP. 
See ALLFS. 
See ALRS. 
See ARCS. 
See Sailing Directions. 
0640. 
0714, 1310-1311, 1314, 1315. 
1910. 
1510. 
0931. 
0931. 
1514. 
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Primary / Secondary References (Primary References in BOLD) 


Agulhas Current 

AHO (Australian Hydrographic Office) 
Airy Spheroid 

AIS (Automatic Identification System) 


Aleutian Current 

ALLFS (Adm. List of Lights and Fog Sigs) 
ALRS (Admiralty List of Radio Signals) 
Alternating (Light characteristics) 

Altitude (Sextant) 

AMLs ( ENC - Additional Military Layers) 
Amphidromic Points (Tides) 

Amplitude (Tidal Wave Height) 
Amplitudes (Tidal Harmonic Constituents) 
Anchor Bearings 

Anchoring 

Angle of Dip 

Angle on the Bow 

Annual Notices to Mariners (UKHO) 
Annual Summary of Notices to Mariners 
Antipodal / Antipodal Point (Tides) 
Antipode (Tides) 

Aphelion (Tides) 

Apogean Tide (Tides) 

Apogee (Tides) 

Apparent Angle (Hydrographic Survey) 
ARCS (Admiralty Raster Chart Service) 
Arcs (S African Regional Datum) 

Area (Projection property) 


Areas to be Avoided (Traffic routing system) 


ARPA (Automatic Radar Plotting Aids) 
Arrival Gates 

Arrival Point 

Aspect 

Astronomical Position Line 
Atmospheric Refraction (Radar) 
Atmospheric Refraction (Visual) 
Attenuation (Radar) 

Australian Hydrographic Office 
Automatic Gain Control (Radar) 
Automatic Identification System 
Automatic Radar Plotting Aids 
Auxiliary Light (Light characteristics) 
Axis (Earth) 

Azimuth 

Azimuth Circle 

Ballistic Deflection (Gyro) 

Ballistic Tilt (Gyro) 

Bands (Light Structure Descriptions) 
Bands of Latitude (UTM) 

Bandwidth (Radar) 

Bank Effect (Canal Effect / Interaction) 
Barycentre (Tides) 

Base Extension (Hydrographic Survey) 


Base Extension Triangulation (Hyd. Survey) 


Base Line (Hydrographic Survey) 
Bathymetric Charts 
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1124-1125. 

0632. 

0322, 0331. 

0331, 0950-0954, 1230, 1240-1241, 1317, 1319-1320, 1520, 1921, 
1923. 

1124 -1125. 

0612, 0640, 0803, 0930-0931, 0932, 0934, 0940, 1311. 
0322, 0323, 0640, 0910, 0912-0913, 1111, 1240-1241, 1311, 1518. 
0930. 

0803, App 4. See also Observed Altitude, True Altitude. 
0632. 

1052. 

1021. 

1030-1031. 

1415. 

1401, 1410-1419, 1501. 

See Dip. 

1527, 1703, 1722. 

1221. 

1111, 1211. 

1012-1013,1015. 

See Antipodal / Antipodal Point. 
1016. 

1015. 

1015. 

See Cocked-up Angle. 

0614, 0930. 

0322. 

0410, 0411, 0413-0414, 0451. 
1111, 1221. 

0950, 1317, 1324, 1525, 1526, 1701, 1702, 1921, 1923. 
1112, 1214, 1312, 1330. 

1112. 

See Angle on the Bow. 

See Position Line. 

1515. 

0803, 0932, 0933, 1515, App 6. 
1510, 1516. 

See AHO. 

See AGC. 

See AIS and W-AIS. 

See ARPA. 

See Subsidiary (Auxiliary) Light. 
0111, App 2. 

0324, 0541, 1326, App 6. 

0802. 

0920. 

0920. 

0930. 

0451. 

1513, 1523, 1529. 

1220, 1332. 

1011-1012, 1016. 

1820, 1825. 

1820. 

1820-1822, 1825, 1831. 

0611. 


Italicised Technical Term 


Beam Mark / Marks (Anchoring) 
Beam Width (Radar) 

Bearing (Projection property) 
Bearing Error (Navigational Errors) 
Bearing Lattices 

Bell (Fog signal) 

Benguela Current 

Bergy Bits (Ice) 

Bernoulli Phenomenon (Interaction) 
Bias (Navigational Errors) 

Blind Pilotage 


Block Coefficient (Cb) 
Blockage Factor (Interaction) 
Blunders (Navigational Errors) 
Bore (Tides) 

Boundary Layer (Water flow) 
Bow Dome (Warship sonar) 


Bracketed Corrections (Obsolete from 1986) 


Brazil Counter-Current 

Brazil Current 

Breast (Berthing) 

Bridge Swinging Circle 
British National Grid 

British Standard Nautical Mile 
BSB (NGA RNC format) 
Bubble Times 

Buoyage System 

Cable (Distance) 


CADET (Compass to True Add East) 


California Current 
Canal Effect 


Canal Speed (Canal Effect / Interaction) 


Canary Current 

Cardinal Marks (Buoyage System) 
Carrier Sense TDMA (AIS) 
Cartesian Coordinates 


Category of Zone of Confidence (ENCs) 
CATZOC (Categories: Zones of Confidence) 


Cb 


CDMVT (Cadbury’s Dairy Milk Very Tasty) 


Celestial Pole 
Celestial Sphere 


Central Meridian (Transverse Mercator) 


Centre of Curvature (Earth) 
Centre of Gravity (Ship) 
Centre of Gravity (Tides) 
Centre of Windage (Ship) 
Centrifugal Force (Tides) 


CEP (Circular Error Probable - Nav. Errors) 


Character / Characteristic (Lights) 


Charge (Navigational Charge of a vessel) 


Chart Correction Log 
Chart Datum 
Chart Lengths (Meridional Parts) 
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Primary / Secondary References (Primary References in BOLD) 


1410, 1413. 

1510, 1512, 1519, 1522, 1523. 

0411, 0414. 

1603-1623. 

0808-0809, 1313. 

0934 0940. 

1124 -1125. 

1531. 

1220. 

1611, 1612, Anx 16A. 

0902, 0923, 0612, 0715, 0720, 1111, 1233-1234, 1301, 1310, 
1311-1315, 1316, 1317-1320, 1321, 1323-1325, 1327-1328,1401, 
1413, 1415, 1501, 1520, 1521, 1911-1912, 1921-1925, 1931-1933. 
1220. 

1220. 

1603, 1610, 1621. 

1021. 

0925. 

1332, 1412, 1414, 1418-1422, 1423, 1425. 
0624. 

1125. 

1124 -1125. 

1422, 1425. 

1415, 1418. 

0331, 0431, 0452. 

0113. This term is discontinued - see International Nautical Mile. 
0632. 

0715, 1214, 1234, 1312, 1330, 1415. 

See IALA Maritime Buoyage System. 

0113. 

0124, 0125, 0811. 

1124 -1125. 

1220, 1234, 1322, 1332. 

1220. 

1125. 

0941. 

See CSTDMA. 

0206, 0324, 0333, 0412, 0414, 0450. 

See CATZOC. 

0625-0626, 0805. 

See Block Coefficient. 

0124, 0811. 

0920. 

0116. 

0414, 0421, 0431, 0450, 0451, 0452, App 4. 
App 6. 

1220. 

1011. 

1334. 

1012. 

1602, 1615-1616, Anx 16B. 

0930, 0933, 0942. 

1312, 1323, 1326, 1910, 1912, 1923-1924, 1931-1932. 
1311. 

0624, 1060-1061, 1233, 1321, 1813, 1820, 1828. 
0422, 0424. 
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Italicised Technical Term Primary / Secondary References (Primary References in BOLD) 
Chernikeef (Speed) Logs 0925. 
Circle of Error (Navigational Errors) 1615, Anx 16B. 

95% Circle of Error (Nav Errors) 1613, Anx 16B. 


Circular Error Probable (Navigational Errors) See CEP. 

Circular Normal Distribution (Nav. Errors) Anx 16B. 

Clarke Spheroid (1880) 0424, 0531. 

Clearing Bearings (See also Clearing Lines) 0715, 0720, 0942, 1310, 1312, 1315, 1319, 1322, 1328, 1330 

Clearing Lines (Clearing Ranges / Bearings) 0715, 0720 0942, 1210, 1214, 1233, 1310, 1312, 1315, 1317, 1319- 
1320, 1322, 1328, 1330, 1413, 1923, 1931 


Clearing Marks 1233. 

Clearing Ranges (See also Clearing Lines) 0715, 0720, 0942, 1232, 1233, 1310, 1315, 1316-1317, 1319, 1322, 
1328, 1330. 

Clipping (Radar) 1514, 1520. 

Closest Point of Approach See CPA. 

Clutter (Radar) 1510, 1513-1514, 1515, 1523, 1526. 

Coastal Navigation 0714, 0716, 0721, 0902, 0923, 1101, 1110-1111, 1201, 1210-1214, 
1222, 1230-1238, 1301, 1311, 1316, 1320, 1327, 1527, 1911, 1920, 
1930. 

Coastal Warnings (Radio) 0615. 

Coastlining Board (Hydrographic Survey) 1829. 

Cocked Hat 0805, 0811-0812, Anx 16B, 1814, App 10. 


Cocked-up Angle (Hydrographic Survey) 1824, 1826. 
COG (Course Over G’d / Ground Track AIS) 0951 


Co-Latitude 0208, App 4 

Cold Moves (HM Dockyard Ports only) 1304. 

Collimation Error (Sextant) App 10. 

ColRegs (Int. Regs: Prevention of Collision) 0954, 1221, 1235, 1240, 1312, 1520, 1526, 1722. 
Command (Command of Ship) 1910-1913, 1923-1924, 1931-1933. 
Commercial Service (Galileo) See CS. 

Compass North 0122, 0123. 

Compass Rose 0124, 0411, 0624, 0711, 1312. 
Compass Rose Correction (Rose Correction) 0124. 

Composite Errors (Navigational Errors) 1610. 

Composite Group Flashing (Lights) 0930. 

Composite Group Occulting (Lights 0930. 

Composite Track 0201, 0202, 0207, 0209, 0442, 0520, 0522, 0622, App 2. 
Con (Conning orders) 1304, 1312, 1316, 1319, 1322, 1910. 
Conduct (Navigational Conduct of Ship) 1238, 1910, 1912. 

Cone (Projections) App 4. 

Conformal Projection See Orthomorphic Projection. 
Conical Projections 0413, 0414, App 4. 

Conjunction (Tides) 1017. 

Conning (Manoeuvring orders) See Con (Conning orders). 
Conning (Systems - IBS) 1236. 

Constant of the Cone (Mercator Projection) 0421, App 4. 

Contiguous Zones 1111. 

Continuous Uniform Distribution (Nav Error) See Rectangular Distribution. 
CONTRARY Name (Hemispheres) 0208, 0211. 

Control (Hydrographic Survey) 1820. 

Control / Controlling (Manoeuvre of ship) 1910, 1912, 1924, 1932. 

Control Points (Hydrographic Survey) 1820. 

Controllable Pitch Propellers See CPP. 

Conventional Direction of Buoyage 0941. 

Convergence (Meridians) 0421. 

Coral 0803, 1222, 1237, 1328. 

Co-Range (Charts) 1050, 1052. 

Coriolis Force 1122. 
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Italicised Technical Term 


Corpos Mortos (Stern-To Berthing) 
Corrected Mean Latitude 

Corrected Mean Latitude Sailing 
Correlation Speed Logs 

Cosine Formula / Method / Rule etc 
Co-Tidal (Charts) 

Course (Chart projections) 

Course (Geodesic - Spheroidal) 

Course (Great Circle) 

Course (Naval Command Systems) 
Course (Rhumb Line - Spherical) 
Course (Rhumb Line - Spheroidal) 
Course (Sailings) 

Course Made Good 

Course Over Ground (Ground Track - AIS) 
Courses to Steer 

Course-Up (Radar / ARPA) 

CPA (Closest Point of Approach ) 
CPP(Controllable Pitch Propellers) 
Cross Index Range (Parallel Index) 
Cross Track Error (Hydrographic Survey) 
Cross Track Error (Nav Errors - Bias) 
CS (Commercial Service - Galileo) 
CSTDMA (Carrier Sense TDMA - AIS) 
Current / Currents 


Cyclone / Cyclones 

Cylindrical Orthomorphic Projections 
Cylindrical Projections 

d.lat 

d.long 


d[rms] (Navigational Errors) 
Id[rms] (Navigational Errors) 
2d[rms] (Navigational Errors) 
Datum / Datums (Geodetic) 


Datum Shift 

Daybeacons (USA / Canada) 

Daymarks 

Daytime Lights (Light characteristics) 
DChayka (Russian LORAN -C equivalent) 
Dead Range (Blind Pilotage) 

Dead Reckoning 

Declination (Projections) 

Declination (Tides) 


Deep Water Routes (Traffic routing systems) 


Degausing (Magnetic Compasses) 
Departure (Sailings) 

Detection (Radar / ARPA) 
Deviation (Magnetic) 

DG (Degausing) 

DG (Directional Gyro) 
DGLONASS (Satellite navigation) 
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Primary / Secondary References (Primary References in BOLD) 


1420. 

0205, 0207, 0511, App 3. 

0201, 0205, 0207, 0501. 

0925. 

0210, 0211, 0811, Apps 1- 2, App 4. 

1050, 1052. 

0414. 

0540, 0541. 

App 2. 

0120. 

0511, 0520, 0522. 

0530, 0531. 

0204-0206, 0210-0211. 

See Ground Track. 

See COG. 

1310, 1312, 1314, 1316, 1319, 1323, 1413, 1415. 

1526. 

0713, 1316, 1526, 1527, 1703, 1733. 

1332, 1334, 

1232, 1238. 

1827. 

1611. 

0914. 

0951. 

0712, 0713,0715-0716, 0804, 0805, 0806, 0916, 0925, 1002, 1040- 
1042, 1110-1112, 1120, 1121-1125, 1210, 1212, 1214, 1222, 1231, 
1234, 1236, 1238, 1312, 1314, 1316, 1320, 1330-1331, 1333, 1411- 
1412, 1527, 1603, 1621, App 7. 

1812. 

See Cylindrical Projections. 

0413, 0420, App 4. 

0112, 0204-0206, 0207, 0511, App 5. 

0112, 0203-0204, 0205-0206, 0207, 0208, 0511, 0522, 0541, 
Apps 3-4. 

1602 1612. 

1615, Anx 16B. 

1615, 1620, Anx 16B. 

0101, 0110, 0311, 0320-0321, 0322, 0323, 0324, 0331, 0452, 0550, 
0551,0711,0807, 0910, 0913, 1222, 1321, 1330, 1602, 1820, 1829, 
1921-1922. 

0323, 0324, 0624, 0805, 0910. 

0940 

0940 

0931 

0912 

1316 

See DR. 

App 4. 

1014-1018, 1020, 1062. 

1221. 

See DG (Magnetic Compasses) 

0202-0206, 0421, 0511, App 3. 

1703. 

0122-0125, 0807, 0811, 1113, 1230, 1610, App 10 

0922, 1230 

0920 

0912. 
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Italicised Technical Term Primary /Secondary References (Primary References in BOLD) 


DGPS / GPS (Satellite navigation) 0323, 0331, 0423, 0451, 0714, 0716, 0803, 0805, 0808, 0910 0911- 
0912, 0916, 0918, 1110, 1111, 1210, 1211, 1212, 1222, 1231, 1234- 
1236, 1313, 1316, 1321, 1521, 1527, 1803, 1806-1807, 1810, 1811, 
1813-1814, 1820-1821, 1826, 1827, 1829, 1922-1933. 

Diagonal Stripes (Structure Descriptions) 0930. 


Diamond of Error (Navigational Errors) 1614, 1620, Anx 16B. 

Diaphone (Fog signal) 0934. 

Difference of Latitude See d.lat. 

Difference of Longitude See d.long. 

Difference of Meriodinal Parts (DMP) See DMP. 

Differential Chayka See DChayka. 

Differential GLONASS See DGLONASS 

Differential GPS See DGPS. 

Differentiation (Radar) 1513, 1514, 1520. 

Digital Navigation 0901- 0902, 0919, 1903, 1910, 1911, 1923-1924. 

Digital Selective Calling (VHF Comms) See DSC. 

Dilution of Precision (GPS) See DOP. 

Dip (Magnetic ) 1610. 

Dip (Sextant) 0803, App 6. 

DIPCLEAR (Diplomatic Clearance) 1110-1111, 1210 1211, 1802. 

Diplomatic Clearance See DIPLCLEAR. 

Dipping Range (Lights) 0933. 

Direction (Naval Command Systems) 0120. 

Direction Light (Light characteristics) 0930. 

Direction of Buoyage 0940, 0941. 

Directional Gyro See DG (Directional Gyro). 

Distance (Between anchor berths) 1412. 

Distance (Geodesic - Spherical) 0540, 0541. 

Distance (Geodesic - Spheroidal) 0541. 

Distance (Great Circle) App 2. 

Distance (Rhumb Line - Spherical) 0511, 0522, 0541. 

Distance (Rhumb Line - Spheroidal) 0530, 0531. 

Distance (Sailings) 0201, 0202, 0203-0206, 0208, 0210-0211. 

Distance Error (Navigational Errors) 1603, 1623. 

Distance Meters 0803. 

Distance to New Course (Manoeuvring) See DNC. 

Diurnal (Tidal Streams) 1040. 

Diurnal (Tides) 1015, 1017, 1018, 1020, 1062. 

Diurnal Inequality (Tidal Streams) 1040 1042, 1045, 1816. 

Diurnal Inequality (Tides) 1015, 1017, 1020, 1030, 1062. 

Dived Navigation 1911. 

DMP (Difference of Meriodinal Parts) 0207, 0422, 0424, 0510, 0511, App 3. 

DNC (Distance to New Course - Manoeuvre) 0714. 

DNC (Manoeuvring Data) 1314. 

DNC (NGA [non-ENC] Vector chart format) 0632, 0902. 

Doldrums 1122, 1125. 

DOP (GPS - Dilution Of Precision) 0910, 1806, 1829. 

Double Normal MSR (Anchoring) 1412. 

Double Reduced MSR (Anchoring) 1412. 

Doubling the Angle on the Bow 0806, App 7. 

Douglas Protractor 0808, 0811. 

DR (Dead Reckoning) 0710, 0712, 0713-0716, 0805, 0806-0807, 0810, 0812, 0916, 0925, 
0942, 1231, 1328, 1603, 1610, 1623, 1921. 

DR Stations (Running Survey) 1814. 

Drift / Drift Rate 0713, 0713, 0720, 0806, 1322, 1527, 1603. 

Drift Current 1041, 1121, 1125. 

Dropping Anchorage 1414, 1417, 1421. 
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Italicised Technical Term Primary / Secondary References (Primary References in BOLD) 
DSC (Digital Selective Calling-VHF Comms) 0950, 1240. 
Duration of Turn (Manoeuvring Data) 0714, 1314. 

Dutchman’s (Speed) Log 0925. 

Eagre (Tides) See Bore 

Earth Curvature Graph (Nomograph) 1524. 

East Greenland Current 1124. 

East Australian Coast Current 1124-1125. 

Ebb (Tidal Streams) 1040. 

EBL (Electronic Bearing Line) 1317, 1720, 1933. 
Eccentricity (Spheroid) 0311, 0322, 0422, Apps 4-5 


ECDIS (Electronic Chart Display Information System) See also WECDIS. 0210, 0311, 0451, 0550, 0551, 0631, 0632, 
0701, 0712, 0714, 0715- 0716, 0720-0721, 0805, 0808, 0811, 0910, 
0919, 0950, 1051, 1102, 1110, 1113, 1202, 1210, 1214, 1222, 1230, 
1231, 1232, 1236, 1238, 1302, 1311, 1312-1316, 1317, 1319-1320, 
1321, 1323-1325, 1327-1328, 1402, 1413, 1415, 1502, 1528, 1701, 
1702, 1810, 1814-1815, 1903, 1911, 1920, 1921-1922, 1925. 

Echo Sounders 0613, 0626, 0803, 0805, 0923-0924, 0942, 1211, 1222, 1235, 1310, 
1312, 1315, 1319-1320, 1323, 1324-1325, 1328, 1416, 1807, 1810, 
1813-1814, 1821, 1827, 1831, 1923-1924, 1931-1933. 


Eclipse (Light characteristics) 0930. 

Ecliptic Plane (Tides) 1017. 

ECS (Electronic Chart System) 0311, 0631, 0701, 0720, 0910. 

ED 50 (European Datum 1950) 0322. 

Eddy / Eddies (Tides) 1044. 

EGNOS (European Geostationary Navigation Overlay Service) 0915, 1806. 

El Niño (variable) Current 1124-1125. 

Electro Optic Surveillance Systems See EOSS. 

Electronic Bearing Line See EBL. 

Electronic Chart Display Information System See ECDIS and WECDIS. 

Electronic Chart System See ECS. 

Electronic Charts (Generic term) See ENCs, RNCs and DNCs. 

Electronic Navigation Charts (Database) See ENC.. 

Electronic Plotting Aid See EPA. 

Electronic Tracking Aid See ETA. 

Elevation 0624, 0803, 0930, 0931, 0932-0933, 0940, 1233, 1820, 1823, 1830. 

Ellipsoid (Earth - Oblate Spheroid) 0311. 

eLORAN 0716, 0805, 0912, 0918, 1111, 1231. 

Emergency Position Indicating Radio Beacon See EPIRB. 

Emergency Wreck Marking Buoys (Buoyage) 0941. 

e-Nav / e-Navigation 0901, 0919. 

ENC (Electronic Navigation Charts) 0331, 0614, 0615-0616, 0625, 0631, 0632-0633, 0712, 0720, 0902, 
0919, 0930, 0940, 1042, 1110, 1210, 1214, 1317, 1321, 1911. 

Enhanced LORAN See eLORAN. 

EOSS (Electro Optic Surveillance Systems) 0926, 1312, 1316, 1320, 1323, 1325. 

EP (Estimated Position) 0710, 0712, 0713, 0715-0716, 0805-0807, 0810, 0812, 0916, 0942, 


1231, 1234, 1312- 1314, 1323-1325, 1328, 1603, 1610, 1623,1814, 
1921, 1931, 1932, 


EPA (Electronic Plotting Aid) 1525. 

EPE (GPS - Estimated Position Error) 0910, 1806, 1829. 

EPIRB (Emergency Position Indicating Radio Beacon) 1518. 

Equal Area (Projection property) 0414, 0622, App 4. 

Equation of the Ellipse App 5. 

Equator / Equatorial (General) 0110, 0111-0116, 0121, 0202-0203, 0205, 0211, 0312-0314, 0324, 


0411, 0414, 0420, 0421, 0422, 0423, 0424, 0425 0431, 0440, 0441, 
0451, 0511, 0910, 0913, 0914, 0920, 1014, 1016, 1020, 1122, 1125, 
Apps 2-5. 
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Equatorial (Radius / Axis) 0110, 0115, 0310, 0311, 0541, App 5. 

Equatorial Counter-Current 1122, 1125. 

Equatorial Currents (North and South) 1124-1125. 

Equatorial Element (Spheroid) App 5. 

Equatorial Trough 1122, 1125. 

Equinoctial Tides 1017. 

Equinox / Equinoxes (Tides) 1017, 1020. 

Equipotential Surface (Geoid) 0311. 


Equivalent Probability Circle (Nav Errors) 1615, 1620, 1623, Anx 16B. 
50% Equivalent Probability Circle Anx 16B. 
70% Equivalent Probability Circle 1610. 
95% Equivalent Probability Circle 1615-1616, 1620, 1622-1623, Anx 16B. 


Error Circle (Navigational Errors) Anx 16B. 

Error Ellipse (Navigational Errors) 1614-1616, 1620, Anx 16B. 
95% Error Ellipse 1614, 1620, Anx 16B. 

Estimated Position See EP. 

Estimated Position Error (GPS) See EPE. 

ETA (Electronic Tracking Aid) 1525. 

ETRS 89 (European Regional Datum) 0321-0322. 

Eurofix 0911, 0912. 

European Datum (1950) See ED 50. 

European Geostationary Navigation Overlay Service See EGNOS. 

European Regional Geodetic Datum See ETRS 89. 

Exclusive Economic Zones 1111. 

Execution / Executing (Navigation) 1910-1912. 

Falkland Current 1124-1125. 


False Easting (Transverse Mercator Grids) 0451-0452, App 4. 
False Northing (Transverse Mercator Grids) 0451-0452, App 4. 
False Origin (Transverse Mercator Grids 0431, 0450, 0452. 


FATDMA (,ed Access TDMA - AIS) 0951. 

Faults (Navigational Errors) 1603, 1610, 1620, Anx 16B. 

Fetch 0712, 1022-1023. 

Fibre Optic Gyro See ‘FOG’. 

Final Diameter (Manoeuvring Data) 0714. 

First Quarter (Moon) 1017-1018, 1020. 

Fisheries Zones 1111. 

Fix / Fixed / Fixing (Position) 0120, 0710-0711, 0712-0714, 0716, 0721, 0801, 0803, 0805-0812, 


0910-0911, 0916, 0918, 0924, 1113, 1211-1212, 1222, 1231-1232, 
1234, 1238, 1310, 1312-1314, 1316, 1323, 1325, 1328, 1413, 1415, 
1418, 1521, 1527, 1602-1603, 1610-1612, 1620, 1623, Anx 16B, 
1804, 1806, 1811,1813-1814, 1820-1821, 1823-1824, 1827, 1829, 
1830, 1921, 1923-1924, 1931-1932, Apps 6-7, App 10. 


Fixed (Light characteristics) 0930, 0942. 

Fixed Access TDMA (AIS) See FATDMA. 

Fixed Pitch Propellers 1334. 

Flash / Flashing (Light characteristics) 0930. 

Flat Earth 0330, 0333, 0411, 0550. 
Flattening (Spheroid) 0311, 0322, 0422, 0541, App 5 
Fleet Operating Orders (BRd 9424) See FLOOs. 

Flood (Tidal Streams) 1040. 

FLOOs (Fleet Operating Orders - BRd 9424) 1111, 1113. 

Florida Current 1125. 

Fluxgate (Magnetic) Compasses 0922. 

FOG (Fibre Optic Gyro ) 0121, 0920. 

Fog (Signals) 0934, 1235, 1310. 

Fog (Visibility - Restricted) 0933, 1110-1111, 1124, 1210, 1211, 1212, 1232, 1235, 1311, 1531. 


Fog Detector Lights (Light characteristics) 0931. 
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Fog Lights (Light characteristics) 
Foreign Charts 
Four-Part Formula (Trigonometry) 


Four-Point Bearing (Distance abeam) 


FPP (Fixed Pitch Propellers) 
Full Moon (Tides) 

Gain (DGPS / GPS) 

Gain (Radar) 

Galileo (Satellite navigation) 
Gauss Conformal Projection 
General Direction of Buoyage 
Geocentric (Radius) 
Geocentric Latitude 
Geodesic (Great Circle equivalent) 
Geodesic Azimuth 

Geodesic Course 

Geodesic Distance 

Geodesy 

Geodetic / Geodetically 
Geodetic Coordinates 
Geodetic Datum 

Geodetic Latitude 

Geodetic Longitude 
Geographic Latitude 
Geographic Mile 
Geographic Position 


Geographical Range (Light characteristics) 


Geoid (Earth - Oblate Spheroid) 


Global Maritime Distress and Safety System 
Global Navigation Satellite Systems 


Global Positioning System 
GLONASS (Satellite navigation) 
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0931. 

0611, 0624, 1110-1111, 1310-1311. 
App 2. 

0806. 

1334. 

1017, 1018, 1020. 

1806. 

1514, 1520. 

0914-0916. 

See Transverse Mercator Projection. 
0941. 

App 5. 

0312, 0331, App 5. 

0110, 0115, 0208, 0210, 0313, 0315, 0540, 0551. 
0541. 

See Course (Geodesic - Spheroidal). 
See Distance (Geodesic - Spheroidal). 
0301. 

0321, 0331, 0805. 

0323, 0331. 

See Datum. 

0111, 0312-0314, 0321, 0331, 0540, 0541, App 5. 
0321, 0331. 

0111, App 5. 

0113, 0114. 

0803, 1814, 1820, 1826, App 4. 
0803, 0930, 0932 0933, 

0311, 0321. 

See GMDSS. 

See GNSS. 

See GPS. 

0913, 0915, 0916. 


GMDSS (Global Maritime Distress and Safety System) 0917, 1230, 1240. 


Gnomonic / Gnomonic Projection (charts) 
Gnomonic Graticule / Projection Graticule 
GNSS (Global Navigation Satellite System) 


GNSS-1 
GNSS-2 
Gong (Fog signal) 
GPS (Satellite navigation) 


GPS ‘Assisted’ Accidents 
GPS Denial 

GPS Lattice 

Gradient Current 

Graticule (Projections) 
Graticule Shape (Projections) 
Gravitational Force (Tides) 
Great Circle 


Greenwich Meridian 
Grid / Grids (see also UTM Grid) 


Grid (Coordinates) 
Grid Convergence 


0413-0414, 0440-0442, 0521, 0551, 0611, 0622, 0624, App 4. 
0413, 0414 0440, 0622, App 4. 

0321, 0323, 0915, 0954. 

See GNSS. 

See GNSS. 

0934, 0940. 

GPS-specific instances: 0910, 0913-0914, 0915-0917, 0954, 1610, 
1806, 1829. Otherwise, see DGPS, GPS ‘Assisted’ Accidents, GPS 
Denial, GPS Lattice. 

0805, 1231. 

0805, 0808, 0916, 1211, 1222, 1231, 1234, 1313, 1921-1922. 
0805, 1313. 

1041, 1121. 

0412, 0414, 0420, 0421, 0423, 0424, 043,0 0450, Apps 4-5. 

See Graticule (Projections). 

1012-1013. 

0110, 0111, 0113, 0115, 0120, 0122, 0201, 0208-0211, 0315, 0414, 
0425, 0440, 0441- 0442, 0520, 0521, 0522, 0540, 0551, 0622, 0920, 
1012-1013, 1110-1111, App 2, Apps 4-5. 

See Prime Meridian. 

0320, 0331, 0401, 0412, 0414, 0421, 0430-0431, 0450-0451, 0621, 
0805. 

App 4. 

0450, 0452. 
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Grid Eastings 

Grid Length (Transverse Mercator Grids) 
Grid Navigation (Polar regions) 
Grid Northings 

Grid Orientation 

Grid Origin 

Grivation 

Gross Tonnage 

Ground Speed (Speed made good) 
Ground Stabilised (Radar / ARPA) 
Ground Track (Course made good) 


Group Anchorages 
Group Flashing (Light characteristics) 
Group Occulting (Light characteristics) 


Primary / Secondary References (Primary References in BOLD) 


0450, 0451, App 4. 

0450. 

0920. 

0421, 0450, 0451, 0454, App 4. 

See Grid Convergence. 

0333, 0431, 0450, 0452, App 4. 
0454. 

1525. 

0713, 0716, 1214, 1231, 1703. 
1316, 1526-1527, 1703, 1722, 1933. 
0710, 0713, 0925, 1236, 1314, 1322, 1415, 1527, 1610, 1611, 1703, 
App 7. 

1401. 

0930. 

0930. 


Group Quick Flashing (Light characteristics) 0930. 


Group Very Quick Flashing (Light characteristics) 


Growlers (Ice) 

Guard Zones (ARPA) 
Guinea Current 

Gulf Stream 

Gyro / Gyro Compass 


Gyroscope 
Gyroscopic Inertia 
Half Beam Width Error (Radar) 


Half Log Haversine Method (Trigonometry) 


Handbrake Turn (Manoeuvring) 
Harmonic Constants (Tides) 
HAT (Highest Astronomical Tide) 


Haversine Formula / Method (Trigonometry) 


HCRF (UKHO / AHO RNC format) 
Head Rope (Berthing) 

Heading (General) 

Heading (Naval Command Systems) 
Headmark / Headmarks 


Head-Up (Radar / ARPA) 

Heave-To / Heaving-To 

Heavy Weather 

Heights (Hydrographic Survey) 
Heights (Light Structure Descriptions) 
Highest Astronomical Tide 
Homogeneous Geodetic Datums 
Horizontal Control (Hydrographic Survey) 
Horizontal Danger Angle 

Horizontal Sextant Angle 

Horn (Fog signal) 

HOT (Height of Tide) 


Hour Angle (Projections) 
HSA (Horizontal Sextant Angle) 


HSA Lattice 
Humbolt Current 
Hurricanes 
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0930. 

1531. 

1526. 

1125. 

1124-1125. 

0120, 0121, 0122, 0125, 0712, 0811, 0920, 0921, 1113, 1230, 1522, 
1526-1527, 1603, 1610-1611, 1622, Anx 16A, 1722. 

0121, 0920, 1811, 1814, 1816, 1820. 

0920. 

1232, 1512, 1522-1523. 

0210, App 2. 

1315. 

1030-1032, 1042, 1050, 1053. 

0624, 1062, 1820. 

0210, App 2. 

0632. 

1333, 1425. 

0120, 0122, 0124-0126, 0920. 

0120. 

0942, 1310, 1312-1314, 1319, 1321, 1322, 1324, 1410, 1413, 1923, 
1931. 

1526. 

1211. 

1211. 

1820. 

0930. 

See HAT. 

0324. See also Non-Homogeneous Geodetic Datums. 

1820. 

0803, 1233. 

See HSA. 

0934, 0940. 

0715, 0803, 0805, 0932-0933, 1021-1022, 1030, 1050-1051, 1060, 
1210, 1213, 1233-1234, 1310-1312, 1316, 1319, 1320, 1323, 1330, 
1410, 1411, 1521, 1820, 1827. 

App 4. 

0803, 0805, 0808, 0810, 0811, 1233, 1521, 1811, 1827, 1829, 1830, 
App 6, App 10. 

0808, 0810, 1313, App 6, App 10. 

See Peru Current. 

1812. 


120 (2 hr) 


150 


180.3 hy) 


As you can see in this data, even though the 
supply voltage dropped by approximately 15 
percent, the lamp current stayed roughly 
constant, showing less than a 1 percent drop. 


Summary 


Semiconductor diodes are used extensively In 
modern electronic circuits. Following are the 
main advantages of semiconductor diodes: 

They are small. 

They are rugged and reliable if properly 
used. You must remember that excessive 
reverse voltage or excessive forward current 
could damage or destroy the diode. 

Diodes are easy to use because there are 
only two connections to make. 

They are inexpensive. 

They can be used in all types of electronic 
circuits, from simple DC controls to radio 
and TV circuits. 

They can be made to handle a wide range 
of voltage and power requirements. 


Italicised Technical Term 


Hydrographic Chart Raster Format (HCRF) 
Hydrographic Note / Notes 

Hydrolapse 

IALA (Fog signals - Policy / Use) 

IALA Maritime Buoyage System 

IBS (Integrated Bridge Systems) 

Icebergs 

IHO (International Hydrographic Organisation) 
IMO (International Maritime Organisation) 


Impede / Impeded (ColRegs - TSS) 
Impeller Speed Logs 

Impounded Water (Hydrographic Survey) 
Index Error (Radar) 

Index Error (Sextant) 

Inertial Navigation Systems 

Inland AIS 

Innocent Passage 

INS (Inertial Navigation Systems) 
Inshore Traffic Zone 

Install / Installed (ENCs / RNCs) 
Integrated Bridge Systems 

Intensity (Light characteristics) 
Interaction 

Intermediate Course (Manoeuvring Data) 
Intermediate Distance (Manoeuvring Data) 
International Date Line 

International Hydrographic Organisation 
International Maritime Organisation 
International Nautical Mile / Miles 


International Regulations for Prevention of Collisions 


International Spheroid (1924) 

Interrupted Quick Flashing (Lights) 
Intersection (Fixing) 

Intertidal (Tides) 

Inverse (Oblique) Mercator Projection 
Irish Grid (Transverse Mercator Projection) 
Isogonal / Isogonic 

Isolated Danger Marks (Buoyage System) 
Isophase (Light characteristics) 

ITZ (Inshore Traffic Zone - TSS) 

Jack / Jackstaff 

Japan (Kuro Shio) Current 

Kamchata (Oya Shio) Current 

kn 

Knot (kn) 

Kuro Shio Current 

La Niña (variable) Current 

Labrador Current 

Lag / Lagging (Tides) 

Lamberts Conical Orthomorphic Projection 
Land Mile 

Land Survey Datums (Tides) 

Large Corrections (Obsolete from 1972) 
Laser Rangefinder 

Last Quarter (Moon) 
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See HCRF. 

0616, 1804-1805, 1810, 1812, 1832. 
1515. 

1211, 1235. 

0941. 

1236. 

1531. 

0614, 0630, 0632. 

0331, 0630-0631, 0714, 0901, 0919, 1211, 1221, 1240, 1304, 1321, 
1525, 1902. 

1221. 

0925. 

1828. 

1232, 1310, 1316, 1520, 1521. 
0803, 0810, App 6, App 10. 
See INS. 

0950, 0951. 

1110-1111, 1210-1211. 

0921, 1230, 1611, 1921. 

See ITZ. 

1110, 1210, 1214, 1311, 1320. 
See IBS. 

0930, 0932-0933. 

1220, 1234, 1310- 1312, 1319. 
0714, 1314. 

0714, 1314. 

0451, 1214. 

See IHO. 

See IMO. 

Specific instances of importance (general usage not listed): 0110, 
0113, 0115, 0310, 0422, 0541, 0803, App 5. 
See ColRegs 
0322, 0331, 1111. 

0930. 

1811, 1824, 1830. 

1521. 

0411, 0414. 

0453. 

0122. 

0941. 

0930. 

1221. 

1230. 

1124-1125. 

1124 -1125. 

See Knot. 

0113. 

See Japan Current. 

1124 -1125. 

1124 -1125. 

1017. 

0411, 0414, 0421, App 4. 

See Statute Mile. 

1060. 

0624. 

0803. 

1017-1018, 1020. 
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LAT (Lowest Astronomical Tide) 
Lateral Marks (Buoyage System) 


Latitude 


Latitude / Longitude Grid 
Latitude Rider (Gyro) 


Latitude Scale 


LDL (Limiting Danger Line) 


Leading Lights (Light characteristics) 


Leading Lines 
Leading Marks 


Least Squares (Navigational Errors) 
Least Squares Minimum Variance (N. Error) 


Leeway 


Leeway Angle 
Leeway Vector 


LEP (Linear Error Probable) 

Light Characteristics 

Limiting Danger Line 

Linear Error Probable (Navigational Errors) 


Linear Latitude 
Linear Longitude 


Linear SD (Linear Standard Deviation - / 0) 
Linear Standard Deviation (Nav Errors) 
Load / Loaded (ENCs / RNCs) 

Load Line / Load Line Zones (Stability) 
Local Direction of Buoyage 

Local Geodetic Datums (Spheroid) 

Local Warnings (Radio) 

Logline (Tidal Stream observation) 

Long Flashing (Light characteristics) 

Long Range Fixing (Radar) 


Longitude 


Longitude Scale 
Longitude Units 
Loom (Lights) 
LORAN Denial 
LORAN-A 
LORAN-C 


Lowest Astronomical Tide 


Loxodromes 
Lubbers Line 


Luminous Range (Light characteristics) 
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0624, 1060-1062. 

0941. 

Specific instances of importance (general usage not listed): 0111, 
0314, 0321, 0711, 1820. 

See also Bands of Latitude (UTM), Co-Latitude, Corrected Mean 
Latitude, Corrected Mean Latitude Sailing, Difference of Latitude, 
Geocentric Latitude, Geodetic Latitude, Geographic Latitude, 
Latitude / Longitude Grid, Latitude Rider (Gyro), Latitude Scale, 
Linear Latitude, Magnetic Latitude, Mean Latitude, Mean Latitude 
Sailing, Parallels of Latitude, Parametric Latitude, Safe Parallel of 
Latitude, True Latitude, Vertex Latitude (Great Circle). 

0805. 

0920. 

0414, 0421, 0422, 0424, 0623, 0711. 

0715, 0720, 0721, 0923, 1110, 1111, 1210, 1214, 1231, 1310, 1311, 
1312, 1315, 1316, 1328, 1410, 1413, 1418, 1911. 

0930. 

1313, 1322. 

1313, 1322. 

App 10. 

Anx 16B. 

0712,0713,0716, 0806, 0925, 1231, 1234, 1236, 1310, 1312, 1314, 
1323, 1417, 1527, 1603, Anx 16A, 1722, 1814. 

0712, 0713, 1722. 

0712, 0713,1322. 

Anx 164A. 

0930. 

See LDL. 

See LEP. 

0114, 0115. 

0114, 0115. 

1602, 1611, 1613, 1614, 1615, 1620, Anx 16B. 

See Linear SD. 

1110, 1210, 1214, 1311, 1320. 

1110-1111, 1210. 

0941. 

0311, 0321, 0324. 

0615. 

1816. 

0930, 0941. 

1232, 1530. 

Specific instances of importance (general usage not listed): 0111, 
0314, 0321, 0711, 1820. 

See also Difference of Longitude, Geodetic Longitude, Latitude / 
Longitude Grid, Linear Longitude, Longitude Scale, Longitude 
Units, Meridian, UTM Zones of Longitude, Vertex Longitude (Great 
Circle), Zones of Longitude (Transverse Mercator). 

0414, 0421-0424, 0440, 0522, 0541, 0623, 0711, App 3, App 5. 
0422. 

0930. 

1211, 1234. 

0918. 

0716, 0805, 0911, 0912, 0918, 1111, 1231. 

See LAT. 

0202. 

0121, 0802, 1230, 1319, 1610. 

0930, 0932, 0933. 


Italicised Technical Term 


Lunar Day (Tides) 


Lunar Declinational Diurnal Harmonic Constituent 


Lunar Equilibrium Tide (Tides) 
Lunar Month (Tides) 


Lunar Semi-Diurnal Harmonic Constituent 
Luni-Solar Declinational Diurnal Harmonic Constituent 


Luni-Solar Tide Raising Force 
Magnetic Anomaly 
Magnetic Compass 


Magnetic Compass Rose 

Magnetic Deviation 

Magnetic Dip 

Magnetic Latitude 

Magnetic Meridian 

Magnetic North 

Magnetic Pole 

Magnetic Signature 

Magnetic Variation 

Main Light (Light characteristics) 

Man OverBoard 

Manoeuvring (Plotting) Form 
Manoeuvring Data 

Marine Navigation 

Maritime and Coastguard Agency (UK) 
Maritime Buoyage System 

Maximum Unambiguous Range (Radar) 
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1014-1015. 

1031. 

1013-1014. 

1017. 

1031. 

1031. 

1017, 1020. 

1113, 1230. 

0120, 0122-0125, 0922, 1113, 1230, 1238, 1313, 1322, 1610, 
1820-1821, 1827, 1829, App 10. 
0124. 

See Deviation. 

See Dip. 

0122, 0125, 1113, 1230. 

0122, 0123-0124. 

0122, 0123-0124, 0454. 

0122. 

1230. 

See Variation. 

0930. 

See MOB. 

1715. 

0714, 1314, 1319. 

See Navigation. 

See MCA. 

See IALA Maritime Buoyage System. 
1515, 1530. 


Maximum Likelihood (Navigational Errors) See Least Squares Minimum Variance. 
MCA (Maritime & Coastguard Agency - UK) 0950, 1525, 1902. 


Mean Error Value (Navigational Errors) 
Mean High Water Interval (Tides) 

Mean High Water Neaps (Tides) 

Mean High Water Springs (Tides) 

Mean Higher High Water (Tides) 

Mean Higher Low Water (Tides) 

Mean HW (Hydrographic Survey -Tides) 
Mean Latitude 

Mean Latitude Sailing 

Mean Level (Hydrographic Survey -Tides) 
Mean Low Water (Tides) 

Mean Low Water Neaps (Tides) 

Mean Low Water Springs (Tides) 

Mean Lower High Water (Tides) 

Mean Lower Low Water (Tides) 

Mean LW (Hydrographic Survey -Tides) 
Mean Neap Range (Tides) 

Mean Sea Level (Tides) 

Mean Spring Range (Tides) 


1611. 

See MHWI. 

See MHWN. 

See MHWS. 

See MHHW. 

See MHLW. 
1828. 

0205-0207, App 3. 
0201, 0205, 0501. 
1828. 

See MLW. 

See MLWN. 

See MLWS. 

See MLHW. 

See MLLW. 
1828. 

See MNR. 

See MSL. 

See MSR. 


Mean Square Deviation (Navigational Errors) See Variance. 


Mean Tide Level (Tides) 
Mediterranean Moor (Anchoring) 
Mer Parts 

Mercator / Mercator Projection 


Mercator Graticule (Projections) 
Mercator Sailing 
Meridian of Longitude 


See MTL. 

See Stern-To Berthing. 

See Meridional Parts. 

0201, 0202, 0113, 0411, 0414, 0420, 0421-0425, 0430-0431, 0441- 
0442, 0450, 0511, 0521, 0551, 0611, 0620, 0624, 0805, Apps 3-4. 
0421-0424. 

0201, 0205, 0207, 0501, 0510, 0511. 

See Meridian. 
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Meridian / Meridians / Meridional 0110, 0111-0115, 0120-0122, 0202, 0204, 0208-0209, 0312-0313, 


0314, 0411-0412, 0414, 0421-0425, 0431, 0440, 0450, 0510-0511, 
0520- 0522, 0920, 1014, 1017, 1052,1820, 1826, 1831, Apps 3- 5. 


Meridional Arc 0530, 0531, Apps 4-5. 

Meridional Element (Spheroid) App 5. 

Meridional Grid (Projections) 0414. 

Meridional Parts (Projections) 0207, 0414, 0422-0423, 0510- 0511, 0530- 0531, 0620, 0805, 
Apps 3- 5. 

Messenger (Berthing) 1420-1422 


MHHW (Mean Higher High Water - Tides) 0624, 0803, 0930, 1050-1062, 1313. 

MHLW (Mean Higher Low Water - Tides) 1050-1062. 

MHWI (Mean High Water Interval - Tides) 1052. 

MHWN (Mean High Water Neaps - Tides) 1042, 1045-1046, 1050, 1062, 1319. 

MHWS (Mean High Water Springs - Tides) 0624, 0803, 0930, 1042, 1045-1046, 1050, 1062, 1233, 1313, 


1319 1813. 
Middle Latitude See Corrected Mean Latitude. 
Military Command (Ships et al) 1910, 1912. 
Minimum Keyboard Display (AIS) See MKD. 
Minimum Range (Radar) 1511. 


Minimum Swing Radius / Radii (Anchoring) See MSR. 

Mini-SOCs (Mini-Standard Operator Checks) 1230. 

Minor Surveys (Hydrographic) 0923. 

Mixed Tides 1020. 

MKD (Minimum Keyboard Display - AIS) 0950. 

MLHW (Mean Lower High Water - Tides) 1050, 1062. 

MLLW (Mean Lower Low Water - Tides) 0624, 1050, 1062. 

MLW (Mean Low Water - Tides ) 0624. 

MLWN (Mean Low Water Neaps - Tides) 0624, 1045, 1050, 1062, 1319. 
MLWS(Mean Low Water Springs - Tides) 1045, 1050, 1062, 1319. 


MNR (Mean Neap Range - Tides) 1045-1046, 1050, 1062. 

MOB (Man OverBoard) 1111. 

Modified Polyconic Projections App 4. 

Moiré Direction Light (Light characteristics) 0930. 

Monsoon 1125. 

Monsoon Current / Monsoon Drift 1125. 

Mooring (Anchoring) 1412. 

Mooring Swivel (Anchoring) 1412. 

Morse Code (Fog signal) 0934. 

Morse Code (Light characteristics) 0930. 

Most Probable Position See MPP. 

Mozambique Current 1124-1125. 

MPP (Most Probable Position) 0712, 1610, 1622, 1623, Anx 16B. 
MRE (Multiple Regression Equations) 0324. 

MSAS (MTSAT Satellite Augmentation System) 0915, 1806. 

MSL (Mean Sea Level - Tides) 0311, 0624, 0803, 0930, 1050, 1060, 1062, 1313, 1820. 
MSL Seasonal Variations (Tides) See Seasonal Variation (MSL - Tides). 
MSR (Mean Spring Range - Tides) 1045-1046, 1050, 1052, 1062. 

MSR (Minimum Swing Radius - Anchoring) 1410, 1412. 

MTL (Mean Tide Level - Tides) 1062. 


MTSAT Satellite Augmentation System See MSAS. 
MTSAT(Multi-functional Transport Satellite) 0915, 1806. 


Multi-functional Transport Satellite See MTSAT. 
Multiple Regression Equations (MRE) See MRE. 
n.mile See International Nautical Mile. General usage not listed. 


NAD 27 (North American Datum 1927) 0322. 
NAD 83 (North American Datum 1983) 0321, 0322. 
Napier’s Rules 0520, App 2, App 4. 
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National Hydrographic Offices 

Nautical Charts (IMO - SOLAS) 

Nautical Mile 

Nautical Twilight 

Naval Gunfire Support 

NAVAREA Warnings 

Navigation 

Navigation Plan 

Navigational Publications (UKHO) 
Navigational Record Book 

NAVPAC 

Navplan / Navplans (Navigation Plan / Plans) 
NAVSTAR (GPS) 

NAVTEX 

NC (New Chart) 

NE (New Edition - chart) 

NE Trade Winds 

Neaps / Neap Tides 

Negative Surge (Tides) 

NELS (NW European LORAN-C System) 
New Chart 

New Edition (chart) 

New Moon (Tides) 

Newton’s Universal Law of Gravitation 
NGA (US National Geospatial & Chart Agency) 
NGS (Naval Gunfire Support) 

NHO (National Hydrographic Offices) 
Night Vision Aids 

nm / n.m 

NMs (Notices to Mariners) 


No Go Line 

No Headmark (procedure) 

NO’s Pilotage Notebook 

NO”s Workbook 

Nominal Range (Light characteristics) 
Non-Homogeneous Geodetic Datums 
Nord Algerie Grid (Transverse Mercator) 
Nord Maroc Grid (Transverse Mercator) 
Nord Tunisie Grid (Transverse Mercator) 
Normal Distribution (Navigational Errors) 
Normal MSR (Anchoring) 

Normal Probability Distribution (Nav Errors) 
North American Datum 1983 

North Atlantic (Drift) Current 

North Atlantic Counter-Current 

North Atlantic Current 

North Equatorial Current 

North Pacific Current 

North-Up (Radar / ARPA) 

Northwest European LORAN-C System 
Notices to Mariners (NMs) 

NP (Navigational Publication - UKHO) 
Oblate Spheroid 

Observed Altitude (Sextant) 

Observed Position (Astronomical) 
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See NHO. 

0632. 

See International Nautical Mile. 

1051. 

See NGS. 

0615. 

0622, 0630, 0631-0632, 0701, 0716, 0721, 1231, 1238, 1910, 1912. 
See NavPlan. 

See NP. 

0716, 0807-0808, 1238, 1312, 1327, 1415, 1923, 1931-1932. 
0116, 0210, 0211, 0521, 0550, 0551, 0811, 1311. 
1110, 1210, 1310-1312, 1316-1320, 1323, 1330, 1903, 1923, 1931. 
0910. See also GPS and DGPS. 

0615, 1230. 

0615, 0624, 0626. 

0611 0615, 0624, 0626. See also UNE. 

1122. 

1017-1018, 1020, 1051. 

1022. 

0912. 

See NC. 

See NE. 

1017-1018, 1020. 

1010. 

0632. 

0322, 0331. 

1022, 1221, 1311. 

1531. 

See International Nautical Mile. General usage not listed. 
0611, 0614, 0615, 0616, 0624, 0626, 0931, 0941 1110-1111, 1210- 
1211, 1311, 1805, 1812. 

See LDL. 

1313, 1322. 

1210, 1238, 1310, 1312, 1316, 1319, 1322, 1413. 
1110, 1210, 1214, 1238, 1312, 1316, 1413. 
0930-0932. 

0324. See also Homogeneous Geodetic Datums. 
0453. 

0453. 

0453. 

1611, 1620-1621, 1623, Anxs 16A-16B. 

1412. 

See Normal Distribution. 

See NAD 83. 

See North Atlantic Current. 

1125. 

1125. 

See Equatorial Currents (North and South). 
1125. 

1526-1527. 

See NELS. 

See NMs. 

0612, 0640. 

0110, 0115, 0208, 0310, 0540. 

App 6. See also Altitude, True Altitude. 

0711, 0805. 
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Obstruction Lights (Light characteristics) 0931. 
Occasional Lights (Light characteristics) 0930. 


Occulting (Light characteristics) 0930. 
Ocean Navigation 0721, 1101, 1110-1111, 1201, 1210-1211, 1234, 1911, 1920, 1930. 
Officer in Tactical Command See OTC. 


Offset EBL (Offset Electronic Bearing Line) 1317. 
Offset VRM (Offset Variable Range Marker) 1317. 
One-way Routes (Traffic routing systems) 1221. 


Onset Depth (SWE - Interaction) 1220, 1234, 1319. 
% Onset Depth See Onset Depth. 
... % Onset Depth See Onset Depth. 
Open Service (Galileo) See OS. 
Oppos ition (Tides) 1017. 
Optical Rangefinder 0803. 
Ordnance Datum (Tides) 1061. 
Ordnance Survey Great Britain 1936 See OSGB 36. 
Orientation (Hydrographic Survey - charts) 1803, 1813-1814, 1820, 1827. 
Orientation Modes (Radar / ARPA) 1526, 1527, 1722. 
Orthogonal Position Lines 1613-1616, 1620, Anx 16B. 
Orthomorphic / Orthomorphic Projection 0411, 0414, 0420- 0421, 0430, 0622, App 4. 
Orthomorphism See Orthomorphic / Orthomorphic Projection. 
OS (Open Service - Galileo) 0914. 
OSGB 36 (Ordnance Survey Great Britain 36) 0322, 0323-0324, 0331. 
OSSN 80 (Datum) 0322. 
OTC (Officer in Tactical Command) 1110-1111, 1210. 
Overfall / Overfalls (Tides) 1044, 
Overhead Clearances 1310-1312, 1320. 
Oya Shio Current See Kamchata Current. 
Parallel / Parallels See Parallels of Latitude. 
Parallel Index / Parallel Indices See PI. 
Parallel Sailing 0201, 0203, 0204, 0501. 
Parallels of Latitude 0111-0112, 0115, 0202-0205, 0313, 0411-0412, 0414, 0420, 


0421, 0422-0423, 0424, 0431, 0450, 0511, 0520, 0521, 0540, 
0541, Apps 3-5. See also Latitude. 


Passage Graph 1112, 1113, 1214, 1234. 
Patch Antenna (DGPS / GPS) 1806. 
PCS (Propulsion Control System) 1236. 
PDF (Probability Density Function) Anx 16A. 
Pelorus (Bridge) 0802, 1230, 1319, 1413. 
Percentage of the Day (Tides) See Percentage Springs. 
Percentage Onset Depth (SWE - Interaction) See Onset Depth. 
Percentage Springs (Tidal Streams) 1045-1046, 1319. 
% Springs See Percentage Springs. 
... % Springs See Percentage Springs. 
0% Springs (MNR) 1045. 
100% Springs (MSR) 1045. 
Perigean Tide (Tides) 1015. 
Perigee (Tides) 1015. 
Perihelion (Tides) 1016. 
Period (Light characteristics) 0930. 
Perpendicularity (Sextant) App 10. 
Personal Error (Sextant) App 10. 
Persons on Board (AIS field) See POB. 
Perspective Conformal Projection See Perspective Projection. 
Perspective Projection App 4. 
Peru (Humbolt) Current 1124-1125. 
Phase (Light characteristics) 0930. 
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Phase Lag (Tidal Harmonic Constituents) 
Physical Surface (Earth - Oblate Spheroid) 
Pilotage 


Pilots (Admiralty Sailing Directions) 
Pin-Mast 
PIs (Parallel Index / Parallel Indices) 


Pitometer Speed Logs 

Pivot Point (Manoeuvring) 

Plane Sailing 

Plane Triangle 

Planning (Navigation) 

POB (Persons on Board - AIS field) 
Point of No Return (Pilotage) 
Points (Compass) 

Polar (Axis / Radius) 

Polar (Charts) 

Polar (Regions) 

Polar Coordinates 

Polar Cosine Rule (Trigonometry) 
Polar Easterlies (Winds) 

Polar Stereographic Projection 
Polar Triangle (Trigonometry) 

Pole / Poles / Polar (North or South) 


Pole Logship (Tidal Stream observation) 
Polyconic Projection 

Portable Survey System (Hydrog. Survey) 
Portugal Current 

Position Circle / Circles 

Position Line / Lines 


Position Probability Area 

Positive Surge (Tides) 

PPA (Position Probability Area) 

PPS (GPS - Precise Positioning Service) 


Precautionary Areas (Traffic routing system) 


Precession (Gyroscopic) 

Precise Navigation 

Precise Positioning Service (GPS) 
Precision (Navigational Errors) 
Preliminary Notices to Mariners 
Presentation Modes (Radar / ARPA) 
Pressure Zone (Interaction) 

PRF (Pulse Repetition Frequency) 

Prime / Priming (Tides) 

Prime Meridian (Greenwich Meridian 0”) 
Principal Meridian 

Probability Density Function (Nav Errors) 
Probability Heap (Navigational Errors) 
Probable Error (Navigational Errors) 
Projection / Projections / Projected (chart) 
Propulsion Control System 

PRS (Public Regulated Service - Galileo) 
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1031. 

0311. 

0610, 0612, 0714, 0716, 0721, 0807, 0808, 0923-0924, 0926, 0942, 
1111, 1201, 1222, 1230, 1234, 1301, 1303-1305,1310-1319, 
1320-1325, 1327-1328, 1331, 1401, 1413, 1415, 1425, 1501, 1527, 
1910-1912, 1921-1925, 1931-1933. 

See Sailing Directions. 

1230. 

1210, 1214, 1231, 1232, 1233-1234, 1310, 1316, 1317, 1319, 1325, 
1328, 1330, 1521, 1522, 1527, 1528, 1922, 1924, 1933. 

0925. 

0714, 1314, 1332 1334, 1417. 

0201, 0204, 0206, 0501, 0511. 

Apps 1-2, App 4. 

1910-1911. 

0950. 

1312. 

0123, 0126, 0806. 

0110, 0115, 0310, 0311, 0313, 0541, App 5. 

See Polar Stereographic Projection. 

0910, 0913, 0920, 1515. 

0206. 

App 2. 

1122. 

0414, 0450, 0621, 0920, App 4. 

App 2. 

0110, 0113-0116, 0203, 0208-0209, 0211, 0311-0314, 0324, 0411, 
0414, 0421-0422, 0425, 0431, 0451, 0520, 1122, App 2, Apps 4-5. 
1816. 

0414, 0622, App 4. 

See PSS. 

1125. 

0620, 0808, 1603, 1623, App 4, App 10. 

0710, 0711, 0712, 0803-0805, 0806, 0808, 0933, 1212, 1312, 1415, 
1530, 1601-1603, 1610-1623, Anxs 16A-16B, App 6, App 10. 
See PPA. 

1022. 

0710, 0712, 1530, 1610, 1622-1623. 

0910. 

1221. 

0920. 

0324. 

See PPS. 

1602. 

See T&Ps. 

1526-1527, 1722. 

1220, 1332. 

1510. 

1017. 

0110, 0111, 0114, 0423, 0431, 0451-0452, 1214. 

See Central Meridian. 

See PDF. 

Anx 16B. 

See LEP. 

0401, 0410-0411, 0412-0414, 0420, 0431, 0450, App 4. 

See PCS. 

0914. 
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Pseudo AIS (contact ) 

Pseudo Ranging (GPS) 

PSS (Portable Survey System) 

Public Regulated Service (Galileo) 
Pulse Length (Radar) 

Pulse Repetition Frequency (Radar) 
PZ 90 (GLONASS Datum) 

Quadrantal Spherical Triangle 
Quadrature (Tides) 

Quadrifilar Helix Antenna (DGPS / GPS) 
Quartering Bearings (Pilotage) 

Quick Flashing (Light characteristics) 
Race / Races (Tides) 

Racon (Radar Transponder) 

Racon Flash (Radar Transponder) 
Radar Image Overlay 

Radar Reflectors 

Radial Error (Nav Errors - RMS Error) 
Radial SD (Radial Standard Deviation) 
Radial Standard Deviation (Nav Errors) 
Radian Rule 

Radio Navigational Warnings 

Radius of Curvature (Earth) 

Ramark (Radar Beacon) 

Ramark Flash (Radar Beacon) 
Random Errors (Navigational Errors) 


95% Random Errors (Nav Errors) 
Range (Tidal) 


Range Discrimination (Radar) 
Range Lattices (Fixing) 


Range of the Day (Tidal Stream Predictions) 


Rangefinders 

RAS (Replenishment at Sea) 

Raster / Raster Navigation Charts 

Rate for the Day (Tidal Nurdle) 
Recommended Tracks (Traffic routing) 
Rectangular Distribution (Nav Errors) 
Rectangular Errors (Navigational Errors) 
Rectilinear Tidal Streams 

Reduced Latitude 

Reduced MSR (Anchoring) 

Reed (Fog signal) 


Region B (IALA Maritime Buoyage System) 
Region A (IALA Maritime Buoyage System) 


Regional Geodetic Datums (Spheroid) 
Relative Bearing / Relative Bearings 
Relative Distance (Rel Vel) 

Relative Motion (Radar / ARPA) 
Relative Motion (Vector) 

Relative Navigation 

Relative Position (Navigational Errors) 
Relative Speed (Rel Vel) 

Relative Target Trails (Radar / ARPA) 
Relative Track (Radar) 

Relative Vectors (Radar / ARPA) 
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See Virtual AIS. 

0910, 0911. 

1827. 

See PRS. 

1511, 1513, 1519, 1521, 1523. 

See PRF. 

0913. 

App 2. 

1017. 

1806. 

1314, 1322. 

0930, 0941. 

1044. 

1518, 1529. 

1529. 

See RIO. 

1518. 

1612, 1615, Anx 16B. 

1612. 

See Radial SD. 

0127, 0805-0806, 0811, 1312, 1319, 1322, 1324, 1522, Anx 16B. 
0615, 1311. 

0113, 0314, 0421, App 6. 

1518, 1529. 

1529. 

0811, 1603, 1610-1611, 1614, 1620, 1621, 1623 Anxs 16A-16B, 
App 10. 

1623. 

0624, 0942, 1014, 1020-1021, 1031, 1040, 1052, 1062, 1313, 1820, 
1828. 

1511. 

0805. 

1042, 1045. 

See Optical Rangefinder and Laser Rangefinder. 
0811, 1110-1111, 1210, 1220, 1238, 1327. 

See RNC. 

1046. 

1221. 

Anx 16A. 

1620, Anx 16A. 

1040. 

See Parametric Latitude. 

1412. 

0934. 

0941. 

0941. 

0311, 0321, 0324. 

0126, 0803,1230. 

1735. 

1316, 1526-1527, 1703, 1712, 1720, 1721. 
1710, 1712. 

See RELNAV. 

1602. 

1710, 1711, 1712-1713, 1720, 1722, 1732-1736. 
1526-1527. 

0713, 1703, 1711, 1712-1714, 1720, 1722, 1732-1736. 
1526-1527. 


Italicised Technical Term 


Relative Velocity 

RELNAV (Relative Navigation) 
Repeatability (Navigational Errors) 
Replenishment at Sea 

Resection (Fixing) 

Restricted Visibility 

Retroflector (Buoyage System) 
Rhumb Line 


Rhythmic (Light characteristics) 
Rigidity-in-Space (Gyroscope) 

Ring Laser Gyros 

RIO (Radar Image Overlay) 

Rising Range (Lights) 

RLG (Ring Laser Gyros) 

RMS Error (Root Mean Square Error) 
RNC (Raster Navigation Charts) 


Roaring Forties 

Root Mean Square Distance (Nav Errors) 
Root Mean Square Error (Nav Errors) 
Rose 

Rose Correction 

Rotary Tidal Streams 

Rounding-Off Error (Navigation Errors) 
Run-back (Transferred Position Line) 
Running Anchorage 

Running Fix 

Running Survey 

Run-on (Transferred Position Line) 
Safe Latitude 

Safe Parallel 

Safe Parallels of Latitude 

Safe Water Marks (Buoyage System) 
Safety of Life Service (Galileo) 

Safety Swinging Circle 

Sailing Directions (Admiralty Pilots) 


Sailings (Methods) 
SAME Name (Hemispheres) 
Sandwaves 


SAR (Search and Rescue Service - Galileo) 


SART (Search and Rescue Transponder) 
Satellite Based Augmentation Systems 


SBAS (Satellite Based Augmentation Systems) 


Scale (General) 


Scale (Projection property) 

Scale Error (Hydrographic Survey) 
Scale Factor (Tidal Nurdle) 

Scale Factor (Transverse Mercator Grids) 
Scend [or ‘Send’ ] (Waves) 
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1701, 1702, 1715, 1720, 1722, 1730. 

1321, 1922. 

1602. 

See RAS. 

1811. 

See Fog. 

0941. 

0110, 0202, 0204-0205, 0207, 0209-0210, 0414, 0421-0422, 
0425, 0441- 0442, 0511, 0521, 0530-0531, 0551, 1110, App 3, 
App 5. See also Course & Distance. 

0930. 

0920. 

See RLG. 

0720, 1231-1232, 1321, 1323, 1415, 1528, 1921, 1923-1924. 
0933. 

0920, 0921. 

1611-1612, Anxs 16A-16B. 

0331, 0614- 0616, 0631, 0632-0633, 0902, 0919, 0930, 0940, 
1110, 1210, 1214, 1317, 1911. 

1122. 

See d[rms]. 

See RMS Error. 

See Compass Rose. 

See Compass Rose Correction. 

1040. 

1611, Anx 16A. 

0804, 0805. 

1414, 1418, 1420. 

0804, 0805, 0806. 

1814. 

0804, 0805. 

See Safe Parallels of Latitude. 

See Safe Parallels of Latitude. 

0209, 0442, 0522, 0622. 

0941. 

See SoL. 

1410, 1412-1413, 1415. 

0612, 0640, 0712, 0930, 0940- 0941, 1042, 1110-1111, 1221, 
1234, 1311, 1323, 1812, 1816, 1830, 1831. 

0201, 0207, 0208-0209, 0501, 0511, 0550. 

0208, 0211. 

1213, 1234. 

0914. 

1518, 1529, 

See SBAS. 

0915. 

0113, 0124, 0324, 0610-0611, 0620, 0622-0626, 0631, 0713, 0716, 
0805, 0810, 0930, 0940, 1046, 1060, 1110-1112, 1210, 1214, 1310- 
1312, 1321, 1410, 1521, 1803, 1813-1814, 1820, 1822-1823, 1825- 
1828, 1830, 1924, App 3-4, App 6. 

0411, 0413-0414, 0421, 0423-0424, 0431. 

1820. 

1046. 

0450. 

1410. Scend is the vertical movement of waves or Swell 
alongside a wharf, jetty, cliff, rocks etc. 
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SD (Standard Deviation) 
2SD (Twice Standard Deviation) 
SE Trade Winds 
Sea Command (Ships et al) 
Sea Ice 
Sea Mile 


Sea Orders / Sea Order Book (Command) 
Sea Speed (Rel Vel) 

Sea Stabilised (Radar / ARPA) 

Seafarer (RNCs) 

Search and Rescue Service (Galileo) 
Search and Rescue Transponder (Radar) 
Seasonal Variation (MSL - Tides) 
Secant Projections 

Secondary Ports (Tides) 

Sector Light (Light characteristics) 
Seiche (Tides) 

Seismic Waves (Tsunamis) 

Self Organising TDMA (AIS) 


Semi-Diurnal / Semi-Diurnal Tidal Streams 


Semi-Diurnal / Semi-Diurnal Tides 


Primary / Secondary References (Primary References in BOLD) 


1611, 1614, 1616, Anxs 16A-16B. 
1611. 

1122. 

1910. 

1531. 

0113, 0114, 0202, 0314, 0421-0422, 0424, 0623, 0803, 0925, 0930, 
0932, 1515, 1524, App 5. 

1912. 

1703, 1722. 

1526, 1527, 1703, 1722. 

0632. 

See SAR. 

See SART. 

1050-1060. 

0413. 

1030, 1050, 1053, 1060, 1828. 
0930. 

1022. 

1023. 

See SOTDMA. 

1040, 1042, 1045-1046, 1816. 
1014-1018, 1020, 1030, 1050, 1062. 


Semi-Systematic Errors (Navigational Errors) 1610, 1611, 1621. 


Separation Line (TSS) 
Separation Zone (TSS) 
Set 

Sextant 


SGS 90 (Soviet Geocentric Co-ord System) 


Shadow Zones (Radar) 
Shallow Water Effect (Interaction) 


Shallow Water Effects / Corrections (Tides) 


Shape (Hydrographic Survey) 

Shape (Projection property) 

Ship Proximity Interaction 

Ship Reporting Systems (Routing Systems) 
Ship’s Head 

Ship’s Log 


1221. 

1221. 

0713, 0720, 0806, 1527, 1603, App 7. 
App 10. 

0913. 

1519, 1530. 

See SWE. 

1021, 1031-1032. 

1820. 

0411, 0414. 

See Interaction. 

1240. 

See Heading. 

0716, 1230, 1238, 1415. 


SHM (Simplified Harmonic Method) - Tides 1032 ,1050. 


SHM for Windows® (UKHO Tides software) 


Side Error (Sextant) 

Sight Reduction Method (Astro) 
Sigma 

o [Sigma] (Navigational Errors) 


1032 ,1042, 1050, 1311. 
App 10. 
0210. 
See O. 
1615-1616, 1621 Anx 16A, Anx 16B. 


lo[1 Sigma] (Nav Errors - Linear SD) 1602, 1611, 1613, 1614, 1615, Anxs 16A-16B. 


20[2 Sigma] (Nav Errors) 
30[3 Sigma] (Nav Errors) 


o , [Sigma ,] (Nav Errors, Radial SD) 


20 ,[2Sigma ,] (Nav Errors) 
Simple Conical Orthomorphic Projection 


Simplified Harmonic Method (UKHO Tides) 


Simplified Symbols (ENC - IHO S.52) 
Sine Formula / Method / Rule etc 
Single Normal MSR (Anchoring) 
Single Reduced MSR (Anchoring) 
Siren (Fog signal) 


1602, 1611, 1615, 1620, 1621, Anx 16A. 
1602, 1621, Anx 16A. 

1612, Anx 16B. 

1615. 

See Conical Projections. 

See SHM and SHM for Windows®. 
0632. 

0210, 0211, 1322, 1820, 1825, Apps1- 2. 
1412. 

1412. 

0934 


SIRGAS (South American International Geodetic Reference System) 0321. 


Skew Orthomorphic Projection 
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Specialized diodes (which have not been 
covered here) can perform particular 


functions, which no other components can 
handle. 

Finally, as you see in Chapter 3, 
“Introduction to the Transistor,” diodes are 
an integral part of transistors. 

All the many uses of semiconductor diodes 


are based on the fact they conduct in one 
direction only . Diodes are often used for the 
following: 

Protecting circuit components from voltage 
spikes 

Converting AC to DC 

Protecting sensitive components from 
high-voltage spikes 

Building high-speed switches 

Rectifying radio frequency signals 


Self-Test 

The following questions test your 
understanding of this chapter. Use a separate 
sheet of paper for your diagrams or 
calculations. Compare your answers with the 
answers that follow the test. 

1. Draw the circuit symbol for a diode, 
labeling each terminal. —__ 

2. What semiconductor materials are used in 


the manufacture of diodes? _—_— 
3. Draw a circuit with a battery, a resistor, 
and a forward-biased diode. 


Italicised Technical Term 


Small Circle 

Small Corrections (Obsolete from 2000) 
Smelling the Ground (Interaction) 

SMG (Speed Made Good) 

SOA (Speed of Advance) 

SOCs (Standard Operator Checks) 
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0110, 0111, 0115, 0208, 0803, 1013, App 2, App 4. 
0624, 0626. 

1220, 1332. 

See Ground Speed. 

1110-1112, 1210-1211, 1214, 1234. 

1230. 


SOG (Speed Over the Ground / Ground Speed - AIS field) 0951. 


SoL (Safety of Life Service - Galileo) 
Solar Day (Tides) 

Solar Equilibrium Tide (Tides) 

Solar Semi-Diurnal Harmonic Constituent 
SOLAS (Safety Of Life At Sea) 

Solstice / Solstitial Tides (Tides) 

Somali Current 

Sonar Speed Logs 

SOTDMA (Self Organising TDMA - AIS) 
Sounding Board (Hydrographic Survey) 
Sounding Book (Hydrographic Survey) 
Sounding Datum (Hydrographic Survey) 
Sounding Marks (Hydrographic Survey) 
Source Data (Diagram - charts) 

South Equatorial Current 

Southern Ocean Current 

Soviet Geocentric Co-ordinate System 1990 
Spatial Correlation (Speed) Logs 

Special Marks (Buoyage System) 

Special Sea Dutymen 

Speed Factor (Manoeuvring Data) 

Speed Log 

Speed Made Good 

Speed of Advance 

Speed Over the Ground (Ground Speed - AIS) 
Sphere / Spherical (Earth) 


0914. 

1016. 

1016. 

1031. 

0631, 0632, 1525. 

1016-1017, 1020, 1902. 

1125. 

0925. 

0951. 

1821, 1827. 

1827. 

1820, 1827-1828, 1831. 

1820, 1824, 1826. 

0624-0626, 0805. 

See Equatorial Currents (North and South) 

1122, 1124-1125. 

See SGS 90. 

0925. 

0941. 

See SSD. 

See Acceleration Distance. 

0712, 0920, 0925, 1526-1527, 1603, 1622, 1722, 1814. 
See Ground Speed. 

See SOA. 

See SOG. 

0110, 0114, 0115-0116, 0201, 0203-0205, 0208-0211, 0310-0311, 
0313, 0315, 0330, 0332, 0413, 0414, 0420, 0422, 0440, 0510, 0520, 
0530, 0550, 0551, 1012, App 2, App 4. 


Sphere / Spheres (Soft-iron, Magnetic Compass) 0122, 0125, 1230. 


Spherical Distance (Geodesic) 
Spherical Great Circle Composite Track 
Spherical Great Circle Sailing 

Spherical Mercator Sailing 

Spherical Meridional Parts 

Spherical Sailing 

Spherical Triangle 

Spheroid / Spheroidal (Earth) 


Spheroidal Arc (Transverse Mercator Grids) 
Spheroidal Corrections (Geodesic) 
Spheroidal Great Circle Sailing 

Spheroidal Meridional Parts 

Spheroidal Projection 

Spheroidal Rhumb Line Sailing 

Spin Axis (Gyroscope / Gyro Compass) 
Spring Tides / Springs 

SPS (Standard Positioning Service - GPS) 


See Distance (Geodesic - Spherical). 

0501, 0522. 

0501, 0521, 0551. See also Great Circle. 

0511. 

0511. 

0201, 0207, 0208-0209. 

0520, App 2, App 4. 

0101, 0111, 0114, 0116, 0201, 0205, 0207-0208, 0210, 0311, 0312- 
0313, 0315, 0320, 0321, 0322, 0330-0331, 0332, 0410, 0413-0414, 
0420-0422, 0424, 0440, 0450, 0452, 0530, 0531, 0540, 0541, 0550, 
0551, 0711, 0913, Apps 4-5. 

See also Datum, Oblate Spheroid and WGS 84. 

0450. 

0541. 

0501. 

App 5. 

0414. 

0501. 

0121, 0920, 0921 

0712, 1017-1018, 1020, 1051, 1330, 1816. 

0910, 0917. 


Index Glossary-21 
Original 


BR 45(1)(1) 


INDEX-GLOSSARY (ITALICISED TERMS) 


Italicised Technical Term 


Square Corner Reflectors (Radar) 

Squat (Interaction) 

Squint Error (Radar) 

SR (SunRise) 

SS (SunSet) 

SSD (Special Sea Dutymen) 
Stabilisation Modes (Radar / ARPA) 
Stand (Tides) 

Standard Deviation (Navigational Errors) 
Standard Distance (NATO - Manoeuvring) 
Standard Operator Checks 

Standard Parallel / Parallels (Projections) 
Standard Port (Tides) 

Standard Positioning Service (GPS) 
Station Pointer 

Statute Mile 

Steady Turning Diameter (Manoeuvring) 
Steadying Point (Manoeuvring Data) 
Stereographic Projection 

Stern Rope (Berthing) 

Stern Swinging Circle 

Sternboard (Manoeuvring) 


Sternmark / Sternmarks 

Stern-to Berthing (Anchoring) 

Storm Surges 

Stripes (Light Structure Descriptions) 
Sublunar / Sublunar Point (Tides) 
Sub-Refraction 

Subsidiary Light (Light characteristics) 
Subtense Method (Hydrographic Survey) 
Suction Zone (Interaction) 

Sud Algerie Grid (Transverse Mercator) 
Sud Maroc Grid (Transverse Mercator) 
Sud Tunisie Grid (Transverse Mercator) 
SunRise 

SunSet 

Super-Refraction 

Surface Current / Surface Drift 

Surface Drift 

Surface Drift Current 

SWE (Shallow Water Effect - Interaction) 
SWE Onset Depth (Interaction) 

Swell 


Swept Gain (Radar) 

Systematic Errors (Navigational Errors) 
T&Ps (Temporary and Preliminary NMs) 
Tactical Diameter (Manoeuvring Data) 
Tactical Miles 

Tactical Navigation 

Tangent Projections 

Tangential Plane 

TCPA (Time to CPA) 
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1518. 

1213, 1220, 1234, 1311, 1332, 1807, 1827. 

1522. 

0715, 1110, 1210, 1214, 1311. 

0715, 1110, 1210, 1214, 1311. 

0924, 1230, 1312, 1327, 1912, 1923-1924, 1931-1933. 

1526, 1527, 1722. 

1021. 

See SD, 

1412. 

See SOCs. 

0413, 0414, 0421, App 4. 

1021, 1030, 1040, 1042, 1046, 1050, 1053, 1828. 

See SPS. 

0808, 0810-0811, 1811, 1820-1821, 1826-1827, App 6, App 10. 
0113. 

1314. 

1314. 

0411, 0414. 

1424-1425. 

1415, 1418, 1816. 

1417, 1420, 1422, 1425. A Sternboard is a prolonged movement 
of a vessel astern under its own power, usually for a distance of at 
least 1 cable or more. Sternboards are often carried out by warships 
when unberthing. 

0942, 1310, 1312-1313, 1319, 1321, 1322, 1324, 1923, 1931. 
1412, 1420-1424. 

1022, 1060, 1062, 1812. 

0930. 

1012-1013, 1015. 

1515. 

0930. 

1820. 

1220, 1332. 

0453. 

0453. 

0453. 

See SR. 

See SS. 

1515, 1529, 1530. 

0712-0713, 0715, 0925, 1002, 1040 1120, 1121, 1122. 

1603. 

See Surface Current / Surface Drift. 

1220, 1234, 1312, 1319, 1322, 1332-1333. 

See Onset Depth. 

1213, 1410. Swell is the wave motion caused by a meteorlogical 
disturbance, which persists after the disturbance has died down or 
moved away. 

1513, 1514, 1520. 

1603, 1610, 1611, 1620, App 10, Anx 16B. 

0615, 1110- 1111, 1210, 1311. 

0714, 1314. 

1520. 

1911. 

0413. 

0330, 0332-0333. 

1526. 


Italicised Technical Term 


TDMA (Time Division Multiple Access - AIS) 
Tectonic Plates (Seismic Waves) 
Temperature Inversion 

Temporal Correlation (Speed) Logs 
Temporary and Preliminary NMs 
Temporary NMs 

Ten-Foot Pole 

Territorial Sea 

Thames AIS 

Threshold Level (Radar) 

Tidal Bore 

Tidal Nurdle (Tidal Stream Predictions) 
Tidal Current (American for Tidal Stream) 
Tidal Curve (Hydrographic Survey) 

Tidal Levels 

Tidal Stream / Tidal Streams 


Tidal Stream Atlas / Atlases 
Tidal Waves (Tides - NOT Seismic Waves) 
Tide / Tides 


Tide Pole (Hydrographic Survey) 
Tide Raising Force / Effect 

Tide-Rip / Tide-Rips 

Time Division Multiple Access (AIS) 
Time to CPA 

Time Zones 

TotalTide® (UKHO tides software) 
Track Control (Manoeuvring) 

Track Control System 

Tracking (Radar / ARPA) 

Tractive Force 

Trade Winds 

Traditional Symbols (ENC - IHO S.52) 
Traffic Lanes (TSS) 

Traffic Separation Scheme 

Transfer (Manoeuvring Data) 
Transferred Position Line 
Transponder (Radar) 

Transverse Mercator Projection 


Transverse Mercator Projection Grid 
Traverse Sailing 

Trial Manoeuvres (ARPA) 
Triangulation (Hydrographic Survey) 


Triangulation Station (Hydrographic Survey) 


Trim (Squat / Interaction) 

Tropical Storms 

True Altitude (Sextant) 

True Easting (Transverse Mercator Grid) 
True Horizontal Angle (Hydrographic Survey) 
True Latitude 
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0951. 

1023. 

1515. 

0925. 

See T&Ps. 

See T&Ps. 

1813, 1821, 1827, 1829. 

1110, 1111, 1210-1211, 1221, 1802. 

See Inland AIS. 

1510, 1526. 

See Bore. 

1046. 

1002, 1040. 

1827, 1829. 

1050, 1060-1061. 

0624, 0712-0713, 0715-0716, 0804- 0806, 0916, 0925, 0942, 1001, 
1002, 1032, 1040, 1041, 1042-1043, 1045-1046, 1051, 1053, 1112, 
1120, 1210, 1212, 1214,1222, 1231, 1234, 1236, 1238 1310-1312, 
1314, 1316, 1319-1320, 1322-1324, 1328, 1330-1331, 1333, 1410- 
1412, 1414-1415, 1417-1419,1527, 1603, 1621, Anx 16A, 1722, 
1804, 1811, 1813, 1816, App 7. 

0712, 1042, 1044, 1045, 1046 

1020 -1023. 

0712, 1001, 1002, 1010, 1012-1017, 1020-1022, 1040, 1042-1044, 
1050, 1052, 1062, 1213, 1234, 1240, 1323, 1410, 1415, 1420, 
1816, 1820, 1828, 1830. 

1821, 1828. 

1002, 1010, 1013-1018, 1020, 1030-1031, 1040-1041. 

See Overfall. 

See TDMA. 

See TCPA. 

1110, 1111, 1210, 1214, 1238, 1828. 

0712, 1001, 1042, 1046, 1050-1051, 1214, 1311. 

1211, 1236. 

1236. 

1703. 

See Tide Raising Force. 

1122, 1515. 

0632. 

1221. 

See TSS. 

0714, 1310-1311, 1314, 1315. 

0710, 0804, 0805, 0806. 

1518, 1520, 1529. 

0411, 0414, 0430, 0431, 0450, 0451,0611, 0621-0622, 0623, 0624, 
App 4. 

0450, 0451. 

0201, 0206, 0501. 

1526. 

1820, 1821, 1822, 1825, 1827, 1831. 

1820, 1824- 1827, 1829. 

1220. 

1812. 

App 4, App 6. See also Altitude, Observed Altitude. 

App 4. 

1824. 

0111. 
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True Motion (Radar / ARPA) 1316, 1526-1527, 1703, 1712, 1721. 

True North 0120, 0121-0122, 0450. 

True Northing (Transverse Mercator Grid) App 4. 

True Speed (Rel Vel) 1711, 1712, 1713, 1720, 1722, 1732, 1736. 

True Target Trails (Radar / ARPA) 1316, 1526-1527, 1722. 

True Track (Rel Vel) 0713, 1711, 1712, 1713, 1720, 1722, 1732, 1734-1736. 

True Vectors (Radar / ARPA) 1526-1527. 

TSS (Traffic Separation Scheme) 0611, 0941, 1110-1111, 1210- 1211, 1221, 1240. 

Tsunamis (Seismic Waves) 1023, 1812. 

Turning at Rest (Manoeuvring) 0803, 1322. 

Turning Circle (Manoeuvring) 0714, 1314, 1322-1323. 

Two-way Routes (Traffic routing systems) 1221. 

Typhoons 1812. 

UK Transverse Mercator Projection (UKTM) 0452. 

UKHO (UK Hydrographic Office) 0111, 0207-0208, 0322, 0323, 0601, 0610, 0611-0616, 0624, 0640, 


0712, 0803, 0805, 0901, 1032, 1042, 1050,1060-1062, 1111, 1115, 
1211,1214, 1221, 1240, 1311, 1313, 1521, 1802-1803, 1805, 1812, 
1814-1815, 1820, 1826-1829, 1831, App 6. 

Ultra Quick Flashing (Light characteristics) 0930. 


Underkeel Clearances 1022, 1051, 1052, 1210, 1212-1213, 1220, 1234, 1310, 1311, 
1312, 1319, 1328, 1410. 

UNE (chart - Urgent New Edition) 0615, 0624. See also NE. 

Uninterruptible Power Supply See UPS. 

Union Jack 1230. 

United Kingdom Hydrographic Office See UKHO. 

Universal Polar Stereographic Projection 0414. 

Universal Transverse Mercator .... See UTM .... (Grid, Projection, Zones etc). 

UPS (Uninterruptible Power Supply) 0631. 

Urgent New Edition (chart) See UNE. 


US National Geospatial & Chart Agency See NGA. 
UTM Grid (Universal Transverse Mercator) 0431, 0450, 0451, 0452. 


UTM Grid East / Eastings 0451. 

UTM Grid North / Northings 0421, 0450, 0451. 

UTM Projection 0414, 0451. 

UTM Zones of Longitude 0451, 0452. See also Zones of Longitude. 
Variable Range Marker See VRM. 

Variance (Navigational Errors - Mean Square) Anx 16A. 

Variation (Magentic) 0122-0124, 0125, 0454, 0624, 0807, 0811, 1820. 
Vector (chart) 0614, 0632. 

Velocity Of Sound (In water) See VOS. 

Velocity Triangle (Rel Vel) 1713, 1720, 1721-1722, 1730, 1734-1736. 
Velocity Triangle Rules (Rel Vel) 1714, 1720, 1730. 

Velocity Vector Modes (Radar / ARPA) 1526-1527, 1722. 

Vertex / Vertices (Great Circle) 0201, 0207, 0209, 0442, 0520-0521, 0522, App 2, App 4. 
Vertex Latitude (Great Circle) 0520, App 4. 

Vertex Longitude (Great Circle) 0520, App 4. 

Vertex / Vertices (Great Circle) 0201, 0207, 0209, 0442, 0520-0521, 0522, App 2, App 4. 
Vertical Clearances 0624, 1051, 1062, 1820. 

Vertical Control (Hydrographic Survey) 1820. 

Vertical Danger Angle 0803, 1233. 

Vertical Datums (Tides) 0320, 1051, 1062. 

Vertical Lights (Light characteristics) 0930. 

Vertical Sextant Angle See VSA. 

Very Quick Flashing (Light characteristics) 0930, 0941. 

Vessel Traffic System See VTS. 

Vigias (Hydrographic Survey) 1815. 

Virtual AIS (contact symbols) 0952 0954. 
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VOS (Velocity Of Sound - in water) 
VRM (Variable Range Marker) 
VSA (Vertical Sextant Angle) 

VTS (Vessel Traffic System) 
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1807. 

1317, 1720, 1933. 

0803, 0805, 1813, 1829, 1830, App 6. 
0952, 1221, 1240-1241, 1320, 1323. 


WAAS (Wide Area Augmentation System) 0915, 1806. 

W-AIS (Warship AIS) 0950. 

Warship Automatic Identification System See W-AIS. 

Warship Electronic Chart Display Information System (Warship ECDIS) See WECDIS. 


Water Track (Course steered) 


0713, 0806, 1703, 1722. 


Wave of Translation (Canal Effect / Interaction) 1220. 


Wavelength (Radar) 

Waypoint / Waypoints (Great Circle) 
Waypoint / Waypoints (Track / Route) 
WECDIS (Warship ECDIS) 


Weekly NMs 

Weekly Notices to Mariners 
West Australian Current 
WGS 72 (Datum / Spheroid) 
WGS 84 (Datum / Spheroid) 


Wheel-Over 


Whistle (Fog signal) 

Wide Area Augmentation System 
Williamson’s Turn (Manoeuvring) 

Wind Sheer 

World Geodetic System (WGS) 

Yaw / Yaws / Yawing 

Yaw (Naval Command Systems) 

Zenith 

Zenithal Projection 

Zero-PIM (Zero Position / Intended Move’t) 
Zero-PIM 

Zero Pitch (Controllable Pitch Propeller) 
Zero Position / Intended Movement 

Zones of Longitude (Transverse Mercator) 


1514, 1523 

0414, 0440-0441, 0442, 0521, 0622. 

0714, 0720, 0951, 1211, 1236, 1827, 1829. 

WECDIS comprises an [MO-approved ECDIS with additional 
functionality for military purposes in warships. 0210, 0331, 0451, 
0550, 0551, 0613, 0631-0632, 0701, 0712, 0714-0716, 0720-0721, 
0805, 0808, 0811, 0910, 0919, 0950, 1051, 1102, 1110, 1113, 1202, 
1210, 1214, 1222, 1230, 1231, 1232, 1236, 1238, 1302, 1311, 1312- 
1314, 1316, 1317, 1319-1320, 1321, 1323-1325, 1327-1328, 1402, 
1413, 1415, 1502, 1528, 1701, 1702, 1806, 1810, 1814-1815, 1827, 
1903, 1911, 1920, 1921-1925. 

See NMs. 

See NMs. 

1125. 

0321-0322, 0324. 

0110, 0115, 0310, 0312- 0313, 0321-0322, 0323, 0324, 0331- 
0332, 0423, 0452, 0531, 0551, 0624, 0805, 0910, 0913, 0918, 
0931, 1321, 1602, 1803, 1811, 1820,1829, App 5. 

See also Datum, Oblate Spheroid and Spheroid. 

0714, 0715, 0804, 0807, 1234, 1310, 1312, 1314, 1316, 1319, 1322, 
1323, 1328, 1413, 1923-1924, 1932. 

0934, 0940. 

See WAAS. 

1827. 

1332, 1334. 

See WGS 84 and GNSS. 

0120, 1418, 1419. 

0120. 

0116. 

0413, 0440. 

1111, 1112. 

1214. 

1332 

See Zero-PIM. 

0431. 
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Pinto (43) Pub. Date: Feb. 9, 2006 
(54) APPARATUS COMPRISING OF Related U.S. Application Data 


PROPULSION SYSTEM 
(60) Provisional application No. 60/598,658, filed on Aug. 


(75) Inventor: Fabrizio Pinto, Monrovia, CA (US) 4, 2004. 
Publication Classification 
Correspondence Address: 
(51) Int. Cl. 
DEMONT & BREYER, LLC B64G 1/40 (2006.01) 
Sha ona Ee) S Gs TT Tn ea S 244/171.1 
100 COMMONS WAY 
HOLMDEL, NJ 07733 (US) (57) ABSTRACT 
A propulsion system that does not consume fuel. The system 
(73) Assignee: InterStellar Technologies Corporation, operates to modify the dispersion force (i.e., van der Waals) 
Monrovia, CA that arises between particles, such as neutral atoms. A lifting 
force is generated as a result of this modification of the 
(21) Appl. No.: 11/197,787 dispersion force. In the illustrative embodiment, the propul- 
sion system includes particles, a particle trap, a source of 
(22) Filed: Aug. 4, 2005 electromagnetic energy, and a piston. 
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y anfi- 


4. What IS the current through a 


reverse- biased perfect diode? > 
5. Draw a typical V-I curve of a 
forward-biased diode. Show the knee voltage. 


6. What is the knee voltage for silicon? 
Germanium? | 

7. In the circuit shown in Figure 2.36 , VS = 
10 volts and R = 100 ohms. Find the current 
through the diode, assuming a perfect diode. 


Figure 2.36 
Vo 


Ge 


8. Calculate question 7 using these values: V 
S = 3 volts and R = 1 KQ. __— 

9. In the circuit shown in Figure 2.37 , find 
the current through the diode. st—i‘i—™ 

VS = 10 volts 


R1 = 10 kQ 
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APPARATUS COMPRISING OF PROPULSION 
SYSTEM 


STATEMENT OF RELATED APPLICATION 


[0001] This application claims priority of U.S. Provisional 
Patent Application 60/598,658, which was filed on Aug. 4, 
2004 and is incorporated by reference herein. 


FIELD OF THE INVENTION 


[0002] The present invention relates generally to propul- 
sion systems. 


BACKGROUND OF THE INVENTION 


[0003] Sixty-six years after the Wright brothers made their 
first, sustained powered flight, Neil Armstrong walked on 
the Moon. Incredible progress to be sure, but can this pace 
of innovation be sustained? Will we soon visit neighboring 
planets or the nearest stars? Can we reach these destinations 
with the technology that got us to the Moon? If we can’t, 
what propulsion technologies might be able to take us to 
these unthinkably remote places? 


[0004] Current propulsion technology is based on an 
action-reaction principle, whereby a gas is expelled at high- 
speed to propel a payload in the opposite direction. This 
technology is typically embodied as a chemical rocket 
engine. While a payload can be rapidly accelerated using a 
chemical rocket, fuel is quickly consumed to develop the 
required thrust. To illustrate the problem, consider that if a 
spacecraft could be powered to achieve a constant accelera- 
tion of only 1 g, the trip from Earth to Mars would require 
about 2-4 days. In fact, modern chemical rocket engines can 
achieve accelerations much greater than 1 g. But even at 1 
g, the fuel would be exhausted within minutes. As a conse- 
quence, the trip to Mars from Earth via chemical rocket 
takes about six months. 


[0005] With current chemical-rocket technology, most of 
the weight at launch is fuel. For example, a typical choice for 
a mission to Mars would involve the Boeing Delta II 7925 
or 7925H rocket stages. In its common configuration, the 
RS-27A engine of the Delta II first stage, along with an 
additional nine strap-on sold rocket motors, will have a mass 
of about 285,000 kilograms at launch. But of this mass, only 
slightly more than 1000 kilograms will reach Mars. 


[0006] As noted above, the delivery of several tons of a 
payload to Mars via chemical rockets is contemplated to 
take about six months, with total mission duration of about 
two to three years. For the majority of transit time, astro- 
nauts will be weightless, which is known to adversely affect 
the human body. Furthermore, the astronauts will be subject 
to exposure from harmful radiation. Additionally, the pros- 
pects of mounting a rescue or recovering from a serious 
malfunction are slim due to the transit times involved. 


[0007] And the distances involved in interstellar travel are 
so large that with this technology, a trip to even the nearest 
star systems would take hundreds to thousands of years. 


[0008] It seems clear that current technology does not 
provide a means to manned exploration of the Solar System 
or beyond. That being the case, can technological 
approaches be conceived that will send spacecraft from the 
Earth to destinations within the Solar System in a matter of 
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days or weeks, as opposed to years or decades? Any such 
approach will face a daunting technological requirement. 
Namely, in order to drastically reduce travel time to “neigh- 
boring” planets and “nearby” stars, exceedingly large 
velocities must be achieved—velocities that are on the order 
of a significant fraction of the speed of light. 


[0009] Proposals that meet this mission time requirement 
will, therefore, typically require what can only be described 
as “fantastic” technologies. From a feasibility perspective, 
perhaps the most “promising” of those technologies that 
have been proposed is the matter-antimatter drive. When 
combined, matter and antimatter will completely annihilate, 
releasing unfathomable quantities of energy. But even 1f we 
were able to develop a matter-antimatter drive, its use should 
be proscribed. The reason is that if antimatter were to leak 
from its containment chamber while in the vicinity of Earth, 
there 1s a distinct possibility that the resulting energy release 
would destroy Earth or at least cause the extinction of all life 
thereon. 


[0010] Another exotic propulsion technology is the “solar 
sail.” Although solar sails can produce momentum by 
reflecting a portion of the light that they receive from the 
sun, this approach, on its own, does not offer a solution to 
the problem of achieving interstellar or even interplanetary 
travel. More specifically, in order to deliver a space probe to 
a nearby star in less than a century, the sail must be driven 
by laser light aimed at it throughout the trip. The power 
requirement for the laser, which would be located on Earth, 
is on the order of hundreds of thousands of terawatts. For the 
sake of comparison, the current planetwide consumption of 
electricity is on the order of about 1 terawatt. And this 
approach has a further complication. Namely, the craft must 
be slowed from a non-trivial fraction of the speed of light to 
orbital velocity at its final destination using light that is 
coming from earth. This would require the coordination of 
very complex maneuvers that, if not carried out correctly, 
might result in the destruction of the ecosystem of the 
destination planet. 


[0011] In the late 1990s, NASA established and funded a 
program, now defunct, called the “Breakthrough Propulsion 
Program.” The program’s charter was to evaluate entirely 
new propulsive principles that would enable interstellar or at 
least interplanetary travel. Technologies under consideration 
included the Schlicher thruster, Deep Dirac Energy, Pod- 
kletnov gravity shielding, Podkletnov force-beam, transient 
inertia, coupling between electromagnetism and spacetime, 
gravity modification schemes, anomalous heat effect, Bief- 
eld-Brown effect, warp drives, wormholes, high-frequency 
gravitational waves, superluminal tunneling, the Slepian 
Drive, and the quantum vacuum (e.g., dynamical Casimir 
effect, etc.). 


[0012] Unfortunately, none of these approaches were 
deemed to be promising. For example, one study pertaining 
to the quantum vacuum concluded that the acceleration of a 
spacecraft propelled by the dynamical Casimir effect would, 
after ten years under acceleration, be traveling at 0.1 meters 
per second! 


[0013] In light of the foregoing, it seems likely that an as 
yet unidentified propulsion technology will be required to 
make routine, manned interplanetary and interstellar travel a 
reality. 
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SUMMARY 


[0014] The illustrative embodiment of the present inven- 
tion is a system and method for propulsion that avoids some 
of the drawbacks of the prior art. Unlike conventional 
propulsion technology, the propulsion system described in 
this specification does not consume fuel (although there is an 
energy requirement). In fact, the system does not even use 
fuel, as the term is commonly used. 


[0015] The illustrative embodiment is grounded in 
accepted physics principles, albeit leading-edge theoretical, 
experimental and applied physics. The propulsion method 
does not violate basic physical “laws,” such as the conver- 
sation of momentum. The equations on which the propulsion 
system is based are clearly established in the art, although 
extended to a domain of applicability and mode of use that 
has not been previously contemplated. 


[0016] The propulsion system operates by modifying the 
dispersion force (i.e., van der Waals) that arises between 
particles, such as neutral atoms. The following two discov- 
eries by the inventor enable the propulsion system: 


[0017] (1) The dispersion force interaction between any 
two neutral atoms is affected by the presence of an 
external gravitational field in a way that results in a 
repulsive force upon the atomic pair. 


[0018] (2) The distortion of the dispersion interaction 
described above, which is usually quite small and is 
proportional to the number of atoms present, can be 
magnified by many orders of magnitude. This requires 
that (a) the atom-atom interaction to be transformed 
from a relatively shorter-range interaction to a rela- 
tively longer-range interaction; and (b) a very large 
number of atoms are present for mutual interaction. 


[0019] A method in accordance with the illustrative 
embodiment of the present invention comprises: 


[0020] generating a lifting force by subjecting a plural- 
ity of confined particles to a trigger acceleration; and 


[0021] exposing the particles to an amount of electro- 
magnetic radiation that is sufficient to induce the lifting 
force to: 


[0022] (i) exhibit relatively long-range interactions; 
and 


[0023] (ii) increase the momentum of the particles; 
and 


[0024] transferring at least a portion of the increase in 
momentum to a vehicle. 


[0025] To begin the propulsion cycle, the particles must be 
subjected to acceleration, that is, the “trigger” acceleration. 
This can be accomplished, for example, by supporting a 
craft that contains the propulsion system in a gravitational 
field (.e., the craft cannot be in free fall). Or, acceleration 
can be kinematic, such as by rotating the craft, or using a 
conventional propulsion system to accelerate the craft. The 
force is referred to as a “lifting” force because it’s direction 
is opposite to the weight of the particles. 


[0026] In the illustrative embodiment, the particles are 
neutral atoms, the atoms are confined in an atomic trap, and 
a laser provides the electromagnetic energy that is required 
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to transform the atom-atom interaction from a short-range to 
a long-range interaction and to increase the momentum of 
the atoms. 


[0027] Some of the increase in momentum of the atoms is 
transferred to a vehicle, such as a spacecraft. This transfer of 
momentum propels the vehicle. In the illustrative embodi- 
ment, this is accomplished by letting the atoms work against 
a piston, which in turn impacts against a part of the vehicle. 
Atoms that hit the piston are recycled to the atomic trap for 
the next propulsion cycle. 


[0028] Several points of explanation or definition will be 
useful in understanding the illustrative embodiment of the 
present invention and its underlying principles. 


[0029] The term “long range” interaction or force usually 
describes a force that decays with distance as 1/R", where n 
is a positive number. The term “short range” interaction or 
force usually describes a force that decays with distance as 
exp[—-R]. Those conventions are not followed in this disclo- 
sure. Rather, for the purpose of this disclosure and the 
appended claims, terms that “short range” and “long range” 
are comparative or relative terms. For example, the language 
“inducing the lifting force to exhibit relatively long range 
interactions” means that the lifting force is induced to 
exhibit a relatively longer-range interaction than is normally 
the case. 


[0030] Since the momentum that is donated by the par- 
ticles propels the vehicle, there might be a tendency to 
characterize the particles as “fuel.” But the particles are not 
“fuel” in any conventional sense of that term. They simply 
serve as a “momentum exchanging element.” 


[0031] Itis important to recognize that the particles are not 
accelerated by the wall of the spacecraft but, rather, by their 
mutual dipole fields (van der Waals force) as distorted by the 
craft’s acceleration (gravitational or otherwise). In other 
words, this method does not violate the action-reaction law, 
since the motion of the particles is not due to action of 
vehicle upon them. 


[0032] An example of “action of the vehicle” on the 
particles is if the atoms were accelerated due to an explosion 
in the trap. In that case, the net of all internal forces on the 
system would be zero and, at the end of the process, the craft 
would not gain any momentum. In accordance with the 
illustrative method, however, the atoms accelerate towards 
the piston, etc., independently of the vehicle and do transfer 
a net amount of momentum to it during impact. 


[0033] The lifting force that is “generated” by the method 
is not a new force. Rather, it is simply the vertical compo- 
nent of a known intermolecular force; in particular, the van 
der Waals force. This vertical component arises from an 
asymmetry in the van der Waals force that results from the 
introduction of a gravitational field (or acceleration). There 
would be no such asymmetry, nor vertical component of 
force, in flat space-time. 


[0034] This result—that the interaction potential between 
two neutral atoms in their ground state depends upon the 
position of the atoms in a gravitational field—is new. 
Previous studies pertained to the distortion of the field of two 
point charges, not two dipoles (atoms). While this “new” 
force is measurable with presently existing technology, 
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harnessing it, such as to lift an object, is not feasible, since 
this force amounts to an exceedingly small correction to the 
total weight of each atom. 


[0035] Itis useful to note that using many such atom pairs 
does not improve this situation, because that does not result 
in a larger force per atom. The reason for this is that the 
inter-atomic energy 1s a function, to a large power, of the 
reciprocal of distance. In other words, the atom-atom dis- 
persion-force interaction is a realtively short-range force. As 
a consequence, the total “lifting” force on a large number of 
atoms is increased only minutely with respect to the lifting 
force acting on just one pair of atoms. That is, if the number 
of atoms is N, there will be about N pairs (for N>>1) to 
consider, but the mass of the system also goes up as N. So, 
there is no gain realized by adding atoms. 


[0036] Critical to the present invention is the inventor’s 
recognition that if this newly discovered “effective force” 
could be transformed from a relatively short-range interac- 
tion into a relatively long-range interaction, the lifting force 
that is available would be greatly increased. In particular, if 
particles could be made to interact over the long range, then 
the total energy of the system results from the interaction of 
every particle with all other particles present. For large 
groups of particles (N>>1), the interaction grows as N, 
while the total mass of the system is only growing propor- 
tionally to N. As a consequence, a large gain in energy can 
be realized by using large groups of particles. 


[0037] A mechanism for transforming relatively short- 
range interactions into relatively long-range interactions was 
theoretically discovered several years ago and has been 
re-evaluated more recently as a way to introduce unusual 
behaviors in a cloud of trapped atoms. See, Kurizki et al., 
“New Regimes in Cold Gases Via Laser-Induced Long- 
Range Interactions,” . . . . The method involves isotropic 
illumination of atoms by lasers. That technique, with several 
modifications, is utilized in conjunction with the illustrative 
embodiment. 


[0038] As previously noted, the present propulsion system 
and method overcomes a key drawback of chemical engines; 
namely, the fact that at some point, the fuel is expended. In 
accordance with the illustrative embodiment of the present 
invention, it is possible to maintain acceleration without 
expelling high-speed gases. In other words, the propulsion 
system does not require fuel. Alternatively, if the “particles” 
are considered to be “fuel,” then there is no consumption of 
fuel due to the process. 


[0039] As previously mentioned, the illustrative propul- 
sion systems and methods described herein are not energy 
free. In particular, to achieve the required transformations, 
an intense radiation field, such as can be generated by 
powerful lasers, must be developed throughout the region in 
which the particles are trapped. In the case of a craft destined 
for extremely long interplanetary or interstellar flights, the 
energy required to power the lasers is obtained, for example, 
from an on-board nuclear reactor, akin to the reactors 
powering some submarines. 


[0040] The propulsion system described herein has many 
applications. In particular, in addition to its use as a propul- 
sion system for spacecraft, it can be used to deliver a payload 
into low earth orbit without requiring orbital speeds. Fur- 
thermore, a small version of the propulsion system could be 
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attached to literally any item (e.g., a pallet of goods, a 
railroad car, etc.) so that the item could be readily moved 
(e.g., in a warehouse, loaded onto a cargo ship, etc.) as 
needed. The propulsion system can, of course, also be used 
in conventional aircraft. 


[0041] Additionally, the present propulsion system can be 
used to supplement a main, conventional propulsion system. 
In fact, this would facilitate phase-in to replace conventional 
technologies. For example, a propulsion system in accor- 
dance with the illustrative embodiment that is not suffi- 
ciently powered to bring a craft to a hover could be used to 
effectively reduce the mass of the craft, thereby improving 
the fuel consumption of the main propulsion system. Alter- 
natively, it could be used as a supplemental system for 
emergencies. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0042] FIG. 1 depicts distortion in the spherical symmetry 
of the field of a simple charge, as caused by the presence of 
a gravitational field. 


[0043] FIG. 2 depicts distortion in the cylindrical sym- 
metry of the field of a classical dipole, as caused by the 
presence of a gravitational field. 


[0044] FIG. 3 depicts a propulsion system in accordance 
with the illustrative embodiment of the present invention. 


[0045] FIG. 4 depicts the propulsion system of FIG. 3, 
wherein lasers are illuminating confined particles. 


[0046] FIG. 5 depicts the propulsion system of FIG. 3, 
wherein particles impact against an elastically-bound piston. 


[0047] FIG. 6 depicts the propulsion system of FIG. 3, 
wherein particles are pumped back to a reservoir for use in 
a subsequent propulsion cycle. 


[0048] FIG. 7 depicts a method in accordance for propul- 
sion in accordance with the illustrative embodiment of the 
present invention. 


[0049] FIG. 8 depicts a schematic of a vehicle that incor- 
porates the propulsion system of FIG. 3. 


[0050] FIG. 9 depicts a schematic of the nuclear power 
subsystem of the vehicle of FIG. 8. 


DETAILED DESCRIPTION 


[0051] This Detailed Description proceeds with Section 
1.1, which provides a description of propulsion system 100 
and a method for propulsion in accordance with the illus- 
trative embodiment of the present invention. Section 1.2 
discloses a vehicle that incorporates propulsion system 100. 
The remaining sections, which include Sections 2.1-2.4 and 
4 provide a theoretical development for propulsion system 
100 and performance estimates. 


1.1 Propulsion System 100 


[0052] FIG. 3 depicts propulsion system 100 in accor- 
dance with the illustrative embodiment of the invention. 
Propulsion system 100 includes particles 102, chamber 104, 
piston 108, source(s) of electromagnetic radiation 110, 
return line(s) 112, and pump(s) 114, interrelated as shown. 


[0053] FIG. 7 depicts method 700 for propulsion, which 
can be used in conjunction with propulsion system 100. In 
accordance with operation 702 of method 700, a plurality of 
particles are confined. 
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[0054] FIG. 3 depicts propulsion system 100 at the begin- 
ning phase of the propulsion cycle. Particles 102, which in 
some embodiments are ground-state atoms, are confined in 
particle trap 106 of chamber 104 in known fashion and in 
accordance with operation 702. 


[0055] In operation 704, particles 102 are subjected to a 
trigger acceleration. This can be accomplished, for example, 
by supporting propulsion system 100 in a gravitational field. 
Assuming propulsion system 100 is in a vehicle, such 
support is provided, for example, if the vehicle is at rest on 
the surface of the Earth or in flight, as long the vehicle is not 
in free fall. In some alternative embodiments, the trigger 
acceleration can be kinematic, such as by rotating the craft, 
or by using a conventional propulsion system to accelerate 
the craft. 


[0056] At operation 706, the particles are exposed to an 
amount of electromagnetic radiation that is sufficient to: 


[0057] 1. induce an effective inter-particle force that 
arises between said particles to exhibit long-range 
interactions; and 


[0058] 2. increase the momentum of the particles. 


This operation is depicted in FIG. 4, wherein sources of 
electromagnetic radiation 110 (“EM sources 110”) are 
activated and directed toward particles 102. In some 
embodiments, the EM sources are high-power lasers. In 
the FIG. 4, two EM sources 110 are shown. Depending 
upon the power required for a given embodiment, far 
more EM sources might be required. Power require- 
ments for driving the propulsion system are described 
in 

[0059] The EM radiation causes an upward acceleration of 
particles 102 with respect to a vehicle, etc., that houses 
propulsion system 100. In the case of an ideal propulsion 
system, particles 102 remain trapped in place (in particle 
trap 106) as they mutually interact and the craft is acceler- 
ated upward by the reaction of the atoms themselves against 
whatever forces are used to keep them in trap 106. 


[0060] Itis possible, if not likely, that once particles 102 
are accelerated by conducting operations 704 and 706, they 
will escape from particle trap 106. This is a non-ideal 
situation, which yields less than the ideal momentum. But, 
if particles are allowed to escape, this relaxes the constraints 
on particle traps 106. That is, suitable traps can be readily 
constructed with existing technologies. See, e.g., H. J. 
Metcalf and P. van der Straten, Laser Cooling and Trapping 
(Springer, N.Y., 1999); http://ww.rle.mit.edu/cua/research/ 
project 02/project 02.vandp.htm. These references describe 
techniques for trapping atoms at extremely low tempera- 
tures. 


[0061] Although it is necessary for the generation of the 
lifting force itself, it is desirable to trap particles at very low 
temperatures because the thermal speed of, for example, 
atoms, even at room temperature, is comparable to the 
maximum speeds that can be obtained by this method. It is, 
therefore, “easier” to illuminate the atoms for an appropriate 
length of time if they are not moving at very high thermal 
speeds. 


[0062] Continuing with the description of method 700, 
operation 708 recites impacting the accelerated particles 
against a surface, thereby transferring some of the momen- 
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tum of the particles to the surface. This operation is depicted 
in FIG. 5, wherein particles 102 impact piston 108 at high 
speed. 


[0063] Piston 108 functions as a shock absorber. That is, 
the piston provides an area against which particles 102 can 
impact and which can transfer momentum to the vehicle 
non-destructively at every forward stroke. In propulsion 
system 300, non-destructive momentum transfer is indicated 
by spring 116, which elastically couples piston 108 to a 
vehicle. Shock absorber technology for aerospace applica- 
tions is well developed within the context of pyrotechnic 
release technology. See, e.g., N. Butterfield, Pyrotechnic 
Release Devices, in Space Vehicle Mechanisms, P. Conley, 
Ed. (Wiley, N.Y., 1998). 


[0064] As illustrated in FIG. 5, in propulsion system 100, 
as piston 108 moves upward, return lines 112 are accessed. 
The return lines provide a route back to particle trap 106. As 
particles move away from piston 108, the piston drops back 
to a seated position against chamber 104. 


[0065] FIG. 6 depicts particles 102 in return lines 112, 
being pumped via pumps 114 toward a gas reservoir (not 
depicted) for reuse in a subsequent propulsion cycle. The 
propulsion cycles occur at a rapid and substantially continu- 
ous pace. 


[0066] It is very important to recognize that in propulsion 
system 100, and in accordance with method 700, particles 
102 are NOT being accelerated by the walls of the vehicle 
or by the chamber in which they reside. Rather, they are 
accelerated by their mutual dipole fields, as distorted by 
vehicle acceleration (1.e., gravitational or otherwise). There 
is, therefore, no concern that this scheme violates the 
action-reaction law, since the motion of particles 102 is NOT 
due to an action upon them by the vehicle. 


[0067] An example of a situation in which the walls of the 
vehicle are acting on particles 102 is if the particles were 
accelerated by an explosion in chamber 104. In such a case, 
the net sum of all internal forces on the system would be zero 
and, at the end of the process, the vehicle would not gain any 
net momentum. But using the methods and apparatus 
described herein, particles 102 are accelerated toward piston 
108 INDEPENDENTLY of the vehicle and, on impact, 
transfer a net amount of momentum to it. 


1.2 Vehicle Incorporating Propulsion System 100 


[0068] FIG. 8 depicts vehicle 800, which incorporates 
propulsion system 100 in accordance with the illustrative 
embodiment of the present invention. As depicted in FIG. 8, 
vehicle 800 includes propulsion subsystem 100, nuclear 
power subsystem 810, crew quarters 830, and shielding 840, 
arranged as shown. 


[0069] The presence of nuclear power subsystem 810 
requires the use of shielding 840 to protect crew quarters 830 
and propulsion subsystem 100. Those skilled in the art will 
be capable of designing and building shielding suitable for 
this purpose. 


[0070] The purpose for nuclear power subsystem 810 is to 
generate electricity to power EM source(s) 110. Nuclear 
power is used as a power source due to the ability of a 
nuclear reactor to provide continuous power for extended 
periods of time (e.g., several years, etc.). Operation of 
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nuclear power subsystem 810 is described in more detail 
below in conjunction with FIG. 9. 


[0071] Propulsion subsystem 100 couples to shielding 
840, which receives momentum transferred from piston 108 
(see FIGS. 3-7 and the accompanying description). This 
substantially continuous transfer of momentum from par- 
ticles 102 to piston 108 to vehicle 800 (e.g., shielding 840) 
drives the vehicle. 


[0072] In the embodiment that is depicted in FIG. 8, 
propulsion subsystem 100 is disposed an end of vehicle 800. 
This location draws maximum advantage from a rotational 
trigger acceleration while providing the crew, in crew quar- 
ters 830, with appropriate gravity-like conditions. 


[0073] FIG. 9 depicts an embodiment of nuclear sub- 
system 810 suitable for use to provide electricity to drive 
EM sources 110 (e.g., lasers, etc.) in propulsion subsystem 
100. The embodiment that is depicted in FIG. 9 is a direct 
Rankine cycle continuous power system. (See, e.g., M. W. 
Edenburn, “Models for Multimegawatt Space Power Sys- 
tems,” Sandia Report SAND86-2742 (June 1990). This type 
of system is suitable for use with vehicle 800 due to its 
ability to provide continuous power for several years. 


[0074] Nuclear subsystem 810 includes nuclear reactor 
812, separator 814, turbine 816, radiator 818, pump 820, 
generator 822, and power conditioning unit 824. 


[0075] Reactor 812, which is liquid metal cooled, boils 
potassium and sends the saturate vapor to turbine 816 for 
power generation. Since the fluid leaving the “hot” end of 
reactor 812 is unlikely to be pure vapor, separator 814 is 
used to separate the saturated vapor from its accompanying 
liquid. The liquid is recirculated to the “cold” end of reactor 
$12. 


[0076] Waste heat is rejected by space radiator 818. Since 
the system rejects heat from a condensing working fluid, the 
radiator operates nearly isothermally and radiates a rela- 
tively large amount of heat per unit area. Condensed liquid 
is returned to the “cold” end of reactor 812 via pump 820. 


[0077] Electricity that is produced by generator 822 is 
appropriately conditioned in power conditioning unit 822 to 
provide EM sources 110 with a suitable supply of electrical 
power. 


2.1 Distorted Dipole-Dipole Potential 


[0078] Itis already a well-known fact that a gravitational 
field can introduce novel forces acting on a single charge or 
on a dipole. An example is the self-interaction of a point 
charge in a Schwarzschild geometry [8], ultimately due to 
the term Linet [9] discovered has to be added to the Copson 
potential [10] in order to satisfy the appropriate asymptotic 
boundary conditions for this problem. Commenting about 
the very extreme conditions nearby a miniblack-hole, Smith 
and Will wrote that “[I]t is amusing to note that .. . the test 
particle’s electrostatic self-force would suffice to support it 
against the hole’s gravity, without the help of any external 
force.” 


[0079] Unfortunately, however, such fascinating conclu- 
sion is undermined by the fact that, as pointed out by these 
authors, “it is meaningless to talk of an electron being held 
fixed at, say, 1071? cm from a miniblack hole, when the 
Compton wavelength of an electron is two orders of mag- 
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nitude larger than this.” Following this approach, the self- 
interaction of a static dipole has also been calculated [11], 
but Parker has shown that this force has no effect on the 
Hamiltonian of a neutral atom in free-fall [12]. 


[0080] Another example is the “electrostatic levitation of 
a dipole,” predicted on the basis of the distortion caused by 
a uniform gravitational field [13]. This author found that 
“one is unlikely to witness such levitation,” which could 
only be observed in a fixed classical dipole whose electron 
charge separation is 1.4x107** m. The outlook for detection 
of these field distortion phenomena was effectively summa- 
rized by Boyer, who stated that “Clearly our example may 
be instructive from a theoretical point of view, but 1t does not 
lend itself to easy experimental measurement.”[14] 


[0081] In this section, we consider the effect of a weak 
gravitational field upon intermolecular forces. In particular, 
the effect of gravitation on the van der Waals hydrogenic 
interatomic potential in the unretarded regime is discussed 
within non-relativistic first-order perturbation theory. The 
quantitative conclusion of these computations is that the 
system proposed herein shows extreme promise for direct 
experimental verification although the effect is certainly too 
small to be of any practical engineering use in the field of 
propulsion. 


[0082] The first step to obtain the distorted dipole-dipole 
potential is the calculation of the electrostatic potential, and 
thus of the electric field, of a point dipole in the presence of 
gravitation. For this purpose, let us start by considering the 
potential field of a single point charge q located at a position 
ro=Xo in the quasi-homogeneous gravitational field caused 
by a relatively distant spherically symmetrical mass distri- 
bution M located at a radial distance R from the dipole. This 
has been the subject of several investigations, starting with 
the pioneering work of Whittaker [15]. 


[0083] Since we are considering a charge in a gravitational 
field g antiparallel to the z-axis and located at a position 
other than the origin, we transform the unprimed Rindler 
coordinates defined by the usual metric 


2 
ds* = (1 de S3) dé - (de + dy’ + dz’), e 


by introducing new primed coordinates given by t=(1+gZ,/ 
c+, x'=x,'+x". By substituting these definitions into Eq. 
(1), it is simple to show that the metric in the new coordi- 
nates is: 


G 12 (2) 
y (1 n E) Cd? — (dx? + dy? +dz?), 
C 


where Gr=g/(1+8z,/c7). With this result, we can transform 
Whittaker’s expression for the electrostatic potential in 
Kottler-Whittaker coordinates into our transformed Rindler 
frame (for simplicity of notation, we neglect to write the 
primes in what follows): 
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g(ztzo) g a (3) 
[1 + + Up — pol? + (z? +25)| 
Varo) = A 


PFN: Bz g g? 
640 Se Š pp 
(1+ = | L+ 3+) + 748 rol 


where |r-ro| =(x-x0) +(y-yo) +(z-z0)", lp—pol"=(xx0)+ 
(y-y,)°. This expression of course approaches the Coulomb 
potential as gx'/c”, gx,'/c7=0. In this paper, we shall neglect 
the Linet term [9] responsible for the self-interaction dis- 
cussed above since this contribution will be shown to be 
negligible with respect to the effects treated herein. 


[0084] In order to write down the electrostatic dipole field 
in the presence of a gravitational field, we use the formu- 
lation of Léauté and Linet, originally designed to calculate 
the self-interaction of an electric dipole [11]. For a point 
dipole A of moment d,=d,', with k=1 .. . 3, located at r,, 
the result found by these authors, neglecting the self-inter- 
action term [12], can be written as: 


IVe, xk) (4) 


Uap,w(x', Xa) = da Ad 
0 


FA 


where Vo is the Copson potential, which, in the quasi- 
homogeneous field limit, coincides with our solution above. 


[0085] Since, to the best of this author’s knowledge, this 
potential has never been graphically represented, it is shown, 
along with the corresponding electric field lines, in FIG. 3 
for a point dipole d,'=d,k. 


[0086] By computing the electric field as usual, after some 
very lengthy algebra [13] one obtains the general expression 
for the interaction potential energy Waa(t, ro; da‘, dg’) of two 
point dipoles of moments d,' and dẹ‘, placed at positions ro 
and r, respectively. In order to illustrate the physical mean- 
ing of this result, let us write it to second order in gR/c? for 
the case of dipole A placed at the origin and dipole B placed 
at r=(R, 0, 0): 


A l¡gR (5) 


q gR 
Wag = R3 (XAXB + Yaya — 2ZazZg) + 5) = = \æaxs + Vays), 


which again yields the usual Minkowski space result [17] if 
the gravitational field is absent. Interestingly, the asymmetry 
due to the presence of the gravitational field causes a net 
vertical force upon each dipole in this geometry where there 
would of course be none in flat space-time. For instance, in 
the case of two antiparallel dipoles d ,'=-d,*=d,k, we find 
that this force F¿¿=-0W ¿¿/0Z 1s, again to second order: 


de, (6) 


which is the dipole-dipole analogy of the levitation force 
upon a single dipole mentioned at the beginning of this 
section [15]. 
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[0087] The problem of a single hydrogenic atom either 
held fixed or in free-fall within various assigned metrics has 
been discussed extensively by starting from generally cova- 
riant expressions of the Dirac equation in curved space-time 
[18]. The present author has discussed realistic astrophysical 
settings for the observation of the perturbative effects of 
gravitational fields on freely-falling atoms both in the static 
case and within the framework of possible remote gravita- 
tional wave detection [19]. 


[0088] Tourrenc and Grossiord, in their treatment of a 
hydrogen atom held fixed in a Schwarzschild geometry, have 
shown that the most significant contribution to the pertur- 
bative Hamiltonian by far derives from what can be inter- 
preted as the classical weight of the electron in the gravi- 
tational field. However, since the corresponding energy shift 
for a ground-state atom is found to be AE~2(GMm‘*/ 
R*)a,~6x10-°* eV, we shall neglect it here and use the 
unperturbed hydrogenic wavefunctions to evaluate the inter- 
atomic gravitational self-force. 


[0089] As in the undistorted van der Waals case, the 
general expression for the potential Waalr, ro; daf, dp’) 
contains only bilinear forms of the type x,'x,’ and thus 
yields no first-order contribution in the case of symmetrical 
hydrogenic nS. The second order correction on the other 


hand is [20]: 


, i gi 2 
AE = >. Korm Ont em’ Waal, ros da, Ap )IP {0,03 $10,091 2 
ja Ey ey Oe Oe 


where Osa oe are the unperturbed eigenfunctions of energy 
E „ the total energy of the unperturbed atomic pair is -2E,, 
and the primed summation indicates that the Dio P10, 
o> term is excluded. 


[0090] By inspecting Eq. (5), it is evident that, in the 
gravitational case, the second order intermolecular potential, 
to second order in gx'/c”, takes on the general form: 


Co ota (8) 


2) _ 
AE = HU) ps 


where C,, C,, and C, are appropriate dimensional constants, 
which in principle depend on the variables r, ro, d,', and dy? 
For instance, again in the geometry used in the examples 
above, one can quickly recover the well-known result that 
C=—6e7a,° as well as show that C,=-2e%a,”, and 


3 
C = +54, 


where a, is the Bohr radius. 


[0091] In our case, however, we are not here interested in 
the modification of the intermolecular forces due to the 
presence of gravitation, but rather we want to pursue iso- 
lating the vertical component of the gravitational self-force 
due to the dipole-dipole interaction of two hydrogenic atoms 


Va 


10. In the circuit shown in Figure 2.38 , find 
the current through the zener diode. 

V S = 20 volts 

V Z = 10 volts 


R1 = 1 kQ 
R2 = 2 kQ 
Figure 2.38 

Wa: 


| 


11. If the supply voltage fo question 10 
increases to 45 volts, what is the current In 
the zener diode? 

12. What is the maximum power dissipated 
for the diode in questions 10 and 11? 
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in the |1,0,0>eigenstate located at r¿=0 and r=(R, 0, 0), 
respectively: 


ð (9) 
2 2 
F A = Az AE vw 


ð . ; 2 
A .4B A .4B 
thos boo gz at ro; da» dp 1b 00: ¿oo 


=F, 


Explicit evaluation [13] yields the following result to first 
order in gx'/c”: 


4 
Be) co 8 8 50 l (10) 
sf,z 2E¡R$ (2 1,0,0> 


B 2 22 2.2 2.2 
Pio oll 4xaxg —AXAXMBYAYB + YAYE — 3Z4Xp — 14x4XxB2ZA2Z8 + 


E 2 244A .4B 
AVAYBZAZB — 3X4 ZB + 32%, ZB 910,03 $10.0): 


By again making use of the fact that the cross terms vanish 
in the 1s state and that <p: 00 lx, 00%>=<0, 0, 
oro re and equally for all the other squared terms, 
we finally find: 


Pepe ai xlótoo|3r2l0t00)] ds 


where the last equality was obtained by writing the ioniza- 
tion energy and the polarizability as E,=e7/2a, and 
Q)=(2a,)°, respectively. Notice that this result does not 
coincide with what one might expect from naively calculat- 
ing one half of the negative contribution to the gravitational 
mass of the London binding energy of the pair, since in that 
case the coefficient would be %s and not Me. 


[0092] An explicit estimate of this result in the case of two 
hydrogen atoms in their ground state at, for instance, 20 ap, 
yields a relative acceleration ay;p yy4x107*% cm/s”. The 
situation improves dramatically if one considers two positro- 
nium (Ps) atoms, in which case we find ay, p¿8x107*” 
cm/s’, which is in principle detectable via atomic interfer- 
ometry, at the price of dealing with the added complications 
of interferometry of atoms with a finite lifetime. 


2.2 Relevance of the Above Results 


[0093] The above results show that the distortion of the 
classical dipole-dipole field caused by gravity results in a net 
force upon each dipole, which is anti-parallel to the weight 
of each atom. This phenomenon has been known for some 
time, although its implications at the quantum level have not 
been fully explored and engineering implications do not 
appear to have attracted their due attention. Interestingly, the 
warping of the Coulomb field due to gravitation renders their 
mutual interaction non-central, which in turn implies that 
Newton’s action-reaction law will not be satisfied by this 
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system. Although there is no study of this exotic problem in 
the literature, it is clear that, if the problem were to be 
considered from the standpoint of full quantum electrody- 
namics (QED), it would result that the virtual photon field 
responsible for the charge-charge interaction is perturbed by 
the gravitational acceleration so as to carry a net momentum 
flux, part of which is simply transferred to the dipole, or 
dipoles, thus resulting in their upward motion. 


[0094] Importantly, this phenomenon makes the interac- 
tion energy between two hydrogen atoms in their ground 
state dependent upon their position within the gravitational 
field, which results in a force upon the pair even in the 
quantum case. The existence of this additional force acting 
on an atomic pair is by itself a new result, since previous 
studies had concentrated on the distortion of the field of two 
point charges, and not of two dipoles. Despite the fact that 
this new and additional force is measurable with presently 
existing technology, its use in an actual lifting device is 
unlikely, since it amounts to a very small correction of the 
total weight of each atom. 


[0095] The important consideration, critical to the present 
invention, is that adding many atomic pairs does not result 
in a larger force per atom. The reason for this is that the 
interatomic energy is a function of a large power of the 
reciprocal of the distance—which results in the atom-atom 
dispersion interaction being a short-range force. Therefore, 
the total lifting force on a large number of atoms is increased 
only very slightly with respect to that acting on just one pair. 
Therefore, if the number of atoms is N, there will be ~N 
pairs to consider but the mass of the of the system also went 
up as N. Thus no gain is made. 


[0096] The critical, and non-obvious, point of the present 
invention is to transform the new force outlined above from 
a short-range force into a long-range force, as we consider 
in the next section. In principle, if point-like particles 
interact via a long-range force, the total energy of the system 
results form the interaction of every atom with all the others, 
something which is not possible in the short-range. For 
instance, if a system is made up of three particles, the total 
energy will result from the interaction of particle 1 with 2, 
particle 1 with 3, and particle 2 with 3. However, if the 
number of particle is now ten, we will have to consider the 
interaction of particle 1 with 2,3 ..., 10, and so fort, which 
results, in the case of a large number of particles. For large 
N (N>>1), in this case the number of interaction grows as 
N°, while the total mass of the system is still only growing 
proportionally to N. 


[0097] This point would only be of philosophical impor- 
tance if we did not have available a mechanism to indeed 
transform atom-atom interactions from short-range into 
long-range. Such mechanism was discovered theoretically 
several years ago and has been reproposed recently as a way 
to introduce unusual behaviors in a cloud of trapped atoms. 
Atomic traps have become one of the hottest subjects of 
scientific research in recent years. The method proposed by 
the researchers to cause the atom-atom interaction to 
become a long-range force can of course also be used in our 
case to leverage the presence of a large number of atoms so 
as to make the lifting force due to the gravitational distortion 
we have seen above much larger by many orders of mag- 
nitude. The technological price to pay is that, in order for this 
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transformation to occur, powerful lasers must be pumping an 
intense radiation field throughout the region where the atoms 
are trapped. 


2.3 Trapped Gases in Curved Space-Time: the Effect of 
Radiation Fields 


[0098] Itis well-known that an intense directional radia- 
tion field, such as that produced by a laser, alters the nature 
of intermolecular forces [21]. For instance, in the near zone 
region, where k, R <<1 and k; is the laser light wavenumber, 
the power dependence of the force becomes =-1/R?. Impor- 
tantly, if a molecular pair is allowed to “tumble” with equal 
probability in all directions with respect to the radiation 
field, the unretarded force averages out and the only term left 
is that due to the retarded part of the Hamiltonian. The 
resulting contribution, which can be produced by appropri- 
ate laser beams [22] and is still attractive, is [21]: 


4A f Ik? \ a4 (kija? (k (12) 
ars an i kR & l, 


C 


where aa *(k, ) are the dynamic polarizabilities of the two 
atoms, I is the intensity of the beams, and the domain of 
validity of this result is everywhere in space except where 
the atom-atom exchange interactions become important. It is 
simple to see numerically that this energy is much smaller 
than the usual van der Waals force at near range but, as 
originally pointed out by Thirunamachandran [21 ], the long- 
range nature of the force offers the potential to actually 
achieve remarkable effects. 


[0099] Let us now consider the distortion of Thirunama- 
chandran’s long-range interaction due to an external gravi- 
tational field, such as that present in a ground-based labo- 
ratory. One is fully justified by both our results in the 
unretarded case and by dimensional considerations to 
assume that a molecular pair interacting through the gravity- 
like attractive long-range force at Eq. (12) will also undergo 
a lifting force of the type: 


an (¿DA (kx) g (13) 
Fit 2 i paa a: 


For the purpose of order of magnitude estimation, let us 
write the total potential energy of N atoms contained in a 
spherical volume of diameter D interacting through a mean 
field determined by Eq. (12) simply as Usas Nk, */ 
c)a“(k, Ja*(k, )/D. Therefore, the total lifting force acting 
upon the center-of-mass of the trapped gas is Fit, 
22° —~N Fie > assuming all atoms to be of species A, and 
the corresponding acceleration is: 


dig, File (14) 
g Nmag 
E n( [e^ k n? 1 
5 c D ma 


The relevant figures of merit to judge the feasibility to bring 
such an atomic cluster to a hover are the number of atoms 
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in the trap and its size, the intensity and wavelength of the 
laser light, and the average intermolecular distance. Con- 
sider N=107 atoms in a trap with D=2x107” cm, which yields 
an intermolecular distance R-D/N*%=10a,. Now let us have 
18 (six triads [22]) high-power lasers each outputting 2.5 
kW into a 0.5 cm diameter beam at a wavelength A, =1000 
A. Appropriately focused onto the trap size, this would yield 
an intensity I=1.3x10*? W/cm”. By moderate off-resonance 
detuning, it is possible to obtain dramatic increases in atomic 
polarizability over its static value [23] (another approach 
may consist of using a cold gas of highly excited Rydberg 
atoms, since, in this case, the polarizability is proportional to 
n’, where n is the principal quantum number). By adopting 
a*(k,)=3x10%0,, and by substituting the above numerical 
values into Eq. (14) in c.g.s. units, we find aj, ¿+ /g=1.5, 
that is, the system will hover unsupported in the gravita- 
tional field of the earth or accelerate upward. 


2.4 Relevance of the Above Results 


[0100] The mechanism outlined above represents the first 
novel and realistic proposal to achieve lift in the history of 
flight since the great inventions of the airplane and of the 
rocket in the 20th century. As we shall see in the detailed 
numerical estimates below, more atoms than just 10% must be 
present in the trap for this mechanism to be technologically 
convenient, although it is possible to trade off a higher laser 
power for a lower number of atoms in the trap. What is 
important to stress at this time is that this mechanism 
represents a non-obvious use of well understood quantum 
laws in the presence of gravitation for the purpose of 
creating fuel-free propulsion. Of course fuel-free propulsion 
does not imply energy-free propulsion. In other words, a 
source of energy is still needed to achieve the needed thrust. 
In the case of extremely long interplanetary and interstellar 
flights it is expected that on-board nuclear energy production 
will continue to grow in engineering importance, given the 
fact that no other source has been able to achieve similarly 
convenient power outputs. 


[0101] The above invention, however, removes the great- 
est problem in the way of achieving fuel-free propulsion, 
that is, the fact that, independently of the energy source used, 
at some point the fuel available on board is exhausted. For 
instance, if one could power a spacecraft so as to achieve a 
constant acceleration of 1 g, the trip from Earth to Mars 
would require approximately 2-4 days. Although the accel- 
eration of 1 g is smaller than the larger accelerations 
achievable by present-day rocket technologies, it is abso- 
lutely impossible to maintain those accelerations for times 
longer than minutes at the most, simply because of quick 
fuel exhaustion. With the scheme outlined in this invention, 
on the other hand, it is possible to maintain the needed 
acceleration without any need to expel high speed gases, 
provided that the required laser illumination is constantly at 
work transforming the atom-atom interactions from short- 
range into long-range ones. 


[0102] Itis important to stress another characteristic of the 
propulsive method of this invention. All the calculations 
carried out so far imply that the atoms are “at rest,” that is, 
not in “free-fall.” This is extremely important, since it is 
only if the atoms are somehow supported by an external 
force against the gravitational field that a relative accelera- 
tion due to that field can affect their mutual interactions. 
Such is not the case if the atoms are freely falling. In that 
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case, in fact, the acceleration felt by a freely falling object 
is rigorously zero, because of the Principle of Equivalence 
at the foundation of the General Relativity theory. To use a 
well-known popular example, if two atoms are at rest with 
respect to the walls of a freely falling elevator, they will not 
feel the presence of any gravitational field—the acceleration 
of the elevator exactly cancels exactly the gravitational 
acceleration. In other words, locally, there is no distortion of 
the dipole-dipole field and thus no change to the van der 
Waals force (see below for further subtle clarifications on 
this point). 


[0103] The Principle of Equivalence can be stated by 
saying that, locally, there exists no experiment that can 
indicate the difference between the acceleration due to the 
presence of a gravitational field and that due to the kine- 
matics of the system. For instance, once could simulate the 
presence of a gravitational field in the same elevator trav- 
elling through outer space by simply accelerating it 
“upwards” at the same rate as the free-fall acceleration it 
would have in the gravitational field to simulate. In fact, our 
Eq. (1) above was obtained exactly by making this assump- 
tion. Therefore, the atoms will undergo the lifting force at 
the basis of this invention whether or not there is a gravi- 
tational field against which to lift—their behavior is due to 
their being within an accelerated reference frame no matter 
what the reason for the existence of such frame. 


[0104] In principle, this represents an operational limita- 
tion of the present invention, in the sense that, if a spacecraft 
were to be left to freely-fall in the gravitational field of a 
massive body, the lifting mechanism would not be operating. 
For this purpose, the vehicle must be provided with an initial 
acceleration through other means in order for the thrust 
cycle described below to commence. For instance, this 
happens if the craft is at ground level initially, or somehow 
hovering under the action of an external force. Once the 
cycle starts, it is only necessary to coordinate the laser 
illumination of the (n+1)-th cycle to occur during the trans- 
fer of momentum due to the atoms that were accelerated 
during the n-th cycle. The dipole-dipole field during that 
time will behave as though under the effect of a gravitational 
field of that acceleration, because of the Principle of Equiva- 
lence. 


[0105] From the practical standpoint, it is appropriate to 
stress that every propulsive or lifting system has an appro- 
priate envelope of performance which, is exceeded or not 
met, will result in insufficient or abnormal behavior. For 
instance, the lifting force due to the wings of an airplane will 
cease to be effective if the airflow detaches from the wings 
because of a stall condition. Therefore, pilots are trained to 
operate so as to remain well clear of the conditions that 
might lead to a stall of the airfoils, such as, for instance, 
excessively low speed for a fixed wing aircraft. Similarly, it 
is expected that the propulsive system of this invention, in 
its simplest embodiment, must be operated under appropri- 
ate conditions of initial acceleration, in both magnitude and 
direction. This is much less complicated than it may appear. 
For instance, in outer space, an initial acceleration can be 
imparted by causing the entire spacecraft to rotate around an 
axis by means of a reaction wheel. Once the entire vehicle 
is rotating like a rigid disk, from the standpoint of the atoms 
in the propulsive subsystem the rotational acceleration will 
be indistinguishable from that caused by gravity. Once the 
thrust cycle is successfully started, the spacecraft can then be 
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despun while the engine provides its own acceleration. In a 
fixed wing application, it might be possible to make use of 
the lift provided by the wings themselves in order to start the 
process. 


[0106] Finally, it is also important to stress that the Prin- 
ciple of Equivalence only rigorously applies to a volume of 
space that is infinitely small. Therefore, there exists some 
distortion of the dipole-dipole field even in the case of 
freely-falling atoms, although this distortion is far smaller 
than that of supported atoms, in the sense described above. 
The effects of this distortion were studied by this author in 
several papers (see for instance [19]) and it is therefore 
possible that lift might be obtained in some embodiments 
even if the craft is initially in free-fall. 


4. Performance 


[0107] Estimating the performance of an aerospace pro- 
pulsion system based upon entirely novel physical principles 
naturally presents some difficulties. For instance, the typical 
concept of specific impulse [29] is undefined in the case in 
which thrust is obtained without the ejection of high speed 
gases. At the same time, since the approach calls for the use 
of high power lasers to engineer the atom-atom interactions 
into a long-range force, it is of interest to determine whether 
the thrust thus obtained is in fact larger than that which 
would be obtained if the laser power utilized were, for 
instance, projected from the spacecraft into a particular 
direction in space or whether a laser beam of the same power 
were to be aimed at a hypothetical laser sail on the spacecraft 
[3]. In the following subsections we obtain some important 
order of magnitude estimates both in equation and in graphic 
form of a few important quantities in order to gain a more 
realistic understanding of the potential capabilities of a 
vehicle propelled by means of the physical principle of the 
present invention. 


[0108] The conclusions below will clearly establish that 
the propulsion concept of this invention offers great poten- 
tial from the standpoint of realistic engineering applications, 
although such parameters as the exact laser wavelength and 
power, trap size, atomic mass, and number of atoms of 
course will have to be optimized according to both accurate 
theoretical modeling and prototype testing. 


[0109] In what follows, in order to make a firm connection 
between the theoretical treatment, which was developed 
here in the c.g.s. system (centimeter-gram-second), and the 
more typical engineering M.K.S. units (meter-kilogram- 
second), the cgs or MKS subscripts will be appended as 
appropriate. If no subscript is used, the quantity should be 
assumed as expressed in the cgs system. No use is made if 
English units throughout (such as, for instance, lbf for 
thrust). Also, for improved legibility, all order of magnitude 
signs will be replaced by equal signs. 


4.1 Fundamental Equations 


4.1.1 Atomic Physics of Trapped Atoms in the Accelerated 
Propulsive System 


[0110] Letus consider a gas of N, identical atoms of mass 
m,, polarizability a.,(k, ), confined within an appropriate 
trap of such dimensions as to correspond to an average 
interatomic distance R. In what follows, we shall assume 
that the number of atoms, N4, the size of the trap, D, and the 
average interatomic distance, R, are related simply as D~ 


US 2006/0027709 A1 


RN,?*?. In addition, Thirunamachandran’s theory of disper- 
sion forces under the effect of illumination also requires the 
constraint that A, >>R[21]. 


[0111] The polarizability a,*(k,) can be made several 
orders of magnitude larger than its static value, a,=(2a,)°, 
where Bohr’s radius is a,=/”/u.e” and u, is the reduced 
electron mass (u>=m,), by choosing an appropriate near- 
resonance wavelength. Without getting into the details of 
atomic physics calculations, in this section we shall rely 
upon the well-established theoretical and experimental fact 
that such near-resonance condition can be satisfied, that is, 
the polarizability can be made larger than the static value by 
a factor, @,,, which can be as large as a,,~10° [23]. 


nr> 


[0112] Another strategy to produce values of the polariz- 
ability that are vastly larger than the static value is to use 
Rydberg atoms. A qualitative argument in favor of this 
choice is that, as we have seen above, the static polarizability 
is OQ =(2a,)°, where a, is Bohr’s radius. If the atom is in a 
Rydberg state, that is, in an excited state with relatively large 
principal quantum number n>>1, the atomic radius can be 
replaced by a,=a¿n”. On the strength of this argument alone, 
the atomic polarizability of a Rydberg state appears propor- 
tional to n°. In fact, if one accounts for all states with 
different orbital quantum number 1, the static polarizability 
of a Rydberg atom results proportional to n’. For instance, 
the atomic radius of atoms in one-electron Rydberg states 
with n~10°, which are routinely created in the laboratory and 
are present in interstellar space, is ~10*a,—-similar to the 
size of an Ebola virus! Under these circumstances, the static 
polarizability is a stunning ~107* times larger than its static 
value [19, 30, and Refs. therein]. 


[0113] From the practical standpoint, it is important to 
notice that Rydberg atoms gases have already been “frozen” 
and trapped in order to study, among others, the very 
dipole-dipole interactions we discussed at the very begin- 
ning of this disclosure [31]. The atoms themselves are 
prepared by causing them to absorb laser light of wavelength 
appropriate to induce a radiative transition to the desired 
excited state. Noticeably, the radiative lifetime of Rydberg 
atoms can be quite long, even compared to the relatively 
short crossing time within the propulsive system. The choice 
of atoms in states other than the ground state, such as 
Rydberg atoms, imposes an additional constraint upon the 
interatomic distance, since the radius of these atoms can be 
macroscopic. It is therefore important to require that the 
interatomic distance be much larger than the Rydberg atom 
radius, which in turn affects the size of the entire propulsive 
system. 


[0114] It is appropriate at this time to again stress the 
difference between the atom-atom force, which is related to 
the dependence of the dispersion energy on the interatomic 
distance and is a central force, and the vertical lifting force 
acting upon all atoms as a consequence of the modification 
of their interaction potential in an accelerated reference 
frame. For instance, let us again consider the potential 
energy of a pair of atoms (Eq. (12)) and let us rewrite it to 
highlight the close similarity to the gravitational case: 
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where the equivalent quantum-electro-dynamical “gravita- 
tional constant” is, by definition: 


EEA 1761 1 (15) 
SO dE 


and the dynamic polarizabilities play the role of the “gravi- 
tational mass.” The total potential energy can then be written 
as usual: 


1 aj (Kp Ja ¡(KL) (16) 
Usas = “3500 2, a > 


where the summation is meant over all pairs and R;; is the 
magnitude of the interparticle distance vector, R;;. 


[0115] Every atom in the gas is acted upon by a gravita- 
tional-like self-force and thus undergoes an acceleration 
Boe towards the center of the cloud (assumed approximately 
spherical) similar to a typical gravitational acceleration. This 
is in complete analogy to the collapse of a “cold” gas sphere 
taking place whenever the gravitational pressure is vastly 
larger than any opposing gas pressure gradient. The order of 
magnitude of the time required for the entire cloud to 
collapse to its center is an important characteristic time in 
stellar evolution and in stellar dynamics, and it is referred to 
as the free-fall time [32-33]. In order to generalize this 
quantity to our case, let us consider the equation of motion 
of a particle (atom) in the above potential at a distance r from 
the center of the cloud with a,(k, )=a,(k,) and N,>>1. In 
this case it is well-known from elementary mechanics that 
Gauss’ Theorem allows us to only consider the force exerted 
by the atoms inside a sphere of radius equal to r and we find: 


aki) 1 (17) 
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Since we are only estimating an order of magnitude, let us 
assume, as done typically, that the acceleration is approxi- 
mately constant during the free-fall process. Thus: 


Lo 
ah lp ~ D. 


which yields, for r~D 
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Finally, by substituting Eq. (15) into this result, we obtain: 


(19) 
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The importance of this result lies with the fact that the 
physics of the system after such free-fall time must be 
expected to be substantially different than in its initial state. 
For instance, in the case of atoms in their Rydberg states, a 
drastic evolution of the system towards a higher density 
configuration can be expected to result in the transformation 
of the gas into a neutral plasma, with consequent complete 
loss of thrust. 


[0116] The condition to be required so that the atoms do 
not have the time to evolve into an extremely different, and 
technologically useless, state is that the free-fall time above 
be much longer than the time the atoms spend in the trap 
before the lifting force causes them to be ejected, At,. 
Evidently, if the gas evolves into, for instance, a plasma 
upon ejection, that is of no consequence to the momentum 
it will transfer to the vehicle. By using the result below at Eq. 
(40), we can write this requirement as: 


ty > Ala, (20) 


or 
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If the lift acceleration is much larger than g, the term in 
square brackets in the denominator of the right-hand-side 
will become much larger than unity so that term can be 
neglected and we easily find the limiting condition: 


De 22 (22) 
Nay > mo 


This condition, which of course results also by requiring that 
a,>>r, can be satisfied by realistic values of the geometry 
of the propulsive system, although it clearly points to the 
usefulness of employing larger traps, for which N,>>1. 


[0117] That the physical state of the gas can in fact be 
extreme after a few free-fall times if this is not accom- 
plished, can be seen by writing the condition that the gas be 
in equilibrium under the action of this gravity-like interac- 
tion. As well-known, gravitationally bound systems do not 
display what can be properly referred to as equilibrium 
configurations in the thermodynamical sense. This is well 
illustrated by an appropriate similitude between the cold gas 
in the propulsive system of this invention and a globular star 
cluster—a spherical system in which thousands to hundreds 
of thousands of stars are bound by their mutual gravitational 
interaction—or, alternatively, a star [22]. 
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[0118] Ina globular cluster (or in a star), the distribution 
of velocities of the constituent particles “relaxes” to a 
quasi-Maxwellian velocity distribution after a time properly 
referred to as the “relaxation” time of the object. However, 
a Maxwellian velocity distribution contemplates a finite 
number of particles whose speeds at any given time are 
higher than the escape velocity from the system. Therefore 
there occurs a process of constant evaporation, which clearly 


forbids the existence of any equilibrium configuration [32- 
35]. 


[0119] However, it is possible to define a condition of 
quasi-equilibrium, in which a gravitationally bound system 
does not change drastically over many relaxation times. 
Under these conditions, the object obeys a general theorem 
referred to as the virial theorem, which links its total average 
kinetic and potential energies. This connection is very 
powerful, as it allows one to obtain estimates of the average 
speeds of its particles, whether they be stars or atoms 
[35-36]. For the purposes of our estimates here, this very 
general theorem can be written as 


2<Kyas>t+<Ug,,>=0, (23) 
where Kas 15 the total kinetic energy and the triangular 


brackets indicate the time-average. By writing the total 
kinetic energy as 


3 
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and by approximating <1/D>=1/<D>, the virial theorem 
yields: 


"NE 8x" I aĉ (k) (24) 
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The physical significance of these equations can be found by 
imposing the condition that the average kinetic energy be 
equal to the ionization potential of the atoms E, in the gas so 
that the atoms may become ionized as they collide, in 
analogy to the Saha and Boltzmann equations of stellar 
astrophysics [33]: 


3 Eo (26) 


where the right-hand-side of the above equation contains the 
ionization potential of a hydrogen atom in its n-th state and 
E, is the ionization energy of the ground state. By using Eq. 
(24), this yields: 
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(27) 


D 


which can be expressed in even more fundamental terms in 
the case of Rydberg atoms as: 


An* I Lain! e? (27) 
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In the near-resonance case we can instead write: 
Ar? I Lay a?, i (29) 
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Replacing the numerical values we shall produce below in a 
few realistic examples, it is immediate to conclude that the 
almost immediate ionization of the entire atomic population 
is highly likely in all technologically meaningful cases, and 
that, as already pointed out in this section, it is imperative to 
choose parameters that ensure the expulsion of the gas from 
the trap well before this process is completed. 


4.1.2 Validity of the Present Approach 


[0120] In this subsection we concern ourselves with the 
possible limitations of our treatment. Let us first of all notice 
that we have so far dealt with atoms in the trap as “classical” 
objects, that is, as material particles whose positions and 
velocities can be likened to those of stars in a cluster, for 
instance. This is approximately correct only if the de Broglie 
wavelength A, of the atoms is much smaller than the 
interatomic distance, that is, if: 


(30) 


where p, is the momentum of the atoms and the middle step 
is warranted for non-relativistic speeds. This condition may 
be violated for extremely low temperatures and for high 
densities, such as those of artificial “white dwarfs,” and in 
these cases the gas must be treated as a quantum gas of the 
appropriate statistics as is the case, for instance, in white 
dwarf stars [22, 33]. Although such extreme conditions are 
only marginally important to the present work, a well- 
established theoretical framework exists in the literature to 
describe them. 


[0121] Secondly, the basic result at Eq. (12) is rigorously 
valid only within fourth-order perturbation theory [21]. An 
order of magnitude of the regime within which our results 
are certainly warranted can thus be found by requiring that 
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the energy shift per atom due to the total intermolecular 
force of the gas cloud be much smaller than the energy of the 
n-th unperturbed state occupied by the atoms, that is: 


JEq|>>N AAE], (31) 
or, for hydrogen atoms: 
e 116 faz) 176r W 10%4) 62) 
=> — — = == 
2an 15e "AED 15e 18 PR AL NAPR 

176 W 1 TE 
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where the relationship between total power and intensity at 
Eq. (48) was used. Let us consider only the s-state polariz- 
ability as a,(A,)=a,,,(2a,)° and let us write the average 
intermolecular distance in terms of the atomic radius as R= 
ra,,. Finally, by recalling that a,=a,n>, we find: 


e 12x10? W 1 2 a, yan! (33) 
2aon? c Pans a? Qnr ALJA , 
or 

W aZ (AL) g e (34) 


~4x 10%. 


n < 


Cc 
P Ae 244 1.2103 


The dynamical consequences of this constraint can be seen 
by recalling our basic Eq. (14) written by making use of the 
first two terms of Eq. (32): 


60 e 1 (35) 


“17672 2a, mac?” 
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In order to extract a physical meaning from this requirement, 
let us consider the problem of bringing the gas cloud to a 
hover from a different standpoint. The condition of balance 
between weight and lift of one atom is given by Eq. (14) 
above: 


(14) 


dine Fife _ y paa l 


g Namag c D mac? 


By using the expression for the potential of one pair at Eq. 
(12), we can express this condition by introducing the total 
intermolecular energy of one atom due to all the others, 
N,AE: 


titz AE 
g mac? 


(36) 


With the usual strong caveats of using our non-quantum 
“intuition” to interpret results in the realm of quantum- 
electro-dynamics (QED) in curved space-time, a possible 
qualitative view of this hovering condition is that this 
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requirement corresponds to having the total (negative) inter- 
molecular potential of the gas cloud cancel its total gravi- 
tational mass, thus resulting in atoms which are, for all 
practical purposes, “weightless.” By going further, it is 
possible to consider intermolecular potentials which are 
negative and larger in magnitude than the gravitational mass 
of the atoms, thus causing the total energy of the cloud to 
become effectively negative. According to Newton’s Law of 
Gravitation, this would require the atoms to be “repelled by 
gravity,” instead of being attracted. Although this is an 
interesting and useful image—which has in fact been pur- 
sued by Boyer in the past [16]—one has to be extremely 
careful to adopt it as an “explanation.” 


[0122] Inthe scheme of the present invention, the upward 
lifting force does not result from such view, but from the 
well-understood distortion of the Coulomb potential due to 
the presence of the gravitational field. Although Boyer’s 
work proved these two points of view to be equivalent [16], 
his study dealt with completely classical dipoles within the 
realm of special relativity and very weak gravity, and not 
with fully quantized atoms with the framework of QED in 
curved space-time. Since one possible interpretation of 
dispersion forces between molecules involves a modifica- 
tion of the zero-point-energy of the quantum vacuum [37], 
such simple “semi-classical” explanations should be looked 
at only as useful mental pictures, since the “system” under 
consideration is actually an open system. 


[0123] In this context, two possible objections must be 
addressed. The first is whether it is at all correct to use 
perturbation theory in this case. After all, in order to bring 
a cloud of hydrogen atoms to a hover, the intermolecular 
potential must contribute an energy approximately equal to 
the rest-mass of a hydrogen atoms, or =1 GeV, whereas the 
ionization potential of a hydrogen atom is 13.59 eV if the 
atom is in its ground state and much less if it is in a Rydberg 
state. The intermolecular potential will be vastly larger if we 
want to achieve an upward acceleration. The answer rests 
with the key fact that, in our case, the processes we are 
studying take place on relatively “short” time-scales. At 
some time after the cloud of atoms has been cooled and 
trapped, a very intense beam of radiation is turned on within 
a total time that will be assumed to be much shorter than that 
of any possible atomic transition. For instance, the radiative 
lifetimes of very high n Rydberg atoms can be even fractions 
of a second, whereas lasers can be turned on in fractions of 
a nanosecond (107° s) and that radiation will require a 
similar time to cross the entire trap at the speed of light. 


[0124] A well-known feature of the perturbation theory of 
“sudden” interactions is that the perturbation does not have 
to be small for theory to be used, unlike most other appli- 
cations of perturbation theory, as stated, for instance in [38] 
(see also [39-41]): “The transition probabilities in instanta- 
neous perturbations can also be found in cases where the 
perturbation is not small... If the change in the Hamiltonian 
occurs instantaneously (i.e. in a time short compared with 
the periods 1w,, of transitions from the given state i to other 
states), then the wavefunction of the system is “unable” to 
vary and remains the same as before the perturbation. It will 
no longer, however, be an eigenfuction of the new Hamil- 
tonian H of the system...” 


[0125] By making further use of this same mental picture, 
we can say that in the description of the fundamental 
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physical process at the basis of the present invention we 
assume that the phase of upward acceleration of the atoms 
takes place in the very early stages immediately following 
the application of the laser radiation field and before the 
eventual modification of the wavefunctions intervenes. In 
other words, there exists a relatively brief time span imme- 
diately following the laser turn-on time, during which the 
atomic dipoles still behave as such, although, eventually, the 
gas evolves towards a very different state, such as a plasma 
for instance. Part of the refining work of the present inven- 
tion will be to consider in detail the dynamics of the 
evolution of the atoms in the intense radiation field. How- 
ever, the references quoted show that there is a solid logical 
foundation in the use of perturbation theory in the present 


case due to the instantaneous application of the radiation 
field. 


[0126] The second objection to consider is whether it is 
against any fundamental law of physics to even consider the 
existence of a volume of space where the total energy is 
negative, as appears to be necessary in order to obtain a 
gravitational “repulsion” of the atoms. We have already 
provided a first hint above that one answer to this objection 
is that it is not at all necessary to look at this process as being 
due to a “negative” energy. In fact, one alternative and much 
more satisfactory way to explain the upward motion of the 
atoms is to appeal to the distortion of the dipole-dipole field 
due to the acceleration in the presence of a gravitational 
field. The distortion of the field lines due to the presence of 
gravitational appears to be a much firmer concept than that 
of a “negative” energy. 


[0127] However, even if one wants to engage in the 
widespread debate concerning the existence of negative 
energy, it is interesting to point out that dispersion forces in 
general and Casimir forces in particular are in fact com- 
monly used as examples to the affirmative. In other words, 
whereas there exist strict quantum limits, similar to the 
uncertainty principle, as to the length of time a very negative 
energy density can be imposed upon a volume of space, 
dispersion forces clearly afford an example where the energy 
density can remain negative indefinitely (although the same 
limitations apply if one attempts to decrease the energy even 
further). The important point to the present invention is that 
there is no fundamental physical reason that dispersion 
forces cannot be made negative for the brief time needed to 
accelerate the atoms upward as required to provide thrust. 
On the other hand, much more exotic and fantastic appli- 
cations of negative energy to “warp-drives,”“time-ma- 
chines,” and “faster-than-light” travel, which now appear 
forbidden by fundamental laws of quantum mechanics in 
curved space-time [42-45] are not involved in the physical 
processes of this invention. 


4.1.3 Thrust 


[0128] By using Eq. (13) above, we can write the total 
lifting force on the trapped atoms in the case that a,(k,)= 
Gp(k,), by assuming that the average of the interatomic 
distance between any given atom and all others is ~D, as: 


Ya (kz) (37) 
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Let us now consider the total momentum acquired by the gas 
as it flows out of the atomic trap. Without getting into the 
details of the dynamics of such process, which certainly 
deserve further consideration, let us consider the accelera- 
tion of the atoms under the action of the lifting force, Fas- 
In an inertial reference frame, the total acceleration under- 
gone by the atoms would be F,,./Nama, but, in this non- 
inertial frame, the acceleration will be (F,,.-Namag)/ 
N,m,=(F,,./N,m,)-g. For instance, if the lifting force is 
exactly equal to N,m,g, the atoms will not accelerate with 
respect to the vehicle, but only hover, as we have seen in the 
above theoretical treatment. Therefore: 


Pas Apr? 1) 0%(k,) (38) 
-85 KNT ed ee : 
LI (RN ma 


At this rate, the average final velocity of the atoms will be 
Va n=’ 2a4(D/2): 


(39) 
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where, of course, the application considered in this invention 
considers only circumstances in which the radical is real. 


[0129] Itis also of interest to find an order of magnitude 
for the time required to leave the atomic trap defined as 


1 1 > 
zP = 52a (Ata) , 


which sets a lower minimum to the “reload” time of the 
thrust cycle: 


(40) 


RNA 
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From Eq. (39) we can immediately write the total momen- 
tum of the gas, AP,.., for each cycle at it approaches the 
shock absorber: 


gas? 
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(41) 


F sas 
AP yas = Megas VA, fin = Nama 
Nama 
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(42) 
AP gas = Nama 


Finally, let us estimate the total momentum transferred to the 
vehicle in the assumption that the impact of the gas against 
it is dissipative, that is, by assuming the complete conser- 
vation of momentum. In this case, the final speed change of 
the (gas+craft) system at the end of the n-th cycle will be 
given by m,..V A, An=(MgastM oar JAV,- That is, by solving for 
AV,> 


(43) 


Nama I a? (kL) 5 
Ava = ———— E [a -1 gRN A? . 
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Although the acceleration of the vehicle varies over time 
during the cycle, it is useful to introduce an average accel- 
eration over the cycle itself, we the understanding that the 
acceleration experienced by the atoms during their phase of 
acceleration may be different, and usually higher, than this 
value because of the cycle synchronization we discussed 
earlier. We write: 


Au, (44) 


Qcraft = FoF? 
Ata + Åf Reload 


where Atr c1ona 18 the time required to prepare the new atomic 
cloud in the trap for the following cycle. This definition 
allows us to also define a nominal thrust for the engine as: 

Fongine[NAMatM orafi) Geratt (45) 


[0130] In the limit in which the reload time vanishes 
(Atreioaa>0), of course we find, as expected: 


Au, Na Mma (46) 
> —— = ————— 
“pa Ala Nama + M crafi = 
and 
Fengine > Fras- (47) 


In this ideal limit, the hovering condition becomes that 
Fas =(Nama+M oraft)g, that is, the total force on the atomic 
cloud must be equal to the weight of the entire vehicle. This 
is also the thrust that could be obtained if the atomic cloud 
could be trapped permanently within the chamber even as it 
acts on the vehicle via the action-reaction law. 


4.1.4 Energy Considerations and Thruster Efficiency 


[0131] The total radiation power utilized will be estimated 
as W=18ID”, which corresponds to six laser triads (this is an 
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upper estimate of the power needed as it is possible to induce 
gravitation-like behavior in a particular direction by using 
less power than this maximum). This yields: 


W=18IN 7° R?. (48) 


By solving this expression for the radiation flux I, we find: 


w (49) 
Ta 
18NGPR 


This result allows us to obtain a realistic estimate of the 
relationship between the dynamics of the process and the 
total amount of energy needed. For instance, by substituting 
it into Eq. (38), we obtain the following useful expression: 


ES | (50) 
ag = -1 2» 


903 RAMa 


which exposes the interesting fact that, in the present 
approximation, the atomic acceleration as a function of the 
total laser power irradiated is independent of the number of 
atoms in the trap. By means of this equation, it is possible 
to write the total power needed to be focused onto the trap 
to achieve a hover, that is, a vanishing acceleration of the 
atoms with respect to the vehicle. This corresponds to: 


9c? R Ama (51) 
27? aœ} (kr) 


Whover = 


independently of g. For practical reasons, let us rewrite this 
result in units of Megawatts (MW) in terms of the wave- 
length in micrometers, A(um), of the average interatomic 
distance in units of Bohr radii, R/a,, and by involving the 
dimensionless polarizability factor as a,(k, )=aL, (k, Ja: 


09 (R/aoy Az, (um) (52) 


Waor BS MW, 
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Of course this result should be interpreted as allowing the 
atoms to be brought to a hover for a time no longer than the 
free-fall time given at Eq. (19) above unless an independent 
trapping approach is employed to hold the atoms at constant 
intermolecular distances, such as in an optical crystal. 


[0132] Similarly for Eqs. (17), (18), (20), and (21): 
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-continued 
272 > (42a) 
W = 
AP vas = Nama HES aa gRNa? , 
9c R Ama 
(43a) 
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with the same restrictions on the duration of the impulse. 


[0133] The ratio of thrust to radiation pressure: This 
dimensionless quantity compares the thrust obtained from 
the present thrust mechanism to the radiation pressure one 
would obtain by simply radiating away the power used 
instead to alter the intermolecular potential. Clearly one 
expects this quantity to be much larger than unity in order for 
the approach of this invention to be of practical use. Should 
that not be so, the case could be made that focusing the 
radiation onto an appropriately large sail would be a more 
efficient use of that energy. We have, in the ideal case in 
which the reload time vanishes, 


Esa 1 27° [War (kz) (53) 
P = wyc ama gaa 33) -1 g. 
rad jc C R AFMA 


In the limit in which a,>>g, we have, simply: 


Fes y AJE (54) 
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Typical estimates of this quantity in interesting cases indeed 
indicate values much larger than unity for this quantity. 


[0134] As in any other system that does not make use of 
the traditional expulsion of high speed gases to generate 
momentum (e.g. light sails), one must introduce new figures 
of merit. For instance, the typical concept of the specific 
impulse (the ratio of engine thrust to the weight of the 
material ejected in the unit time) [29], requires special 
attention in this case. Let us consider the case of a thrust 
system in which all radiation emitted by the high power 
lasers is permanently lost and radiated away from the 
spacecraft. Because of the mass-energy equivalency, this 
will correspond to a net mass-loss of the vehicle at a rate 
M..a¢=-W/c>. In the literature, the “photon rocket,” which 
annihilates matter and antimatter to eject the corresponding 
radiation in a particular direction, is defined by theoreticians 
as the “perfect” rocket engine, because it yields the highest 
terminal speed at burnout for the same final to initial mass 
ratio [46]. However, whereas in that case the thrust is 
directly due to the reaction to the emitted photons, in our 
case the presence of the radiation in the chamber where the 
atoms are trapped is only a catalyst to create the thrust upon 
the vehicle. Thus, since the origin of the thrust in our case 
is not the lost radiation one could just as convincingly argue 
that the specific impulse becomes undefined in this case. 


[0135] From the quantitative standpoint, therein lies the 
great interest of the approach of the present invention. That 


US 2006/0027709 A1 


is, for the same amount of energy expended, the thrust 
derived is much higher than that obtainable in the photon 
rocket [46]. At the same time, this high thrust does not come 
at the price of an impulsive propulsive system as in chemical 
engines, but one that can actually provide high accelerations 
over almost indefinite periods of time [47]. 


[0136] Thruster efficiency: This is the ratio of the kinetic 
energy of the atomic cloud as it emerges from the trap to the 
total energy used during the acceleration of the gas. By using 
the above expression for the final velocity of the atoms, this 
quantity can be written as: 


ET (55) 
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In the same limit a,>>g we find: 
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Special care must be exercised in interpreting the results 
obtained by extrapolating this equation to values of the 
efficiency that exceed unity, since this may be an indication 
that other phenomena are becoming important. Furthermore, 
we have here neglected other forms of energy that are also 
required, such as, for instance, the radiation required to 
excite the atoms if Rydberg states are used and the energy 
used for the initial trapping. As shall become clear in the 
examples below, the present invention represents a useful 
and revolutionary technological innovation even in regimes 
where the thruster efficiency is below unity. 


4.2 Start-Up, Maneuvers, Cruise, and Turn-Off 


[0137] The fundamental, basic physics principle of this 
invention is the distortion of the field of a dipole in an 
accelerated reference frame and the resulting “lifting” 
dipole-dipole force. In order for this principle to operate, an 
acceleration must be induced upon the dipole system before 
the thrust on it can appear. In other words, it is not possible 
to turn on the thrusting system of this invention from a cruise 
phase (approximately at constant speed). Because of the 
Principle of Equivalence, such initial acceleration can be 
provided by means of any combination of two different, but 
equivalent mechanisms. In the former, the acceleration is 
due to gravitation, which provided the initial motivation for 
the present invention. 


[0138] Because of the Principle of Equivalence, the effect 
of a gravitational field is indistinguishable from that a 
uniformly accelerated reference frame (if we neglect the 
Linet term mentioned in our comment of Eq. (3) and in Ref. 
[9] and quantitatively unimportant to this invention). There- 
fore, the trigger acceleration can be provided by the gravi- 
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tational field as a supported (not freely falling system) rests, 
for instance on the ground. Because of the Principle of 
Equivalence, if the spacecraft is freely falling its accelera- 
tion exactly cancels that of the gravitational field and it 
becomes indistinguishable from a laboratory at a large 
distance from any other mass, to the extent that its size is 
relatively small. 


[0139] Because of the mechanism of this invention, if the 
spacecraft is resting on the ground, upon laser turn-on, the 
intermolecular forces will be distorted in such a way as to 
cause an upward acceleration of the atoms, which can be 
made, for instance, as large as needed for the spacecraft to 
hover. On the other hand, if the spacecraft is in outer space 
at a large distance from any other celestial objects, such as 
in interplanetary flight, the initial acceleration must be 
provided by independent means. This can be achieved in a 
variety of ways. For instance: (1) an initial forward accel- 
eration can be produced by a traditional thrusting system 
until the first few cycles of the present engine are pro- 
duced—in this case the traditional thruster becomes an 
“ignition system” for the present invention; (2) the entire 
craft can be put into rotation around an appropriate axis, thus 
reproducing Einstein’s rotating disk [46]; (3) on re-entry, a 
spacecraft undergoes an aerodynamic deceleration that can 
be used as the trigger. 


[0140] The same above sample triggers can be also used 
for maneuvering, that is, to create an initial acceleration in 
a direction different than that of the present motion. This can 
be very useful to transform the present invention in a vehicle 
for motion near the surface of the earth. Aslight acceleration 
parallel to the ground could be maintained with relatively 
little radiative energy while a larger amount of radiation 
would keep the vehicle hovering safely. A slow decrease in 
the power of the lasers, or any other change in the param- 
eters determining the thrust, such as intermolecular distance 
or total atom number, would result in a decreased accelera- 
tion of the atoms and, thus, of the vehicle. In order to bring 
the vehicle to a cruise (constant speed) the only necessary 
action is to turn off the high power lasers, or, alternatively, 
to empty the atomic trap system of atoms. The acceleration 
upon the vehicle would then immediately stop along with 
the dipole-dipole field distortion, thus bringing the craft to 
constant velocity. Finally, a trigger acceleration can be 
exercised in a direction opposite to the instantaneous veloc- 
ity to start an opposite thrust that brings the vehicle to a 
deceleration and to a new hover. 


[0141] Although the notion of flying by exploiting an 
initial acceleration may appear counterintuitive, it must be 
said that a similar transition also challenges some pilots at 
the beginning of their training. In fact, flying through air 
requires speed to create lift from the airfoils and a slower 
and slower aircraft is unable to keep altitude. This concept 
requires constant training in beginning pilots today to fight 
the instinct to “pitch-up” to regain lost altitude on landing, 
as that can result in a stall. Similarly, the lifting mechanism 
of this invention requires the user to become sensitive to 
acceleration—as opposed to speed—and to the notion that 
an accelerating vehicle can maintain thrust, whereas one at 
constant speed will loose thrust. 


4.3 Numerical Examples 


[0142] The following numerical examples were generated 
by making use of a Mathematica notebook [13] which 


Answers to Self-Test 


If your answers do not agree with those 
given here, review the problems indicated in 
parentheses before you go to Chapter 3, 


“Introduction to the Transistor.” 
1. See Figure 2.39. 
Figure 2.39 


Cathode | í Anode 


(problem 3) 
2. Germanium and silicon. (problem 1) 
3. See Figure 2.40 . 

Figure 2.40 


(problem 4) 
4. There is zero current flowing through the 
diode. (problem 6) 
5. See Figure 2.41 . 
Figure 2.41 


PS Knee voltage 
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encoded the equations discussed in this document. The 
design of any of the missions below could (and does) take 
many years of study, but the goal of this section is to provide 
the information necessary to appreciate the fact that the 
physics of this invention leads to realistic engineering 
demands. In other words, whereas relativistic travel is 
usually assumed to require harnessing absolutely fantastic 
amounts of energy, the method below yields numbers that 
can be realistically contemplated to be put into feasible 
design with presently existing technologies. 


[0143] Any space mission must start with some require- 
ments, which are to some extent arbitrary or descend from 
other constraints. In the examples below, we assumed that all 
travel takes place at a given spacecraft acceleration a/g<1. 
This is to contrast the approach to space travel of this 
invention with typical designs, which either impose high 
(several g) accelerations for a short periods of time (chemi- 
cal rockets) or provide very low thrust over very long 
periods of time, such in the case of ion propulsion, in which 
the author of this invention has been directly involved [47]. 
Let us recall that the present method requires that the 
intermolecular potential be distorted by the acceleration of 
the vehicle (or by gravitation if the vehicle is held at rest, as 
required by the Principle of Equivalence). Therefore, the 
acceleration of the vehicle due to the impact of a gas cloud 
into the plate determines the efficiency of the atomic accel- 
eration in the following cycle. 


[0144] According to the present method, space travel is 
most efficient when it is significantly accelerated. This is not 
a drawback, since, for instance, it is now understood that the 
dangers to human health of very long periods of weight- 
lessness are significant. The data presented herein were thus 
produced by assuming a spacecraft acceleration a=g and 
then by demanding self-consistency, that is, by requiring that 
the spacecraft acceleration produced by any given gas cloud 
also be equal to g. Even with this requirement, the choices 
shows below represent only one of many possibilities cho- 
sen for their being realistic from the engineering standpoint 
or for their being representative of a contrast between the 
present invention and present-day technology. For simplic- 
ity, the reload time was everywhere assumed to be negli- 
gible. 


4.2.1 A Robotic Low-Thrust Delivery System to the planet 
Mars 


Propulsive System Specifications 


[0145] W=35.0 MW=3.5x10" erg/s 

[0146] «a, ,=1x10* (quasi-resonant response) 
[0147] n=1 (ground state) 

[0148] R=5a, 

[0149] ,=1000 A (quasi-Lyman-a: transition) 


[0150] M 
[0151] 
[0152] 
[0153] 
[0154] 
[0155] 


craj=107 g=10 metric tons 
N,=4.66x 10% 
M¿as=7.86x10* g=0.786 kg 
Chamber Size D=20.3 cm 
Woover(@erati=l 8)=2.7 kW 


a,=1.28x10° cm/s? 
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[0156] v*"=2.29x10° cm/s 

[0157] At,=1.79x107? s 

[0158]  t,=60.6x10 s 

[0159] Efficiency=3.3x10”* 

[0160] Av... ¿/cycle=2.62 cm/s 

[0161] a... .=10 cm/s? (self-consistent) 
[0162] Thrust=10.0 kN 


[0163] (Thrust/Total Radiation Pressure)=8.57x10* 


[0164] Earth-Mars distance at opposition (Aug. 27, 2003) 
55.758x10** cm [48] 


[0165] Total Travel time=1.52x10° s=17 d 13 h 17 min 
46.7 s 


[0166] Maximum Speed (reached after=6x10° s)=6.0x10* 
cm/s=60 km/s 


[0167] Maximum Kinetic Energy (reached after 6x10° 
s)=1.8x10°° erg 


[0168] ‘Total Energy Radiated (up to maximum speed)= 
2.1x10°° erg 


[0169] Time to Mach 1 (Speed of Sound Vsouna=331 
m/s)=3.31x10 s 


[0170] Time to Clear Low-Earth-Orbit (400 km)=2.8x10° 
s=47.1 min 


[0171] Time to Clear the Earth-Moon System (4x10° 
km)=8.94x10* s=1 d 50.7 min 


Comments 


[0172] In order to obtain the above estimates for the 
transfer to Mars, we greatly simplified the problem by 
neglecting the gravitational force of all objects involved, 
including the Sun, the Earth, and Mars. Of course, the 
gravitational force of the Earth is actually an integral part of 
the engine start-up mechanism of the present invention and 
in that sense its effect is accounted for here. However, since 
the gravitational field of all near-by objects is cleared in a 
matter of minutes, its influence on the dynamics of flight was 
neglected in these order-of-magnitude calculations. 


[0173] Itis useful to make come comparisons between the 
specifications of the system above and present-day delivery 
systems, since that helps elucidate the great technological 
relevance of the present invention. A typical choice for such 
recent space missions to Mars as the ones of Spirit and 
Opportunity is the Boeing Delta II 7925 or 7925H (the letter 
H indicates the more powerful high performance version) 
[49]. In its common configuration, the RS-27A engine of the 
Delta II first stage, along with the additional nine strap-on 
solid rocket motors, generates approximately 8.9x10° New- 
tons of thrust, which are necessary to lift the total “wet” 
(fueled up) vehicle mass of 285, 228 kg off the launch pad. 
This thrust is almost one order of magnitude larger than that 
of the engine described in this document until the Main 
Engine Cut Off (MECO), approximately 265 s after lift-off. 
The thrust of the following stages is smaller, with the thrust 
of the third stage at approximately 6.6x10* N. 


[0174] Since the initial phase of ascent takes place under 
the thrust of a chemical rocket, not surprisingly we see that 
both in the case of Spirit and Opportunity the Delta II 
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vehicle passes through Mach 1 in a much shorter time than 
the one propelled by the engine of this invention (32.4 s and 
29.6 s, respectively) [50]. However, very importantly, by a 
very good approximation, the entire launch mass of 10 
metric tons (10° kg) is propelled towards Mars in the present 
case whereas, in the traditional approach, only 1.070x10° kg 
out of the initial 285, 228 kg represent the useful remaining 
payload. Of this surviving mass, only 533 kg actually lands 
on Mars in the traditional case, since approximately 250 kg 
are allocated to the cruise stage alone. 


[0175] Finally, the entire vehicle propelled by the engine 
of this invention arrives at Mars in a matter of less than 
twenty days, whereas both Spirit and Opportunity, extremely 
reduced in mass, arrive approximately six months later. It is 
very significant that the gravitational field of Mars, added to 
the deceleration of the spacecraft, makes the process of 
landing much slower and completely safe, in contrast with 
what NASA/JPL itself defines as the “six minutes of terror,” 
during which the vehicle must be slowed down from 12,000 
miles/hr to O miles/hr corresponding to average accelera- 
tions a... 1.5 g, although during the last drop the accel- 
eration can reach ~40 g [51]! In contrast, since the present 
vehicle is approaching Mars decelerating at a... =10 cm/s’, 
the same process can be executed within over a week-long 
time and distributed over a path at uniform acceleration that 
concludes with the entire vehicle safely hovering at a desired 
height above the ground of the planet. 


[0176] An obvious question when carrying out a compari- 
son between traditional propulsion technology and the 
mechanism described in this document concerns the feasi- 
bility of generating ~10-°-10~7 s laser pulses requiring over 
30 MWe (that is, MW of electric power) on board of a space 
vehicle. Is this possible? Has this possibility ever been 
carefully considered in the past? The answer to such legiti- 
mate question is that the study of high power, high effi- 
ciency, low-mass nuclear reactors for use in space applica- 
tions is actually extremely advanced, although political and 
public opinion considerations tend to hide the enormous 
amount of available information away from the non-techni- 
cal readership. A small selection of such literature, which 
cannot be cited here even partially because of its sheer size, 
can be found at [52] and References therein. General historic 
motivations behind this technical effort are to be found in the 
large energy needs of any hypothetical “Star Wars” defense 
system, in research into the possibility of interstellar travel, 
and, finally, in the recently renewed commitment to the 
human colonization of space made by the President of the 
United States and NASA. What is important to the evalua- 
tion of the engineering feasibility of the present invention is 
that, typically, reactor power densities in the order of ~1-5 
kW/kg are surely possible, with very wide variations in 
either direction of that estimate depending on the specifics of 
design and shielding requirements. However, the figure 
above is sufficient to make the case that, by means of 
presently existing technology, it is absolutely appropriate to 
consider a 10 ton-vehicle carrying a reactor able to produce 
pulses in the 30 MWe range in space. 


[0177] The implications for human flight to Mars by 
means of the present invention are very significant as well. 
At present, the delivery of several tens of tons of payload to 
Mars is contemplated to take approximately 180 days, with 
a typical mission duration for the crew of 2-3 years. The 
overwhelming majority of the mission duration would be 
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spent in complete weightless conditions during transit and 
possibly under exposure from harmful radiation. In addition, 
the prospects of recovery in case of an even minor malfunc- 
tion are dire not to speak of a major accident of the type that 
occurred on Apollo 13. Being able to reduce the travel time 
to a matter of days, while transporting the crew under at least 
partial gravitational conditions completely changes the pros- 
pects for successful colonization of the Red Planet as well as 
the potential for a rescue mission should that be necessary 


[53]. 


4.2.4 A Thrust System for Safe, Low-Speed, Near-Earth 
Human Transportation 


Propulsive System Specifications 
[0178] a,=6.29x10° cm/s? 

[0179] 
[0180] 
[0181] 
[0182] 
[0183] 
[0184] 
[0185] 
[0186] 
[0187] 


Vana LOLIO? cm/s 

At,=2.55x10° s 

t=60.6x10 s 

Efficiency=11.2% 

Av... /eyele=18.35 cm/s 

acrat=78/2 (self-consistent) 

Thrust=0.491 MN 

(Thrust/Total Radiation Pressure)=4.20x10° 
Earth-to-LEO distance=4x10’ cm 

[0188] Total Travel time=4.97x10* s=8 min 17.5 s 


[0189] Maximum Speed (reached at midpoint)=1.22x10° 
cm/s=1.22 km/s 


[0190] Maximum Kinetic Energy (reached at midpoint)= 
7.44x10"° erg 


[0191] Total Energy Radiated (at midpoint)=1.74x10"’ erg 


[0192] Time to Mach 1 (Speed of Sound v,,,..g#331 
m/s)=67.5 s 


Soun 


[0193] Note: The quantities not repeated are unchanged 
with respect to the previous example. 


Comments 


[0194] The interest of this particular case lies not in the 
acceleration, which is less favorable than by means of 
already available technology, but in its ability to deliver the 
entire payload to high altitude at rest. This allows us to 
consider an entirely new philosophy or air transportation and 
space travel around the Earth (or other planets). Whereas the 
key objective to reach extreme altitudes with ordinary 
technologies must be the achievement of high speeds, as that 
is the only strategy which allows the vehicle to be injected 
into a permanent orbit, in the case of the present invention 
it is possible to deliver a payload to a high hovering altitude 
without requiring orbital speeds. 


[0195] Similarly, the descent maneuver of our vehicle 
does not require the fiery but unavoidable re-entry of typical 
deorbiting, thus avoiding the accompanying extreme heating 
and grave dangers to the crew, as in the recent Columbia 
tragedy. In fact, the vehicle of this example would not reach 
speeds higher than Mach 4 before decelerating to its hov- 
ering point, as opposed to the orbital re-entry speed of the 
Shuttle of approximately Mach 24. This achievement would 
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represent nothing less than a revolution in aerospace tech- 
nology. Interestingly, the present approach also lends itself 
to being phased-in as it replaces traditional propulsion 
technologies. In other words, it is conceivable that a system 
of lower thrust, unable by itself to attain a complete hover, 
could be placed into service for the only purpose to provide 
additional breaking in an emergency at those speeds that 
make parachute deployment am impossible option. 


I claim: 
1. An apparatus comprising: 


at least one trap for confining particles; 


a device for delivering electromagnetic radiation to the 
confined particles, wherein said device delivers an 
amount of electromagnetic radiation that is sufficient 
to: 


(1) induce long-range interactions between said par- 
ticles; and 


(11) cause said particles to either accelerate or hover. 

2. The apparatus of claim 1 wherein said trap 1s an atomic 
trap. 

3. The apparatus of claim 1 wherein said device is a laser. 

4. The apparatus of claim 1 wherein said particles are 
characterized by a polarizability, wherein said particles have 
a polarizability that is greater than a static polarizability. 

5. The apparatus of claim 1 wherein said electromagnetic 
radiation has a wavelength, and wherein said wavelength is 
a near-resonance wavelength. 

6. The apparatus of claim 1 wherein said particles are 
Rydberg atoms. 

7. The apparatus of claim 1 wherein said particles are 
neutral atoms. 

8. The apparatus of claim 1 wherein said apparatus 
includes at least 1x10° traps. 

9. The apparatus of claim 1 further comprising a current 
controller, wherein said current controller causes said device 
for delivering electromagnetic radiation to deliver, at a 
minimum, an amount, W, of electromagnetic radiation, 
given by the expression: 


(R/ao)y A? 


= 9 
W =2.18x10 2) 


wherein: 
W: is power, in Megawatts; 
R/a,: is the average interatomic distance, in Bohr radii; 


A, : is the wavelength of the electromagnetic radiation, in 
micrometers; 


Qr: is a factor (dimensionless) by which the static polar- 
izability of a particle is increased at near resonance; and 


k, : is the laser light wave number (dimensionless). 

10. The apparatus of claim 1 wherein said apparatus 
comprises a propulsion system, and wherein said propulsion 
system 1s coupled to a vehicle. 
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11. The apparatus of claim 10 further comprising an 
arrangement whereby said vehicle receives momentum from 
said particles. 

12. The apparatus of claim 10 further comprising a 
surface upon which said particles are impacted, wherein said 
surface is coupled to said vehicle. 

13. The apparatus of claim 12 wherein said surface is a 
part of a piston. 

14. The apparatus of claim 10 wherein said vehicle is 
selected from the group consisting of helicopter, prop-driven 
aircraft, jet-aircraft, and space vehicle. 

15. The apparatus of claim 10 further comprising a 
conventional propulsion system, wherein said conventional 
propulsion system is selected from the group consisting of a 
turboprop engine, a turbojet engine, a turbo-fan engine, 
ramjet engine, and chemical (rocket) engine. 

16. The apparatus of claim 1 wherein said apparatus is 
coupled to freight. 

17. An apparatus comprising: 


a hull; 


a first propulsion system, wherein said first propulsion 
system is disposed within said hull and comprises: 


(a) at least one trap for confining particles; and 


(b) a device for delivering electromagnetic radiation to 
the confined particles, wherein said device delivers 
an amount of electromagnetic radiation that is suf- 
ficient to: 


(i) induce long-range interactions between said par- 
ticles; and 


(11) cause said particles to accelerate; 


(c) a surface against which said particles are impacted, 
wherein said surface couples to said hull; and 


a source of energy for powering said device. 

18. The apparatus of claim 17 comprising a second 
propulsion system, wherein said second propulsion system 
is selected from the group consisting of a turboprop engine, 
a turbojet engine, a turbo-fan engine, a ramjet engine, and 
chemical (rocket) engine. 

19. An apparatus comprising: 


at least one atomic trap for confining particles; 


at least one laser for delivering electromagnetic radiation 
to the confined particles; 


a power source for powering said laser; and 


a controller for controlling said laser, wherein said con- 
troller, in conjunction with said power source, provide 
an amount of current to said laser that is sufficient to 
cause said laser to deliver an amount of electromag- 
netic radiation that is sufficient to: 


(1) induce long-range interactions between said par- 
ticles; and 


(11) cause said particles to accelerate or hover. 
20. The apparatus of claim 19 further comprising a 
conventional propulsion system. 
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How It Works 

Radio signals are travelling through the atmosphere all the time. This simple radio receiver has 
been designed to capture them, and turn them into sound waves, so that you can hear what's 
going on. The Aerial and Earth wires form a return signal path from the AM transmitter, for these 
signals, and they are then fed into the coil and capacitor. This arrangement is known as a 'tank' 
circuit, because it stores radio energy, much in the same way your family car's tank stores 
petrol. The combination of a certain sized capacitor (68pF) and the amount of turns on the coil 
(around 120 turns) determines the frequency you will receive at. The Diode changes the signal 
from a radio one, to an audio one, and the Crystal Earphone changes the audio signal into sound 
waves that you can hear. the resistor adds stability by helping to prevent the Earphone from 
occasional 'dropout'. 


Building The Radio 

You'll need all the components listed below and a Tic Tac lolly box. Start by mounting the 
earphone jack into the lid of the box and then solder up each of the components into a tidy 
version of the 'rat's nest' construction method. Make sure you use a crocodile clip as a heat sink 
for the diode when soldering - they're pretty sensitive devices to heat. Then take the coil and 
remove the ferrite rod from inside it. Take the ferrite balun core and place one end of the plastic 
stick (obtained by cutting off both ends of a cotton bud) and glue it inside the hole, with its end 
level with the end of the balun core. 


Fēmite Balun tore and stick 
AM Broadcast band Coil & formar 


Tic Tac 


To Aerial Wire lolly box 


To Earth Wire 


68pF Capacitor 100K Resistor cm Jack Socket 


Diagram 2. Place balun inside coil former and use the stick to slide 
it up and down inside the coil to tune the Nic Nac Radio. 


Experimenting With The Radio 
You can perform a number of experiments with your new radio receiver, so try the following 
experiments and have lots of fun while you do: 


1. Try hooking up your Aerial wire first, without the Earth wire, to see if you're close enough to a 
radio station, not to need the Earth wire. 


2. Try using different things for an Aerial, instead of the long wire - e.g.: a wire clothes line, a 
Hills Hoist clothes line, a metal window frame, a metal security door, a cyclone fence, bedsprings 
etc. 


3. If you live really close to a radio transmitter, try rotating the Crystal Radio without an Aerial 
or Earth wire, to see if you can pick up these local stations. 


I hope that you have as much fun making the Nic Nac Radio, as I did in designing it. 


http://www.angelfire.com/biz2/radiosets/nicnac.htm 
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Hi there! This Instructable is all about building a basic crystal radio set that 
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is so simple to build and understand, that a child could do it - with help 
from mum or dad - or even at school, as a class project. Parts can be bought 


"off the shelf" at Jaycar Electronics and other suppliers, or purchased online via Bio: Started as a hobbyist at 9 - built my 


Ebay and Paypal. first crystal radio on one of mum's prized 
cutting boards (eeek) - Worked in 2 

| built my first ever crystal set when | was 9 years old, but that was a different electrical/electronics ... More » 

world. We're going to build a 21st century style radio with all modern (/member/mk484/) 


components which are relatively easy to obtain at your local electronics store or 
on the Internet. 


The radio is contained inside a Tic Tac box, and is called "The Nic Nac Tic Tac 
Radio". It is built on a square of matrix board, with the component leads poked 
through the holes in the board, and joined underneath. It is a very simple crystal 
set, designed to initially receive only one station, but you can expand the tuning 
range with the addition of only one extra component. 


The Tic Tac radio can be constructed by simply twisting the component leads 
together, underneath the matrix board and attaching antenna/ground wires as 
well as the earphone wires to the board, using that same technique. You don't 
have to solder any wires, but there is another way to join them all together - 
more on that later. 


The Tic Tac Radio is a very easy set to put together - you don't need to wind 
bulky coils or use heavy tools and screw strange looking parts onto a large 
breadboard. See step 1 for the parts list you will need. 


Step 1: Parts and Tools You Will Need 
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You will need to acquire the following components from a local electronics shop 
or an online electronics business. 


| am adding the catalogue numbers for Jaycar Electronics, so if you live in 
Australia or North America, you may be able to visit a Jaycar store and buy the 
parts over the counter, if not then you may be able to do an online mail order via 
Paypal: 


Parts List 
Resistor - 47k - yellow-purple-black-red and brown - RR 0612 (pkt of 8) 


Capacitor - 68pF - ceramic x 2 - RC 5322 (pkt of 2) and a 100 or 120 pF value 
as well for experiments. 


Inductor - 220 uH - red-red-brown silver - LF 1538 (resistive type) 


Polyvaricon tuning capacitor - 220 pF - RV 5728 - with knob and mounting 
screws 


Diode - BAT46 - ZR 1141 (You can also use a 1N34A Germanium Diode too if 
you have one at home) 


Ceramic Earphone - AS 3305 * 


A 25 meter roll of yellow hook up wire for the Antenna wire and a 3 meter length 
of wire for the Ground wire. 


Please note that some Jaycar parts come in multiples of 2 or more per 
packet. And please note the following: 


PLEASE NOTE: THIS PROJECT/KIT CONTAINS SMALL PARTS THAT MAY 
FORM A CHOKING HAZARD FOR SMALL CHILDREN OR PETS. NOT 
SUITABLE FOR CHILDREN UNDER FIVE (5) YEARS OLD. 


*A normal crystal radio earphone is OK, but if you can't get one of these, or if the 
one you bought goes dead (as they sometimes do,) you can use a substitute, 
such as the Murata PKM44EW passive transducer (see picture above) which is 
available from an old Telstra TF200 touchphone, (the one on the left in the 
diagram above,) or an equivalent, such as the ARIO transducer, from an old 
Telstra T1000 pushbutton phone. 


The ARIO unit is soldered to the phone's pc board so you'll need to be able to 
unsolder the three mounting pins underneath the board, or find someone in the 
neighbourhood who is able. 


Take the back off the TF200 (if you've obtained one of these phones,) and you'll 
see a black disc shaped object 2" round by 1/2' thick - with a red and black wire. 
Unplug the wires from the circuit board, and unscrew any retaining screws and 
remove the transducer. Cut the mini plug off, carefully strip the insulation from 
the ends of the wires and extend them by about 18" with 2 thin lengths of 
hookup wire. These pietzo devices make good earphones for crystal sets and 
can be housed in an old pair of ear muffs. 


Miscellaneous Materials: 
A Tic Tac box (smaller size) 


A piece of matrix board at least 7 holes long by 8 holes across. Cut the board to 
fit neatly inside the Tic Tac box. 


A short length of 2 differently coloured wires 60 mm in length and 2 crocodile 
clips with red and black plastic covers 


A length of antenna wire at least 25 metres long and a 3 metre length of a 
different colour for the Ground wire. 


A metal rod or cold water pipe for the ground stake. Be careful which pipes 
you connect your Ground wire to. 


You will need a small sharp object for punching holes in the Tic Tac box. 


A small pair of wire cutters for cutting and stripping wires. 


Step 2: How a Crystal Radio Works 


Radio signals consists of two parts - the "carrier wave' which is the AM radio 
station's frequency of operation, and the 'program signal' which is mixed with the 
carrier wave for transmission. 


Radio waves travel out from the AM transmitter tower through the atmosphere. 
We want to capture one specific frequency so we can listen to it, so we need the 
antenna/ground wire system to capture that signal. We also need a 'tuned 
circuit' that will filter out the desired AM signal, and discard the rest, so that all 
the other unwanted radio signals pass out through the ground wire to earth. 


Two components in our circuit will perform that task for us. The capacitor C1, 
together with L1 inductor, form a basic 'series tuned’ circuit. Their respective 
values will determine just which local AM radio station we will capture. 


We also need a diode to 'detect' the voice and music, so we can hear them in 
our earphone, which transduces electrical signals into sound waves that we can 
hear. 


In the photo above you can see a completed Tic Tac crystal radio. It is already 
inside the box. The other set is connected to the antenna/ground wire circuit, 
undergoing a 'soak test’. It is necessary to do this to ensure that the radio will 
work once inside the box! 


The first diagram shows a typical antenna wire installation. Coming out of a 
window, the wire is anchored to the building and then over some distance (10 
metres +) to a nearby tree or other building. 


You must take great care not to erect antenna wires near to power or 
telephone cables, near your home! 


The ground wire comes out the same window and is anchored to a metal 
pipe/water pipe or metal ground stake, embedded in soft, moist soil. 


You must not connect ground wires to electrical mains wiring installations, 
including wall power outlets! 


Another electrical hazard to consider is lightning strikes! Although it is very 
rare for anyone to be seriously injured or die from a lightning strike it is not 
impossible. So, if you hear a thunderstorm coming your way (you may hear the 
lightning 'crashes' in your earphone first,) then disconnect your antenna wire 
immediately, connect it to the ground wire and put it well up out of the way. 
Stay well clear of this temporary antenna/ground connection until the storm has 
completely passed away from your general area - miles away! 


Step 3: How to Build the Tic Tac Crystal Radio Set 


L1 
e ee QT Antenna 
EL 
Wire D1 
Link 
R1 
Earphone Leads 
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1. Take the components and lay them out on a clean surface. 


(Project 2.1) 

6. Si = 0.7 volt; Ge = 0.3 volt (These are 
approximate. ) (Project 2.1) 

7. 1D = 100 mA. (problem 12) 

8. AS VS = 3 volt, do not ignore the 
voltage drop across the diode. Thus, ID = 
2.7 mA. (problem 12) 

9. Ignore V D in this case. Thus, ID = 0.3 


mA. If V D is not ignored, ID = 0.23 MA. 
(problem 19) 

10. IZ = 5 mA. (problem 29) 

11. IZ = 30 mA. (problem 29) 

12. The maximum power will be dissipated 
when IZ is at its peak value of 30 mA. 
Therefore, P Z (MAX) = 0.30 watt. (problem 


31) 


2. Take the square of matrix board (this is also called 'perf board' because of all 
the holes or perforations in the material) and beginning with the 220uH (uH = 
micro-Henry) and place it as shown in the diagram. 


3. Then take the diode, capacitor and resistor and place them in the places 
shown for them, making sure that the coloured band at one end of the diode 
joins with the resistor wire, as shown 


4. Then take each junction where wires come together through their respective 
holes and gently twist them together, until they form a neat, tight bundle. Take 
your side cutters and cut off any excess length, taking care not to cut any one 
wire too short, so that it comes undone from the join. 


.5. Take the link wire, strip 2 centimetres of insulation from each end of the wire 
and install that wire between the free ends of the inductor and resistor, and the 
matrix board construction is complete. 


6. Then take the ceramic earphone, cut the plug off the end, and strip the 2 wire 
ends about 1.5 centimetres in length. Wrap each earphone wire around each 
end of the resistor component, underneath the matrix board. 


7. Finally, strip the insulation off both ends of the 60mm long differently coloured 
wires, and attach them to the matrix board - one goes to the inductor/link wire 
junction and this will be the Ground connection wire. Attach the other one to the 
free end of capacitor C1 and this will be the antenna wire connection. Both 
connections are made underneath the matrix board. The Nic Nac Tic Tac Crystal 
Radio is now ready for testing. 


Step 4: Final Checks and Installation of Wires 
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When you've finished constructing the matrix board circuit and have clipped all 
the excess component leads off, puncture three (3) holes in the Tic Tac box - 2 
small holes on the top lid of the box, about an inch (24mm) apart, so that your 
antenna and ground wire leads can come through the box lid, and be connected 
to the matrix board at those 2 points. 


Feed the wires through the holes and then tie small knots in each one, near the 
underside of the box lid, so that they won't pull back out if strained, and 
disconnect themselves from the matrix board. 


Then make one larger hole in the centre of the bottom of the box (clear part) so 
that your earphone wires can be fed through to the connecting points on that 
part of the matrix board. Tie a larger knot in the earphone lead so as to prevent 
it from pulling out of the box if it is strained. Strip the insulation off the earphone 
leads, and wrap them around the matrix board leads at those 2 points. You are 
now ready to test out the Nic Nac Tic Tac Crystal Radio. 


Step 5: Testing Out the Tic Tac Radio 
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Take your finished Tic Tac Radio (with the lid part gently pushed back inside the 
top of the box) and connect your Antenna and Ground wires to the lead outs 
from the box lid. Place the earphone in/over your ear,and listen carefully for a 
local AM radio station. This crystal radio is a simple one, and you may have to 
make one or two adjustments to the components, before you succeed in 
receiving one or more local AM radio stations, in your area. 


If you can't hear anything in the earphone, don't panic. It might just be a simple 
wiring mistake, which is easily fixed. Go back over all of the steps, making sure 
that you have the right value components from the electronics store. Make sure 
that each component is in the right place on the matrix board, (don't confuse the 
L1 inductor with the R1 resistor - they look a lot like each other!) and that no 
component wires have come undone from the twisted joins you have just made. 
I'll be writing up a troubleshooting step soon, so if you run into any problems, 
post your questions in the 'comments' section down at the bottom of the page, 
and I'll try and answer them as soon as possible. 


Make sure that your antenna and ground wires aren't snagged on anything 
metal or anything dangerous! 


If you have ANY doubts about the electrical safety of your antenna or 
ground wires, then consult a licensed electrical trades person, who will be 
able to advise you on electrical safety principles and procedures! 


Always remember that electrical safety is your responsibility! If you don't 
think it is safe to proceed, then don't! 


You will need at least 10 to 15 metres of antenna wire, strung between 2 
insulating points (not connected to anything metallic, or that gets wet,) at least 2 
to 3 metres in height - anything less than this minimum arrangement may mean 
that you cannot receive any signals at all. 


Some places are regarded as 'radio dead spots', so you may need to try an 
open space, such as a park or a remote corner of a beach. If you do erect 
antenna and ground wires in public places, hang some streamers or balloons off 
of them, to alert people to their presence, otherwise people going past may 
become entangled with them - and get cranky with you!!! 


As a final word for now, you'll be happy to know that the completed "Nic Nac Tic 
Tac Radio" shown in the picture above, picked up local AM radio station 1116 
khz 4BC here in Brisbane, with a very clear signal and quite good volume. It 
works! So be safe kids, have some fun and look forward to more... mk484 


Step 6: Nic Nac Extras 
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If you've built your Tic Tac crystal set and found that you can't receive a local AM 
radio station yet - don't panic - help is in on the way. You have just built the 
simplest version of the Tic Tac crystal radio and you may need to add one more 
component part for it to work properly. This is called a 'polyvaricon' - a miniature 
tuning capacitor, which can vary the frequency that your radio will receive at. 
You can see a picture of one up above - the small white box with the black knob 
next to it. It has 3 connecting tags - the one in the middle ('G') goes to the 
moving plates and the shaft, while the 2 outer tags ('O' and 'A') go to 2 sets of 
fixed plates. the smaller set of plates has a value of 60pF - pF is short for 
‘picoFarad' - a unit of measurement for capacitance. The larger set of plates is 
valued at 160 pF so that the combined value of the polyvaricon is 220 pF - or 
220 picoFarads. 


The other picture shows you what happens inside a basic tuning capacitor. there 
are 2 sets of metal plates - one set is fixed and the other set moves on a rotating 
shaft, connected to the tuning knob of your radio set. Both sets of plates are 
mounted on an insulating frame so that they won't 'short out’ by touch each 
other. 


The fixed capacitor C1, was chosen to tune somewhere close to the middle of 
the AM radio band. This band of frequencies starts at 531 kilohertz (Khz) and 
goes as far as 1701 Khz here in Australia. So we need a combination of coil and 
capacitor which will tune across all of those frequencies. Our simple Tic Tac 
radio is known as a 'series tuned’ set. If you look at the circuit diagram, you can 
see electronic symbols for all components in the radio set.If you start at the top 
with the antenna symbol, you can see the capacitor C1 underneath that, the 
inductor L1 underneath C1 and then finally, the ground symbol - all wired in 
series with each other. 


The diode D1 detector, the resistor and the earphone plus the link wire, can be 
considered as one block - the "detector unit". The Antenna wire, ground wire, 
inductor/coil and capacitor/polyvaricon, can be also be considered as another 


block - the "tuned circuit". So joining both blocks together, we have the tuned 
circuit that tunes in only one frequency, passing all other unwanted signals out 
through the ground wire to earth. This one 'tuned frequency' passes through the 
diode detector, which strips away the 'carrier wave' and leaves only the ‘program 
signal’ (voice, music etc,) behind, which is then fed via the resistor into the 
earphone. The earphone changes electrical impulses from the diode detector, 
into sound waves that we can hear. You need the R1 resistor to provide a 
pathway for the signals going through the diode, out to the ground wire 
connection. Without this resistor, the signals would sound very distorted and you 
couldn't hear the program signal very clearly. 


Step 7: Adding the Polyvaricon Tuning Capacitor 


If you want to expand the tuning range of your Tic Tac Radio, than all you have 
to do is a simple modification (change) to the circuit of your radio set. You can 
see from the 2 pictures above, that there's an alternative way of building the 
crystal radio - you can use the matrix board method or you can use a 4 way 
screw terminal strip. 


To use the screw terminal version, cut yourself a 4 way strip of terminals as 
shown in the diagram and pictures. Undo the screws right out as far as they will 
go without falling out of the strip. Connect the component leads and wires from 
the antenna/ground system as well as the earphone wires. Cut off any excess 
from component leads that you don't need. Wrap thin wires from the 
antenna/ground system and the earphones, around the thicker component leads 
before screwing the screws in tight. 


Regardless of which method you have used, all we will now wire up the tuning 
capacitor between the actual Antenna wire and the junction (join) where the 
diode D1, the fixed capacitor C1 and one end of the inductor meet. Remove the 
capacitor from the matrix board, and connect the Antenna lead out wire straight 
to the join of the diode and inductor. Then take the polyvaricon and another 


piece of wire. Strip both ends of that wire and join the two outer tags (tagged 'O' 
and 'A' - the centre on is tagged 'G') and then connect you actual Antenna wire 
to one of the outer tags. Connect the antenna lead out wire, coming out of the 
box, to the 'G' (middle) tag of the tuning capacitor,so that the antenna wiring now 
looks like the picture up above. 


If you're having problems following the pictures, then refer to the diagrams, 
which clearly shows all of the connections Make sure your ground wire is 
connected to the set, and then, listening with your earphone in/over your ear, 
slowly turn the tuning cap's flat knob, until you hear one or more stations. 
Congratulations - you now have a "tuneable" Tic Tac crystal set! Happy listening! 
And don't forget to post in your results, questions, problems etc... mk484 :) 


Step 8: Tic Tac One Transistor Amplifier - Use Your Earbuds 
and Hear Great Sound... 
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Hi there folks - this isn't really an extra 'Step' as such - it's a sneak preview at a 
picture of my upcoming Instructable for a one transistor amplifier, which will 
connect to the Tic Tac Radio - and give you some really good volume - in your 
Iphone earbuds! 


Yes, it's entirely possible nowadays, with modern circuit design, to fit a one 
transistor amp in such a small space (yes kiddies - it WILL fit inside the smaller 
Tic Tac box...) and at the same time, get that great sound that comes from those 
"inside your ear" type earbuds. 


This circuit took me about a half hour to complete, uses only 3 electronic 
components, costing about $1.00, a stereo earphone jack and a 1.5 volt AAA 
battery and plastic holder costing about another $3 to $4, so you can build the 
amplifier for about $5 all up - don't forget to shop around and - mums and dads - 
cheap batteries will be OK for this project, and the battery can simply be 
replaced without soldering or undoing half a dozen screws.... 


| can hear my Tic Tac Radio with great volume and clarity - and so will you, so 
"stay tuned" (ha ha ha) to this series of Instructables, and you will hear great 
sound too... 


mk484 
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Comments 


We have a be nice comment policy. 
Please be positive and constructive. Y | Made it! © Add Images Post Comment 


Colaris (/member/Colaris/) 2014-10-29 Reply 


Can't you use regular headphones for both ears? 


Cat mk484 (/member/mk484/) > Colaris (/member/Colaris/) 2014-10-29 Reply 
ak 


#38 Hi Colaris - earphones for crystal radios need to exhibit a fairly high 
impedance to the circuit (diode end and ground) - in the order of 2 to 
4,000 ohms, as a bare minimum. 


Low impedance phones (8 to 64 ohms like your average earbuds/large 
headphones) won't have anywhere near the impedance required. Trying 
to drive a low impedance 'load' such as a pair of earbuds, is like trying to 
drive a mains powered with a 9 volt battery - it's not going to happen... 


While crystal earphones or the Murata substitute may not be perfect, they 
are more than adequate for kids and adults who are just experimenting 
with basic radio receivers. 


©»  mk484 (Imember/mk484/) » mk484 (/member/mk484/) 2016-01-16 Reply 


“ab Hi Colaris -what | meant to say was that 


"Trying to drive a low impedance "load" such as a pair of earbuds, is like 
trying to drive a mains powered (toaster) with a 9 volt battery - it's not 
going to happen..." 


TravisM18 (/member/TravisM18/) 2015-11-03 Reply 


| think you may need a tuning capacitor in there some where? 


nupogodi (/member/nupogodi/) 2015-09-10 Reply 


It is so pitty that in the near future all AM radiostations at least in USA and 
Europian Union will change to digital modulation so those amazing constructs 
will become useless :-( 


| + mk484 (/member/mk484/) » nupogodi (/member/nupogodi/) 2015-09-12 Reply 


b Thereare no plans to dump off AM or FM radio here, or in many other 
countries. Singapore has gone all digital but many other Asian countries 
are keeping their AM and FM transmitters for now 


mk484 (/member/mk484/) 2015-07-15 Reply 


Hello there - can any body tell me if they actually built this Tic Tac crystal radio, 
and if so, how did you go with it? 


Thanks 
MK484 :) 


ViktorV1 (/member/ViktorV1/) 2014-09-28 Reply 


So is there any way to have a smaller antenna or less grounding for this setup? 
| was thinking of making a "walkie-talkie" type thing with this and a simple AM 
transmitter. Are there things | can add to the circuit that would reduce the need 
for a big stationary antenna? 


A i mk484 (/member/mk484/) > ViktorV1 (/member/ViktorV1/) 2014-09-28 Reply 


b Hi Viktor - if you live really close to an AM transimitter or two, you could try 
a 2 foot length of very thick pvc covered wire as a portable antenna. You 
may still need a ground wire though. Walkie talkies on the AM band would 
tend to be very noisy though. 


mk484 (/member/mk484/) 2014-07-10 Reply 


Thanks to everyone who has marked this project as a favourite 


jessyratfink (/member/jessyratfink/) 2014-07-08 Reply 


What a neat build - | could see this getting assembled in schools really easily. 


“> mk484 (/member/mk484/) » jessyratfink (/member/jessyratfink/) 2014-07-08 Reply 
"i Y 


Hi jessyratfink - | "invented" the Tic Tac xtal radio back in 1992 and used 
to sell it as a kit at flea markets - | also ran classes as a one of at a local 
community centre for adults. One little old lady who came and built her 
set, used a curtain rod in her kitchen as the antenna and the cold water 
tap in the sink as her ground. She told me that she used to sit there each 
night and listen to the ABC and smile whenever she reminded herself that 
SHE built it! 


TA) mk484 (/member/mk484/) 2014-07-07 Reply 


os 
TL Hi folks - the Tic Tac Radio article is finished - no more mods or additions for 
now, so feel free to post in with questions, problems in building your radio etc - 
mk484 
Ca + mk484 (/member/mk484/) 2015-11-03 Reply 
“AL Hi Travis - this set was designed as a basic 'bare bones' one for the beginner. In 


the later construction pages, | do add a small polyvaricon tuner cap in place of 
the fixed ceramic cap so you can vary the frequency you can receive at. 


The set is wired to be 'series tuned' so reception may not be perfect at first, but 
you can experiment with the height and length of the antenna wire to try and get 
better reception - eg: more stationsor better volume. 


ALWAYS REMEMBER FOLKS TO CHECK OUT THE ELECTRICAL SAFETY 
OF YOUR ANTENNA AND GROUND WIRE SYSTEMS BEFORE 
CONNECTNG YOUR CRYSTAL SET TO THEM... 


charris8 (/member/charris8/) 2015-10-15 Reply 


Do you really need it grounding? What are the chances of an electrical surge 
from a non powered device? 


CA + mk484 (/member/mk484/) » charris8 (/member/charris8/) 2015-10-15 Reply 


23% Hi - a ground wire provides a return path so that the AM radio signal can 
be fully received by the set. If you leave the ground wire off, you may not 
get very good volume in the earphone, or worst still, you may not get a 
signal at all. 


You need to install a safe ground wire - one that goes straight to a metal 
pole, embedded in soft, wet soil. Make sure there are no pipes or cables 
underneath the ground where you are going to do this. If you have any 
doubts, consult a qualified electrician who can advise you on how to do 
that safely. 


As for electrical shocks, they are possible during thunderstorms, due to 
potential lightening strikes, so it's best to disconnect your crystal set from 
both the antenna and ground wires for the duration of the storm. Quite 
often you can hear the 'crackle' of distant thunder/lightening in the 
distance, long before you can see/hear them. 


Y) More Comments 


Nic Nac Tic Tac Crystal Radio Set - an Ideal Primary School Project... 


Chapter 3 
Introduction to the Transistor 


The transistor is undoubtedly the most 
important modern electronic component 
because it has enabled great and profound 
changes in electronics and in your daily lives 


since its discovery in 1948. 
This chapter introduces the transistor as an 


electronic component that acts similarly to a 
simple mechanical switch, and it is actually 
used as a switch in many modern electronic 


devices. A transistor can be made to conduct 
or not conduct an electric current—exactly 
what a mechanical switch does. 

Most transistors used in electronic circuits 
are bipolar junction transistors ( BjTs ), 
commonly referred to as bipolar transistors 
junction field effect transistors ( JFETS ) or 
metal oxide silicon field effect transistors ( 
MOSFETs’). This chapter (along with Chapter 
4, “The — Transistor Switch,” and Chapter 8, 


“Transistor Amplifiers”) illustrates how BJ Ts 
and JFETs function and how they are used in 
electronic circuits. Because JFETS and 


MOSFETs function in similar fashion, MOSFETs 
are not covered here. 


Projects in this chapter can help you to 
build a simple  one-transistor circuit. You Can 
easily set up this circuit on a home 
workbench. You should take the time to 


obtain the few components required, and 
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` mk484 
(/member/mk484/) 
(http://) 
Hi there! This Instructable is all about building a basic crystal radio set that Es | 
is so simple to build and understand, that a child could do it - with help an enpago | 82 


from mum or dad - or even at school, as a class project. Parts can be bought 


"off the shelf" at Jaycar Electronics and other suppliers, or purchased online via Bio: Started as a hobbyist at 9 - built my 


Ebay and Paypal. first crystal radio on one of mum's prized 
cutting boards (eeek) - Worked in 2 

| built my first ever crystal set when | was 9 years old, but that was a different electrical/electronics ... More » 

world. We're going to build a 21st century style radio with all modern (/member/mk484/) 


components which are relatively easy to obtain at your local electronics store or 
on the Internet. 


The radio is contained inside a Tic Tac box, and is called "The Nic Nac Tic Tac 
Radio". It is built on a square of matrix board, with the component leads poked 
through the holes in the board, and joined underneath. It is a very simple crystal 
set, designed to initially receive only one station, but you can expand the tuning 
range with the addition of only one extra component. 


The Tic Tac radio can be constructed by simply twisting the component leads 
together, underneath the matrix board and attaching antenna/ground wires as 
well as the earphone wires to the board, using that same technique. You don't 
have to solder any wires, but there is another way to join them all together - 
more on that later. 


The Tic Tac Radio is a very easy set to put together - you don't need to wind 
bulky coils or use heavy tools and screw strange looking parts onto a large 
breadboard. See step 1 for the parts list you will need. 


Step 1: Parts and Tools You Will Need 


[Asta ne llada inata ntanhlan nanamn Iran (Attne://adn lac PAMIE (Wann. AAA lnntmintallan AAW! 


You will need to acquire the following components from a local electronics shop 
or an online electronics business. 


| am adding the catalogue numbers for Jaycar Electronics, so if you live in 
Australia or North America, you may be able to visit a Jaycar store and buy the 
parts over the counter, if not then you may be able to do an online mail order via 
Paypal: 


Parts List 
Resistor - 47k - yellow-purple-black-red and brown - RR 0612 (pkt of 8) 


Capacitor - 68pF - ceramic x 2 - RC 5322 (pkt of 2) and a 100 or 120 pF value 
as well for experiments. 


Inductor - 220 uH - red-red-brown silver - LF 1538 (resistive type) 


Polyvaricon tuning capacitor - 220 pF - RV 5728 - with knob and mounting 
screws 


Diode - BAT46 - ZR 1141 (You can also use a 1N34A Germanium Diode too if 
you have one at home) 


Ceramic Earphone - AS 3305 * 


A 25 meter roll of yellow hook up wire for the Antenna wire and a 3 meter length 
of wire for the Ground wire. 


Please note that some Jaycar parts come in multiples of 2 or more per 
packet. And please note the following: 


PLEASE NOTE: THIS PROJECT/KIT CONTAINS SMALL PARTS THAT MAY 
FORM A CHOKING HAZARD FOR SMALL CHILDREN OR PETS. NOT 
SUITABLE FOR CHILDREN UNDER FIVE (5) YEARS OLD. 


*A normal crystal radio earphone is OK, but if you can't get one of these, or if the 
one you bought goes dead (as they sometimes do,) you can use a substitute, 
such as the Murata PKM44EW passive transducer (see picture above) which is 
available from an old Telstra TF200 touchphone, (the one on the left in the 
diagram above,) or an equivalent, such as the ARIO transducer, from an old 
Telstra T1000 pushbutton phone. 


The ARIO unit is soldered to the phone's pc board so you'll need to be able to 
unsolder the three mounting pins underneath the board, or find someone in the 
neighbourhood who is able. 


Take the back off the TF200 (if you've obtained one of these phones,) and you'll 
see a black disc shaped object 2" round by 1/2' thick - with a red and black wire. 
Unplug the wires from the circuit board, and unscrew any retaining screws and 
remove the transducer. Cut the mini plug off, carefully strip the insulation from 
the ends of the wires and extend them by about 18" with 2 thin lengths of 
hookup wire. These pietzo devices make good earphones for crystal sets and 
can be housed in an old pair of ear muffs. 


Miscellaneous Materials: 
A Tic Tac box (smaller size) 


A piece of matrix board at least 7 holes long by 8 holes across. Cut the board to 
fit neatly inside the Tic Tac box. 


A short length of 2 differently coloured wires 60 mm in length and 2 crocodile 
clips with red and black plastic covers 


A length of antenna wire at least 25 metres long and a 3 metre length of a 
different colour for the Ground wire. 


A metal rod or cold water pipe for the ground stake. Be careful which pipes 
you connect your Ground wire to. 


You will need a small sharp object for punching holes in the Tic Tac box. 


A small pair of wire cutters for cutting and stripping wires. 


Step 2: How a Crystal Radio Works 


Radio signals consists of two parts - the "carrier wave' which is the AM radio 
station's frequency of operation, and the 'program signal' which is mixed with the 
carrier wave for transmission. 


Radio waves travel out from the AM transmitter tower through the atmosphere. 
We want to capture one specific frequency so we can listen to it, so we need the 
antenna/ground wire system to capture that signal. We also need a 'tuned 
circuit' that will filter out the desired AM signal, and discard the rest, so that all 
the other unwanted radio signals pass out through the ground wire to earth. 


Two components in our circuit will perform that task for us. The capacitor C1, 
together with L1 inductor, form a basic 'series tuned’ circuit. Their respective 
values will determine just which local AM radio station we will capture. 


We also need a diode to 'detect' the voice and music, so we can hear them in 
our earphone, which transduces electrical signals into sound waves that we can 
hear. 


In the photo above you can see a completed Tic Tac crystal radio. It is already 
inside the box. The other set is connected to the antenna/ground wire circuit, 
undergoing a 'soak test’. It is necessary to do this to ensure that the radio will 
work once inside the box! 


The first diagram shows a typical antenna wire installation. Coming out of a 
window, the wire is anchored to the building and then over some distance (10 
metres +) to a nearby tree or other building. 


You must take great care not to erect antenna wires near to power or 
telephone cables, near your home! 


The ground wire comes out the same window and is anchored to a metal 
pipe/water pipe or metal ground stake, embedded in soft, moist soil. 


You must not connect ground wires to electrical mains wiring installations, 
including wall power outlets! 


Another electrical hazard to consider is lightning strikes! Although it is very 
rare for anyone to be seriously injured or die from a lightning strike it is not 
impossible. So, if you hear a thunderstorm coming your way (you may hear the 
lightning 'crashes' in your earphone first,) then disconnect your antenna wire 
immediately, connect it to the ground wire and put it well up out of the way. 
Stay well clear of this temporary antenna/ground connection until the storm has 
completely passed away from your general area - miles away! 


Step 3: How to Build the Tic Tac Crystal Radio Set 


L1 


Ground a — 


Antenna 


EL 
Wire D1 
Link 
RI 
Earphone Leads 
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1. Take the components and lay them out on a clean surface. 


2. Take the square of matrix board (this is also called 'perf board' because of all 
the holes or perforations in the material) and beginning with the 220uH (uH = 
micro-Henry) and place it as shown in the diagram. 


3. Then take the diode, capacitor and resistor and place them in the places 
shown for them, making sure that the coloured band at one end of the diode 
joins with the resistor wire, as shown 


4. Then take each junction where wires come together through their respective 
holes and gently twist them together, until they form a neat, tight bundle. Take 
your side cutters and cut off any excess length, taking care not to cut any one 
wire too short, so that it comes undone from the join. 


.5. Take the link wire, strip 2 centimetres of insulation from each end of the wire 
and install that wire between the free ends of the inductor and resistor, and the 
matrix board construction is complete. 


6. Then take the ceramic earphone, cut the plug off the end, and strip the 2 wire 
ends about 1.5 centimetres in length. Wrap each earphone wire around each 
end of the resistor component, underneath the matrix board. 


7. Finally, strip the insulation off both ends of the 60mm long differently coloured 
wires, and attach them to the matrix board - one goes to the inductor/link wire 
junction and this will be the Ground connection wire. Attach the other one to the 
free end of capacitor C1 and this will be the antenna wire connection. Both 
connections are made underneath the matrix board. The Nic Nac Tic Tac Crystal 
Radio is now ready for testing. 


Step 4: Final Checks and Installation of Wires 


When you've finished constructing the matrix board circuit and have clipped all 
the excess component leads off, puncture three (3) holes in the Tic Tac box - 2 
small holes on the top lid of the box, about an inch (24mm) apart, so that your 
antenna and ground wire leads can come through the box lid, and be connected 
to the matrix board at those 2 points. 


Feed the wires through the holes and then tie small knots in each one, near the 
underside of the box lid, so that they won't pull back out if strained, and 
disconnect themselves from the matrix board. 


Then make one larger hole in the centre of the bottom of the box (clear part) so 
that your earphone wires can be fed through to the connecting points on that 
part of the matrix board. Tie a larger knot in the earphone lead so as to prevent 
it from pulling out of the box if it is strained. Strip the insulation off the earphone 
leads, and wrap them around the matrix board leads at those 2 points. You are 
now ready to test out the Nic Nac Tic Tac Crystal Radio. 


Step 5: Testing Out the Tic Tac Radio 
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Take your finished Tic Tac Radio (with the lid part gently pushed back inside the 
top of the box) and connect your Antenna and Ground wires to the lead outs 
from the box lid. Place the earphone in/over your ear,and listen carefully for a 
local AM radio station. This crystal radio is a simple one, and you may have to 
make one or two adjustments to the components, before you succeed in 
receiving one or more local AM radio stations, in your area. 


If you can't hear anything in the earphone, don't panic. It might just be a simple 
wiring mistake, which is easily fixed. Go back over all of the steps, making sure 
that you have the right value components from the electronics store. Make sure 
that each component is in the right place on the matrix board, (don't confuse the 
L1 inductor with the R1 resistor - they look a lot like each other!) and that no 
component wires have come undone from the twisted joins you have just made. 
I'll be writing up a troubleshooting step soon, so if you run into any problems, 
post your questions in the 'comments' section down at the bottom of the page, 
and I'll try and answer them as soon as possible. 


Make sure that your antenna and ground wires aren't snagged on anything 
metal or anything dangerous! 


If you have ANY doubts about the electrical safety of your antenna or 
ground wires, then consult a licensed electrical trades person, who will be 
able to advise you on electrical safety principles and procedures! 


Always remember that electrical safety is your responsibility! If you don't 
think it is safe to proceed, then don't! 


You will need at least 10 to 15 metres of antenna wire, strung between 2 
insulating points (not connected to anything metallic, or that gets wet,) at least 2 
to 3 metres in height - anything less than this minimum arrangement may mean 
that you cannot receive any signals at all. 


Some places are regarded as 'radio dead spots', so you may need to try an 
open space, such as a park or a remote corner of a beach. If you do erect 
antenna and ground wires in public places, hang some streamers or balloons off 
of them, to alert people to their presence, otherwise people going past may 
become entangled with them - and get cranky with you!!! 


As a final word for now, you'll be happy to know that the completed "Nic Nac Tic 
Tac Radio" shown in the picture above, picked up local AM radio station 1116 
khz 4BC here in Brisbane, with a very clear signal and quite good volume. It 
works! So be safe kids, have some fun and look forward to more... mk484 


Step 6: Nic Nac Extras 
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actually build and operate the circuit. 


In Chapter 4, you continue to study 
transistor circuits and the operation of the 
transistor as a switch. In Chapter 8, you 
learn how a transistor can be made to 
operate as an amplifier. In this mode, the 
transistor produces an output that iS a 


magnified version of an input signal, which is 
useful because many electronic signals require 
amplification. These chapters taken together 
present an easy introduction to how 
transistors function, and how they are used in 
basic electronic circuits. 

When you complete this chapter, you can 
do the following: 

Describe the basic construction of a BJT. 
Describe the basic construction of a JFET. 
Specify the relationship between base and 
collector current in a BJT. 

Specify the relationship between gate voltage 
and drain current in a JFET. 

Calculate the current gain for a BJT. 

Compare the transistor to a simple 

mechanical switch. 


Understanding Transistors 

1 The diagrams in Figure 3.1 show some 
common transistor cases (also called 
packages  ). The cases protect the 
semiconductor chip on which the transistor IS 


built and provide leads that can be used to 


ROTOR 


STATOR 
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If you've built your Tic Tac crystal set and found that you can't receive a local AM 
radio station yet - don't panic - help is in on the way. You have just built the 
simplest version of the Tic Tac crystal radio and you may need to add one more 
component part for it to work properly. This is called a 'polyvaricon' - a miniature 
tuning capacitor, which can vary the frequency that your radio will receive at. 
You can see a picture of one up above - the small white box with the black knob 
next to it. It has 3 connecting tags - the one in the middle ('G') goes to the 
moving plates and the shaft, while the 2 outer tags ('O' and 'A') go to 2 sets of 
fixed plates. the smaller set of plates has a value of 60pF - pF is short for 
‘picoFarad' - a unit of measurement for capacitance. The larger set of plates is 
valued at 160 pF so that the combined value of the polyvaricon is 220 pF - or 
220 picoFarads. 


The other picture shows you what happens inside a basic tuning capacitor. there 
are 2 sets of metal plates - one set is fixed and the other set moves on a rotating 
shaft, connected to the tuning knob of your radio set. Both sets of plates are 
mounted on an insulating frame so that they won't 'short out’ by touch each 
other. 


The fixed capacitor C1, was chosen to tune somewhere close to the middle of 
the AM radio band. This band of frequencies starts at 531 kilohertz (Khz) and 
goes as far as 1701 Khz here in Australia. So we need a combination of coil and 
capacitor which will tune across all of those frequencies. Our simple Tic Tac 
radio is known as a 'series tuned’ set. If you look at the circuit diagram, you can 
see electronic symbols for all components in the radio set.If you start at the top 
with the antenna symbol, you can see the capacitor C1 underneath that, the 
inductor L1 underneath C1 and then finally, the ground symbol - all wired in 
series with each other. 


The diode D1 detector, the resistor and the earphone plus the link wire, can be 
considered as one block - the "detector unit". The Antenna wire, ground wire, 
inductor/coil and capacitor/polyvaricon, can be also be considered as another 


block - the "tuned circuit". So joining both blocks together, we have the tuned 
circuit that tunes in only one frequency, passing all other unwanted signals out 
through the ground wire to earth. This one 'tuned frequency' passes through the 
diode detector, which strips away the 'carrier wave' and leaves only the 'program 
signal' (voice, music etc,) behind, which is then fed via the resistor into the 
earphone. The earphone changes electrical impulses from the diode detector, 
into sound waves that we can hear. You need the R1 resistor to provide a 
pathway for the signals going through the diode, out to the ground wire 
connection. Without this resistor, the signals would sound very distorted and you 
couldn't hear the program signal very clearly. 


Step 7: Adding the Polyvaricon Tuning Capacitor 


If you want to expand the tuning range of your Tic Tac Radio, than all you have 
to do is a simple modification (change) to the circuit of your radio set. You can 
see from the 2 pictures above, that there's an alternative way of building the 
crystal radio - you can use the matrix board method or you can use a 4 way 
screw terminal strip. 


To use the screw terminal version, cut yourself a 4 way strip of terminals as 
shown in the diagram and pictures. Undo the screws right out as far as they will 
go without falling out of the strip. Connect the component leads and wires from 
the antenna/ground system as well as the earphone wires. Cut off any excess 
from component leads that you don't need. Wrap thin wires from the 
antenna/ground system and the earphones, around the thicker component leads 
before screwing the screws in tight. 


Regardless of which method you have used, all we will now wire up the tuning 
capacitor between the actual Antenna wire and the junction (join) where the 
diode D1, the fixed capacitor C1 and one end of the inductor meet. Remove the 
capacitor from the matrix board, and connect the Antenna lead out wire straight 
to the join of the diode and inductor. Then take the polyvaricon and another 


piece of wire. Strip both ends of that wire and join the two outer tags (tagged 'O' 
and 'A' - the centre on is tagged 'G') and then connect you actual Antenna wire 
to one of the outer tags. Connect the antenna lead out wire, coming out of the 
box, to the 'G' (middle) tag of the tuning capacitor,so that the antenna wiring now 
looks like the picture up above. 


If you're having problems following the pictures, then refer to the diagrams, 
which clearly shows all of the connections Make sure your ground wire is 
connected to the set, and then, listening with your earphone in/over your ear, 
slowly turn the tuning cap's flat knob, until you hear one or more stations. 
Congratulations - you now have a "tuneable" Tic Tac crystal set! Happy listening! 
And don't forget to post in your results, questions, problems etc... mk484 :) 


Step 8: Tic Tac One Transistor Amplifier - Use Your Earbuds 
and Hear Great Sound... 
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Hi there folks - this isn't really an extra 'Step' as such - it's a sneak preview at a 
picture of my upcoming Instructable for a one transistor amplifier, which will 
connect to the Tic Tac Radio - and give you some really good volume - in your 
Iphone earbuds! 


Yes, it's entirely possible nowadays, with modern circuit design, to fit a one 
transistor amp in such a small space (yes kiddies - it WILL fit inside the smaller 
Tic Tac box...) and at the same time, get that great sound that comes from those 
"inside your ear" type earbuds. 


This circuit took me about a half hour to complete, uses only 3 electronic 
components, costing about $1.00, a stereo earphone jack and a 1.5 volt AAA 
battery and plastic holder costing about another $3 to $4, so you can build the 
amplifier for about $5 all up - don't forget to shop around and - mums and dads - 
cheap batteries will be OK for this project, and the battery can simply be 
replaced without soldering or undoing half a dozen screws.... 


| can hear my Tic Tac Radio with great volume and clarity - and so will you, so 
"stay tuned" (ha ha ha) to this series of Instructables, and you will hear great 
sound too... 


mk484 
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Comments 


We have a be nice comment policy. 
Please be positive and constructive. Y | Made it! © Add Images Post Comment 


Colaris (/member/Colaris/) 2014-10-29 Reply 


Can't you use regular headphones for both ears? 


“p mk484 (/member/mk484/) » Colaris (/member/Colaris/) 2014-10-29 Reply 


Hi Colaris - earphones for crystal radios need to exhibit a fairly high 
impedance to the circuit (diode end and ground) - in the order of 2 to 
4,000 ohms, as a bare minimum. 


Low impedance phones (8 to 64 ohms like your average earbuds/large 
headphones) won't have anywhere near the impedance required. Trying 
to drive a low impedance 'load' such as a pair of earbuds, is like trying to 
drive a mains powered with a 9 volt battery - it's not going to happen... 


While crystal earphones or the Murata substitute may not be perfect, they 
are more than adequate for kids and adults who are just experimenting 
with basic radio receivers. 


“p mk484 (/member/mk484/) > mk484 (/member/mk484/) 2016-01-16 Reply 


Hi Colaris - what | meant to say was that 


"Trying to drive a low impedance "load" such as a pair of earbuds, is like 
trying to drive a mains powered (toaster) with a 9 volt battery - it's not 
going to happen..." 


TravisM18 (/member/TravisM18/) 2015-11-03 Reply 


| think you may need a tuning capacitor in there some where? 


nupogodi (/member/nupogodi/) 2015-09-10 Reply 


It is so pitty that in the near future all AM radiostations at least in USA and 
Europian Union will change to digital modulation so those amazing constructs 
will become useless :-( 


CA + mk484 (/member/mk484/) » nupogodi (/member/nupogodi/) 2015-09-12 Reply 


Thereare no plans to dump off AM or FM radio here, or in many other 
countries. Singapore has gone all digital but many other Asian countries 
are keeping their AM and FM transmitters for now 


Ca y Mk484 (/member/mk484/) 2015-07-15 Reply 
qs Kat , 
cra S Hello there - can any body tell me if they actually built this Tic Tac crystal radio, 


and if so, how did you go with it? 
Thanks 
MK484 :) 


ViktorV1 (/member/ViktorV1/) 2014-09-28 Reply 


So is there any way to have a smaller antenna or less grounding for this setup? 
| was thinking of making a "walkie-talkie" type thing with this and a simple AM 
transmitter. Are there things | can add to the circuit that would reduce the need 
for a big stationary antenna? 


CS} mk484 (/member/mk484/) > ViktorV1 (/member/ViktorV1/) 2014-09-28 Reply 
1 


5 Hi Viktor - if you live really close to an AM transimitter or two, you could try 
a 2 foot length of very thick pvc covered wire as a portable antenna. You 
may still need a ground wire though. Walkie talkies on the AM band would 
tend to be very noisy though. 


ca y mk484 (/member/mk484/) 2014-07-10 Reply 
a! E 
“ab Thanks to everyone who has marked this project as a favourite 
jessyratfink (/member/jessyratfink/) 2014-07-08 Reply 
JW What a neat build - | could see this getting assembled in schools really easily. 
:D 


mk484 (/member/mk484/) » jessyratfink (/member/jessyratfink/) 2014-07-08 Reply 


Hi jessyratfink - | "invented" the Tic Tac xtal radio back in 1992 and used 
to sell it as a kit at flea markets - | also ran classes as a one of at a local 
community centre for adults. One little old lady who came and built her 
set, used a curtain rod in her kitchen as the antenna and the cold water 
tap in the sink as her ground. She told me that she used to sit there each 
night and listen to the ABC and smile whenever she reminded herself that 
SHE built it! 


mk484 (/member/mk484/) 2014-07-07 Reply 


Hi folks - the Tic Tac Radio article is finished - no more mods or additions for 
now, so feel free to post in with questions, problems in building your radio etc - 
mk484 


mk484 (/member/mk484/) 2015-11-03 Reply 


Hi Travis - this set was designed as a basic 'bare bones' one for the beginner. In 
the later construction pages, | do add a small polyvaricon tuner cap in place of 
the fixed ceramic cap so you can vary the frequency you can receive at. 


The set is wired to be 'series tuned' so reception may not be perfect at first, but 
you can experiment with the height and length of the antenna wire to try and get 
better reception - eg: more stationsor better volume. 


ALWAYS REMEMBER FOLKS TO CHECK OUT THE ELECTRICAL SAFETY 
OF YOUR ANTENNA AND GROUND WIRE SYSTEMS BEFORE 
CONNECTNG YOUR CRYSTAL SET TO THEM... 


charris8 (/member/charris8/) 2015-10-15 Reply 


Do you really need it grounding? What are the chances of an electrical surge 
from a non powered device? 


mk484 (/member/mk484/) > charris8 (/member/charris8/) 2015-10-15 Reply 


Hi - a ground wire provides a return path so that the AM radio signal can 
be fully received by the set. If you leave the ground wire off, you may not 
get very good volume in the earphone, or worst still, you may not get a 
signal at all. 


You need to install a safe ground wire - one that goes straight to a metal 
pole, embedded in soft, wet soil. Make sure there are no pipes or cables 
underneath the ground where you are going to do this. If you have any 
doubts, consult a qualified electrician who can advise you on how to do 
that safely. 


As for electrical shocks, they are possible during thunderstorms, due to 
potential lightening strikes, so it's best to disconnect your crystal set from 
both the antenna and ground wires for the duration of the storm. Quite 
often you can hear the 'crackle' of distant thunder/lightening in the 
distance, long before you can see/hear them. 


Y) More Comments 


Nic Nac Tic Tac Crystal Radio Set - an Ideal Primary School Project... 
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Fo all whom tt may concern: 


Be it known that I, CHARLES LEAVITT, of | it, 


Cleveland, in the county of Cuyahoga and 
State of Ohio, have invented certain new and 
useful Improvements in Mechanism for Util- 
izing Wave-Power, of which the following is 
a specification. | 

This invention has for its object to employ 
the force of the waves on large bodies of 
water; and it consists of a float placed on the 
surface of the water, and inclosed within a 
suitable piling for protection to said float,and 
for supporting a superstructure for the em- 
ployment of the power generated by the rise 
and fall of said float. The float is made to 
ride on a perpendicular rod, and is provided 
with a rack or racks, which mesh with and 
operate pinions or gears, from which power 
may be transmitted for pumping water or for 
air-compressing purposes. 

In the accompanying drawings, Figure 1 is 
a side elevation of my mechanism, showing 
the float surrounded by piling, which is rep- 
resented as standing in the water and the earth 
under the water. Fig. 2 is a transverse sec- 
tion of the same. Fig. 3 is a plan view of the 
frame-work and floor supporting the machin- 
ery operated by the aforesaid float. Fig. 4 is 
a side elevation of the mechanism, like Fig..1, 
30 Showing a house supported on the said piling 
and covering the aforesaid machinery. 

A A represent piling driven into the ground, 
under water of suitable depth, in circular form, 
and in sufficient numbers to form a convenient 
inclosure capable of withstanding the vehe- 
mence of great storms, and to provide a pro- 
tection to the operating parts of the mechan- 
ism. 

Bis a float or buoy, made preferably of iron 
and in circular form. Said float is maintained 
in a central position within the said inclosure 
by means of a strong perpendicular rod or 
bar, C, secured near the bottom of the water 
by being anchored in a pile, c, firmly driven 
into the bed of the lake. Said rod extends 
upward through the floor and forms a guide 
for the movements of the float, which is pro- 
vided with a central tube, b, through which 
the said rod passes. To the underside of said 
float are attached braces d d, secured to a 
sleeve, d’, on the rod C, which rides thereon, 
together with the float, and which serve to 
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prevent any tilting of the float and binding 
so as to impede its vertical movements. 

D D are rack-bars secured to the upper side 
of the float B, which extend upward through 
the floor and mesh with and operate gears 
E E, attached to shafts F F, having their bear- 
ings in boxes f f, fixed on timbers G G, lying 
across the floor. Said shafts carry cranks 
H H, to which the pitmen I I of pumping- 
cylinder J J are attached. The rise and fall 
of the float operates through the medium of 


the racks to rotate the pinions or gearsin both 


directions. Thepitmen operate the same upon 
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the pumps, however, whether the shafts ro- ' 


tate to the right or left. 

- K represents a house built upon the said 
floor, for covering the machinery and provid- 
ing a suitable protection for same and the 


workmen or attendant, and is preferably made 


round, so as to resist the force of great wind- 
storms. | 

From the foregoing it will be seen that the 
rise and fall of the float gives motion through 
the medium of the racks to the gears, thereby 
operating the pumps; and it will also be seen 
that said pumps work at short strokes or par- 
tial strokes as well as at full stroke, so that if 
the water is at all agitated to give rise and 
fall to the float, the pumps will be operated. 

From the pump - cylinders are attached 
pipes, which may be united to one common 
main pipe, and leading to storage-tanks lo- 
cated in suitable position and at convenient 
distance from said pumping mechanism. In 
the instance of pumping water, force-pumps 
with air-chambers are to be used, and when 
the purpose is for air-compressing suitable 
air-pumps may be employed. 

The great objects of my invention are to 
utilize the forces of the waves for operating 
pumps or other machinery, whereby great 
economy is the result, enabling the accumula- 
tion of water in reservoirs or the storage of 
compressed air to be accomplished at greatly- 
reduced expenditure of time, labor,and money. 

I am aware that a float having racks at- 


tached for operating the mechanisms for pump- 


ing and the like have been used, the float, ris- 
ing and falling on the waves, actuating such 
mechanism. I do not therefore claim, broad- 
ly, such mechanism, but the combination, with 
a float provided with racks,of the mechanism 


7° 


go 


95 


TOO 


connect it to other components. For each 
transistor, the diagrams show the lead 
designations and how to identify them based 
on the package design. 

Transistors can be soldered directly into a 


circuit, inserted into sockets, or inserted into 
breadboards. When soldering, you must take 
great care because transistors can be 
destroyed if overheated. A heat sink clipped 
to the transistor leads between the — solder 
joint and the transistor case can reduce the 
possibility of overheating. If you use a socket, 
you can avoid exposing’ the transistor to heat 
by soldering the connections to the socket 


before inserting the transistor. 


Figure 3.1 


case is the 
*, collector 


Collector Base 


Base Emitter Emitter 
Emitter 
Questions 
A. How many leads are there on most 
transistors? | 
B. Where there are only two leads, what 


takes the place of the third lead? 
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substantially as described in my pro AcAni0n 
and shown in my drawings. 
Having described my invention, I claim— 
In a mechanism for utilizing wave- power, 
5 the combination of the following elements, viz: 
the piling A, float or buoy B, riding on the 
upright rod O, supported centrally within the 
inclosure of piling, and provided with the 
racks D D, operating pinions or gears E E, 
ro attached to shafts F F, supported in boxes f f, 


resting on the timbers and frame-work G, and 
having cranks -H, connected by pitmen I to 
pumping-cylinders J, all constructed and ar- 
ranged to operate substantially as and for the 

purposes described. E 


CHARLES LEAVITT. 


Witnesses: 
E. W. LAIRD, 
GEO. W. TIBBITTS. 
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oxygen gas. The apparatus is particularly well suited for 
oceanic installations. In the preferred embodiment, a 
matrix of gas producing units is easily assembled at sea, 
each being bridged and reinforced by catwalks extend- 
ing therebetween which form trilateral gas producing 
modules having such units at each of the corners 
thereof. Each gas producing unit comprises a central 
tubular pilaster embedded in the ocean floor around 
which is disposed a toroidal float which moves up and 
down with the waves and tide and which acts to drive 
a DC generator while rising and falling. The output of 
the generator is utilized to electrolytically produce 
hydrogen and/or oxygen gas, which is compressed for 
storage in the float's chamber. The apparatus is effi- 
cient, economical and capable of capturing and storing 
large quantities of gas. In an alternative embodiment, 
the DC generator drives a high pressure pump which 
forces sea water through the microporous membrane of 
a reverse osmosis unit, thereby converting the sea water 
into potable water. 


18 Claims, 8 Drawing Sheets 
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C. What are the three leads or connections 

called? | 

D. Why should you take care when soldering 

transistors into a circuit? | 

Answers 

A. Three. 

B. The case can be used instead, as indicated 

in the diagram oon the right side of Figure 3.1 
(This type of case is used for power 

transistors. ) 

C. Emitter, base, and collector. 

D. Excessive heat can damage a transistor. 


2 You can think of a bipolar junction 


transistor as functioning like two diodes, 
connected back-to-back, as illustrated In 
Figure 3.2 
Figure 3.2- 


However, in the construction process, one 
important modification is made. Instead of two 
separate P regions, as shown in Figure 3.2 , 
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1 
WAVE-POWER COLLECTION APPARATUS 


CROSS-REFERENCE TO RELATED PATENT 


The present application is related to my prior U.S. 
Pat. No. 4,206,601, dated Jun. 10, 1980, which patent 1s 
hereby incorporated by reference as if fully set forth 
herein. 


BACKGROUND OF THE INVENTION 


It has long been recognized that waves and/or tidal 
forces contain tremendous amounts of potential energy 
which, if harnessed, could not only supply substantial 
power but might also, if appropriately installed, protect 


large areas of shore line from the ravages of oceanic i 


erosion. 

In the prior art, extensive patent literature exists deal- 
ing with the subject of “wave motors” and relating to 
various ways of utilizing floats which rise and fall with 
passing waves, the movement of the floats being trans- 
lated by various means into mechanical energy, and 
then into electrical energy. For example, U.S. Pat. Nos. 
321,229 and 1,647,025 disclose compressed air storage in 
combination with a wave motor. U.S. Pat. No. 
2,706,077 is titled “Ocean Wave Air Compressor”. 
Other forms of energy storing means are known to this 
art, including means utilizing balance wheels or 
flywheels in combination with various mechanisms for 
supplying power from waves. Additionally, the art 
teaches the use of multiple pontoons, or floats, the floats 
being arranged in various ways for improving the conti- 
nuity of power derived from the passing waves, while 
occasionally also showing means for deriving energy 
from the lateral motion of waves as well as from the up 
and down motion of waves. In these regards, please 
refer to U.S. Pat. Nos. 242,233; 321,229; 366,768; 
581,067; 706,620; 739,538; 787,182; 791,366; 852,232; 
884,080; 879,992; 975,157; 1,377,163; 1,389,445; 
1,403,702; 1,471,222; 1,623,341; 1,647,025; 2,668,918; 
2,706,077; 2,749,085 and 3,487,228. 

While many of the devices disclosed in the prior art 
are no doubt operative, the failure of such devices to 
gain widespread acceptance suggests that these devices 
may, in practice, be too expensive, complex, and diffi- 
cult to maintain to serve as practical energy sources. 


SUMMARY OF THE INVENTION 


The present invention overcomes many of the disad- 
vantages of the prior art by providing an extremely 
simple, economical device for capturing substantial 
amounts of energy and converting that energy into 
hydrogen and/or compressed oxygen which is stored 
within the floats of each power unit. These gas(es) may 
then be collected, or supplied through conduits, as 
needed, to satisfy energy and or raw material demands. 

Applicant has recognized that a drawback of prior art 
wave power collection devices is the inability to collect 
and store large amounts of energy. The present inven- 
tion takes advantage of the ocean's plentiful supply of 
highly conductive sea water to serve as a reservoir for 
the electrolytic production of hydrogen, and if desired, 
oxygen, gas. Production of hydrogen gas in large quan- 
tities is particularly timely, since that gas is currently in 
high demand as an alternate, non-polluting fuel source 
for automobiles. 

The preferred embodiment device of the present 
invention comprises a plurality of tubular members 
which have been designed to facilitate on site “at sea” 
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assembly Each of the power collection units comprises 
a central, substantially cylindrical pilaster around which 
a toroidal (donut-shaped) float is trackingly mounted. 
One end of the cylindrical pilaster is embedded in the 
ocean floor and the pilaster extends vertically through 
the water to protrude some distance above the highest 
expected high water line. Each pilaster is intercon- 
nected to at least two adjacent pilasters by tubular 
bridging members which serve to reinforce the pilas- 
ters, to house high pressure conduits, and to act as pe- 
destrian catwalks to facilitate servicing of each energy 
collection unit. In the preferred embodiment, the floats 
are manufactured in accurate tubular sections which 
have flanges formed thereon which, upon assembly, 
create high pressure seals between sections to define a 
gas chamber within the float. Portions of these flanges 
additionally act in combination with axles mounted 
therebetween to position wheels which track up and 
down the outside surface of the pilaster. Portions of 
these flanges also act as attachment sites for several rack 
and pinion drives which power a drive shaft in response 
to the ascension and descension of the float with respect 
to the pilaster. The drive shaft drives a DC generator 
which is connected to electrodes located in a hollow 
well formed in the core of the tubular support member. 
This well, which is in liquid communication with the 
surrounding ocean, is partially filled with sea water 
which totally submerse the electrodes. Baffles and ap- 
propriate separators separate the electrodes so that the 
gases generated in the vicinity of each may be sepa- 
rately collected, or separately vented to the atmo- 
sphere, as desired. A compressor, driven either manu- 
ally by the drive shaft or electrically by the output of 
the generator, compresses at least hydrogen gas drawn 
from the appropriate, hydrogen containing chamber of 
the well headspace, for transmission and storage in the 
toroidal floats. 

In an alternative embodiment of the invention, the 
DC generator drives a high pressure pump which forces 
sea water through the microporous membrane of a 
reverse osmosis unit, thereby converting the sea water 
into potable water. 

As seen from the above, a primary object of the pres- 
ent invention is the provision of a superior tidal and 
wave-power collection apparatus which is easily assem- 
bled and installed at sea. 

Another object of the present invention is the provi- 
sion of such an apparatus which may produce, store, 
and supply substantial amounts of hydrogen and/or 
oxygen gas(es) which has been captured by electrolytic 
conversion of tidal and wave energy. 

Still another object of the present invention is the 
provision of such an apparatus which may produce 
potable water from sea water using the tidal and wave 
energy collected. 

These and other objects of the present invention will 
become apparent from the following more detailed 
description. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is an isometric view of a single power collec- 
tion module having three preferred embodiment power 
collection units disposed at the corners thereof, connec- 
tions to other unit(s) and portions of each unit disposed 
below the water line being represented in phantom; 

FIG. 2 is a front view on an enlarged scale of a power 
collection unit similar to that illustrated in FIG. 1, the 


3 
height of which has been foreshortened for purposes of 
illustration, and portions of an elliptical tubular bridging 
member and high pressure transmission conduits being 

shown in cross-section; 
- FIG. 3 is a cross-sectional top view of the embodi- 
_ ment illustrated in FIG. 2 taken as indicated by the lines 


. and arrows 3—3 in FIG. 2; 


FIG. 4 is a cross-section of the embodiment shown in 
_ FIG. 2 taken as indicated by the lines and arrows 4—4 
in FIG. 3; 

FIG. 5 is a cross-sectional top view on a greatly en- 
larged scale of a portion of the embodiment shown in 
FIG. 4 taken as indicated by the lines and arrows 5—5, 


in FIG. 4; 


FIG. 6 is a cross-section showing a first alternate 
embodiment of the invention shown in FIG. 4; 
_ FIG. 7 is an enlarged view of the upper portion of the 
cross-section shown in FIG. 6; 


FIG. 8 is a cross-section showing a second alternate 5 


embodiment of the invention shown in FIG. 4. 


DESCRIPTION OF THE PREFERRED 
- EMBODIMENTS 


Although specific forms of the invention have been 
selected for illustration in the drawings, and the follow- 
ing description is drawn in specific terms for the pur- 
pose of describing these forms of the invention, this 
description is not intended to limit the scope of the 
invention which is defined in the appended claims. 

Referring now to the figures, and particularly FIG. 1, 
the preferred embodiment wave power collection appa- 
ratus should be installed in a relatively large body of 
water for converting wave and tidal energy into high 
pressure compressed air. The preferred embodiment 
= apparatus further is capable of collecting and storing air 
in the apparatus, and for transmitting the compressed 
air to a preselected consumption site. The preferred 
embodiment apparatus generally comprises a plurality 
of power collection units which are structurally inter- 
connected by bridging means for rigidly connecting the 
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FIG. 1 illustrates the minimum number of power 
collection units which may be used in a single installa- 
tion. In phantom in FIG. 1, however, connections to an 
additional power collection unit as illustrated by the 
phantom bridging members 206 and 208 which may be 
used to interconnect this additional unit to power col- 
lection units 100 and 102 to expand the apparatus and to 
create therewith a second trilateral collection module. 
Accordingly, as power requirements increase, it is a 
relatively simple matter to expand the system to accom- 
modate the needs of any particular power consumption 
site. 

As shown particularly in FIG. 1, the bridging means, 
such as bridging members 200, 202, and 204, are sub- 
stantially tubular and have elliptical cross-sections. In 
the preferred embodiment, these members are sized to 
act as catwalks which facilitate pedestrian movement 
between one power collection unit and the next. By 
orienting the axis of the elliptical cross-section substan- 
tially vertically, the bridging members are not only 
configured for easy pedestrian movement therethrough, 
but are also configured to permit the power collection 
units to be disposed at substantial distances apart, yet be 


_ spanned by relatively simple bridging structures. Fi- 


nally, due to the enclosed nature of the catwalks mainte- 


nance workers servicing the power modules are well 


_ protected from the environment. 


In order to limit the maximum vertical travel of each 
of the floats in an upward direction and also to provide 
a deck for use in servicing various portions of the appa- 
ratus, a substantially planar, annular deck is provided 


- such as decks 500, 502, and 504. During assembly these 


power collection means to create a rigid connection 


module. In the preferred embodiment, at least three 
power collection units are interconnected to form a 


trilateral power collection module which is capable of 45 


withstanding any lateral forces which might be applied 
there against by ocean currents or winds In FIG. 1, 
power collection units designated generally 100, 102, 
and 104 are illustrated which are interconnected by 
bridging members designated generally 200, 202, and 


204. Each power collection unit comprises a central. 


pilaster, such as pilasters 300, 302, and 304 which are 
substantially cylindrical structures which are driven 
into the sea bed or floor and which extend as shown in 
FIG. 1 for a preselected distance above the expected 
high water mark for a given location. Floats designated 
generally 400, 402, and 404 are trackingly mounted for 
substantially vertical movement up and down their 
respective pilasters, such that the movement of these 


- floats will drive rack and pinion mechanisms associated. 


- therewith to drive a fly wheel and ultimately a compres- 


| _ sor which are disposed in the hollow upper portion of 


the pilaster. Compressed air produced thereby is fed 
- into the floats 400, 402, and 404 for storage, and/or is 
_ fed into conduits which are housed in the bridging 
members 200, 202, and 204 for eventual transmission 
from unit to unit and then to a remote power consump- 
tion site. 
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decks may act to temporarily support the bridging 
members prior to their permanent attachment to the 
pilasters. 

The float 408 is seen in FIG. 2 to encircle the pilaster 
and to be trackingly mounted with respect thereto for 
movement in response to variations in water level, that 
is, so that the float may travel in directions which are 
substantially parallel to the axis of the pilaster. The float 
itself comprises a plurality of float sections, such as float 
sections 410-417. Each of these sections is preferably 
identical to the other. At either end of each section are 
outwardly depending flanges, such as outwardly de- 
pending flanges 420 and 422 for section 412; 424 and 426 
for section 414; 428 and 430 for section 416; and 432 and 


434 for section 410. As shown particularly in FIGS. 2 


and 3, these outwardly depending flanges are comple- 
mentally configured to bolt to the outwardly extending | 
flanges of the adjacent float sections to thereby form a 

high pressure seal therebetween, and to create a com- 
pression chamber within the float which is not only 
water tight so that the float will not become swamped 
with water which might otherwise seep between the 
flanges, but also gas-tight to contain compressed air 
within the float so that the float may act as a com- 
pressed air reservoir. In order to stabilize and guide the 
movement of the float 408 a plurality of tracks, such as 
tracks 436-442 and 444 are applied to the exterior sur- 
face of pilaster 308, one for each intersection between 
adjacent float sections, which tracks receive and guide 


wheels (two for each track) generally disposed between 


the float 408 and the pilaster 308, as illustrated particu- 
larly in FIG. 4. In FIG. 2 the water level, indicated by 
line 12, is shown buoying the float 408 in a relatively 
low position with respect to the pilaster and other 
equipment mounted thereon. Attached to various places 
on the float are a plurality of racks, such as racks 608 
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and 610 which are pivotally connected at one end to 
portions of the float 408. These racks extend through 
openings in the deck 508 and engage pinion assemblies 
designated generally 612 and 614 which are oscillated in 
opposite rotational directions in response to the up and 
down movement of the racks 608 and 610. This rack 
movement is produced by movement of float 408 in the 
directions illustrated by double ended arrow A. The 
pinion assemblies 612 and 614 are mounted on remote 
ends of clutched drive shafts 616 and 618. 

A fluid intake conduit for supplying fluids to the air 
compressor located within the upper portion of the 
pilaster extends through an opening in deck 508 down- 
wardly to a point between the highest expected high 


water line 14 and the undersurface of the deck 508. By ! 


orienting the fluid intake means in this position, the fluid 
intake will normally supply air to the compressor but 
will be under water in the event that the expected high 
water mark is exceeded, as for example under hurricane 
conditions. In this event, weather conditions may be so 
severe that protection of the apparatus from destruction 
by such forces may become a matter of primary impor- 
tance. Accordingly, the fluid intake conduit 700 will, 
under these conditions, supply sea water to the com- 
pressor. Since the output of the compressor communi- 
cates through output conduit 702 with the interior of 
the float 408, water introduced through the fluid intake 
conduit will be channeled through output conduit 702 
into the interior of the float, causing the compressor to 
act as a liquid pump, thereby lowering the float in the 
water and lowering the center of gravity of the appara- 
tus. Depending upon the ferocity of the storm, the float 
will eventually settle down the pilaster until caused to 
stop at an appropriate position below the water's sur- 
face, yet at a position which is readily retrievable once 
weather conditions have improved. Assuming the float 
is not completely swamped (in which case auxiliary 
bilge pumps may become necessary), by reversing the 
compressor (and by providing negative pressure valves 
in the interior of the float chamber) the compressor may 
automatically pump out the interior of a float, discharg- 
ing the sea water through fluid intake means 700 to 
reestablish the float as a gas filled chamber. 

FIG. 2 has been taken so that a portion of the bridg- 
- ing means 208 connecting it with an adjacent power 
collection unit is shown in cross-section, and will be 
seen to have a floor 210 under which are disposed a 
plurality of high pressure compressed air transmission 
conduits 212, 214, and 216. 

Referring now in particular to FIG. 3, which is a 
cross-sectional top view of the apparatus shown in FIG. 
2, the interrelationship between the toroidal float 408 
and pilaster 308 is clearly illustrated. In FIG. 3 toroid 
sections 410, 411, 412, 413, 414, 415, 416, and 417 are 
illustrated as are outwardly depending flanges 420-435. 
As seen particularly in FIG. 3, these flanges mate with 
complemental flanges of adjacent sections for almost 
their entire length, however, the portions thereof which 
are disposed toward the toroid’s center are differenti- 
ated into spaced apart flange portions which act as an 
axle mounting assemblies for wheels 446, 448, 450, 452, 
454, 456, 458, and 460 which move along tracks 436, 
437, 439, 441, 444, 442, 440, and 448 respectively. Bal- 
last 800 is provided in the center of the pilaster in order 
to weight the entire unit and increase both its strength 
and ability to withstand the tendency of ocean currents 
etc. to displace the unit. 
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Referring now in particular to FIG. 4, many of the 
features discussed above with reference to the other 
figures are also illustrated in FIG. 4. Additionally, FIG. 
4, which is a cross-section of the power collection unit 
shown in FIGS. 2 and 3, depicts the machinery disposed 
within the upper hollow portion of pilaster 308, as well 
as additional wheel mounting and float details. In par- 
ticular, clutched drive shafts 616 and 618 extend in- 
wardly from pinion assemblies 612 and 614 to pass 
through openings in the pilasters to engage unidirec- 
tional clutches 620 and 622. Since the tracks 608 and 610 
are disposed on opposite sides of their respective pinion 
assemblies, both of these clutches may be either clock- 
wise or counter-clockwise clutches so that one of the 
racks, such as rack 610 will act through pinion assembly 
614, drive shaft 618, and clutch 620 to drive the main 
drive shaft 624 in a preferred rotational direction in 
response to the ascension of the float, while the other 
rack, rack 608, will act through pinion assembly 612, 
clutch drive shaft 616, and clutch 622 to continue driv- 
ing the main drive shaft in that direction during the 
descension of the float. The clutches 620 and 622 allow 
their respective clutch shafts to idle with respect to the 
drive shaft upon the return strokes of the racks. A 
flywheel 626 is diagrammatically illustrated disposed on 
main drive shaft 624, and a belt or other drive means 628 
is shown spanning between the flywheel and compres- 
sor 630 so that the compressor is continuously driven by 
the flywheel and main drive shaft even though the 
power supplied thereto by either of the racks is discon- 
tinuous. 

The output of compressor 630 is connected to output 
conduit 702 and also through a ball check valve 704 to 
transmission supply conduit 706. The ball check valve 
prevents any water which might enter the system from 
inadvertently being introduced into transmission con- 
duits 212, 214 or 216, and additionally seals off those 
transmission conduits when the gas pressure within 
conduit 702 is less than the pressure within conduit 706. 

FIG. 4 additionally shows the relative vertical orien- 
tations of each wheel set, such as wheel set 446 and 446a 
and wheel set 454 and 454a, which wheel sets are 
spaced apart and vertically aligned to move within a 
single pilaster track. By mounting two vertically spaced 
apart wheels between opposing flange portions from 
each of the sections, any tendency of the float to twist 
with respect to the pilaster is effectively resisted. 

FIG. 4 also shows the pivotal attachment of racks 608 
and 610 between opposing portions of flanges 430 and 
421 for rack 608 and 434 and 435 for rack 610. An aper- 
ture formed at the float end of each rack is sized to 
receive a rod extending between these opposing flange 
portions. Since the rack aperture is somewhat over- 
sized, some lateral play is accordingly created between 
the racks and the float. 

In FIG. 4, the float is shown in its solid lined position 
buoyed by water level 12 which represents a wave or 
tidal trough, whereas the float 408 is shown in dotted 
outline buoyed to a greater nearly maximum height 
with respect to the pilaster on a wave or tidal crest, as 
indicated by phantom water level height 13. It should 
be noted in FIG. 4 that the height of the apparatus 
illustrated in FIG. 4 has been foreshortened in several 
places. While the deck 508 is designed to resist any 
forces which might be applied thereto by interference 
with the float 408, as described hereinabove, the height 
of the pilaster should not be made so short that the 
travel of the float is unduly limited by the deck position, 
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but rather under most weather conditions the float 
should be free to move between its crest and trough 
positions. At the same time, by designing the apparatus 
with reference to an expected high water mark and by 
providing the preferred embodiment apparatus with 
various means for withstanding occasional water 
heights which may be substantially higher than the 
- maximum expected high water line, expenditures for 
unduly high pilasters and other mechanisms which 


might otherwise be used only very infrequently are 
- avoided. | | 


In FIG. 5, which is a top cross-sectional view on a 
greatly enlarged scale, the details of the pinion assembly 
- designated generally 614 is illustrated. The pinion as- 
sembly is seen to comprise a substantially U-shaped rack 
follower assembly sol, the ends of which are journalled 


on the end of clutched drive shaft 618. A main drive © 


gear 803 is attached to shaft 618 and is positioned be- 
-tween the two arms of the rack follower assembly. The 
rack 610, which is shown in cross-section in FIG. 5, is 
journalled between main drive gear 803 and bearings 
805, 807, and 809 which are mounted on the inner sur- 
faces of the rack follower assembly near the interior 
base of the “U”. These bearings preferably are biased 
towards the rack yet provide enough forgiveness to 
prevent undue stress on the rack member. Similar bear- 
ings 810 are provided between the main drive gear 803 
and the interior surfaces of the arms of the rack follower 
assembly 801 so that the movement of the rack 610 wil! 
ride smoothly so that axial movement of the rack 610 
with respect to the main drive gear will produce a posi- 
tive rotational driving of clutched shaft 618. Although 
not illustrated in the drawings, according to one em- 
bodiment of the present invention, a unidirectional 
clutch may be incorporated between the main drive 
gear 803 and the shaft on which it is mounted. In this 
instance, the main drive shaft 624 would extend substan- 
tially through the pinion assemblies, with the unidirec- 
tional clutching action taking place within those assem- 


blies. It is also within the scope of the present invention, 


if desired, to provide additional bearing means at vari- 
ous places along the clutched and main drive shafts to 
further stabilize the pinion, flywheel, and clutched as- 
semblies. 

In FIG. 6, a first alternate embodiment of the inven- 
tion is shown. In this embodiment a pilaster 900, driven 


20 


through intake conduits 906 and 905, respectively, 


25 


30 


40 


45 


into the sea floor 10, extends a preselected distance | 


above the expected high water line 14, as before. How- 
ever, in this embodiment, ballast 800 is provided i in only 
the lower portion of the pilaster 900 so that a hollow 
- well 915 is formed within the pilaster above the ballast. 
A plurality of apertures 901 are disposed in the pilaster 
900 below the low water line 920 so as to allow water to 
enter the well 915 through flapper type check valves 
914. A filter 921, which may be a stainless steel strainer, 
- removes debris from the water entering into the well 

915 through apertures 901. Two finned electrodes 910 
and 911, Which may be of the type commonly used in 
lead batteries, are disposed in the well 915 below the 
low water line 920. The electrodes 910 and 911 are 
oppositely charged so that an electrical potential is 
created between them, causing current to flow through 
_ the water between the electrodes. As a result of this 


- current, a portion of the water dissociates into hydro- . 


gen and oxygen molecules by an electrolysis process, 
- the hydrogen molecules forming on the cathode elec- 
trode 910 and the oxygen molecules forming on the 
anode electrode 911. 


60 
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A microporous barrier 913, which may be of the type 
commonly used as battery separators, is mounted in the 
pilaster 900 between the electrodes 910 and 911. The 
microporous barrier 913 allows the water to pass freely 
across it but is impervious to gases. Thus, the micropo- 
rous barrier 913 ensures that the hydrogen and oxygen 
molecules which form on the ona 910 and 911 
remain separated. 

After dissociation, the hydrogen gad oxygen mole- 
cules form bubbles which rise through the water and 
collect in a headspace formed between the water level 

and the deck 508. A baffle 912 is disposed above, and is 
contiguous with, the microporous barrier 913 and di- 
vides the headspace into two portions 917 and 918 so 
that the hydrogen and oxygen remain separate as they 
collect in the headspace 917, 918. From the headspace, | 
the hydrogen and oxygen are drawn into a compressor 
630 for compression therein. The compressor 630 1s 
disposed on the deck 508 above the headspace and the 
hydrogen and oxygen enter the compressor 630 


which extend through the deck. The compressed hy- 
drogen and oxygen from the compressor 630 are di- 
rected, via conduits 907 and 908, respectively, to the 
float 902 for storage. In the float 902, the oxygen and 
hydrogen are stored in separate portions 903 and 904, 
respectively, formed in the float by two vertically ex- 
tending baffles (not shown) i Wiiiun two of the 
torus sections. 

Alternatively, if it were deemed ‘undesirable or un- 
economical to store both the hydrogen and the oxygen 
produced, the oxygen could be vented to atmosphere, 
rather than drawn into the compressor 630 as shown in 
FIG. 6. In this case, the aforementioned baffles would 
be unnecessary and the entire volume within the float 
could be utilized for the storage of hydrogen. 

In any event, after being stored in the floats, the hy- 
drogen/oxygen gas is fed into conduits housed in the 
bridging members 200, 202 and 204, shown in FIG. 1, 
for eventual transmission from unit to unit and then to a 
remote consumption site, as was done with the com- 


pressed air produced by the embodiment shown in FIG. 


4. | 
In the embodiment shown in FIG. 6, the float 902 
drives the drive shaft 624 through the rack and pinion 
arrangement, as previously discussed. Although in this 
embodiment the compressor 630 could be mechanically 
driven via the fly wheel, as before, in the preferred 
arrangement, the drive shaft 624 turns a D.C. generator 
909 which provides electrical power to drive the com- 
pressor 630. The generator 909 is also electrically con- 
nected to the electrodes 910 and 911 via bus bars 923 so 
as to create the aforementioned electrical potential. 
- With respect to the energy which can be produced by 


the generator 909, as driven by the oscillations of the 


float 902 due to wave action, it should be noted that the 
energy flux in an incident wave can be approximated by 
the equation: | 
Ey=pqHPL [(1-+2kh)/sink (2kA)/16T (1) 

where 

Ey=energy flux per unit wave crest width 

p =density of water 

g=acceleration due to gravity _ 

H=wave height 

L= wave length 

k=wavenumber, 2p/L 
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h=depth of water 

T=wave period. 
Based on dispersion, the wave length L can be deter- 
mined from the equation: 

w2=gk tanh (kh) (2) 

where w=wave frequency, 27/T. By combining equa- 
tions (1) and (2), the total power contained in an inci- 
dent wave can be estimated for a given float outside 
diameter. For a water depth of 30 feet and a float out- 
side diameter of 30 feet, the total power estimated for 
waves of various heights and periods, using the afore- 
mentioned analysis, is shown in Table 1. 


TABLE 1 


Wave Height, Ft. Wave Period, Sec. Wave Power, kW 


3 6 54.8 
3 10 74.4 
3 20 85.8 
6 6 219.2 
6 10 297.6 
6 20 343.2 | 


It has been further estimated that the apparatus dis- 
closed herein, taking into account the movement of the 
float induced by the incident wave field and the cancel- 
ling effect of the waves radiated by the float itself, is 
capable of extracting approximately 50% of the inci- 
dent wave power. Thus, these theoretical estimates 
suggest that ample energy will be produced in the gen- 
erator 909 to compress the gas to a relatively high pres- 
sure. 

It will be appreciated that to avoid damage to the 
electrodes 910 and 911, they must remain submerged at 
all times. To this end, flapper type check valves 914 are 
disposed at the discharges of the apertures 901. The 
check valves are oriented so as to open only in the 
inward direction. Thus, water will enter the well 915 
only when the pressure in the surrounding water is 
greater than that in the well. Initially, the gravity head 
in the surrounding water will cause the water in the 
well 915 to rise to the level of surrounding water. Any 
further rises in the level of the surrounding water will 
cause a similar rise in the water level in the well 915. 
Should the level of the surrounding water drop, the 
check valves will prevent the loss of water from the 
well 915. Thus, regardless of the action of the surround- 
ing sea, the electrodes 910 and 911 will remain sub- 


- merged except in the unlikely event that the surround- 


ing water drops below its normal low level 920 for a 
sufficiently long period of time to enable the quantity of 
- water stored in the well 915 above the electrodes to be 
consumed by the electrolysis process. Note that as the 
electrolysis progresses, the concentration of brine in the 
well water will increase. Therefore, it is expected that it 
will be necessary to periodically pump the fluid out of 
the well 915 to allow fresh sea water to re-enter the 
well. 

Notwithstanding the safety features designed into the 
apparatus as described above, in the preferred embodi- 
‘ment, logic devices 916 and 934, electrically coupled to 
the generator 909, are utilized to ensure the reliable 
operation of the apparatus. As shown in FIG. 7, level 
sensors 924 and 925, which may be level switches of the 
type commonly used in boilers, are mounted in the well 
915. In the event either of the level sensors 924 and 925 
sense that the level of the water in the well 915 has 
dropped below a predetermined level —that is, the level 


15 
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40 
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10 
at which they are mounted—the logic devices 916 and 
934 will cut off power to the electrodes 910 and 911 to 
protect them from damage. 

In the event of a severe storm or other unusual sea 
conditions, the level of the surrounding sea water may 
rise excessively high. Such rise in the surrounding water 
will cause the water level in the well 915 to rise. Ac- 
cordingly, level switches 922 and 923 are also mounted 
in the well 915. As shown in FIGS. 7, the level switches 
922 and 923 are disposed in the head space portions 917 
and 918, respectively, at the level of the compressor 
intakes 915 and 916. The signals from the level switches 
922 and 923 are directed to logic devices 916 and 934, : 
respectively, so that the logic devices will shut down 
the compressor 630 should the water reach the level of 
the switches. Moreover, as shown in FIG. 7, a sea cock 
930 is mounted in portion 903 of the float. In the event 
level sensors 922 and 923 indicate the aforementioned 
high water level, logic device 934 will actuate valve 931 
installed on the sea cock 930 to flood the portion 903 of 
the float, thereby causing it to sink deeper into the 
water where it may safely ride out the storm. A second 
sea cock and valve (not shown) is mounted in portion 
904 of the float and is actuated in a similar fashion by 
logic device 916. 

As shown in FIG. 7, a pressure sensor 933, which 
may be a transducer, is installed in portion 904 of the 
float 902 to measure the pressure therein. Electrical line 
935 transmits the signal from the pressure sensor 933 to 
the logic device 916. Should the pressure of the hydro- 
gen in portion 904 exceed a predetermined level, logic 
device 916 will shut down the compressor. A similar 
pressure sensor (not shown) is installed in portion 903 of 
the float and transmits its signal to logic device 934 for 
similar protection against oxygen over pressure. 

FIG. 8 shows a second alternate embodiment of the 
invention shown in FIG. 4. In this embodiment, the 
float 951 powers a high pressure pump 955 via the gen- 
erator 909 discussed with respect to the embodiment 
shown in FIG. 6. Alternatively, the pump 955 could be 
mechanically driven via the flywheel 626 discussed 
with respect to the embodiment shown in FIG. 4. In 
either case, the pump 955 draws in sea water through 
intake conduit 953 having an inlet 952 disposed well 
below the low water line 920. Pump 955 directs the sea 
water, via conduit 957, to a reverse osmosis unit 954, 
thereby producing potable water which is then trans- 
ported to a consumption or storage site through dis- 
charge conduit 956 The reverse osmosis unit 954 may be 
of the microporous membrane type, relying on the 
pump 955 to force the water through the membrane. 

It will be understood that various changes in the 
details, materials and arrangement of parts which have 
been herein described and illustrated in order to explain 
the nature of this invention may be made by those 
skilled in the art within the principle and scope of the 
invention as expressed in the following claims. 

It will further be understood that the “Abstract of the 
Disclosure” set forth above is intended to provide a 
non-legal technical statement of the contents of the 
disclosure in compliance with the Rules of Practice of 
the U.S. Patent and Trademark Office, and is not in- 
tended to limit the scope of the invention described and 
claimed herein. _ 

What is claimed is: 

1. A wave-power collection apparatus for installation 
in a body of water for converting wave energy into at 
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least hydrogen gas and for at least collecting said gas in 

said apparatus, comprising: 

- (a) pilaster means located extending to protrude for a 
preselected distance above the high water line of 
said body of water; 

(b) float means trackingly mounted for movement 
along said pilaster means in response to tidal and 
wave motion; 


(c) generating means mounted on said pilaster, for 


generating current from the movement of said float 
means; 

(d) electrolysis means. P connected to said 
generating means, and in liquid communication 
with said body of water, said electrolysis means 
generating hydrogen and oxygen utilizing said 
current generated by said generating means, said 
electrolysis means comprising at least two oppos- 
ingly charged electrodes; 

(e) gas separation means mounted on said o llastes 
means generally disposed between said electrodes, 


5 


wh 


0 


ph 


5 


for separating oxygen and hydrogen gases pro- 


duced by said electrolysis means; 

(f) compressor means mounted on said pilaster means, 
for compressing at least hydrogen gas separated by 
said gas separation means; and, 

(g) gas storage means for at least storing hydrogen 
gas, said storage means comprising at least a por- 
tion of said float means, said gas storage means 


being in fluid communication with the output of- 


said compressor means. 
2. The apparatus of claim 1, wherein said pilaster 
means comprises a hollow tubular member defining a 
hollow well portion, and wherein said electrodes are 


disposed below a predetermined low water line within ? 


said hollow well portion. | 
3. The apparatus of claim 2, wherein said gas separa- 


tion means comprises a microporous barrier between 


said electrodes. 

4. The apparatus of claim 3, wherein said hollow 
tubular member defines a head space and wherein said 
gas separation means comprises a baffling means for 
separating portions of said headspace of said well por- 
tion. 

5. The apparatus of claim 4, wherein the compressor 
means compresses said hydrogen gas generated by said 
electrolysis means and transmits said compressed hy- 
drogen gas to said float means. 

6. The apparatus of claim 5, further comprising means 
for placing said well portion in liquid communication 
with said body of water at a location below said A 
water line. 

7. The apparatus of claim 6, wherein said compressor 


means is powered me current produced by said genera- 


tor means. 
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8. The apparatus of claim 6, wherein said compressor 
means is mechanically powered by the movement of 
said float means. 

9. The apparatus of claim 6, wherein said liquid com- 
munication means comprises a plurality of apertures 
formed in said pilaster means. 

10. The apparatus of claim 9, further comprising fil- 
tering means disposed in said pilaster means for filtering 
debris from water entering said well portion. 

11. A wave-power collection apparatus for installa- 
tion in a body of water, comprising: 

(a) a tubular member forming a hollow well therein, 
said tubular member having a first end attached to. 
the floor of said body of water and a second end 
extending above the surface of said body of water, 
said hollow well in flow communication with said 
body of water, whereby said water fills at least a 
portion of said hollow well; 

(b) a toroidal float adapted for vertical movement 
along said tubular member in response to taal and 
wave motion in said body of water; 

(c) a shaft mounted in said tubular member and means 
for converting said vertical movement of said float 
into rotation of said shaft; o 

(d) a generator adapted to be driven by said rotation 
of said shaft and produce electrical current 
thereby; and 

(e) first and second electrodes mounted in said por- 
tion of said hollow well filled with said water and 
electrically coupled to said generator, said elec- 
trodes adapted to cause current to flow therebe- 
tween through said water. 

12. The apparatus of claim 11 wherein said electrodes 


are adapted to dissociate a portion of said water through 


which said current flows, thereby producing hydrogen 
and oxygen, and further comprising a compressor for 
compressing said hydrogen. 

13. The apparatus of claim 12 wherein said compres- 
sor is driven by said rotation of said shaft. 

14. The apparatus of claim 12 wherein said compres- 
sor is driven by said electrical current produced by said 
generator. | 

15. The apparatus of claim 11 further comprising 
means for flooding said float with water from said body 
of water, said flooding means responsive to the level of 
said water filling said well. 

16. The apparatus of claim 11 further comprising 
means for severing said electrical couple between said 
electrodes and said generator if the level of said water 
filling said well drops below a predetermined level. 

- 17. The apparatus of claim 11 wherein said electrical 
couple severing means comprises logic means. 

18. The apparatus of claim 17 wherein said electrical 
couple severing means further comprises level sensing 


means. 
* è * * & 
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FIG. 2 


only one thin region is used, as shown In 
Figure 3.3 


Figure 3.3 
N | 
p Very thin 
N P region 
Question 


Which has the thicker P region, the transistor 
shown in Figure 3.3 or two diodes connected 
back-to-back? 


Answer 
Two diodes. The transistor has a thin P 
region. 

3 Because two separate diodes wired 
back-to- back share two thick P regions, they 
cannot behave like a transistor. 

Question 


Why don't two diodes connected back-to- back 
function like a transistor? — —ć 
Answer 
The transistor has one thin P region, whereas 
the diodes share two thick P regions. 

4 The three terminals of a transistor (the 
base, the emitter, and the collector) connect, 
as shown in Figure 3.4 . 


Figure 3.4 
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ATMOSPHERIC ENERGY COLLECTION 


TECHNICAL FIELD 


[0001] The subject matter described herein relates to a 
light-weight, extendible electricity collecting windsock 
arrangement comprising an enhanced collection surface for 
atmospheric electrical energy collection. 


BACKGROUND 


[0002] The atmosphere above the earth is known to include 
electrical charge. The earth’s surface is negatively charged, 
while the air above it is positively charged. All atmospheric 
effects are a result of an interplay between these two huge 
areas of opposite electrical energy. The potential difference 
between the positively charged atmosphere and the nega- 
tively charged earth surface causes atmospheric electrical 
energy to be developed. Some of this atmospheric electrical 
energy may be experienced through thunderstorms. 

[0003] Even though there is a huge amount of atmospheric 
electrical energy in the atmosphere, collection of the atmo- 
spheric electrical energy still remains a problem. Due to high 
voltage and low current conditions, there is a need for large 
collection surfaces for maximizing the collection of atmo- 
spheric electrical energy. Note that the terms atmospheric 
electricity, atmospheric energy, and atmospheric electrical 
energy have been used interchangeably in this specification. 
[0004] The problem of low current is compounded by a 
heavy weight of the collectors of atmospheric electrical 
energy. The heavy weight of the collectors increases payload 
requirements of a lift mechanism, which may be used to lift 
the collectors to an appropriate height or altitude so that the 
collection of atmospheric electrical energy is maximized. 
Thus, a need exists for large yet light-weight collectors such 
that payload requirements for the lift mechanism remain rea- 
sonable. 


SUMMARY 


[0005] The subject matter described herein relates to an 
atmospheric energy collector. The atmospheric energy col- 
lector includes an electricity collecting windsock arrange- 
ment that has a large up-wind opening on one side and that 
tapers from the larger up-wind opening on the one side to a 
small down-wind opening on the other side. The up-wind side 
is secured to a tether such that an electrically conducting 
material (e.g. metal) included in construction of the atmo- 
spheric energy collector is connected to the tether. The elec- 
tricity collecting windsock arrangement is extended outwards 
by wind and the like atmospheric conditions such that the 
electrically conducting material collects the atmospheric 
energy and transfers the collected energy to the tether. Fur- 
ther, the electricity collecting windsock includes light-weight 
collectors such that payload requirements for the lift mecha- 
nism remain reasonable (1.e. remain within a predetermined 
value). 

[0006] In one aspect, an electricity collection apparatus 
includes a tether and a windsock. The windsock is formed of 
an insulation material with a metal deposited on at least a 
portion of the insulation material. The metal of the windsock 
is electrically connected to the tether. The windsock extends 
in a direction of ambient wind to provide a surface area based 
on the ambient wind, and the surface area provides the metal 
to collect electrical energy from the ambient wind, the col- 
lected electrical energy being transferred to the tether. 
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[0007] In another aspect, an electricity collection apparatus 
includes a windsock formed of an insulation material the 
windsock to extend in a direction of ambient wind to provide 
a surface area based on the ambient wind. The apparatus 
further includes one or more electrical conductors provided 
on at least a portion of the insulation material to collect 
electrical energy from the ambient wind. The apparatus fur- 
ther includes an electrically conductive tether connected with 
windsock to anchor the windsock in the direction of the 
ambient wind, the electrically conductive tether being elec- 
trically connected to the one or more electrical conductors 
provided on at least a portion of the insulation material to 
transfer the collected electrical energy from the one or more 
electrical conductors to an electrical storage. 

[0008] The subject matter described herein provides many 
advantages. For example, large collection surfaces allow a 
maximized collection of atmospheric energy. Moreover, the 
light-weight collectors allow payload requirements for the lift 
mechanism to remain reasonable (1.e. remain within a prede- 
termined value). 

[0009] The details of one or more variations of the subject 
matter described herein are set forth in the accompanying 
drawings and the description below. Other features and 
advantages of the subject matter described herein will be 
apparent from the description and drawings, and from the 
claims. 


DESCRIPTION OF DRAWINGS 


[0010] The accompanying drawings, which are incorpo- 
rated in and constitute a part of this specification, show certain 
aspects of the subject matter disclosed herein and, together 
with the description, help explain some of the principles 
associated with the disclosed implementations. In the draw- 
ings, 

[0011] FIG. 1A illustrates extendible electricity collecting 
windsock arrangement that is used for collection of atmo- 
spheric electrical energy in accordance with implementations 
of the current subject matter; 

[0012] FIG. 1B illustrates a cross-section of one implemen- 
tation of the electrically conducting windsock in accordance 
with implementations of the current subject matter; 

[0013] FIG. 1C illustrates a cross-section of another imple- 
mentation of the electricity collecting windsock in accor- 
dance with implementations of the current subject matter; 
[0014] FIG. 2 illustrates an exemplary conductive line in 
accordance with implementations of the current subject mat- 
ter; 

[0015] FIG. 3A illustrates a front view of a conductive line 
in accordance with implementations of the current subject 
matter; 

[0016] FIG. 3B illustrates a top view of the conductive line 
shown in FIG. 3 in accordance with implementations of the 
current subject matter; 

[0017] FIGS. 4A, 4B, and 4C illustrate electrical schemat- 
ics for handling the static charge from the atmosphere in 
accordance with implementations of the current subject mat- 
ter; 

[0018] FIG. 5 illustrates an adjusting apparatus (winch 
motor and spool) that enables adjustment of location/height 
of the electricity collecting windsock arrangement in accor- 
dance with implementations of the current subject matter; and 
[0019] FIG. 6 is a process flow diagram illustrating aspects 
of a method in accordance with implementations of the cur- 
rent subject matter. 
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[0020] When practical, similar reference numbers denote 
similar structures, features, or elements. 


DETAILED DESCRIPTION 


[0021] To address these and potentially other issues with 
currently available solutions, one or more implementations of 
the current subject matter provide methods, systems, articles 
or manufacture, and the like that can, among other possible 
advantages, provide an energy collector formed as a wind- 
sock and having an enhanced collection surface for atmo- 
spheric electrical energy collection. In preferred implemen- 
tations, an electricity collecting windsock is formed as a 
flexible cylinder, a truncated cone, or a cone with a metal 
surface, and is mounted to a mast or other tether so as to 
capture ambient wind which extends the windsock outward 
from the mast, in turn forming the largest possible surface 
area for the wind conditions to enable the metal surface to 
collect atmospheric amperage. The collected amperage is 
transferred from the metal surface of the electricity collecting 
windsock to the mast or tether, and eventually to an electricity 
storage device. Although implementations in which wind- 
sock arrangements having one windsock each are discussed 
below, those or ordinary skill in the art understand that a 
windsock arrangement may include two or more windsocks 
for enhanced atmospheric electricity collection. 

[0022] FIG. 1A illustrates an implementation of electricity 
collecting windsock arrangement 100 that is used to collect 
atmospheric electrical energy. The electricity collecting 
windsock arrangement 100 includes an extendible electricity 
collecting windsock 102. The extendible electricity collect- 
ing windsock 102 is made of a material that has a high tensile 
strength and provides electrical insulation. This electrically 
insulating material 134 (discussed below with respect to FIG. 
1B) may be a plastic or a flexible glass, such as polyester like 
polyethylene terephthalate (PET) or biaxially-oriented poly- 
ethylene terephthalate (BoPET). BoPET is known in the 
industry by different trade names, some of which are Mylar, 
Melinex and Hostaphan. 

[0023] As is described later with respect to FIGS. 1B and 
1C, which illustrate cross-sections of implementations of 
electricity collecting windsock 102, a thin coat of an electri- 
cally conducting material 132, 162 is deposited on the elec- 
trically insulating material 134. The deposited electrically 
conducting material 132, 162 is a good conductor of electric- 
ity, and helps electricity collecting windsock 102 to tap atmo- 
spheric electrical energy. The electrically conducting mate- 
rial may be any one of a metal or a suitable alloy, such as one 
of or a combination of one or more of gold, silver, copper, 
aluminum, and the like. 

[0024] The electricity collecting windsock 102 has a large 
up-wind opening up-wind opening 104 on one side. The 
electricity collecting windsock 102 tapers from the large up- 
wind opening 104 on the one side to a small down-wind 
opening 106 on the other side of the electricity collecting 
windsock 102. The up-wind opening 104 has a metal loop 110 
on the circumference of the up-wind opening 104. The metal 
loop 110 is attached to a tether 112 using an attachment 
mechanism 114. The attachment mechanism 114 may include 
a soldering mechanism. In some implementations, other 
attachment mechanisms 114 are also known to be used, such 
as nut and bolt mechanism, threading mechanism, gluing 
mechanism, and the like. The electricity collecting windsock 
102 is extended outwards by wind 116 and/or like atmo- 
spheric conditions such that the electrically conducting mate- 


Nov. 15, 2012 


rial (e.g. metal) collects the atmospheric electrical energy and 
transfers the collected energy to the tether 112. 


[0025] The tether 112 includes a conductive line that is 
isolated from the ground. The conductive line is used to 
transfer the collected atmospheric electrical energy from the 
electricity collecting windsock 102 to an electricity storage 
device (not shown) where the collected atmospheric charge 
may be gathered for later or simultaneous use. 


[0026] When wind 116 strikes against the electricity col- 
lecting windsock arrangement 100 in the direction illustrated, 
the electricity collecting windsock 102 extends outward, thus 
allowing the electrically conducting material 132 (discussed 
below with respect to FIG. 1B) to collect maximum possible 
atmospheric electricity. In one implementation, the outward 
extension 118 is fifty feet or more. When there is no wind, the 
electricity collecting windsock 102 may be in a relatively 
compressed state such that the length of the electricity col- 
lecting windsock 102 is less than the outward extension 118 
caused by windy conditions or like atmospheric conditions. 
The collected atmospheric electrical energy is communicated 
to the tether 112. 


[0027] FIG. 1B illustrates a cross-section 130 of one imple- 
mentation of the electrically conducting windsock 102. The 
cross-section 130 illustrates the electrically conducting mate- 
rial 132 deposited on the inner surface of the electrically 
insulating material 134. The electricity collecting windsock 
102 includes the electrically conducting material 132 and the 
electrically insulating material 134 such that the electrically 
conducting material 132 forms the inner surface of the elec- 
tricity collecting windsock 102. When the wind 116 strikes 
the electricity collecting windsock arrangement, the electric- 
ity collecting windsock 102 extends outward, thus allowing 
the electrically conducting material 132 to collect maximum 
possible atmospheric electricity. The electrically conducting 
material 132 may include multiple collectors that are spaced 
apart such that the collection surface is greatly enhanced. The 
multiple collectors may be spaced apart in patterns, such as 
spaced apart lines, squares, rectangles, circles, and the like, or 
any other pattern that may maximize the collection of the 
atmospheric electrical energy. As noted above, the electri- 
cally insulating material 134 may be a plastic or a flexible 
glass, such as polyester like polyethylene terephthalate (PET) 
or biaxially-oriented polyethylene terephthalate (BoPET). 
The electrically conducting material 132 may be a metal or 
alloy, such as one of or a combination of one or more of gold, 
silver, copper, aluminum, and the like. 


[0028] FIG. 1C illustrates a cross-section 160 of another 
implementation of the electricity collecting windsock 102. 
The electrically conducting material (e.g. metal deposit) 132, 
162 may be placed on both sides of the electrically insulating 
material 134 such that the collection ability is increased even 
further. Multiple collectors are implemented and are spaced 
apart on electrically conducting material 132, 162 such that 
the collection surface is greatly enhanced. The multiple col- 
lectors may form one or more patterns, as noted above with 
respect to FIG. 1B. Furthermore, the electrically insulating 
material 134 (e.g. mylar) used in the electricity collecting 
windsock 102 is light, thereby minimizing the overall weight 
of the electricity collecting windsock 102 and reducing the 
weight for payload calculations. The electrically conducting 
materials 132, 162 may be an electrically conducting metal or 
alloy, such as one of or a combination of at least one of gold, 
copper, aluminum, silver, and the like. The electrically con- 
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ducting materials 132, 162 may be made of the same metal/ 
alloy or a different metal/alloy. 

[0029] The electrically conducting materials 132, 162 may 
be attached to the electrically insulating material 134 by a 
gluing mechanism. In some implementations, other attach- 
ment mechanisms are known to be implemented, such as 
paint coating mechanism, a threading mechanism, a nut and 
bolt mechanism, soldering mechanism, and the like. The 
attachment mechanism between the electrically conducting 
material 132 and the electrically insulating material 134 may 
or may not be the same as the attachment mechanism between 
the electrically conducting material 162 and the electrically 
insulating material 134. 

[0030] FIG. 2 illustrates an exemplary conductive line in 
accordance with one implementation. This type of conductive 
line is commonly referred to as poly-wire. The conductive 
line consists of multiple interwoven strands of plastic 202 and 
204 woven into a cord or rope arrangement having inter- 
twined therein exposed metal wires 206 and 208. Although 
FIG. 2 illustrates two plastic strands and two metal wires, any 
number of possible combinations of plastic strands and metal 
wires 1s possible. The exposed metal wires 206 and 208 attract 
the atmospheric static charge and transmit the charge down to 
the electricity storage device (not shown). 

[0031] FIG. 3A illustrates a front view of a conductive line 
300 in accordance with another implementation. FIG. 3B 
illustrates a top view of the conductive line 300 illustrated in 
FIG. 3. The conductive line 300 creates an ionized pathway 
for the flow of the static charges from the atmosphere to the 
electricity storage device via the electricity collecting wind- 
sock arrangement 100. This conductive line utilizes a tube 
302 having an outer layer 304 of PET Film (Biaxially-on- 
ented polyethylene terephtalate polyester film). The tube 302 
provides exceptionally high tensile strength and is chemically 
and dimensionally stable. In one implementation, the tube 
302 may have an ideal diameter of between two and three 
inches. An interior metal coating 306 provides an initial con- 
duit for the flow of static charge. The static charge through the 
metal may force the tube 302 to expand due to the repulsion 
experienced by like charges. Further, the flow of electricity 
causes the interior of the tube 302 to become ionized to 
provide an additional pathway for the atmospheric static 
charges to the electricity storage device (not shown). 

[0032] FIGS. 4A, 4B, and 4C illustrate electrical schemat- 
ics for handling the static charge from the atmosphere. By 
maintaining the voltage being collected in a prescribed range, 
an electrical conversion system is easily designed. While 
FIGS. 4A, 4B, and 4C illustrate some electrical configura- 
tions, those of ordinary skill in the art readily recognize a 
variety of other configurations that may serve the same func- 
tion. 

[0033] Referencing FIG. 4A, Direct Current In (DC IN) 
402 is buffered by a gang of capacitors 404 before being 
communicated to a DC/AC converter 406. The DC/AC con- 
verter converts the direct current into alternating current suit- 
able for placement over an existing electrical grid 408 such as 
normally found from a power-plant. Those of ordinary skill in 
the art readily recognize a variety of DC/AC converters that 
may work in this capacity. 

[0034] FIG. 4B illustrates an electrical arrangement suit- 
able for use in charging a battery. DC IN 402 is buffered by 
capacitor bank 404 before entering into a step down trans- 
former 408. Step down transformer 408 reduces the voltage 
so that the voltage can safely be introduced into battery 410, 
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which is connected to ground 412 at the battery’s other pole. 
Those of ordinary skill in the art readily recognize a variety of 
batteries that may work in this capacity. 


[0035] In FIG. 4C, DC IN 402 is fed into an adjustable 
rheostat 414, which is controlled by the controller so that the 
DC OUT 416 falls within a specified range. 


[0036] FIG. 5 illustrates an adjusting apparatus 500 that 
enables adjustment of height of the electricity collecting 
windsock arrangement 100 in accordance with one imple- 
mentation. As per one implementation, the height of the elec- 
tricity collecting windsock 102 can be adjusted using a winch 
motor 502 and a spool 504. The winch motor 502 and the 
spool 504 can release or withdraw the tether 112 to adjust the 
height of the electricity collecting windsock 102 that is con- 
nected to the tether 112. In one implementation, this release 
and the withdrawal may be performed manually. In another 
implementation, this release and the withdrawal may be per- 
formed automatically based on information obtained from a 
sensor system that measures atmospheric electrical energy 
being collected per unit time. If the sensor indicates that a 
current flow is diminishing, then the tether 112 is released/ 
extended from the spool 504 to increase the altitude of the 
electricity collecting windsock 102 such that more static 
charge from the atmosphere is gathered. If the sensor indi- 
cates that collected atmospheric electrical energy exceeds a 
preset level per unit time, the tether 112 1s withdrawn onto the 
spool 504 to decrease the static charge being collected from 
the atmosphere. 


[0037] FIG. 6 is a process flow diagram illustrating aspects 
of a method consistent with implementations of the current 
subject matter. At step 602, the functioning of the electricity 
collecting windsock arrangement 100 depends on whether 
atmospheric conditions are windy. If the atmospheric condi- 
tions are windy, the wind 116 stretches/extends outward the 
electricity collecting windsock 102—Step 604. Next, it is 
determined whether the atmospheric electrical energy (atmo- 
spheric current) that is collected is in a predetermined 
range—Step 606. If the collected atmospheric electrical 
energy is in the predetermined range, the flow goes back to 
step 604. If the current is not in the predetermined range, the 
height of the electricity collecting windsock 102 may be 
adjusted using adjusting apparatus 500, such as the winch 
motor 502 and spool 504. One skilled in the art understands 
that other implementations may include any other adjusting 
apparatus 500, such as a pulley, a wheel mechanism, or the 
like. 


[0038] The implementations set forth in the foregoing 
description do not represent all implementations consistent 
with the subject matter described herein. Instead, they are 
merely some examples consistent with aspects related to the 
described subject matter. Although a few variations have been 
described in detail herein, other modifications or additions are 
possible. In particular, further features and/or variations can 
be provided in addition to those set forth herein. For example, 
the implementations described above can be directed to vari- 
ous combinations and sub-combinations of the disclosed fea- 
tures and/or combinations and sub-combinations of one or 
more features further to those disclosed herein. In addition, 
the logic flows depicted in the accompanying figures and/or 
described herein do not necessarily require the particular 
order shown, or sequential order, to achieve desirable results. 
The scope of the following claims may include other imple- 
mentations or embodiments. 
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What is claimed is: 

1. An electricity collection apparatus comprising: 

a tether; and 

a windsock formed of an insulation material with a metal 
deposited on at least a portion of the insulation material, 
the metal of the windsock being electrically connected 
to the tether, the windsock to extend in a direction of 
ambient wind to provide a surface area based on the 
ambient wind, the surface area providing the metal to 
collect electrical energy from the ambient wind, the 
collected electrical energy being transferred to the 
tether. 

2. The apparatus in accordance with claim 1, wherein the 
metal is deposited on at least one of opposite sides of the 
insulation material. 

3. The apparatus in accordance with claim 2, wherein the 
metal is a metal selected from a group of metals comprising 
gold, silver, copper and aluminum. 

4. The apparatus in accordance with claim 1, wherein the 
insulation material is a polyester film. 

5. The apparatus in accordance with claim 1, wherein the 
transferred electrical energy at the tether is further transferred 
from the tether to an electricity storage device. 

6. The apparatus in accordance with claim 1, wherein the 
metal comprises conductors that are light-weight thereby 
allowing payload requirements for adjusting the windsock to 
an optimum location to be within a predetermined value, the 
optimum location comprising a height of the windsock from 
ground level. 

7. The apparatus in accordance with claim 6, wherein the 
deposited metal conductors form a pattern that maximizes the 
collection of the electrical energy at the optimum location. 

8. An electricity collection apparatus comprising: 

a windsock formed ofan insulation material having a metal 
deposited on at least a portion of the insulation material, 
the windsock to extend in a direction of ambient wind to 
provide a surface area based on the ambient wind, the 
surface area providing the metal to collect electrical 
energy from the ambient wind; and 

an electrically conductive tether connected with windsock 
to anchor the windsock in the direction of the ambient 
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wind, the electrically conductive tether being electri- 
cally connected to the metal of the insulation material, 
the collected electrical energy being transferred to the 
tether. 

9. The apparatus in accordance with claim 8, wherein the 
metal is deposited on at least one of opposite sides of the 
insulation material. 

10. The apparatus in accordance with claim 9, wherein the 
metal is a metal selected from a group of metals comprising 
gold, silver, copper and aluminum. 

11. The apparatus in accordance with claim 8, wherein the 
insulation material is a polyester film. 

12. The apparatus in accordance with claim 8, wherein the 
transferred electrical energy at the tether is further transferred 
from the tether to an electricity storage device. 

13. The apparatus in accordance with claim 8, wherein the 
metal comprises conductors that are light-weight thereby 
allowing payload requirements for adjusting the windsock to 
an optimum location to be within a predetermined value, the 
optimum location comprising a height of the windsock from 
ground level. 

14. The apparatus in accordance with claim 13, wherein the 
metal conductors form a pattern that maximizes the collection 
of the electrical energy at the optimum location. 

15. An electricity collection apparatus comprising: 

a windsock formed of an insulation material the windsock 

to extend in a direction of ambient wind to provide a 
surface area based on the ambient wind; 

one or more electrical conductors provided on at least a 

portion of the insulation material to collect electrical 
energy from the ambient wind; and 

an electrically conductive tether connected with windsock 

to anchor the windsock in the direction of the ambient 
wind, the electrically conductive tether being electri- 
cally connected to the one or more electrical conductors 
provided onat least a portion of the insulation material to 
transfer the collected electrical energy from the one or 
more electrical conductors to an electrical storage. 
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A mechanism to tap an electrical source which uses an aircraft 
(preferably a lighter than air balloon) tethered by a conductive 
line. The conductive line is extended/withdrawn by a winch 
motor to adjust the altitude of the aircraft. The conductive line 
is isolated from the ground and an electrical conductor is 
connected to the conductive line and to an electrical load. In 
this manner, static electricity generated in the atmosphere is 
gathered for use. 
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When talking about a transistor as two 


diodes, you refer to the diodes as the 
base-emitter diode and the base-collector 
diode 

Figure 3.5 shows the symbol used in circuit 
diagrams for the transistor, with the two 
diodes and the junctions shown for 
comparison. Because of the way the 
semiconductor materials are arranged, this is 
known as an NPN transistor 
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1 
ATMOSPHERIC ELECTRICAL GENERATOR 


BACKGROUND OF THE INVENTION 


This invention relates to the production of electrical energy 
and more particularly to the production of electrical energy 
from the atmosphere. 

Everyone is familiar with Benjamin Franklin’s kite experi- 
ment of 1752. Using a kite whose string had become wet, 
negative charges from the passing clouds flowed into the 
string, down to the suspended key, and then into a Leyden jar 
via a thin metal wire. Franklin was protected by a dry silk 
string; but, when Franklin’s knuckle came too close to the 
key, he received a strong shock. Fortunately, Benjamin Fran- 
klin was not killed, others who tried this same experiment 
were not so lucky. 

Since then, the formation of lightning has remained some- 
thing of a mystery. Lightning bolts are triggered when a 
negatively charged cloud base induces a positive charge from 
the ground, thereby forming a “pathway” for the discharge of 
the collected electrical energy. 

Lightning travels up to 60,000 miles per hour with a flash 
that is brighter than ten million 100-watt lightbulbs. This 
wattage is as much power as is produced by all of the elec- 
tricity plants in the United States and with a voltage of up to 
300 million volts. 

It is this very fact, the power within lightning is immense, 
that has prevented any successful collection of the electrical 
energy from lightning. The electricity in lightning is far too 
extreme for current technology to harness. 

While lightning has attracted a energy starved industrial 
world, no one has developed any technique to harness this 
naturally occurring electrical source. 

It is clear there is a continuing need for an electrical source 
other than carbon-based fuels and that the naturally occurring 
electricity in the atmosphere is being ignored. 


SUMMARY OF THE INVENTION 


The invention is a mechanism which taps into the naturally 
occurring static electricity in the atmosphere. Whereas here- 
tofore, the attempt to garner electricity from the atmosphere 
has focused exclusively on capturing lightning, the present 
invention syphons off the static electricity which is generated 
from any agitated air and avoids lightning. 

Lightning is only the final discharge of the static electricity, 
whether that lightning is intra-cloud lightning, cloud-to- 
ground lightning, or inter-cloud lightning. Other types of final 
discharges are known as heat lightning, summer lightning, 
sheet lightning, ribbon lightning, silent lightning, ball light- 
ning, bead lightning, elves, jets, and sprites. Well before these 
discharges are observed, as the atmosphere becomes agitated 
by wind or thermal activity, static electricity is being gener- 
ated. 

The present invention recognizes that this static electricity 
is being formed and creates a mechanism to capture it. 

The mechanism of this invention utilizes an aircraft such as 
a lighter than air balloon. While the preferred embodiment 
uses a foil balloon, a variety of other aircraft are obvious to 
those of ordinary skill in the art, including, but not limited to: 
gliders, rubber balloons (such as weather balloons), biaxially- 
oriented polyethylene terephthalate polyester film balloons, 
and latex balloons. 

Within this discussion, the balloon is referenced, but, the 
invention is not intended to be limited solely to balloons. 

The balloon is sent aloft and is tethered by a conductive 
line. In this context, the conductive line may be any obvious 
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to those of ordinary skill in the art. For the preferred embodi- 
ment, the conductive line is a generically referred to as a 
“poly-rope” and is commercially available through a variety 
of sources. A suitable conductive line is described in U.S. Pat. 
No. 5,203,542, entitled “Apparatus for Improved Electric 
Fence Wire Construction for use with Intensive Grazing” 
issuedApr. 20, 1993, to Coley, et al. and incorporated hereinto 
by reference. 

The conductive line is played out of a winch to control the 
altitude of the balloon. The motor controlling the winch is 
able to reverse direction to both extend and withdraw the 
conductive line which is wrapped around a spool on the 
winch. The winch/spool combination are part of a base unit. 

In some embodiments of the invention, the spool is con- 
structed of rubber so as to insulate the conductive line from 
the winch assembly. In this embodiment, only the conductive 
line is charged by the atmospheric static electricity while the 
winch remains neutral. 

In yet another embodiment, the winch/spool are part of a 
base unit which is itself isolated from the ground by an insu- 
lator. In this embodiment, the entire base unit is charged by 
the atmospheric static electricity. 

A conductor, such as an insulated wire, is electrically con- 
nected to the conductive line. In one embodiment, where the 
conductive line is electrically isolated from the spool and 
winch motor, the conductor is connected to the conductive 
line. In the embodiment where the conductive line is electri- 
cally connected to the base unit, then the conductor is con- 
nected anywhere on a metallic base unit. 

The other end of the conductor is connected to a load. The 
load in this case can be any ofa variety of electrical loads well 
known to those of ordinary skill in art, including, but not 
limited to a motor, a battery system, or the electrical grid for 
the system. 

In the preferred embodiment, a sensor array is used to 
monitor the activities both at the base unit (such as electrical 
flow within the conductor) and in the surrounding locale. 

A sensor monitoring the electrical flow (1.e. voltage and/or 
current) within the conductor is used to monitor the electrical 
activity within the conductor. 

In the preferred embodiment, a lightning sensor monitors 
for lightning activity within the locale. As noted earlier, the 
electrical characteristic of lightning 1s so extreme that ideally 
this discharge is avoided as it might damage the mechanism of 
this invention. 

The sensor array is utilized by a controller, such as micro- 
processor, programmed to operate the mechanism as outlined 
herein. 

The controller operates the winch motor to extend or with- 
draw the conductive line and by extension the altitude of the 
balloon. The controller is programmed to operate the winch 
by monitoring the electrical characteristics of the conductor 
and adjusting the balloon’s altitude to maintain these charac- 
teristics within the conductor within a preset range. 

This preset range is established either in the base program- 
ming of the controller or is established by an operator of the 
system. 

As example, by controlling the amount of current being 
withdrawn from the atmosphere, the mechanism operates 
within a safe range and also provides a relatively stable cur- 
rent flow from which a variety of activities can take place 
(such as DC-AC conversion). 

The controller also utilizes the lightning sensor to protect 
the mechanism from a lightning strike. Should lightning be 
detected within a pre-determined range (as established by the 
software or defined by an operator), then the balloon is pulled 
down to minimize the risk of damage from a lightning strike. 
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The invention, together with various embodiments thereof 
will be more fully explained by the following description of 
the accompanying drawings. 


DRAWINGS IN BRIEF 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 

FIG. 3 is a flow-chart of the operation of the controller for 
the preferred embodiment of the invention. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 


DRAWINGS IN DETAIL 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

Balloon 10 is an aircraft which, in this illustration, is a 
lighter than air balloon. Wings 10A, extending from the body 
of balloon 10, provide additional lift in air flow 18. Tail 10B 
helps to stabilize balloon 10. 

Balloon 10 is tethered to the ground via conductive line 12. 
As noted earlier, a variety of configurations and materials are 
available to serve as conductive line 12. In this illustration, a 
poly-wire is used Poly-wire is commercially available 
through a variety of vendors, including, but not limited to: 
Jeffers Livestock and Zareba Systems, Inc, of Ellendale, 
Minn. 

In this embodiment, located proximate to balloon 10, is an 
electrical collection enhancement lead 11 which assists in the 
collection of the static electrical charge in the atmosphere. 
Electrical collection enhancement lead 11 is configured to 
attract the static charge and conduct the charge into the con- 
ductive line 12. 

The electricity flows down the conductive line into spool 
13, where the conductive line 12 is collected and either with- 
drawn or dispensed through operation of winch motor 14. 

Winch motor 14 and spool 13 are mounted onto base unit 
16 whichis electrically isolated from ground 7 using insulator 
17. Note, in this embodiment of the invention, when electric- 
ity is being collected from the atmosphere, the entire base unit 
16 becomes charged. In another embodiment of the invention, 
spool 13 is constructed of rubber, thereby preventing base 
unit 16 from becoming charged, thereby restricting the charg- 
ing from the atmosphere to only conductive line 12. 

In this embodiment, conductor 6 is connected to base unit 
16 (since the entire base unit 16 is charged and the base unit 
is metallic) to communicate the electrical current to load 5. 
Conductor 6 is ideally an insulated wire. 

The electrical current through conductor 6 is measured 
using sensor 8. 

In the alternative embodiment discussed above, where only 
the conductive line 12 is charged, then conductor 6 is con- 
nected to conductive line 12. 

Controller 15, located in this embodiment on base unit 16, 
operates winch motor 14 in response to signals from sensor 8 
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(measuring the current being discharged to load 5) to main- 
tain the current flow within a pre-defined range. As the current 
flow diminishes, then the conductive line 12 extended from 
spool 13 to increase the altitude of balloon 10 to that more 
static charge from the atmosphere is gathered; as the current 
flow falls exceeds a preset level, conductive line 12 is with- 
drawn onto spool 13 to decrease the static charge being col- 
lected from the atmosphere. 


The range of current flow through conductor 6 is ideally set 
by the program, although some embodiments of the invention 
permit an operator to establish this range of operation. 


In an alternative embodiment, the sensor monitoring con- 
ductor 6 monitors the voltage therein. 


In the preferred embodiment of the invention, controller 15 
is also equipped with a lightning sensor 19. In this embodi- 
ment, when lightning is sensed within a preset range, then 
substantially all of conductive line 12 is wound onto spool 13 
to pull balloon 10 near the ground and protect the entire 
mechanism from being damaged from a lightning discharge. 


In the preferred embodiment, the “safe” distance form 
lightning is set in the programming of controller 15 and is 
ideally two miles; other embodiments permit the operator to 
“Safe” distance. 


There are a variety of lightning sensors well known to those 
of ordinary skill in the art, including, but not limited to those 
described in: U.S. Pat. No. 7,016,785, entitled “Lightning 
Detection” issued to Makela, et al. on Mar. 21, 2006; U.S. Pat. 
No. 6,829,911, entitled “Lightning Detection and Prediction 
Alarm Device” issued to Jones, et al. on Dec. 7, 2004; U.S. 
Pat. No. 7,200,418, entitled “Detection of Lightning” issued 
to Karikuranta, et al. on Apr. 3, 2007; and U.S. Pat. No. 
6,961,662, entitled “Systems and Methods for Spectral Cor- 
rected Lightning Detection” issued to Murphy on Nov. 1, 
2005; all of which are incorporated hereinto by reference. 


In another embodiment of the invention, controller 15 is 
not located on base unit 16, rather it is remote and commu- 
nicates its control signals to winch motor 14 using radio 
waves. 


FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 


Static charges 23 are generated in the atmosphere by agi- 
tated air. These static charges are often collected at the bottom 
of clouds, but exist in other environments as well. 


Balloon 21 is extended into this strata of static charges 23 
which are then attracted to conductive line 12 to flow to base 
unit 22 and then onto load 5. 


By increasing or decreasing the altitude of balloon 21 
(defined by the length of the extended conductive line 12), 
conductive line 12 is selectively exposed to varying densities 
and levels of the static charge strata, and by extension, the 
current flow or voltage is increased or decreased. 


FIG. 3 is a flow-chart of the operation of the controller for 
the preferred embodiment of the invention. 


Once the program starts 30, the lightning sensor is checked 
to determine if lightning has occurred within the unsafe range 
31A, if it has, then the balloon is lowered 32A, and the 
program continues monitoring the status of lightning until no 
lightning is detected. 


When the lightning status is acceptable, then the current 
within the conductor is checked to see if the current is within 
the prescribed range 31B. If the current is acceptable (within 
range) the program returns to check the lightning status 31A; 
otherwise a determination is made to see if the current is 
above the prescribed range 31C. 
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If the current is above the prescribed range, then the alti- 
tude of the balloon is withdrawn a set amount 32B (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

If the current is below the prescribed range, then the alti- 
tude of the balloon is extended a set amount 32C (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

In this manner of feed-back and minor adjustments in the 
altitude of the balloon, the current is maintained within a 
prescribed range which can be handled by the downstream 
electrical system. 

As noted earlier, some embodiments of the invention moni- 
tor the voltage instead of the current. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

By maintaining the voltage being collected in a prescribed 
range, an electrical conversion system is easily designed. 
While FIGS. 4A, 4B, and 4C illustrate some electrical con- 
figurations, those of ordinary skill in the art readily recognize 
a variety of other configurations which will serve the same 
function. 

Referencing FIG. 4A, Direct Current In (DC IN) 40 is 
buffered by a gang of capacitors 41 before being communi- 
cated to a DC/AC converter 42. The DC/AC converter con- 
verts the direct current into a an alternating current suitable 
for placement over an existing electrical grid 43 such as 
normally found from a power-plant. 

Those of ordinary skill in the art readily recognize a variety 
of DC/AC converters, including, but not limited to: U.S. Pat. 
No. 7,394,671, entitled “Controller IC, DC-AC Conversion 
Apparatus, and parallel running system of DC-AC Conver- 
sion Apparatuses” issued to Fukumoto, et al. on Jul. 1, 2008; 
and, U.S. Pat. No. 7,330,366, entitled “DC-AC Converter” 
issued to Lee, et al. on Feb. 12, 2008; all of which are incor- 
porated hereinto by reference. 

FIG. 4B illustrates an electrical arrangement suitable for 
use in charging a battery. DC IN 40 is buffered by capacitor 
bank 41 before entering into a step down transformer 43. Step 
down transformer 43 reduces the voltage so that the voltage 
can safely be introduced into battery 44 which is connected to 
ground 45 at the battery’s other pole. 


Those of ordinary skill in the art readily recognize a variety 
of batteries which will work in this capacity, including, but 
not limited to those described in: U.S. Pat. No. 7,378,181, 
entitled “Electric Storage Battery Construction and Manufac- 
ture” issued to Skinlo on May 27, 2008; U.S. Pat. No. 7,388, 
350, entitled “Battery with Electronic Compartment” issued 
to Wright on Jun. 17, 2008; U.S. Pat. No. 7,397,220, entitled 
“Connection Member and Battery Pack” issued to Uchida, et 
al. on Jul. 8, 2008; and, U.S. Pat. No. 7,375,492, entitled 
“Inductively Charged Battery Pack” issued to Calhoon, et al. 
on May 20, 2008; all of which are incorporated hereinto by 
reference. 


In FIG. 4C, DC IN 40 is fed into an adjustable rheostat 46 
which is controlled by the controller so that the DC OUT 47 
falls within a specified range. 


FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 


This type of conductive line is commonly called poly-wire 
and consists of multiple interwoven strands of plastic 50A 
and 50B woven into a cord or rope arrangement having inter- 
twined therein exposed metal wires 51A and 51B. While this 
illustration shows two plastic strands and two metal wires, 
any number of possible combinations is possible. 
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The exposed metal wires 51A and 51B attract the atmo- 
spheric static charge and transmit the charge down to the base 
unit (not shown). 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

This conductive line utilizes a tube 60 having an outer layer 
62 of PET Film (Biaxially-oriented polyethylene terephtalate 
polyester film) which provides exceptionally high tensile 
strength and is chemically and dimensionally stable. The tube 
has an ideal diameter of between two and three inches. 

An interior metal coating 61 provides an initial conduit for 
the flow of static charge. The static charge through the metal 
forces the tube to expand due to the repulsion experienced by 
like charges. Further, the flow of electricity causes the interior 
of the tube 60 to become ionized to provide an additional 
pathway for the atmospheric static charges to the base unit 
(not shown). 

Because outer layer 62 provides a gas barrier, the resulting 
ionization is not dissipated by air currents, thereby providing 
a highly stable pathway. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

In this embodiment, controller box 70, resting on insulat- 
ing pad 72, is in communication with the sensors as described 
above. Using the input from these sensors, when there is flow 
of electricity through the base unit, warning flashing light 71 
is illuminated. To electrically neutralize the mechanism, 
switch 73 is activated to pass any existing current into the 
ground 74. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 

Referencing FIG. 8A, enhanced electrical collection lead 
82 is a wire mesh which is in electrical communication with 
conductive line 81 and balloon 80. Because of the significant 
amount of metal exposed by enhanced electrical collection 
lead 82, more static electricity from the atmosphere is drawn 
to the collection lead 82, and then down conductive line 81 to 
the base unit (not shown). 

Conductive lead 82 is positioned proximate to balloon 80. 

In FIG. 8B, poly-wire 83 has enhanced electrical collection 
leads 84 wrapped therearound. Collection leads 84 have 
pointed ends 85A and 85B which have a propensity to attract 
more electricity than rounded ends do. 

It is clear from the foregoing that the present invention 
captures an entirely new source of electrical energy. 


What is claimed is: 

1. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon suspended in the atmosphere; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
lighter than air balloon, a portion of said conductive line 
collecting electricity in the atmosphere, said winch 
motor capable of selectively extending or withdrawing 
said conductive line from said spool; 

c) an insulator electrically isolating said conductive line 
from ground; 

d) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load being powered by collected electricity 
from said conductive line; 

e) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical flow 
indicia indicative of said electrical flow in said conduc- 
tor; and, 
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f) a controller receiving said electrical flow indicia and 
selectively operating said winch motor such that said 
electrical flow indicia remains within a selected operat- 
ing range. 

2. The mechanism to tap an electrical source according to 
claim 1, wherein said selected operating range is established 
by an operator. 

3. The mechanism to tap an electrical source according to 
claim 2, further including a warning light activated when said 
electrical flow indicia is non-zero. 

4. The mechanism to tap an electrical source according to 
claim 1, 

a) further including a lightning sensor generating a light- 
ning presence indicia indicative of lightning within a 
prescribed range, said presence indicia being communi- 
cated to said controller; and, 

b) wherein said control mechanism, in response to said 
lightning presence indicia, operates said winch motor to 
withdraw substantially all of said conductive line onto 
said spool. 

5. The mechanism to tap an electrical source according to 
claim 4, wherein said prescribed range is established by an 
operator. 

6. The mechanism to tap an electrical source according to 
claim 1, further including an electrical collection enhance- 
ment lead in electrical contact with a first end of said conduc- 
tive material, said electrical collection enhancement lead con- 
figured to attract static electricity. 

7. The mechanism to tap an electrical source according to 
claim 6, wherein said electrical collection enhancement lead 
is positioned proximate to said lighter than air balloon. 

8. The mechanism to tap an electrical source according to 
claim 7, wherein said electrical collection enhancement lead 
includes at least two pointed electrical conductors. 

9. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said con- 
ductive line from said winch motor. 

10. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said base 
unit from ground. 

11. A mechanism comprising: 

a) an airborne aircraft having a conductive line secured to 

a winch capable of extending or withdrawing said con- 
ductive line from a spool, when said airborne aircraft is 
aloft, said conductive line collecting electricity from the 
atmosphere; 

b) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load such that collected electricity from said 
conductive line powers said load; 
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c) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical flow 
indicia indicative of said electrical flow in said conduc- 
tor; and, 

d) a controller receiving said electrical flow indicia adjust- 
ing an altitude of said airborne aircraft via said winch 
such that said electrical flow indicia remains within a 
selected operating range. 

12. The mechanism to tap an electrical source according to 

claim 11, 

a) further including a lightning sensor communicating with 
said controller; and, 

b) wherein said controller, in response to selected signals 
from said lightning sensor withdraws substantially all of 
said conductive line. 

13. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon suspended in the atmosphere; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line suspended by said 
balloon, a portion of said conductive line collecting elec- 
tricity from the atmosphere, said winch motor capable of 
adjusting an altitude of said lighter than air balloon by 
selectively extending or withdrawing said conductive 
line from said spool; 

c) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load being powered by said collected elec- 
tricity from said conductive line; 

d) a sensor array having, 

1) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical 
flow indicia indicative of said electrical flow in said 
conductor, and, 

2) a lightning sensor monitoring existence of proximate 
lightning; and, 

e) a controller responsive to said electrical flow indicia 
from said sensor array to selectively operate said winch 
motor. 

14. The mechanism to tap an electrical source according to 

claim 13, 

a) further including a warning light; and, 

b) wherein said controller activates said warning light 
when said electrical flow in said conductor is non-zero. 

15. The mechanism to tap an electrical source according to 

claim 14, further including an electrical collection enhance- 
ment lead in electrical contact with said conductive material, 
said electrical collection enhancement lead configured to 
attract static electricity and positioned proximate to said 
lighter than air balloon. 
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A dynamic electrical converter system configured to receive a 
variable voltage input which is then converted to a proper 
electrical configuration for a load. The converter assembly 
utilized multiple converters, each of which is configured to 
accept a unique range of voltages and from these voltages 
creating the desired electrical output configuration. A moni- 
tor checks the incoming voltage and by controlling switches 
going to each of the converters, selectively closes the circuit 
to the appropriate converter; thereby, routing the incoming 
voltage to the converter capable of addressing the incoming 
voltage. 
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arrowhead? 
Answer 


The emitter 
5 It is also possible to make transistors 


with a PNP configuration, as shown in Figure 
3.6 

Figure 3.6 
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emitter 
Both NPN and PNP type transistors can be 
made from either silicon or germanium. 
Questions 
A. Draw a circuit symbol for both an NPN 
and a PNP transistor. (Use a separate sheet 
of paper for your drawings.) 
B. Which of the transistors represented by 
these symbols might be silicon? ———__ 
C. Are silicon and germanium ever combined 
in a transistor? 
Answers 
A. See Figure 3.7 
B. Either or both could be silicon. (Either or 
both could also be germanium.) 


C. Silicon and germanium are not mixed In 
any commercially avallable transistors. 
However, researchers are attempting to 
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DYNAMIC ELECTRICAL CONVERTER 
SYSTEM 


BACKGROUND OF THE INVENTION 


[0001] This is a continuation in part of U.S. patent applica- 
tion Ser. No. 12/218,297, filed on Jul. 14, 2008, and entitled, 
“Atmospheric Electrical Generator”. 

[0002] This invention relates to the production of electrical 
energy and more particularly to the a conversion system for 
variable electrical voltages. 

[0003] Everyone is familiar with Benjamin Franklin’s kite 
experiment of 1752. Using a kite whose string had become 
wet, negative charges from the passing clouds flowed into the 
string, down to the suspended key, and then into a Leyden jar 
via a thin metal wire. Franklin was protected by a dry silk 
string; but, when Franklin’s knuckle came too close to the key, 
he received a strong shock. Fortunately, Benjamin Franklin 
was not killed, others who tried this same experiment were 
not so lucky. 

[0004] Since then, the formation of lightning has remained 
something of a mystery. Lightning bolts are triggered when a 
negatively charged cloud base induces a positive charge from 
the ground, thereby forming a “pathway” for the discharge of 
the collected electrical energy. 

[0005] Lightning travels up to 60,000 miles per hour with a 
flash that is brighter than ten million 100-watt lightbulbs. This 
wattage is as much power as is produced by all of the elec- 
tricity plants in the United States and with a voltage of up to 
300 million volts. 

[0006] It is this very fact, the power within lightning is 
immense, that has prevented any successful collection of the 
electrical energy from lightning. The electricity in lightning is 
far too extreme for current technology to harness. 

[0007] While lightning has attracted a energy starved 
industrial world, no one has developed any technique to har- 
ness this naturally occurring electrical source. 

[0008] Itis clear there is a continuing need for an electrical 
source other than carbon-based fuels and that the naturally 
occurring electricity in the atmosphere is being ignored. 


SUMMARY OF THE INVENTION 


[0009] The invention is a mechanism which taps into the 
naturally occurring static electricity in the atmosphere. 
Whereas heretofore, the attempt to garner electricity from the 
atmosphere has focused exclusively on capturing lightning, 
the present invention syphons off the static electricity which 
is generated from any agitated air and voids lightning. 
[0010] Lightning is only the final discharge of the static 
electricity, whether that lightning is intra-cloud lightning, 
cloud-to-ground lightning, or inter-cloud lightning. Other 
types of final discharges are known as heat lightning, summer 
lightning, sheet lightning, ribbon lightning, silent lightning, 
ball lightning, bead lightning, elves, jets, and sprites. Well 
before these discharges are observed, as the atmosphere 
becomes agitated by wind or thermal, static electricity is 
being generated. 

[0011] The present invention recognizes that this static 
electricity is being formed and creates a mechanism to cap- 
ture it. 

[0012] The mechanism of this invention utilizes an aircraft 
such as a lighter than air balloon. While the preferred embodi- 
ment uses a foil balloon, a variety of other aircraft are obvious 
to those of ordinary skill in the art, including, but not limited 
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to: gliders, rubber balloons (such as weather balloons), biaxi- 
ally-oriented polyethylene terephthalate polyester film bal- 
loons, and latex balloons. 


[0013] Within this discussion, the balloon is referenced, 
but, the invention is not intended to be limited solely to 
balloons. 


[0014] The balloon is sent aloft and is tethered by a con- 
ductive line. In this context, the conductive line may be any 
obvious to those of ordinary skill in the art. For the preferred 
embodiment, the conductive line is a generically referred to as 
a “poly-rope” and 1s commercially available through a variety 
of sources. A suitable conductive line is described in U.S. Pat. 
No. 5,203,542, entitled “Apparatus for Improved Electric 
Fence Wire Construction for use with Intensive Grazing” 
issued Apr. 20, 1993, to Coley, et al. and incorporated hereinto 
by reference. 


[0015] The conductive line is played out of a winch to 
control the altitude of the balloon. The motor controlling the 
winch is able to reverse direction to both extend and withdraw 
the conductive line which is wrapped around a spool on the 
winch. The winch/spool combination are part of a base unit. 


[0016] In some embodiments of the invention, the spool is 
constructed of rubber so as to insulate the conductive line 
from the winch assembly. In this embodiment, only the con- 
ductive line is charged by the atmospheric static electricity 
while the winch remains neutral. 


[0017] In yet another embodiment, the winch/spool are part 
of a base unit which is itself isolated from the ground by an 
insulator. In this embodiment, the entire base unit is charged 
by the atmospheric static electricity. 


[0018] A conductor, such as an insulated wire, is electri- 
cally connected to the conductive line. In one embodiment, 
where the conductive line is electrically isolated from the 
spool and winch motor, the conductor is connected to the 
conductive line. In the embodiment where the conductive line 
is electrically connected to the base unit, then the conductor is 
connected anywhere on a metalic base unit. 


[0019] The other end of the conductor is connected to a 
load. The load in this case can be any of a variety of electrical 
loads well known to those of ordinary skill in art, including, 
but not limited to a motor, a battery system, or the electrical 
grid for the system. 


[0020] Inthe preferred embodiment, a sensor array is used 
to monitor the activities both at the base unit (such as electri- 
cal flow within the conductor) and in the surrounding locale. 


[0021] A sensor monitoring the electrical flow (i.e. voltage 
and/or current) within the conductor is used to monitor the 
electrical activity within the conductor. 


[0022] In the preferred embodiment, a lightning sensor 
monitors for lightning activity within the locale. As noted 
earlier, the electrical characteristic of lightning is so extreme 
that ideally this discharge is avoided as it might damage the 
mechanism of this invention. 


[0023] The sensor array is utilized by a controller, such as 
microprocessor, programmed to operate the mechanism as 
outlined herein. 


[0024] The controller operates the winch motor to extend or 
withdraw the conductive line and by extension the altitude of 
the balloon. The controller is programmed to operate the 
winch by monitoring the electrical characteristics of the con- 
ductor and adjusting the balloon’s altitude to maintain these 
characteristics within the conductor within a preset range. 
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[0025] This preset range is established either in the base 
programming of the controller or is established by an operator 
of the system. 

[0026] As example, by controlling the amount of current 
being withdrawn from the atmosphere, the mechanism oper- 
ates within a safe range and also provides a relatively stable 
current flow from which a variety of activities can take place 
(such as DC-AC conversion). 

[0027] The controller also utilizes the lightning sensor to 
protect the mechanism from a lightning strike. Should light- 
ning be detected within a pre-determined range (as estab- 
lished by the software or defined by an operator), then the 
balloon is pulled down to minimize the risk of damage from 
a lightning strike. 

[0028] Another aspect of the invention relates to the elec- 
trical system which accepts the fluctuating atmospheric 
charge and changes it into an acceptable configuration for 
either the desired load or for the existing power grid. 

[0029] Power grids in the United States operate with a 
frequency of 60 hertz in an alternating current arrangement. 
While this basic configuration seems to be universally 
accepted, the voltage within the grid varies dramatically, such 
as 15 kv, 34 kv, 69 kv, and even 112 kv. 

[0030] Each atmospheric generator is placed proximate to 
or within easy access to a specific grid; this establishes the 
required electrical output configuration (i.e. that which is 
accepted by the power grid). As example, one of the atmo- 
spheric electrical collector units as described above collects 
the atmospheric electrical power as direct current and then 
supplies the appropriate power grid a specific flow (as 
example, AC, 60 hertz, at 69 kv). 

[0031] The difficulty lies the fact that the DC current being 
garnered from the atmosphere varies depending on the actual 
agitation being generated in the atmosphere. This means that 
the source of DC current is fluctuating. 

[0032] The present invention uses a monitoring system 
which checks the input DC voltage. Depending on the actual 
voltage being received, the appropriate converter is con- 
nected to the input DC voltage so that the desired output is 
obtained. 

[0033] As example, suppose the DC input voltage is 1500 
volts, the monitoring system, sensing this input, closes the 
switch connecting the DC voltage to a converter which 
accepts DC voltage in the range of 1000-2000 volts which 
then delivers an AC, 60 hertz 69 kv signal to the power grid. 
If the DC input voltage increases to 2100 volts, then the 
monitoring system opens the switch to the first converter 
(1000-2000 volts) and closes the switch to a second converter 
(such as 2000-4000 volts) to deliver the desired output of AC 
(60 hertz, 69 kv) for the power grid. 

[0034] In this manner, regardless of the fluctuating input 
DC voltage, the electrical grid is supplied with a fully con- 
figured electrical input conforming to the needs of that spe- 
cific electrical grid. 

[0035] Another aspect of the present invention is the use of 
a tower or permanent structure instead of an aircraft. In this 
embodiment, the building or tower is electrically isolated 
from the ground and a rod (similar to a lightning rod) is 
extended into the atmosphere. The rod collects the atmo- 
spheric charge which is conveyed via an electrical conduit 
(ideally insulated) where the collected DC charge is recon- 
figured to meets the need of the locale. 

[0036] Inthis context, for one embodiment of the invention, 
a tower is placed onto the top of a building. The tower is 
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electrically isolated from the building using such mecha- 
nisms well known to those of ordinary skill in the art such as 
rubber mats. A rod ideally extends from the top of the tower 
to facilitate the collection of the DC electrical energy. 
[0037] A converter mechanism such as described above, is 
connected to the tower to flow the DC electricity to a con- 
verter which modifies the DC current for the specific appli- 
cation. In one application, the DC current is converted to the 
electrical needs of the building, thereby providing at least 
some of the electrical requirements of the building itself. 
[0038] As noted earlier, the dynamic converter system of 
the present invention allows a power generator to address a 
variable voltage in an efficient manner. This makes the 
dynamic converter system ideal for a variety of alternative 
energy sources such as the above described atmospheric elec- 
trical generator and other alternative energy sources such as 
wind and wave powered systems. In these systems, the energy 
being generated must be converted to a proper electrical con- 
figuration for a identified load. This may bea particular motor 
or connection to the power grid which act as a load to the 
power generating mechanism. 

[0039] For these energy generating systems, the converter 
assembly of this invention utilizes multiple converters. Each 
converter is configured to accept a unique range of voltages 
and from these voltages, create the desired electrical configu- 
ration. By using multiple converters, a full range 1s available, 
from a minimum voltage input to a maximum voltage input. 
[0040] As example, suppose the output voltage needs to be 
55 kv AC, but the input voltage usually ranges from 20 kv DC 
to 100 kv DC. By using four different converts, this 80 kv DC 
range 1s broken into: 

[0041] 1) converter A accepting 20 kv DC to 40 kv DC and 
converting it to 55 kv AC; 

[0042] 2) converter B accepting 40 kv DC to 60 kv DC and 
converting it to 55 kv AC; 

[0043] 3) converter C accepting 60 kv DC to 80 kv DC and 
converting it to 55 kv AC; and, 

[0044] 4)converter A accepting 80 kv DC to 100 kv DC and 
converting it to 55 kv AC. 

[0045] Those of ordinary skill in the art readily recognize a 
variety of other arrangement. 

[0046] A monitor checks the incoming voltage recognizes 
this voltage as being addressed by a particular converter, and, 
by controlling switches going to each of the converters directs 
the input voltage appropriately. Carrying on with the above 
example, assume the monitor determines that the incoming 
voltage is 56 kv DC, then converter B is activated by selec- 
tively closing the switch associated with converter B and 
keeping the switches for the other converters open. 

[0047] In this manner, only the appropriate converter is 
used for whatever the incoming voltage is. 

[0048] For the situation of wind power, this permits the 
wind power generator to operate even in “light” winds and 
“heavy” winds when the amount of electricity being gener- 
ated varies significantly from the desired levels. With the 
increased operating capability, the wind power generator is 
able to provide a much larger overall energy flow. 

[0049] The invention, together with various embodiments 
thereof will be more fully explained by the following descrip- 
tion of the accompanying drawings. 


DRAWINGS IN BRIEF 


[0050] FIG. 1 diagrams the preferred embodiment of the 
invention. 
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[0051] FIG. 2 illustrates the collection of the negative 
charged particles in the atmosphere. 

[0052] FIG. 3 is a flow-chart of the operation of the con- 
troller for the preferred embodiment of the invention. 

[0053] FIGS. 4A, 4B, and 4C are electrical schematics for 
handling the static charge from the atmosphere. 

[0054] FIG. 5 illustrates a conductive line used in the pre- 
ferred embodiment of the invention. 

[0055] FIGS. 6A and 6B illustrate an alternative conductive 
line creating an ionized pathway for the flow of the static 
charges from the atmosphere. 

[0056] FIG. 7 illustrates the controller of an alternative 
embodiment and the associated safety devices. 

[0057] FIGS. 8A and 8B illustrate two embodiments of 
enhanced electrical collection leads. 

[0058] FIG. 9 diagrams the electrical converter system 
being employed on a stationary structure and the dynamic 
converter system. 


DRAWINGS IN DETAIL 
[0059] FIG. 1 diagrams the preferred embodiment of the 
invention. 
[0060] Balloon 10 is an aircraft which, in this illustration, is 


a lighter than air balloon. Wings 10A, extending from the 
body of balloon 10, provide additional lift in air flow 18. Tail 
10B helps to stabilize balloon 10. 

[0061] Balloon 10 is tethered to the ground via conductive 
line 12. As noted earlier, a variety of configurations and 
materials are available to serve as conductive line 12. In this 
illustration, a poly-wire is used. Poly-wire is commercially 
available through a variety of vendors, including, but not 
limited to: Jeffers Livestock and Sareba Systems, Inc. of 
Ellendale, Minn. 

[0062] In this embodiment, located proximate to balloon 
10, is an electrical collection enhancement lead 11 which 
assists in the collection of the static electrical charge in the 
atmosphere. Electrical collection enhancement lead 11 is 
configured to attract the static charge and conduct the charge 
into the conductive line 12. 

[0063] The electricity flows down the conductive line into 
spool 13, where the conductive line 12 is collected and either 
withdrawn or dispensed through operation of winch motor 
14. 

[0064] Winch motor 14 and spool 13 are mounted onto base 
unit 16 which is electrically isolated from ground 7 using 
insulator 17. Note, in this embodiment of the invention, when 
electricity is being collected from the atmosphere, the entire 
base unit 16 becomes charged. In another embodiment of the 
invention, spool 13 is constructed of rubber, thereby prevent- 
ing base unit 16 from becoming charged, thereby restricting 
the charging from the atmosphere to only conductive line 12. 
[0065] In this embodiment, conductor 6 is connected to 
base unit 16 (since the entire base unit 16 is charged and the 
base unit is metalic) to communicate the electrical current to 
load 5. Conductor 6 is ideally an insulated wire. 

[0066] The electrical current through conductor 6 is mea- 
sured using sensor 8. 

[0067] In the alternative embodiment discussed above, 
where only the conductive line 12 is charged, then conductor 
6 is connected to conductive line 12. 

[0068] Controller 15, located in this embodiment on base 
unit 16, operates winch motor 14 in response to signals from 
sensor 8 (measuring the current being discharged to load 5) to 
maintain the current flow within a pre-defined range. As the 
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current flow diminishes, then the conductive line 12 extended 
from spool 13 to increase the altitude of balloon 10 to that 
more static charge from the atmosphere is gathered; as the 
current flow falls exceeds a preset level, conductive line 12 is 
withdrawn onto spool 13 to decrease the static charge being 
collected from the atmosphere. 

[0069] The range of current flow through conductor 6 is 
ideally set by the program, although some embodiments of 
the invention permit an operator to establish this range of 
operation. 

[0070] Inanalternative embodiment, the sensor monitoring 
conductor 6 monitors the voltage therein. 

[0071] Inthe preferred embodiment of the invention, con- 
troller 15 is also equipped with a lightning sensor 19. In this 
embodiment, when lightning is sensed within a preset range, 
then substantially all of conductive line 12 1s wound onto 
spool 13 to pull balloon 10 near the ground and protect the 
entire mechanism from being damaged from a lightning dis- 
charge. 

[0072] In the preferred embodiment, the “safe” distance 
form lightning is set in the programming of controller 15 and 
is ideally two miles; other embodiments permit the operator 
to “safe” distance. 

[0073] There are a variety of lightning sensors well known 
to those of ordinary skill in the art, including, but not limited 
to those described in: U.S. Pat. No. 7,016,785, entitled 
“Lightning Detection” issued to Makela, et al. on Mar. 21, 
2006; U.S. Pat. No. 6,829,911, entitled “Lightning Detection 
and Prediction Alarm Device” issued to Jones, et al. on Dec. 
7, 2004; U.S. Pat. No. 7,200,418, entitled “Detection of 
Lightning” issued to Karikuranta, et al. on Apr. 3, 2007; and 
USS. Pat. No. 6,961,662, entitled “Systems and Methods for 
Spectral Corrected Lightning Detection” issued to Murphy 
on Nov. 1, 2005; all of which are incorporated hereinto by 
reference. 

[0074] In another embodiment of the invention, controller 
15 is not located on base unit 16, rather it is remote and 
communicates its control signals to winch motor 14 using 
radio waves. 

[0075] FIG. 2 illustrates the collection of the negative 
charged particles in the atmosphere. 

[0076] Static charges 23 are generated in the atmosphere by 
agitated air. These static charges are often collected at the 
bottom of clouds, but exist in other environments as well. 
[0077] Balloon 21 is extended into this strata of static 
charges 23 which are then attracted to conductive line 12 to 
flow to base unit 22 and then onto load 5. 

[0078] By increasing or decreasing the altitude of balloon 
21 (defined by the length of the extended conductive line 12), 
conductive line 12 is selectively exposed to varying densities 
and levels of the static charge strata, and by extension, the 
current flow or voltage is increased or decreased. 

[0079] FIG. 3 is a flow-chart of the operation of the con- 
troller for the preferred embodiment of the invention. 

[0080] Once the program starts 30, the lightning sensor is 
checked to determine if lightning has occurred within the 
unsafe range 31A, if it has, then the balloon is lowered 32A, 
and the program continues monitoring the status of lightning 
until no lightning is detected. 

[0081] When the lightning status is acceptable, then the 
current within the conductor is checked to see if the current is 
within the prescribed range 31B. If the current is acceptable 
(within range) the program returns to check the lightning 
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status 31A; otherwise a determination is made to see if the 
current is above the prescribed range 31C. 

[0082] Ifthe current is above the prescribed range, then the 
altitude of the balloon is withdrawn a set amount 32B (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

[0083] Ifthe current is below the prescribed range, then the 
altitude of the balloon is extended a set amount 32C (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

[0084] In this manner of feed-back and minor adjustments 
in the altitude of the balloon, the current is maintained within 
a prescribed range which can be handled by the downstream 
electrical system. 

[0085] As noted earlier, some embodiments of the inven- 
tion monitor the voltage instead of the current. 

[0086] FIGS. 4A, 4B, and 4C are electrical schematics for 
handling the static charge from the atmosphere. 

[0087] By maintaining the voltage being collected in a pre- 
scribed range, an electrical conversion system is easily 
designed. While FIGS. 4A, 4B, and 4C illustrate some elec- 
trical configurations, those of ordinary skill in the art readily 
recognize a variety of other configurations which will serve 
the same function. 

[0088] Referencing FIG. 4A, Direct Current In (DC IN) 40 
is buffered by a gang of capacitors 41 before being commu- 
nicated to a DC/AC converter 42. The DC/AC converter con- 
verts the direct current into a an alternating current suitable 
for placement over an existing electrical grid 43 such as 
normally found from a power-plant. 

[0089] Those of ordinary skill in the art readily recognize a 
variety of DC/AC converters, including, but not limited to: 
U.S. Pat. No. 7,394,671, entitled “Controller IC, DC-AC 
Conversion Apparatus, and parallel running system of DC- 
AC Conversion Apparatuses” issued to Fukumoto, et al. on 
Jul. 1, 2008; and, U.S. Pat. No. 7,330,366, entitled “DC-AC 
Converter” issued to Lee, et al. on Feb. 12, 2008; all of which 
are incorporated hereinto by reference. 

[0090] FIG. 4B illustrates an electrical arrangement suit- 
able for use in charging a battery. DC IN 40 is buffered by 
capacitor bank 41 before entering into a step down trans- 
former 43. Step down transformer 43 reduces the voltage so 
that the voltage can safely be introduced into battery 44 which 
is connected to ground 45 at the battery’s other pole. 

[0091] Those of ordinary skill in the art readily recognize a 
variety of batteries which will work in this capacity, includ- 
ing, but not limited to those described in: U.S. Pat. No. 7,378, 
181, entitled “Electric Storage Battery Construction and 
Manufacture” issued to Skinlo on May 27, 2008; U.S. Pat. 
No. 7,388,350, entitled “Battery with Electronic Compart- 
ment” issued to Wright on Jun. 17, 2008; U.S. Pat. No. 7,397, 
220, entitled “Connection Member and Battery Pack” issued 
to Uchida, et al. on Jul. 8, 2008; and, U.S. Pat. No. 7,375,492, 
entitled “Inductively Charged Battery Pack” issued to Cal- 
hoon, et al. on May 20, 2008; all of which are incorporated 
hereinto by reference. 

[0092] In FIG. 4C, DC IN 40 is fed into an adjustable 
rheostat 46 which is controlled by the controller so that the 
DC OUT 47 falls within a specified range. 

[0093] FIG. 5 illustrates a conductive line used in the pre- 
ferred embodiment of the invention. 

[0094] This type of conductive line is commonly called 
poly-wire and consists of multiple interwoven strands of plas- 
tic 50A and 50B woven into a cord or rope arrangement 
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having intertwined therein exposed metal wires 51A and 51B. 
While this illustration shows two plastic strands and two 
metal wires, any number of possible combinations is pos- 
sible. 


[0095] The exposed metal wires 51A and 51B attract the 
atmospheric static charge and transmit the charge down to the 
base unit (not shown). 


[0096] FIGS. 6A and 6B illustrate an alternative conductive 
line creating an ionized pathway for the flow of the static 
charges from the atmosphere. 


[0097] This conductive line utilizes a tube 60 having an 
outer layer 62 of PET Film (Biaxially-oriented polyethylene 
terephtalate polyester film) which provides exceptionally 
high tensile strength and is chemically and dimensionally 
stable. The tube has an ideal diameter of between two and 
three inches. 


[0098] An interior metal coating 61 provides an initial con- 
duit for the flow of static charge. The static charge through the 
metal forces the tube to expand due to the repulsion experi- 
enced by like charges. Further, the flow of electricity causes 
the interior of the tube 60 to become ionized to provide an 
additional pathway for the atmospheric static charges to the 
base unit (not shown). 


[0099] Because outer layer 62 provides a gas barrier, the 
resulting ionization is not dissipated by air currents, thereby 
providing a highly stable pathway. 

[0100] FIG. 7 illustrates the controller of an alternative 
embodiment and the associated safety devices. 


[0101] In this embodiment, controller box 70, resting on 
insulating pad 72, is in communication with the sensors as 
described above. Using the input from these sensors, when 
there is flow of electricity through the base unit, warning 
flashing light 71 1s illuminated. To electrically neutralize the 
mechanism, switch 73 is activated to pass any existing current 
into the ground 74. 


[0102] FIGS. 8A and 8B illustrate two embodiments of 
enhanced electrical collection leads. 


[0103] Referencing FIG. 8A, enhanced electrical collec- 
tion lead 82 is a wire mesh which is in electrical communi- 
cation with conductive line 81 and balloon 80. Because of the 
significant amount of metal exposed by enhanced electrical 
collection lead 82, more static electricity from the atmosphere 
is drawn to the collection lead 82, and then down conductive 
line 81 to the base unit (not shown). 


[0104] Conductive lead 82 is positioned proximate to bal- 
loon 80. 
[0105] In FIG. 4B, poly-wire 83 has enhanced electrical 


collection leads 84 wrapped therearound. Collection leads 84 
have pointed ends 85A and 85B which have a propensity to 
attract more electricity than rounded ends do. 


[0106] FIG. 9 diagrams the electrical converter system 
being employed on a stationary structure and the dynamic 
converter system. 


[0107] This illustration uses a structure for the collection of 
the atmospheric energy. The circuit described in this illustra- 
tion is not to be construed only to this energy collection 
mechanism, but, is adapted work with any number of energy 
collection/generation mechanisms, including, but not limited 
to: solar collectors; wind power generators; wave motion 
power generators; and, the atmospheric energy collection 
mechanisms described herein. 
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[0108] The structure of this embodiment is tower 90 which 
is electrically isolated from the ground via insulators 91A and 
91B. In this manner, any atmospheric energy collected is 
maintained within tower 90. 

[0109] Conduit 90 contains antenna 93 which is moved 
up/down as illustrated by arrow 95 by motor 94. Motor 94 is 
controlled by monitor/computer 102 based upon the electrical 
energy being collected by antenna 93 and communicated via 
insulated conductor 96, monitored by sensor 101. 

[0110] The collected energy is communicated to a bank of 
switches (97A, 97B, 97C, through 97N, N being any number 
of switches). In this manner, each switch receives the electri- 
cal energy being gathered by antenna 93. As noted earlier, this 
electrical energy varies depending on the ambient conditions. 
[0111] Each switch addresses a single converter. As illus- 
trated, switch 97A, when closed, communicates the electrical 
energy to converter 98A; switch 97B to converter 98B; switch 
97C to converter 98C; and so on until switch 97N to converter 
98N. 

[0112] Each converter is designed to accept a range of 
electrical input and generate a uniform electrical configura- 
tion to load 100A. 

[0113] Monitor/computer 102 monitors the varying electri- 
cal input from antenna 93 via sensor 101. Based upon the 
electrical input, monitor/computer 102 closes a selected one 
of the switches (and opens all of the rest) so that the voltage 
being received is directed to the converter designed to handle 
that voltage. 

[0114] In some situations, the voltage is so large that (or 
during emergency) that emergency switch 99 must be closed 
to direct the voltage to an artificial load or ground either 
during the switching of switches 97A-97N or to “shut down” 
the system for repairs/maintenance or if lightning is sensed 
within a “dangerous” range of tower 90. 

[0115] In this context, an artificial load is anything that 
expends the incoming energy, such as lifting a weight to let it 
fall once switch 99 is opened, or pumping water out of and 
then into the same reservoir. 

[0116] Itis clear from the foregoing that the present inven- 
tion captures an entirely new source of electrical energy. 


What is claimed is: 

1. An electrical converter system comprising: 

a) N converters, each converter configured to accept a 
unique range of voltages and producing a uniform elec- 
trical output; 

b) N switches, each switch receiving an input voltage and 
connected to one of said N converters; and, 

c) a monitor having, 

1) a sensor identifying a level of the input voltage, and, 
2) in response to said level of the input voltage, selec- 
tively closing one of said N switches. 

2. The electrical converter system according to claim 1, 

a) further including a load; 

b) a load switch connecting said input voltage to said load; 
and, 

c) wherein said monitor closes said load switch prior to 
closing one of said N switches. 

3. The electrical converter system according to claim 2, 

wherein said load switch routes said input voltage to ground. 

4. The electrical converter system according to claim 2, 

wherein said monitor closes said load switch 1f said input 
voltage exceeds the unique ranges of voltages for all of said N 
converters. 
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5. The electrical converter system according to claim 2, 

a) further including a lighting sensor generating a signal 
indicative of a distance to a lightning activity; and, 

b) wherein said monitor closes said load switch when said 
signal indicative of a distance to a lightning activity 1s 
within a prescribed range. 

6. The electrical converter system according to claim 2, 
wherein said monitor opens said load switch after closing one 
of said N switches. 

7. The electrical converter system according to claim 1, 
wherein said input voltage is direct current. 

8. The electrical converter system according to claim 1, 
wherein said input voltage is alternating current. 

9. An electrical system comprising: 

a) a power generating mechanism generating a variable 

voltage; and, 

b) a power grid electrically connected to consumers of 
electricity, said power grid operating at a uniform elec- 
trical configuration; and, 

c) a conversion system having, 

1) N converters, each converter configured to accept a 
unique range of voltages and producing said uniform 
electrical configuration to said power grid, 

2) N switches, each switch receiving the variable voltage 
and connected to one of said N converters, and, 

3) a monitor having a sensor identifying a level of the 
variable voltage, and, in response to said level of the 
variable voltage, selectively closing one of said N 
switches. 

10. The electrical system according to claim 9, wherein 
said variable voltage 1s direct current. 

11. The electrical system according to claim 10, wherein 
said power generating mechanism is reactive to atmospheric 
voltage. 

12. The electrical system according to claim 11, 

a) further including a lighting sensor generating a signal 

indicative of a distance to a lightning activity; and, 

b) wherein said monitor closes said artificial load switch 
when said signal indicative of a distance to a lightning 
activity is within a prescribed range. 

13. The electrical converter system according to claim 9, 

wherein said variable voltage is alternating current. 

14. The electrical system according to claim 13, wherein 
said power generating mechanism is reactive to wind power. 

15. An electrical converter system receiving a variable 
voltage input and connected to a load requiring a set electrical 
configuration, said system comprising: 

a) converter assembly having, 

1) N converters, each converter configured to accept a 
unique range of voltages and producing the set elec- 
trical configuration, and, 

2) N switches, each switch receiving the variable voltage 
input and connected to one of said N converters; 

b) a sensor identifying a level of the variable voltage input, 
and, 

c) a monitor, in response to said level of the input voltage, 
selectively closing one of said N switches. 

16. The system according to claim 15, further including, 

a) a load; and, 

b) a load switch connecting said variable voltage input to 
said load; and, 

c) wherein said monitor closes said load switch prior to 
closing one of said N switches. 

17. The system according to claim 16, wherein said load 

switch routes said variable voltage input to ground. 

18. The system according to claim 15, wherein said moni- 
tor closes said load switch 1f said variable voltage input 
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exceeds the unique range of voltages for all of said N con- 
verters. 
19. The system according to claim 16, 
a) further including a lighting sensor generating a signal 
indicative of a distance to a lightning activity; and, 
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b) wherein said monitor closes said load switch when said 
signal indicative of a distance to a lightning activity 1s 
within a prescribed range. 
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(57) ABSTRACT 


An antenna for the collection of atmospheric static electricity 
in which an electrically conductive hub is suspended from a 
balloon or blimp via a tether. The hub is either solid or uses a 
spoke/arm arrangement. A number of rods extend from the 
hub enhance the collection of atmospheric static electricity. 
The collected atmospheric electricity is conducted from the 
rods to an electrical connection where the electricity 1s con- 
ducted to earth via a conductive line. 
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develop ultra-fast transistors that contain both 
silicon and germanium. 
Figure 3.7 


WPN PN P 
6 Take a look at the simple examples 
using NPN transistors in this and the next few 


problems. 
If a battery is connected to an NPN 
transistor, as shown in Figure 3.8 , then a 


current will flow in the direction shown. 
Figure 3.8 


The current flowing through the 
base-emitter diode is called base current and 
iS represented by the symbol IB. 

Question 
Would base current flow if the battery were 


reversed? Give a reason for your answer. 
Answer 
Base current would not flow because the 


diode would be back-biased. 
7 In the circuit shown in Figure 3.9 , you 
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1 
ATMOSPHERIC STATIC ELECTRICITY 
COLLECTOR 


This is a continuation in part of U.S. patent application Ser. 
No. 12/218,297, filed on Jul. 14, 2008, now U.S. Pat. No. 
7,855,476 and entitled, “Atmospheric Electrical Generator”. 


BACKGROUND OF THE INVENTION 


This invention relates to the production of electrical energy 
and more particularly to the collection of static electricity 
from the atmosphere. 

Everyone is familiar with Benjamin Franklin’s kite experi- 
ment of 1752. Using a kite whose string had become wet, 
negative charges from the passing clouds flowed into the 
string, down to the suspended key, and then into a Leyden jar 
via a thin metal wire. Franklin was protected by a dry silk 
string; but, when Franklin’s knuckle came too close to the 
key, he received a strong shock. Fortunately, Benjamin Fran- 
klin was not killed, others who tried this same experiment 
were not so lucky. 

Since then, the formation of lightning has remained some- 
thing of a mystery. Lightning bolts are triggered when a 
negatively charged cloud base induces a positive charge from 
the ground, thereby forming a “pathway” for the discharge of 
the collected electrical energy. 

Lightning travels up to 60,000 miles per hour with a flash 
that is brighter than ten million 100-watt lightbulbs. This 
wattage is as much power as is produced by all of the elec- 
tricity plants in the United States and with a voltage of up to 
300 million volts. 

It is this very fact, the power within lightning is immense, 
that has prevented any successful collection of the electrical 
energy from lightning. The electricity 1n lightning is far too 
extreme for current technology to harness. 

While lightning has attracted a energy starved industrial 
world, no one has developed any technique to harness this 
naturally occurring electrical source. 

It is clear there is a continuing need for an electrical source 
other than carbon-based fuels and that the naturally occurring 
electricity in the atmosphere is being ignored. 


SUMMARY OF THE INVENTION 


The invention is a mechanism which taps into the naturally 
occurring static electricity in the atmosphere. Whereas here- 
tofore, the attempt to garner electricity from the atmosphere 
has focused exclusively on capturing lightning, the present 
invention syphons off the static electricity which is generated 
from any agitated air and voids lightning. 

Lightning is only the final discharge of the static electricity, 
whether that lightning is intra-cloud lightning, cloud-to- 
ground lightning, or inter-cloud lightning. Other types of final 
discharges are known as heat lightning, summer lightning, 
sheet lightning, ribbon lightning, silent lightning, ball light- 
ning, bead lightning, elves, jets, and sprites. Well before these 
discharges are observed, as the atmosphere becomes agitated 
by wind or thermal, static electricity is being generated. 

The present invention recognizes that this static electricity 
is being formed and creates a mechanism to capture it. 

The mechanism of this invention utilizes an aircraft such as 
a lighter than air balloon. While the preferred embodiment 
uses a foil balloon, a variety of other aircraft are obvious to 
those of ordinary skill in the art, including, but not limited to: 
gliders, rubber balloons (such as weather balloons), biaxially- 
oriented polyethylene terephthalate polyester film balloons, 
and latex balloons. 
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Within this discussion, the balloon is referenced, but, the 
invention is not intended to be limited solely to balloons. 

The balloon is sent aloft and is tethered by a conductive 
line. In this context, the conductive line may be any obvious 
to those of ordinary skill in the art. For the preferred embodi- 
ment, the conductive line is a generically referred to as a 
“poly-rope” and is commercially available through a variety 
of sources. A suitable conductive line is described in U.S. Pat. 
No. 5,203,542, entitled “Apparatus for Improved Electric 
Fence Wire Construction for use with Intensive Grazing” 
issued Apr. 20, 1993, to Coley, et al. and incorporated hereinto 
by reference. 

The conductive line is played out of a winch to control the 
altitude of the balloon. The motor controlling the winch is 
able to reverse direction to both extend and withdraw the 
conductive line which is wrapped around a spool on the 
winch. The winch/spool combination are part of a base unit. 

In some embodiments of the invention, the spool is con- 
structed of rubber so as to insulate the conductive line from 
the winch assembly. In this embodiment, only the conductive 
line is charged by the atmospheric static electricity while the 
winch remains neutral. 

In yet another embodiment, the winch/spool are part of a 
base unit which is itself isolated from the ground by an insu- 
lator. In this embodiment, the entire base unit is charged by 
the atmospheric static electricity. 

A conductor, such as an insulated wire, is electrically con- 
nected to the conductive line. In one embodiment, where the 
conductive line is electrically isolated from the spool and 
winch motor, the conductor is connected to the conductive 
line. In the embodiment where the conductive line is electri- 
cally connected to the base unit, then the conductor is con- 
nected anywhere on a metalic base unit. 

The other end of the conductor is connected to a load. The 
load in this case can be any ofa variety of electrical loads well 
known to those of ordinary skill in art, including, but not 
limited to a motor, a battery system, or the electrical grid for 
the system. 

In the preferred embodiment, a sensor array is used to 
monitor the activities both at the base unit (such as electrical 
flow within the conductor) and in the surrounding locale. 

A sensor monitoring the electrical flow (i.e. voltage and/or 
current) within the conductor is used to monitor the electrical 
activity within the conductor. 

In the preferred embodiment, a lightning sensor monitors 
for lightning activity within the locale. As noted earlier, the 
electrical characteristic of lightning is so extreme that ideally 
this discharge is avoided as it might damage the mechanism of 
this invention. 

The sensor array is utilized by a controller, such as micro- 
processor, programmed to operate the mechanism as outlined 
herein. 

The controller operates the winch motor to extend or with- 
draw the conductive line and by extension the altitude of the 
balloon. The controller is programmed to operate the winch 
by monitoring the electrical characteristics of the conductor 
and adjusting the balloon’s altitude to maintain these charac- 
teristics within the conductor within a preset range. 

This preset range is established either in the base program- 
ming of the controller or is established by an operator of the 
system. 

As example, by controlling the amount of current being 
withdrawn from the atmosphere, the mechanism operates 
within a safe range and also provides a relatively stable cur- 
rent flow from which a variety of activities can take place 
(such as DC-AC conversion). 
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The controller also utilizes the lightning sensor to protect 
the mechanism from a lightning strike. Should lightning be 
detected within a pre-determined range (as established by the 
software or defined by an operator), then the balloon is pulled 
down to minimize the risk of damage from a lightning strike. 

An aspect of the present invention 1s the use of an antenna 
which are used to collect the atmospheric static electricity. 
The antenna is shaped as a hub which is suspended from the 
blimp/balloon. The hub is ideally spoked shaped although an 
alternative embodiment uses a solid hub. 

A number of rods extend from the hub so as collect atmo- 
spheric static electricity These rods are ideally rounded at the 
ends to enhance the attraction of the atmospheric static elec- 
tricity. 

The collected atmospheric electricity is conducted from 
the rods to an electrical connection on the hub where the 
electricity is conducted to a power plant on earth such as 
described above. 

The invention, together with various embodiments thereof 
will be more fully explained by the following description of 
the accompanying drawings. 


DRAWINGS IN BRIEF 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 

FIG. 3 is a flow-chart of the operation of the controller for 
the preferred embodiment of the invention. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 

FIGS. 9A and 9B are side views and top views of an 
embodiment of the antenna used to collected atmospheric 
electricity. 

FIG. 10 is a top view of an alternative embodiment of the 
antenna of this invention. 

FIG. 11 is a side view of yet another alternative embodi- 
ment of the antenna used to collect atmospheric electricity. 

FIG. 12 is the preferred embodiment of the antenna of this 
invention. 


DRAWINGS IN DETAIL 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

Balloon 10 is an aircraft which, in this illustration, is a 
lighter than air balloon. Wings 10A, extending from the body 
of balloon 10, provide additional lift in air flow 18. Tail 10B 
helps to stabilize balloon 10. 

Balloon 10 is tethered to the ground via conductive line 12. 
As noted earlier, a variety of configurations and materials are 
available to serve as conductive line 12. In this illustration, a 
poly-wire is used. Poly-wire is commercially available 
through a variety of vendors, including, but not limited to: 
Jeffers Livestock and Sareba Systems, Inc. of Ellendale, 
Minn. 
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In this embodiment, located proximate to balloon 10, is an 
electrical collection enhancement lead 11 which assists in the 
collection of the static electrical charge in the atmosphere. 
Electrical collection enhancement lead 11 is configured to 
attract the static charge and conduct the charge into the con- 
ductive line 12. 

The electricity flows down the conductive line into spool 
13, where the conductive line 12 is collected and either with- 
drawn or dispensed through operation of winch motor 14. 

Winch motor 14 and spool 13 are mounted onto base unit 
16 which is electrically isolated from ground 7 using insulator 
17. Note, in this embodiment of the invention, when electric- 
ity is being collected from the atmosphere, the entire base unit 
16 becomes charged. In another embodiment ofthe invention, 
spool 13 is constructed of rubber, thereby preventing base 
unit 16 from becoming charged, thereby restricting the charg- 
ing from the atmosphere to only conductive line 12. 

In this embodiment, conductor 6 is connected to base unit 
16 (since the entire base unit 16 is charged and the base unit 
is metalic) to communicate the electrical current to load 5. 
Conductor 6 is ideally an insulated wire. 

The electrical current through conductor 6 is measured 
using sensor 8. 

In the alternative embodiment discussed above, where only 
the conductive line 12 is charged, then conductor 6 is con- 
nected to conductive line 12. 

Controller 15, located in this embodiment on base unit 16, 
operates winch motor 14 in response to signals from sensor 8 
(measuring the current being discharged to load 5) to main- 
tain the current flow within a pre-defined range. As the current 
flow diminishes, then the conductive line 12 extended from 
spool 13 to increase the altitude of balloon 10 to that more 
static charge from the atmosphere is gathered; as the current 
flow falls exceeds a preset level, conductive line 12 is with- 
drawn onto spool 13 to decrease the static charge being col- 
lected from the atmosphere. 

The range of current flow through conductor 6 is ideally set 
by the program, although some embodiments of the invention 
permit an operator to establish this range of operation. 

In an alternative embodiment, the sensor monitoring con- 
ductor 6 monitors the voltage therein. 

In the preferred embodiment of the invention, controller 15 
is also equipped with a lightning sensor 19. In this embodi- 
ment, when lightning is sensed within a preset range, then 
substantially all of conductive line 12 is wound onto spool 13 
to pull balloon 10 near the ground and protect the entire 
mechanism from being damaged from a lightning discharge. 

In the preferred embodiment, the “safe” distance form 
lightning is set in the programming of controller 15 and is 
ideally two miles; other embodiments permit the operator to 
“safe” distance. 

There are a variety of lightning sensors well known to those 
of ordinary skill in the art, including, but not limited to those 
described in: U.S. Pat. No. 7,016,785, entitled “Lightning 
Detection” issued to Makela, et al. on Mac. 21, 2006; U.S. 
Pat. No. 6,829,911, entitled “Lightning Detection and Predic- 
tion Alarm Device” issued to Jones, et al. on Dec. 7, 2004; 
U.S. Pat. No. 7,200,418, entitled “Detection of Lightning” 
issued to Karikuranta, et al. on Apr. 3, 2007; and U.S. Pat. No. 
6,961,662, entitled “Systems and Methods for Spectral Cor- 
rected Lightning Detection” issued to Murphy on Nov. 1, 
2005; all of which are incorporated hereinto by reference. 

In another embodiment of the invention, controller 15 is 
not located on base unit 16, rather it is remote and commu- 
nicates its control signals to winch motor 14 using radio 
waves. 
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FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 

Static charges 23 are generated in the atmosphere by agi- 
tated air. These static charges are often collected at the bottom 
of clouds, but exist in other environments as well. 

Balloon 21 is extended into this strata of static charges 23 
which are then attracted to conductive line 12 to flow to base 
unit 22 and then onto load 5. 

By increasing or decreasing the altitude of balloon 21 
(defined by the length of the extended conductive line 12), 
conductive line 12 is selectively exposed to varying densities 
and levels of the static charge strata, and by extension, the 
current flow or voltage is increased or decreased. 

FIG. 3 is a flowchart of the operation of the controller for 
the preferred embodiment of the invention. 

Once the program starts 30, the lightning sensor 1s checked 
to determine if lightning has occurred within the unsafe range 
31A, if it has, then the balloon is lowered 32A, and the 
program continues monitoring the status of lightning until no 
lightning is detected. 

When the lightning status is acceptable, then the current 
within the conductor is checked to see if the current is within 
the prescribed range 31B. If the current is acceptable (within 
range) the program returns to check the lightning status 31A; 
otherwise a determination is made to see if the current is 
above the prescribed range 31C. 

If the current is above the prescribed range, then the alti- 
tude of the balloon is withdrawn a set amount 32B (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

If the current is below the prescribed range, then the alti- 
tude of the balloon is extended a set amount 32C (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

In this manner of feed-back and minor adjustments in the 
altitude of the balloon, the current is maintained within a 
prescribed range which can be handled by the downstream 
electrical system. 

As noted earlier, some embodiments of the invention moni- 
tor the voltage instead of the current. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

By maintaining the voltage being collected in a prescribed 
range, an electrical conversion system is easily designed. 
While FIGS. 4A, 4B, and 4C illustrate some electrical con- 
figurations, those of ordinary skill in the art readily recognize 
a variety of other configurations which will serve the same 
function. 

Referencing FIG. 4A, Direct Current In (DC IN) 40 is 
buffered by a gang of capacitors 41 before being communi- 
cated to a DC/AC converter 42. The DC/AC converter con- 
verts the direct current into a an alternating current suitable 
for placement over an existing electrical grid 43 such as 
normally found from a power-plant. 

Those of ordinary skill in the art readily recognize a variety 
of DC/AC converters, including, but not limited to: U.S. Pat. 
No. 7,394,671, entitled “Controller IC, DC-AC Conversion 
Apparatus, and parallel running system of DC-AC Conver- 
sion Apparatuses” issued to Fukumoto, et al. on Jul. 1, 2008; 
and, U.S. Pat. No. 7,330,366, entitled “DC-AC Converter” 
issued to Lee, et al. on Feb. 12, 2008; all of which are incor- 
porated hereinto by reference. 

FIG. 4B illustrates an electrical arrangement suitable for 
use in charging a battery. DC IN 40 is buffered by capacitor 
bank 41 before entering into a step down transformer 43. Step 
down transformer 43 reduces the voltage so that the voltage 
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can safely be introduced into battery 44 which 1s connected to 
ground 45 at the battery’s other pole. 

Those of ordinary skill in the art readily recognize a variety 
of batteries which will work in this capacity, including, but 
not limited to those described in: U.S. Pat. No. 7,378,181, 
entitled “Electric Storage Battery Construction and Manufac- 
ture” issued to Skinlo on May 27, 2008; U.S. Pat. No. 7,388, 
350, entitled “Battery with Electronic Compartment” issued 
to Wright on Jun. 17, 2008; U.S. Pat. No. 7,397,220, entitled 
“Connection Member and Battery Pack” issued to Uchida, et 
al. on Jul. 8, 2008; and, U.S. Pat. No. 7,375,492, entitled 
“Inductively Charged Battery Pack” issued to Calhoon, et al. 
on May 20, 2008; all of which are incorporated hereinto by 
reference. 

In FIG. 4C, DC IN 40 is fed into an adjustable rheostat 46 
which is controlled by the controller so that the DC OUT 47 
falls within a specified range. 

FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 

This type of conductive line is commonly called poly-wire 
and consists of multiple interwoven strands of plastic 50A 
and 50B woven into a cord or rope arrangement having inter- 
twined therein exposed metal wires 51A and 51B. While this 
illustration shows two plastic strands and two metal wires, 
any number of possible combinations is possible. 

The exposed metal wires 51A and 51B attract the atmo- 
spheric static charge and transmit the charge down to the base 
unit (not shown). 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

This conductive line utilizes a tube 60 having an outer layer 
62 of PET Film (Biaxially-oriented polyethylene terephtalate 
polyester film) which provides exceptionally high tensile 
strength and is chemically and dimensionally stable. The tube 
has an ideal diameter of between two and three inches. 

An interior metal coating 61 provides an initial conduit for 
the flow of static charge. The static charge through the metal 
forces the tube to expand due to the repulsion experienced by 
like charges. Further, the flow of electricity causes the interior 
of the tube 60 to become ionized to provide an additional 
pathway for the atmospheric static charges to the base unit 
(not shown). 

Because outer layer 62 provides a gas barrier, the resulting 
ionization 1s not dissipated by air currents, thereby providing 
a highly stable pathway. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

In this embodiment, controller box 70, resting on insulat- 
ing pad 72, is in communication with the sensors as described 
above. Using the input from these sensors, when there is flow 
of electricity through the base unit, warning flashing light 71 
is illuminated. To electrically neutralize the mechanism, 
switch 73 is activated to pass any existing current into the 
ground 74. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 

Referencing FIG. 8A, enhanced electrical collection lead 
82 is a wire mesh which is in electrical communication with 
conductive line 81 and balloon 80. Because of the significant 
amount of metal exposed by enhanced electrical collection 
lead 82, more static electricity from the atmosphere is drawn 
to the collection lead 82, and then down conductive line 81 to 
the base unit (not shown). 

Conductive lead 82 is positioned proximate to balloon 80. 

In FIG. 8B, poly-wire 83 has enhanced electrical collection 
leads 84 wrapped therearound. Collection leads 84 have 


can calculate the base current using the 
techniques covered in Chapter 2, “The Diode.” 
Figure 3.9 


Question 

Find the base current in the circuit shown In 
Figure 3.9 . ( Hint: Do not ignore the  0.7-volt 
drop across the base-emitter diode.) 


IB = č — č 
Answer 
Your calculations should look something like 
this: 
‘Ve 0.7 volt 3 0.7 2.3 volts 
La? : hess — Eo | =2.3mA 
R 1kQ 1kQ 
8 For the circuit shown in Figure 3.10 , 


because the 10 volts supplied by the battery 
is much greater than the 0O.7-volt diode drop, 
you can consider the base-emitter diode to 
be a perfect diode and thus assume the 
voltage drop is O volts. 

Figure 3.10 
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pointed ends 85A and 85B which have a propensity to attract 
more electricity than rounded ends do. 

FIGS. 9A and 9B are side views and top views of an 
embodiment of the antenna used to collected atmospheric 
electricity. 

Blimp 90 supports antenna 92 via tether 91 which is 
attached to antenna 92 by connection 94. In this embodiment, 
antenna 92 is made of electrically conductive material and is 
ideally light in weight to lessen the payload requirements on 
blimp 90. 

Encircling antenna 92 and extending therefrom are rods 93 
which are rounded at their distal ends so as to enhance attrac- 
tion of the atmospheric static electricity. The static electricity 
is communicated to connection 96 and then to electrical line 
95 which communicates the electricity to the ground based 
station (not shown) as described above. 

FIG. 10 is a top view of an alternative embodiment of the 
antenna of this invention. 

In this embodiment of the antenna a central hub 101 has the 
blimp connection 104 (capable of receiving the tether to the 
blimp) secured thereto. In this illustration, four arms 102A, 
102B, 102C, and 102D extend from hub 101. Hub 101, and 
arms 102A, 102B, 102C, and 102D are all electrically con- 
ductive in this embodiment. 

At the end of each arm are rods 103 which are used to 
enhance the collection of the atmospheric static electricity. 

Although this embodiment illustrates four arms, the inven- 
tion is not intended to be limited to four arms, rather, any 
number of arms may be used and the number of rods extend- 
ing from the distal ends of the arms also varies. 

FIG. 11 is a side view of yet another alternative embodi- 
ment of the antenna used to collect atmospheric electricity. 

In this embodiment, several tethers 112A, 112B, and 112C, 
are used to secure the antenna 113 to the blimp 111. This 
arrangement of several tethers provides heightened stability 
of the antenna by reducing the affects wind will have on the 
antenna. 

FIG. 12 is the preferred embodiment of the antenna of this 
invention. 

In this embodiment of the antenna, arms 122A, 122B, and 
122C extend from a central hum and are electrically con- 
nected to rim 124. Tether connectors 123A, 123B, and 123C, 
are used to secure the antenna to the blimp or balloon. 

Rods 125 extend from rim 124 to increase the collection of 
the static charges in the atmosphere. 

It is clear from the foregoing that the present invention 
captures an entirely new source of electrical energy. 


What is claimed is: 

1. A system for collection of atmospheric static electricity 

comprising: 
a balloon; 
a hub that is electrically conductive and connected to the 
balloon by a tether, the hub having: 
at least three electrically conductive arms, a first end of 
each of said conductive arms electrically connected to 
said hub; and 

a plurality of rods, a first end of each of said rods being 
electrically connected to a second end of at least one 
of said at least three arms; 

a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
hub, a portion of said conductive line and said hub col- 
lecting electricity in the atmosphere, said winch motor 
selectively extending or withdrawing said conductive 
line from said spool; 
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a conductor having a first end electrically connected to said 
conductive line and a second end electrically connected 
to a load being powered by collected electricity from 
said conductive line; 

an electrical flow sensor monitoring electrical flow through 
said conductor and generating an electrical flow indicia 
indicative of said electrical flow in said conductor; and 

a controller receiving said electrical flow indicia and selec- 
tively operating said winch motor such that said electri- 
cal flow indicia remains within a selected operating 
range. 

2. The system according to claim 1, wherein each of said 

plurality of rods has a rounded second end. 

3. The system according to claim 2, wherein at least two 
rods are attached to the second end of each of said at least 
three arms. 

4. The system according to claim 1, further comprising an 
electrically conductive rim connected to a second end of said 
electrically conductive arms. 

5. The system according to claim 4, wherein at least a 
portion of said plurality of electrically conductive arms are 
connected substantially at right angles to an exterior of said 
electrically conductive nm. 

6. A system for collection of atmospheric static electricity 
comprising: 

a radial arrangement of at least three electrically conduc- 

tive arms; 

a plurality of rods, each of said rods being electrically 
connected to at least one of said at least three arms; and 

a balloon tether connected between a balloon and said 
radial arrangement of at least three electrically conduc- 
tive arms; 

a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
radial arrangement of at least three electrically conduc- 
tive arms, a portion of said conductive line and said 
radial arrangement of at least three electrically conduc- 
tive arms collecting electricity in the atmosphere, said 
winch motor selectively extending or withdrawing said 
conductive line from said spool; 

a conductor having a first end electrically connected to said 
conductive line and a second end electrically connected 
to a load being powered by collected electricity from 
said conductive line; 

an electrical flow sensor monitoring electrical flow through 
said conductor and generating an electrical flow indicia 
indicative of said electrical flow in said conductor; and 

a controller receiving said electrical flow indicia and selec- 
tively operating said winch motor such that said electri- 
cal flow indicia remains within a selected operating 
range. 

7. The system according to claim 6, wherein each of said 
plurality of rods has a rounded end distal from said electri- 
cally conductive arm. 

8. The system according to claim 7, further including a 
balloon tether connection secured to the first end of said at 
least three arms. 

9. The system according to claim 8, further including an 
electrical connection secured to the first end of said at least 
three arms. 

10. The system according to claim 9, wherein said at least 
two rods attached to said at least three arms is five rods. 

11. The system according to claim 9, further including an 
electrically conductive rim connected to a second end of said 
electrically conductive arms. 
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12. The system according to claim 11, wherein said plural- 
ity of arms are electrically connected to said electrically con- 
ductive rim. 


13. The system according to claim 12, wherein at least a 
portion of said plurality of rods are connected to an exterior of 
said electrically conductive rim substantially at right angles 
thereto. 


14. A system for the collection of atmospheric static elec- 
tricity comprising: 
a generally circular electrically conductive body; 


a balloon tether connected to a first side of said generally 
circular electrically conductive body and to a balloon; 
and 


an electrical connection connected to a second side of said 
generally circular electrically conductive body; 


a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
electrical connection, a portion of said conductive line 
and said generally circular electrically conductive body 
collecting electricity in the atmosphere, said winch 
motor selectively extending or withdrawing said con- 
ductive line from said spool; 
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a conductor having a first end electrically connected to said 
conductive line and a second end electrically connected 
to a load being powered by collected electricity from 
said conductive line; 

an electrical flow sensor monitoring electrical flow through 
said conductor and generating an electrical flow indicia 
indicative of said electrical flow in said conductor; and 

a controller receiving said electrical flow indicia and selec- 
tively operating said winch motor such that said electri- 
cal flow indicia remains within a selected operating 
range. 

15. The system according to claim 14, wherein said gen- 

erally circular electrically conductive body comprises: 

an electrically conductive hub; 

at least three electrically conductive arms, each of said 
arms connected at a first end to said hub; and 

an electrically conductive rim connected to the second end 
of each of said at least three arms. 

16. The system according to claim 15, further comprising a 
plurality of electrically conductive rods, a first end of each of 
said rods connected to said rim and extending therefrom 
substantially at rights angles thereto. 


* * * * * 
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A mechanism to tap an electrical source which uses an aircraft 
(preferably a lighter than air balloon) tethered by a conductive 
line. The conductive line is extended/withdrawn by a winch 
motor to adjust the altitude of the aircraft. The conductive line 
is isolated from the ground and an electrical conductor is 
connected to the conductive line and to an electrical load. In 
this manner, static electricity generated in the atmosphere 1s 
gathered for use. 
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ATMOSPHERIC ELECTRICAL GENERATOR 


BACKGROUND OF THE INVENTION 


[0001] This invention relates to the production of electrical 
energy and more particularly to the production of electrical 
energy from the atmosphere. 

[0002] Everyone is familiar with Benjamin Franklin’s kite 
experiment of 1752. Using a kite whose string had become 
wet, negative charges from the passing clouds flowed into the 
string, down to the suspended key, and then into a Leyden jar 
via a thin metal wire. Franklin was protected by a dry silk 
string; but, when Franklin’s knuckle came too close to the key, 
he received a strong shock. Fortunately, Benjamin Franklin 
was not killed, others who tried this same experiment were 
not so lucky. 

[0003] Since then, the formation of lightning has remained 
something of a mystery. Lightning bolts are triggered when a 
negatively charged cloud base induces a positive charge from 
the ground, thereby forming a “pathway” for the discharge of 
the collected electrical energy. 

[0004] Lightning travels up to 60,000 miles per hour with a 
flash that is brighter than ten million 100-watt lightbulbs. This 
wattage is as much power as is produced by all of the elec- 
tricity plants in the United States and with a voltage of up to 
300 million volts. 

[0005] It is this very fact, the power within lightning is 
immense, that has prevented any successful collection of the 
electrical energy from lightning. The electricity in lightning is 
far too extreme for current technology to harness. 

[0006] While lightning has attracted a energy starved 
industrial world, no one has developed any technique to har- 
ness this naturally occurring electrical source. 

[0007] Itis clear there is a continuing need for an electrical 
source other than carbon-based fuels and that the naturally 
occurring electricity in the atmosphere is being ignored. 


SUMMARY OF THE INVENTION 


[0008] The invention is a mechanism which taps into the 
naturally occurring static electricity in the atmosphere. 
Whereas heretofore, the attempt to garner electricity from the 
atmosphere has focused exclusively on capturing lightning, 
the present invention syphons off the static electricity which 
is generated from any agitated air and voids lightning. 
[0009] Lightning is only the final discharge of the static 
electricity, whether that lightning is intra-cloud lightning, 
cloud-to-ground lightning, or inter-cloud lightning. Other 
types of final discharges are known as heat lightning, summer 
lightning, sheet lightning, ribbon lightning, silent lightning, 
ball lightning, bead lightning, elves, jets, and sprites. Well 
before these discharges are observed, as the atmosphere 
becomes agitated by wind or thermal, static electricity is 
being generated. 

[0010] The present invention recognizes that this static 
electricity is being formed and creates a mechanism to cap- 
ture it. 

[0011] The mechanism of this invention utilizes an aircraft 
such as a lighter than air balloon. While the preferred embodi- 
ment uses a foil balloon, a variety of other aircraft are obvious 
to those of ordinary skill in the art, including, but not limited 
to: gliders, rubber balloons (such as weather balloons), biaxi- 
ally-oriented polyethylene terephthalate polyester film bal- 
loons, and latex balloons. 
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[0012] Within this discussion, the balloon is referenced, 
but, the invention is not intended to be limited solely to 
balloons. 

[0013] The balloon is sent aloft and is tethered by a con- 
ductive line. In this context, the conductive line may be any 
obvious to those of ordinary skill in the art. For the preferred 
embodiment, the conductive line is a generically referred to as 
a “poly-rope” and 1s commercially available through a variety 
of sources. A suitable conductive line is described in U.S. Pat. 
No. 5,203,542, entitled “Apparatus for Improved Electric 
Fence Wire Construction for use with Intensive Grazing” 
issued Apr. 20, 1993, to Coley, et al. and incorporated hereinto 
by reference. 

[0014] The conductive line is played out of a winch to 
control the altitude of the balloon. The motor controlling the 
winch is able to reverse direction to both extend and withdraw 
the conductive line which is wrapped around a spool on the 
winch. The winch/spool combination are part of a base unit. 
[0015] In some embodiments of the invention, the spool is 
constructed of rubber so as to insulate the conductive line 
from the winch assembly. In this embodiment, only the con- 
ductive line is charged by the atmospheric static electricity 
while the winch remains neutral. 

[0016] In yet another embodiment, the winch/spool are part 
of a base unit which 1s itself isolated from the ground by an 
insulator. In this embodiment, the entire base unit is charged 
by the atmospheric static electricity. 

[0017] A conductor, such as an insulated wire, is electri- 
cally connected to the conductive line. In one embodiment, 
where the conductive line is electrically isolated from the 
spool and winch motor, the conductor is connected to the 
conductive line. In the embodiment where the conductive line 
is electrically connected to the base unit, then the conductor is 
connected anywhere on a metallic base unit. 

[0018] The other end of the conductor is connected to a 
load. The load in this case can be any of a variety of electrical 
loads well known to those of ordinary skill in art, including, 
but not limited to a motor, a battery system, or the electrical 
grid for the system. 

[0019] Inthe preferred embodiment, a sensor array is used 
to monitor the activities both at the base unit (such as electri- 
cal flow within the conductor) and in the surrounding locale. 
[0020] A sensor monitoring the electrical flow (i.e. voltage 
and/or current) within the conductor is used to monitor the 
electrical activity within the conductor. 

[0021] In the preferred embodiment, a lightning sensor 
monitors for lightning activity within the locale. As noted 
earlier, the electrical characteristic of lightning is so extreme 
that ideally this discharge is avoided as it might damage the 
mechanism of this invention. 

[0022] The sensor array is utilized by a controller, such as 
microprocessor, programmed to operate the mechanism as 
outlined herein. 

[0023] Thecontroller operates the winch motor to extend or 
withdraw the conductive line and by extension the altitude of 
the balloon. The controller is programmed to operate the 
winch by monitoring the electrical characteristics of the con- 
ductor and adjusting the balloon’s altitude to maintain these 
characteristics within the conductor within a preset range. 
[0024] This preset range is established either in the base 
programming of the controller or is established by an operator 
of the system. 

[0025] As example, by controlling the amount of current 
being withdrawn from the atmosphere, the mechanism oper- 
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ates within a safe range and also provides a relatively stable 
current flow from which a variety of activities can take place 
(such as DC-AC conversion). 

[0026] The controller also utilizes the lightning sensor to 
protect the mechanism from a lightning strike. Should light- 
ning be detected within a pre-determined range (as estab- 
lished by the software or defined by an operator), then the 
balloon is pulled down to minimize the risk of damage from 
a lightning strike. 

[0027] The invention, together with various embodiments 
thereof will be more fully explained by the following descrip- 
tion of the accompanying drawings. 


DRAWINGS IN BRIEF 


[0028] FIG. 1 diagrams the preferred embodiment of the 
invention. 
[0029] FIG. 2 illustrates the collection of the negative 


charged particles in the atmosphere. 

[0030] FIG. 3 is a flow-chart of the operation of the con- 
troller for the preferred embodiment of the invention. 

[0031] FIGS. 4A, 4B, and 4C are electrical schematics for 
handling the static charge from the atmosphere. 

[0032] FIG. 5 illustrates a conductive line used in the pre- 
ferred embodiment of the invention. 

[0033] FIGS. 6A and 6B illustrate an alternative conductive 
line creating an ionized pathway for the flow of the static 
charges from the atmosphere. 

[0034] FIG. 7 illustrates the controller of an alternative 
embodiment and the associated safety devices. 

[0035] FIGS. 8A and 8B illustrate two embodiments of 
enhanced electrical collection leads. 


DRAWINGS IN DETAIL 


[0036] FIG. 1 diagrams the preferred embodiment of the 
invention. 

[0037] Balloon 10 is an aircraft which, in this illustration, is 
a lighter than air balloon. Wings 10A, extending from the 
body of balloon 10, provide additional lift in air flow 18. Tail 
10B helps to stabilize balloon 10. 

[0038] Balloon 10 is tethered to the ground via conductive 
line 12. As noted earlier, a variety of configurations and 
materials are available to serve as conductive line 12. In this 
illustration, a poly-wire is used. Poly-wire is commercially 
available through a variety of vendors, including, but not 
limited to: Jeffers Livestock and Sareba Systems, Inc. of 
Ellendale, Minn. 

[0039] In this embodiment, located proximate to balloon 
10, is an electrical collection enhancement lead 11 which 
assists in the collection of the static electrical charge in the 
atmosphere. Electrical collection enhancement lead 11 is 
configured to attract the static charge and conduct the charge 
into the conductive line 12. 

[0040] The electricity flows down the conductive line into 
spool 13, where the conductive line 12 is collected and either 
withdrawn or dispensed through operation of winch motor 
14. 

[0041] Winch motor 14 and spool 13 are mounted onto base 
unit 16 which is electrically isolated from ground 7 using 
insulator 17. Note, in this embodiment of the invention, when 
electricity is being collected from the atmosphere, the entire 
base unit 16 becomes charged. In another embodiment of the 
invention, spool 13 is constructed of rubber, thereby prevent- 
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ing base unit 16 from becoming charged, thereby restricting 
the charging from the atmosphere to only conductive line 12. 
[0042] In this embodiment, conductor 6 is connected to 
base unit 16 (since the entire base unit 16 is charged and the 
base unit is metallic) to communicate the electrical current to 
load 5. Conductor 6 is ideally an insulated wire. 

[0043] The electrical current through conductor 6 is mea- 
sured using sensor 8. 

[0044] In the alternative embodiment discussed above, 
where only the conductive line 12 is charged, then conductor 
6 is connected to conductive line 12. 

[0045] Controller 15, located in this embodiment on base 
unit 16, operates winch motor 14 in response to signals from 
sensor 8 (measuring the current being discharged to load 5) to 
maintain the current flow within a pre-defined range. As the 
current flow diminishes, then the conductive line 12 extended 
from spool 13 to increase the altitude of balloon 10 to that 
more static charge from the atmosphere is gathered; as the 
current flow falls exceeds a preset level, conductive line 12 is 
withdrawn onto spool 13 to decrease the static charge being 
collected from the atmosphere. 

[0046] The range of current flow through conductor 6 is 
ideally set by the program, although some embodiments of 
the invention permit an operator to establish this range of 
operation. 

[0047] Inanalternative embodiment, the sensor monitoring 
conductor 6 monitors the voltage therein. 

[0048] In the preferred embodiment of the invention, con- 
troller 15 is also equipped with a lightning sensor 19. In this 
embodiment, when lightning is sensed within a preset range, 
then substantially all of conductive line 12 is wound onto 
spool 13 to pull balloon 10 near the ground and protect the 
entire mechanism from being damaged from a lightning dis- 
charge. 

[0049] In the preferred embodiment, the “safe” distance 
form lightning is set in the programming of controller 15 and 
is ideally two miles; other embodiments permit the operator 
to “safe” distance. 

[0050] There are a variety of lightning sensors well known 
to those of ordinary skill in the art, including, but not limited 
to those described in: U.S. Pat. No. 7,016,785, entitled 
“Lightning Detection” issued to Makela, et al. on Mach 21, 
2006; U.S. Pat. No. 6,829,911, entitled “Lightning Detection 
and Prediction Alarm Device” issued to Jones, et al. on Dec. 
7, 2004; U.S. Pat. No. 7,200,418, entitled “Detection of 
Lightning” issued to Karikuranta, et al. on Apr. 3, 2007; and 
USS. Pat. No. 6,961,662, entitled “Systems and Methods for 
Spectral Corrected Lightning Detection” issued to Murphy 
on Nov. 1, 2005; all of which are incorporated hereinto by 
reference. 

[0051] In another embodiment of the invention, controller 
15 is not located on base unit 16, rather it is remote and 
communicates its control signals to winch motor 14 using 
radio waves. 

[0052] FIG. 2 illustrates the collection of the negative 
charged particles in the atmosphere. 

[0053] Static charges 23 are generated in the atmosphere by 
agitated air. These static charges are often collected at the 
bottom of clouds, but exist in other environments as well. 
[0054] Balloon 21 is extended into this strata of static 
charges 23 which are then attracted to conductive line 12 to 
flow to base unit 22 and then onto load 5. 

[0055] By increasing or decreasing the altitude of balloon 
21 (defined by the length of the extended conductive line 12), 


US 2010/0007218 Al 


conductive line 12 is selectively exposed to varying densities 
and levels of the static charge strata, and by extension, the 
current flow or voltage 1s increased or decreased. 

[0056] FIG. 3 is a flow-chart of the operation of the con- 
troller for the preferred embodiment of the invention. 

[0057] Once the program starts 30, the lightning sensor is 
checked to determine 1f lightning has occurred within the 
unsafe range 31A, if it has, then the balloon is lowered 32A, 
and the program continues monitoring the status of lightning 
until no lightning 1s detected. 

[0058] When the lightning status is acceptable, then the 
current within the conductor is checked to see if the current 1s 
within the prescribed range 31B. If the current is acceptable 
(within range) the program returns to check the lightning 
status 31A; otherwise a determination is made to see if the 
current is above the prescribed range 31C. 

[0059] Ifthe current is above the prescribed range, then the 
altitude of the balloon 1s withdrawn a set amount 32B (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

[0060] Ifthe current is below the prescribed range, then the 
altitude of the balloon is extended a set amount 32C (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

[0061] In this manner of feed-back and minor adjustments 
in the altitude of the balloon, the current is maintained within 
a prescribed range which can be handled by the downstream 
electrical system. 

[0062] As noted earlier, some embodiments of the inven- 
tion monitor the voltage instead of the current. 

[0063] FIGS. 4A, 4B, and 4C are electrical schematics for 
handling the static charge from the atmosphere. 

[0064] By maintaining the voltage being collected in a pre- 
scribed range, an electrical conversion system is easily 
designed. While FIGS. 4A, 4B, and 4C illustrate some elec- 
trical configurations, those of ordinary skill in the art readily 
recognize a variety of other configurations which will serve 
the same function. 

[0065] Referencing FIG. 4A, Direct Current In (DC IN) 40 
is buffered by a gang of capacitors 41 before being commu- 
nicated to a DC/AC converter 42. The DC/AC converter con- 
verts the direct current into a an alternating current suitable 
for placement over an existing electrical grid 43 such as 
normally found from a power-plant. 

[0066] Those of ordinary skill in the art readily recognize a 
variety of DC/AC converters, including, but not limited to: 
U.S. Pat. No. 7,394,671, entitled “Controller IC, DC-AC 
Conversion Apparatus, and parallel running system of DC- 
AC Conversion Apparatuses” issued to Fukumoto, et al. on 
Jul. 1, 2008; and, U.S. Pat. No. 7,330,366, entitled “DC-AC 
Converter” issued to Lee, et al. on Feb. 12, 2008; all of which 
are incorporated hereinto by reference. 

[0067] FIG. 4B illustrates an electrical arrangement suit- 
able for use in charging a battery. DC IN 40 is buffered by 
capacitor bank 41 before entering into a step down trans- 
former 43. Step down transformer 43 reduces the voltage so 
that the voltage can safely be introduced into battery 44 which 
is connected to ground 45 at the battery’s other pole. 

[0068] Those of ordinary skill in the art readily recognize a 
variety of batteries which will work in this capacity, includ- 
ing, but not limited to those described in: U.S. Pat. No. 7,378, 
181, entitled “Electric Storage Battery Construction and 
Manufacture” issued to Skinlo on May 27, 2008; U.S. Pat. 
No. 7,388,350, entitled “Battery with Electronic Compart- 


Jan. 14, 2010 


ment” issued to Wright on Jun. 17, 2008; U.S. Pat. No. 7,397, 
220, entitled “Connection Member and Battery Pack” issued 
to Uchida, et al. on Jul. 8, 2008; and, U.S. Pat. No. 7,375,492, 
entitled “Inductively Charged Battery Pack” issued to Cal- 
hoon, et al. on May 20, 2008; all of which are incorporated 
hereinto by reference. 

[0069] In FIG. 4C, DC IN 40 is fed into an adjustable 
rheostat 46 which is controlled by the controller so that the 
DC OUT 47 falls within a specified range. 

[0070] FIG. 5 illustrates a conductive line used in the pre- 
ferred embodiment of the invention. 

[0071] This type of conductive line is commonly called 
poly-wire and consists of multiple interwoven strands of plas- 
tic 50A and 50B woven into a cord or rope arrangement 
having intertwined therein exposed metal wires 51A and51B. 
While this illustration shows two plastic strands and two 
metal wires, any number of possible combinations is pos- 
sible. 

[0072] The exposed metal wires 51A and 51B attract the 
atmospheric static charge and transmit the charge down to the 
base unit (not shown). 

[0073] FIGS. 6A and 6B illustrate an alternative conductive 
line creating an ionized pathway for the flow of the static 
charges from the atmosphere. 

[0074] This conductive line utilizes a tube 60 having an 
outer layer 62 of PET Film (Biaxially-oriented polyethylene 
terephtalate polyester film) which provides exceptionally 
high tensile strength and is chemically and dimensionally 
stable. The tube has an ideal diameter of between two and 
three inches. 

[0075] An interior metal coating 61 provides an initial con- 
duit for the flow of static charge. The static charge through the 
metal forces the tube to expand due to the repulsion experi- 
enced by like charges. Further, the flow of electricity causes 
the interior of the tube 60 to become ionized to provide an 
additional pathway for the atmospheric static charges to the 
base unit (not shown). 

[0076] Because outer layer 62 provides a gas barrier, the 
resulting ionization is not dissipated by air currents, thereby 
providing a highly stable pathway. 

[0077] FIG. 7 illustrates the controller of an alternative 
embodiment and the associated safety devices. 

[0078] In this embodiment, controller box 70, resting on 
insulating pad 72, is in communication with the sensors as 
described above. Using the input from these sensors, when 
there is flow of electricity through the base unit, warning 
flashing light 71 is illuminated. To electrically neutralize the 
mechanism, switch 73 is activated to pass any existing current 
into the ground 74. 

[0079] FIGS. 8A and 8B illustrate two embodiments of 
enhanced electrical collection leads. 

[0080] Referencing FIG. 8A, enhanced electrical collec- 
tion lead 82 is a wire mesh which is in electrical communi- 
cation with conductive line 81 and balloon 80. Because of the 
significant amount of metal exposed by enhanced electrical 
collection lead 82, more static electricity from the atmosphere 
is drawn to the collection lead 82, and then down conductive 
line 81 to the base unit (not shown). 


[0081] Conductive lead 82 is positioned proximate to bal- 
loon 80. 
[0082] In FIG. 4B, poly-wire 83 has enhanced electrical 


collection leads 84 wrapped therearound. Collection leads 84 
have pointed ends 85A and 85B which have a propensity to 
attract more electricity than rounded ends do. 


Question 

Calculate the base current. 
|B = 

Answer 


= ái =10mA 
1kQ 1kQ 


9 Look at the circuit shown in Figure 3.11 . 
Figure 3.11 


Base- 
collector 
diode 


Base- 
emitter 
diode 


Question 

Will current flow in this circuit? Why or why 
not? 

Answer 

It cannot flow because the base-collector 
diode is reverse-biased. 


10 Examine the circuit shown in Figure 
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[0083] Itis clear from the foregoing that the present inven- 
tion captures an entirely new source of electrical energy. 

What is claimed is: 

1. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive material secured to 
said lighter than air balloon, said winch motor capable of 
selectively extending or withdrawing said conductive 
line from said spool, one end of said conductive line 
connected to said lighter than air balloon; 

c) an insulator electrically isolating said conductive line 
from ground; and, 

d) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load. 

2. The mechanism to tap an electrical source according to 
claim 1, further including a controller, said controller selec- 
tively operating said winch motor based upon a voltage level 
in said conductor. 

3. The mechanism to tap an electrical source according to 
claim 2, 

a) further including an electrical flow sensor monitoring 
electrical flow through said conductor and generating an 
electrical flow indicia indicative of said electrical flow in 
said conductor, said electrical flow indicia communi- 
cated to said controller; and, 

b) wherein said controller operates said winch motor such 
that said electrical flow indicia remains within a selected 
operating range. 

4. The mechanism to tap an electrical source according to 
claim 3, wherein said selected operating range is established 
by an operator. 

5. The mechanism to tap an electrical source according to 
claim 4, further including a warning light activated when said 
electrical flow indicia is non-zero. 

6. The mechanism to tap an electrical source according to 
claim 3, 

a) further including a lightning sensor generating a light- 
ning presence indicia indicative of lightning within a 
prescribed range, said presence indicia being communi- 
cated to said controller; and, 

b) wherein said controller, in response to said lightning 
presence indicia, operates said winch motor to withdraw 
substantially all of said conductive line onto said spool. 

7. The mechanism to tap an electrical source according to 
claim 6, wherein said prescribed range is established by an 
operator. 

8. The mechanism to tap an electrical source according to 
claim 3, further including an electrical collection enhance- 
ment lead in electrical contact with a first end said conductive 
material, said electrical collection enhancement lead config- 
ured to attract static electricity. 

9. The mechanism to tap an electrical source according to 
claim 8, wherein said electrical collection enhancement lead 
is positioned proximate to said lighter than air balloon. 

10. The mechanism to tap an electrical source according to 
claim 9, wherein said electrical collection enhancement lead 
includes at least two pointed electrical conductors. 
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11. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said con- 
ductive line from said winch motor. 

12. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said base 
unit from ground. 

13. A mechanism comprising: 

a) an airborne aircraft tethered by a conductive line secured 
to a winch capable of extending or withdrawing said 
conductive line from a spool, thereby adjusting an alti- 
tude of the airborne aircraft; 

b) an insulator electrically isolating said conductive line 
from ground; and, 

c) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load. 

14. The mechanism according to claim 13, further includ- 
ing a controller, said controller selectively operating said 
winch motor based upon a voltage level in said conductor. 

15. The mechanism to tap an electrical source according to 
claim 14, 

a) further including a lightning sensor communicating with 

said controller; and, 

b) wherein said controller, in response to selected signals 
from said lightning sensor withdraws substantially all of 
said conductive line. 

16. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive material secured to 
said balloon, said winch motor capable of adjusting an 
altitude of said lighter than air balloon by selectively 
extending or withdrawing said conductive line from said 
spool; 

c) an insulator electrically isolating said conductive line 
from ground; and, 

d) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load; 

e) a sensor array having, 

1) an electrical flow sensor monitoring electrical flow 
through said conductor, and, 

2) a lightning sensor monitoring existence of proximate 
lightning; and, 

f) a controller responsive to signals from said sensor array 
to selectively operate said winch motor. 

17. The mechanism to tap an electrical source according to 

claim 16, 

a) further including a warning light; and, 

b) wherein said controller activates said warning light 
when said electrical flow in said conductor is non-zero. 

18. The mechanism to tap an electrical source according to 
claim 17, further including an electrical collection enhance- 
ment lead in electrical contact with said conductive material, 
said electrical collection enhancement lead configured to 
attract static electricity and positioned proximate to said 
lighter than air balloon. 
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Organic Electronics 


1 Introduction to Organic Electronics 


1.1 Organic electronics and its application areas 

1.2 A little bit of history in organic electronics 

1.3 Advantages and Disadvantages of organic electronic materials 
1.4 Organic and polymeric displays 

1.5 Color Vision and Color perception 

1.6 Organic light emitting diodes (small molecule devices) 

1.7 Polymer light emitting diodes (polymer devices) 

1.8 Passive versus Active Matrix Display Addressing 

1.9 Overview of thin film transistor technologies 

1.10 Summary 
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1.1 Organic electronics and its application areas 


Organic 


Electronics 
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1.2 A little bit of history in organic electronics 


1950's: Work on crystalline organics materials starts. 
(At that time organic crystal where considered to be an alternative to 
silicon) 


1970's: Organic photoconductors (xerography) 
1980's: Organic non-linear optical materials 


1987: Kodak group published the first efficient organic light emitting device 
(OLED) 


Results on the first organic transistor where published. 


1990's: Friend group (Cambridge University) published the first results on 
polymer light emitting diodes. 


2000: Noble price in chemistry for the “discovering and development of 
conductive polymers’ (Heeger, MacDiarmid and Shirakawa) 


2000's: Organic solar cells with efficiencies of >5% were realized. 
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1.2 A little bit of history in organic electronics 


KUNGL. 
aus) VETENSKAPSAKADEMIEN 


THE ROYAL SWEDISH ACADEMY OF SCIENCES 


Nobel Prize in Chemistry for 2000 


Alan J. Heeger, University of California at Santa Barbara, USA, 
Alan G. MacDiarmid, University of Pennsylvania, Philadelphia, USA, 


Hideki Shirakawa, University of Tsukuba, Japan 


"for the discovery and development of conductive polymers" 
Plastic that conducts electricity 


We have been taught that plastics, unlike metals, do not conduct electricity. ln fact plastic is used as insulation 
round the copper wires in ordinary electric cables. Yet this years Hobel Laureates in Chemistry are being rewarded 
for their revolutionary discovery that plastic can, after certain modifications, be made electncally conductive. 
Plastics are polymers, molecules that repeat their structure regularly in long chains. For a polymer to be able to 
conduct electric current it must consist alternately of single and double bonds between the carbon atoms. It must 
also be "doped", which means that electrons are removed (through oxidation) or introduced (through reduction). 
These “holes” or extra electrons can move along the molecule - it becomes electrically conductive. Heeger, 
MacDiarmid and Shirakawa made their seminal findings at the end of the 1970s and have subsequently developed 
conductive polymers into a research field of great importance for chemists as well as physicists. The area has also 
yielded important practical applications. Conductive plastics are used in, or being developed industrially for, e.g. 
anti-static substances for photographic film, shields for computer screen against electromagnetic radiation and for 
"smart" windows (that can exclude sunlight), In addition, semi-conductive polymers have recently been developed 
in light-emitting diodes, solar cells and as displays in mobile telephones and mini-format television screens. 
Research on conductive polymers is also closely related to the rapid development in molecular electronics. In the 
future we will be able to produce transistors and other electronic components consisting of individual molecules - 
which will dramatically increase the speed and reduce the size of our computers. A computer corresponding to 
what we now carry around in our bags would suddenly fit inside a watch. 


Ref.: http://nobelprize.org/index.html 
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1.3 Advantages and Disadvantages of organic electronic materials 


Attractive due to: 
e Technology is compatible with Large area processes (low cost) 
e Low temperature processing (low cost) 


e Molecules and polymers can be tailored for specific electronic or optical 
properties 


e Compatible with inorganic semiconductors 


Existing problems: 
e Low carrier mobility 
e Electronic and optical stability of the materials 


* Processing is incompatible with classical processing in semiconductor 
industry. 
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1.4 Organic and polymeric displays 


Demand on Displays: 

e Low cost 

e Large area 

e Low power consumption 
e Low weight 

e Flexible displays 


Photo of high resolution oragnic LED based 
displays for mobile applications. Ref.: Samsung 
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1.4 Organic and polymeric displays 
The perfect display! 


ision of a foldable 

nd bendable display. 
[Ref. Universal Display 

orporation, UDC] 


Organic or polymeric light emitting diodes (LEDs) are of interest for displays. 


The power consumption of oLED displays is lower than the consumption of LCD 
displays. 


For high resolution displays active matrix addressing of displays (LED and LCD) 
is needed. Active matrix addressing is realized by thin film transistors (TFTs). 
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1.4 Organic and polymeric displays 


Comparison of light emitting diode technologies 
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Ref.: J. M. Shaw and P. F. Seidler, IBM 
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3.12 . Batteries are connected to both the 
base and collector portions of the circuit. 
Figure 3.12 


When you connect batteries to both the 
base and the collector portions of the circuit, 


currents flowing through the circuit 
demonstrate a key characteristic of the 
transistor. This characteristic is sometimes 

called transistor action —if base current flows 


in a transistor, collector current will also flow. 
Examine the current paths shown in Figure 
3.13 

Figure 3.13 
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1.5 Color Vision and Color perception 


WWW YS NS NN N F=E,-E,=hf= a 


GAMMA RAY X-RAYS UV RAYS IRRAYS MICROWAVES RADIO WAVES 


Photon energy 


The interaction of light and matter in the form of absorption and emission 
requires a transition from one discrete energy level to another energy level. The 
frequency and the wavelength of the emitted or absorbed photon is related to 
the difference in energy E, between the two energetic states, where h is the 
Planck constant h=6.626 x 10°°*J, f is the frequency and A is wavelength of the 
absorbed or emitted light. 
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1.5 Color Vision and Color perception 


Ax ol 
LIGHT inal la 
IIs 
[ [| i z 


gangon _ e A color is defined by 
ble the capabilities of the 
A _Amacrine human eye. The human 
_ > Monn color perception has to 
Na ii Ou sre be considered when 
R designing a display. 
Cone e [he human color 
Rod perception is non linear 


(in the physical sense). 


The Neural Structure of the Retina 


Ref.: V.Bulovic, Organic Opto-Electronics, MIT 
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1.5 Color Vision and Color perception 


Xy =k- “fs(a) r(A)-x,(A) da 
Y. =k. fsa): r(2)- ys(4) dA 
Zo =k: fsa): r(A)-z,(A) da 


380nm 


S(A): spectrum of the light source, 


da ali AR EEG R(X): reflection of an object, 
X(A),y(A),Z(4): color matching functions, 
representing the sensitivity of the 
human eye 


Each color can be described as a vector! 
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1.5 Color Vision and Color perception 


Dimensions of the color 
space: hue, chroma, value 


200 Hue levels 
20 Saturation levels 


500 Chroma levels 
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1.5 Color Vision and Color perception 


Status of Active Matrix Organic Light Emitting Device (AMOLED) Displays 


V CoRR 
| aio) || 
BS || 
NX - Mapping of the RGB 
(T color space and the 
color space of the 


display. (Gamut 
Kodak Blug r i 
(0.15,0.17); | g . mapping) 

E 
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Sony Blue 
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1.6 Organic light emitting diodes (small molecule devices) 


Electro luminescence requires several steps, 
including the injection of charges (electrons and 
holes) in the device, the transport of the charges in 
the films, confinement of charges, and radiative 
recombination of charge carriers inside an organic 
layer with an energy gap suitable for yielding 
visible light output. 

Solution: Separately optimize the individual steps 
by using a multilayer light-emitting devices (LEDs). 


The simplest possible organic LED 
consists of hetero-interface between a 
hole-conducting material (TPD) and an 
electron conducting material (Alq;). The 
light emission takes place at the interface 
between Alq, and TPD. 


Ref.: V.Bulovic, Organic Opto-Electronics, MIT 
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Cathode 


Anode 


Schematic energy-level diagram and 
chemical structures of the 


organic materials used for the OLEDs. 


Ref.: Riess group, IBM Zuerich 


Introduction 


Optimized device strucutre: 


Copper phthalocyanine (CuPc) as 
the buffer and hole-injection layer, 


NPB as the hole transport layer 


Alq3 as the electron transport and 
emitting layer. 
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1.6 Organic light emitting diodes (small molecule devices) 


Electroluminescence in doped organic films 
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1.6 Organic light emitting diodes (small molecule devices) 


An exciton is a bound electron hole pair ( Coulomb correlated electron/hole pair). 
When dielectric constant of the material is very small, the Coulomb interaction 
between electron and hole become very strong and the excitons tend to be much 
smaller, of the same order as the unit cell, so the electron and hole sit on the same 
molecule. This is a Frenkel exciton, named after J. Frenkel. 

The probability of the hole disappearing (the electron occupying the hole) is limited 
by the difficulty of losing the excess energy, and as a result excitons can have a 
relatively long lifetime. 
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1.7 Polymer light emitting diodes (polymer devices) 


OLEDs rely on organic materials (polymers or small 
molecules) that give off light when tweaked with an 
electrical current 

Cathode 


2 | =" Electrons injected from cathode 


are polymer + = Holes injected from anode 


1 - | =" Transport and radiative recombination of electron hole 
Conducting ee | pairs at the emissive polymer 


OLED device operation (energy diagram) 
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Questions 


A. What current flows through the 
base-collector diode? ee 
B. What current flows through the 
base-emitter diode? ee 
C. Which of these currents causes the other 
to flow? > 
Answers 
A. I C (the collector current). 
B. |B and IC. Both of them flow through 
the base-emitter diode. 
C. Base current causes collector current to 
flow. 
No current flows along the path shown by 
the dotted line in Figure 3.14 from the 
collector to the base. 
Figure 3.14 

| 

| 

| 

af 

TnL + 
: V 
11 Up to now, you have studied the NPN 

bipolar transistor. PNP bipolar transistors work 
in the same way as NPN bipolar transistors 
and can also be used in these circuits. 
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ITO 


Ref.: R. Friend, Cambridge 


calcium 


Device structure: 


PEDOT:PSS as the 
hole transport layer 


PPV derivate as the 
electron transport 
and emitting layer. 
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1.7 Polymer light emitting diodes (polymer devices) 


Luminance-Current-Voltage Efficiency-Luminance-Voltage 
12 12 
“E _ 10 an 
z = xz at 
Ep: = B E 
£ S > 5 
a @ 6 = 
= oO Ee 
z E Ff 3 4- 
5 u = 
a Els Ww əf. 
2 L ! 0 El 
10 100 1000 E 10000 O > A 
Luminance (cdfm”) Voltage (Y) 
LUMINANCE is the luminous intensity per unit 
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LT p-Si TFT 
substrate 


Advantages of passive “il OEL 


matrix displays: 


Matrixed Pixels o 
Line by Line scanning Advantages of active 
Discrete drivers S matrix displays: 
Low Cost > Each pixel has pixel switch 
Selected pixel stays on until next refresh cycle 
Disadvantages Integrated drivers 
High brightness; 
High current Disadvantages: 
Pixel cross-talk High cost 


High quality TF Ts required 
Low area fill factor 
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1.9 Overview of thin film transistor technologies 
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1.9 Overview of thin film transistor technologies 


Materials, Devices and Applications 
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1.9 Overview of thin film transistor technologies 


Organic thin film transistors 


poly silicon Low cost ICs 
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1.9 Overview of thin film transistor technologies 


Organic thin film transistors 


Charge carrier 


mobility is IMPROVED MOLECULAR 


dependent on ORDERING 
molecular order Lareer > sizes adopted from Dimitrokopoulos, et 
within the T dail E e at init ec ainavai ak T 
Lower defect denzities oi., 16M J. Res. ana Devel. 45, 11 
semiconducting 4 (2001). 
thin film Enhanced mobility 
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1.9 Overview of thin film transistor technologies 


Transfer characteristic of an pentacene TFT 


6 e Transistors exhibit a 


pronounced subthreshold 
region. 


e Variation of the onset of the 
drain current from run to run. 


e The shift of the onset voltage 
is caused by unintentional 
doping. 


e Onset of the drain current is 
typically positive. 


Square root drain current [10, -VA] 
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Drain current [A] 


e Threshold voltage is typically 
negative. 
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1.10 Summary 


Organic semiconductors are of interest for a variety of applications like: 
Anti Static Coatings, photo conductors 


Most of the research in organic electronics is driven by the display 
industry. The goal is to develop low cost, low weight, low power 
consumption, large area and flexible displays. 


In order to enter the market organic and polymeric displays have to 
compete against liquid crystal displays. 


The performance of liquid crystal displays has be drastically improved and 
the cost has been drastically reduced for LCD displays. 


Reflective displays (for example based on Polymer-Dispersed Liquid 
Crystals or electronic ink) are in interesting alternative to LCD if it comes to 
very large areas or low power consumption. 


Organic and polymeric Light Emitting Displays are closest to applications 
in the field of organic electronics. 


Introduction 28 


Organic Electronics, Spring 2006, Dr. Dietmar Knipp 


1.10 Summary II 


In polymer LEDs a PPV derivate is used as the electron transport and 
emitting layer. 


In organic LEDs Alq3 is used as the electron transport and emitting layer. 


The performance of the organic and polymeric LEDs in terms of optical 
output power is close to the optical output of inorganic LEDs. 


The optical soectrum of an LED has to be tailored towards the optical 
spectrum of the human eye, which is represented by a “Standard Observer 
(CIE Color standard)’. 


Organic transistor are an emerging and new field of research. Typical 
applications are: displays, smart cards and radio frequency information 
tags (RFID tags). 


Small molecule based transistors exhibit the highest performance of 
organic and polymeric transistors. The performance is comparable to the 
amorphous silicon transistors (standard transistors in display industry). 
Most organic transistors are hole conducting devices. 
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There is, however, one important circuit 
difference, which is illustrated in Figure 3.15 


The PNP transistor is made with the diodes 
oriented in the reverse direction from the NPN 
transistor. 

Figure 3.15 


Questions 
Compare Figure 3.15 with Figure 3.13 . How 
are the circuits different relative to the 
following? 


A. Battery connections: 
B. Current flow: 


Answers 

A. The battery is reversed in polarity. 

B. The currents flow in the opposite direction. 
12 Figure 3.16 shows the battery 

connections necessary | to produce both base 

current and collector current in a circuit that 

uses a PNP transistor. 

Figure 3.16 
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This. invention relates’ “generally to improvements in 
amusement devices, and more particularly, to an im- 


proved amusement device of the type wherein the passen- - 


gers will receive the impression of riding 1 in an interplane- 
tary space crait. 


The present invention ere a novel amusement 


device having the overall configuration of a space craft 
and being formed in various sections, with portions of 


2 

In the drawings: | 

-= Figure 1 is an elevational view of an amusement device ce 

constructed in accordance with this invention: | 

Figure 2 is a vertical sectional view through the device 
illustrated in Fig. 1. 

Figure 3 is a plan view of the landing gear for the | 


- amusement device, with the housing around the legs of — 


10 


the landing gear removed. 


Figure 4 is a plan view of the poore suctus 
or frame work for the outer rotating shell of the amuse- - 
ment device shown in Figs. 1 and 2. 

Figure 5 is a plan view of the central rotating assembly 


which rotates within the outer. shell frame illustrated in - 


- Figs. 2 and 4. 


15 


20 ~ 
- Figs. 1 and 2, a preferred embodiment of. the present in- 


the sections being rotated in opposite directions to give © 


the impression of movement to the passengers. It is also 


contemplated to. move the craft up and down and: dis- ' 


play an animated movie of heavenly bodies. above the 


passengers to give the passengers an impression of leaving 


the earth and approaching a distant planet or the like. 
This invention further contemplates the provision of elec- 


tro-magnets, cones and the like carried by the oppositely 


Figure 6 is an. led sectional view illustrating the 
support and the drive between the inner totatmg. assembly 
and the outer rotating assembly; 

Figure 7 is a plan view of the floor portion of the pas- 
senger cabin. 

Referring- to the drawings in detail, and particularly 


vention comprises, generally speaking, a supporting struc- 


ture and landing gear 10; an outer rotating shell 12, an | 


inner rotating assembly 14 (shown only in Fig. 2) and. a 
passenger cabin 16 extending downwardly into the upper © 
end portion of the outer shell 12. The landing gear 


- and supporting mechanism 10 comprises a. vertically ex- 


30 


rotating sections of the device, and windows through | 
which the passengers may view. these simulated. objects `` 


to. glve the impression. to the: passengers that: they are 


viewing the inner workings of an. interplanetary space . 


craft during. flight of the craft: 
contemplates the construction of the various portions of 
an amusement device simulating an: interplanetary space 
craft. in such a manner that the device may. be easily 
transported:in sections from- one location: to another and 
reassembled in.a minimum of. time. 

- An important object of this:invention is to prorde an 
amusement. device wherein a passenger- in the device re- 


ceives the impression: of flying 1 In-an. inte rplanetary space | 


craít. 
Another object of this invention i is to A an amuse- 


Finally, this invention 


35 


40 


tending tubular member 18 around which the outer shell 
i2 and inner rotating assembly 14 are journaled, as will 
be hereinafter set forth, and a plurality of legs 2@ ex- 
tending radially outward in circumferentially spaced rela- 
tion from the lower end of the tubular member 18. The 
tubular member 18 is telescoped Over a supporting stan- 
chion 22 which may be in the form of a pipe, and the 
tubular member 18 is slidingly supported on the stan- 


chion 22 by suitable wheels or rollers 24 to facilitate 


vertical movement of the member 18 on the stanchion 22, 
as will be hereinafter set forth. The stanchion 22 is 
preferably supported in a suitable foundation 25 to pro- 
vide adequate strength for the amusement device. 

A suitable jack 26, preferably a hydraulic jack, is an- 


- chored in the foundation 25 underneath the outer end por- 


ment device having a general configuration: of an inter- T 
planetary space craft and having oppositely rotating sec- _ 


tions. simulating the movement of various portions of such 
a space craft during flight. 

A further object of this invention is to provide an 
amusement device simulating an- interplanetary space 


craft and having a passenger cabin wherein the passengers ~ 


may: view various: moving portions of the device to im- 
press the passengers with flight in a space craft. 
- Another object of this invention is to provide an 


tion of each of the landing gear legs 20 and is provided 
with an extension 28 extending upwardly into connection 


- with the respective leg 20. The jacks 26 are operare d 


simultaneously to raise and lower the landing gear and 
supporting structure 10, as will be described. ox suitable 


- Shaped housing 30 is preferably secured around each of . 


50 


amusement device simulating an interplanetary space | 


craft wherein the passengers will be physically. moved a 
_ very minor distance and yet will receive the impression 
of flying in a space craft. 

` Ar further object of this invention is-to: stevia a port- 
able amusement device simulating an interplane etary space 


- craft which may be easily. disassembled: and: transported 


from one location to another. _ 

‘A: still further object of this invention is to provide 
an: amusement device which is: simple in construction, 
maybe economically manufactured, and which will have 
- a long service life. 

Other objects and advantages of the vento: will be 
evident from the following detailed” description, when 
read” in conjunction with the apponi panig drawings 
which illustrate my invention. 


the landing gear legs 20 to- provide a streamlined appear- 
ance. It may be noted that each of the legs 20 is prefer- 
ably. constructed out of a structurally. strong member, 
such.as an I-beam, and is secured to the lower end por- 
tion of the tubular member 18 by suitable braces 32 and 
plates 34 to assure a rigid and adequate’ connection of the 
legs 29 to the tubular member 18. 

_ A pair of rollers 36 (see also Fig. 3) are rotatably 


- supported adjacent the outer end portion of each leg 20 


60 
7 be described. Also, a. suitable drive motor 49 (Fig. 3) 


65 


of the landing gear and are arranged to engage a cir- 
cular track 38 (Figs. 2 and 4) for partially supporting _ 
the outer shell 12 and inner rotating assembly 14 as will. 


is.mounted on one of the legs 29 of the landing gear and 
is connected through a suitable gear box 42 to one of 


the rollers. 36 to rotate the outer shell 12 with respect 


to the landing gear and: supporting: structure 16, - The 
roller 36 connected to the drive motor 49 may be suit- 


ably chained (not shown) to its companion roller 36 to ` 


assure an adequate drive connection between the drive 
motor 40 and the circular track 38: 


_ The shell 12. (Fig. 2) is tubular in catión: with 


the samdir of the central: portion. thereof aii 
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larger than the diameter at the opposite ends thereof, 
and is supported in an upright position to give the 
general appearance of two saucers placed face-to-face. 
The outer edge portion 44 of the shell 12 is preferably 
formed of partially transparent material, such as Plexi- 
glas, and is illuminated from within (not shown) to pro- 
vide a band of light around the central portion of the 
shell 12. The remainder of the shell 12 is formed of 
any desired opaque and relative strong material, such 
as aluminum-laminated Masonite sheets. 

The shell 12 is supported on a frame generally desig- 
nated by reference character 46 and illustrated in Figs. 2 
and 4. The frame 46 is circular in plan, as viewed in 
Fig. 4, and is substantially U-shaped in cross-section (as 
shown in Fig. 2) to provide an upper horizontaily ex- 
tending portion 48 and a lower horizontally extending 
portion 50 which extend from adjacent the support- 
member 18 outwardly to the central portion of the shell 
12. The frame 46 may be easily formed with industrial 
square steel tubing 52 formed into a truss with bracing 
of steel rods 54. With this construction, the frame 46 
may be easily fabricated in sections for convenient as- 
sembly, or the entire frame 46 may be lifted off of the 
supporting member 18 and transported to another lo- 
cation. 

Support of the frame 46 and the outer shell 12 is pro- 
vided by the track 38 (previously mentioned) which is 
secured on the lower face of the lower horizontally ex- 
tending portion 5% of the frame 46 in a position to en- 
gage the rollers 36 carried by the landing gear legs 20. 
Additional support for the frame 46 is provided by rollers 
56 (Fig. 6) secured arcund the inner edge of the lower 
portion 59 of the frame, and rollers 58 secured around 
the inner periphery of both portions 48 and 5@ of the 
frame. The rollers 56 are arranged in circumferentially 
spaced relation around the inner periphery of the frame 
46 and engage a circular track $0 supported by the legs 
29 of the landing gear. The track 60 may be an ex- 
tension of the upper plate 34 shown in Fig. 3. The 
rollers 58 engage tracks 62 extending circumferentially 
around the supporting member 18 to accommodate any 
radial forces imposed on the frame 46. It will be 
understood that any desired number of the rollers 38 
may be provided around the inner periphery of the 
frame 46 to provide the necessary support. It will thus 
be apparent that when the drive motor 49 is placed in 
operation, the rollers or whee!s 36 operated by the motor 
40 will engage the track 38 to rotate the shell 12 in one 
direction around the longitudinal axis of the supporting 
member 18. The rollers 56 will engage the track 60, 
and the rollers 58 will engage the tracks 62 during such 
rotation of the outer shell 12 and frame 46. 

The inner rotating assembly 14 is generally annular- 
shaped, as illustrated in Fig. 5, for movement around the 
supporting member 18 between the upper and lower 
horizontally extending portions 48 and 5@ of the frame 
46. The assembly 14 is also preferably constructed as a 
frame out of square steel tubing 52 formed into a truss 
with steel rods £4 for bracing, and is previded with a dou- 
ble conically-shaped framework 64 adjacent the supporting 
member 18. The framework 64 is provided to support 
a covering material 66 of any suitable type, such as 
Jaminated metal or plastic, to simulate a solid member 
in the central portion of the amusement device, which in 
turn simulates a portion of a space craft, such as the 
power unit for the craft. The covering material 66 may 
be corrugated if desired. The framework 64, as illus- 
trated in Fig. 6, is also provided to support the rotating 
assembly 14 on the supporting member 18 and the frame 
46. A plurality of rollers 68 are provided around the 
lower face of the framework 64, and a plurality of 
rollers 79 are provided around the upper face of the 
framework 64 to engage circular tracks 72 and 74, re- 
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spectively, which are mounted on the frame 46. The 
rollers in each set of rollers 68 and 70 are provided in 
circumferentially spaced relation around the inner pe- 
riphery of the rotating assembly 14 to accommodate 
vertical thrusts imposed on the rotating assembly 14. 
Additional rollers 76 and 78 are provided around the 
inner periphery of the framework 64 to engage tracks 
80 extending circumferentially around the supporting 
member 18 to accommodate radial thrusts imposed on 
the central rotating assembly 14. It will be apparent 
that any desired number of rollers 76 and 78 may be 
provided around the inner periphery of the framework 
64 to adequately support the rotating assembly 14. 

I also prefer to support a plurality of conically-shaped 
members 82 in the outer edge portion of the central ro- 
tating assembly 14. Each conically-shaped member $82 
may be easily formed out of a suitable sheet material, 
such as laminated aluminum or plastic, and is supported 
at its opposite ends by suitable trunnions 84 to extend 
through the truss comprising the frame of the central 
rotating assembly 14. The conically-shaped members 82 
are preferably provided in circumferentially spaced re- 
lation around the assembly 14, as illustrated in Fig. 5, 
and are positioned to move through simulated electro- 
magnets 86 supported around the frame 46, as illustrated 
in Figs. 2 and 4. Each simulated electro-magnet 86 may 
be formed in horse shoe shape out of any suitable sheet 
material, and is provided with tubing or the like 88 
around a portion thereof to simulate the winding of an 
electro-magnet. I further prefer to secure a plurality of 
plates 99 in spaced relation around the upper face of the 
rotating assembly 14 to simulate capacitor plates in a 
space craft. The plates 9@ may be formed out of any 
suitable material, such as aluminum laminated Masonite, 
to provide a striking appearance. 

The inner rotating assembly 14 is driven by a friction 
or dead wheel 92 pivotally supported on the tubular 
member 16, as illustrated in Fig. 6, engaging circular 
plate 94 and 9% carried by the inner rotating assembly 14 
and the frame 46, respectively. The plates 94 and 96 
are arranged in vertically spaced relation with sufficient 
distance therebetween to frictionally engage opposite por- 
tions of the wheel 92. It will therefore be apparent that 
when the frame 46 is turned in one direction, the plate 
96 will engage the periphery of the wheel 92 to drive 
the wheel 92 and in turn drive the central rotating as- 
sembly 14 in an opposite direction by frictional engage- 
ment of the wheel 92 with the plate 94. ‘Therefore, the 
various conically-shaped members 82 will be moved suc- 
cessively through the simulated electro-magnets 86 and 
give the appearance of the generation of electrical en- 
ergy. 

The cabin 16 is supported on the upper end of the 
tubular supporting member 18 and is rigidly secured to 
the member 18 by bracing 100 to move with the support- 
ing member 18 and to be prevented from rotating with the 
shell 12 or rotating assembly 14. Additional support 
is provided by a plurality of rollers 191 carried by the 
frame 46 engaging a complemeniary track on the bottom 
of the cabin. The cabin 16 is constructed out of a 
suitable framework 102 covered by suitable sheet ma- 
terial 184, such as aluminum laminated with Masonite, 
on the outer surface of the framework and any other 
suitable material 106, such as Masonite, around the inner 
surface of the framework. It will be understood that 
substantially strong members 108 must be provided in 
the floor of the cabin 16 to adequately support passengers 
in the cabin. As illustrated in Fig. 7, a plurality of trans- 
parent windows 110 are provided adjacent the outer and 
inner peripheries of the floor of the cabin 16, through 
which passengers in the cabin may adequately view the 
inner rotating assembly 14 and the frame 46, 

Passengers may either stand or sit in the cabin 16 and 
may gain entrance and exit from the cabin through suit- 
able doors 112 as illustrated in Fig. 2. It will also be 
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5 
hoted that the upper edge portion 114 of the outer shell 
12 is extended upwardly to overlap the lower end portion 
of the cabin 16. A portion of the upper edge 114 of the 
shell 12 is removed, as at 116 in Fig. 1, such that pas- 
sengers may enter the cabin 16 through the doors. 112. 
Simulated port holes 118 are provided around the upper 
edge portion of the cabin 16 to further simulate an in- 
terplanetary space craft. It will be noted, however, that 
the port holes 118 are preferably covered with an opaque 
material on the inside of the cabin 16 to prevent the 


passengers from seeing familiar objects outside of the 
cabin 16. 


10 


A dome 120 is ‘preferably provides in the top central ia 
portion of the cabin 16 and the under surface thereof is. 


covered with a suitable material 122, such as cloth or 


the like, which will display a movie scene. A projector 
124 is suitably mounted: in the central portion of the 


15 


floor of the cabin 16 to project an animated movie onto | 


the screen 122 during operation of the amusement device. 
The movie displayed by the projector 124 is preferably an 
animated movie of heavenly bodies made in such a man- 
ner that the heavenly bodies displayed on the screen 122 
will appear to come closer to and move away from the 
passengers during operation of the amusement device to 
give the impression of interplanetary flight. 

In summarizing the operation of the preferred amuse- 
ment device, the passengers are directed into the cabin 16 
through the opening 116 in the upper edge portion of 
the shell 12 and through the doors 112. The doors 112 
are then securely fastened in closed positions and the 


passengers are thereafter prevented from viewing any 
object outside of the amusement device during the simu- 
lated flight. The drive motor 40 is then placed in opera-. 


tion to rotate the shell 12 and frame 46 in one direction, 
while the friction wheel 92 drives the inner rotating as- 
sembly 14 in an opposite direction. Passengers in the 
cabin 16 will then view the movement of the inner ro- 
tating assembly 14 and the frame 46 through the win- 
dows 110 to receive the i impression of watching the inner 
workings of a space craft. 


illuminate the moving parts. Simultaneously with ro- 


Also, suitable lighting effects 
(not shown) are preferably provided in the shell 12 to- 
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` be. apparent that the present amusement device. is simple 


in construction, may be economically manufactured and 
will have a long service life. = 
Changes may be made in the. combination and arrangé- | 
ment of parts or elements as. heretofore set forth in the 
specification and shown in the drawings, it being under- | 
stood that changes may be made in the enibódiment dis- 


closed without departing from the spirit and. scope of the 


invention as defined in the following claims. 

I claim: 

1. In an amusement device simulating a space ride, the 
combination of: an outer tubular shell, the. diameter: of 
the central portion of said outer shell being substantially . - 
larger than the diameter at the opposite ends thereof, 
means for supporting the outer shell in an upright position 


- with the largest diameter. thereof extending horizontally, 


means for rotating the outer shell about its. longitudinal 
axis, a plurality of simulated electro-magnets carried in 
circumferentially spaced relation in the outer shell, an an- 
nular-shaped frame rotatably. supported concentrically in 
the outer shell, means for simultaneously turning said 
frame in a direction opposite to the rotation of the outer 


shell, conically-shaped members carried by said frame in 


positions for movement through the simulated electro- 


magnets in the outer shell, a passenger cabin having a 


floor therein, means for non-rotatably supporting the 
cabin above the outer shell with the floor of the cabin 
positioned within the upper end portion of the outer shell, 
and transparent windows in the floor of the cabin for 
viewing movement of the outer shell and said frame from 
the interior of the cabin. 

2. An amusement device as defined i in claim 1 wherein 
said means for supporting said outer shell comprises a 
tubular support member extending downwardly from the 
cabin through the outer shell and said frame, a base por- 
tion on the lower end of said tubular support member . 
simulating a landing gear, cooperating rollers and tracks 
supporting the outer shell on the base portion, and means. 


for raising and lowering said base portion during rotation 


of the outer shell and said frame. . 
3. In an amusement device simulating a space ride, the 


combination of: a vertically extending supporting mem- 


tation of the shell 12 and the inner rotating assembly 14, - 


the jacks 26 are actuated to raise the supporting member 
18 on the stanchion 22. This upward movement of the 
supporting member 18 will be rather minor, but will 
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be sufficient to give the sensation of rising to the pas- - 


sengers in the closed cabin 16. It will be observed that 
when the supporting member 18 is raised, the shell 12 
and inner rotating assembly 14 are simultaneously raised 


to retain the vertical relationship between the cabin 16 - 


and the remainder of the apparatus viewed by passengers 


in the cabin. Also, simultaneously with rotation of the. 


shell 12 and rotating assembly 14, the movie is displayed 
by the projector 124 on the screen 122 on the dome of 
the cabin to give the passengers the impression of ap- 


proaching one or more heavenly bodies. The jacks 26 
are then operated in the opposite direction to lower the 


cabin 16 and the movie projected by the projector 124 


= may then provide an impression on the screen 122 that 


the passengers are returning to earth. 

From the foregoing it will be apparent that the present 
invention provides an amusement device which will give 
the impression and sensation to patrons or passengers 
of the device that they are taking an interplanetary 
flight. The device includes counter-rotating sections sim- 
ulating the inner workings of a space craft and these 
moving sections may be easily viewed by passengers in 
the device. Also, the passengers are slightly raised dur- 
ing operation of the device to simulate flight from the 
earth and a movie is simultaneously displayed to give 
the impression of approaching a heavenly body. It will 
also be apparent that the construction of the amusement 
device is such that the device may be easily disassembled 
and moved from one location to another. It will further 


ber, a passenger cabin mounted on the upper end of the 


‘supporting member and having transparent windows in 
the floor thereof, an outer shell extending downwardly 
and outwardly from the lower end portion of the cabin 


and then inwardly and downwardly toward the supporting | 


- member, a first frame extending radially inward from the 
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outer shell and having a generally U-shaped cross section . 
with upper and lower horizontally extending portions, 0 
means rotatably supporting said first frame on the sup-- 
porting member, a second frame rotatably supported on 
the supporting member for rotary movement horizontally 
between the upper and lower horizontally extending por- 
tions of the first frame, and means for rotating said first 
and second frames in opposite directions to simulate 


movement: of the inner workings of a space craft as 
viewed from the cabin. 


4, An amusement device as defined i in claim 3 charac- 
terized further to include at least one jack connected to 
said supporting member for- raising and lowering the cabin 
and first and second frames during rotary movement of 
said frames. | 


5. An amusement device as defined in eli 3 e i 


in said supporting member is a tube, and characterized 
further to include a fixed stanchion telescoped into the 
supporting member for holding the supporting member 
vertical, legs extending outwardly in circumferentially 
spaced relation from the supporting member below the 
lower horizontal portion of the first frame simulating a 
landing gear for the device, rollers carried by each leg, a 
circular track on the lower horizontal portion of the first 
frame arranged to ride on said rollers during rotation of 
the first frame, and a jack connected to each leg of the 
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landing gear for raising and lowering the supporting mem- 
ber on the stanchion during rotation of said frames. 

6. An amusement device as defined in claim 5 wherein 
said means for rotatably supporting the first frame on 
the supporting member includes a track around the sup- 
porting member opposite each of the upper and lower 
horizontal portions of the first frame, and a plurality 
of rollers carried by each of the upper and lower hori- 
zontal portions of the first frame in circumferentially 
spaced relation in positions to engage the respective track. 

7. An amusement device as defined in claim 5 wherein 
said means for rotatably supporting the second frame on 
the supporting member comprises a pair of vertically 
spaced tracks around the supporting member, two sets of 
circumferentially spaced rollers carried by the second 
frame in positions to engage said tracks on the supporting 
member, circular tracks on the upper and lower horizontal 
portions of the first frame, and circumferentially spaced 
rollers on the upper and lower faces of the second frame 
for engaging the last-mentioned circular tracks. 

8. An amusement device as defined in claim 3 wherein 
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o 

© sa 
said means for rotating said frames in opposite 
directions comprises concentric annular plates secured 
around the first and second frames in vertically spaced 
relation adjacent the supporting member, a friction wheel 
carried by the supporting member in a position to engage 
said plates and drive the second frame in one direction 
upon rotation of the first frame in an opposite direction, 
and means for rotating the first frame. 

9. An amusement device as defined in claim 3 charac- 
terized further to include a movie projector in the cabin 
arranged to project a movie of heavenly bodies on the in- 
terior of the cabin and provide passengers in the cabin 
with a sensation of interplanetary space flight. 
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Question 


In which direction do these currents 
circulate—clockwise or counterclockwise? 
Answer 


Base current flows counterclockwise. 
Collector current flows clockwise. 

As stated earlier, NPN and PNP bipolar 
transistors work in much the same way: 
Base current causes collector current to flow 
in both. The only significant difference in using 
a PNP versus an NPN bipolar transistor is that 
the polarity of the supply voltage (for both 
the base and collector sections of the circuit) 


iS reversed. TO avoid confusion, bipolar 
transistors used throughout the rest of this 
book are NPNSs. 

13 Consider the circuit shown in Figure 
3.17 . It uses only one battery to supply 


voltage to both the base and the collector 
portions of the circuit. The path of the base 
current is shown in the diagram. 

Figure 3.17 
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Introduction 


In the late 1950s, Otis Carr claimed to have discovered what he called the "Utron", a "molecular shell" 
that houses the atoms. The cohesion of molecular shells is brought about by inertial systems in the gravity 
field, manifesting in the two poles of natural magnetism and electromagnetism. He claimed that by 
"hatching" the atomic egg, particularly of paramagnetic and diamagnetic elements (especially bismuth), 
atomic energy could be released gently. The Carr affair 1s generally considered to be a fraud. This file 1s a 
collection of excerpts of technical factoids from articles, interviews, etc., on the subject, without 
consideration of Carr's botched attempts to make a business of it. The technology actually makes some 
sense (to me, anyhow, with qualifications and reservations). I was told by Ralph Ring (one of Carr's 
engineers) that he himself had flown in a short test flight of a small model of the craft. Carr's business 
methods (fraudulent stock offerings and amateurish publicity tainted with hubris and non-performance) 
doomed his efforts. His engineer Norman Colton was an alcoholic who stupidly threatened a local 
newspaper publisher, thus generating more negative feedback. It was a sad pass from Carr's earlier 
statement that "We shall not stop until we have penetrated our great discoveries into all the ends of the 
earth, or even as far into outer space as man desires to go!" 


The historic details as published in various newspaper articles and particularly in True, The Man's 
Magazine ("King of the Non-Flying Saucers", January 1961), are too long to be transcribed here for any 
useful purpose. This file is composed only of technical factoids gleaned from the collection of papers 
offered by Rex Research (albeit as poor-quality photocopies, caveat emptor), plus a couple of short 
articles cribbed from Keelynet/Fate magazine. 


According to Carr, "Any vehicle accelerated to an axis rotation relative to its attractive inertial mass, 
immediately becomes activated by free-space-energy and acts as an independent force... We have shown 
that a charged body, accelerated to an axis rotation relative to this attractive inertial mass, indicates 
polarity in a given direction. The dip-needle points, say, up toward the top of the body. But mount this 
while rotating body, with its spindle, on another platform and rotate this platform on a spindle, then if the 
counter-rotation 1s greater than the inertial forward rotation of the body, a dip-needle on the second 
platform will point down while the first dip-needle points up, indicating complete relativity of polarity. 
When the exact counter-rotation matches the forward rotation the body loses its polarity entirely and 
immediately becomes activated by free-energy (tensor stresses in space) and acts as an independent 
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force... The above-described assembly of counter-rotating charged masses becomes weightless and will 
escape the immediate attraction of gravitational forces..." 


The Utron 


completely i 


io square 


7 
4 


EA 


right-angle 
TAM section 


Interview: "Long John" Nebel (WOR Radio, NY) with Otis Carr, et al. (1959) --- 


OTC (Otis T. Carr): "Our system utilizes gravity, electromagnetism, and electromotive force and a 
relative field to get its functional operation. We use an electrified sender. It's a sensor power core. Now 
this is what we call an accumulator... It is a storage cell, an accumulation of storage cells which provide 
an electromotive force in the same manner that any known battery produces and electromotive force... 


This [the Utron] 1s a dimensional product. It was designed with the dimensions of space itself. We say it 1s 
truly the geometric form of space, because it is completely round and completely square. It has been 
proven in scientific laboratories that the very smallest unit of mass matter ever photographed in the 
electron microscope are square in shape... We have applied this principle into an electrified system, which 
is the power core of our space vehicle. Now what makes this unique and novel from a battery is the fact 
that this is a piece of moving machinery that rotates. Our average storage battery is an inanimate object 
set in an inertial spot and then the electromotive force is conducted by wires from this battery to animate 
some object. 


LJ ["Long John" Nebel]: Let me interrupt for a moment; I'll try to describe it further. Well, it looks like 


two ice cream cones put together at the wide ends, but he angle is a lot wider [90 degrees] than that of the 
ice cream cones. There are a series of ridges; they look like gears would fit in. Is that correct? 
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OTC: No, those are in a sense turbine; they are reactive channels and where there is atmosphere a flow of 
air there aids in rotation. 


LJ: Well, then, this is one of the components of the drive; this is the battery. 


OTC: This is the center power core. 


LJ: This generates electricity? 


OTC: This is right. This is a storage cell for electrical energy. In operation it generates electricity at the 
same time it puts out electromotive force. This is the central power system for our spacecraft. 


LJ: I can tell this: that it opened up and it appears to be hollowed out on the inside... it's circular, the 
inside; when the two parts are put one on top of the other and they fit into place, the cavity inside is 
circular... 


OTC: It 1s a sphere, yes. And each unit 1s a hemisphere. We call the center of this large dimension the 
equator and of course it contracts and expands to a point on each side It's the union of two presto-conical 
sections; that is what it is Two right angle sections, and we say it is the dimensions of space and we have 
shown how this comes about... 


LJ: In the literature you've provided us with, there's a mathematical formula that crops up here that 
intrigues me: minus zero divided by plus zero equals zero. Can you tell me more about it and how you 
stumbled on this idea? 


OTC: The equation is brought about by the shape of our Utron electrical accumulator; this 1s the name 
given to our central power system. In our operation of working models and in checking out experiments, 
we had to find the formula that fir the reason for the action and reaction we were getting. So in exploring 
nature and studying the great inspirational work of the Dr. Einstein on relativity, we came upon this 
formula of linear correlation. And when we study linear correlation in geometric form we have to have a 
starting point and this is the point. And from there it explains through the cross and through the circle. 
And the only mathematical way we can express it 1s in the symbolism of zero X or 0X, and this formula 
brings us to that. We claim that this is the true unified field theory in physical practice. 


In a further study of Dr Einstein's great inspirational work --- and we corresponded with him and we had 
the great good fortune of being advised by him at one time --- we learned that all measurements of time 
and space had to be considered in relationship to the observer and therefore there never was a fixed 
quantity of any number. Now in physical form, this is something else again... 


On this craft, insofar as the individuals are concerned, we can travel in the same manner as a pressurized 
airliner. We don't have the problem of a heat shield... because the electromagnetic system sets up a 
protective shield in our craft which enables us to overcome this [thermal] barrier without any discomfort 
to the occupants of the craft. And we can very slowly rise, and once we are outside the atmosphere we 
can accelerate to tremendous velocities up to the speed of light itself. 


LJ: How would it land, sir? 


OTC: Very simply, we can fall at a very slow velocity of 100 feet/minute or less and we can set it down as 
gently as a feather because we have joined part of the operation of our craft to universal systems. This is a 
relative velocity craft and the minute it reaches the relative velocity of the attractive inertial mass, it 
becomes weightless as regards this inertial attraction. Individually, it is not weightless; t has the same 
weight as before, but when it reaches the relative location 1t becomes an independent system just as a 
planet is an independent system. 


LJ: Is there any gravitational pull at this point, sir? 


OTC: None whatsoever. They will have the same feeling of pressure or weight that they have right now 
because we will maintain as far as possible the atmospheric pressure of the earth at sea level inside the 
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craft. 


LJ: I am under the impression that the only reason I'm able to sit in this chair is because of gravitational 
pull. 


OTC: We have around 14 lb/square inch pressure within our atmosphere. We have been able to be sealed 
off away from such a condition and then artificially with atmospheric pressure the pressure in the cabin is 
maintained. We have it very well in submarines. The same may be used in our craft. 


LJ: In other words, under sea where a submarine may be there is no gravitational pull; is that what you're 
saying? 


OTC: There is gravitational pull at all times, but we are speaking about the atmosphere of the occupants 
inside a sealed unit. 


LJ: Is that necessary to keep the occupants in the position they desire? 


OTC: Absolutely, because in a vacuum they are at the mercy of any velocity. 


LJ: What would happen, sir, if there were some kind of instrument that you could turn on and eliminate 
the gravitational pull that was in this room? 


OTC: You would in a sense become very buoyant and this is not in itself a novelty but 1t certainly does 
not have any disastrous effect on humanity. 


LJ: Would I remain in this position? 
OTC: You could, but any movement would move you out of it. 
LJ: Would objects remain in position? 


OTC: Until they were brought into any movement. Any movement would make them buoyant 
themselves. 


LJ: I have a lead pencil; if I hold it in the air and release my fingers it would fall because of gravitational 
pull. If we had this other condition which you so aptly described a moment ago, if I released my fingers 
would the pencil remain in midair? 


OTC: This is true; it would stay there. 


LJ: I believe what you're saying is that you'd be creating an artificial gravitational field within the body of 
the spacecraft and yet there would not be any gravity on the outside? 


OTC: Exactly correct. 


LJ: And this is done by the battery which I attempted to describe, spinning around and producing its own 
gravitational influence? 


OTC: Yes, this is the beginning of an answer to your question: we have capacitor plates and 
electromagnets as a part of this system. Now, this is counter-rotating; the electromagnets rotate in one 
direction, and the batteries rotate in another. The capacitor plates rotate in conjunction with the battery so 
that we have a clockwise and counterclockwise rotation. Now the third system 1s the cabin that maintains 
the crew. This does not rotate; it is fixed due to the fact that the two bodies are rotating clockwise and 
counterclockwise. Therefore the system causes the craft to escape from the gravity pull. The craft itself 
due to this system still has internal gravity because it still has the same weight that it had in the beginning. 


LJ: What charges this battery? 
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OTC: This starts out electrochemically the same as other batteries, but we do have a regenerating system 
that 1s very unique. We are able here, for the first time to our knowledge, to use atmospheric electricity as 
a recharging system. This 1s done as part of the operational principle of the craft. 


LJ: You say you use atmospheric electricity. What happens when you leave the atmosphere? 
OTC: We have electrochemical systems to provide us with all the energy that we need and have a 
regenerating system in the manner of a regenerative coil that recharges this battery in the same manner 


that the storage battery in the automobile is recharged now, by a generator. 


LJ: What you have doe is made the first perpetual motion machine. 


OTC: There is nothing perpetual about our machine. The energies which cause it to operate are perpetual. 
You cannot destroy matter, and you cannot destroy energy; molecular flow is perpetual and that has been 
proven in the laboratory. It has been proven that electricity itself is immortal. When we take away 
resistance we can set up a spark of electricity and it will continue to operate; therefore we have perpetual 
energy. No machine that we can conceive of made by man would be perpetual, but it 1s free energy. It's 
self-energizing and as long as all parts function and do not wear out this 1s truly a self-energizing 
machine. 


Ben: About this formula: were using conventional algebraic methods? 


OTC: No, we weren't. Partially conventional, but we were joining actual space forms. We arrived at 
satisfactory equations for ourselves which can be demonstrated. 


Ben: Are the physical laws upon which your invention works expressed in mathematical terms? 
OTC: Possibly, but I wouldn't say that I'm qualified. We're satisfied with this formula. 
Ben: Well, it's like saying plus 4 divided by minus 4 equals 4. 


OTC: Sometimes these solutions are not always what appear. As we know in synergy, we know 1 plus 1 
equals 3. 


Ben: 1 plus 1 equals 3, when? 

OTC: Because two conditions always produce a third. 
Ben: the third condition is 2, isn't it? 

OTC: Not necessarily. 

Ben: Could you go over these conditions? 


OTC: If one condition operates one way and another operates another way, when you join them you have 
another condition and their sum is 3. 


Ben: Well, that is a little bit over my head. I've been looking at this prototype you have here and I notice a 
wooden frame or scaffolding you have a larger model of that you have on a turbine and around it is a 
wooden ring and it seems to be filled with electromagnets. 


OTC: That's right; this is a wood model of an operational model. What we have here is the cones, our 
Utron electric accumulator; that is the power system. This system activates the electromagnets and in turn 
activates. 


Ben: Does the system --- the thing inside --- activate the electromagnets on the outside? 


OTC: This is true. We do this by contacting this lead wire from the positive and negative poles of these 
batteries to the electromagnets and then we have circuit breakers from these electromagnets and we have 
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counter-rotation. These electromagnets will rotate counter-clockwise while the internal area is rotating 
clockwise. 


Ben: Are these spools of wire on the model itself, are they magnetized also? 


OTC: The coils of wire inside the ring are regenerative coils; they are electromotive force coils and they 
assist in regenerating the battery, because they are loops of wire brought through a magnetic field which 
sets up an electromotive force. These others are capacitor plates and these are also activated by the central 
power core, but these plates, which can accept a very high charge in neutral conductance also through the 
process of ionization utilize atmospheric electricity. 


Ben: The fact that you have two cones meeting at their bases, so that you have something that 1s also 
square. I don't see how you get a square. 


OTC: Dimensionally it is; it is square in these dimensions and when this rotation starts and builds up to a 
certain velocity, this form 1s very important because we have the total equation of action and reaction. 
Now this is done by a system of coil winding wherein we start at a point, expand to an equator, and 
continue our winding down to a point. With this physical expansion and contraction, is an 
electromagnetic field. Gravity enters the picture in the form of this relative rotation. When the relative 
rotation ---- inertial effective mass ---, it's a matter of dimension. So that is the earth, say, is 8,000 miles in 
diameter, we know its fixed rotation is 1 in 24 [blurred text, possible additional digit]. If we were 1 mile 
in diameter its rotation would be 8000 in 24 [blurred text, possible additional digit]. And by the same 
system, our 45-foot craft has a rotation of 580 rpm and when it reaches this rotation it is totally 
independent of its inertial attractive mass, in an electromagnetic field. 

Ben: If your models get up to 580 rpm, will they take off? 


OTC: This model was spun at 40,000 rpm and when it did it set a pressure pattern of 1,000 tons; the 
horsepower reading was a little over 700. Six engineers checked this out. Now the relative rotation of this 
model would be about 68,000 rpm, and when it reaches this rotation, it would immediately take off. 

LJ: Would the time factor be involved with this craft? 


OTC: In our solar system, the time factor would be involved, yes. We evaluate time on the velocity of 
light and in certain systems, 1f we exceed the velocity of light, unquestionably time would slow up. 


Ben: Your craft can exceed the velocity of light? 

OTC: We don't say this; I say I other systems. 

Ben: I thought nothing could do this. I thought it was a constant factor, one of Einstein's factors. 
OTC: Possibly in our system, but not necessarily true in other systems. 

Ben: Anything approaching the sped of light becomes pure energy. 

OTC: Pure energy, but in other systems it could change. 

Ben: What other systems? 


OTC: Other solar systems. We are completely controlled by our system and the velocity of light is our 
yardstick and our pattern and our craft is designed around this. 


Ben: You don't just upset one of the basic principles of the universe. 
Mel Salomey: Doesn't Einstein say any measurement is relative? 


Ben: Except this one; it's the first axiom. 
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Mel: What is an axiom? 


Ben: Self-evident truth. 


Mel. Thank you. Wasn't Einstein theorizing; wasn't he assuming? 
[Discussion of the speed of light, not included in transcript of the interview] 


Roy: What are these coils? To describe this the best I can, imagine if you will a circle about 18 inches in 
diameter. Two circles that form a sort of a -- In other words, one circle fits over another circle and from 
the top of the circle and coming down from the other an inverted round pyramid. There are a number of 
what appear to be copper wound coils around the edge of it. And then there's a sort of a framework on top 
and underneath there's sort of braces. That's the general idea. I noticed these cones placed mouth to mouth 
with some coils, the coils on the edge of this thing; it revolves within this structure. A tough thing to 
describe. 


Q: What is this over here, Mr Colton? 


Colton: This is a paper mockup to show the counter-rotation principle and its outside section that Roy is 
describing looking at the other mockup. It contains the electrified horseshoe magnets. This would rotate 
in one direction counter-clockwise while the center section with the electron accumulator [Utron] would 
rotate clockwise in the other direction. 


Q: Would these coils in the outer rim? 


Colton: Rotate counter-clockwise -- It has a rotation speed relatively equal the earth's rotation speed, at 
about 580 rpm. 


Q: When you say 580 rpm do you mean the outer rim is rotating on one direction 580 rpm and the inner 
rotating in the other direction at the same speed, giving a total rotation, one relative to the other, of 1160? 


Colton: Exactly, although I don't know if 1160 has any bearing on it or not. 
Q: Well, it would be twice the rotation in reference to the earth. 


Colton: We're not giving it for a certain rotation for the sake of rotation but for the sake of relativity to the 
attractive mass. The earth at 8,000 miles diameter rotating once in 24 hours 1s relatively equal to a 45-foot 
craft rotating at 580 rpm, and 580 rpm would calculate to be the approximate rotational speed of an 
automobile tire on a car moving at about 25-30 mph. 


LJ: Could a small craft be made to take off? 


OTC: We plan to build a prototype model as a demonstration device. Now I would like to state that 
certain models have been built by me and tested. Each one has been airborne. One was lost entirely in 
space. We had a control system and this one didn't function. This has already been done. 


Q: As was calculated, the speed of the circumference was 1263 mph. It gets kind of warm at that, doesn't 
it? 


OTC: No, it won't because it has its own protection field which 1s its electromagnetic actuation. We 
described it as a self-contained unit. This ionization of the capacitor plates sets up a glow brilliantly with 
a very soft luminescent light. 


LJ: What color? 
OTC: It would be in the nature of blue-green or very similar to the electric arc you see in welding. This is 


the field we are testing. It does not have a heat barrier in forward velocity at all. This electromagnetic 
field is being tested out now in conventional aircraft and proved very efficient. 
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Q: Would you suppose you could put rockets toward the edges of the cone and have the thing spin by 
rocket propulsion? 


OTC: We don't need it. We have a tremendous spin here. An electric motor operates the same way. You 
set up an electromotive force inside a magnetic field and you get rotation. So what we actually have here 
is an improved electrical motor which in itself is a circular device, and we say we make energy out of the 
air, from another dimension. 


To clear your analogy up also, we would like to demonstrate the fact that this earth itself is literally a 
space craft demonstrating what we're talking about; it's rotating and orbiting at a certain constant speed 
with a magnetic field and it is in itself a spacecraft. 


Q: Mr Colton, we assume the moon has a gravitational field. How does it make a gravitational field and 
yet it does not rotate on its axis. 


Colton: It does not rotate on its axis? 

Q: No, the moon does not rotate on its axis. 
Ben: Sure it does, | rotation for 1 revolution. 
Q: How long does it take? 

Ben: 28 days. 

Q: And the earth takes one day. 


OTC: And that's how engineers and scientists have evaluated the velocity of the craft we call the earth by 
the orbit of it. Upon the pattern already set up, by the amount of time it takes the moon to rotate once 
around the earth from the center of the earth's core: 28 days. The distance being 245,000 miles. It is easy 
to calculate. 


Q: These cones seem to revolve over intricately wound copper coils. Do you supply any motor power to 
this? 


OTC: All energy comes from these two cones [Utron]. This in vernacular is a battery. The big novelty is 
that we have put a battery in motion. We have designed it within the accepted knowledge of total 
dimensions of space-matter and we have activated it electrochemically [electrolyte in the hollow center] 
and used the force through chemical activation to activate the entire craft, after which we have motion as 
the feature of this accumulator. 


Ben: Mr Osgood's telegram brought up a very important and perhaps crucial point, mainly, James Clerk 
Maxwell demonstrated that light is an electromagnetic radiation, also verified by hertz who laid the 
foundation for modern radio. Now the speed of electromagnetic radiation such as radio waves also travels 
186,000 miles per second. In other words, light and all forms of electromagnetic radiation travel at the 
speed of 186,000 miles per second. Now if it were possible for your craft to travel faster than the speed of 
light, it could, therefore, travel faster than the speed of electromagnetic radiation. So once it exceeded 
186,00 miles per second, you wouldn't be gaining all this energy from this electromagnetic radiation 
you're generating and wouldn't you fall rapidly down? 


OTC: There is a continuous falling in space which in itself can bring velocity and can bring you to 
another system. We mentioned conjecturally that in other systems, there could be different velocities. 
We're not applying them to our craft. We don't identify them wit our craft. Relatively, we could not go 
faster than the speed of light unless we were in a system that permitted it. In our solar system, which we 
have mentioned now 3 times, it is designed on known principles. We conjectured about other systems. If 
we go beyond the speed of light in other systems the conditions within that system would make it possible 
for us to have power. 
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Roy: Let's assume, Mr Carr, this vehicle 1s at rest. What 1s 1t that originally overcomes the inertia of this 
rotor and starts the rotor moving? 


OTC: The electromagnetic force stored in the energy of the Utron electric-accumulator, which in 
vernacular 1s a battery. 


Roy: Now the Utron electric accumulator 1s these cones that are inverted to each other with bases 
together. I know of zinc batteries, nickel-cadmium, lead-acid cells. Could you use those? 


OTC: We could use any of the kinds you mentioned; what we have here is tremendous power size in 
comparison to other batteries; therefore, it's very easy to put 1000 2-volt cells inside this one unit as you 
see it. It has functioned very well. In our 45-foot craft we plant to have 12,000-volt batteries which will 
extend an electromotive force which will energize the electromagnets and the capacitor plates. The 
generative coils will put back into the batteries in this system the same amount of volts going out until 
there 1s a breakdown of electro-chemicals or wear-out of equipment. But it could last as long as average 
storage batteries in automobiles. 


Roy: In order to start the motor off originally, is it necessary to cause a flow of electricity through one set 
of the coils? 


OTC: That's true. 
Roy: Is there any magnetic force in the other set of coils at this point? 


OTC: They individually operate by circuit breakers and the first motion begins to start a repetition. The 
same we have in a motor that has the opposite of a commutator, which 1s an accumulation of contact 
points where each coil is energized as the current flows through this coil. Then this starts the motion, the 
repetition of this motion brings the whole motor into phase in the same sense our accumulator and 
magnets become speeded up and the circuits are made and broken as they rotate. 


Roy: Where the inner rotor rotates in one direction and the outer in the other direction. and 1f the cabin is 
located on top of the rotating mechanism, what keeps 1t from rotating in one direction or the other? 


OTC: We have this cabin as the center of the craft and the battery below the cabin and the electromagnets 
are the total outside of the circular foil. The shaft of the accumulator goes through the cabin and there 1s a 
bearing. Now, just as this stays stationary when this is rotated, so will the cabin because there are two 
rotating forces. You have the clockwise rotation of the accumulator, the capacitor plates, the generative 
coils, you have a counter-rotation of the entire circular area of the craft, the larger diameter which houses 
the electromagnets; therefore, when you have rotation in both directions, the cabin itself is like a bearing 
and extension of the shaft. We've built models and proved this is correct. 


Roy: OTC XI was accomplished? 


OTC: Six crafts were airborne, one escaped; we used circuit breakers of various types and fuses burned 
through the switch and we lost one craft. 


Roy: What was the size? 
OTC: The largest and the one lost was 6 feet in diameter. 


Roy: You also talk of the Caroto Gravity Motor and you mention it requires no fixed location in which to 
function, and you also say a lot of other wonderful things about the possibility for this motor. Is it 
something else than the spacecraft? 


OTC: They are two separate packages. The spacecraft utilizes the electrical accumulator and the gravity 
motor uses the energy of the inertial attractive forces. We have learned how to take this energy and key it 
to a working shaft and get work power which we call free energy because it is. We don't make any part of 
it. Now in the rather vulgar vernacular sense this would have been classified as perpetual motion. It is 
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Questions 
A. Name the components through which the 
base current flows. —__ 
B. Into which terminal of the transistor does 
the base current flow? | 
C. Out of which transistor terminal does the 
base current flow? —— 
D. Through which terminals of the transistor 
does base current not flow? = — 
Answers 
A. The battery, the resistor RB, and the 
transistor 
B. Base 
C. Emitter 
D. Collector 

14 Take a moment to recall the key 
physical characteristic of the transistor. 
Question 


When base current flows in the circuit shown 
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nothing of the sort. It's free energy. Now we have learned that all masses that are smaller than the masses 
to which they are attracted exert energy. Even this ashtray; if it takes a pound of energy to lift it, then it 1s 
exerting a pound of energy. We have a true gravity motor. Its functional operation is to produce power 
continuously without any dissipation of the energy which causes it to operate, and we have built models 
of this and they operate and function and we are in the patent procedure with this. 


Mel: Back to a question a while ago regarding an analogy of the earth as a spacecraft. Taking another 
look at the mock up prototype power package there in front of you. It resembles the solar system itself, 
and as a matter of fact one of the statements in the brochure published in 1957, stated it illustrated the 
geometry of the universe. It seems that this device miniaturizes and essentially duplicates the motion of 
bodies in the solar system. It must have the ability to miniaturize their energy. So in a sense, the bodies in 
the solar system, in all time, have maintained their constant motion perpetually in those motions and this 
is why people characterize this power package as a perpetual motion machine. 


OTC: But we do not make any such claim. 


Colton: The Utron has many applications, has many forms, many variation. In one sense you might 
describe it as an energized armature or in other words a motor with a self-contained moving battery, also 
capable of continuously re-energizing itself. The offer in regards to spacecraft applies to government and 
industry alike. We will only make total disclosure demonstration after we have procured a firm order. In 
other words, we're not looking for anyone to evaluate our development. Mr Carr has come a long way in 
his research. He doesn't need any risk money from taxpayers or industries for further exploration and 
development. We will disclose to anyone who is a purchaser, but not to anyone who comes along for 
curiosity. 


Mel: What does the word "Utron" mean? 


Colton: "Utron" is a coined word, a word Mr Carr put together: the letter "U" and "tron", U meaning the 
direction or shape of motion as applied and used and equated in this accumulator or battery we described 
-- U is the plane, the geometrical figure that is the portrait of the wave, you might say. The letter U as 
described on paper, the two-dimensional, is a portrait on paper of the wave or the wave motion with the 
cut field, with the straight line, the pressure energy in the Utron accelerator. 


OTC: To me there's no such thing as a completed curve; you only go half way, just like you only go half 
way into the woods, then you're coming out. This is the same. A bisection of a total sphere is its exact 
curve and one half of it is primarily U-shaped. Because in magnets there are always two poles and one 
normal way to show them is in a U-shape, but if it's in a bar magnet, there are still two poles and the 
shape is still the same. We can only put a rope one half way around the tree and it's coming back the other 
way, and this is true in all wave motion. Now, if you extend this into velocity, this is the pattern in the sine 
wave and definitely the electromagnetic wave. 


Ben: I see... the vortexian of the wave 
OTC: All motion is relative to all other motion, so this serpentine, spiral state. 


Ben: So it's not the form of that motion, the graph and the equation. I'll accept the fact that it's the form of 
the utron motion though. 


OTC: Also the form as well in two dimensions is intensified in the geometry of our accumulator. 
Q: Why do you refer to this vehicle as a 4th dimensional vehicle? 


OTC: Because the geometry of the accumulator is such as the 4th dimension. To me the application of 
space and time, a vibratory field and electricity as we know it is a vibratory force in motion. This 1s 
symbolic of it and when it is activated it becomes such. Now this may be a little bit difficult to 
understand, but nevertheless the very smallest electronic particles of matter have been shown under the 
highest type of electron microscope to be one-dimensional squares. To me this is verification that this is 
truly a space dimension because it is the shape of matter. Without matter you couldn't have space. 
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Q: I'm holding a thing that looks like two loudspeakers in a simplified form, placed mouth to mouth, two 
cones mouth to mouth, like two tops together so they have a point at each end and actually like a 
thickened flying saucer... Now what is it that comes from that: is it a high voltage? 


OTC: The voltage is whatever we wish to make it by design. 
Q: In other words, then, this 1s a battery? 

OTC: That's right. 

Q: The battery then goes through these magnets? 


OTC: The battery rotates in this magnetic field. The average armature today in any electrical system is 
usually the permeability, iron wound with copper, then through a magnetic field acts as a motor, or it 
becomes a generator, depending upon the lead. The great novelty here in the area in which an armature is 
normally used, we have a [power unit, and this a battery, and this is a moving power unit. 


Q: In other words, you might call this a self-contained power supply, right? How would this generator --- 
maybe I'm using the wrong word --- gather additional energy from outside? 


OTC: This is due to its circular motion. Electrical forces are motions where they manifest. Now we have 
cycles in alternating current; AC gives you 60 cycles per second; we have discovered in our experiments 
that there is a space cycle related to electricity, and if we join the cycle we get energy from it. 


Q: Mr Colton, will you try to describe to our listeners how they can draw at home a facsimile of an 
Utron? 


Colton: You can take a pencil and draw four lines to form an open square. When you have a square, draw 
a Straight line from one point of the square to an opposite point and you'll have two right angle triangles. 
Now if you convert the line you've just drawn into a small lip you'll begin to see two inverted cones, the 
base of which form a circular equator. While you started with a square, you now have two cones. 
Obviously, the base of the cone is a circle or completely round as we describe it, and you have the device 
which is described as completely round and completely square, the Utron electric accumulator. The cavity 
in the center of these which is a hemisphere when the two cones are put together have a hollow sphere. 
This is the cavity which contains the electrolyte which would be used in some of the applications of the 
accumulator. 


Q: Of what value is the term "completely round and completely square" apart from its obvious 
redundancy. 


Colton: It is Carr's definition of the geometry or the basic space form or the basic form of all matter large 
or small relatively as we describe it. It is the definition of the terminal motions of universal energies in 
what we call space. 


Q: In one of your brochures you make mention of a "photon gun" and you say, "This is primarily a 
development that works outside of the earth's atmosphere. We are entering an age of space flight and the 
use of solar energy is practically unlimited"... What is a photon gun? 


OTC: I am using the word gun as a reaction principal instead of as a weapon, nevertheless it is a gun and 
in fact fires billions of rays of solar energy at right angles to the reception. By placing them through a 
certain chamber, we have been able to get a reaction and whenever there is a reaction, we can get power, 
we can get force from it. So we feel outside the earth's atmosphere new systems of propulsion even 
beyond our own of electromagnetism will make themselves apparent. 
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Information Bulletin #3 (December 23, 1957) [Excerpts] 


"Carr's Principles of Free Energy Space Flight Accorded Highest Scientific 
Verification" 


Otis T. Carr, President of OTC Enterprises in Baltimore and inventor of a manmade spacecraft, which he 
has offered to build and deliver to the government without one penny of risk to the American taxpayer, 
publicly revealed the propulsion principle of his spacecraft in the following statement: 


"Any vehicle accelerated to an axis rotation relative to its attractive inertial mass, immediately becomes 
activated by free-space-energy and acts as an independent force..." 


An excellent example of this principle applied in practice 1s the fact that the two satellites now orbiting 
the earth, have achieved space-energy activation by an equivalent inertial velocity, and were it not for 
their susceptibility to internal or inherent physical deterioration, they would theoretically and factually be 
kept orbiting by natural space forces until the end of time in our solar system. These statements in 
evaluation of natural physical phenomena as first discerned and made public by Mr Carr, have been 
physically tested in laboratory experiment by an impartial scientific laboratory and confirmed as follows: 


"We have shown that a charged body, accelerated to an axis rotation relative to this attractive inertial 
mass, indicates polarity in a given direction. The dip-needle points, say, up toward the top of the body. 
But mount this while rotating body, with its spindle, on another platform and rotate this platform on a 
spindle, then if the counter-rotation is greater than the inertial forward rotation of the body, a dip-needle 
on the second platform will point down while the first dip-needle points up, indicating complete relativity 
of polarity. When the exact counter-rotation matches the forward rotation the body loses its polarity 
entirely and immediately becomes activated by free-energy (tensor stresses in space) and acts as an 
independent force... The above-described assembly of counter-rotating charged masses becomes 
weightless and will escape the immediate attraction of gravitational forces. 


"Your discovery therefore is distinctly a possibility, and its creative genius lies in its inventor's ability to 
provide it with a process for generating its own power as a result of its self-rotation." 


Translated into familiar terms, this scientific explanation means that the above-described assembly of 
counter-rotating charged masses becomes weightless and will escape the immediately attractive 
gravitational forces... 


Our experiments and investigations have made known to us that the mighty power from the Sun can be 
utilized when the geometry of design 1s properly evaluated. We are aware of the resistance factors 
involved, due to the earth's atmosphere, and our developments have been predicated on overcoming these, 
which in some instances has been done. 


We have invented a Fourth Dimensional Vehicle. This Fourth Dimensional Vehicle is powered by the 
revolutionary Utron electric accumulator, which is completely round and completely square, and 
generates its own power, which is electromagnetism and electromotive force. It can be launched form the 
earth, and does not have to be blasted into space. The basic design was brought to the attention of the 
United States Government, and a patent application was filed in 1949. 


Some tests were independently made by qualified engineers at one of America's leading plants and 1t was 
estimated that a small model, only 4 inches in diameter, produced energy equivalent to 1,000 tons. This 
was in 1952, and Mr Carr was unable to interest anyone in his efforts at that time. Things have changed, 
and the Government has now put its blessing on space flight development. 


At the present time the rocket enthusiasts are commanding topmost attention. But there will be changes in 
thinking, and new directions of endeavor very soon. Our experiments with circular-foil design, as relates 
to gravity, electromagnetism, and electromotive force, have led us to the certain conclusion that it is 
possible to use the inverse-proportion laws of Newton as successfully as the third law of motion applies 
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to accelerated rockets. We will produce the OTC-X1 circular-foil spacecraft as the first operational 
prototype as symbolized in this conception drawing. 


Claims Christ Disclosed True Nature of the Universe in Symbolism of the Cross ~ 


Visionary Mr Carr claims that Christ disclosed the true nature of the Universe in the Symbolism of the 
Cross. He pointed out that "Christ is truly expressed in the sign of the Cross -- the true Cross -- the 
absolute, the finite expression of the cosmos that we call the Universe". The inventor further stated: 


"A universe has only two basic properties: the motions and the directions. The correlation of these 
properties manifest in several forms, their two categories being called energy and matter. 


"These two forms are equal to each other, and are the product of each other, matter being energy under the 
pressure of motion and having relative finity because of the harmonious correlation of the direction of 
such pressure, and energy being matter released from pressure by any change in the direction of motion. 


"In any universal system, these motions and directions manifest their finite totality in what we call space, 
and describe their total form in what we call straight lines and curves, the geometry of which is expressed 
in a finite form whose dimensions are a constant correlation of the directions and motions. We have 
equated the shape of this universal space and translated it into physical form which we have called the 
Utron Electrical Accumulator, which expresses the linear correlation of space motions and directions in a 
form that is therefore completely round and completely square. 


"In its linear proportions the Utron Electrical Accumulator is the union of straight lines brought together 
in and from all directions, and in its correlation of and with curved lines it expands from a point to the 
circumference of its equator and contracts from that equator to a point, always being a correlation of 
complete curves. The aim of these linear correlative dimensions is three points, the exact center point of 
which is +0 and -0, the exact peripheral points of which are +X and -X. 


The space ship designer then mathematically points out his theory: 
-0/+0=0 

-X/+X =X 

0+X=0X 

Continued Mr Carr: 


"We were inspired to complete this work in the service of the Christ Jesus by Albert Einstein's search for 
a unified field. This relativity is a unified field, expressed in physical form is the square in the circle 
bisected by the Cross. The Utron Electrical Accumulator is the full expression of the dot that was the 
beginning of 0X, extended in all directions to form the cross, which in motion continues on to form the 
square and the circle. 


"In the beginning was the Word. The Word was 0X [actually: AeTZI], and in the revelation of Jesus, was 
given for all who wanted to see, in the symbolism of the true cross. 


"Set the cross in motion and you will see the halo that is Light and which we also call Energy. 


"If there is not time 

And there is no space 

There can be no other place. 
And perhaps there 1s no far. 
Perhaps the Universe 

Is right where we are." 


Peace and plenty through the Application of Free Energy to Supply All Things to All People. 
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US Patent # 2,912,244 
Amusement Device 


(November 10, 1959) 


Otis T. Carr 


This invention relates generally to implements in amusement devices, and more particularly to an 
improved amusement device of the type where the passengers will receive the impression of riding in an 
interplanetary spacecraft. 


The present invention contemplates a novel amusement device having the overall configuration of a 
spacecraft and being formed in various sections, with portions of the sections being rotated in opposite 
directions to give the impression of movement to the passengers. It is also contemplated to move the craft 
up and down and display an animated movie of heavenly bodies above the passengers to give the 
passengers an impression of leaving the earth and approaching a distant planet or the like. This invention 
further contemplates the provision of electromagnets, cones, and the like carried by the oppositely 
rotating sections of the device, and windows through which the passengers may view these simulated 
objects to give the impression that they are viewing the inner workings of an interplanetary spacecraft 
during flight of the craft. Finally, this invention contemplates the construction of the various portions of 
an amusement device simulating an interplanetary spacecraft in such a manner that the device may be 
easily transported in sections from one location to another and reassembled in a minimum of time. 


An important object of this invention is to provide an amusement device wherein a passenger in the 
device receives an impression of flying in an interplanetary spacecraft. 


Another object of this invention 1s to provide an amusement device having a general configuration of an 
interplanetary spacecraft and having oppositely rotating sections simulating the movement of various 
portions of the device to impress the passengers with flight in a spacecraft. 


Another object of this invention is to provide an amusement device simulating an interplanetary 
spacecraft wherein the passengers will be physically moved a very minor distance and yet will receive the 
impression of flying in a spacecraft. 


A further object of this invention 1s to provide a portable amusement device simulating an interplanetary 
spacecraft which may be easily disassembled and transported from one location to another. 


A still further object of this invention is to provide an amusement device which is simple in construction, 
may be economically manufactured, and which will have a long service life. 


Other objects and advantages of the invention will be evident from the following detailed description, 
when read in conjunction with the accompanying drawings which illustrate my invention. 


In the drawings: 


Figure 1 is an elevational view of an amusement device constructed in accordance with this invention. 
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Figure 2 is a vertical sectional view through the device illustrated in Figure 1. 
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Figure 3 1s a plan view of the landing gear for the amusement device, with the housing around the legs of 
the landing gear removed. 
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Figure 4 is a plan view of the supporting structure or framework for the outer rotating shell of the 


amusement device shown in Figures | and 2. 
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Figure 5 is a plan view of the central rotating assembly which rotates within the outer shell frame 


illustrated in Figures 2 and 4. 


Figure 6 is an enlarged sectional view illustrating the support and the drive between the inner rotating 


assembly and the outer rotating assembly. 
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Fist INVENTOR. 


Figure 7 1s a plan view of the floor portion of the passenger cabin. 


Referring to the drawings in detail, and particularly Figures 1 and 2, a preferred embodiment of the 
present invention comprises, generally speaking, a supporting structure and landing gear 10, an outer 
rotating shell 12, an inner rotating assembly 14 (shown only in Figure 2) and a passenger cabin 16 
extending downwardly into the upper end portion of the outer shell 12. The landing gear and supporting 
mechanism 20 comprises a vertically extending tubular member 18 around which the outer shell 12 and 
inner rotating assembly 14 are journaled as will be hereinafter set forth, and a plurality of legs 20 
extending radially outward in circumferentially spaced relation from the lower end of the tubular member 
18. The tubular member 18 is telescoped over a supporting stanchion 22 which may be in the form of a 
pipe, and the tubular member 18 is slidingly supported on the stanchion 22 by suitable wheels or rollers 
24 to facilitate vertical movement of the member 18 on the stanchion 22, as will be hereinafter set forth. 
The stanchion 22 is preferably supported in a suitable foundation 25 to provide adequate strength for the 
amusement device. 


A suitable jack 26, preferably a hydraulic jack, is anchored in the foundation 23 underneath the outer end 
portion of each of the landing gear legs 20 and is provided with an extension 28 extending upwardly into 
connection with the respective leg 20. The jacks 26 are operated simultaneously to raise and lower the 
landing gear and supporting structure 10, as will be described. A suitable shaped housing 20 is preferably 
secured around each of the landing gear legs 20 to provide a streamlined appearance. It may be noted that 
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each of the legs 20 is preferably constructed out of a structurally strong member, such as an I-beam, and 
is secured to the lower end potions of the tubular member 18 by suitable braces 32 and plates 34 to assure 
a rigid and adequate connection of the legs to the tubular member 18. 


A pair of rollers 36 (see also Figure 3) are rotatably supported adjacent the outer end portion of each leg 
20 of the landing gear and are arranged to engage a circular track 38 (Figures 2 and 4) for partially 
supporting the outer shell 12 and the inner rotating assembly 14 as will be described. Also, a suitable 
drive motor 40 (Figure 3) is mounted on one of the legs 20 of the landing gear and is connected through a 
suitable gear box 42 to one of the rollers 36 to rotate the outer shell 12 with respect to the landing gear 
and the supporting structure 10. The roller 36 connected to the drive motor 40 may be suitably chained 
(not shown) to its companion roller 36 to assure an adequate drive connection between the drive motor 
and the circular track 38. 


The shell (Figure 2) is tubular in configuration, with the diameter of the central portion thereof 
substantially larger than the diameter at the opposite ends thereof, and is supported in an upright position 
to give the general appearance of two saucers placed face-to-face. The outer edge portion 44 of the shell 
12 is preferably formed of partially transparent material, such as Plexiglass, and is illuminated from 
within (not shown) to provide a band of light around the central portion of the shell 12. the remainder of 
the shell 12 is formed of any desired opaque and relatively strong material, such as aluminum-laminated 
masonite sheets. 


The shell 12 is supported on a frame generally designated by reference character 46 and illustrated in 
Figures 2 and 4. the frame 46 is circular in plan, as viewed in Figure 4, and is substantially U-shaped in 
cross-section (as shown in Figure 2) to provide an upper horizontally extending portion 48 and a lower 
horizontally extending portion 50 which extend from adjacent the support member 18 outwardly to the 
central portion of the shell 12. The frame 46 may be easily formed with industrial steel tubing 52 formed 
into a truss with bracing of steel rods 54. With this construction, the frame 46 may be easily fabricated in 
sections for convenient assembly, or the entire frame 46 may be lifted off of the supporting member 18 
and transported to another location. 


Support of the frame 46 and the outer shell 12 1s provided by the track 38 (previously mentioned) which 
is secured on the lower face of the lower horizontally extending portion 50 of th3 frame 46 in a position 
to engage the roller 36 carried by the landing gear legs 20. Additional support for the frame 46 is 
provided by rollers 56 (Figure 6) secured around the inner edge of the lower portion 50 of the frame, and 
rollers 58 secured around the inner periphery of both portions 48 and 50 of the frame. The rollers 56 are 
arranged in circumferentially spaced relation around the inner periphery of the frame 46 and engage a 
circular track 60 supported by the legs 20 of the landing gear. The track 60 may be an extension of the 
upper plate 34 shown in Figure 3. The rollers 58 engage tracks 62 extending circumferentially around the 
supporting member 18 to accommodate any radial forces imposed on the frame 46. It will be understood 
that any desired number of the rollers or wheels 36 operated by the motor 40 will engage the track 38 to 
rotate the shell 12 in one direction around the longitudinal axis of the supporting member 18. The rollers 
56 will engage the track 60, and the rollers 58 will engage the tracks 62 during such rotation of the outer 
shell 12 and frame 46. 


The inner rotating assembly 14 is generally annular-shaped, as illustrated in Figure 5, for movement 
around the supporting member 18 between the upper and lower horizontally extending portions 48 and 50 
of the frame 46. The assembly 14 is also preferably constructed as a frame out of square steel tubing 52 
formed into a truss with steel rods 54 for bracing, and is provided with a double conically-shaped 
framework 64 adjacent the supporting member 18. The framework 64 1s provided to support a covering 
material 66 of any suitable type such as laminated metal or plastic, to simulate a solid member in the 
central portion of the amusement device, which in turn simulates a portion of a spacecraft, such as the 
power unit for the craft. The covering material 66 may be corrugated 1f desired. The framework 64, as 
illustrated in Figure 6, is also provided to support the rotating assembly 14 on the supporting member 18 
and the frame 46. A plurality of rollers 68 are provided around the lower face of the framework 64, and a 
plurality of rollers 70 are provided around the upper face of the framework 64 to engage circular tracks 72 
and 74, respectively, which are mounted on the frame 46. The rollers in each set of rollers 68 and 70 are 
provided in circumferentially spaced relation around the inner periphery of the rotating assembly 14 to 
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in Figure 3.17 , what other current can flow, 
and which components will it flow through? 
Answer 
Collector current will flow through the resistor 
RC and the transistor. 

15 In Figure 3.18 the arrows indicate the 


path of the collector current through the 
circuit. 
Figure 3.1 
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A. List the components through which the 
collector current flows. ———__ 
B. What causes the collector current to flow? 


Answers 
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accommodate vertical thrusts imposed on the rotating assembly. Additional rollers 76 and 78 are provided 
around the inner periphery of the framework 64 to engage tracks 80 extending circumferentially around 
the supporting member 18 to accommodate radial thrusts imposed on the central rotating assembly 14. It 
will be apparent that any desired number of rollers 76 and 78 may be provided around the inner periphery 
of the framework 64 to adequately support the rotating assembly 14. 


I also prefer to support a plurality of conically-shaped member 82 in the outer edge portion of the central 
rotating assembly 14. Each conically-shaped member 82 may be easily formed out of a suitable sheet 
material, such as aluminum or plastic, and is supported at its opposite ends by suitable trunions 84 to 
extend through the truss comprising the frame of the central rotating assembly 14. The conically-shaped 
members 82 are preferably provided in circumferentially spaced relation around the assembly 14, as 
illustrated in Figure 5, and are positioned to move through simulated electromagnets 86 supported around 
the frame 46, as illustrated in Figures 2 and 4. Each simulated electromagnet 86 may be formed in 
horseshoe shape out of any suitable sheet material, and is provided with tubing or the like 88 around a 
portion thereof to simulate the winding of an electromagnet. I further prefer to secure a plurality of plates 
90 in spaced relation 14 to simulate capacitor plates in a spacecraft. The plates 90 may be formed out of 
any suitable material such as aluminum-laminated masonite to provide a striking appearance. 


The inner rotating assembly 14 1s driven by a friction or dead wheel 92 pivotally supported on the tubular 
member 18, as illustrated in Figure 6, engaging circular plate 94 and 96 carried by the inner rotating 
assembly 14 and the frame 46, respectively. The plates 94 and 96 are arranged in vertically spaced 
relation with sufficient distance therebetween to frictionally engage opposite portions of the wheel 92. It 
will therefore be apparent that when the frame 46 is turned in one direction, the plate 96 will engage the 
periphery of the wheel 92 to drive the wheel 92 and in turn drive the central rotating assembly in the 
opposite direction by frictional engagement of the wheel 92 with the plate 94. Therefore, the various 
conically-shaped members 82 will be moved successively through the simulated electromagnets 86 and 
give the appearance of the generation of electrical energy. 


The cabin 16 is supported on the upper end of the tubular supporting member 18 and is rigidly secured to 
the member 18 by bracing 100 to move with the supporting member 18 and to be prevented from rotating 
with the shell 12 or rotating assembly 14. Additional support 1s provided by a plurality of rollers 101 
carried by the frame 46 engaging a complementary track on the bottom of the cabin. The cabin 6 is 
constructed out of a suitable framework 102 such as aluminum laminated with masonite, on the outer 
surface of the framework and any other suitable material 106, such as masonite, around the inner surface 
of the framework. It will be understood that substantially strong members 108 must be provided in the 
floor of the cabin 16 to adequately support passengers in the cabin. As illustrated in Figure 7, a plurality 
of transparent windows 110 are provided adjacent the outer and inner peripheries of the floor of the cabin 
16, through which the passengers in the cabin may adequately view the inner rotating assembly 14 and 
the frame 46. 


Passengers may either stand or sit in the cabin 16 and may gain entrance and exit from the cabin through 
suitable doors 112 as illustrated in Figure 2. It will also be noted that the upper edge portion 114 of the 
outer shell 12 is extended upwardly to overlap the lower end portion of the cabin 16. A portion of the 
upper edge 114 of the shell 12 is removed, as at 116 in Figure 1, such that passengers may enter the cabin 
16 through the doors 112. Simulated portholes 118 are provided around the upper edge portion of the 
cabin 16 to further simulate an interplanetary spacecraft. It will be noted, however, that the portholes 118 
are preferably covered with an opaque material on the inside of the cabin 16 to prevent the passengers 
from seeing familiar objects outside the cabin 16. 


A dome 120 is preferably provided in the top central portion of the cabin 16 and the under surface thereof 
is covered with a suitable material 122, such as cloth or the like, which will display a movie scene. A 
projector 124 is suitably mounted in the central portion of the cabin 16 to project an animated movie onto 
the screen 122 during the operation of the amusement device to give passengers the impression of 
interplanetary flight. 


In summarizing the operation of the referred amusement device, the passengers are directed into the cabin 
16 through the opening 116 in the upper edge portion of the shell 12 and through the doors 112. The doors 
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112 are then securely fastened in close depositions and the passengers are thereafter prevented from 
viewing any object outside the amusement device during the simulated flight. The drive motor 40 1s then 
placed in operation to rotate the shell 12 and frame 46 in one direction, while the friction wheel 92 drives 
the inner rotating assembly 14 in an opposite direction. Passenger sin the cabin 16 will then view the 
movement of the inner assembly 124 and the frame 46 through the windows 110 to receive the impression 
of watching the inner workings of a spacecraft. Also, suitable lighting effects (not shown) are preferably 
provided in the sell 12 to illuminate the moving parts. Simultaneously with rotation of the shell 12 and the 
inner rotating assembly 14, the jacks 26 are actuated to raise the supporting member 18 on the stanchion 
22. This upward movement of the supporting member 18 will be rather minor, but will be sufficient to 
give the sensation of rising to the passengers in the closed cabin 16. It will be observed that when the 
supporting member 18 is raised, the shell 12 and the inner rotating assembly 14 are simultaneously raised 
to retain the vertical relationship between the cabin and the remainder of the apparatus viewed by 
passengers in the cabin. Also, simultaneously with rotation of the shell 12 and rotating assembly 14, the 
movie is displayed by the projector 124 on screen 122 on the dome of the cabin to give the passengers the 
impression of approaching one or more heavenly bodies. The jacks 26 are then operated in the opposite 
direction to lower the cabin 16 and the movie projected by the projector 124 may then provide an 
impression on the screen 122 that the passengers are returning to earth. 


From the foregoing it will be apparent that the present invention provides an amusement device which 
will give the impression and sensation to patrons or passengers of the device that they are taking an 
interplanetary flight. The device includes counter-rotating sections simulating the inner workings of a 
spacecraft and these moving sections may be easily viewed by passengers in the device. Also, the 
passengers are slightly raised during operation of the device to simulate flight from the earth and a movie 
is simultaneously displayed to give the impression of approaching a heavenly body. It will also be 
apparent that the construction of the amusement device is such that the device may be easily disassembled 
and moved from one location to another. It will further be apparent that the present amusement device is 
simple in construction, may be economically manufactured and will have a long service life. 


Changes may be made in the combination and arrangement of parts or elements as heretofore set forth in 
the specification and shown in the drawings, it being understood that changes may be made in the 
embodiment disclosed without departing from the spirit and scope of the invention as defined in the 
following claims. 


I claim: --- [Claims not included here] 


Model OTC-X1 Construction Plans 


As your eyes take in the shapes and relationships in these illustrations of the miniature model you are 
about to build, your reasoning will let you understand much about the invisible forces that contribute to 
the noise-free, pressure-free, and vibrationless sensation of floating flight to be experienced in the 
passenger living rooms aboard the OTC-X1. It will be very much like reclining in an overstuffed armchair 
on our comfortable old planet Earth. 


It mechanical behavior being like that of a giant gyroscope, and electrically like a planet with its own 
atmosphere and force field, the OTC-X1 craft will know nothing of sound barriers, shockwaves, skin 
friction, turbulence, or G-strains. 


Neither will 1ts occupants need fear any harm from cosmic forces, gamma rays, x-rays, or other radiation, 
because the OTC-X1 craft will either be using or absorbing all such forces, or by the pressure and polarity 
of its own force field, be shielded against their penetration. 


While the commutation system for the actual energized flight model craft is not shown together with the 
other components on this on this sheet, its design for the circuitry of electro-gravitational forces permits 
an environmental surroundment of equal and opposite pressures in and from all direction, whose 
circumference is nowhere and whose center is everywhere relative to the universal field. 
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Thus, by imitating nature, we become one with nature --- by translating her shapes and duplicating her 
motions we join forces with natural energies and become magnetically independent of manmade 


limitations, man-constructed barriers, man-invented feats, and man-imposed controls! [&c, &c., yada 
yada yada] 


Construction Plan Thumbnails: Click on the Images to open the Full-Size Drawings ~ 
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Additional Large Specifications Images ( Links open in new windows ): [1] ~[ 2] ~[3.]~[4]~[5 
| 


http://www.projectcamelot.org/ralph_ ring.html 


Excerpts from an Interview with Ralph Ring 
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Ralph Ring 1s a technician who worked with Otis T. Carr in the late 1950s and early 1960s. Ring stresses 
that resonance is the key to working with nature: "Resonance. You have to work with nature, not against 
her." According to Ring, when the model Utrons were powered up to operational speed, "...the metal 
turned to Jell-o. You could push your finger right into it. It ceased to be solid. It turned into another form 
of matter, which was as if it was not entirely here in this reality. That's the only way I can attempt to 
describe it. It was uncanny, one of the weirdest sensations I've ever felt." 


Ralph Ring describes Otis Carr thus: "He was an unquestioned genius. Tesla had recognized his quality 
immediately and had taught him everything he knew. He was inspired, and — like Tesla — seemed to know 
exactly what to do to get something to work. He was a private man and was also very metaphysical in his 
thinking. I think the fact that he was not formally trained in physics helped him. He was not constrained 
by any preconceived ideas. As crazy as it sounds now, he was determined to fly to the moon and really 
believed it could be done. I believed it. We all did." 


Ring described his "flight" in the Utron craft, saying that "Fly is not the right word. It traversed distance. 
It seemed to take no time. I was with two other engineers when we piloted the 45' craft about ten miles. I 
thought it hadn't moved --- I thought 1t had failed. I was completely astonished when we realized that we 
had returned with samples of rocks and plants from our destination. It was a dramatic success. It was 
more like a kind of teleportation. 


"What's more, time was distorted somehow. We felt we were in the craft about fifteen or twenty minutes. 
We were told afterwards that we'd been carefully timed as having been in the craft no longer than three or 
four minutes. I still have no complete idea how it worked. We just built it exactly according to Carr's 
instructions. Everything had to be perfect... it all had to be just so, or it he said it would not work: a kind 
of symbiotic state between man and machine. 


"The Utron was the key to it all. Carr said 1t accumulated energy because of its shape, and focused it, and 
also responded to our conscious intentions. When we operated the machine, we didn't work any controls. 
We went into a kind of meditative state and all three of us focused our intentions on the effect we wanted 
to achieve. It sounds ridiculous, I know. But that's what we did, and that's what worked. Carr had tapped 

into some principle which 1s not understood, in which consciousness melds with engineering to create an 
effect. You can't write that into equations. I have no idea how he knew it would work. But it did. 
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"...There are two secrets to making the alien saucers work. One is their advanced engineering, and the 
other 1s their mental ability." 


"I've lost count of the number of people who have refused to believe what happened. I no longer talk 
about it. It's no fun being laughed at and ridiculed. But I've described it exactly as it occurred. One day 
someone will build the disk just as we did and they'll have the same experience. All his blueprints still 
exist. Nowadays, it would all be done with digital and solid state circuitry --- no moving parts would be 
necessary. 


"I've heard that the aliens use the same principle to operate their craft. Their physics seems to work in 
harness with their consciousness. The craft amplifies the power of their minds. Their craft won't operate 
without the pilots. I've heard that's why we can't operate their craft --- or, at any rate, we can't operate 
them the way they do. We're just not adept enough mentally and spiritually. So there are two secrets to 
making the saucers work. One 1s the advanced engineering, and the other 1s the mental and spiritual 
ability. We may have duplicated some of the first, but we may be a long way from the second yet." 


FATE (May 1958), page 17 
"Gravity Machine?" 


The following summary was sent from a Ship's Paper of October 30,1957, after being copied from a CW 
News broadcast while at sea. It is unusual because no other report of this announcement reached us. It 
certainly is sensational --- if true. 


Baltimore, MD (October 29):--- A group of inventors claimed Monday they have been able to utilize 
gravity in circular motion machines capable of powering everything from hearing aids to space cruisers. 


Otis T. Carr, president of OTC Enterprises, Inc., detailed his claims in an interview and demonstration of 
a crude model of a circular motion machine which he said is the principle of a "free energy circular foil" 
spacecraft he can build, 1f someone puts up the money. 


He said the machine can be adapted to devices of any size to produce continuous power absolutely free of 
dissipation. 


Its immediate application, Carr said, would be in a spacecraft --- which would be able to fly among the 
planets in controlled flight. 


It could land or take off as desired on the earth, the moon or any planet in the earth's solar system, he said. 


Carr and his associates said their claims are based on the most simple practical applications of natural 
laws and discoveries in science and mathematics. They have no formal education in science or 
engineering. 


He said the same "free energy" which causes the earth to rotate on its axis and orbit around the sun will 
turn a machine he described as two cones joined at their circular bases. 


When the rotation of such a machine reaches a certain velocity relative to the earth's orbital velocity, Carr 
said, it will take off. 


Carr said the core of his space ship would be a huge battery which would spin at the velocity of the 
external craft and which would be recharged, he said, by its motion. Carr declared such a battery, built to 
any size, could be designed to power the largest electric generating plant, operate an automobile, heat a 
house or power any conceivable machine or device. 


The principle on which Carr said such circular motion machines would operate is that "any vehicle 
accelerated to an axis rotation relative to its attractive inertial mass (the earth) immediately becomes 
activated by free space energy and acts as an independent force." 
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FATE (August 1959), page 32. 
"The Saucer That Didn't Fly" 
by 
W. E. Du Soir 


The serious field of UFO's and flying saucer research received a setback at Oklahoma City in late April 
when a highly publicized launching attempt by O.T.C. Enterprises of Baltimore, Md., resulted in failure. 
Hundreds of persons had been invited to Oklahoma City by Otis T. Carr to watch him "launch a six-foot 
prototype model of the O.T.C. X-1, a space craft which works on 'utron' energy." Those who were there 
came away disappointed. The flying saucer did not fly. The six-foot model, well-hidden in a warehouse, 
never even got to the launching site, or to the amusement park called Frontier City, where 1t was to have 
been displayed beside a 45-foot version of the same X-1 which will be an amusement "ride" in the near 
future. 


The launching site was to have been a gravel pit eight miles north of Oklahoma City where Carr claimed 
the saucer would rise "400 to 600 feet." Launching time was set for 3:00 PM Sunday, April 19. Two and 
a half hours past this time Major Wayne Aho finally announced that the launching had to be postponed 
because of "technical difficulties." Later 1t was stated by O.T.C. officials that one bearing housing was 
"off one-sixteenth of an inch." Most of the major flying saucer clubs had ignored the "launching". Except 
for a story in early April there was no advance news on Carr's experiment in Oklahoma City newspapers. 


One Oklahoma City television reporter expressed the general feeling of the townspeople, "This thing will 
never leave the ground. And I feel that a great deal of the ballyhoo they're giving out is tied in with the 
ride at Frontier City. I have tried constantly to get in to see the saucer model, but they've kept it hidden." 
Equally well hidden was Carr himself. He was finally located in Mercy Hospital, Room 302, by John 
Nebel, the famed "Long John" of WOR, New York City. Carr did not show up at a meeting at a local 
church the day before the scheduled launching but a taped speech was delivered to the 70 people who 
attended. "Barring any flat tires," Carr said, "I feel that history will be made Sunday afternoon when the 
model of the O.T.C. X-1 is launched here." 


Carr did not leave his hospital room until Monday, when he was taken to the home of Major Aho, the man 
in charge of publicity for the company. A scheduled "victory" dinner was pretty dismal Sunday night, 
where again a taped message from Carr was presented. Monday morning at 5 AM arumor spread that the 
model launching would again be attempted. At that early hour a group of a half-dozen people, including 
Norman Colton, Carr's chief aide, went to the warehouse. But it was three hours later before anyone else 
showed up and most of those who had come to see the model had given up in disgust and left. Many 
believers in UFO's, although skeptical, had traveled to Oklahoma City to see what developed. All of them 
had left town by Monday afternoon. 


One member of a Pennsylvania saucer club commented, "I don't know what's going on but I feel they 
never had any intention of trying to launch the model. I could not see any plans in sight for the model 
and, in fact, I understand, that a Mr. Maywood Jones presented only what he called "three-dimensional 
illustrations" of Carr's ideas." Monday afternoon there was more activity in the warehouse and finally, 
around 4 PM, the model was "turned on" and revolved, although it showed no signs of taking off from the 
table on which it sat. "We hoped to try to launch it again but unfortunately one of the seams burst during 
the test," an O.T.C. official said. "We still hope to have a launching shortly," another member of Carr's 
group added. Left unanswered were such questions as: 


1) Why was there no publicity about the launching in Oklahoma City for two weeks before the model was 
supposed to fly? 


2) Why did Carr ready a taped message for delivery at the "victory dinner" a day before the scheduled 
launching? 
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3) How could any engineer make a mistake of one-16th of an inch in a precision part? This would be 
similar to a navigator landing an airplane 300 miles off course. A mistake of one-10,000th of an inch can 


be a major engineering calamity. 


Carr was apparently undaunted by the weekend's developments. He again commented, "This indeed is an 
historic occasion." Questioned about the failures of his model, he added, "The theory itself has been 
proven. The model will go up, if not this week, then next week or next month." Mr. Carr also has stated 
that he and Major Wayne Aho will "fly to the moon in a flying saucer on December 7, 1959." 
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Introduction 


In the late 1950s, Otis Carr claimed to have discovered what he called the "Utron", a "molecular shell" 
that houses the atoms. The cohesion of molecular shells is brought about by inertial systems in the gravity 
field, manifesting in the two poles of natural magnetism and electromagnetism. He claimed that by 
"hatching" the atomic egg, particularly of paramagnetic and diamagnetic elements (especially bismuth), 
atomic energy could be released gently. The Carr affair 1s generally considered to be a fraud. This file 1s a 
collection of excerpts of technical factoids from articles, interviews, etc., on the subject, without 
consideration of Carr's botched attempts to make a business of it. The technology actually makes some 
sense (to me, anyhow, with qualifications and reservations). I was told by Ralph Ring (one of Carr's 
engineers) that he himself had flown in a short test flight of a small model of the craft. Carr's business 
methods (fraudulent stock offerings and amateurish publicity tainted with hubris and non-performance) 
doomed his efforts. His engineer Norman Colton was an alcoholic who stupidly threatened a local 
newspaper publisher, thus generating more negative feedback. It was a sad pass from Carr's earlier 
statement that "We shall not stop until we have penetrated our great discoveries into all the ends of the 
earth, or even as far into outer space as man desires to go!" 


The historic details as published in various newspaper articles and particularly in True, The Man's 
Magazine ("King of the Non-Flying Saucers", January 1961), are too long to be transcribed here for any 
useful purpose. This file is composed only of technical factoids gleaned from the collection of papers 
offered by Rex Research (albeit as poor-quality photocopies, caveat emptor), plus a couple of short 
articles cribbed from Keelynet/Fate magazine. 


According to Carr, "Any vehicle accelerated to an axis rotation relative to its attractive inertial mass, 
immediately becomes activated by free-space-energy and acts as an independent force... We have shown 
that a charged body, accelerated to an axis rotation relative to this attractive inertial mass, indicates 
polarity in a given direction. The dip-needle points, say, up toward the top of the body. But mount this 
while rotating body, with its spindle, on another platform and rotate this platform on a spindle, then if the 
counter-rotation 1s greater than the inertial forward rotation of the body, a dip-needle on the second 
platform will point down while the first dip-needle points up, indicating complete relativity of polarity. 
When the exact counter-rotation matches the forward rotation the body loses its polarity entirely and 
immediately becomes activated by free-energy (tensor stresses in space) and acts as an independent 
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A. The resistor RC, the transistor, and the 
battery. 

B. Base current. (Collector current doesn't 
flow unless base current is flowing.) 

16 It is a property of the transistor that 
the ratio of collector current to base current 
is constant . The collector current Is always 
much larger than the base current. The ratio 
of the two currents is called the current gain 
of the transistor, and is represented by the 
symbol 6, or beta. Typical values of B range 
from 10 to 300. 

Questions 
A. What is the ratio of collector current to 
base current called? 


B. What is the symbol used to represent this? 


C. Which is larger—base or collector current? 
D. Look back at the circuit in problem 13. Will 
current be greater in RB or in RC? |. 
Answers 

A. Current gain. 

B. B. 

C. Collector current is larger. 

D. The current is greater in R C because it Is 
the collector current. 

Note The B introduced here is referred to in 
manufacturers' specification sheets as h FE 
Technically, it is referred to as the static or 

DC B. For the purposes of this chapter, it is 
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force... The above-described assembly of counter-rotating charged masses becomes weightless and will 
escape the immediate attraction of gravitational forces..." 


The Utron 


completely i 


io square 


7 
E 


EA 


right-angle 
TAM section 


Interview: "Long John" Nebel (WOR Radio, NY) with Otis Carr, et al. (1959) --- 


OTC (Otis T. Carr): "Our system utilizes gravity, electromagnetism, and electromotive force and a 
relative field to get its functional operation. We use an electrified sender. It's a sensor power core. Now 
this is what we call an accumulator... It is a storage cell, an accumulation of storage cells which provide 
an electromotive force in the same manner that any known battery produces and electromotive force... 


This [the Utron] 1s a dimensional product. It was designed with the dimensions of space itself. We say it 1s 
truly the geometric form of space, because it is completely round and completely square. It has been 
proven in scientific laboratories that the very smallest unit of mass matter ever photographed in the 
electron microscope are square in shape... We have applied this principle into an electrified system, which 
is the power core of our space vehicle. Now what makes this unique and novel from a battery is the fact 
that this is a piece of moving machinery that rotates. Our average storage battery is an inanimate object 
set in an inertial spot and then the electromotive force is conducted by wires from this battery to animate 
some object. 


LJ ["Long John" Nebel]: Let me interrupt for a moment; I'll try to describe it further. Well, it looks like 


two ice cream cones put together at the wide ends, but he angle is a lot wider [90 degrees] than that of the 
ice cream cones. There are a series of ridges; they look like gears would fit in. Is that correct? 
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OTC: No, those are in a sense turbine; they are reactive channels and where there is atmosphere a flow of 
air there aids in rotation. 


LJ: Well, then, this is one of the components of the drive; this is the battery. 


OTC: This is the center power core. 


LJ: This generates electricity? 


OTC: This is right. This is a storage cell for electrical energy. In operation it generates electricity at the 
same time it puts out electromotive force. This is the central power system for our spacecraft. 


LJ: I can tell this: that it opened up and it appears to be hollowed out on the inside... it's circular, the 
inside; when the two parts are put one on top of the other and they fit into place, the cavity inside is 
circular... 


OTC: It 1s a sphere, yes. And each unit 1s a hemisphere. We call the center of this large dimension the 
equator and of course it contracts and expands to a point on each side It's the union of two presto-conical 
sections; that is what it is Two right angle sections, and we say it is the dimensions of space and we have 
shown how this comes about... 


LJ: In the literature you've provided us with, there's a mathematical formula that crops up here that 
intrigues me: minus zero divided by plus zero equals zero. Can you tell me more about it and how you 
stumbled on this idea? 


OTC: The equation is brought about by the shape of our Utron electrical accumulator; this 1s the name 
given to our central power system. In our operation of working models and in checking out experiments, 
we had to find the formula that fir the reason for the action and reaction we were getting. So in exploring 
nature and studying the great inspirational work of the Dr. Einstein on relativity, we came upon this 
formula of linear correlation. And when we study linear correlation in geometric form we have to have a 
starting point and this is the point. And from there it explains through the cross and through the circle. 
And the only mathematical way we can express it 1s in the symbolism of zero X or 0X, and this formula 
brings us to that. We claim that this is the true unified field theory in physical practice. 


In a further study of Dr Einstein's great inspirational work --- and we corresponded with him and we had 
the great good fortune of being advised by him at one time --- we learned that all measurements of time 
and space had to be considered in relationship to the observer and therefore there never was a fixed 
quantity of any number. Now in physical form, this is something else again... 


On this craft, insofar as the individuals are concerned, we can travel in the same manner as a pressurized 
airliner. We don't have the problem of a heat shield... because the electromagnetic system sets up a 
protective shield in our craft which enables us to overcome this [thermal] barrier without any discomfort 
to the occupants of the craft. And we can very slowly rise, and once we are outside the atmosphere we 
can accelerate to tremendous velocities up to the speed of light itself. 


LJ: How would it land, sir? 


OTC: Very simply, we can fall at a very slow velocity of 100 feet/minute or less and we can set it down as 
gently as a feather because we have joined part of the operation of our craft to universal systems. This is a 
relative velocity craft and the minute it reaches the relative velocity of the attractive inertial mass, it 
becomes weightless as regards this inertial attraction. Individually, it is not weightless; t has the same 
weight as before, but when it reaches the relative location 1t becomes an independent system just as a 
planet is an independent system. 


LJ: Is there any gravitational pull at this point, sir? 


OTC: None whatsoever. They will have the same feeling of pressure or weight that they have right now 
because we will maintain as far as possible the atmospheric pressure of the earth at sea level inside the 
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craft. 


LJ: I am under the impression that the only reason I'm able to sit in this chair is because of gravitational 
pull. 


OTC: We have around 14 lb/square inch pressure within our atmosphere. We have been able to be sealed 
off away from such a condition and then artificially with atmospheric pressure the pressure in the cabin is 
maintained. We have 1t very well in submarines. The same may be used in our craft. 


LJ: In other words, under sea where a submarine may be there 1s no gravitational pull; 1s that what you're 
saying? 


OTC: There is gravitational pull at all times, but we are speaking about the atmosphere of the occupants 
inside a sealed unit. 


LJ: Is that necessary to keep the occupants in the position they desire? 


OTC: Absolutely, because in a vacuum they are at the mercy of any velocity. 


LJ: What would happen, sir, if there were some kind of instrument that you could turn on and eliminate 
the gravitational pull that was in this room? 


OTC: You would in a sense become very buoyant and this is not in itself a novelty but 1t certainly does 
not have any disastrous effect on humanity. 


LJ: Would I remain in this position? 
OTC: You could, but any movement would move you out of it. 
LJ: Would objects remain in position? 


OTC: Until they were brought into any movement. Any movement would make them buoyant 
themselves. 


LJ: I have a lead pencil; if I hold it in the air and release my fingers it would fall because of gravitational 
pull. If we had this other condition which you so aptly described a moment ago, if I released my fingers 
would the pencil remain in midair? 


OTC: This is true; it would stay there. 


LJ: I believe what you're saying is that you'd be creating an artificial gravitational field within the body of 
the spacecraft and yet there would not be any gravity on the outside? 


OTC: Exactly correct. 


LJ: And this is done by the battery which I attempted to describe, spinning around and producing its own 
gravitational influence? 


OTC: Yes, this is the beginning of an answer to your question: we have capacitor plates and 
electromagnets as a part of this system. Now, this is counter-rotating; the electromagnets rotate in one 
direction, and the batteries rotate in another. The capacitor plates rotate in conjunction with the battery so 
that we have a clockwise and counterclockwise rotation. Now the third system 1s the cabin that maintains 
the crew. This does not rotate; it is fixed due to the fact that the two bodies are rotating clockwise and 
counterclockwise. Therefore the system causes the craft to escape from the gravity pull. The craft itself 
due to this system still has internal gravity because it still has the same weight that it had in the beginning. 


LJ: What charges this battery? 
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OTC: This starts out electrochemically the same as other batteries, but we do have a regenerating system 
that 1s very unique. We are able here, for the first time to our knowledge, to use atmospheric electricity as 
a recharging system. This 1s done as part of the operational principle of the craft. 


LJ: You say you use atmospheric electricity. What happens when you leave the atmosphere? 
OTC: We have electrochemical systems to provide us with all the energy that we need and have a 
regenerating system in the manner of a regenerative coil that recharges this battery in the same manner 


that the storage battery in the automobile is recharged now, by a generator. 


LJ: What you have doe is made the first perpetual motion machine. 


OTC: There is nothing perpetual about our machine. The energies which cause it to operate are perpetual. 
You cannot destroy matter, and you cannot destroy energy; molecular flow is perpetual and that has been 
proven in the laboratory. It has been proven that electricity itself is immortal. When we take away 
resistance we can set up a spark of electricity and it will continue to operate; therefore we have perpetual 
energy. No machine that we can conceive of made by man would be perpetual, but it 1s free energy. It's 
self-energizing and as long as all parts function and do not wear out this 1s truly a self-energizing 
machine. 


Ben: About this formula: were using conventional algebraic methods? 


OTC: No, we weren't. Partially conventional, but we were joining actual space forms. We arrived at 
satisfactory equations for ourselves which can be demonstrated. 


Ben: Are the physical laws upon which your invention works expressed in mathematical terms? 
OTC: Possibly, but I wouldn't say that I'm qualified. We're satisfied with this formula. 
Ben: Well, it's like saying plus 4 divided by minus 4 equals 4. 


OTC: Sometimes these solutions are not always what appear. As we know in synergy, we know 1 plus 1 
equals 3. 


Ben: 1 plus 1 equals 3, when? 

OTC: Because two conditions always produce a third. 
Ben: the third condition is 2, isn't it? 

OTC: Not necessarily. 

Ben: Could you go over these conditions? 


OTC: If one condition operates one way and another operates another way, when you join them you have 
another condition and their sum is 3. 


Ben: Well, that is a little bit over my head. I've been looking at this prototype you have here and I notice a 
wooden frame or scaffolding you have a larger model of that you have on a turbine and around it is a 
wooden ring and it seems to be filled with electromagnets. 


OTC: That's right; this is a wood model of an operational model. What we have here is the cones, our 
Utron electric accumulator; that is the power system. This system activates the electromagnets and in turn 
activates. 


Ben: Does the system --- the thing inside --- activate the electromagnets on the outside? 


OTC: This is true. We do this by contacting this lead wire from the positive and negative poles of these 
batteries to the electromagnets and then we have circuit breakers from these electromagnets and we have 


http://www.rexresearch.com/carr/1carr.htm 


6/28 


5/8/2018 


Otis T.Carr: The Utron Electrical Accumulator ~ Articles, Model Construction Plans, US Patent # 2,912,244 &c... 


counter-rotation. These electromagnets will rotate counter-clockwise while the internal area 1s rotating 
clockwise. 


Ben: Are these spools of wire on the model itself, are they magnetized also? 


OTC: The coils of wire inside the ring are regenerative coils; they are electromotive force coils and they 
assist in regenerating the battery, because they are loops of wire brought through a magnetic field which 
sets up an electromotive force. These others are capacitor plates and these are also activated by the central 
power core, but these plates, which can accept a very high charge in neutral conductance also through the 
process of ionization utilize atmospheric electricity. 


Ben: The fact that you have two cones meeting at their bases, so that you have something that 1s also 
square. I don't see how you get a square. 


OTC: Dimensionally it is; it is square in these dimensions and when this rotation starts and builds up to a 
certain velocity, this form 1s very important because we have the total equation of action and reaction. 
Now this is done by a system of coil winding wherein we start at a point, expand to an equator, and 
continue our winding down to a point. With this physical expansion and contraction, is an 
electromagnetic field. Gravity enters the picture in the form of this relative rotation. When the relative 
rotation ---- inertial effective mass ---, it's a matter of dimension. So that is the earth, say, is 8,000 miles in 
diameter, we know its fixed rotation is 1 in 24 [blurred text, possible additional digit]. If we were 1 mile 
in diameter its rotation would be 8000 in 24 [blurred text, possible additional digit]. And by the same 
system, our 45-foot craft has a rotation of 580 rpm and when it reaches this rotation it is totally 
independent of its inertial attractive mass, in an electromagnetic field. 

Ben: If your models get up to 580 rpm, will they take off? 


OTC: This model was spun at 40,000 rpm and when it did it set a pressure pattern of 1,000 tons; the 
horsepower reading was a little over 700. Six engineers checked this out. Now the relative rotation of this 
model would be about 68,000 rpm, and when it reaches this rotation, it would immediately take off. 

LJ: Would the time factor be involved with this craft? 


OTC: In our solar system, the time factor would be involved, yes. We evaluate time on the velocity of 
light and in certain systems, 1f we exceed the velocity of light, unquestionably time would slow up. 


Ben: Your craft can exceed the velocity of light? 

OTC: We don't say this; I say I other systems. 

Ben: I thought nothing could do this. I thought it was a constant factor, one of Einstein's factors. 
OTC: Possibly in our system, but not necessarily true in other systems. 

Ben: Anything approaching the sped of light becomes pure energy. 

OTC: Pure energy, but in other systems it could change. 

Ben: What other systems? 


OTC: Other solar systems. We are completely controlled by our system and the velocity of light is our 
yardstick and our pattern and our craft is designed around this. 


Ben: You don't just upset one of the basic principles of the universe. 
Mel Salomey: Doesn't Einstein say any measurement is relative? 


Ben: Except this one; it's the first axiom. 
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Mel: What is an axiom? 


Ben: Self-evident truth. 


Mel. Thank you. Wasn't Einstein theorizing; wasn't he assuming? 
[Discussion of the speed of light, not included in transcript of the interview] 


Roy: What are these coils? To describe this the best I can, imagine if you will a circle about 18 inches in 
diameter. Two circles that form a sort of a -- In other words, one circle fits over another circle and from 
the top of the circle and coming down from the other an inverted round pyramid. There are a number of 
what appear to be copper wound coils around the edge of it. And then there's a sort of a framework on top 
and underneath there's sort of braces. That's the general idea. I noticed these cones placed mouth to mouth 
with some coils, the coils on the edge of this thing; it revolves within this structure. A tough thing to 
describe. 


Q: What is this over here, Mr Colton? 


Colton: This is a paper mockup to show the counter-rotation principle and its outside section that Roy is 
describing looking at the other mockup. It contains the electrified horseshoe magnets. This would rotate 
in one direction counter-clockwise while the center section with the electron accumulator [Utron] would 
rotate clockwise in the other direction. 


Q: Would these coils in the outer rim? 


Colton: Rotate counter-clockwise -- It has a rotation speed relatively equal the earth's rotation speed, at 
about 580 rpm. 


Q: When you say 580 rpm do you mean the outer rim is rotating on one direction 580 rpm and the inner 
rotating in the other direction at the same speed, giving a total rotation, one relative to the other, of 1160? 


Colton: Exactly, although I don't know if 1160 has any bearing on it or not. 
Q: Well, it would be twice the rotation in reference to the earth. 


Colton: We're not giving it for a certain rotation for the sake of rotation but for the sake of relativity to the 
attractive mass. The earth at 8,000 miles diameter rotating once in 24 hours 1s relatively equal to a 45-foot 
craft rotating at 580 rpm, and 580 rpm would calculate to be the approximate rotational speed of an 
automobile tire on a car moving at about 25-30 mph. 


LJ: Could a small craft be made to take off? 


OTC: We plan to build a prototype model as a demonstration device. Now I would like to state that 
certain models have been built by me and tested. Each one has been airborne. One was lost entirely in 
space. We had a control system and this one didn't function. This has already been done. 


Q: As was calculated, the speed of the circumference was 1263 mph. It gets kind of warm at that, doesn't 
it? 


OTC: No, it won't because it has its own protection field which 1s its electromagnetic actuation. We 
described it as a self-contained unit. This ionization of the capacitor plates sets up a glow brilliantly with 
a very soft luminescent light. 


LJ: What color? 


OTC: It would be in the nature of blue-green or very similar to the electric arc you see in welding. This is 
the field we are testing. It does not have a heat barrier in forward velocity at all. This electromagnetic 
field is being tested out now in conventional aircraft and proved very efficient. 
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Q: Would you suppose you could put rockets toward the edges of the cone and have the thing spin by 
rocket propulsion? 


OTC: We don't need it. We have a tremendous spin here. An electric motor operates the same way. You 
set up an electromotive force inside a magnetic field and you get rotation. So what we actually have here 
is an improved electrical motor which in itself is a circular device, and we say we make energy out of the 
air, from another dimension. 


To clear your analogy up also, we would like to demonstrate the fact that this earth itself is literally a 
space craft demonstrating what we're talking about; it's rotating and orbiting at a certain constant speed 
with a magnetic field and it is in itself a spacecraft. 


Q: Mr Colton, we assume the moon has a gravitational field. How does it make a gravitational field and 
yet it does not rotate on its axis. 


Colton: It does not rotate on its axis? 

Q: No, the moon does not rotate on its axis. 
Ben: Sure it does, | rotation for 1 revolution. 
Q: How long does it take? 

Ben: 28 days. 

Q: And the earth takes one day. 


OTC: And that's how engineers and scientists have evaluated the velocity of the craft we call the earth by 
the orbit of it. Upon the pattern already set up, by the amount of time it takes the moon to rotate once 
around the earth from the center of the earth's core: 28 days. The distance being 245,000 miles. It is easy 
to calculate. 


Q: These cones seem to revolve over intricately wound copper coils. Do you supply any motor power to 
this? 


OTC: All energy comes from these two cones [Utron]. This in vernacular is a battery. The big novelty is 
that we have put a battery in motion. We have designed it within the accepted knowledge of total 
dimensions of space-matter and we have activated it electrochemically [electrolyte in the hollow center] 
and used the force through chemical activation to activate the entire craft, after which we have motion as 
the feature of this accumulator. 


Ben: Mr Osgood's telegram brought up a very important and perhaps crucial point, mainly, James Clerk 
Maxwell demonstrated that light is an electromagnetic radiation, also verified by hertz who laid the 
foundation for modern radio. Now the speed of electromagnetic radiation such as radio waves also travels 
186,000 miles per second. In other words, light and all forms of electromagnetic radiation travel at the 


speed of 186,000 miles per second. Now if it were possible for your craft to travel faster than the speed of 


light, it could, therefore, travel faster than the speed of electromagnetic radiation. So once it exceeded 
186,00 miles per second, you wouldn't be gaining all this energy from this electromagnetic radiation 
you're generating and wouldn't you fall rapidly down? 


OTC: There is a continuous falling in space which in itself can bring velocity and can bring you to 
another system. We mentioned conjecturally that in other systems, there could be different velocities. 
We're not applying them to our craft. We don't identify them wit our craft. Relatively, we could not go 
faster than the speed of light unless we were in a system that permitted it. In our solar system, which we 
have mentioned now 3 times, it is designed on known principles. We conjectured about other systems. If 


we go beyond the speed of light in other systems the conditions within that system would make it possible 


for us to have power. 
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Roy: Let's assume, Mr Carr, this vehicle 1s at rest. What 1s 1t that originally overcomes the inertia of this 
rotor and starts the rotor moving? 


OTC: The electromagnetic force stored in the energy of the Utron electric-accumulator, which in 
vernacular 1s a battery. 


Roy: Now the Utron electric accumulator 1s these cones that are inverted to each other with bases 
together. I know of zinc batteries, nickel-cadmium, lead-acid cells. Could you use those? 


OTC: We could use any of the kinds you mentioned; what we have here is tremendous power size in 
comparison to other batteries; therefore, it's very easy to put 1000 2-volt cells inside this one unit as you 
see it. It has functioned very well. In our 45-foot craft we plant to have 12,000-volt batteries which will 
extend an electromotive force which will energize the electromagnets and the capacitor plates. The 
generative coils will put back into the batteries in this system the same amount of volts going out until 
there 1s a breakdown of electro-chemicals or wear-out of equipment. But it could last as long as average 
storage batteries in automobiles. 


Roy: In order to start the motor off originally, is it necessary to cause a flow of electricity through one set 
of the coils? 


OTC: That's true. 
Roy: Is there any magnetic force in the other set of coils at this point? 


OTC: They individually operate by circuit breakers and the first motion begins to start a repetition. The 
same we have in a motor that has the opposite of a commutator, which 1s an accumulation of contact 
points where each coil is energized as the current flows through this coil. Then this starts the motion, the 
repetition of this motion brings the whole motor into phase in the same sense our accumulator and 
magnets become speeded up and the circuits are made and broken as they rotate. 


Roy: Where the inner rotor rotates in one direction and the outer in the other direction. and 1f the cabin is 
located on top of the rotating mechanism, what keeps 1t from rotating in one direction or the other? 


OTC: We have this cabin as the center of the craft and the battery below the cabin and the electromagnets 
are the total outside of the circular foil. The shaft of the accumulator goes through the cabin and there 1s a 
bearing. Now, just as this stays stationary when this is rotated, so will the cabin because there are two 
rotating forces. You have the clockwise rotation of the accumulator, the capacitor plates, the generative 
coils, you have a counter-rotation of the entire circular area of the craft, the larger diameter which houses 
the electromagnets; therefore, when you have rotation in both directions, the cabin itself is like a bearing 
and extension of the shaft. We've built models and proved this is correct. 


Roy: OTC XI was accomplished? 


OTC: Six crafts were airborne, one escaped; we used circuit breakers of various types and fuses burned 
through the switch and we lost one craft. 


Roy: What was the size? 
OTC: The largest and the one lost was 6 feet in diameter. 


Roy: You also talk of the Caroto Gravity Motor and you mention it requires no fixed location in which to 
function, and you also say a lot of other wonderful things about the possibility for this motor. Is it 
something else than the spacecraft? 


OTC: They are two separate packages. The spacecraft utilizes the electrical accumulator and the gravity 
motor uses the energy of the inertial attractive forces. We have learned how to take this energy and key it 
to a working shaft and get work power which we call free energy because it is. We don't make any part of 
it. Now in the rather vulgar vernacular sense this would have been classified as perpetual motion. It is 
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nothing of the sort. It's free energy. Now we have learned that all masses that are smaller than the masses 
to which they are attracted exert energy. Even this ashtray; if it takes a pound of energy to lift it, then it 1s 
exerting a pound of energy. We have a true gravity motor. Its functional operation is to produce power 
continuously without any dissipation of the energy which causes it to operate, and we have built models 
of this and they operate and function and we are in the patent procedure with this. 


Mel: Back to a question a while ago regarding an analogy of the earth as a spacecraft. Taking another 
look at the mock up prototype power package there in front of you. It resembles the solar system itself, 
and as a matter of fact one of the statements in the brochure published in 1957, stated it illustrated the 
geometry of the universe. It seems that this device miniaturizes and essentially duplicates the motion of 
bodies in the solar system. It must have the ability to miniaturize their energy. So in a sense, the bodies in 
the solar system, in all time, have maintained their constant motion perpetually in those motions and this 
is why people characterize this power package as a perpetual motion machine. 


OTC: But we do not make any such claim. 


Colton: The Utron has many applications, has many forms, many variation. In one sense you might 
describe it as an energized armature or in other words a motor with a self-contained moving battery, also 
capable of continuously re-energizing itself. The offer in regards to spacecraft applies to government and 
industry alike. We will only make total disclosure demonstration after we have procured a firm order. In 
other words, we're not looking for anyone to evaluate our development. Mr Carr has come a long way in 
his research. He doesn't need any risk money from taxpayers or industries for further exploration and 
development. We will disclose to anyone who is a purchaser, but not to anyone who comes along for 
curiosity. 


Mel: What does the word "Utron" mean? 


Colton: "Utron" is a coined word, a word Mr Carr put together: the letter "U" and "tron", U meaning the 
direction or shape of motion as applied and used and equated in this accumulator or battery we described 
-- U is the plane, the geometrical figure that is the portrait of the wave, you might say. The letter U as 
described on paper, the two-dimensional, is a portrait on paper of the wave or the wave motion with the 
cut field, with the straight line, the pressure energy in the Utron accelerator. 


OTC: To me there's no such thing as a completed curve; you only go half way, just like you only go half 
way into the woods, then you're coming out. This is the same. A bisection of a total sphere is its exact 
curve and one half of it is primarily U-shaped. Because in magnets there are always two poles and one 
normal way to show them is in a U-shape, but if it's in a bar magnet, there are still two poles and the 
shape is still the same. We can only put a rope one half way around the tree and it's coming back the other 
way, and this is true in all wave motion. Now, if you extend this into velocity, this is the pattern in the sine 
wave and definitely the electromagnetic wave. 


Ben: I see... the vortexian of the wave 
OTC: All motion is relative to all other motion, so this serpentine, spiral state. 


Ben: So it's not the form of that motion, the graph and the equation. I'll accept the fact that it's the form of 
the utron motion though. 


OTC: Also the form as well in two dimensions is intensified in the geometry of our accumulator. 
Q: Why do you refer to this vehicle as a 4th dimensional vehicle? 


OTC: Because the geometry of the accumulator is such as the 4th dimension. To me the application of 
space and time, a vibratory field and electricity as we know it is a vibratory force in motion. This 1s 
symbolic of it and when it is activated it becomes such. Now this may be a little bit difficult to 
understand, but nevertheless the very smallest electronic particles of matter have been shown under the 
highest type of electron microscope to be one-dimensional squares. To me this is verification that this is 
truly a space dimension because it is the shape of matter. Without matter you couldn't have space. 
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Q: I'm holding a thing that looks like two loudspeakers in a simplified form, placed mouth to mouth, two 
cones mouth to mouth, like two tops together so they have a point at each end and actually like a 
thickened flying saucer... Now what is it that comes from that: is it a high voltage? 


OTC: The voltage is whatever we wish to make it by design. 
Q: In other words, then, this 1s a battery? 

OTC: That's right. 

Q: The battery then goes through these magnets? 


OTC: The battery rotates in this magnetic field. The average armature today in any electrical system is 
usually the permeability, iron wound with copper, then through a magnetic field acts as a motor, or it 
becomes a generator, depending upon the lead. The great novelty here in the area in which an armature is 
normally used, we have a [power unit, and this a battery, and this is a moving power unit. 


Q: In other words, you might call this a self-contained power supply, right? How would this generator --- 
maybe I'm using the wrong word --- gather additional energy from outside? 


OTC: This is due to its circular motion. Electrical forces are motions where they manifest. Now we have 
cycles in alternating current; AC gives you 60 cycles per second; we have discovered in our experiments 
that there is a space cycle related to electricity, and if we join the cycle we get energy from it. 


Q: Mr Colton, will you try to describe to our listeners how they can draw at home a facsimile of an 
Utron? 


Colton: You can take a pencil and draw four lines to form an open square. When you have a square, draw 
a Straight line from one point of the square to an opposite point and you'll have two right angle triangles. 
Now if you convert the line you've just drawn into a small lip you'll begin to see two inverted cones, the 
base of which form a circular equator. While you started with a square, you now have two cones. 
Obviously, the base of the cone is a circle or completely round as we describe it, and you have the device 


which is described as completely round and completely square, the Utron electric accumulator. The cavity 


in the center of these which is a hemisphere when the two cones are put together have a hollow sphere. 
This is the cavity which contains the electrolyte which would be used in some of the applications of the 
accumulator. 


Q: Of what value is the term "completely round and completely square" apart from its obvious 
redundancy. 


Colton: It is Carr's definition of the geometry or the basic space form or the basic form of all matter large 
or small relatively as we describe it. It is the definition of the terminal motions of universal energies in 
what we call space. 


Q: In one of your brochures you make mention of a "photon gun" and you say, "This is primarily a 
development that works outside of the earth's atmosphere. We are entering an age of space flight and the 
use of solar energy is practically unlimited"... What is a photon gun? 


OTC: I am using the word gun as a reaction principal instead of as a weapon, nevertheless it is a gun and 
in fact fires billions of rays of solar energy at right angles to the reception. By placing them through a 
certain chamber, we have been able to get a reaction and whenever there is a reaction, we can get power, 
we can get force from it. So we feel outside the earth's atmosphere new systems of propulsion even 
beyond our own of electromagnetism will make themselves apparent. 
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called B. Discussions on transistor parameters 


in general, which are well covered in many 
textbooks, will not be covered here. 
17 The mathematical formula for current 
gain is as follows: 
p= 
ly 
In this equation, the following is true: 
| B = base current 
| C = collector current 
The equation for B can be rearranged to 
give IC = BI B. From this, you can see that 


if no base current flows, no collector current 
flows. Also, if more base current flows, more 
collector current flows. This is why it's said 
that the base current controls the collector 
current. 


Question 
Suppose the base current is 1mA and the 
collector current is 150 mA. What is the 


current gain of the transistor? ———__ 


Answer 
150 


Inside the Bipolar Transistor 


Now take a Closer look inside a bipolar 
transistor. In a bipolar transistor, with no 
voltages applied, two depletion regions exist. 
As shown in the following figure, one 
depletion region exists at the emitter and 


base junction, and cone at the collector and 
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Information Bulletin #3 (December 23, 1957) [Excerpts] 


"Carr's Principles of Free Energy Space Flight Accorded Highest Scientific 
Verification" 


Otis T. Carr, President of OTC Enterprises in Baltimore and inventor of a manmade spacecraft, which he 
has offered to build and deliver to the government without one penny of risk to the American taxpayer, 
publicly revealed the propulsion principle of his spacecraft in the following statement: 


"Any vehicle accelerated to an axis rotation relative to its attractive inertial mass, immediately becomes 
activated by free-space-energy and acts as an independent force..." 


An excellent example of this principle applied in practice 1s the fact that the two satellites now orbiting 
the earth, have achieved space-energy activation by an equivalent inertial velocity, and were it not for 
their susceptibility to internal or inherent physical deterioration, they would theoretically and factually be 
kept orbiting by natural space forces until the end of time in our solar system. These statements in 
evaluation of natural physical phenomena as first discerned and made public by Mr Carr, have been 
physically tested in laboratory experiment by an impartial scientific laboratory and confirmed as follows: 


"We have shown that a charged body, accelerated to an axis rotation relative to this attractive inertial 
mass, indicates polarity in a given direction. The dip-needle points, say, up toward the top of the body. 
But mount this while rotating body, with its spindle, on another platform and rotate this platform on a 
spindle, then if the counter-rotation is greater than the inertial forward rotation of the body, a dip-needle 
on the second platform will point down while the first dip-needle points up, indicating complete relativity 
of polarity. When the exact counter-rotation matches the forward rotation the body loses its polarity 
entirely and immediately becomes activated by free-energy (tensor stresses in space) and acts as an 
independent force... The above-described assembly of counter-rotating charged masses becomes 
weightless and will escape the immediate attraction of gravitational forces. 


"Your discovery therefore is distinctly a possibility, and its creative genius lies in its inventor's ability to 
provide it with a process for generating its own power as a result of its self-rotation." 


Translated into familiar terms, this scientific explanation means that the above-described assembly of 
counter-rotating charged masses becomes weightless and will escape the immediately attractive 
gravitational forces... 


Our experiments and investigations have made known to us that the mighty power from the Sun can be 
utilized when the geometry of design 1s properly evaluated. We are aware of the resistance factors 
involved, due to the earth's atmosphere, and our developments have been predicated on overcoming these, 
which in some instances has been done. 


We have invented a Fourth Dimensional Vehicle. This Fourth Dimensional Vehicle is powered by the 
revolutionary Utron electric accumulator, which is completely round and completely square, and 
generates its own power, which is electromagnetism and electromotive force. It can be launched form the 
earth, and does not have to be blasted into space. The basic design was brought to the attention of the 
United States Government, and a patent application was filed in 1949. 


Some tests were independently made by qualified engineers at one of America's leading plants and 1t was 
estimated that a small model, only 4 inches in diameter, produced energy equivalent to 1,000 tons. This 
was in 1952, and Mr Carr was unable to interest anyone in his efforts at that time. Things have changed, 
and the Government has now put its blessing on space flight development. 


At the present time the rocket enthusiasts are commanding topmost attention. But there will be changes in 
thinking, and new directions of endeavor very soon. Our experiments with circular-foil design, as relates 
to gravity, electromagnetism, and electromotive force, have led us to the certain conclusion that it is 
possible to use the inverse-proportion laws of Newton as successfully as the third law of motion applies 
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to accelerated rockets. We will produce the OTC-X1 circular-foil spacecraft as the first operational 
prototype as symbolized in this conception drawing. 


Claims Christ Disclosed True Nature of the Universe in Symbolism of the Cross ~ 


Visionary Mr Carr claims that Christ disclosed the true nature of the Universe in the Symbolism of the 
Cross. He pointed out that "Christ is truly expressed in the sign of the Cross -- the true Cross -- the 
absolute, the finite expression of the cosmos that we call the Universe". The inventor further stated: 


"A universe has only two basic properties: the motions and the directions. The correlation of these 
properties manifest in several forms, their two categories being called energy and matter. 


"These two forms are equal to each other, and are the product of each other, matter being energy under the 
pressure of motion and having relative finity because of the harmonious correlation of the direction of 
such pressure, and energy being matter released from pressure by any change in the direction of motion. 


"In any universal system, these motions and directions manifest their finite totality in what we call space, 
and describe their total form in what we call straight lines and curves, the geometry of which is expressed 
in a finite form whose dimensions are a constant correlation of the directions and motions. We have 
equated the shape of this universal space and translated it into physical form which we have called the 
Utron Electrical Accumulator, which expresses the linear correlation of space motions and directions in a 
form that is therefore completely round and completely square. 


"In its linear proportions the Utron Electrical Accumulator is the union of straight lines brought together 
in and from all directions, and in its correlation of and with curved lines it expands from a point to the 
circumference of its equator and contracts from that equator to a point, always being a correlation of 
complete curves. The aim of these linear correlative dimensions is three points, the exact center point of 
which is +0 and -0, the exact peripheral points of which are +X and -X. 


The space ship designer then mathematically points out his theory: 
-0/+0=0 

-X/+X =X 

0+X=0X 

Continued Mr Carr: 


"We were inspired to complete this work in the service of the Christ Jesus by Albert Einstein's search for 
a unified field. This relativity is a unified field, expressed in physical form is the square in the circle 
bisected by the Cross. The Utron Electrical Accumulator is the full expression of the dot that was the 
beginning of 0X, extended in all directions to form the cross, which in motion continues on to form the 
square and the circle. 


"In the beginning was the Word. The Word was 0X [actually: AeTZI], and in the revelation of Jesus, was 
given for all who wanted to see, in the symbolism of the true cross. 


"Set the cross in motion and you will see the halo that is Light and which we also call Energy. 


"If there is not time 

And there is no space 

There can be no other place. 
And perhaps there 1s no far. 
Perhaps the Universe 

Is right where we are." 


Peace and plenty through the Application of Free Energy to Supply All Things to All People. 
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US Patent # 2,912,244 
Amusement Device 


(November 10, 1959) 


Otis T. Carr 


This invention relates generally to implements in amusement devices, and more particularly to an 
improved amusement device of the type where the passengers will receive the impression of riding in an 
interplanetary spacecraft. 


The present invention contemplates a novel amusement device having the overall configuration of a 
spacecraft and being formed in various sections, with portions of the sections being rotated in opposite 
directions to give the impression of movement to the passengers. It is also contemplated to move the craft 
up and down and display an animated movie of heavenly bodies above the passengers to give the 
passengers an impression of leaving the earth and approaching a distant planet or the like. This invention 
further contemplates the provision of electromagnets, cones, and the like carried by the oppositely 
rotating sections of the device, and windows through which the passengers may view these simulated 
objects to give the impression that they are viewing the inner workings of an interplanetary spacecraft 
during flight of the craft. Finally, this invention contemplates the construction of the various portions of 
an amusement device simulating an interplanetary spacecraft in such a manner that the device may be 
easily transported in sections from one location to another and reassembled in a minimum of time. 


An important object of this invention is to provide an amusement device wherein a passenger in the 
device receives an impression of flying in an interplanetary spacecraft. 


Another object of this invention 1s to provide an amusement device having a general configuration of an 
interplanetary spacecraft and having oppositely rotating sections simulating the movement of various 
portions of the device to impress the passengers with flight in a spacecraft. 


Another object of this invention is to provide an amusement device simulating an interplanetary 
spacecraft wherein the passengers will be physically moved a very minor distance and yet will receive the 
impression of flying in a spacecraft. 


A further object of this invention 1s to provide a portable amusement device simulating an interplanetary 
spacecraft which may be easily disassembled and transported from one location to another. 


A still further object of this invention is to provide an amusement device which is simple in construction, 
may be economically manufactured, and which will have a long service life. 


Other objects and advantages of the invention will be evident from the following detailed description, 
when read in conjunction with the accompanying drawings which illustrate my invention. 


In the drawings: 


Figure 1 is an elevational view of an amusement device constructed in accordance with this invention. 
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Figure 2 is a vertical sectional view through the device illustrated in Figure 1. 
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Figure 3 1s a plan view of the landing gear for the amusement device, with the housing around the legs of 
the landing gear removed. 
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Figure 4 is a plan view of the supporting structure or framework for the outer rotating shell of the 


amusement device shown in Figures | and 2. 
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Figure 5 is a plan view of the central rotating assembly which rotates within the outer shell frame 


illustrated in Figures 2 and 4. 


Figure 6 is an enlarged sectional view illustrating the support and the drive between the inner rotating 


assembly and the outer rotating assembly. 
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Fist INVENTOR. 


Figure 7 1s a plan view of the floor portion of the passenger cabin. 


Referring to the drawings in detail, and particularly Figures 1 and 2, a preferred embodiment of the 
present invention comprises, generally speaking, a supporting structure and landing gear 10, an outer 
rotating shell 12, an inner rotating assembly 14 (shown only in Figure 2) and a passenger cabin 16 
extending downwardly into the upper end portion of the outer shell 12. The landing gear and supporting 
mechanism 20 comprises a vertically extending tubular member 18 around which the outer shell 12 and 
inner rotating assembly 14 are journaled as will be hereinafter set forth, and a plurality of legs 20 
extending radially outward in circumferentially spaced relation from the lower end of the tubular member 
18. The tubular member 18 is telescoped over a supporting stanchion 22 which may be in the form of a 
pipe, and the tubular member 18 is slidingly supported on the stanchion 22 by suitable wheels or rollers 
24 to facilitate vertical movement of the member 18 on the stanchion 22, as will be hereinafter set forth. 
The stanchion 22 is preferably supported in a suitable foundation 25 to provide adequate strength for the 
amusement device. 


A suitable jack 26, preferably a hydraulic jack, is anchored in the foundation 23 underneath the outer end 
portion of each of the landing gear legs 20 and is provided with an extension 28 extending upwardly into 
connection with the respective leg 20. The jacks 26 are operated simultaneously to raise and lower the 
landing gear and supporting structure 10, as will be described. A suitable shaped housing 20 is preferably 
secured around each of the landing gear legs 20 to provide a streamlined appearance. It may be noted that 
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each of the legs 20 1s preferably constructed out of a structurally strong member, such as an I-beam, and 
is secured to the lower end potions of the tubular member 18 by suitable braces 32 and plates 34 to assure 
a rigid and adequate connection of the legs to the tubular member 18. 


A pair of rollers 36 (see also Figure 3) are rotatably supported adjacent the outer end portion of each leg 
20 of the landing gear and are arranged to engage a circular track 38 (Figures 2 and 4) for partially 
supporting the outer shell 12 and the inner rotating assembly 14 as will be described. Also, a suitable 
drive motor 40 (Figure 3) is mounted on one of the legs 20 of the landing gear and is connected through a 
suitable gear box 42 to one of the rollers 36 to rotate the outer shell 12 with respect to the landing gear 
and the supporting structure 10. The roller 36 connected to the drive motor 40 may be suitably chained 
(not shown) to its companion roller 36 to assure an adequate drive connection between the drive motor 
and the circular track 38. 


The shell (Figure 2) is tubular in configuration, with the diameter of the central portion thereof 
substantially larger than the diameter at the opposite ends thereof, and is supported in an upright position 
to give the general appearance of two saucers placed face-to-face. The outer edge portion 44 of the shell 
12 is preferably formed of partially transparent material, such as Plexiglass, and is illuminated from 
within (not shown) to provide a band of light around the central portion of the shell 12. the remainder of 
the shell 12 is formed of any desired opaque and relatively strong material, such as aluminum-laminated 
masonite sheets. 


The shell 12 is supported on a frame generally designated by reference character 46 and illustrated in 
Figures 2 and 4. the frame 46 is circular in plan, as viewed in Figure 4, and is substantially U-shaped in 
cross-section (as shown in Figure 2) to provide an upper horizontally extending portion 48 and a lower 
horizontally extending portion 50 which extend from adjacent the support member 18 outwardly to the 
central portion of the shell 12. The frame 46 may be easily formed with industrial steel tubing 52 formed 
into a truss with bracing of steel rods 54. With this construction, the frame 46 may be easily fabricated in 
sections for convenient assembly, or the entire frame 46 may be lifted off of the supporting member 18 
and transported to another location. 


Support of the frame 46 and the outer shell 12 1s provided by the track 38 (previously mentioned) which 
is secured on the lower face of the lower horizontally extending portion 50 of th3 frame 46 in a position 
to engage the roller 36 carried by the landing gear legs 20. Additional support for the frame 46 is 
provided by rollers 56 (Figure 6) secured around the inner edge of the lower portion 50 of the frame, and 
rollers 58 secured around the inner periphery of both portions 48 and 50 of the frame. The rollers 56 are 
arranged in circumferentially spaced relation around the inner periphery of the frame 46 and engage a 
circular track 60 supported by the legs 20 of the landing gear. The track 60 may be an extension of the 
upper plate 34 shown in Figure 3. The rollers 58 engage tracks 62 extending circumferentially around the 
supporting member 18 to accommodate any radial forces imposed on the frame 46. It will be understood 
that any desired number of the rollers or wheels 36 operated by the motor 40 will engage the track 38 to 
rotate the shell 12 in one direction around the longitudinal axis of the supporting member 18. The rollers 
56 will engage the track 60, and the rollers 58 will engage the tracks 62 during such rotation of the outer 
shell 12 and frame 46. 


The inner rotating assembly 14 is generally annular-shaped, as illustrated in Figure 5, for movement 
around the supporting member 18 between the upper and lower horizontally extending portions 48 and 50 
of the frame 46. The assembly 14 is also preferably constructed as a frame out of square steel tubing 52 
formed into a truss with steel rods 54 for bracing, and is provided with a double conically-shaped 
framework 64 adjacent the supporting member 18. The framework 64 1s provided to support a covering 
material 66 of any suitable type such as laminated metal or plastic, to simulate a solid member in the 
central portion of the amusement device, which in turn simulates a portion of a spacecraft, such as the 
power unit for the craft. The covering material 66 may be corrugated 1f desired. The framework 64, as 
illustrated in Figure 6, is also provided to support the rotating assembly 14 on the supporting member 18 
and the frame 46. A plurality of rollers 68 are provided around the lower face of the framework 64, and a 
plurality of rollers 70 are provided around the upper face of the framework 64 to engage circular tracks 72 
and 74, respectively, which are mounted on the frame 46. The rollers in each set of rollers 68 and 70 are 
provided in circumferentially spaced relation around the inner periphery of the rotating assembly 14 to 
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accommodate vertical thrusts imposed on the rotating assembly. Additional rollers 76 and 78 are provided 
around the inner periphery of the framework 64 to engage tracks 80 extending circumferentially around 
the supporting member 18 to accommodate radial thrusts imposed on the central rotating assembly 14. It 
will be apparent that any desired number of rollers 76 and 78 may be provided around the inner periphery 
of the framework 64 to adequately support the rotating assembly 14. 


I also prefer to support a plurality of conically-shaped member 82 in the outer edge portion of the central 
rotating assembly 14. Each conically-shaped member 82 may be easily formed out of a suitable sheet 
material, such as aluminum or plastic, and is supported at its opposite ends by suitable trunions 84 to 
extend through the truss comprising the frame of the central rotating assembly 14. The conically-shaped 
members 82 are preferably provided in circumferentially spaced relation around the assembly 14, as 
illustrated in Figure 5, and are positioned to move through simulated electromagnets 86 supported around 
the frame 46, as illustrated in Figures 2 and 4. Each simulated electromagnet 86 may be formed in 
horseshoe shape out of any suitable sheet material, and is provided with tubing or the like 88 around a 
portion thereof to simulate the winding of an electromagnet. I further prefer to secure a plurality of plates 
90 in spaced relation 14 to simulate capacitor plates in a spacecraft. The plates 90 may be formed out of 
any suitable material such as aluminum-laminated masonite to provide a striking appearance. 


The inner rotating assembly 14 1s driven by a friction or dead wheel 92 pivotally supported on the tubular 
member 18, as illustrated in Figure 6, engaging circular plate 94 and 96 carried by the inner rotating 
assembly 14 and the frame 46, respectively. The plates 94 and 96 are arranged in vertically spaced 
relation with sufficient distance therebetween to frictionally engage opposite portions of the wheel 92. It 
will therefore be apparent that when the frame 46 is turned in one direction, the plate 96 will engage the 
periphery of the wheel 92 to drive the wheel 92 and in turn drive the central rotating assembly in the 
opposite direction by frictional engagement of the wheel 92 with the plate 94. Therefore, the various 
conically-shaped members 82 will be moved successively through the simulated electromagnets 86 and 
give the appearance of the generation of electrical energy. 


The cabin 16 is supported on the upper end of the tubular supporting member 18 and is rigidly secured to 
the member 18 by bracing 100 to move with the supporting member 18 and to be prevented from rotating 
with the shell 12 or rotating assembly 14. Additional support 1s provided by a plurality of rollers 101 
carried by the frame 46 engaging a complementary track on the bottom of the cabin. The cabin 6 is 
constructed out of a suitable framework 102 such as aluminum laminated with masonite, on the outer 
surface of the framework and any other suitable material 106, such as masonite, around the inner surface 
of the framework. It will be understood that substantially strong members 108 must be provided in the 
floor of the cabin 16 to adequately support passengers in the cabin. As illustrated in Figure 7, a plurality 
of transparent windows 110 are provided adjacent the outer and inner peripheries of the floor of the cabin 
16, through which the passengers in the cabin may adequately view the inner rotating assembly 14 and 
the frame 46. 


Passengers may either stand or sit in the cabin 16 and may gain entrance and exit from the cabin through 
suitable doors 112 as illustrated in Figure 2. It will also be noted that the upper edge portion 114 of the 
outer shell 12 is extended upwardly to overlap the lower end portion of the cabin 16. A portion of the 
upper edge 114 of the shell 12 is removed, as at 116 in Figure 1, such that passengers may enter the cabin 
16 through the doors 112. Simulated portholes 118 are provided around the upper edge portion of the 
cabin 16 to further simulate an interplanetary spacecraft. It will be noted, however, that the portholes 118 
are preferably covered with an opaque material on the inside of the cabin 16 to prevent the passengers 
from seeing familiar objects outside the cabin 16. 


A dome 120 is preferably provided in the top central portion of the cabin 16 and the under surface thereof 
is covered with a suitable material 122, such as cloth or the like, which will display a movie scene. A 
projector 124 is suitably mounted in the central portion of the cabin 16 to project an animated movie onto 
the screen 122 during the operation of the amusement device to give passengers the impression of 
interplanetary flight. 


In summarizing the operation of the referred amusement device, the passengers are directed into the cabin 
16 through the opening 116 in the upper edge portion of the shell 12 and through the doors 112. The doors 
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112 are then securely fastened in close depositions and the passengers are thereafter prevented from 
viewing any object outside the amusement device during the simulated flight. The drive motor 40 1s then 
placed in operation to rotate the shell 12 and frame 46 in one direction, while the friction wheel 92 drives 
the inner rotating assembly 14 in an opposite direction. Passenger sin the cabin 16 will then view the 
movement of the inner assembly 124 and the frame 46 through the windows 110 to receive the impression 
of watching the inner workings of a spacecraft. Also, suitable lighting effects (not shown) are preferably 
provided in the sell 12 to illuminate the moving parts. Simultaneously with rotation of the shell 12 and the 
inner rotating assembly 14, the jacks 26 are actuated to raise the supporting member 18 on the stanchion 
22. This upward movement of the supporting member 18 will be rather minor, but will be sufficient to 
give the sensation of rising to the passengers in the closed cabin 16. It will be observed that when the 
supporting member 18 is raised, the shell 12 and the inner rotating assembly 14 are simultaneously raised 
to retain the vertical relationship between the cabin and the remainder of the apparatus viewed by 
passengers in the cabin. Also, simultaneously with rotation of the shell 12 and rotating assembly 14, the 
movie is displayed by the projector 124 on screen 122 on the dome of the cabin to give the passengers the 
impression of approaching one or more heavenly bodies. The jacks 26 are then operated in the opposite 
direction to lower the cabin 16 and the movie projected by the projector 124 may then provide an 
impression on the screen 122 that the passengers are returning to earth. 


From the foregoing it will be apparent that the present invention provides an amusement device which 
will give the impression and sensation to patrons or passengers of the device that they are taking an 
interplanetary flight. The device includes counter-rotating sections simulating the inner workings of a 
spacecraft and these moving sections may be easily viewed by passengers in the device. Also, the 
passengers are slightly raised during operation of the device to simulate flight from the earth and a movie 
is simultaneously displayed to give the impression of approaching a heavenly body. It will also be 
apparent that the construction of the amusement device is such that the device may be easily disassembled 
and moved from one location to another. It will further be apparent that the present amusement device is 
simple in construction, may be economically manufactured and will have a long service life. 


Changes may be made in the combination and arrangement of parts or elements as heretofore set forth in 
the specification and shown in the drawings, it being understood that changes may be made in the 
embodiment disclosed without departing from the spirit and scope of the invention as defined in the 
following claims. 


I claim: --- [Claims not included here] 


Model OTC-X1 Construction Plans 


As your eyes take in the shapes and relationships in these illustrations of the miniature model you are 
about to build, your reasoning will let you understand much about the invisible forces that contribute to 
the noise-free, pressure-free, and vibrationless sensation of floating flight to be experienced in the 
passenger living rooms aboard the OTC-X1. It will be very much like reclining in an overstuffed armchair 
on our comfortable old planet Earth. 


It mechanical behavior being like that of a giant gyroscope, and electrically like a planet with its own 
atmosphere and force field, the OTC-X1 craft will know nothing of sound barriers, shockwaves, skin 
friction, turbulence, or G-strains. 


Neither will 1ts occupants need fear any harm from cosmic forces, gamma rays, x-rays, or other radiation, 
because the OTC-X1 craft will either be using or absorbing all such forces, or by the pressure and polarity 
of its own force field, be shielded against their penetration. 


While the commutation system for the actual energized flight model craft is not shown together with the 
other components on this on this sheet, its design for the circuitry of electro-gravitational forces permits 
an environmental surroundment of equal and opposite pressures in and from all direction, whose 
circumference is nowhere and whose center is everywhere relative to the universal field. 


http://www.rexresearch.com/carr/1carr.htm 22/28 


base junction. There are no free electrons or 


holes in these depletion regions, which 
prevents any current from flowing. 

Depletion 

regions 


Emitter 
terminal 


Collector 
terminal 


Base terminal 
The following figure shows a bipolar transistor 


with a positive voltage applied to the base 
and a negative voltage applied to the emitter 


(forward-biasing the base-emitter diode), as 
well as a positive voltage applied to the 
collector. The forward bias on the 
base-emitter diode allows electrons to flow 
from the emitter into the base. A small 


fraction of these electrons would be captured 
by the holes in the base region and then flow 
out of the base terminal and through the 
base resistor. The base of a transistor is thin, 
which allows most of the electrons from the 
emitter to flow through the base and into the 
collector. The positive voltage on the collector 
terminal attracts these electrons, which flow 
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Thus, by imitating nature, we become one with nature --- by translating her shapes and duplicating her 
motions we join forces with natural energies and become magnetically independent of manmade 


limitations, man-constructed barriers, man-invented feats, and man-imposed controls! [&c, &c., yada 
yada yada] 


Construction Plan Thumbnails: Click on the Images to open the Full-Size Drawings ~ 
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Additional Large Specifications Images ( Links open in new windows ): [1] ~[2.]~[3.]~[4]~[5 
| 


http://www.projectcamelot.org/ralph _ ring.html 
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Ralph Ring 1s a technician who worked with Otis T. Carr in the late 1950s and early 1960s. Ring stresses 
that resonance is the key to working with nature: "Resonance. You have to work with nature, not against 
her." According to Ring, when the model Utrons were powered up to operational speed, "...the metal 
turned to Jell-o. You could push your finger right into it. It ceased to be solid. It turned into another form 
of matter, which was as if it was not entirely here in this reality. That's the only way I can attempt to 
describe it. It was uncanny, one of the weirdest sensations I've ever felt." 


Ralph Ring describes Otis Carr thus: "He was an unquestioned genius. Tesla had recognized his quality 
immediately and had taught him everything he knew. He was inspired, and — like Tesla — seemed to know 
exactly what to do to get something to work. He was a private man and was also very metaphysical in his 
thinking. I think the fact that he was not formally trained in physics helped him. He was not constrained 
by any preconceived ideas. As crazy as it sounds now, he was determined to fly to the moon and really 
believed it could be done. I believed it. We all did." 


Ring described his "flight" in the Utron craft, saying that "Fly is not the right word. It traversed distance. 
It seemed to take no time. I was with two other engineers when we piloted the 45' craft about ten miles. I 
thought it hadn't moved --- I thought 1t had failed. I was completely astonished when we realized that we 
had returned with samples of rocks and plants from our destination. It was a dramatic success. It was 
more like a kind of teleportation. 


"What's more, time was distorted somehow. We felt we were in the craft about fifteen or twenty minutes. 
We were told afterwards that we'd been carefully timed as having been in the craft no longer than three or 
four minutes. I still have no complete idea how it worked. We just built it exactly according to Carr's 
instructions. Everything had to be perfect... it all had to be just so, or it he said it would not work: a kind 
of symbiotic state between man and machine. 


"The Utron was the key to it all. Carr said 1t accumulated energy because of its shape, and focused it, and 
also responded to our conscious intentions. When we operated the machine, we didn't work any controls. 
We went into a kind of meditative state and all three of us focused our intentions on the effect we wanted 
to achieve. It sounds ridiculous, I know. But that's what we did, and that's what worked. Carr had tapped 

into some principle which 1s not understood, in which consciousness melds with engineering to create an 
effect. You can't write that into equations. I have no idea how he knew it would work. But it did. 
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"...There are two secrets to making the alien saucers work. One is their advanced engineering, and the 
other 1s their mental ability." 


"I've lost count of the number of people who have refused to believe what happened. I no longer talk 
about it. It's no fun being laughed at and ridiculed. But I've described it exactly as it occurred. One day 
someone will build the disk just as we did and they'll have the same experience. All his blueprints still 
exist. Nowadays, it would all be done with digital and solid state circuitry --- no moving parts would be 
necessary. 


"I've heard that the aliens use the same principle to operate their craft. Their physics seems to work in 
harness with their consciousness. The craft amplifies the power of their minds. Their craft won't operate 
without the pilots. I've heard that's why we can't operate their craft --- or, at any rate, we can't operate 
them the way they do. We're just not adept enough mentally and spiritually. So there are two secrets to 
making the saucers work. One 1s the advanced engineering, and the other 1s the mental and spiritual 
ability. We may have duplicated some of the first, but we may be a long way from the second yet." 


FATE (May 1958), page 17 
"Gravity Machine?" 


The following summary was sent from a Ship's Paper of October 30,1957, after being copied from a CW 
News broadcast while at sea. It is unusual because no other report of this announcement reached us. It 
certainly is sensational --- if true. 


Baltimore, MD (October 29):--- A group of inventors claimed Monday they have been able to utilize 
gravity in circular motion machines capable of powering everything from hearing aids to space cruisers. 


Otis T. Carr, president of OTC Enterprises, Inc., detailed his claims in an interview and demonstration of 
a crude model of a circular motion machine which he said is the principle of a "free energy circular foil" 
spacecraft he can build, 1f someone puts up the money. 


He said the machine can be adapted to devices of any size to produce continuous power absolutely free of 
dissipation. 


Its immediate application, Carr said, would be in a spacecraft --- which would be able to fly among the 
planets in controlled flight. 


It could land or take off as desired on the earth, the moon or any planet in the earth's solar system, he said. 


Carr and his associates said their claims are based on the most simple practical applications of natural 
laws and discoveries in science and mathematics. They have no formal education in science or 
engineering. 


He said the same "free energy" which causes the earth to rotate on its axis and orbit around the sun will 
turn a machine he described as two cones joined at their circular bases. 


When the rotation of such a machine reaches a certain velocity relative to the earth's orbital velocity, Carr 
said, it will take off. 


Carr said the core of his space ship would be a huge battery which would spin at the velocity of the 
external craft and which would be recharged, he said, by its motion. Carr declared such a battery, built to 
any size, could be designed to power the largest electric generating plant, operate an automobile, heat a 
house or power any conceivable machine or device. 


The principle on which Carr said such circular motion machines would operate is that "any vehicle 
accelerated to an axis rotation relative to its attractive inertial mass (the earth) immediately becomes 
activated by free space energy and acts as an independent force." 
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FATE (August 1959), page 32. 
"The Saucer That Didn't Fly" 
by 
W. E. Du Soir 


The serious field of UFO's and flying saucer research received a setback at Oklahoma City in late April 
when a highly publicized launching attempt by O.T.C. Enterprises of Baltimore, Md., resulted in failure. 
Hundreds of persons had been invited to Oklahoma City by Otis T. Carr to watch him "launch a six-foot 
prototype model of the O.T.C. X-1, a space craft which works on 'utron' energy." Those who were there 
came away disappointed. The flying saucer did not fly. The six-foot model, well-hidden in a warehouse, 
never even got to the launching site, or to the amusement park called Frontier City, where 1t was to have 
been displayed beside a 45-foot version of the same X-1 which will be an amusement "ride" in the near 
future. 


The launching site was to have been a gravel pit eight miles north of Oklahoma City where Carr claimed 
the saucer would rise "400 to 600 feet." Launching time was set for 3:00 PM Sunday, April 19. Two and 
a half hours past this time Major Wayne Aho finally announced that the launching had to be postponed 
because of "technical difficulties." Later 1t was stated by O.T.C. officials that one bearing housing was 
"off one-sixteenth of an inch." Most of the major flying saucer clubs had ignored the "launching". Except 
for a story in early April there was no advance news on Carr's experiment in Oklahoma City newspapers. 


One Oklahoma City television reporter expressed the general feeling of the townspeople, "This thing will 
never leave the ground. And I feel that a great deal of the ballyhoo they're giving out is tied in with the 
ride at Frontier City. I have tried constantly to get in to see the saucer model, but they've kept it hidden." 
Equally well hidden was Carr himself. He was finally located in Mercy Hospital, Room 302, by John 
Nebel, the famed "Long John" of WOR, New York City. Carr did not show up at a meeting at a local 
church the day before the scheduled launching but a taped speech was delivered to the 70 people who 
attended. "Barring any flat tires," Carr said, "I feel that history will be made Sunday afternoon when the 
model of the O.T.C. X-1 is launched here." 


Carr did not leave his hospital room until Monday, when he was taken to the home of Major Aho, the man 
in charge of publicity for the company. A scheduled "victory" dinner was pretty dismal Sunday night, 
where again a taped message from Carr was presented. Monday morning at 5 AM arumor spread that the 
model launching would again be attempted. At that early hour a group of a half-dozen people, including 
Norman Colton, Carr's chief aide, went to the warehouse. But it was three hours later before anyone else 
showed up and most of those who had come to see the model had given up in disgust and left. Many 
believers in UFO's, although skeptical, had traveled to Oklahoma City to see what developed. All of them 
had left town by Monday afternoon. 


One member of a Pennsylvania saucer club commented, "I don't know what's going on but I feel they 
never had any intention of trying to launch the model. I could not see any plans in sight for the model 
and, in fact, I understand, that a Mr. Maywood Jones presented only what he called "three-dimensional 
illustrations" of Carr's ideas." Monday afternoon there was more activity in the warehouse and finally, 
around 4 PM, the model was "turned on" and revolved, although it showed no signs of taking off from the 
table on which it sat. "We hoped to try to launch it again but unfortunately one of the seams burst during 
the test," an O.T.C. official said. "We still hope to have a launching shortly," another member of Carr's 
group added. Left unanswered were such questions as: 


1) Why was there no publicity about the launching in Oklahoma City for two weeks before the model was 
supposed to fly? 


2) Why did Carr ready a taped message for delivery at the "victory dinner" a day before the scheduled 
launching? 
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3) How could any engineer make a mistake of one-16th of an inch in a precision part? This would be 
similar to a navigator landing an airplane 300 miles off course. A mistake of one-10,000th of an inch can 


be a major engineering calamity. 


Carr was apparently undaunted by the weekend's developments. He again commented, "This indeed is an 
historic occasion." Questioned about the failures of his model, he added, "The theory itself has been 
proven. The model will go up, if not this week, then next week or next month." Mr. Carr also has stated 
that he and Major Wayne Aho will "fly to the moon in a flying saucer on December 7, 1959." 
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To all oe i may concern: os 
Be it known that I; ANDOR PALENCSÁR, a 

subject of the King of Hungary, residing ‘at 

Buda-Pesth , Austria-Hungary, have invented 


.a certain new and useful Apparatus for Col- 


lecting Atmospherical Electricity, of which 
the following is a full, clear, and exact ‘Spoo | 
fication. 

The present. ireann concerns an appa- 
ratus for collecting and driving or conduct- 


ing atmospherical electricity which renders - 


it “practicable to obtain. material quantities 


- of the same in serviceable form. 


I5 


20 


25 


30 


35 


40 


The experiments made hitherto have been 


limited to deviating or conducting the elec- 


tricity by simple lightning-rods withont mak- 


ing allowance for the progress of the theory | 
It is obvious | 


of atmospherical electricity. 
that only extremely small quantities of elec- 
tricity can be collected in this manner, and, 
moreover, it was obtained in a form which 
entirely precluded its utilization. It is evi- 
dent that a source of electricity of irregular 


yield can only be utilized by means of ac- 


cumulators and for charging accumulators. 


only a current of constant potential can be 
employed. The potential of electricity de-. 
‘rived. or deviated by means of a lightning- 


rod varies within wide limits, and, moreover, 

it is so high that it cannot be used at all for 
charging accumulators. All these drawbacks 
are remedied by the present invention, by 
which the atmospheric electricity is obtained 


in larger quantities with as low and constant. 


a potential as may be desired. | 
The idea underlying the invention! is s based 
on the modern theory of atmospheric elec- 


tricity, according to which it is produced by 


the condensation of steam or aqueous vapors, 
and that the increase of potential is effected 


by the concentration of the small drops of 


water into larger ones, as the proportion of 


the surface of the drops to the volume of 


45 


50 


same is materially reduced thereby. Accord- 
ing to this theory the water-droplets floating 
in “the layers of air are considered as vehicles 
or carriers of the electricity, and a rational 
system of the deviation of the atmospheric 
electricity must derive it from the water- 
drops. This is attained by the present in- 


- vention in the following manner: A collect- 


ing-body of as large a surface as possible is 


5: provided with shar p needles. 


| collectin e-balloon. 


is fixed. 


‘Serial’ No. 23,102, No model. j 


tinually heated by a suitable heating device. 


Owing to the heat the water- -drops imme- 


‘This i is moved. 
in the higher layers: of air, while being con- 


ee", 2 


diately ambient to the collecting- body willbe. - 


duced, while the potential of the charge grows 
until it reaches an infinite height with in- 
finite smallness of the drops. Ti is readily 


apparent that the whole charge of the drops 
as soon as they have been evaporated will | 


evaporated, their capacity is gradually re- > 


60 


have passed to the collector or collecting- 


body, from which it can be conducted. For 
the purpose of replacing the evaporated 
drops, which have been deprived of their 
charge by new-charged drops, the collector is 


moved in relation to the ambient air. 


One way of carrying out the invention is 


represented in diagram in the . accompanying 
drawings, in which— 
Figure 1 is a longitudinal section of the 


ing and conversion device, and Fig. 3 a detail. 


Fig. 4 is a diagrammatic perspective view of 


a form of automatic regulator for the rheo- 


static machine. 


The apparatus consists ofa balloon having 


two walls and covered with a light wire net, 
preferably of aluminium wire, said net being 
‘studded with needles. | 


| Besides, the balloon 
carries the net 3, on which the ring 4, made 


Fig. 2 shows the deviat- 
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of a solid but light material, (wood,cane,&c.,) 


This ring carries the basket. 6 by 
means of the cords or ropes 5. On a level 


85 


with the ring 4 is the ring 7, which is kept | 
spread by the blades or wings 9, which are 
journaled in a manner to rotate easily. . The 
ring 7 is kept fixedly in position by the cords 


go 


or ropes 8. The blades or wings consist of a — 


frame covered with light material, and their 


rotation in either direction is limited by the 


stops or ledges 10. The blades or wings form 


advantageously an angle of sixty to seventy 


degrees with the vertical line. 


All wire nets, ropes, rings, and blades or — 
wings may be covered with small metal nee- 


dles which are electrically connected with 


each other. 


From the space 11, fornted between the dde | 


100 


ble wails of the balloon, the pipe 26 leads from 
the lowest point of the same to the serpentine: a 
12, arranged in the basket 6, which in turnis - 


95 


out of the collector terminal and through the 
collector resistor. 


Remaining 
depletion region 


+V — Y 
Collector =r Emitter 
terminal = _ terminal 

A few electrons 

y flaw to base 

Most electrons flow Base terminal terminal 
to collector terminal 
For a transistor with 6 = 100, only one 
electron flows out to the base terminal for 
every 100 electrons that flow to the collector 
terminal. B is controlled by two factors: the 
thickness of the base region and the relative 
concentration of the impurities providing holes 
in the P region to the concentration of the 


impurities providing electrons in the N regions. 
A thinner base region plus the lower relative 
concentration of holes allow more electrons to 
pass through the base without being 
captured, resulting in a higher B. (Remember, 

the direction that conventional electrical 
current flows in is opposite to the direction In 
which electrons flow.) 


e: 
sa 


connected with the pipe 13, ending in the up- 
per part of the space 11 between the two 


-= walls12. The serpentine is heated by means 
- of a suitable source of heat, whereby a warm 


OR 


10 


Ol 


MEN 


20 


25 


current of gas or air circulates continually 


between the double walls of the balloon. 


Under the basket the ball-bearing 14 is ar- 
ranged in electrical connection with the wire 
nets, and its stud is electrically connected 


with the car efully- -insulated light though suf- 


ficiently strong cable 15. 

On the earth's surface is a winch 16, Fig. 
2, by means of which the balloon can be made 
to ascend or descend as soon as the interior 
space of the balloon is filled with illaminat- 
ing gas or hydrogen. 

The end of the cable-core is soldered to a 
collector arranged upon and insulated from 
the axle of the winch, and the electricity is 
conducted from this collector by means of a 
sliding contact.. The collecting of the eiec- 
tricity takes place by moving the balloon con- 
tinuously up and down by meansof the winch. 
In this movement the balloon is turned by 
means of the wings or blades 9, which are 
adapted to turn the balloon always in the 
same direction whether ascending or descend- 


- ing, as in the change from ascending into de- 


30 


the balloon in the same direction. 
to avoid torsion of the cable, the ball-bearing | 
| ofcurrent34. This current passes through the 


35 


40 


50 


55 


scending of the balloon, or vice versa, the 


blades are turned over by the aerial resist- 
ance, and thus impart the rotating motion to 
In order 


14 is provided. This up-and-down motion 
and rotating of the balloon accomplishes the 
purpose of bringing it into contact with as 
many water particles. floating in the air as 
possible. 


As the electricity conducted from the col- 


lector-wing 17 possesses a much too high and 
varying potential for making its direct appli- 


cation practicable, and as it is usual with an 


irregular source of electricity to first charge 


accumulators and to further utilize the easily- . 

regulated currentof thesame only, it becomes | 
‘necessary to seek to maintain the electricity 
conducted from the callector 17 for the charg- 
ing of the accumulators at a constant poten- 


tial and convert the potential to a much 
lower one; but as we deal in this case with a 


- direct current ordinary converters cannot be 


used for this purpose. Moreover, the elec- 


tricity possesses in this case a much too high 
potential, so that with the employment of or-. 


dinary converters the greatest part of the 
collected electricity would be lost again. 


The only practical method for this purpose 


is the converting by means of the Planté 
_ rheostatic machine, by which this high-vol- 


60 


tage electricity can be transformed almost 
without any loss whatever. Thus the ques- 
tion of conversion would be solved, and only 


the question of maintenance of constant po- 


65 


tential remains. This is obtained in the fol- 
lowing manner: The rheostatic machine 18 


- or only a part of the plates is connected with 
- an electrometer of any construction, the mov- 


reached. 


674,427 


able part of which closes a contact “which a 


eventually actuates an electr omagnet which 


effects the switching or reversion of the rheo- 


static machine. After the switching of the 


rheostatic machine it is discharged, the po- 


tential falls to zero, (nil,) and the electrom- 


eter resumes its initial position, whereby ~ 


the current of the electromagnet which ef- 
feets the reversion is interrupted and. the 


plates of the rheostatic machine are recon- 


nected to potential. The machine is then 
ready for renewed charge and is again dis- 


eharged when the determined potential is . 
This action is continually repeated — 


as long as the apparatus is in operation. 
A form of the automatic regulator for the 


-rheostatic machine is represented in Fig. 4. 


27 is the contact-cylinder of the rheostatic 
machine „on which, for clearness sake, only the 
contacts for the charging position of the COR- 


'denser-plates are shown, while the contacts 


for the discharging position, which comeinto 


action after the contact-cylinder has been 


turned, are omitted. The coating of the con- 


80 
85 


go 


denser- ‘plates is connected in electrical eir- * 


cuit with the stationary ball 29 and the inov- 
able ball 32 of the. charge-meter 30. When 


the charge of the rheostatic machine rises, 


the ball 32, arranged on the one extremity of 
the lever 31, is repelled and at a certain stroke 
actuated by means of the fork 33, which is 
fastened on the ball 32, and by dipping into a 
mercury-crp it closes the circuit of the source 


windings of the anchor or armature 35, fixed 
on the shaft of the contact-cylinder,and it also 
passes through the electromagnet 36. There- 


| by the contact- cylinder is turned bya certain 
angle and the rheostatic machine is thus re- 


versed. Then if the tension decreases by dis- 


charge and the repulsion of the balls 29 32 
declines so far that the contact is interrupted 


at 33 the spring 37 turns the contact-cylinder 
into its normal position and the rheostatic 
machine is again switched to tension. The 
regulation of the electrometer is effected 
by the adjustable weights 38 39. When 


larger quantities of electricity shall be de- 
rived or deviated, two rheostatic machines 


may operate alternately so,that while the one 


is being dischar ged the other can becharged. : 
It is readily apparent that if the capacity of. 


the rheostatic machine is not changed the 


will always take place at the same potential 
of the rheostatic machine, and as the num- 
ber of plates, and hence the proportion of 


conversion, remains the same the current 


impulses derived. or deviated from the rheo- 


static machine will alsohave thes same poten- 


tial. 
The irregalarities of the source of elec- 


tricity change the interval of time in which the 
charges follow each other; but as long as the - 


100 


105 


115 


switching or reversion by the electrometer - 


130 


potential remalns constant this has no injuri- | 


ous effect on the charge of the accumulators. 


The current derived, or deviated from the. 


tO 
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E state tiene: can Dé, further trans- 
formed by an ordinary converter 21 22, and 
whenever it is sufficiently constant it can be 
utilized without. the intervention of the ac- 
cumulators. The converters can be connected 
or disconnected by means of the double 
aaa 19 20 23. : 
24 and 25 are iko: cun ae. which 


run either directly to the place of consump- 
tion or to an accumulator-battery. 


= Having now described my invention, what | 
I claim as new, and desire to secure by Letters i 


Patent, is— 


1. An apparatus for collecting atmospheric | 
a collecting - body 
adapted to be kept in motion, heating means 
for said body, anda rheostatie machine and a 
converter connected with the said body elec-. 


electricity comprising © 


trically, substantially as described. 


2. Anapparatus for collecting atmospheric | 


electricity for storage comprising a collect- 


ing-body adapted to be kept in motion in the 


ambient air, heating means for said body, a 


conductor leading. from said. body, a rheo- | 


25 static machine connected with the said con- 


ductor, an electrometer connected with said | 


tromagnet controlling the reversing of the 
rheostatic machine, substantially as de- 
scribed. 


rheostatic machine electrically, a contact con- 
trolled by the electrometer, and an electro- 
magnet controlled by said contact, said elec- 


30° 


3. In combination, the balloon- like collect: d 


ing-body, having the collecting-points, means 
for heating the interior space of said body, a 


| conductor] leading from the balloon-like body, 
and electrical devices for receiving the CUr- o 
_rent therefrom, substantially as described. 


4. In combination, the balloon-like collect- 


ing-body, means for turning the same con- 
stantly in one direction in both ascending © 


40 


and descending, conducting means leading 


from the balloon and electrical devices for rê- 


ceiving the current therefrom, substantially 


las described. | 
In witness whereof I have hereunto set my | 


hand in presence of two witnesses.. 
-ANDOR PALENOSÁR. 


‘Witnesses: 
EUGENE HWankinso, 
PAUL BOLESKEY. 
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[57] ABSTRACT 


Apparatus for and method of sensing brain waves at a 
position remote from a subject whereby electromag- 
netic signals of different frequencies are simulta- 
neously transmitted to the brain of the subject in 
which the signals interfere with one another to yield a 
waveform which is modulated by the subject's brain 
waves. The interference waveform which is represen- 
tative of the brain wave activity is re-transmitted by 
the brain to a receiver where it is demodulated and 


amplified. The demodulated waveform is then dis- 


played for visual viewing and routed to a computer for 
further processing and analysis. The demodulated 
waveform also can be used to produce a compensating 
signal which is transmitted back to the brain to effect 
a desired change in electrical activity therein. 


11 Claims, 2 Drawing Figures 
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“APPARATUS AND METHOD FOR REMOTELY 
MONITORING AND ALTERING BRAIN WAVES 


BACKGROUND OF THE INVENTION 


Medical science has found brain waves to be a useful 
barometer of organic functions. Measurements of elec- 
trical activity in the brain have been instrumental in 
detecting physical and psychic disorder, measuring 


stress, determining sleep patterns, and monitoring body 


metabolism. 

The present art for measurement of brain waves em- 
ploys electroencephalographs including probes with 
sensors which are attached to the skull of the subject 
under study at points proximate to the regions of the 


brain being monitored. Electrical contact between the. 


sensors and apparatus employed to process the de- 
tected brain waves is maintained by a plurality of wires 
extending from the sensors to the apparatus. The ne- 
cessity for physically attaching the measuring appara- 
tus to the subject imposes several limitations on the 
measurement process. The subject may experience 
discomfort, particulary if the measurements are to be 
made over extended periods of time. His bodily move- 
ments are restricted and he is generally confined to the 
immediate vicinity of the measuring apparatus. Fur- 
thermore, measurements cannot be made while the 
subject is conscious without his awareness. The com- 
prehensiveness of the measurements is also limited 
since the finite number of probes employed to monitor 
local regions of brain wave activity do not permit ob- 
servation of the total brain wave profile in a single test. 


SUMMARY OF THE INVENTION 


The present invention relates to apparatus and a 
method for monitoring brain waves wherein all compo- 
nents of the apparatus employed are remote from the 
test subject. More specifically, high frequency trans- 
mitters are operated to radiate electromagnetic energy 
of different frequencies through antennas which are 
capable of scanning the entire brain of the test subject 
or any desired region thereof. The signals of different 
frequencies penetrate the skull of the subject and im- 
pinge upon the brain where they mix to yield an inter- 
ference wave modulated by radiations from the brain’s 
natural electrical activity. The modulated interference 
wave is re-transmitted by the brain and received by an 
antenna at a remote station where it is demodulated, 
and processed to provide a profile of the suject’s brain 
waves. In addition to passively monitoring his brain 
waves, the subject’s neurological processes may be 
affected by transmitting to his brain, through a trans- 
mitter, compensating signals. The latter signals can be 
derived from the received and processed brain waves. 


OBJECTS OF THE INVENTION 


It is therefore an object of the invention to remotely 
monitor electrical activity in the entire brain or se- 
lected local regions thereof with a single measurement. 

Another object is the monitoring of a subject's brain 
wave activity through transmission and Pecepuon of 
electromagnetic waves. 

Still another object is to monitor brain wave activity 
from a position remote from the subject. 

A further object is to provide a method and appara- 
tus for affecting brain wave activity by edi 
electromagnetic Signals thereto. : 
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2 
DESCRIPTION OF THE DRAWINGS 


Other and further objects of the invention will appear 
from the following description and the accompanying 
drawings, which form part of the instant specification 
and which are to be read in conjunction therewith, and 
in which like reference numerals are used to indicate 
like parts in the various views; 

FIG. 1 is a block diagram showing the interconnec- 
tion of the components of the apparatus of the inven- 
tion; 

FIG. 2 is a block diagram showing signal flow in one 
embodiment of the apparatus. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


Referring to the drawings, specifically FIG. 1, a high 
frequency transmitter 2 produces and supplies two 
electromagnetic wave signals through suitable coupling 
means 14 to an antenna 4. The signals are directed by 
the antenna 4 to the skull 6 of the subject 8 being exam- 
ined. The two signals from the antenna 4, which travel 
independently, penetrate the skull 6 and impinge upon 
the tissue of the brain 10. 

Within the tissue of the brain 10, the signals combine, 
much in the manner of a conventional mixing process 
technique, with each section of the brain having a dif- 
ferent modulating action. The resulting waveform of 
the two signals has its greatest amplitude when the two 
signals are in phase and thus reinforcing one another. 
When the signals are exactly 180° out of phase the 
combination produces a resultant waveform of mini- 
mum amplitude. If the amplitudes of the two signals 
transmitted to the subject are maintained at identical 
levels, the resultant interference waveform, absent 
influences of external radiation, may be expected to 
assume zero intensity when maximum interference 
occurs, the number of such points being equal to the 
difference in frequencies of the incident signals. How- 
ever, interference by radiatión from electrical activity 
within the brain 10 causes the waveform resulting from 
interference of the two transmitted signals to vary from 
the expected result, i.e., the interference waveform is 
modulated by the brain waves. It is believed that this is 
due to the fact that brain waves produce electric 
charges each of which has a component of electromag- 
netic radiation associated with. it. The electromagnetic 
radiation produced by the brdin waves in turn reacts 
with the signals transmitted to the brain from the exter- 
nal source. 

The modulated interference daa is re-transmit- 
ted from the brain 10, back through the skull 6. A 
quantity of energy is re-transmitted sufficient to enable 
it to be picked up by the antenna 4. This can be con- 
trolled, within limits, by adjusting the absolute and 
relative intensities of the signals, originally transmitted 
to the brain. Of course, the lével of the transmitted 
energy should be kept below that which may be harm- 
ful to the subject. 

The antenna passes the received signal to a receiver 
12 through the antenna electronics 14. Within the re- 
ceiver the wave is amplified by conventional RF ampli- 
fiers 16 and demodulated by conventional detector and 
modulator electronics 18. The demodulated wave, rep- 
resenting the intra-brain electrical activity, is amplified 
by amplifiers 20 and the resulting information in elec- 
tronic form is stored in buffer circuitry 22. From the 
buffers 22 the information is fed to a suitable visual 
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3 
display 24, for example one employing a cathode ray 
tube, light emitting diodes, liquid crystals, or a mechan- 
ical plotter. The information may also be channeled to 
a computer 26 for further processing and analysis with 
the output of the computer displayed: by heretofore 
mentioned suitable means. 

In addition to channeling its information to display 
devices 24, the computer 26 can also produce signals to 
control an auxiliary transmitter 28. Transmitter 28 is 
used to produce a compensating signal which is trans- 
mitted to the brain 10 of the subject 8 by the antenna 
4. In a preferred embodiment of the invention, the 
compensating signal is derived as a function of the 
received brain wave signals, although it can be pro- 
duced separately. The compensating signals affect elec- 
trical activity within the brain 10. 

Various configurations of suitable apparatus and 
electronic circuitry may be utilized to form the system 
generally shown in FIG. 1 and one of the many possible 
configurations is illustrated in FIG. 2. In the example 
shown therein, two signals, one of 100 MHz and the 
other of 210 MHz are transmitted simultaneously and 
combine in the brain 10 to form a resultant wave of 
frequency equal to the difference in frequencies of the 
incident signals, i.e., 110 MHz. The sum of the two 
incident frequencies is also available, but is discarded 
in subsequent filtering. The 100 MHz signal is obtained 
at the output 37 of an RF power divider 34 into which 
a 100 MHz signal generated by an oscillator 30 is in- 
jected. The oscillator 30 is of a conventional type em- 
ploying either crystals for fixed frequency circuits or a 
tunable circuit set to oscillate at 100 MHz. It can be a 
pulse generator, square wave generator or sinusoidal 
wave generator. The RF power divider can be any 
conventional VHF, UHF or SHF frequency range de- 
vice constructed to provide, at each of three outputs, a 
signal identical in frequency to that applied to its input. 

The 210 MHz signal is derived from the same 100 
MHz oscillator 30 and RF power divider 34 as the 100 
MHz signal, operating in concert with a frequency 
doubler 36 and 10 MHz oscillator 32. The frequency 
doubler can be any conventional device which provides 
at its output a signal with frequency equal to twice the 
frequency of a signal applied at its input. The 10 MHz 
oscillator can also be of conventional type similar to 
the 100 MHz oscillator herebefore described. A 100 
MHz signal from the output 39 of the RF power divider 
34 is fed through the frequency doubler 36 and the 
resulting 200 MHz signal is applied to a mixer 40. The 
mixer 40 can be any conventional VHF, UHF or SHF 
frequency range device capable of accepting two input 
signals of differing frequencies and providing two out- 
put signals with frequencies equal to the sum and dif- 
ference in frequencies respectively of the input signals. 
A 10 MHz signal from the oscillator 32 is also applied 
to the mixer 40. The 200 MHz signal from the doubler 
36 and the 10 MHz signal from the oscillator 32 com- 
bine in the mixer 40 to form a signal with a frequency 
of 210 MHz equal to the sum of the frequencies of the 
200 MHz and 10 MHz signals. 

The 210 MHz signal is one of the signals transmitted 
to the brain 10 of the subject being monitored. In the 
arrangement shown in FIG. 2, an antenna 41 is used to 
transmit the 210 MHz signal and another antenna 43 is 
used to transmit the 100 MHz signal. Of course, a single 
antenna capable of operating at 100 MHz and 210 
MHz frequencies may be used to transmit both signals. 
The scan angle, direction and rate may be controlled 
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4 
mechanically, e.g., by a reversing motor, or electroni- 
cally, e.g., by energizing elements in the antenna in 
proper synchronization. Thus, the antenna(s) can be of 
either fixed or rotary conventional types. 

A second 100 MHz signal derived from output termi- 
nal 37 of the three-way power divider 34 is applied to 
a circulator 38 and emerges therefrom with a desired 
phase shift. The circulator 38 can be of any conven- 
tional type wherein a signal applied to an input port 
emerges from an output port with an appropriate phase 
shift. The 100 MHz signal is then transmitted to the 
brain 10 of the subject being monitored via the antenna 
43 as the second component of the dual signal trans- 
mission. The antenna 43 can be of conventional type 
similar to antenna 41 herebefore described. As previ- 
ously noted, these two antennas may be combined in a 
single unit. 

The transmitted 100 and 210 MHz signal compo- 
nents mix within the tissue in the brain 10 and interfere 
with one another yielding a signal of a frequency of 110 
MHz, the difference in frequencies of the two incident 
components, modulated by electromagnetic emissions 
from the brain, i.e., the brain wave activity being moni- 
tored. This modulated 110 MHz signal i is radiated into 
space. 

The 110 MHz ty modulated by brain wave activ- 
ity, is picked up by an antenna 45 and channeled back 
through the circulator 38 where it undergoes an appro- 
priate phase shift. The circulator 38 isolates the trans- 
mitted signals from the received signal. Any suitable 
diplexer or duplexer can be used. The antenna 45 can 
be of conventional type similar to antennas 41 and 43. 
It can be combined with them in a single unit or it can 
be separate. The received modulated 110 MHz signal is 
then applied to a band pass filter 42, to eliminate unde- 
sirable harmonics and extraneous noise, and the fil- 
tered 110 MHz signal is inserted into a mixer 44 into 
which has also been introduced a component of the 
100 MHz signal from the source 30 distributed by the 
RF power divider 34. The filter 42 can be any conven- 
tional band pass filter. The mixer 44 may also be of 
conventional type similar to the mixer 40 herebefore 
described. | 

The 100 MHz and 110 MHz signals combine in the 
mixer 44 to yield a signal of frequency equal to the 
aa re in frequencies of the two component signals, 

, 10 MHz still modulated by the monitored brain 
wave activity. The 10 MHz signal is amplified in an IF 
amplifier 46 and channeled to a demodulator 48. The 
IF amplifier and demodulator 48 can both be of con- 
ventional types. The type of demodulator selected will 
depend on the characteristics of the signals transmitted 
to and received from the brain, and the information 
desired to be obtained. The brain may modulate the 
amplitude, frequency and/or phase of the interference 
waveform. Certain of these parameters will be more 
sensitive to corresponding brain wave characteristics 
than others. Selection of amplitude, frequency or phase 
demodulation means is governed by the choice of brain 
wave characteristic to be monitored. If desired, several 
different types of demodulators can be provided and 
used alternately or at the same time. 

The demodulated signal which is representative of 
the. monitored brain wave activity is passed through 
audio amplifiers 50 a, b, c which may be of conven- 
tional type where it is amplified and routed to displays 
58 a, b, c and a computer 60. The displays 58 a, b, c 
present the raw brain wave signals from the amplifiers 
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50 a, b, c. The computer 60 processes, the amplified 


brain. wave signals to derive information suitable for 
viewing, e.g., by suppressing, compressing, or expand- 
ing elements, thereof, or combining them with other 


information- -bearing signals and presents that informa- 


tion on a display 62. The displays can be conventional 
ones such as the types herebefore mentioned employ- 
ing electronic visual displays or mechanical plotters 
58b. The computer can also be of conventional type, 
either analog or digital, or a hybrid. 

A profile of the entire brain wave emission pattern 
may be monitored or select areas of the brain may be 
observed in a single measurement simply by altering 
the scan angle and direction of the antennas. There is 
no physical contact between the subject and the moni- 
toring apparatus. The computer 60 also can determine 
a compensating waveform for transmission to the brain 
10 to alter the natural brain waves in a desired fashion. 
The closed loop compensating system permits instanta- 
neous and continuous modification of the brain wave 
response pattern. 

In performing the brain wave pattern modification 
function, the computer 60 can be furnished with an 
external standard signal from a source 70 representa- 
tive of brain wave activity associated with a desired 
nuerological response. The region of the brain respon- 
sible for the response is monitored and the received 
signal, indicative of the brain wave activity therein, is 
compared with the standard signal. The computer 60 is 
programmed to determine a compensating signal, re- 
sponsive to the difference between the standard signal 
and received signal. The compensating signal, when 
transmitted to the monitored region of the brain, mod- 
ulates the natural brain wave activity therein toward a 


reproduction of the standard signal, thereby changing 


the neurological response of the subject. 

The computer 60 controls an auxiliary transmitter 64 
which transmits the compensating signal to the brain 10 
of the subject via an antenna 66. The transmitter 64 is 
of the high frequency type commonly used in radar 
applications. The antenna 66 can be similar to antennas 
41, 43 and 45 and can be combined with them. 
Through these means, brain wave activity may be al- 
tered and deviations from a desired norm may be com- 
pensated. Brain waves may be monitored and control 
signals transmitted to the brain from a remote station. 

It is to be noted that the configuration described is 
one of many possibilities which may be formulated 
without departing from the spirit of my invention. The 
transmitters can be monostratic or bistatic. They also 
can be single, dual, or multiple frequency devices. The 
transmitted signal can be continuous wave, pulse, FM, 
or any combination of these as well as other transmis- 
sion forms. Typical operating frequencies for the trans- 
mitters range from 1 MHz to 40 GHz but may be al- 
tered to suit the particular function being monitored 
and the characteristics of the specific subject. 

The individual components of the system for moni- 
toring and controlling brain wave activity may be of 
conventional type commonly employed in radar sys- 
tems. 

Various subassemblies of the brain wave monitoring 
and control apparatus may be added, substituted or 
combined. Thus, separate antennas or a single multi- 
mode antenna may be used for transmission and recep- 
tion. Additional displays and computers may be added 
to present and analyze select components of the moni- 
tored brain waves. 
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Modulation of the interference signal retransmitted 
by the brain may be of amplitude, frequency and/or 
phase. Appropriate demodulators may be used to deci- 
pher the subject's brain activity and select components 
of his brain waves may be analyzed by computer to 
determine his: ‘mental state and monitor nis: mount 
processes. 

As will be P by those familiar with the art, 
apparatus and method of the subject’ invention has 
numerous uses. Persons in critical positions such as 
drivers and pilots can be continuously monitored with 
provision for activation of an emergency device in the 
event of human failure. Seizures, sleepiness and dream- 
ing can be detected. Bodily functions such as pulse 
rate, heartbeat reqularity and others also can be moni- 
tored and occurrences of hallucinations can be de- 
tected. The system also permits medical diagnoses of 
patients, inaccessible to physicians, from remote sta- 
tions. 

What is claimed is: 

1. Brain wave monitoring apparatus comprising 

means for producing a base frequency signal, 

means for producing a first signal having a frequency 

related to that of the base frequency and at a pre- 
determined phase related thereto, 

means for transmitting both said base frequency and 

said first signals to the brain of the subject being 
monitored, 

means for receiving a second signal transmitted by 

the brain of the subject being monitored in re- 
sponse to both said base frequency and said first 
signals, 

mixing means for producing from said base fre- 

quency signal and said received second signal a 
response signal having a frequency related to that 
of the base frequency, and 

means for interpreting said response signal. 

2. Apparatus as in claim 1 where said receiving 
means comprises 

means for isolating the transmitted signals from the 

received second signals. 

3. Apparatus as in claim 2 further comprising a band 
pass filter with an input connected to said isolating 
means and an output connected to said mixing means. 

4. Apparatus as in claim 1 further comprising means 
for amplifying said response signal. 

5. Apparatus as in claim 4 further comprising means 
for demodulating said amplified response signal. 

6. Apparatus as in claim 5 further comprising inter- 
preting means connected to the output of said demodu- 
lator means. 

7. Apparatus according to claim 1 further comprising 

means for producing an electromagnetic wave con- 

trol signal dependent on said response signal, and 
means for transmitting said control signal to the brain 
of said subject. 

8. Apparatus as in claim 7 wherein said transmitting 
means comprises means for directing the electromag- 
netic wave control signal to a predetermined part of the 
brain. 

9. A process for monitoring brain wave activity of a 
subject comprising the steps of 

transmitting at least two electromagnetic energy sig- 

nals of different frequencies to the brain of the 
subject being monitored, 

receiving an electromagnetic energy signal resulting 

from the mixing of said two signals in the brain 
modulated by the brain wave activity and retrans- 
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7 
mitted by the brain in response to said transmitted 
energy signals, and, | 
interpreting said received signal. 

10. A process as in claim 9 further comprising the 
step of transmitting a further electromagnetic wave > 
signal to the brain to vary the brain wave activity. 

11. A process as in claim 10 wherein the step of 
transmitting the further signals comprises 

obtaining a standard signal, 
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- comparing said received electromagnetic energy sig- 


nals with said standard signal, 
producing a compensating signal corresponding to 
the comparison between said received electrogag- 
netic energy signals and the standard signal, and 
transmitting the compensating signals to the brain of 


the subject being monitored. 
* * * * k 
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[57] ABSTRACT 


The internal combustion engine fuel system described 
includes a structure for mixing the alternative fuel, prefer- 
ably hydrogen, with oxygen in ambient air to stratify the 
fuel. The system includes an adapter, and the adapter 
includes a housing mounted between spark plug and cylin- 
der of the internal combustion engine. A plug is placed 
within the housing. The plug has ridges or grooves on its 
outer surface that act as mixing structures. Thus, when 
hydrogen is introduced into the adapter housing it is mixed 
with ambient oxygen within the chamber as it flows over the 
plug. The mixing structures in the housing creates a vortex- 
ing action as the hydrogen flows over the plug and towards 
the cylinder of the engine. An electrode protrudes from the 
plug towards the cylinder. The electrode is preferably plati- 
num and generates the necessary spark to create combustion 
of the hydrogen/air mixture adjacent to the cylinder to 
thereby power the cylinder in the engine. A platinum elec- 
trode is preferably used because it enhances a catalytic 
conversion of combustion by-products to more environmen- 
tally compatible products. The present invention also 
teaches a spark plug producing a hotter spark for a hydrogen 
fuel system. Also taught is a hydrogen powered vehicle with 
reduced emissions by producing a spark during the power 
stroke and the exhaust stroke. Methods for reducing exhaust 
pollution are also taught. Methods of reducing exhaust 
pollution by generating a plasma are taught as well. 
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Before you connect any bipolar transistor to 
other components in a circuit, you must 
identify the emitter, base, and collector leads 
(referred to as the transistor's pinout ) and 


determine whether the transistor is NPN or 
PNP. 

Transistors are marked with a part number, 
such as 2N3904, 2N3906, BC337, and 
PN2222. However, the part numbers don't tell 
you much about the transistor. For these 


transistors, the 2N3904, BC337, and PN2222 
are NPN, whereas the 2N3906 is a PNP, 
which is not obvious from the part number. 

Also, the transistor pinout is not identified on 
the part number. For example, one NPN 
transistor, the BC337, uses the opposite leads 
for the emitter and collector than the 2N3904 
transistor, as shown in the following figure. 


2N3904 BC337 
t j 
Emitter | Collector Collector Emitter 
ase ase 
Your best bet IS to refer to the 
manufacturer's data sheet for the transistor 
pinout and other characteristics. You can 


easily look up data sheets on the Internet. 
Also, you can find links to the data sheets for 
the transistors used in projects in this book 
on the website at 
www.buildinggadgets.com/index_datasheets.htm 
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18 Current gain is a physical property of 
transistors. You can find its value in the 
manufacturers' published data sheets, or you 
can determine it by experimenting. 

In general, B is a different number from 
one transistor part number to the next, but 
transistors with the same part number have 
B values within a narrow range of each 
other. 

One of the most frequently performed 
calculations in transistor work is to determine 
the values of either collector or base current, 
when £6 and the other current are known. 

For example, suppose a transistor has 
500 mA of collector current flowing, and you 
know it has a B value of 100. To find the 
base current, use the following formula: 


== lc 
f= I. 
p Ic _500mA nA 


B 100 


Calculate the following values: 
A. |C = 2 ampere, = 20. Find IB. 


Questions 


B. IB = 1 mA, B = 100. Find IC. | 
C. IB = 10 pA, B = 250. Find IC. _— 
D. IB = 01 mA, IC = 75 mA. Find B. 
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HYDROGEN POWERED VEHICLE, 
INTERNAL COMBUSTION ENGINE, AND 
SPARK PLUG FOR USE IN SAME 


This application is a continuation-in-part of U.S. patent 
application Ser. No. 08/905,862 filed Aug. 4, 1997 by 
Herman P. Anderson, entitled “Fuel System For Internal 
Combustion System And Adapter For Use In Same” , now 
U.S. Pat. No. 5,852,993. U.S. patent application Ser. No. 
08/905,862 is hereby incorporated herein by reference. 


BACKGROUND OF THE INVENTION 


The present invention relates generally to a fuel system 
for internal combustion engines that enables the invention to 
utilize alternative fuels; and, more particularly to an 
improved fuel system for an internal combustion engine and 
an adapter and spark plug for use in same. 

The problems of air pollution caused by automobiles, 
lawn mowers and other vehicles that have internal combus- 
tion engines powered by gasoline is well documented. This 
problem is particularly described in an article in the San 
Diego Union Tribune, Wednesday, Sep. 25, 1996 and in 
Popular Science, August 1996. Indeed, under the Clean Air 
Act, in the next few years cars that do not run on standard 
fossil fuels like gasoline will be required in several states. 
Currently, there are no vehicles available to meet this need. 

Thus, it will be appreciated by those skilled in the art that 
there has been a push to seek other fuels for use in internal 
combustion engines. These fuels include methane, propane 
and gasohol. 

Hydrogen has also been characterized as a promising fuel 
source. See Department of Energy publication entitled 
“Hydrogen Fuel”, printed in 1978, U.S. Government Print- 
ing Office, U.S. Department of Energy, Office of Public 
Affairs, Washington, DC 20585. Particularly, the graph 
presented in FIG. 6, which is copied from this publication, 
shows the potential for hydrogen in BTUs/Lb. However, the 
mass energy density for hydrogen is low; and thus, hydrogen 
needs to be compressed before its energy potential can be 
realized. Hydrogen is a “dry fuel” that is more difficult to 
ignite than “wet fuels.” It becomes more difficult to ignite 
when it is cooled. However, cooling is preferred in most 
systems to avoid premature ignition of the fuel. Other 
systems deliver the hydrogen under pressure to prevent 
ignition in the supply line, which is a form of pre-ignition. 
No prior art fuel system has been able to capture the energy 
of hydrogen. 

Several fuel systems for use with hydrogen have been 
proposed. Examples are described in U.S. Pat. Nos. 4,167, 
919; 4,253,428; 4,016,836; 4,178,882; 5,222,993; 5,085, 
176; and 5,085,176. The problem with these prior art fuel 
systems is they cannot take advantage of the alternative fuels 
to generate sufficient power from the fuels to drive an 
internal combustion engine for use in a lawn mower, auto- 
mobile or other vehicle. As noted above, this is a particular 
problem when hydrogen is used as a fuel. Additionally, the 
prior art systems do not address the problem of back fire, Le. 
undesired explosion of the fuel in the cylinder during the 
exhaust stroke of the internal combustion engine. 

Premature ignition or backfire is often a problem with 
hydrogen fueled systems. U.S. Pat. No. 4,383,198 (Hosking) 
teaches a fuel injection spark plug with a pre-cooling 
chamber to avoid premature ignition indentination of a 
gaseous fuel supplied to the spark plug. U.S. Pat. No. 
4,383,198, Hosking, entitled “Fuel Injection Spark Plug”, 
issued May 10, 1983, is hereby incorporated herein by 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


2 


reference. However, cooling hydrogen makes it more diffi- 
cult to ignite. This is because hydrogen is a dry fuel whereas 
gas is generally considered a wet fuel. Thus to reduce fuel 
pollution one prefers to utilize a fuel such as hydrogen and 
ignite it with a hotter spark. 


One patent discussing very high energy (VHE) ignition 
systems is U.S. Pat. No. 5,207,208 issued to Ward, entitled 
“Integrated Convertor High Power CD Ignition”, issued 
May 4, 1993. U.S. Pat. No. 5,207,208 is hereby incorporated 
herein by reference. Pat. °208 teaches very high energy 
ignition systems, for instance on the order of 36K volts. It 
teaches voltage doubling utilizing pulsating sparks of peak 
current on the order of two amps. While 36K volts may at 
times be adequate, it is preferable to achieve a higher voltage 
in the ignition chamber when using hydrogen. 


It is known in the art to use a direct ignition system, also 
referred to as a distributorless ignition system, to increase 
the spark plug voltage. Such direct ignition systems use a 
“waste spark” method of spark distribution. Each cylinder is 
paired with its opposing cylinder in the firing order (1-4, 2-3, 
on a four cylinder, 1-4, 2-5, 3-6 on a V6) so that one cylinder 
on compression fires simultaneously with its opposing cyl- 
inder on exhaust stroke. Since the cylinder on exhaust stroke 
requires very little of the available voltage to fire its plug, 
most of the voltage is used to fire the cylinder on the 
compression stroke. 

U.S. Pat. No. 4,462,380 discusses a distributorless igni- 
tion system. U.S. Pat. No. 4,462,380 entitled “Enhanced 
Spark Energy Distributorless Ignition System” issued Jul. 
31, 1984 by Asik is hereby incorporated herein by reference. 
Pat. °380 teaches a distributorless ignition system of an 
internal combustion engine which has a supplementary 
spark energy module to increase spark energy. Each high 
voltage terminal is connected to a single spark plug and each 
ignition coil primary is alternately energized and quickly 
de-energized, producing opposite polarity ignition voltages 
at each coil terminal. As a result, pairs of spark plugs are 
alternately fired, with each firing pair occurring in a com- 
pression or exhaust stroke and thereby providing the proper 
ignition to the engine. Asik asserts that firing a spark plug 
does not affect engine performance or emissions. As taught 
by the instant invention this is incorrect for hydrogen fuels 
when the exhaust is sparked at a sufficient voltage. 

U.S. Pat. No. 5,146,882 (Brinkman) teaches use of spe- 
cific wet fuel mixtures in conjunction with direct ignition 
systems (D.I.S.). It teaches that technical breakdown volt- 
ages for typical spark plugs are on the order of 15-20 kV and 
DIS typically yield between 30 kV-40 kV. U.S. Pat. No. 
5,146,882, entitled “Method And Apparatus For Cold Start- 
ing A Spark Ignited Internal Combustion Engine Fueled 
With An Alcohol-Based Fuel Mixture”, by Brinkman, et al., 
issued Sep. 15, 1992, is hereby incorporated herein by 
reference. The previously referenced prior art discusses 
alternate fuels and fuel systems but does not teach a method 
of achieving a sufficient voltage with a hydrogen system. 

What is needed, then, is a fuel system for an internal 
combustion engine that provides a way to generate sufficient 
power from the alternative fuels and that reduces backfire 
problems. Such a system is lacking in the prior art. Also 
lacking in prior art is a system utilizing alternate fuels with 
reduced pollution capabilities. Also lacking is a way of 
generating sufficient voltage spark to ignite the alternate 
fuel. 

The following U.S. Patents discuss spark plugs designed 
for gas internal combustion engines to reduce radio fre- 
quency noise and interference. U.S. Pat. No. 4,224,554, 
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entitled “Spark Plug Having A Low Noise Lever” issued to 
Nishio et al., Sep. 23, 1980 is hereby incorporated herein by 
reference. U.S. Pat. No. 4,029,990 entitled “Spark Plug 
Construction” issued to Nagy et al., Jun. 14, 1977 is hereby 
incorporated herein by reference. 


SUMMARY OF THE INVENTION 


It is an object of this invention to provide an improved 
fuel system for use with alternative fuels. 


It is a further object of this invention to provide an 
improved fuel system for use particularly with hydrogen, 
and particularly to enhance the mass energy density of 
hydrogen. 

It is an object to provide a hotter sparking plug to ignite 
the fuel. 


It is still a further object of this invention to provide an 
adapter for use in a fuel system for an internal combustion 
engine that enhances the power obtained from the alternative 
fuels. 


It is still a further object of this invention to provide an 
improved fuel system for an internal combustion engine that 
does not present the environmental hazards of a standard 
gasoline engine by providing reduced or zero emission of 
environmentally harmful gases. 

It is yet a further object of this invention to provide an 
improved fuel system for an internal combustion engine that 
can use an alternative fuel and can use gasoline to facilitate 
the transition from gasoline to alternative fuels. 

It is yet a further object of this invention to provide an 
improved fuel system for an internal combustion engine that 
reduces backfire problems. 

It is yet a further object of this invention to provide an 
improved fuel system for an internal combustion engine that 
reduces backfire problems by cooling the electrode in the 
spark plug with the hydrogen gas fuel. 

It is an object to reduce backfire by providing hydrogen at 
a sufficient pressure to reduce backfire and igniting it with a 
hotter spark (i.e. a higher voltage). 

It is still a further object of this invention to provide an 
adapter for use in a fuel system for an internal combustion 
engine that enhances the power obtained from the alternative 
fuels. 

It is a further object to generate a plasma field in a cylinder 
to burn residual exhaust and reduce emissions. 

It is yet a further object of this invention to provide a 
direct injection fuel system wherein fuel is injected directly 
into the cylinder. 

It is an object to provide a “2-fire” direct injection system, 
wherein the fuel is ignited during the power stroke and the 
exhaust stroke. 

It is yet a further object of this invention to provide a way 
to convert the standard induction fuel system of a lawn- 
mower to a direct injection fuel system wherein fuel is 
injected directly into the cylinder. 

It is yet a further object of this invention to provide a way 
to convert the indirect injection fuel system of an automobile 
to a direct injection fuel system wherein fuel is injected 
directly into the cylinder. 

The internal combustion engine fuel system of this inven- 
tion includes a structure for mixing the alternative fuel, 
preferably hydrogen, with oxygen in ambient air to stratify 
the fuel. The term “alternative fuels” is known in the art and 
is meant to refer to fuels other than conventional gasoline. 

The invention in one embodiment comprises an adapter, 
the adapter including a housing mounted between spark plug 
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and cylinder of the internal combustion engine. A plug is 
placed within the housing. The plug has ridges or grooves on 
its outer surface that act as mixing structures. Thus, when 
hydrogen is introduced into the adapter housing it is mixed 
with ambient oxygen within the chamber as it flows over the 
plug. The mixing structures on the plug create a vortexing 
action as the hydrogen flows over the plug and towards the 
cylinder of the engine. 


An electrode protrudes from the plug towards the cylin- 
der. The electrode is preferably platinum and generates the 
necessary spark to create combustion of the hydrogen/air 
mixture adjacent to the cylinder to thereby power the 
cylinder in the engine. A platinum electrode is preferably 
used because it enhances a catalytic conversion of combus- 
tion by-products to more environmentally compatible prod- 
ucts. 


Thus, the combination of the compression action gener- 
ated by the conventional piston and push rod within the 
cylinder of the engine in conjunction with the hydrogen/air 
mixing structure that vortexes the hydrogen/air create com- 
pressed hydrogen that is mixed with a combustion 
facilitator, i.e. oxygen in the ambient air to enable the system 
of this invention to capture the abundant energy found in 
hydrogen fuel. 

The enhanced mixing capabilities of this invention is also 
adaptable for use with other alternative fuels such as natural 
gas, alcohol, propane and the like. 

One embodiment of the present invention is for a hydro- 
gen powered vehicle including an internal combustion 
engine operably connected to power the vehicle and adapted 
to connect to a hydrogen supply line. The internal combus- 
tion engine comprises a cylinder operably connected to the 
supply line; a piston operably disposed in the cylinder; and 
a spark plug having an electrode assembly in operable 
sparking communication with the cylinder, wherein the 
spark plug is capable of producing a spark of at least 45 kV. 

Preferably the spark plug comprises a housing having a 
sparking end and a hollow chamber containing the electrode 
assembly. The electrode assembly comprises an electrode 
having a connector end and a sparking end, wherein the 
sparking end is positioned adjacent to the housing sparking 
end. The electrode assembly preferably comprises a coil 
electrically connected to the electrode connector. 

Preferably the housing comprises a fuel inlet port in fluid 
communication with the supply line, and an insulator sur- 
rounding the electrode assembly, wherein the insulator is 
positioned in the hollow chamber. Preferably the insulator 
comprises an outer surface defining a first fuel channel 
having a first respective fuel exit port, wherein the first fuel 
channel is in fluid communication with the fuel inlet port and 
the fuel exit port exits into the cylinder. 

The present invention also includes a method of operating 
an internal combustion engine comprising supplying hydro- 
gen fuel to the engine and creating a spark in the cylinder 
during the power stroke and the exhaust stroke, wherein the 
spark created during the power stroke is at least 45 kV. In 
one embodiment the spark is at least 70 kV. In certain 
embodiments the method comprises generating plasma dur- 
ing the exhaust stroke. The exhaust fuel converts to an 
exhaust emission and coalesces with the plasma, thereby 
reducing fuel pollution. 

Accordingly, it is an object in the invention to provide a 
spark plug producing a sufficiently hot spark to ignite 
hydrogen fuel, including cooled hydrogen fuel. 

Another object of the present invention is to provide a 
device for reducing fuel exhaust emissions. 
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Another object of the present invention is to provide a 
cleaner burning engine. 


Another object is to provide a spark plug for reducing 
emissions. 


Another object of the present invention is to provide a 
device functional with dry fuels. Use of the term hydrogen, 
as discussed herein, is intended to encompass such dry fuels. 
However the term as used excludes such wet fuels as gas and 
alcohol. 


Another object of the present invention is to provide an 
integrated fuel system adapted to provide these and objec- 
tives. 


Other objects and advantages of the present invention will 
be apparent to those of skill in the art by reference to the 
teachings disclosed herein, including the attached drawings, 
detailed description of exemplary embodiments, and claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a plan view of the fuel system of this invention 
with a lawn mower shown in phantom. 


FIG. 2 is a perspective view of the adapter of the fuel 
system of this invention. 


FIG. 3 is an exploded perspective view of the adapter of 
the fuel system of this invention. 


FIG. 4 is a cross-sectional view of the adapter of the fuel 
system of this invention. 


FIGS. 5A-5D are a schematic of the 4 cycle combustion 
in an internal combustion engine including the adapter of 
this invention. 


FIG. 6 is a graph which shows the energy potential for 
hydrogen in BTUs/Lb. 


FIG. 7 shows a vehicle of the present invention utilizing 
hydrogen fuel. 


FIG. 8 depicts an intake stroke of a cylinder connected to 
a hydrogen source. 


FIG. 9 depicts a compression stroke of a cylinder con- 
nected to a hydrogen source. 


FIG. 10 depicts a power stroke of a cylinder connected to 
a hydrogen source. The spark plug shown in FIG. 10 is 
depicted sparking. 

FIG. 11 depicts a cylinder in an exhaust stroke connected 
to a hydrogen source, wherein the spark plug is sparking 
during the exhaust stroke. 

FIG. 12 shows an elevated side view of a spark plug of the 
present invention. 

FIG. 13 shows a plan view in the direction of view line 
13—13 of the spark plug shown in FIG. 12. 

FIG. 14 depicts a plan view in the direction of view line 
14—14 of the spark plug shown in FIG. 12. 

FIG. 15 depicts an elevated side section view of the spark 
plug shown in FIG. 12. 

FIG. 16 shows a electrode assembly which is disposed in 
the hollow chamber depicted in FIG. 15. 

FIG. 17 shows a section view of the spark plug housing 
clearly showing the hollow chamber and a torridal ground 
electrode. 

FIG. 18 depicts an elevated side view of the spark plug 
housing and a fuel inlet port. 

FIG. 19 depicts an insulator comprising fuel channels and 
fuel exit ports. 

FIG. 20 is a top plan view of the insulator shown in FIG. 
19 viewed in the direction of view line 20—20. 
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FIG. 21 is a cross section view of the insulator shown in 
FIG. 19 along section line 21—21. 

FIG. 22 is a cross section view of the insulator shown in 
FIG. 19 viewed in the direction of view line 22—22. 


FIG. 23 is an elevated section view of the insulator shown 
in FIG. 19. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


Referring now to the drawings, wherein like reference 
numerals refer to like parts throughout, the fuel system is 
referred to generally at 10. The fuel system of this invention 
is contemplated for use with an internal combustion power 
system, such as an internal combustion engine or such as a 
home heating system. Fuel system 10 is portrayed in this 
case as connected to a standard lawn mower. The lawn 
mower is shown in phantom at 12 in FIG. 1. The lawn 
mower is a conventional lawn mower as can be purchased 
from a company such as Murray of Ohio. The internal 
combustion engine in the lawn mower is a standard 4-cycle 
engine with two cylinders and develops 18 horsepower. A 
suitable example can be purchased from Briggs & Stratton, 
Milwaukee, Wis. 53201. 


Referring particularly to FIG. 1, system 10 includes fuel 
tank 14 that is mounted to lawn mower 12 via mounting 
assembly 15. In the preferred embodiment, fuel tank 14 
includes hydrogen gas. Accordingly, for the purposes of the 
foregoing detailed description, hydrogen gas will be 
described. 

A line 22 begins at fuel tank 14 and proceeds to back-flow 
valve 16. Back-flow valve 16 is a standard valve and is 
available from AirCo Gases Company, 575 Mountain 
Avenue, Murray Hill, N.J. 07974, part no. WCS CV-4M. PSI 
tank gauge 19 is inserted in line 22 between back-flow valve 
16 and flow pressure gauge 18. PSI tank gauge 19 is 
available from AirCo Gases Company also, part no. WCS 
CV5M, and serves as an indicator of fuel remaining in the 
tank 14. Flow pressure gauge 18 is used to monitor the flow 
of the hydrogen in pressure units. The flow is started using 
valve 16. The optimal flow pressure is 25 pounds of flow 
pressure from the tank 14 to the cylinder of the engine. 

The flow of hydrogen is regulated via valve 20 that is part 
of gauge 18. Thus, when valve 20 is opened, hydrogen 
proceeds through line section 22 to hydrogen flow solenoid 
26A. The user can access the hydrogen fuel by flipping 
hydrogen flow switch 24A into the “on” mode so that 
hydrogen gas in line 22 can proceed through hydrogen flow 
solenoid 26A and into line section 28. 

Throttle 30 regulates the flow of hydrogen from line 
section 28 into line section 29 and ultimately, to engine 13. 
Throttle 30 is connected to throttle pedal 50 via includes 
throttle cable 48. Throttle pedal 50 also operates the butterfly 
valves in the carburetor in engine 13 in a conventional 
manner. 

As an option, the throttle can be controlled electronically 
by a digital fuel controller product. Such a product is 
commercially available from Autotronic Controls Corp., 
1490 Henry Brennan Drive, El Paso, Tex. 79936. 

Line portion 29 proceeds through splitter 32 and is split 
into upper line 34 and lower line 36. Lines 34 and 36 
proceed to adapters 38. Additional back-flow prevention 
valves 39 and 41 are mounted between lines 34 and 36 and 
adapters 38. Braided Teflon® is the preferred material for 
the fuel lines of the system. 

Battery 42 is connected via battery cable 43 to magneto 
44. Magneto 44 then controls the current through spark plug 
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lines 46 to adapters 38 in a conventional manner. Thus, the 
regulation of the spark that ignites the fuel in the cylinder of 
engine 13 is conventional. Additionally, the intake of air into 
the engine 13 is accomplished through the standard carbu- 
retor system of engine 13. In a car, the sparking of the spark 
plugs can be controlled by the standard distributor/battery 
ignition system. 

Asecond solenoid 26B controls the flow of gasoline from 
tank 23 through gasoline line 52. Solenoid 26B is controlled 
by switch 24B. Throttle 30 is connected to gasoline line 52 
and can also be used to control the flow of gasoline to engine 
13. Thus, this invention can be used with both an alternative 
fuel and gasoline. 

Referring now to FIGS. 2, 3 and 4, the adapter 38 of this 
invention is shown in more detail. Adapter 38 includes 
housing 60. A threaded port 62 is formed into housing 60 
through port block 64. Hydrogen lines are threadably con- 
nected to the adapter 38 via port 62. Port 62 is also referred 
to as an entrance port. The entrance port has an entrance area 
624. 

Adapter 38 also includes spark plug 66 which is effec- 
tively a standard spark plug except for the modification to 
the electrode as described below. Spark plug 66 includes a 
threaded end 68 which is threadably received in the threaded 
upper end 70 of housing 60. Spark plug wires 46 (as seen in 
FIG. 1) are connected to connector end 72 of spark plug base 
66. 

Electrode 76 protrudes from spark plug 66 and is of a 
length sufficient so that the threaded tip 77 (best seen in 
FIGS. 3 and 4) of the electrode 76 is proximate to the 
cylinder of the internal combustion engine when the adapter 
38 is mounted. In one embodiment the electrode 76 is 
coterminus with an exit port 88 of the adapter 38. This most 
clearly is shown in FIG. 4. Electrode 76 is preferably 
platinum to enhance catalysis of combustion by-products, as 
will be more fully discussed below. 

Adapter 38 also includes plug 79. Plug 79 includes an 
axial internal void space 80. Thus, plug 79 fits over electrode 
76 via internal void space 80. Plug 79 preferably comprises 
a ceramic material that acts as a good insulator. A suitable 
source for ceramic plug 79 is AM/PRO Machinery, Inc. 134 
Church Street, Plain City, Ohio 43064-1321. 

An important aspect of this invention is found on the 
external surface of plug 79. An annular groove 82 is formed 
on the surface of plug 79 near its distal end 81 so as to be 
proximal to the port 62 where hydrogen enters housing 60. 
Two stratifying grooves 84 proceed along the surface of plug 
79 until they reach its distal end 83. It is these mixing 
structures, 1.e. annual groove 82 and stratifying grooves 84, 
that facilitate the improved power generation from alterna- 
tive fuels as provided by this invention. It will be apparent 
to those skilled in the analogous arts that mixing structure 
may be formed in the inner surface of the adapter housing 
60. 

Alternatively a combination of vortex producing struc- 
tures is integral with both the plug 79 and adapter housing 
60. Also any conventional vortex producing means should 
be sufficient groves, per se, are not required. 

On threaded tip 77 of electrode 76, there are mounted a 
spacer nut 78 and a spark gap nut 85. As best seen in FIG. 
2, the spark gap nut 85 includes a protrusion 854 that 
provides the spark gap between electrode 76 and periphery 
89 of the exit port 88 of housing 60. The exit port 88 includes 
an exit area 884. Preferably, the exit area 884 is no larger 
than the entrance area 62a, though this is not critical. 
Preferably, the spark gap nut 85 is brass and the preferred 
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spark gap distance is 4000 of an inch. Of course, the 
electrode may be coterminus with the plug distal end 83. 


As best seen in FIG. 4, where arrows represent gas flow, 
hydrogen gas flows into chamber 60 via port 62. The 
hydrogen gas cools electrode 76, which facilitates combus- 
tion. Stratifying grooves 84, preferably there are two, act to 
mix the hydrogen that is flowing into housing 60 with 
ambient air therein. Though more or less vortex creating 
grooves (stratifying grooves) may be desired. Typically this 
will depend on the relative dimensions of the grooves and 
diameter of the plug as well as the pressure or velocity of the 
mixture in the housing. The mixing occurs within void space 
86 of housing 60 and creates a vortexing or tornado action. 
Plug 79 tapers as it proceeds from its distal end 81 to its 
proximal end 83. Thus, proximal end 83 is smaller in 
diameter than distal end 81. This provides additional space 
within void space 86 for the mixing of the hydrogen and air. 
The stratified hydrogen/air are twisting in a vortex fashion 
when leaving housing 60 via exit port 88. The vortexing 
action produced by grooves 84 on the plug 79 creates a 
“tornado” 110 of hydrogen/air with a hollow center that 
generates a vacuum. Similar effect would result were t he 
grooves to be placed on the housing. The vacuum propels the 
hydrogen/air mixture into the cylinder of the engine for 
combustion. Such mixing cannot be accomplished in a 
conventional induction system. 


Referring now to FIG. 5, a schematic of the system of this 
invention is portrayed, with arrows representing gas flow. 
Hydrogen flows in through port 62 through adapter 38 and 
into cylinder 92. Air enters cylinder 92 through air intake 90 
and air intake valve 91. The stratified hydrogen/air mixture 
is compressed in the compression stroke of the engine via 
piston 94 and push rod 96, which are standard structures in 
an internal combustion engine. In the power stroke shown in 
FIG. 5-C, a spark is generated in the compressed stratified 
hydrogen/air mixture ignites and drives piston 94 and push 
rod 96 to power the engine. 


The mass energy density of hydrogen is enhanced through 
the increased pressure on the hydrogen exerted by piston 94 
on the hydrogen/air mixture within the cylinder 92 in the 
uptake stroke in an internal combustion engine. The pres- 
surized and well-mixed hydrogen/air mixture is rapidly 
ignited through the spark because hydrogen has a fast flame 
front. This reduces problems with timing. Thus, the energy 
store found in hydrogen is captured through this system via 
the compression of the hydrogen gas within cylinder 92 and 
via the thorough mixing of hydrogen and air provided by 
adapter 38. 


In addition, in the exhaust phase in a four cycle engine a 
second spark is generated from the plug to ensure complete 
combustion of by-products. This is enhanced by using an 
electrode made of platinum. Exhaust leaves cylinder 92 
through exhaust port 98. Exhaust port 98 is closed during 
other phases by exhaust outlet valve 100. 


In the exhaust stroke, because air valve 91 is closed, the 
substantial component of the gases in cylinder 92 is hydro- 
gen. This is also accomplished due to the fact that in the 
system of this invention, the hydrogen is continuously 
flowing. When this spark interacts with what is predomi- 
nately hydrogen, a plasma is formed. This plasma blocks 
back-flow of air from exhaust port 98. Prevention of back- 
flow of air prevents the hydrogen fuel system from 
backfiring, which is another common problem of hydrogen 
fuel systems. In effect, then, the plasma formed by the 
hydrogen acts as a virtual valve in that the plasma blocks the 
back-flow of air. 
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When the plasma of the hydrogen is generated as 
described above, UV radiation is generated which also 
facilitates consumption of combustion by-products. This 
increases the environmental friendliness of the system. 

In addition to hydrogen the following fuels can be used in 
this system: natural gas; alcohol; gasohol; propane and 
buthane. A mixture of hydrogen and natural gas can also be 
used. As noted above, gasoline can be used in this system 
when solenoid 26 is used to stop the flow of hydrogen. 

Further, it is contemplated that an adapter that is described 
herein for use with an internal combustion engine can also 
be used with a home heating system such as a home heating 
system that may currently use natural gas. The vortexing 
action created by the plug would enable appropriate power 
to be captured from the hydrogen fuel so as to effectively 
heat a home. 

Another embodiment of the invention is a hydrogen 
powered vehicle 200 shown in FIG. 7. The hydrogen pow- 
ered vehicle 200 includes an internal combustion engine 210 
operably connected to power the vehicle 200 and adapted to 
connect to a hydrogen supply 212 through a supply line 214. 

Referring to FIG. 8, the internal combustion engine 210 
comprises a cylinder 92 operably connected to the supply 
line 214. A piston 94 is operably disposed in the cylinder 92. 
A spark plug 216 having an electrode assembly 218 (not 
shown in FIG. 8) is in operable sparking communication 
with the cylinder 92, wherein the spark plug 216 is capable 
of producing a spark 220 (shown in FIG. 10) of at least 45 
kilovolts. FIGS. 8-11 are substantially similar to FIGS. 
5A-5D depicting schematic representations of a 4-cycle 
piston-cylinder engine. Other piston and cylinder embodi- 
ments will be apparent to those with skill in the art. FIG. 8 
represents an intake stroke. FIG. 9 depicts a compression 
stroke. FIG. 10 depicts a power stroke, in which the spark 
plug 216 sparks. FIG. 11 depicts an exhaust stroke, where 
the spark plug 216 is sparking. Refer to FIGS. 5A-5D 
discussed earlier for further description of similar compo- 
nents of FIGS. 8-11. 

FIG. 12 shows one embodiment of the spark plug 216 in 
an elevated side view. FIG. 13 shows a plan view of the 
spark plug 216 along line 13—13 shown in FIG. 12. FIG. 14 
shows a plan view of the spark plug 216 in the direction of 
line 14—14 shown in FIG. 12. 

FIG. 15 depicts a section view of the spark plug 216. FIG. 
15, section view, depicts a representative spark plug 216. 
The spark plug shown in FIG. 15 comprises a housing 222 
having a sparking end 224 and a hollow chamber 226 
containing the electrode assembly 218. 

FIG. 16 depicts the electrode assembly 218 removed from 
the hollow chamber 226. The electrode assembly 218 
depicted in FIG. 16 comprises an electrode 228. The elec- 
trode 228 has a connector end 230 and a sparking end 232. 
As shown in FIG. 15 the sparking end 232 of the electrode 
228 is positioned adjacent to the housing sparking end 224. 
The electrode assembly further comprises a coil 234 elec- 
trically connected to the electrode connector end 230. 

Referring to FIGS. 10 and 11, wherein the piston 94 
moves through a power stroke in FIG. 10 and an exhaust 
stroke in FIG. 11, the spark plug 216 is shown to fire during 
the power stroke and the exhaust stroke. 

The electrode assembly 218 shown in FIG. 16 comprises 
a steel ball 236 positioned between the coil 234 and the 
electrode connector end 230. Other operable ball-coil- 
electrode arrangements will be apparent to those of skill in 
the art. 

The spark plug 216 shown in FIG. 15 also comprises an 
insulator 238 surrounding the electrode assembly 218 and 


10 


15 


20 


30 


35 


40 


45 


50 


55 


60 


65 


10 


positioned in the hollow chamber 226. A ceramic pore 240 
is shown stabilizing the insulator 238 in the hollow chamber 
226. Other methods of locating the insulator in the hollow 
chamber will be apparent to those of skill in the art. 


An elevated section view of the housing 222 is shown in 
FIG. 17. An elevated side view of the housing 222 is shown 
in FIG. 18. In the exemplary embodiment of the housing 222 
shown in FIG. 18, the housing 222 comprises a fuel inlet 
port 242 in fluid communication with the supply line 214 
(not shown). FIG. 19 depicts an exemplary embodiment of 
the insulator 238. The insulator 238, shown in FIG. 19, 
comprises an outer surface 244 defining a first fuel channel 
246 having a first respective fuel exit port 248. The first fuel 
channel 246 is in fluid communication with the fuel inlet 
port 242. The fuel exit port 248 exits into the cylinder 292. 


FIG. 20 shows a plan view of the insulator 228 shown in 
FIG. 19 along line 20—20. FIG. 21 shows a section view of 
the insulator 228 shown in FIG. 19 viewed along section line 
21—21. FIG. 22 depicts a bottom plan view of the insulator 
228 shown in FIG. 19 along line 22—22. FIG. 23 shows a 
section view of the insulator 228 cut through section line 
23—23 shown in FIG. 19. 

In the embodiment of the insulator 228 shown in FIGS. 
19-22, the insulator outer surface 244 defines a plurality of 
fuel channels 250, including the first fuel channel 246. The 
fuel channels 250 include a plurality of respective fuel exit 
ports 252, including the first fuel exit port 248. This is shown 
clearly in FIG. 22. Preferably, the plurality of fuel channel 
exit ports 252 are spaced equally, or equi-distant, about the 
electrode 228. This is shown well in FIGS. 21 and 22. 

Referring to FIGS. 15 and 17, one embodiment of the 
housing 222 sparking and 224 comprises a torridal ground 
electrode 254 positioned about the electrode sparking end 
232 (shown in FIG. 15). Preferably the housing sparking end 
224 and the electrode sparking end 232 are co-terminous. In 
one embodiment the first respective fuel exit port 248 is 
co-terminous with the housing sparking end 224 and the 
electrode sparking end 232. 

More generally the present invention includes an internal 
combustion engine 210 adapted to operate on hydrogen fuel 
supplied through a supply line 214. Typically the engine 
comprises a first cylinder 92 in fluid communication with the 
supply line 214; a first piston 94 disposed in the first cylinder 
92 to move through a power stroke and an exhaust stroke 
(See FIGS. 10 and 11) in the first cylinder 92. The engine 
210 also comprises a spark plug 216 having a housing 222 
including a sparking end 224 and an electrode assembly 218 
located in the housing 222, wherein the sparking end 224 is 
in operable communication with the cylinder 92 and capable 
of producing a spark 220 of at least 45 kV. Preferably, the 
spark plug 216 fires during the power stroke and the exhaust 
stroke. In one embodiment the housing sparking end 224 
comprises a torridal ground electrode 254. The electrode 
assembly 218 comprises an electrode 228 having a sparking 
end 230 capable of sparking toward the torridal ground 
electrode 254. Preferably the electrode assembly 218 com- 
prises a coil 234 in electrical communication with the 
electrode 228. 

In one embodiment the electrode assembly 218 comprises 
an electrode 228 having a sparking end 230 and a coil 234 
electrically connected to the electrode 228 opposite the 
electrode sparking end 230. This is the embodiment shown 
in FIG. 15. Typically the spark plug 216 comprises an 
insulator 228 surrounding the electrode assembly 218. Pref- 
erably the insulator 228 includes a fuel channel 246 having 
a fuel exit port 248 near the electrode sparking end 232. 
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It will be apparent to those with skill in the art that the 
present invention also comprises a method of operating an 
internal combustion engine 210 comprising the steps of 
supplying hydrogen fuel to the engine 210; moving a piston 
94 in a cylinder 92 through a power stroke and an exhaust 
stroke; creating a spark 220 in the cylinder 92 during the 
power stroke and the exhaust stroke, wherein the spark 
created during the power stroke is at least 45 kV; and 
supplying the fuel to a location sufficiently near the spark to 
ignite the fuel. This is shown well in FIGS. 10, 15 and 19. 

The present invention also includes a method wherein the 
step of creating a spark 220 comprises passing an electric 
current (not shown) through an electrode assembly 218 
including a coil 234 electrically connected to an electrode 
218 having a sparking end 232; insulating the electrode 
assembly 218; and arcing the electric current from the 
electrode sparking end 232 to a ground electrode 254. The 
ground electrode 254 as shown in FIGS. 15 and 17 a toroidal 
ground electrode 254. 

In certain embodiments the step of creating a spark 220 
includes creating a spark 220 having at least 70 kV. Creating 
a spark of sufficient voltage will generally reduce the 
exhaust pollution. Typically this happens by generating a 
plasma or plasma field during the exhaust stroke. Thus, one 
method of the present invention further comprises the steps 
of generating plasma during the exhaust stroke; and allow- 
ing exhaust fuel converted to an exhaust state to coalesce 
with the plasma. This reduces exhaust pollution. 

Thus, the apparatus and system of this invention provides 
an effective means to use alternative fuels. The use of 
alternative fuels can enhance the environment by reducing 
the use of conventional gasoline and the environmentally 
detrimental by-products caused by the consumption thereof. 

Thus, although there have been described particular 
embodiments of the present invention of a new and useful 
“Hydrogen Powered Vehicle, Internal Combustion Engine, 
And Spark Plug For Use In Same”, it is not intended that 
such references be construed as limitations upon the scope 
of this invention except as set forth in the following claims. 
Further, although there have been described certain dimen- 
sions used in the preferred embodiment, it is not intended 
that such dimensions be construed as limitations upon the 
scope of this invention except as set forth in the following 
claims. 

What is claimed is: 

1. A hydrogen powered vehicle including an internal 
combustion engine operably connected to power the vehicle 
and adapted to connect to a hydrogen supply through a 
supply line, the internal combustion engine comprising: 

a cylinder operably connected to the supply line; 

a piston operably disposed in the cylinder; 

a spark plug having an electrode assembly in operable 
sparking communication with the cylinder, wherein the 
spark plug is capable of producing a spark of at least 45 
kV, the spark plug including: 

a housing having a sparking end and hollow chamber, 
the housing including a fuel inlet port in fluid com- 
munication with the supply line; 

an electrode assembly, received in the hollow chamber 
and including an electrode having a connector end 
and a sparking end, the sparking end positioned near 
the housing sparking end; 
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an insulator surrounding the electrode assembly and 
positioned in the hollow chamber, 

the insulator including an outer surface defining a first 
fuel channel having a first respective fuel exit port, 
wherein the first fuel channel is in fluid communi- 
cation with the fuel inlet port and the fuel exit port 
exits in the cylinder. 

2. The apparatus of claim 1, wherein the piston moves 
through a power stroke and an exhaust stroke in the cylinder, 
and the spark plug fires during the power stroke and the 
exhaust stroke. 

3. The apparatus of claim 2, wherein: 

the spark plug comprises a housing having a sparking end 
and hollow chamber containing the electrode assembly; 
and 

the electrode assembly comprises an electrode having a 
connector end and a sparking end, the sparking end 
positioned adjacent to the housing sparking end and the 
electrode assembly further comprises a coil electrically 
connected to the electrode connector end. 

4. The apparatus of claim 1, wherein the electrode assem- 
bly comprises a steel ball positioned between a coil and the 
electrode connector end. 

5. The apparatus of claim 3, wherein the insulator outer 
surface defines a plurality of fuel channels, including the 
first fuel channel, wherein the fuel channels include a 
plurality of respective fuel exit ports, including the first 
respective fuel exit port. 

6. The apparatus of claim 5, wherein the plurality of fuel 
channel exit ports are spaced equally about the electrode. 

7. The apparatus of claim 6, wherein the housing sparking 
end comprises a toroidal ground electrode positioned about 
the electrode sparking end, and wherein the housing spark- 
ing end and the electrode sparking end are co-terminous. 

8. The apparatus of claim 7, wherein the housing sparking 
end comprises a toroidal ground electrode positioned about 
the electrode sparking end, and wherein the housing spark- 
ing end, the electrode sparking end, and the first respective 
fuel exit port are co-terminous. 

9. An internal combustion engine adapted to operate on 
hydrogen fuel supplied through a supply line, the engine 
comprising: 

a first cylinder in fluid communication with the supply 

line; 
a first piston operably disposed in the first cylinder to 
move through a power stroke and an exhaust stroke in 
the first cylinder; 
a spark plug having housing including a sparking end, and 
an electrode assembly located in the housing, wherein 
the sparking end is in operable communication with the 
cylinder and capable of producing a spark of at least 45 
kV; and wherein 
the spark plug fires during the power stroke and the 
exhaust stroke; 

the spark plus comprises an insulator located in the 
housing around the electrode assembly; 

the housing comprises a fuel inlet port in fluid com- 
munication with the supply line; and 

the insulator includes a first fuel channel in fluid 
communication with the fuel inlet port, the first fuel 
channel having a respective first fuel exit port exiting 
into the cylinder. 


6,119,651 


13 


10. The device of claim 9, wherein the housing sparking 
end comprises a toroidal ground electrode, and wherein the 


electrode assembly comprises an electrode having a spark- 


ing end capable of sparking toward the toroidal ground 5 


electrode. 

11. The device of claim 10, wherein the electrode assem- 
bly comprises a coil in electrical communication with elec- 
trode. 


14 


12. The device of claim 11, wherein the electrode sparking 
end, the toroidal ground electrode, and the first respective 
fuel exit port are co-terminus. 

13. The device of claim 12, wherein: 


the electrode assembly comprises an electrode having a 
sparking end, and a coil electrically connected to the 
electrode opposite the electrode sparking end. 


* * * * * 
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(mixing, filtering, amplification, demodulation, detection) 


Reception Processes 
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RF Power Transfer 2 y 23 i 
Signal Wide Band = Filter 
Antenna Array Power Divider 
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Electromagnetic 2,3 
Energy 260 162 (275 
Ambient Solar Energy Solar Cells a 
266 165 
: Piezoelectric Transducer Micro-cell 
Ambient Acoustical Energy En Trickle 
Mechanical Energy Charger 
derived from the natural Mechanica! Transducer 6 166 


acceleration of the device 
while in transport or in use 


(“Generator”) 


Micro-cell 
Array 


A. 0.1 ampere, or 100 mA 
B. 100 mA 
C. 2500 UA, or 2.5 mA 
D. 75 

19 This problem serves as a summary of 
the first part of this chapter. You should be 
able to answer all these questions. Use a 


separate sheet of paper for your drawing and 
calculations. 

Questions 

A. Draw a transistor circuit utilizing an NPN 
transistor, a base resistor, a collector resistor, 
and one battery to supply both base and 
collector currents. Show the paths of IB and 
Es 

B. Which current controls the other? ——__ 

C. Which is the larger current, |B or IC ? 
D. IB = 6 BPA, B = 250. Find IC. — 

E. IC = 300 mA, B = 50. Find IB. 

Answers 

A. See Figure 3.17 and Figure 3.18 . 

B. |B (base current) controls | C (collector 


current). 

Co ie 

D. 1.5 mA 

E. 6 mA 

Project 3.1: The Transistor 
Objective 


The objective of this project is to find B of a 
particular transistor by setting several values 
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Antenna Design 
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of base current and measuring the 
corresponding values of collector current. 
Next, you divide the values of collector 
current by the values of the base current to 
determine B. The value of B will be almost 


the same for all the measured values of 
current. This demonstrates that B Is a 
constant for a transistor. 
General Instructions 

While the circuit is set up, measure the 
collector voltage for each current value. This 
demonstrates (experimentally) some points 
that are covered in future problems. As you 
perform the project, observe how the 


collector voltage VC drops as the collector 
current increases. 

Parts List 

One 9 V battery (or a lab power supply) 
One multimeter set to WA 

One multimeter set to mA 

One multimeter set to measure DC voltage 
One 10 kQ resistor 

One 510 ohm resistor 

One 2N3904 _ transistor 

One breadboard 

One 1 MQ potentiometer 


Step-by-Step Instructions 
Set up the circuit shown in Figure 3.19 on a 
breadboard. If you have some experience In 


building circuits, this schematic (along with the 
previous parts list) should provide all the 
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METHOD AND SYSTEM FOR ENERGY 
RECLAMATION AND REUSE 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 


The present invention relates generally to wireless energy 
harvesting methods and systems. Specifically, the preferred 
embodiments of the present invention relate to the integra- 
tion of antennas and electronics for harvesting ubiquitous 
electromagnetic energy, transforming that energy into useful 
power, and storing such power for usage. 


2. Description of the Related Art 


Typically, energy harvesting techniques and systems are 
focused on renewable energy such as solar energy, wind 
energy, and wave action energy from moving water. Solar 
energy is harvested by arrays of solar cells that convert 
radiant energy to DC power. Such energy is limited in 
low-light conditions. Cumbersome wind turbines that con- 
vert wind energy to electrical power depend on sufficient 
wind to spin the blades of the turbines to generate power. 
Wave action energy is harvested by water turbines or other 
apparatuses that are capable of converting the energy in the 
moving water into electrical power. This energy conversion 
is typically performed at complex hydroelectric power 
plants or by mechanical/electrical conversion apparatuses, 
such as those shown in U.S. Pat. Nos. 5,842,838 and 
6,045,339 to Berg. 


Another approach to energy harvesting is wireless power 
transmission via focused microwave signals. Unlike the 
above renewable energy technologies which harvest energy 
from natural sources, electrical energy of the wireless power 
transmission technology is remotely harvested and con- 
verted from focused microwave signals that are transmitted 
by a constructed source. For example, U.S. Pat. No. 5,043, 
739 to Logan et al. discloses a high frequency rectenna 
device for rectifying electromagnetic energy at microwave 
frequencies and higher and converting the energy into 
direct-current (DC) power to conduct wireless power trans- 
mission. Applications of this disclosure are focused on 
high-energy microwave radiation and high temperatures. 
One such application includes sending power to satellites or 
high altitude devices from the earth by electromagnetic 
waves. Another application involves collecting solar power 
from large space-based arrays of solar cells and transmitting 
the energy via electromagnetic waves to earth. A third 
application involves the direct conversion of microwaves 
generated by fusion reactions into a direct current. 


BRIEF SUMMARY OF THE INVENTION 


Currently, there is a large amount of renewable electro- 
magnetic energy available in the radio frequency (RF) 
bands. For instance, AM radio, FM radio, TV, very high 
frequency (VHF), ultra high frequency (UHF), global sys- 
tem for mobile communications (GSM), digital cellular 
systems (DCS) and especially the personal communication 
system (PCS) bands are all lucrative energy sources. These 
untapped sources of energy grow more and more abundant 
as aresult of the rapid growth in the wireless communication 
business. Hence, there is a desire to seek new methods and 
means of collecting the ubiquitous electromagnetic energy 
(ambient RF noise and signals) opportunistically present in 
the environment and transforming that energy into useful 
electrical power. 

The preferred embodiments of the present invention can 
collect ubiquitous ambient radio frequency (RF) electro 
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magnetic energy, convert it to a form useful for powering 
electronic devices, and store it for reuse. Thus, perpetual self 
contained subsystems or modules can be realized by using 
the reclaimed RF energy to power active antenna 
components, low power circuits, modules and other com- 
ponents such as transceivers, amplifiers, filters, ete. Hence, 
the preferred embodiments of the present invention can be 
applicable for any antenna or antenna array, for any antenna 
physical design (e.g., dipole, monopole, parabolic shape or 
dish, Yagi, etc.) and any frequency band. In some 
applications, this technology could be used advantageously 
and conveniently to transfer power remotely, without a 
physical connection, using a RF energy source intended for 
that purpose. In other applications, this technology could be 
used to maintain devices in a standby sleep mode indefi- 
nitely without ancillary power source. Then an RF signal 
could be used as a triggering mechanism to activate the 
device. Finally, for low power devices, this technology could 
provide primary power to the device and eliminate or reduce 
the traditional battery charge cycle. 

Accordingly, the preferred embodiments of the present 
invention provide an integration of classical antenna physi- 
cal materials and construction concepts with semiconductor 
and microprocessor technology to create an antenna struc- 
ture capable of transforming electromagnetic waves into DC 
power. This antenna method and system collects and pro- 
cesses RF energy for reuse while simultaneously performing 
its primary function, such as signal reception, for a specific 
application. Furthermore, by using either a single antenna 
element or an array of elements configured to receive a 
broad range of frequencies in the present invention, energy 
collection and antenna transmit/receive performance can be 
maximized and optimized at the same time. The preferred 
embodiments of the present invention also provide an 
Energy Reclamation System (ERS) that collects, converts 
and stores energy for use from selected frequency bands 
over the entire electromagnetic spectrum. These selected 
frequency bands are not required to be contiguous and may 
based on the operational environment, the application, any 
physical size limitations, and the technology available to 
cost effectively integrate an ERS into a device or applica- 
tion. An ERS of the present invention is not restricted to a 
single energy source because technologies like micro elec- 
tromechanical systems (MEMS) can be used to integrate the 
collection of other types of energy, such as electromagnetic 
energy, solar energy, acoustic energy and/or casual motion 
energy. Thus, energy diversity enhances an ERS’ ability to 
provide power consistent with the demands of modern 
devices and applications. 

The preferred embodiments of the present invention also 
provide a method and system for harvesting electromagnetic 
spectrum energy from unintentional power sources. Thus, 
the electromagnetic energy may be harvested opportunisti- 
cally from the abundant ambient RF electromagnetic envi- 
ronment created by the emission of countless commercial 
RF sources typically present today. 

The preferred embodiments of the present invention also 
provide a method and system for harvesting electromagnetic 
spectrum energy using efficient wideband omnidirectional 
antennas for maximizing the collection of RF energy. The 
antennas can be of any design such as monopole, dipole, 
Yagi, or contrawound. 

The preferred embodiments of the present invention also 
provide an energy collection and conversion technology that 
may be used to transmit a control signal to select a device’s 
operating mode (e.g., wake up call in the standby sleep 
mode). Incorporating this technology into some devices 
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allows them to remain in the sleep mode indefinitely. Thus, 
the devices may use the continuously reclaimed energy to 
power the monitoring circuitry and initialize equipment 
activation as required. 

The preferred embodiments of the present invention also 
provide a method and system for transferring low power 
levels from an intentional power source advantageously and 
conveniently. This may be done remotely without a physical 
connection by using a RF energy source with a focused or 
blanket radiation pattern and an ERS at the target device. 
This may be used for numerous applications, including 
autonomous sensor or communication type applications in 
any environment (e.g., ground, air, underwater) where the 
device may use the ERS as its power source or backup 
power source. For example, for underwater sensor locations, 
energy may come from sonar or other types of energy 
sources that can propagate with tolerable losses through the 
water and/or from RF energy delivered to a remote antenna 
extended above the surface of the water. If remaining 
operational for extended periods of time requires additional 
power, the device can be wirelessly and remotely supplied 
with power for storage and future use. 

The preferred embodiments of the present invention fur- 
ther provide a conversion of the energy collected or captured 
by the antenna or transducer into an electrical current. The 
electrical current is then converted into a form suitable for 
input to a selected storage device. For instance, a rectifier 
and a low pass filter can be used to convert the electrical 
current into direct current (DC). This power can then be fed 
into a trickle charger for charging a power storage device, 
such as batteries, in wireless and other electrical devices. 
The type of electrical filter and power conditioning used 
depends on the type of battery or power storage device and 
the particular process of trickle charging used. 

The preferred embodiments of the present invention addi- 
tionally provide a method and system for harvesting elec- 
tromagnetic energy that is designed to efficiently collect and 
convert RF energy using application specific integrated 
circuit (ASIC) technology. Hence, supporting electronics are 
integrated with the antenna itself and include, for example, 
amplifiers, mini-transceivers, trickle chargers for charging 
micro-cell batteries, filters efficient rectifier design and 
implementation (with different types of diodes), micro elec- 
tromechanical systems (MEMS) RF transformers, etc. Thus, 
embedded circuitries are built into the antenna elements and 
optimized for a frequency range compatible with any given 
antenna design. 

Additional aspects and novel features of the invention will 
be set forth in part in the description that follows, and in part 
will become more apparent to those skilled in the art upon 
examination of the disclosure. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The preferred embodiments are illustrated by way of 
example and not limited in the following figures, in which: 

FIG. 1 shows data taken from measurements in the RF 
spectrum between 3 MHz and 1 GHz in downtown San 
Diego, Calif., USA; 

FIG. 2 shows the results of calculations predicting the 
signal levels in the AM radio band in downtown San Diego, 
Calif., USA; 

FIG. 3 shows the results of calculations predicting the 
signal levels in the FM radio band in downtown San Diego, 
Calif., USA; 

FIG. 4 shows the energy reclamation system (ERS) con- 
cept in accordance to one embodiment of the present inven- 
tion; 
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FIGS. 5A and 5B show a physical structure of an energy 
harvesting antenna and an array of such antennas in accor- 
dance to an embodiment of the present invention; 


FIG. 6 shows a communication antenna having an insu- 
lated shield acting as both a safety shield to the user and an 
energy harvesting antenna array in accordance to an embodi- 
ment of the present invention; 


FIG. 7 shows a high level schematic diagram of an Energy 
Harvesting Subsystem (EHS) in accordance to one embodi- 
ment of the present invention; 


FIG. 8 shows an energy conversion subsystem (ECS) of 
a perpetual active antenna (PAA) system in accordance to 
one embodiment of the present invention; 


FIG. 9 shows an application specific integrated circuit 
(ASIC) chip implementation of the ECS circuitry shown in 
FIG. 8; 


FIG. 10 shows an array of battery micro-cells of an energy 
storage subsystem in accordance to an embodiment of the 
present invention; 


FIG. 11 shows a high level schematic diagram of the Two 
or Multiple Array Sense and Active Mode in accordance to 
an embodiment of the present invention; 


FIG. 12 shows a high level schematic diagram of the 
Common Antenna Sense and Active Mode in accordance to 
an embodiment of the present invention; 


FIG. 13 shows a high level schematic diagram of the 
Common Antenna for Simultaneous Energy Harvesting, 
Sense and Active Mode in accordance to an embodiment of 
the present invention. 


DETAILED DESCRIPTION OF THE 
INVENTION 


The preferred embodiments of the present invention rep- 
resent a new technology area for the reclamation and reuse 
of Radio Frequency (RF) power present due to either design 
or opportunity in certain frequency bands. It was found that 
RF signals and noise are available in useful power levels in 
many frequency bands-particularly in the AM, FM, and TV 
bands as well as the global system for mobile communica- 
tions (GSM), digital cellular systems (DCS) and communi- 
cation system (PCS) bands. The abundance of energy avail- 
able for harvesting is clearly apparent from the 
measurements of the ambient RF spectrum. For example, 
FIG. 1 shows one such measurement in downtown San 
Diego Calif. The measurement indicates the relative power 
levels of RF signals between 3 MHz and 1 GHz that can be 
harvested at this location. As can be seen from the figure, 
there are ample RF signals from which to reclaim energy. 
FIG. 2 shows the results of calculations predicting the signal 
levels in just the AM radio band in downtown San Diego. It 
shows that many of the AM signals approach or are greater 
than 1 mW (0 dBm). This is because many commercial AM 
radio transmitters radiate thousands of watts of power. FIG. 
3 shows the results of calculations predicting the signal 
levels in just the FM radio band in downtown San Diego. 
These calculations further indicate that there are ample 
opportunities for harvesting energy from the ambient elec- 
tromagnetic environment. 

Countless candidate devices can benefit from this new 
energy reclamation technology of the present invention. For 
instance, the technology can be used for wireless devices 
that are typically powered by exhaustible or rechargeable 
batteries. The present invention can be used to provide 
wireless devices located in certain environments a perpetual 
life in standby mode and extended normal operational life by 
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using stored reclaimed energy as a power source. The 
Energy Reclamation System or ERS of the present invention 
can provide sufficient power (e.g., 0.1-1 mW) to perpetually 
operate low power wireless devices without external 
recharging. The ERS of the present invention can also able 
to provide higher power levels to meet higher demands 
placed on these wireless devices. According to one preferred 
embodiment of the present invention, the ERS of the present 
invention includes a common antenna designed for the 
energy abundant frequency bands with it’s output connected 
to power conditioning or rectification circuitry appropriately 
designed for that frequency range. The conditioned or rec- 
tified power can then be supplied to a charger (e.g., a trickle 
charger) or distribution subsystem designed to meet the 
battery’s or storage device’s charging specification. 

There are innumerable potential applications for the 
energy reclamation technology of the present invention. For 
instance, the power harvested from radio frequency (RF) 
signals can be used for recharging installed power sources, 
providing power directly to the devices, energizing a device 
to wake up, and providing emergency backup power for the 
devices. Countless potential users of this technology also 
exist. For instance, potential users of the ERS technology 
may be found in the cellular, personal communications 
services (PCS) and future generations of wireless commu- 
nications device industry. Typical consumer wireless elec- 
tronic products that can be enhanced by ERS technology 
include, but are not limited to, palm computers, personal 
digital assistants (PDAs), pocket phones, pagers, cameras, 
autonomous sensors, garage door openers, remote controls 
and auto security systems. The energy reclamation technol- 
ogy can also be used in emergency location systems such as 
GPS position finders, airplane and watercraft emergency 
beacons and fire alarm systems. The energy reclamation 
technology can also be applied to wireless personal devices 
such as video conferencing cell phones, Internet phones and 
Wireless Personal Area Networks (WPAN). The energy 
reclamation technology is also flexible enough to be adapted 
for future electrical and/or electronics applications and 
devices. 

According to a preferred embodiment of the ERS of the 
present invention, the ERS includes three subsystems: an 
Energy Harvesting Subsystem (EHS), an Energy Conver- 
sion Subsystem (ECS), and an Energy Storage Subsystem 
(ESS). The Energy Harvesting Subsystem or EHS includes 
various components used to collect ambient electromagnetic 
energy via an antenna or antenna array and convert it to 
electrical current. If acoustic, solar, or motion is the energy 
source, the antenna or antenna array may be replaced by a 
transducer or transducer array for the respective energy 
source. The EHS may also include a combination of anten- 
nas and mechanical transducers to collect different types of 
energy at once or alternately. The Energy Conversion Sub- 
system or ECS includes circuits, components, and modules 
integrated together to convert and condition the noise like 
current out of the antenna or transducer into a form of energy 
suitable for storage. The Energy Storage Subsystem or ESS 
includes, for example, batteries, capacitors, and other such 
components that will store the reclaimed energy for future 
reuse. The ESS can also include appropriate circuitry (e.g. 
trickle charger) for charging those devices that the ERS 
supports. 

FIG. 4 shows the ERS concept in accordance to the above 
preferred embodiment of the present invention. As shown, 
the ERS 100 includes three parts or subsystems: an Energy 
Harvesting Subsystem (EHS) 130, a Power or Energy Con- 
version Subsystem (ECS) 160, and a Power or Energy 
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Storage Subsystem (ESS) 190. The Energy Reclamation 
System provides for the collection and harvesting of ubiq- 
uitous ambient energy over a desired frequency range. In a 
preferred embodiment, the desired range is 500 KHz-2.4 
GHz. For frequencies above 2.4 GHz and for intentionally- 
radiated high power harvesting applications, the ERS can 
incorporate the rectenna technology, such as that disclosed 
in U.S. Pat. No. 5,043,739, into the EHS and the ECS for 
connection to the ESS. The interconnection of the ESS to the 
rectenna technology is readily apparent to one skilled in the 
art. 

According to another preferred embodiment of the present 
invention, the main objective of the ERS 100 is focused on 
the collection of ambient RF energy present in the ambient 
environment in the range of 5 watts and below and convert- 
ing that energy into reusable energy to power numerous 
electronic devices. The converted energy can be full-wave or 
half-wave rectified and filtered current. The charging 
schemes depend on how the ECS 160 is used and its reuse 
requirements. The output of the ECS 160 can be distributed 
for reuse to several different types of circuitry. In one 
embodiment, the converted power may be fed to a trickle 
charger circuitry that charges a standby energy storage 
device in the ESS 190 that includes a battery, capacitor, etc. 
while any excess power is distributed to a charging circuitry 
for the primary power storage component. Another way to 
distribute the ECS output power is to feed it directly into 
circuitry appropriate for affecting indefinite operation of the 
electronic device in a standby or sleep mode. 

The three subsystems of the ERS system are now 
described in further details. 

Energy Harvesting Subsystem (EHS) 

The EHS for RF energy collection includes a single 
antenna of any physical design and shape (e.g., dipole, Yagi, 
Contrawound Toroidal Helical Antenna, etc.) or an array of 
such antennas to collect RF energy from any frequency or 
bands of frequencies. Appropriate baluns (1.e., balanced to 
unbalanced converters) and impedance matching techniques 
may be integrated to maximize power transfer into the 
energy conversion circuitry of the ECS. 

For the ERS to reclaim the maximum amount of energy, 
the energy-harvesting antenna is preferably designed to be a 
wideband, omnidirectional antenna or antenna array that has 
maximum efficiency at selected bands of frequencies con- 
taining the highest energy levels. If the EHS includes an 
array of antennas, each antenna in the array can be designed 
to have maximum efficiency at the same or different bands 
of frequency from one another. The collected RF energy is 
then converted into usable DC power using high speed 
switching semiconductor devices or a diode-type or other 
suitable rectifier. This power may be used to drive, for 
example, an amplifier/filter module connected to a second 
antenna system that is optimized for a particular frequency 
and application. Thus, one antenna acts as an energy har- 
vester while the other antenna acts as a signal transmitter/ 
receiver. Transforming and/or storing the power garnered by 
the ERS technology over time makes those devices employ- 
ing such technology more efficient and extends battery life. 

According to a preferred embodiment of the present 
invention, the antenna design and construction preferably 
begins with defining a wide band of frequencies over which 
collection will be required. Next, optimal length or element 
size is preferably calculated to achieve maximum efficiency 
over that frequency range. As is apparent to one skilled in the 
art, antenna efficiency depends on a number of factors 
related to, for example, the physical design and shape of the 
antenna. Other factors affecting the amount of energy col 
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lected include signal strength at the receiving location from 
the transmitting source, which in turn depends on the paths 
from the transmitting source to the ERS of the present 
invention. 

Once the optimal length or element size of the antenna is 
calculated, it is subsequently reduced to a fraction of a 
wavelength while integrating semiconductor amplification 
and impedance matching circuits in the construction of the 
antenna elements. The antenna circuit elements are prefer- 
ably constructed using microprocessor wafer manufacturing 
techniques and shaped for integration or encapsulation in the 
antenna elements. This preferred design approach reduces 
the physical size of the antenna while retaining the energy 
collection efficiencies of a larger antenna. Antenna efficiency 
of 50% or more is preferred, for higher antenna efficiency 
resulting in higher energy collection. 

FIG. 5A shows the physical structure of an energy- 
harvesting antenna and FIG. 5B shows an array of such 
antennas in accordance to an embodiment of the present 
invention. The cylindrical physical design shape was 
selected for easy explanation of the design concept; 
however, any physical shape (e.g., toroid, etc.) may evolve 
that still meets the ERS design concepts and goals. As 
shown, the antenna 200 includes a standard metal outer 
sleeve 210. Under the sleeve 210 is a semiconductor mate- 
rial 215 used to create an apparent physical length optimized 
for reception to accommodate size limitations. Enclosed by 
the antenna outer sleeve 210 and semiconductor material 
215 is electronic circuitry 220, which is constructed using 
microprocessor and ASIC semiconductor technology to 
develop integrated support modules such as trickle charger, 
amplifier and filter for the ECS, which will be described 
later. The outer sleeve 210 may also be used as a heat sink 
for the electronic circuitry 220. 

According to another preferred embodiment of the present 
invention, the antenna can also be constructed to comply 
with recent radiation hazard concerns with wireless and 
cellular telephone technologies and at the same time 
increases power collection potential. There are a number of 
ways to direct the RF energy away from the user or shield 
the user using cupped shields in the antenna system design. 
Such design could be optimized to provide an insulated 
shield and enhance energy collection materials in the 
antenna system construction. FIG. 6 shows an antenna 210 
covered by an insulated shield 232. The antenna 210 per- 
forms its primary function for a specific application, such as 
receiving RF signals for normal wireless communication. 
The insulated shield 232 can be used as an electromagnetic 
shield and also as an ERS antenna or antenna array for 
energy harvesting. As shown in the figure, the RF shielding 
material is preferably located on the inside surface 234 of the 
shield 232. As is known in the art, the shielding material may 
be of any material suitable for shielding RF radiation 
generated by the transmitting antenna 210. Within the shield 
232 is an antenna array 236, with associated integrated 
modules of the ECS, for energy harvesting. Alternatively, 
within the shield 232 is a single antenna for energy harvest- 
ing. Each antenna in array 236 or the alternative single 
antenna is depicted in FIG. 5A. 

FIG. 7 shows a high level schematic diagram of an Energy 
Harvesting Subsystem (EHS) in accordance to one embodi- 
ment of the present invention. The EHS includes a wideband 
omnidirectional antenna or antenna array 255 for energy 
harvesting, as described earlier. The antenna 255 may be 
used to harvest energy from ambient RF signals 3 and/or RF 
power transfer signal 2 from a remotely-located, intentional 
power source. It may also be used to concurrently receive 
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the desired communication signal 1 along with the energy- 
harvesting signals 2 and 3. The combined signals are then 
separated by filter bank 250 which will be described in 
greater detail later. 

FIG. 7 also shows that other energy harvesting technolo- 
gies for collecting ambient solar, acoustical, and mechanical 
energy can be integrated as part of the EHS to supply 
electrical energy into the ECS. The electrical energy sup- 
plied by these other energy harvesting technologies may 
interface with the rectifier 162 and/or filter circuitries 250, 
which is then fed to filter 275 in the ECS. As apparent to one 
skilled in the art, the ECS interface depends on the input 
frequency, quality, quantity and type (constant DC or some 
form of pulsating DC) of energy supplied. 

For ambient solar energy, an array of solar cells or a solar 
energy conversion device 260 known in the art (such as a 
MEMS solar/heat electric generator) is preferably used to 
absorb solar energy from the environment and convert it to 
electrical energy. This energy is then delivered to a rectifier 
162 of the ECS. An array of solar cells may be used to 
produce sufficient power for a variety of applications. 

For ambient acoustical energy, a piezoelectric transducer 
266 known in the art can be used to absorb ambient or 
intentional sound from the environment, which in turn 
causes a crystal to vibrate and through the piezoelectric 
effect produce an output voltage. The output energy is then 
delivered to the rectifier 162 of the ECS. An array of 
transducers may be used to produce sufficient power for a 
variety of applications. 

For mechanical energy, the energy is preferably converted 
to electric energy through a MEMS Mechanical Transducer 
(Generator) 270 known in the art. The MEMS Mechanical 
Transducer 240 takes mechanical energy derived from the 
natural acceleration of a thing or person while in transport 
(e.g., person walking) or in use. These devices can wind a 
spring, force a piston to move or use some other method to 
store and convert acceleration energy collected into electri- 
cal energy. The output energy is then delivered to the 
rectifier 162 of the ECS. An array of such transducers may 
be used to produce sufficient power for a variety of appli- 
cations. 

Energy Conversion Subsystem (ECS) 

According to a preferred embodiment of the present 
invention, the ECS for RF energy collection includes a 
power charger and other circuitry for performing RF to DC 
power conversion. Because the energy harvesting in the 
present invention is focused mainly on recovering small 
amounts of energy over long periods of time, charging 
energy storage devices (rechargeable batteries, etc.) may be 
done over a period of time by trickle charge. As is known in 
the art, trickle charging is a charging scheme in which a 
power storage component is charged at a fraction of its 
capacity rate. FIG. 8 shows an ECS 160 for use in conjunc- 
tion with the EHS to perform RF to DC power conversion, 
with specifications in accordance to an embodiment of the 
present invention. 

The ECS 160 preferably includes a transformer 161 
connected to an energy harvesting antenna 130 for receiving 
the RF energy. The transformer 161 is also connected to a 
diode rectifier circuit 162. The transformer 161 and the 
rectifier circuit 162 are designed to match impedance with 
one another to prevent undesired energy loss between these 
two elements. After rectification, the converted energy is 
sent through another transformer 163 and onward to a trickle 
charger 164. Again, the second transformer 163 and the 
trickle charger 164 are designed to match impedance with 
one another to prevent undesired energy loss between these 
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two elements. The trickle charger 164 is then used to deliver 
power to a battery 165 for storage and use with an electronic 
device, such as a standby device 166. The battery is actually 
a part of the ESS, which will be described later. 

If an array of energy harvesting antennas is used to 
receive the RF energy, the power collected from all channels 
(i.e. the power density at all antenna inputs) can be 
combined, rectified and forwarded to the trickle charger 164. 
The power available in each channel is comparable; thus, for 
example, if 100 N nW is required for a load, the power 
collected in N channels at 100 nW each can be combined to 
generate the required power. 

Although not shown in FIG. 8, the converted and rectified 
power may be fed through a filter for signal purification prior 
to sending it to the transformer 163 and onward to the trickle 
charger 164. FIG. 7 shows the use of such filter 275, with 
like numbers for like elements shown in FIG. 8. It should be 
noted that FIG. 7 depicts a broad overview of the ERS 
concept according to an embodiment of the present inven- 
tion; therefore, the figure does not show all detailed com- 
ponents of the ECS as shown in FIG. 8. 

FIG. 9 shows an ASIC chip implementation of the ECS 
circuitry shown in FIG. 8. The RF input 280 corresponds to 
the antenna 130 of FIG. 8 for receiving harvested RF energy; 
the MEMS RF transformer 281 corresponds to the trans- 
former 161 of FIG. 8; the RF power ASIC 282 corresponds 
to the rectifier circuit 162 and the trickle charger 164 of FIG. 
8 and any other desired circuitry for the ECS, such as filters, 
impedance matching circuitry, etc.; and the micro-cell bat- 
tery 285 corresponds to the battery 165 of FIG. 8. The 
battery 165 or 285 is a part of the ESS, which is described 
next. 

Energy Storage Subsystem (ESS) 

According to a preferred embodiment of the present 
invention, the ESS includes a rechargeable battery 165, 
which can be a complete battery or an array of micro-cells 
of battery. If battery 165 includes a complete battery, the 
trickle charger 164 preferably provides a larger potential 
difference between terminals and more power for charging 
during a period of time. If battery 165 includes individual 
battery cells, the trickle charger 164 preferably provides 
smaller amounts of power to each individual battery cell, 
with the charging proceeding on a cell by cell basis. FIG. 10 
shows an array of battery micro-cells according to an 
embodiment of the present invention. The ESS charges one 
or more micro-cells as available energy allows. As the load 
requires power, the combined energy is drawn from a 
charged PxQ subset (sub-array) of the NxM set (array) of 
cells to power the device on standby or active mode. N, M, 
P and Q are all natural numbers (1.e., 1, 2,3... ), wherein 
P is a number less than N, and Q is a number less than M. 
Charging of the remaining cells continues whenever ambient 
power is available. As the load depletes cells, switches such 
as switch 276 are used to replace the depleted cells with 
charged cells. The rotation of depleted cells and charged 
cells continues as required. As much energy as possible is 
banked to ensure adequate power is available on demand. 
Thus, energy is managed on a micro-cell basis. 

According to the present invention, there are numerous 
ways in which the ERS technology can be configured to 
harvest RF energy. In one embodiment of the present 
invention, an electronic device, such as a cellular phone, is 
preferably designed to have two antennas, one for energy 
harvesting at a desired frequency band and one for perform- 
ing RF communication at a different frequency band. An 
example of this dual-antenna design is previously shown in 
FIG. 6. FIG. 11 shows a high level schematic diagram 300 
of a dual-antenna design ERS in accordance to one embodi- 
ment of the present invention. As explained earlier, the 
frequency band at which an antenna receives and transmits 
signals depends on the physical dimensions of the antenna. 
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Thus, the energy-harvesting antenna 310 and the commu- 
nication antenna 320 are designed with different dimensions 
to receive signals at their respectively desired frequency 
bands. The energy-harvesting antenna 310 may comprise 
one antenna or an array of like antennas. In this embodiment, 
parallel operations are possible for energy harvesting and 
communication. In other words, a user can be using the 
phone for wireless communication in one frequency band, 
while at the same instance the energy harvesting antenna 310 
and associated circuitry within the phone is collecting elec- 
tromagnetic energy in another frequency band. The collected 
electromagnetic energy is passed to integrated circuitry that 
converts the RF energy into electrical energy. This electrical 
energy is then distributed for storage in batteries of the ESS 
340 for use in powering various electrical components of the 
phone. 

As shown in FIG. 11, communication signals received by 
the device antenna 320 are sent to communication process- 
ing circuitry 390 for transmission and reception. The energy 
harvesting antenna 310, on the other hand, is connected to an 
Energy Conversion Subsystem or ECS 330, which is 
designed to match the impedance and frequency band or 
bands of the energy harvesting antenna 310 for maximizing 
input energy received. The ECS 330 is as described earlier 
with respect to FIG. 8. Its output is conditioned power 
coming from a trickle charger designed to efficiently charge 
the power storage devices, such as NiCd, NiMH, or Lilon 
battery cells, in the energy storage subsystem or ESS 340. 
Any excess conditioned power from the trickle charger of 
the ECS 330 is then distributed to the device’s main power 
source 380. 

The ESS 340 is as described earlier with respect to FIGS. 
8 and 10. It stores the standby power and distributes it to the 
electronic switching circuitry 350 and the Monitor and 
Activation Circuitry 360 in both active and standby modes 
of the device. Alternatively, the ESS 340 may be used to 
power circuitries 350 and 360 in standby mode of the device, 
while the device power source 380 powers those circuitries 
in the device’s active mode. The ESS 340 may also be used 
to complement the device power source 380. 

According to yet another embodiment of the present 
invention, the harvesting antenna 310 and associated cir- 
cuitries 330 and 340 may be physically located outside of the 
cellular phone but yet capable of electrical coupling with the 
phone. For example, the harvesting antenna 310 and asso- 
ciated circuitries may be built into portable physical struc- 
tures such as briefcases, suitcases, purses, and wearable 
apparel (cloths) or fixed physical structures by any known 
means in the art. Thus, when the phone is desired to be 
charged, it can be stored in any of the aforementioned 
physical structures and electrically coupled to the built-in 
harvesting antenna and circuitry for charging purposes. 
These separate structures facilitate the use of larger antennas 
(transducers) or arrays of smaller elements whichever is 
most efficient for collecting the ambient energy. In any case, 
the larger surface area intercepts more energy. 

According to a further embodiment for harvesting RF 
energy in the present invention, an electronic device, such as 
a cellular phone, is designed to have two antennas that 
respectively harvest RF energy and perform wireless com- 
munications in the same desired frequency band. In this 
embodiment, the energy-harvesting antenna and the com- 
munication antenna are designed with the same physical 
dimensions. The communication antenna is connected to a 
signal level detection system for detecting the strength of RF 
signals in the desired frequency band. If the strength of the 
desired RF signals is sufficiently high to sustain both RF 
communication and energy harvesting, then the level detec- 
tion system will cause the activation of the energy- 
harvesting antenna. Thus harvesting proceeds in parallel 
with communication and the RF energy is converted into 
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electrical power useful for powering various components of 
the cellular phone without degrading phone service. 

According to another embodiment for harvesting RF 
energy in the present invention, a single antenna or an array 
of like antennas in an electronic device, such as a cellular 
phone, is used for both energy harvesting and communica- 
tion purposes. FIG. 12 shows a high level schematic diagram 
400 of the Common Antenna for Simultaneous Energy 
Harvesting, Sense and Active Mode in accordance with this 
embodiment. This mode requires modifications to the 
device’s antenna switching and filter circuitry to allow 
communication signals in along with collected RF energy 
for harvesting. The communication signals are filtered and 
directed to the receiver’s communication circuitry while the 
noise or interference portions of the received RF signals are 
filtered out and sent to the energy harvesting circuitry within 
the electronic device. This noise filtering technique is illus- 
trated back in FIG. 7, where incoming communication 
signals 1 and the ambient RF energy 3 are filtered by a filter 
bank 250, which may reside in the switching circuitry 450 
shown in FIG. 12. The communication signals 1 are then 
directed to the receiver’s communication circuitry 255, 
which is shown as communication processing circuitry 490 
in FIG. 12, while the noise or interference RF portions 3 are 
filtered out and sent to the energy harvesting circuitries, 
which include the ECS 430 and ESS 440. 

According to still another embodiment for harvesting RF 
energy in the present invention, a single antenna or an array 
of like antennas in an electronic device, such as a cellular 
phone, is again used for both energy harvesting and com- 
munication purposes. FIG. 13 shows a high level schematic 
diagram 500 of the Common Antenna Sense and Active 
Mode in accordance with this embodiment. Here, the single 
antenna or antenna array 510 is connected to the energy 
harvesting circuitries 530 and 540 and communication cir- 
cuitry 590 by a switch 550, which is slaved to the various 
powering modes of the electronic device. For example, 
when the phone is in the power-on mode, the switch 550 is 
programmed to connect the antenna 510 with the commu- 
nication circuitry 590 to receive the RF communication 
signals and enable wireless communication with the phone. 
However, when the phone is in the standby mode, the switch 
is programmed to connect the antenna 510 with the harvest- 
ing circuitries; which then converts the electromagnetic 
energy in the same RF communication signals into electrical 
power for powering the electronic device in the standby 
mode. 

The normal operation of an electronic device having the 
ERS technology as depicted in FIGS. 11 and 12 may also 
include a standby or sleep mode, as described above with 
regard to FIG. 13. When the electronic device is set in a 
standby mode, the electronic switching circuitry (350 or 
450) of the ERS (300 or 400) within the electronic device is 
placed in a Sense Mode. As shown in both FIGS. 11 and 12, 
the monitor and activation circuitry (360 or 460) is used to 
set the electronic switching circuitry (350 or 450) in a sense 
mode. In this mode, signals received by the device’s com- 
munication antenna (320 or 410) are sent to a band pass filter 
(370 or 470) to retrieve an activation signal, which is passed 
on to the monitor and activation circuitry (360 or 460) that 
is watching for the activation signal. The activation signal 
can be anything defined by the device’s manufacturer, such 
as a trigger signal or an emergency beacon for activating a 
desired system. When a turn-on signal brings the electronic 
device out of standby mode, the monitor and activation 
circuitry (360 or 460) sends an active signal to the electronic 
switching circuitry (350 or 450) to connect the communi- 
cation antenna (320 or 410) to the device’s communication 
circuitry (390 or 490). The device’s turn-on signal may be 
manually provided by a user turning on the electronic 
device, or it may be brought on by the reception of the 
activation signal by the monitor and activation circuitry (360 
or 460). 
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Again, the harvesting circuitries in the above embodi- 
ments may be physically located apart from the communi- 
cation circuitry. For example, the harvesting circuitries may 
be built into portable structures such as briefcases, suitcases, 
handbags, and purses by any known means in the art, while 
the communication circuitries and the switch are built into 
the phone itself. Thus, when the phone is desired to be 
charged, it can be stored in any of the aforementioned 
portable structures and electrically coupled to the harvesting 
circuitries built into the structure for charging purpose. 


Although only a few exemplary embodiments of this 
invention have been described in detail above, those skilled 
in the art will readily appreciate that many modifications are 
possible in the exemplary embodiments without materially 
departing from the novel teachings and advantages of this 
invention. Accordingly, all such modifications are intended 
to be included within the scope of this invention as defined 
in the following claims. Furthermore, any means-plus- 
function clauses in the claims (invoked only if expressly 
recited) are intended to cover the structures described herein 
as performing the recited function and all equivalents 
thereto, including, but not limited to, structural equivalents, 
equivalent structures, and other equivalents. 

What is claimed is: 

1. A method for harvesting and utilizing electromagnetic 
energy, comprising: 


receiving ambient electromagnetic energy; 


converting the ambient electromagnetic energy into DC 
electrical power; 


charging a power storage component with the DC elec- 
trical power, the power storage component comprises a 
NxM array of battery micro-cells, N and M are natural 
numbers; 


providing a device power source for powering an electri- 
cal device; and 


drawing power from the power storage component to 
power the electrical device, the drawing power from the 
power storage component to power the electrical device 
includes: 
determining a charged PxQ sub-array of the NxM array 
of battery micro-cells, P and Q are natural numbers 
less than N and M, respectively, and 
drawing power from the charged PxQ sub-array to 
power the electrical device. 
2. The method of claim 1, the charging the power storage 
component with the DC electrical power comprises 
includes: 


charging at least one remaining micro-cell of battery in 
the NxM array that is not in the charged PxQ sub-array; 


substituting the PxQ sub-array with the at least one 
remaining micro-cell of battery once the PxQ sub array 
is depleted of power; and 


charging the depleted PxQ sub-array with the DC elec- 
trical power. 
3. The method of claim 2, the drawing power from the 
power storage component to power the electrical device 
further includes: 


drawing power from the at least one remaining charged 
micro-cell of battery to power the electrical device. 


information you need to build the circuit. If 
you need a bit more help building the circuit, 
look at the photos of the completed circuit in 
the “Expected Results” section. 


Figure 3.19 
Microammeter ON Milliammeter 
+] CA 1 MO 
9 y — Z> potentiometer 
10kQ 2 253100 
We 
A) Voltmeter 
203904 

Follow these steps, recording your 
measurements in the blank table following the 
steps. 


1. Set the potentiometer to its highest value; 
this sets |B to its lowest possible value. 


2. Measure and record IB. 
3. Measure and record IC. 
4. Measure and record VC. This voltage IS 
sometimes referred to as the collector - 
emitter voltage (V CE ), because it is taken 
across the collector-emitter leads if the emitter 


is connected to ground or the negative of the 
power supply. 
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(57) ABSTRACT 

The hydrogen gas injector plug for generating hydrogen gas 
from ambient air drawn into the piston chamber of an engine 
includes an array of nozzles fabricated from a metal or a 
mixture of metals. When heated to a pre-determined tem- 
perature, the metallic nozzles react with atmospheric water 
to disassociate hydrogen gas. The hydrogen gas is injected 
from the nozzles into the piston chamber and mixed with air. 
An ignition device ignites the mixture of hydrogen and air 
so that it burns to power the piston in a conventional manner. 
The metallic nozzle is heated via a copper conductor con- 
nected to a source of electric current. 


14 Claims, 3 Drawing Sheets 
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HYDROGEN GAS INJECTOR PLUG 


CROSS-REFERENCE TO RELATED 
APPLICATION 


This application claims the benefit of U.S. Provisional 
Patent Application Ser. No. 60/877,138, filed Dec. 27, 2006. 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 


The present invention generally relates to internal com- 
bustion engines. More specifically, the present invention 1s 
drawn to a device for injecting hydrogen gas into the 
combustion chamber of an engine for use as a fuel for 
powering the engine. 


2. Description of the Related Art 


The rising cost and diminishing supply of hydrocarbon 
fuels, 1.e. gasoline, have increased the criticality of devel- 
oping or finding alternative fuels. Furthermore, pollution 
caused by burning hydrocarbon fuels is suspected of creat- 
ing a “greenhouse” effect in the atmosphere, thereby creat- 
ing problems that may have a bearing on the future course 
of human civilization. The art would certainly welcome a 
device that could utilize a virtually inexhaustible supply of 
a common element to power internal combustion engines, 
which device would also cause production of pollution-free 
byproducts. 


The use of hydrogen as a fuel to power engines has been 
contemplated for many years. Hydrogen is one of the most 
abundant elements on earth and combustion of this abundant 
element produces pollution-free water. Unfortunately, 
hydrogen poses many risks when stored in large quantities, 
thus creating many problems in making the gas available to 
the general public. Thus, a hydrogen gas injector plug 
solving the aforementioned problems is desired. 


SUMMARY OF THE INVENTION 


The hydrogen gas injector plug is used for generating 
hydrogen gas from ambient air drawn into the piston cham- 
ber of an engine. The plug comprises an array of nozzles 
fabricated from one or a mixture of metals. When heated to 
a pre-determined temperature, the metallic nozzles become 
“white-hot” and generate photons that react with atmo- 
spheric water to disassociate hydrogen gas therefrom. The 
nozzle is designed so that no reaction will occur if the 
temperature is below 350° F. The hydrogen gas is injected 
from the nozzles into the piston chamber and mixed with air. 
An ignition device ignites the mixture of hydrogen and air 
so that it burns to power the piston in a conventional manner. 
The metallic nozzle is heated via a copper conductor con- 
nected to a source of electric current. 


Accordingly, the invention presents a hydrogen gas gen- 
erator capable of generating small amounts of hydrogen gas 
from water available in the atmosphere. The invention 
provides for improved elements thereof in an arrangement 
for the purposes described that are inexpensive, dependable 
and fully effective in accomplishing their intended purposes. 

These and other features of the present invention will 
become readily apparent upon further review of the follow- 
ing specification and drawings. 
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2 
BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is an environmental, perspective view of a hydro- 
gen gas generator injector plug according to the present 
invention. 

FIG. 2 is a side, sectional view of a hydrogen gas 
generator injector plug according to the present invention. 

FIG. 3 is an end view of a hydrogen gas generator injector 
plug according to the present invention. 

Similar reference characters denote corresponding fea- 
tures consistently throughout the attached drawings. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


Attention is first directed to FIG. 1 wherein an engine 
cylinder chamber is generally indicated at 10. A piston 12 
having rings 12a is housed within chamber 10. The head 14 
and the cylinder wall are surrounded by coolant chamber 16. 
Conventional intake and exhaust valves (not shown) are also 
disposed on head 14. The structure and arrangement of the 
aforementioned items are conventional and are not part of 
the inventive concept, per se. A hydrogen gas generator 
injector plug 20 and a conventional spark plug 18 are 
mounted on head 14. Injector plug 20 and conventional 
spark plug 18 each have proximate ends disposed within 
cylinder chamber 10. 

As best seen in FIGS. 2 and 3, hydrogen gas generator 
injection plug 20 comprises a circular member 22 fabricated 
from steel and having a threaded proximate end 22a and a 
distal end 225. A passageway extends through member 22 
from the distal end 22b to proximate end 22a. An insulation 
member 24 is disposed in the passageway. Insulation mem- 
ber 24 is fabricated from a material having high temperature 
insulation characteristics. Member 24 has a first end 24a that 
is disposed adjacent to, but spaced slightly inwardly of 
proximate end 22a. The second end 24b of insulation 
member 24 extends above the distal end 22b of member 22. 
A passageway 26 extends through insulation member 24 
from second end 24b and terminates at a cavity 28, which 
cavity is formed in the first end 24a of insulation member 24. 
A nozzle member 30 is positioned in cavity 28. Nozzle 
member 30 is fabricated from a metal or a metal mixture that 
has the ability to react with water at relatively high tem- 
peratures to oxidize and generate hydrogen gas. Nozzle 
member 30 must also have the ability to become “white hot” 
very quickly when an adequate electrical current is applied 
thereto. As currently contemplated, iron, certain alloys of 
iron and tungsten exhibit the requisite abilities needed to 
function as the nozzle member. It should be noted however, 
that any metal or alloy could be utilized 1f suitable. An array 
of hydrogen gas injector passages 32 is formed in nozzle 
member 30. It has been determined that nine injector pas- 
sages will provide an adequate amount of hydrogen gas to 
power piston 12. An electric current conductor 34, prefer- 
ably fabricated from copper, extends through passageway 
26. The lower end 34a of conductor 34 abuts nozzle member 
30. The upper end defines a terminal for an electrical 
connection 34b. Four electrical conductors 36 abut the 
second end 24a of member 24 and are evenly spaced 
therearound. Conductors 36 are fabricated from a nickel- 
copper alloy. 

In use, ambient air containing water vapor is drawn into 
the cylinder chamber via conventional intake valves (not 
shown) on the intake stroke. A portion of the air water vapor 
mixture is forced into injector passages 32 on the compres- 
sion stroke. An electric current is applied to nozzle member 
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30 via conductor 34 during the latter part of the compression 
stroke, heating the nozzle member to a “white-hot” tem- 
perature. The water vapor reacts with the metal in nozzle 
member 30 to oxidize the metal and produce hydrogen gas. 
The hydrogen gas expands through the passages 32 back 
into the cylinder chamber where it mixes with the oxygen in 
the air. Spark plug 18 is fired to ignite the mixture, which 
mixture burns thereby creating a high gas pressure to drive 
the piston. Occasionally (and in some climates), the humid- 
ity may be very low and the ambient air will not contain 
enough water vapor to produce an adequate amount of 
hydrogen gas to properly drive the piston. In such instances 
additional water vapor is injected into the intake valve. 

It is to be understood that the present invention is not 
limited to the embodiment described above, but encom- 
passes any and all embodiments within the scope of the 
following claims. 

I claim: 

1. A hydrogen gas injector plug comprising: 

a circular member having a proximate end and a distal 

end; 

a first passageway extending through said circular mem- 
ber from said proximate end to said distal end; 

a heat insulating member disposed in said first passage- 
way, said heat insulating member having a first end and 
a second end, said first end terminating adjacent said 
proximate end of said circular member; 

a second passageway extending through said heat insu- 
lating member, said second passageway extending 
from said first end to said second end of said heat 
insulating member; 

a cavity formed in said second passageway at said first 
end; 

a nozzle array disposed in said cavity; and 

a first electrical conductor disposed in said second pas- 
sageway, said electrical conductor in abutment with 
said nozzle array. 

2. The hydrogen gas injector plug according to claim 1, 
wherein said circular member has an outer surface having 
threads disposed on said outer surface at said proximate end. 

3. The hydrogen gas generator injector plug according to 
claim 1, further including plural electrical conductors dis- 
posed on said first end of said heat insulating member. 

4. The hydrogen gas injector plug according to claim 1, 
wherein said circular member is fabricated from steel. 

5. A hydrogen gas injector plug, comprising: 

a circular member fabricated from steel and having a 

proximate end, a distal end and an outer surface; 
screw threads disposed on said outer surface at said 
proximate end; 

a first passageway extending through said circular mem- 
ber from said proximate end to said distal end; 

a heat insulating member disposed in said first passage- 
way, said heat insulating member having a first end and 
a second end, said first end terminating adjacent said 
proximate end of said circular member; 

a second passageway extending through said heat insu- 
lating member, said second passageway extending 
from said first end to said second end of said heat 
insulating member; 

a cavity formed in said second passageway at said first 
end; 

a nozzle array disposed in said cavity; and 

a copper electrical conductor disposed in said second 
passageway, said electrical conductor in abutment with 
said nozzle array. 
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6. The hydrogen gas injector plug according to claim 5, 
wherein the number of nozzles in said array is nine. 


7. The hydrogen gas injector plug according to claim 5, 
wherein the number of nozzles in said array is nine, the 
hydrogen gas injector plug further including plural electrical 
conductors disposed on said first end of said heat insulating 
member. 


8. The hydrogen gas injector plug according to claim 5, 
wherein each nozzle in said array is fabricated of material 
from the group consisting of iron, iron alloys and tungsten. 


9. The hydrogen gas injector plug according to claim 5, 
wherein the number of nozzles in said array is nine, the 
hydrogen gas injector plug further including plural electrical 
conductors disposed on said first end of said heat insulating 
member, each of said plural electrical conductors being 
fabricated from a nickel-copper alloy. 


10. A hydrogen gas injector plug in combination with a 
piston chamber of an internal combustion engine, the com- 
bination comprising: 

a circular member fabricated from steel and having a 

proximate end, a distal end and an outer surface; 


screw threads disposed on said outer surface at said 
proximate end for removably mounting said circular 
member on the piston chamber; 


a first passageway extending through said circular mem- 
ber from said proximate end to said distal end; 


a heat insulating member disposed in said first passage- 
way, said heat insulating member having a first end and 
a second end, said first end terminating adjacent said 
proximate end of said circular member; 


a second passageway extending through said heat insu- 
lating member, said second passageway extending 
from said first end to said second end of said heat 
insulating member; 


a cavity formed in said second passageway at said first 
end; 
a nozzle array disposed in said cavity; 


a copper electrical conductor disposed in said second 
passageway, said electrical conductor in abutment with 
said nozzle array; and 


a spark plug mounted on the piston chamber. 


11. The hydrogen gas injector plug combination accord- 
ing to claim 10, wherein the number of nozzles in said array 
is nine. 

12. The hydrogen gas injector plug combination accord- 
ing to claim 10, wherein the number of nozzles in said array 
is nine, the combination further including plural electrical 
conductors disposed on said first end of said heat insulating 
member. 


13. The hydrogen gas injector plug combination accord- 
ing to claim 10, wherein each nozzle in said array is 
fabricated of material from the group consisting of iron, iron 
alloys and tungsten. 


14. The hydrogen gas injector plug combination accord- 
ing to claim 10, wherein the number of nozzles in said array 
is nine, the combination further including plural electrical 
conductors disposed on said first end of said heat insulating 
member, each of said plural electrical conductors being 
fabricated from a nickel-copper alloy. 
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5. Adjust the potentiometer to give the next 
targeted value of |B. You do not need to hit 


these values exactly. For example, for a 
target of 20 pA, a measured value of 20.4 
UA is fine. 


6. Measure and record the new values for IB 
, IC, and VC. 

7. Adjust the potentiometer to give the next 
targeted value of IB. 

8. Measure and record the new values for IB 
, IE, and VC again. 

9. Repeat steps 7 and 8 for each of the 
targeted values of IB. 

10. For each value of IB and Its 
corresponding value of IC, calculate the 
value of B (B = I|IC/I B). The values will 
vary slightly but will be close to an average. 

Did you get a consistent 6? 
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METHOD AND SYSTEM FOR SHOCKWAVE 
ATTENUATION VIA ELECTROMAGNETIC 
ARC 


FIELD 


The disclosure relates to methods and systems for shock- 
wave attenuation, and more particularly to methods and sys- 
tems for attenuating shockwaves by rapidly heating air to 
interpose an intermediate medium between the shockwave 
and a protected region. 


BACKGROUND 


Explosive devices are being used increasingly in asymmet- 
ric warfare to cause damage and destruction to equipment and 
loss of life. The majority of the damage caused by explosive 
devices results from shrapnel and shockwaves. Shrapnel is 
material, such as metal fragments, that is propelled rapidly 
away from the blast zone and may damage stationary struc- 
tures, vehicles, or other targets. Damage from shrapnel may 
be prevented by, for example, physical barriers. Shockwaves 
are traveling discontinuities in pressure, temperature, density, 
and other physical qualities through a medium, such as the 
ambient atmosphere. Shockwave damage is more difficult to 
prevent because shockwaves can traverse an intermediate 
medium, including physical barriers. 

Damage from shockwaves may be lessened or prevented 
by interposing an attenuating material between the shock- 
wave source and the object to be protected. This attenuating 
material typically may be designed or selected to absorb the 
energy from the shockwave by utilizing a porous material that 
distorts as the energy of the shockwave is absorbed. 

U.S. Pat. No. 5,394,786 to Gettle et al. describes a shock- 
wave attenuation device that utilizes an absorbing medium. 
That assembly includes porous screens that form an enclosure 
filled with a pressure wave attenuating medium. This attenu- 
ating medium may be an aqueous foam, gas emulsion, gel, or 
granular or other solid particles. However, as shown and 
described in the drawings of that patent, the shockwave 
attenuating assembly must be positioned before the explosion 
occurs and surround the area to be protected. For example, the 
assembly may be positioned on the side of a vehicle to prevent 
damage to the vehicle or passengers within. 

A similar shockwave attenuation device is described in 
U.S. Patent Publication No. 2007-0006723 to Waddell, Jr. et 
al. That device includes a number of cells filled with an 
attenuating material, such as aqueous foams. However, like 
the device described in Gettle et al., the pressure-attenuating 
material and device must be positioned on a structure, sur- 
face, or person desired to be protected by the system before 
the explosion occurs. 

One feature common among prior art shockwave attenua- 
tion systems is that they require an intermediate medium or 
structure that acts to attenuate the force of the shockwave by 
absorbing the energy of the shockwave. Although only a 
portion of the shockwave may pass through the medium, the 
energy of the shockwave is nevertheless significantly reduced 
by the intermediate medium. However, because these systems 
are structural, they must be fixed in place before a shockwave 
is created. Further, these shockwave attenuation systems may 
not protect an entire vehicle or person. For example, attenu- 
ating panels are not transparent and therefore cannot be 
placed over windows or used as facemasks in helmets. They 
also may be bulky and heavy, and therefore negatively impact 
the performance of a vehicle on which they are mounted. 
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Such prior art shockwave attenuation systems may not be 
effective to protect highly mobile land assets for which an 
incoming threat may be in the form ofa ballistic shell, rocket, 
IED, or landmine, or waterborne assets for which an incom- 
ing threat may be in the form of a torpedo, ballistic shell, 
bomb or a naval mine. Therefore, a need exists for a shock- 
wave attenuation device that is capable of dynamically inter- 
posing a medium between an explosion source and a pro- 
tected asset. There is also a need for an intermediate medium 
that effectively attenuates the energy from a shockwave and 
that allows for protection of a protected asset in a marine 
environment. 


SUMMARY 


Presented is a system and method for attenuating a shock- 
wave propagating in a first medium by detecting a shock- 
wave-producing event, determining a direction of the shock- 
wave relative to a protected asset, and interposing a second, 
transient medium, different from the first medium, between 
the shockwave and the protected asset such that a shockwave 
produced by the event contacts the second medium and is 
attenuated in energy thereby prior to reaching the protected 
asset. The second medium may be formed by rapidly heating 
a region of the first medium so that the second medium differs 
from the first medium in at least one of temperature, density 
and composition. 

In one embodiment, a system for attenuating a shockwave 
propagating in a first medium may include a sensor for detect- 
ing a source of the shockwave and generating a detection 
signal, an arc generator in communication with the sensor and 
configured to receive the detection signal therefrom, and in 
response thereto create an electromagnetic arc to heat a 
selected region of the first fluid medium rapidly to create the 
second, transient medium, different from the first medium, 
interposed between the shockwave and the protected region 
such that the shockwave contacts the second, transient 
medium. The arc generator may be configured to heat the 
selected region by generating an electromagnetic arc, such as 
an electric arc or a laser or microwave arc, between the pro- 
tected region and the incoming shockwave. In one embodi- 
ment, the arc generator may include a power supply for gen- 
erating the arc and may provide a conducting path. 

In embodiments, the arc generator may be configured to 
generate a focused microwave beam or a focused laser beam. 
In each case, the beam may rapidly heat the fluid medium in 
the selected region to create the second medium. In one 
embodiment, in which the fluid medium is atmospheric air, 
the focused beam rapidly heats the air in the selected region 
and changes its temperature, density and composition, the 
latter the result of the creation of free electrons. 

In other embodiments, the arc generator may be adapted to 
develop and drive a large electric current through the fluid 
medium rapidly. In the embodiment in which the medium is 
atmospheric air, the second medium may differ from ambient 
air in temperature, density and composition. With these 
embodiments, the arc generator may be adapted to create a 
conducting path for the electric current. Accordingly, the arc 
generator may be configured to generate one or more of a 
laser-induced plasma channel (LIPC) from converging laser 
beams, ionizing tracer pellets fired along converging paths, 
and projectiles trailing fine electrical wires fired along con- 
verging paths. In each of these embodiments, an electric arc 
may be generated to travel along a conducting path created by 
dielectric breakdown of ionized ambient air at the selected 
region. 
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In still other embodiments, the arc generator may include a 
sacrificial conductor that may not rely on current travel along 
a path of ionized air. Rather, the arc generator may include a 
power supply that applies current to a conductor in the form of 
one or more strips or wires of conductive material. The high 
current flowing through the conductor from the power supply 
may vaporize the conductor, forming a conductive channel of 
vapor that may rapidly heat and ionize the air in the selected 
region to create a rapidly expanding second medium. An 
advantage of this embodiment is that the sacrificial conductor 
may be attached directly to the protected asset, such as a 
vehicle. 

Such embodiments as described above may reduce the 
energy density of the shockwave by creating a second 
medium in the path of the advancing shockwave that reflects, 
refracts, absorbs and deflects at least a portion of the shock- 
wave. This may result from creating a second medium that 
differs from the ambient medium (e.g., atmospheric air) in 
density, temperature and/or composition. Such differences 
may change the index of refraction of the wave front as it 
contacts the second medium, causing at least some of the 
shockwave to be reflected from the surface of the second 
medium, to diverge as the shockwave travels through the 
medium, and to be reflected and diverge further as the shock- 
wave contacts the rearward boundary of the second medium. 
The second medium, some embodiments, acts to absorb the 
energy of the shockwave as the medium may be increased in 
temperature. 

In yet other embodiments, the arc generator create the 
second medium by magnetic induction. The arc generator 
may be adapted to create channels or ionized air. When con- 
tacted by an advancing shockwave, the conducting channel 
may be deformed as ionized air is pushed inward. This move- 
ment does mechanical work, which removes energy from the 
shockwave, making it weaker. In one aspect, the channels 
may not be rigid, and may be pushed by the shockwave 
against the ambient air that the channels are displacing, which 
may transfer energy from the shockwave to kinetic energy of 
displaced air. In another aspect, parts of the conductive chan- 
nels are not rigid, but the channels ofionized air pushed ahead 
of the magnetic flux are disrupted and broken until they form 
new channels through the air that heat the air. At least a 
portion of the shockwave energy may be transformed to ion- 
ization energy of air ions and into pressure-volume-tempera- 
ture energy of expanded hot air. 

In still another aspect, the conductive channels of magnetic 
flux are rigid may not be deformed by contact with the 
advancing shockwave. Instead, the flux may be compressed 
by contact with the shockwave, which may increase the elec- 
tric current in the conductive channels. This increased current 
results from energy lost by the shockwave. The arc generator 
may be configured such that the excess current may bypass 
the power supply and be shunted to heat a resistive load, or 
charge a capacitor where it may be used later to power the arc 
generator. 

With such embodiments, the advancing shockwave is 
diminished in force as the energy of the shockwave is con- 
verted either into mechanical energy, as when it deforms 
magnetic induction channels, or into electrical energy, as 
when it interacts with rigid magnetic flux channels. It is 
within the scope of this disclosure to provide a system and 
method in which combinations of the foregoing embodiments 
are deployed to defend a protected asset, or in which an 
embodiment is deployed multiple times against an incoming 
threat. 

The features, functions, and advantages that have been 
discussed can be achieved independently in various embodi- 
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ments of the present invention or may be combined in yet 
other embodiments further details of which can be seen with 
reference to the following description, drawings and claims. 


BRIEF DESCRIPTION OF DRAWINGS 


FIG. 1 is a schematic diagram of the elements ofa disclosed 
system, according to an embodiment; 

FIG. 2 is an elevational, schematic view of the disclosed 
system mounted on a protected asset generating an arc to 
encounter a shockwave from an explosion; 

FIG. 3 is an elevational, schematic view of the disclosed 
system configured to utilize converging laser or microwave 
beams; 

FIG. 4 is an elevational, schematic view of the disclosed 
system configured to utilize pellets leaving conductive trails; 

FIG. 5 is an elevational, schematic view of the disclosed 
system configured to utilize projectiles trailing conductive 
wires; 

FIG. 6 is an elevational, schematic view of the disclosed 
system configured to utilize a sacrificial conductor; 

FIG. 7 is an elevational, schematic view of the system of 
FIG. 6 surface mounted on a protected asset; 

FIGS. 8A and 8B are schematic views ofan embodiment of 
the heating element of the disclosed system configured to 
generate an arc using flexible electrodes; 

FIGS. 9A and 9B are schematic views ofan embodiment of 
the arc generator of the disclosed system configured to gen- 
erate an arc using relatively rigid electrodes; and 

FIGS. 10 and 11 are diagrams showing some of the effects 
ofa shockwave impacting the second, fluid medium. 


DETAILED DESCRIPTION 


The disclosed shockwave attenuation method and system 
may utilize a second, transient fluid medium that may be 
dynamically deployed in a first fluid medium between an 
explosion and a protected asset within a protected region. 
When contacted by an advancing shockwave produced by the 
explosion traveling through the first fluid medium, the second 
fluid medium may attenuate the energy from the shockwave 
through several vectors, rather than simply by absorbing the 
energy of the shockwave. While the following discussion 
describes various embodiments of the disclosed system and 
method as operating in a first fluid medium ofatmospheric air, 
it is to be understood that the first fluid medium may be water, 
such that the disclosed system and method may be deployed 
in a marine environment. 

As shown in FIG. 1, in one embodiment, the system for 
attenuating a shockwave via electromagnetic arc, generally 
designated 10, may include a sensor 12 including or incorpo- 
rating a computer 14, and an arc generator, generally desig- 
nated 16. The sensor 12 and computer 14 may be mounted on 
or incorporated in a protected asset, such as a vehicle 18, 
which may be a military vehicle as shown in FIG. 2, or they 
may be physically separate from the vehicle. Although FIG. 2 
shows vehicle 18 as a military vehicle, it is to be understood 
that the depicted vehicle 18 also may represent other types of 
land vehicles, such as automobiles, armored vehicles such as 
tanks and armored personnel carriers; fixed structures such as 
encampments, bunkers, revetments, buildings or portions of 
buildings such as balconies; marine vessels such as surface 
ships, submarines, a hovercraft or air-cushion vehicles, off- 
shore platforms, and other structures that operate in, under or 
adjacent a body of water; aircraft including fixed wing air- 
craft, vertical takeoff and landing (VTOL) craft and helicop- 
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ters; and people and animals. Each of the foregoing would be 
placed in a protected region 20. 

Referring to FIG. 1, the sensor 12 may be selected to 
provide measurements that enable the computer 14 to esti- 
mate the location and time of an explosion 22, either before or 
after 1t occurs, and direct the arc generator 16 to respond. In 
one embodiment, the sensor 12 is configured to detect an 
explosion 22 that has occurred, but before the shockwave 24 
caused by the explosion, traveling through a first fluid 
medium 26, which in this embodiment is atmospheric air at 
ambient temperature and pressure, reaches the protected 
region 20. This type of sensor 12 may be configured to detect 
any one or more of the electromagnetic signals emitted during 
chemical detonations, including microwave bursts, flashes of 
infrared radiation, flashes of visible light, flashes of ultravio- 
let light, and x-ray bursts. In an embodiment a sensor 12 may 
be configured to detect two or more of the foregoing types of 
electromagnetic radiation, which may result in the sensor 
detecting fewer false positives. In a variation of such an 
embodiment, the sensor 12 may be in the form of two discrete 
sensors, each configured to detect a different type of electro- 
magnetic radiation. In an embodiment in which the sensor 12 
is selected for use in a marine environment (e.g., to detect 
underwater explosions from naval mines or torpedoes), the 
sensor 12 may be configured to detect electromagnetic radia- 
tion at wavelengths for which water 1s substantially transpar- 
ent, such as visible light near-ultraviolet light and near-infra- 
red light. 

In some embodiments, once the sensor 12 has detected an 
explosion 22, the sensor may be configured to estimate one or 
more of the magnitude, distance, and azimuthal position of 
the explosion and provide the estimates to the computer 14 or 
to the arc generator 16. In some embodiments, the computer 
14 may measure the signature of the explosion 22 and com- 
pare it with stored known explosion signatures of a plurality 
of different known explosive devices. The computer 14 may 
then determine a probability that the explosion is from one of 
the known explosive devices. The computer 14 may then 
calculate an estimated probability distribution function 
(p.d.f.) of explosion magnitudes and locations relative to the 
protected asset 18 or protected region 20 based on at least one 
of stored data about the type of explosive device, location of 
the explosion, and the shape, relative orientation and relative 
motion of the protected asset, and make a determination to 
counter the explosion 22, including determining when and 
where to activate the arc generator 16, or not counter the 
explosion, based on one of stored data, models of vulnerabil- 
ity of the protected asset to shockwaves, and data from at least 
one of data and models of performance of the arc generator 16 
with respect to attenuating shockwaves from at least one of an 
estimated explosion magnitude and location. Such calcula- 
tions and estimates may prevent the deployment of the arc 
generator 16 in the event that the explosion 22 is too far away 
or too weak to generate a shockwave 24 that damages the 
protected region 20 significantly. 

In another embodiment, the sensor 12 may be configured to 
detect an incoming threat 28 containing an explosive device 
or devices, such as a ballistic shell, bomb, torpedo, depth 
charge, naval mine or bomb-laden surface vessel. In such an 
embodiment, the sensor 12 may be configured to use radar, 
visible or infrared light, passive or active acoustic sensors, or 
other threat-detection method known to those skilled in the 
art, as well as trajectory tracking and prediction methods 
known to those skilled in the art. 

In yet another embodiment, the sensor 12 may be config- 
ured to detect both the incoming threat 28 and the explosion 
22 from the threat. In one embodiment, two systems 10 may 
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be deployed on a protected asset 18 in which one system is 
configured to detect an incoming threat 28 and the other 
system is configured to detect an explosion 22. In yet another 
variation of such an embodiment, the sensor 12 may be in the 
form of two discrete sensors: one configured to detect an 
incoming threat 28, and the other configured to detect an 
explosion 22 from that incoming threat. 

In some embodiments, the computer 14 may receive mea- 
surements from the sensor 12, estimate where and when an 
incoming threat 28 will detonate, or has already detonated, 
and directs the system 10 to deploy. When used with a sensor 
12 that may detect an explosion that already has occurred, the 
computer 14 may be configured to receive information from 
the sensor pertaining to one or more of the direction, location, 
time, distance and magnitude of the explosion 22, the com- 
puter determines when and where to activate the arc generator 
16. 

In an embodiment wherein the sensor 12 is configured to 
detect an incoming threat 28 before explosion 22 has 
occurred, the computer 14 may be configured to compare the 
signature of the incoming threat 28 with stored known signa- 
tures of various threats (e.g., particular missiles). The com- 
puter 14 then estimates how probable each type of threat 1s, 
and, based on the stored data about the type of warhead for 
each threat, the measured motion of the incoming object (with 
associated uncertainty), and the shape, trajectory, orientation, 
speed and motion of the protected asset 18 in the protected 
region 20, the computer estimates a probability distribution 
function (p.d.f.) of explosion magnitudes and locations rela- 
tive to the protected asset. 

Based on data or models of vulnerability of the protected 
asset 18 to shockwaves 24 of various magnitudes from vari- 
ous directions (including crew injuries likely to result from 
shockwaves) stored in a database (either locally or available 
over a network), together with data or models of what the arc 
generator 16 can do to attenuate shockwaves in what posi- 
tions and in what time interval, the computer 14 may then 
form a firing plan to counter the threat at minimum cost. Cost 
may include not only the cost to operate the arc generator 16, 
but also the probable cost of damage from the attenuated 
shockwave. In cases where the probable explosion yield is 
small and the probable distance of the explosion 22 from the 
protected region is large, the lowest cost plan may be not to 
deploy the system 10. 

As shown in the embodiments of FIGS. 1 and 2, the arc 
generator 16 may be configured to create a transient second 
medium 30 between the advancing shockwave 24 resulting 
from the explosion 22 and the protected region 20, which may 
contain a protected asset 18. As shown in FIG. 2, generally 
speaking, the sensor 12 may generate a detection signal in 
response to detecting at least one of the explosion 22 or 
explosive device such as incoming threat 28. The detection 
signal is received by arc generator 16, and in response, may 
create an electromagnetic arc through the first medium 26 
which rapidly heats the medium to change one or more of its 
composition and temperature to create the second, transient 
medium 30, different from the first medium 26. The location 
of the second medium 30 may be in a selected region calcu- 
lated by the computer 14 of the sensor 12 to be interposed 
between the shockwave 24, or predicted shockwave path, and 
the protected region 20. Thus, the shockwave 24 contacts the 
second, transient medium 30 and is attenuated in energy 
density before it reaches the protected region 20. The arc 
generator 16 shown schematically in FIG. 1 may take the 
form of multiple, discrete arc generators, each connected to 
and controlled by the sensor 12. 
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In one embodiment, shown schematically in FIG. 1, the arc 
generator 16 is configured to direct a beam 34 of electromag- 
netic energy to focus in a selected region where the second 
medium 30 may be created. The beam 34 may be in the form 
of a relatively powerful microwave beam or laser beam. The 
electric field of the intense beams 34 may cause dielectric 
breakdown of the ambient air at the focal point of the focused 
beams, in which the electrons are separated from the mol- 
ecules in the air. The free electrons are accelerated by the 
electric field and strike other molecules to knock other elec- 
trons loose, creating a cascade of electrons and ions. 

As the density of free charge carriers in the air increases, 
the air becomes opaque to the incoming electromagnetic 
beams and rapidly absorbs energy from the beams as heat, 
which raises the temperature of the air as well as its density 
and composition, thus creating the second medium 30 to 
intercept the advancing shockwave 24. The composition 
changes of the second fluid medium 30 may include adding 
free electrons, which have a relatively low molar mass, ion- 
ization of molecules so that they interact more strongly and 
therefore propagate shockwaves at higher speeds, and break- 
ing diatomic molecules such as molecular oxygen into single 
atoms, which reduces the average molar mass. 

In some embodiments, the beam 34 may be a microwave 
beam. The arc generator 16 may include a vacuum tube 
amplifier (e.g., a magnetron) and focused by a static focusing 
device (e.g., a dish antenna or a Fresnel plate), or produced 
and focused by other means of combinations apparent to 
those skilled in the art. In other embodiments, the beam 34 is 
a laser beam. The laser beam may be a single beam focused to 
a point by optics, or multiple beams converging to a common 
point. In either case, the beam 34 may create single or mul- 
tiple arcs 32 (FIG. 2). In some embodiments, the arc generator 
16 may use many converging beams 34 to create one arc 32. 
In other embodiments one beam 34 may be used multiple 
times in quick succession to create many arcs 32. The beams 
may be fixed or steerable. 

As shown in FIG. 3, in another embodiment of the system 
10A the arc generator 16 (FIG. 1) may be configured to 
generate an electric arc 36 through a volume of ambient air 26 
to create the second medium 30. Electrical resistance to the 
current heats the air, changing its temperature, density and 
composition to create the second medium 39 to attenuate the 
shockwave 24. The change in composition may include add- 
ing free electrons, which have very low molar mass, ioniza- 
tion of molecules so they interact at longer distance and 
therefore propagate shockwaves at higher speed, and break- 
ing diatomic molecules like oxygen into single atoms, which 
reduces the average molar mass of the fluid in the second 
medium 30. 

The arc generator 16 (FIG. 1) of the system 10A of this 
embodiment may include a power supply 38 configured to 
initiate a large electric current quickly—typically on the 
order of a few milliseconds or less. Such a power supply 38 
may include a capacitor, a superconducting storage coil, and 
an explosive flux compression generator. The first two 
examples may require fast-acting, high-current switchgear, 
such as a gas-insulated switch, to turn on a large current 
quickly (for the capacitor) or to divert it quickly from a shunt 
to the electric arc (for the storage coil). 

In one aspect of this embodiment, the arc generator 16 
creates an electrically conductive path from the power supply 
38 to the selected region between the shockwave 24 and the 
protected region 20 to establish the arc, and back to the power 
supply. In one embodiment, shown in FIG. 3, the arc genera- 
tor 16 creates a laser-induced plasma channel (LIPC). The arc 
generator 16 fires two high-intensity laser beams 40, 42 along 
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converging paths. The laser wavelengths and intensities are 
selected to ionize the air along their paths, thereby forming 
the plasma channels. The power supply 38 applies voltage 
across the terminals at the bases of the two channels 40, 42, 
and the voltage 1s sufficient to form the arc 36 through the air 
26 where the beams are close to each other. Current flows 
through the channels of the LIPC and induces a magnetic 
field. The current interacts with the magnetic field and pro- 
duces an outward force (JxB). This force acts to widen the 
area enclosed by the current loop. 

As shown in FIG. 4, in another embodiment of the system 
10B the arc generator 16 (FIG. 1) is a gun, which may have at 
least two or multiple barrels 44, 46 that fire two pellets 48, 50 
along converging paths. The pellets 48, 50 are configured to 
create trails 52, 54 of ions, for example, by burning silver 
iodide, in the manner of tracer bullets. The two trails 52, 54 
form conductive channels through the air (the first fluid 
medium), and the power supply 38 applies voltage across 
terminals at the bases of the two conductive channels, pref- 
erably the barrels 44, 46. The voltage is sufficient to form an 
arc 56 through the air 26 between the two trails 52, 54 (1.e., the 
conductive channels) where they are at their closest. The arc 
56 heats the air 26 to create the second transient fluid medium 
30. In other embodiments, the pellets 48, 50 may be selected 
to melt or burn up completely, thereby avoiding creating a 
hazard for by standers. 

As shown in FIG. 5, in another embodiment of the system 
10C the arc generator 16 (FIG. 1) is a projectile launcher 
configured to launch projectiles 58, 60 trailing conductive 
wires 62, 64 much like a Taser®. The power supply 38 applies 
voltage across the two wires sufficient to form an arc 66 
through the air 26 where the paths of the projectiles 58, 60 are 
closest to each other. The arc 66 heats the air 26, forming the 
second fluid medium 30 in a selected region between the 
advancing shockwave 24 and the protected asset 18 in the 
protected region 20. As electrical current flows through the 
wires 62, 64, which form conductive channels, the current 
further heats and ionizes the air 26. In some embodiments, the 
current is sufficient to vaporize the wires 62, 64, thereby 
heating additional nearby air 26. 

As shown in FIGS. 6 and 7, in another embodiment the 
system 10D includes a arc generator 16 (FIG. 1) in the form of 
one or more sacrificial conductors 68 connected to the power 
supply 38. The heating mechanism of this embodiment does 
not rely on dielectric breakdown of the air 26 to create a 
current channel. The sacrificial conductor 68 may be in the 
form of strips or wires made of electrically conductive mate- 
rial. In some embodiments, the conductor 68 may be mounted 
on the protected asset 18. 

To deploy the system 10D, the arc generator 16 actuates the 
power supply 38 to supply current to one of more of the 
conductors 68, first vaporizing it, then ionizing it to form a 
conductive channel of vapor 70. Due to both the resultant 
magnetic field (JxB) force and the expansion of the hot vapor 
created by vaporizing the conductor, the ionized vapor moves 
outward from its initial position and heats and ionizes the 
nearby air to create the second fluid medium 30. 

In one embodiment, shown in FIG. 7, the sacrificial con- 
ductor 68 may be attached to a protected asset 18, which may 
be the land vehicle shown. The conductor 68 may be attached 
to a wider insulating strip 72 that in turn is mounted on the 
asset 18. With such a placement of the conductor 68, the 
conductor 68 may be protected from routine vehicle opera- 
tions, and may be further protected by overlaying it with a 
coat of paint. When energized by the power supply 38 (FIG. 
6), the conductor 68, which may bea metallic strip, vaporizes, 
and the heated and ionized air may expand from the vehicle 
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surface and move away from the vehicle to create the second 
medium 30 in the selected region. 

In yet another embodiment, the sacrificial conductor 68 
may be made partly or entirely of lithium. Lithium has a very 
low molecular weight, and consequently a higher shock speed 
and lower effective index of refraction than other metallic 
vapors. Further, it disperses into nearby air 26 more quickly, 
which helps to heat the air more rapidly. 

In other embodiments, the arc generator 16 may be config- 
ured to attenuate the advancing shockwave by magnetic 
induction. As shown in FIG. 8A, the arc generator 16 may be 
powered by the power supply 38 to create an electric arc 72 
that forms a conducting channel between two electrodes 74, 
76 that are not rigid, such as thin rod antennae. The conduct- 
ing channel 72 interacts with 1ts own magnetic field to pro- 
duce an outward force F=JxB (where F is the outward force, 
J is the current density and B is the magnetic field flux). 

When the shockwave 24 created by an explosion 22 
reaches the arc 72, as shown in FIG. 8B, the shockwave 
deforms the arc in directions perpendicular to the conductive 
channels. Specifically, the shockwave 24 pushes the ionized 
air created by or making up the arc 72 inward, and the current 
tends to flow where the air 26 is ionized. This movement by 
the shockwave 24 may do mechanical work against the mag- 
netic field force F and remove energy from the shockwave, 
making it weaker. Although not shown, the movement by the 
shockwave 24 also may deform the electrodes 74, 76, which 
also represents physical work that drains energy from the 
shockwave 24. 

In the embodiment shown in FIGS. 8A and 8B, because the 
electrodes 74, 76 may be relatively non-rigid, these parts and 
the conductive channel 72 push against the air 26 they are 
displacing. This may transform energy from the shockwave 
25 into kinetic energy of displaced air. In some cases it may be 
possible for the conductive channels 72 and electrodes 74, 76 
to push the air so fast that they may create new shockwaves 
moving away from the protected region 20. 

In a variation, the parts of the conductive channels 72 and 
electrodes 74, 76 may not be rigid, but the channels of ionized 
air pushed ahead of the magnetic flux are disrupted (broken) 
when they flow rapidly through the air 26. Each time a chan- 
nel 72 breaks, the electric current briefly stops. When it stops, 
the trapped magnetic flux creates an electromotive force 
strong enough to ionize a new channel through the air 26 and 
then heat that air. This may transform energy from the shock- 
wave 24 into ionization energy of air ions and into pressure- 
volume-temperature energy of expanded hot air. 

In the embodiment shown in FIGS. 9A and 9B, the arc 
generator 16 may be configured to have rigid electrodes 78, 
80 joined by a rear wall 82 to form three sides of a box. An arc 
84 may be formed by the power supply 38 of the arc generator 
16 between electrodes 78, 80. When the arc 84 is contacted by 
the shockwave 24, the magnetic flux (represented by the 
crossed circles 86) is deflected inward but movement is con- 
strained by the electrodes 78, 80 and wall 82. Instead, the flux 
86 is compressed and increases the electric current in the 
electrodes 78, 80. In one embodiment, the power supply 16 is 
configured so that this additional electric current bypasses the 
power supply and instead is directed to a resistive load 88. 
Resistive load 88 also may take the form of a capacitor, which 
may receive a charge from the additional electric current. 
Thus, with the embodiments of FIGS. 8 and 9, magnetic 
induction is used to remove energy from the advancing shock- 
wave by the additional mechanism of converting the shock- 
wave energy to mechanical energy or converting the shock- 
wave energy to current. 
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A system 10 may be comprised of multiple copies of each 
embodiment. In an embodiment, a system 10 may include a 
single sensor 12 connected to and controlling multiple, dis- 
crete arc generators 16, each mounted on the protected asset 
18. In some applications, an embodiment may produce a 
relatively narrow, substantially linear arc of hot, ionized air. 
Multiple copies of each embodiment may be used to increase 
the frontal area as desired. Alternatively, a single copy of an 
embodiment may be used multiple times in rapid succession, 
producing multiple arcs that collectively cover the desired 
protected region 20. Further, these embodiments may be 
combined. For example, a system 10 may utilize ionizing 
tracer pellets to protect an asset 18 from explosions 22 rela- 
tively far away, and employ sacrificial conductors to protect 
the same asset from explosions at short range. 

With each of the embodiments discussed, the system 10 is 
deployed to attenuate the energy of an advancing shockwave 
24 form an explosion 22 by creating a second fluid medium 30 
that differs from the first fluid medium 26, which may be 
ambient air, positioned so that it interacts with the shockwave. 
As shown in FIG. 10, as the shockwave contacts the interface 
90 between the first fluid medium 26 and the second fluid 
medium 30, the difference in refractive index reflects a frac- 
tion of the incoming energy toward the explosion 22, as 
indicated by arrows A. This partial reflection occurs a second 
time as the shockwave passes through the second fluid 
medium 30 and contacts the interface 92 between the second 
medium and the ambient 26 as it exits the second medium. All 
gradients or discontinuities in the medium provide a reflec- 
tion point for the incoming shockwave 24. For example, if the 
second medium 30 is non-uniform, reflection will occur at 
each of many places within the medium. 

As shown in FIG. 11, shockwaves 24 obey Fermat”s theory 
of least time and therefore an effective refractive index for the 
shockwave can be defined that is inversely proportional to the 
shock speed. The properties or composition of the second 
medium 30 are chosen such that the effective refractive index 
of the second medium 30 differs from the first medium 26 in 
at least one of temperature, molecular weight and composi- 
tion. As the shockwave passes into or out of the second 
medium 30, the difference in effective refractive index 
refracts the wave, as shown by lines B, diverting it and defo- 
cusing it away from the protected asset 18. In the disclosed 
embodiments, the second medium 30 is created such that the 
shockwave travels faster in the second medium 30 than in the 
first medium 26, so the refractive index of the second medium 
is less than that of the first medium. Further, the second 
medium is created to have a convex shape and therefore acts 
as a divergent lens, so that the energy of the shockwave 24 
spreads out, as shown by lines C, so its intensity drops as it 
approaches the protected asset 18. 

In addition, the second medium 30 may absorb some shock 
energy as the shock travels through it. Factors contributing to 
the absorption of energy include energy retained in the mol- 
ecules of the second medium itself (e.g., enhanced rotational 
energy, excited molecular bonds, excited electrons, molecu- 
lar decomposition, and ionization) and shock energy con- 
verted to electromagnetic energy through blackbody emis- 
sion from hot particles or photon emission from de-exciting 
various excited states. 

A further mechanism for attenuating the energy density of 
the shockwave 24 is momentum exchange. If the second 
medium 30 is moving relative to the first medium 26, then it 
will exchange momentum with the shockwave 24. The result 
is a combination of reflection, slowing, and redirection of the 
shockwave. Any or all of the foregoing mechanisms may 
operate in a given embodiment. The composition, tempera- 
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ture, speed and location of the second medium 30 may be 
chosen or created to create any one or all of the aforemen- 
tioned mechanisms. 

While the method and forms of apparatus disclosed herein 
constitute preferred aspects of the disclosed shockwave 
attenuation apparatus and method, other methods and forms 
of apparatus may be employed without departing from the 
scope of the invention. 


What is claimed is: 

1. A shockwave attenuation system, comprising: 

a sensor for generating a detection signal based on at least 
one of detecting an explosion capable of producing a 
shockwave traveling through a first fluid medium to a 
protected region, and estimating a location and time of 
the explosion, and detecting an explosive device and 
estimating a location and time of an explosion from the 
explosive device that is capable of producing the shock- 
wave traveling through the first fluid medium; and 

an arc generator in communication with the sensor for 
receiving the detection signal therefrom, and in response 
thereto heat a selected region of the first fluid medium 
rapidly to create a second, transient medium, different 
from the first medium, interposed between the shock- 
wave and the protected region such that the shockwave 
contacts the second, transient medium and is attenuated 
in energy density before it reaches a protected asset in 
the protected region. 

2. The system of claim 1, wherein the second medium 
differs from the first medium in at least one of temperature, 
density and composition. 

3. The system of claim 1, wherein the arc generator heats 
the region of the first fluid medium to create the second 
medium by using one of an electric arc, a laser-induced arc 
and a microwave-induced arc. 

4. The system of claim 1, wherein the arc generator 
includes a power supply, and the arc generator rapidly creates 
the second medium by creating an electrically conductive 
path from the power supply to the selected region and back to 
the power supply. 

5. The system of claim 4, wherein the arc generator creates 
the electrically conductive path utilizing at least one of high 
intensity laser pulses to form a laser-induced plasma channel 
(LIPC), pellets that leave a conductive trail of ions, sacrificial 
conductors, projectiles trailing electrical wires fired along 
converging paths, magnetic induction utilizing flexible chan- 
nels of ionized air, and magnetic induction utilizing substan- 
tially rigid conductors. 

6. The system of claim 1, wherein the protected region 
includes at least one protected asset, and at least one of the 
sensor and the arc generator is mounted on the protected 
asset. 

7. The system of claim 1, wherein the sensor detects at least 
two bands of electromagnetic radiation generated by the 
explosion. 

8. The system of claim 1, wherein the sensor detects at least 
one of a shape, trajectory and speed of an incoming threat 
containing the explosive device, and to calculate a signature 
of the incoming threat, the sensor also using the signature to 
determine likely explosion characteristics of the explosive 
device. 

9. The system of claim 8, wherein the explosion character- 
istics include at least one of a location of the explosion, a time 
of the explosion, and a magnitude of the explosion. 

10. The system of claim 9, wherein the sensor uses the 
explosion characteristics to calculate a location of the 
selected region. 
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11. The system of claim 6, wherein the protected asset is 
one of a surface vessel, a submarine vessel, an offshore plat- 
form, a land vehicle, a land structure, and a human, and 
wherein the sensor determines the selected region based on 
one or more predetermined vulnerabilities of the protected 
asset. 
12. The system of claim 1, further comprising multiple arc 
generators, each connected to the sensor. 
13. The system of claim 12, wherein the multiple arc gen- 
erators are adapted to be mounted on a protected asset. 
14. The system of claim 1, wherein the first fluid medium is 
ambient air, and the arc generator utilizes at least one of 
electric, microwave and laser energy to produce at least one of 
relatively hot and ionized air to form the second, transient 
medium in the selected region, such that the shockwave con- 
tacts the second, transient medium and is attenuated in energy 
density by at least one of reflection, refraction, absorption, 
momentum transfer and magnetic induction. 
15. A method of attenuating a shockwave, the method 
comprising: 
detecting with a sensor at least one of an explosion capable 
of producing a shockwave traveling through a first fluid 
medium to a protected region, and an explosive device: 

estimating a location and time of the explosion of the at 
least one of an explosion from the explosive device and 
the explosive device that is capable of producing the 
shockwave; 

generating a detection signal by the sensor in response to 

detecting at least one of the explosion and the explosive 
device; 

heating a selected region ofthe first fluid medium rapidly to 

create a second, transient medium, different from the 
first medium, by an arc generator in communication with 
the sensor, in response to the detection signal, the second 
medium being interposed between the shockwave and 
the protected region such that the shockwave contacts 
the second, transient medium and is attenuated in energy 
density before it reaches the protected region. 

16. The method of claim 15, wherein the second, transient 
medium attenuates the energy density of the shockwave by at 
least one of reflection, refraction, absorption, momentum 
transfer and magnetic induction. 

17. The method of claim 15, wherein detecting includes 
detecting, with one or more sensors, at least two bands of 
electromagnetic radiation from the explosion. 

18. The method of claim 15, wherein heating includes 
rapidly creating the second medium by creating an electri- 
cally conductive path from a power supply to the selected 
region and back to the power supply. 

19. The method of claim 18, wherein creating an electri- 
cally conductive path utilizes at least one of high intensity 
laser pulses to form a laser-induced plasma channel (LIPC), 
pellets that leave a conductive trail ofions, sacrificial conduc- 
tors, projectiles trailing electrical wires fired along converg- 
ing paths, magnetic induction utilizing flexible channels of 
ionized air, and magnetic induction utilizing substantially 
rigid channels of ionized air. 

20. A method of attenuating a shockwave, the method 
comprising: 

detecting with a sensor at least one of an explosive device 

and an explosion from the explosive device; 

estimating a location and time of the explosion of the at 

least one of an explosion from the explosive device and 
the explosive device and predicting an explosion there- 
from that is capable of producing the shockwave; 
calculating with a computer a firing plan based upon at 
least one of data and models of vulnerability of a pro- 
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tected asset, and at least one of data and models of 
effectiveness of actuating an arc generator to heat a 
selected region adjacent the protected region; and 


if the firing plan determines that it is cost effective to 


execute the firing plan in view of a cost to operate an arc 5 
generator and probable cost of damage from a shock- 
wave from the explosion, actuating the arc generator to 
heat a selected region of a first fluid medium rapidly to 
create a second, transient medium, different from the 
first medium, the second medium being interposed 10 
between the shockwave and the protected region such 
that the shockwave contacts the second, transient 
medium and is attenuated in energy density before it 
reaches the protected asset. 


21. The method of claim 20, wherein detecting includes 15 
measuring a signature of an incoming threat carrying the 


explosive device; 


comparing the signature with known signatures of a plu- 


rality of different threats; 


determining a probability the incoming threat is one of the 20 


plurality of different threats; and 


calculating includes estimating a probability distribution 


function of explosion magnitudes and locations relative 
to the protected asset based on at least one of stored data 
about the type of explosive device, measured motion of 25 
the incoming threat, anda shape, relative orientation and 
relative motion of the protected asset; and making a 
determination to counter the incoming threat or not 
counter the incoming threat, based on one of stored data 
and models of vulnerability of the protected asset to 


14 


shockwaves, and data from at least one of data and 
models of performance of the arc generator with respect 
to attenuating shockwaves from the estimated explosion 
magnitudes and locations. 

22. The method of claim 20, wherein detecting includes 

measuring a signature of the explosion from the explosive 
device; 

comparing the signature with stored signatures of a plural- 
ity of known different explosive devices; 

determining a probability the explosion is from one of the 
plurality of known different explosive devices; and 

calculating includes estimating a probability distribution 
function of explosion magnitudes and locations relative 
to the protected asset based on at least one of stored data 
about the type of explosion, the location of the explosion 
and the shape, relative orientation and relative motion of 
the protected asset; and making a determination to 
counter the explosion or not counter the explosion, 
based on one of stored data and models of vulnerability 
of the protected asset to shockwaves from the explosion, 
and data from at least one of data and models of perfor- 
mance of the arc generator with respect to attenuating 
shockwaves from at least one of an estimated explosion 
magnitude and location. 

23. The method of claim 20, wherein calculating includes 


calculating with a computer a firing plan based upon at least 
one of data and models of vulnerability of the protected asset 
within a protected region. 
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1 
ELECTROMAGNETIC 
SEGMENTED-CAPACITOR PROPULSION 
SYSTEM 


FIELD OF THE INVENTION 


This invention relates generally to the field of spacecraft 
propulsion. More specifically, the invention relates to elec- 
tromagnetic spacecraft propulsion systems which provide 
thrust without expelling propellant. 


BACKGROUND OF THE INVENTION 


One of the most significant metrics for space propulsion 
systems is specific impulse, which is the ratio of thrust 
produced to the rate of propellant consumed. Specific 
impulse has units of seconds, and is essentially the number 
of seconds that a pound of propellant will produce a pound 
of thrust. The higher the specific impulse the less propellant 
mass and associated tankage required for a given space 
mission. The Stafford Synthesis Group (Stafford, America at 
the Threshold) concluded that future space exploration will 
require advanced propulsion technologies. Subsequently, 
NASA conducted the Breakthrough Propulsion Physics Pro- 
gram (NASA/TM-1998-208400), one of the three main 
goals of which was to “discover new propulsion methods 
that eliminate or dramatically reduce the need for propellant. 
This implies discovering fundamentally new ways to create 
motion, presumably by manipulating inertia, gravity, or by 
any other interactions between matter, fields, and space- 
time.” Therefore, an electromagnetic spacecraft propulsion 
system such as the present invention, that does not require 
expendable propellant and thus has an effectively infinite 
specific impulse, would address these needs and greatly 
reduce the cost of doing business in space. 

Sir Isaac Newton’s well-known Third Law of Motion, 
which states “To every action there is always an opposed 
equal reaction; or, the mutual actions of two bodies upon 
each other are always equal and directed to contrary parts”, 
has been interpreted as all-encompassing for over three 
hundred years. The Newtonian interpretation excluded the 
possibility of “reactionless propulsion” of a solid body. 
However, the discovery of electricity and magnetism, the 
new branch of electrodynamics resulting from Maxwell’s 
Equations, and the subsequent rise of relativistic electrody- 
namics and quantum electrodynamics, led to a new inter- 
pretation of the famous “Third Law of Motion”. 

One of the important characteristics of an electromagnetic 
(EM) wave is that it can transport energy from point to point. 
The rate of energy flow per unit area in a plane electromag- 
netic wave is described by the Poynting Vector S, defined as 
the cross-product of the instantaneous E-field and B-field 
comprising the EM wave. The direction of S gives the 
direction in which the energy moves. (Resnick and Halliday, 
Physics Parts I and II). Less familiar is the fact that EM 
waves also transport linear momentum. Just as Poincare 
noted in 1900, Stebens explains that the electromagnetic 
field closely resembles a relativistic fluid, composed of 
quantum, particles (photons), which transmits properties and 
responds to forces in much the same way as an Eulerian fluid 
(Stebens, Forces on Fields). In electromagnetism, as in 
Newton’s solid body mechanics, the force on matter from 
the electromagnetic field is balanced by an equal and oppo- 
site force from matter on the field. Stebens presents an 
excellent proof which can be derived from Maxwell’s equa- 
tions and the Lorentz force law. The proof relates the 
reaction momentum change of the electromagnetic field to 
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the time rate of change of the Poynting Vector, the diver- 
gence of the Maxwell Stress Tensor, and Einstein’s relativ- 
istic mass-energy relation (Forces and Fields, op. cit.). By 
recognizing that electromagnetic fields can transport both 
energy and momentum, apparent “violations” of the Third 
Law are mathematically resolved by including modern field 
transport physics in the analysis of the reaction process. 

Field propulsion, which employs electromagnetic field 
effects for generating propulsion forces, expels no reaction 
mass, and therefore effectively has an infinite specific 
impulse. As is well known to anyone skilled in the art, a 
moving charged particle generates a magnetic field. It is also 
well known that a magnetic field generates a force on a 
moving charged particle, namely the magnetic component of 
the full Lorentz Force, which component is proportional to 
the vector cross-product of the particle velocity vector and 
the magnetic field vector at the particle location. A common 
example is the well-known mutual equal-and-opposite 
forces on parallel conductors, which may be calculated by 
anyone skilled in the art through the use of the Biot-Savart 
Law. Prior to modern electrodynamics, the required com- 
pliance with Newton's Third Law (NTL), it has previously 
been accepted that the aforementioned magnetic interactions 
could not be used to produce a propellantless propulsion 
system. As discussed above, modern electrodynamics has 
shown that this is no longer a valid assumption. 

Physicists have known since at least 1952 that apparent 
violations of NTL, in cases where force interactions involve 
charged particles and electromagnetic fields, simply do not 
account for the momentum carried in the fields themselves. 
As noted by Cullwick over sixty years ago: “The following 
simple relations between electromagnetic momentum, the 
Poynting vector for energy transport, and mass-energy 
equivalence do not appear to have received general recog- 
nition in connection with the validity of Newton’s Third 
Law when applied to electromagnetic forces (Cullwick, 
Nature).” Since then, over thirty US patents and at least two 
dozen foreign patents have been issued for propellantless 
propulsion devices. Most importantly, recent experimental 
investigations conducted by NASA with an EM drive device 
(White, AIAA Journal of Propulsion and Power) have 
definitively confirmed that EM field propulsion is a reality. 

Nobel Laureate Richard Feynman (The Feynman Lectures 
on Physics), among others, noted that the magnetic interac- 
tion between two charged particles moving orthogonally to 
each other apparently does not satisfy NTL in classical 
Newtonian dynamics. But, as discussed above, if the chang- 
ing momentum of the electromagnetic fields of the two 
particles is included, then overall momentum is conserved. 
Engineering exploitation of this situation, to date, has not 
been effected due to the “circuit completion” problem. 
While isolated moving charges may apparently violate NTL, 
when they are considered as part of a complete closed circuit 
by application of Gauss’ Law, the net forces on each circuit 
are found to be equal and opposite in accordance with NTL. 
Prior Art for Electromagnetic Propulsion 

The electrokinetic phenomenon known in the scientific 
literature as the Biefeld-Brown Effect, wherein electrical 
energy input into asymmetrical capacitors can be converted 
to mechanical energy, provides a reactionless force for 
propelling an object. T. T. Brown, a co-discoverer of the 
Biefeld-Brown Effect, has been issued U.S. Pat. No. 2,949, 
550, U.S. Pat. No. 3,018,394, and U.S. Pat. No. 3,187,206 
for devices based on utilization of the effect. Townsend’ s 
colleague A. H. Bahnson has similarly been issued U.S. Pat. 
No. 2,958,790 U.S. Pat. No. 3,223,038, and U.S. Pat. No. 
3,227,901 utilizing the effect. NASA is still experimentally 
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investigating the use of Brown’s discovery, as disclosed in 
U.S. Pat. No. 6,317,310, U.S. Pat. No. 6,411,493, and U.S. 
Pat. No. 6,775,123 to Campbell (assigned to NASA). 
Another such device is disclosed in U.S. Pat. No. 6,492,784 
to Serrano, which generates the Biefeld-Brown Effect using 
stacked-disc asymmetrical capacitors, and which has just 
been approved for spaceflight testing. Debate is ongoing in 
the literature as to whether the Biefeld-Brown Effect will 
work in the vacuum of space. Another limiting consideration 
for using the effect may be the scalability potential, since 
asymmetrical capacitor devices to date have only generated 
tens of milli-newtons of thrust from tens of watts of input 
power. 

Electrodynamic structures, as disclosed in U.S. Pat. No. 
7,913,954 to Levin, include a power system, a plurality of 
collectors, a plurality of emitters, and conductive paths for 
moving payloads through the Earth’s magnetic field. The 
inertial propulsion device disclosed in U.S. Pat. No. 8,066, 
226 to Fiala utilizes several interconnected gyroscopic ele- 
ments within Earth’s gravity field to move without propel- 
lant. U.S. Pat. No. 5,377,936 to Mitchell, discloses a method 
for using the electromagnetic spectrum particles which 
continually irradiate the earth from space for gravity guid- 
ance and propulsion of geosynchronous satellites, and other 
satellites and space vehicles within the gravitational influ- 
ence of the earth. The superconducting electromagnetic 
turbine, as disclosed in U.S. Pat. No. 8,575,790 to Ogilvie, 
uses a pair of counter-rotating electrodynamic superconduc- 
tor rotors to displace the surrounding geomagnetic field. 
These devices do not have general space-based utility 
because they are restricted to operations within either the 
gravity field or the magnetic field of Earth. 

Other approaches to propellantless propulsion include 
mechanical devices such as U.S. Pat. No. 2,886,976 to Dean, 
which discloses a device for converting rotary motion into 
unidirectional motion. Similarly, U.S. Pat. No. 5,182,958 to 
Black discloses a mechanical device with wheels inside 
comprising both a nonlinear propulsion as well as an energy 
conversion system. A device for propellantless propulsion 
using radiated electromagnetic fields is disclosed in U.S. 
Pat. No. 5,142,861 to Schlicher et al., comprising an elec- 
tromagnetic propulsion system based on an extremely low 
frequency radiating antenna structure driven by a matched 
high current pulsed power supply. U.S. Pat. No. 5,197,279 
to Taylor also discloses an engine for imparting momentum 
to a vehicle by generating and transmitting in predetermined 
directions massive quantities of electromagnetic field energy 
in successive pulses. 

Field modification approaches to propellantless propul- 
sion include apparent reductions in gravitational mass or 
inertial mass. U.S. Pat. No. 3,626,605 to Wallace discloses 
a method and apparatus for generating a time-variant non- 
electromagnetic force field due to the relative motion of 
moving bodies constituted of elements whose nuclei have 
half integral “spin” values, with said force field exhibiting 
itself in the form of an induced secondary gravitational 
force. U.S. Pat. No. 5,280,864 to Woodward discloses a 
method for producing transient fluctuations in the inertial 
masses of material objects by employing an effect that is a 
consequence of relativistic theories of gravitation. Applying 
pulsed thrust synchronously with the mass fluctuations thus 
produced facilitate the transport of massive objects. Also to 
Woodward, both U.S. Pat. No. 6,098,924 and U.S. Pat. No. 
6,347,766 disclose inventions for producing propellantless 
thrust by using piezoelectric force transducers attached to 
resonant mechanical structures, in accordance with Mach’s 
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principle and local Lorentz-invariance predictions of tran- 
sient rest mass fluctuations in accelerated objects. 

The most current example of a propellantless field pro- 
pulsion system is an electromagnetic drive system as dis- 
closed in British Patents GB2229865, GB2334761, 
GB2399601 and UK Patent Application GB2537119 to 
Shawyer, as well as U.S. Pat. Appl. No. 20140013724 to 
Fetta. This system includes an axially-asymmetric resonant 
cavity with a conductive inner surface adapted to support a 
standing electromagnetic (EM) wave. The internal standing 
EM wave induces a unidirectional force on the resonant 
cavity, thus generating thrust without reaction mass. Experi- 
mental versions of these EM devices have produced thrust 
levels of micro-newtons up to milli-newtons from several 
kilowatts of input power (4MA Journal of Propulsion and 
Power, op. cit.) 


SUMMARY OF THE INVENTION 


The current disclosure presents a novel electromagnetic 
spacecraft propulsion system which does not expell propel- 
lant and requires only electrical power. The basic elements 
of the invention are a segmented capacitor cathode, an anode 
with a dielectric, and electromagnetic coils. The charged 
cathode segments are rotated through electric fields from the 
electromagnetic coils in such a manner as to produce a 
unidirectional Lorentz Force on the coil-cathode system. 
Thus electric power is used to generate momentum on the 
system through the electromagnetic production of a unidi- 
rectional Lorentz Force, while reaction momentum is carried 
away by the Poynting Vector fields in conformity with the 
currently understood principles of modern physics. 

The current invention is capable of producing continu- 
ously variable thrust, including reverse thrust, torques, and 
lateral forces. Embodiments of the present invention are 
novel in that thrust is generated in a manner distinct from the 
devices and methods of Brown, Campbell, Serrano, Shaw- 
yer, Fetta, and others as mentioned above. Engineering 
calculations indicate that the present invention is a signifi- 
cant improvement in thrust level with several orders of 
magnitude less power consumption as compared to other 
such propulsion devices. No evidence has been found in the 
literature of any device designed to take advantage of the 
electromagnetic field effect as herein described for the 
present invention. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The accompanying drawings, which are incorporated in 
and form part of the specification, illustrate various prin- 
ciples of operation and examples of the best mode of the 
present invention. 

FIG. 1 is a schematic diagram illustrating the Lorentz 
Force acting on a charged particle moving through a mag- 
netic field. 

FIG. 2 is a schematic diagram illustrating the mutual 
Lorentz Forces acting on segments of parallel conductors. 

FIG. 3 is a schematic diagram illustrating the unidirec- 
tional Lorentz Force acting on two charged particles moving 
orthogonally in the same plane. 

FIG. 4 is a schematic diagram illustrating the unidirec- 
tional Lorentz Force induced by an electromagnetic field on 
a group of charges attached to a moving conducting plate. 

FIG. 5 is a cross-section side view schematic diagram 
illustrating the elements of the best mode of the present 
invention. 
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FIGS. 6A and 6B present schematic diagram perspective 
views illustrating the production of axial forces. 

FIG. 7 is a schematic diagram illustrating the production 
of a torque. 

FIG. 8 is a schematic diagram illustrating the production 
of a lateral translation force. 


DETAILED DESCRIPTION OF PREFERRED 
EMBODIMENTS 


The present invention will now be described more fully 
hereinafter with reference to the accompanying drawings, 1n 
which preferred embodiments of the invention are shown. 
This invention may, however, be embodied in many different 
forms and should not be construed as limited to the embodi- 
ments set forth herein. Rather, these embodiments are pro- 
vided so that this disclosure will be thorough and complete, 
and will fully convey the scope of the invention to those 
skilled in the art. Like numbers refer to like elements 
throughout. 

By way of background, and with reference initially to 
FIG. 1, it is well known to those skilled in the art that a 
charged particle 1, with velocity vector 3 parallel to the 
x-axis as shown, moving through magnetic field 2 which is 
parallel to the y-axis, will experience a Lorentz Force 
component 4, parallel to the z-axis, as determined by the 
sign of the particle charge and the vector cross-product of 
the velocity vector and the magnetic field vector. The 
necessary equations to calculate the force magnitude and 
direction are well known in the current physics literature. 

By way of further background, and with reference to FIG. 
2, it is also well known to those skilled in the art that 
segments of two parallel conductors 5 each carrying a 
current 7 will experience equal and opposite Lorentz Forces 
4 as shown. The forces will be attractive if the currents are 
in the same direction, otherwise the forces will be repulsive. 
The necessary equations to calculate the force magnitude per 
unit length of conductor are well known in the current 
physics literature. 

By way of further background, the situation presented in 
FIG. 3 is also well known to those skilled in the art and 
familiar with the works of Feynman and Tipler. The figure 
illustrates two positively charged coplanar particles 1 and 8 
moving with respective orthogonal velocities 3 and 10, with 
velocity vector 10 being parallel to the y-axis and velocity 
vector 3 being parallel to the x-axis of the indicated coor- 
dinate system. At the instant shown, particle 8 induces a 
magnetic field 2 on particle 1, while particle 1 induces no 
magnetic field effect on particle 8. As a result, a Lorentz 
Force component 4 acts on particle 1, while no reaction 
force acts on particle 8. This situation has been well-studied 
in the literature, both as an apparent violation of Newton’s 
Third Law (e.g. Cullick, Maimon) and as a potential for 
devising a propellantless propulsion device. However, 
experimental attempts to date have the charged particles 
confined in conductors as part of continuous current loops, 
and consequently when all forces are properly accounted for 
on the continuous current loops, no net unidirectional sys- 
tem force is produced on the system. Thus to date no 
propellantless propulsion device has been developed 
exploiting this situation. 

It is the genius innovation of the present invention that 
exploits the situation of FIG. 3 by physically engineering an 
actual current segment that is not part of a continuous 
current loop. With reference to FIG. 4, an electromagnetic 
coil 18 is positioned such that the axis of symmetry of the 
coil is in the direction of the y-axis of the coordinate system 
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shown. When energized with a current, the electromagnetic 
coil 18 produces a magnetic field 2 with strongest vector 
field component along the x-axis, which is the axis of 
symmetry of the electromagnetic coil 18. A negatively 
charged plate 20 is moved with velocity 3 in the y-direction 
such that it passes through the axis of symmetry of the 
electromagnetic coil 18 as shown. At the appropriate time 
during which the charged plate 20 is aligned with the 
axis-of-symmetry of the electromagnetic coil 18, the elec- 
tromagnetic coil 18 is energized to produce magnetic field 2, 
which results in a net Lorentz Force component 4 on the 
system comprised of the electromagnetic coil 18 and the 
charged plate 20. This net unidirectional Lorentz Force 4 
arises from the fact that most individual electrons compris- 
ing the current moving in the conducting coils of the 
electromagnetic coil 18 have z-axis velocity components 
which are orthogonal to the y-axis velocities 3 of each 
charge bound to the charged plate 20. For each electromag- 
netic coil-charged plate electron pair wherein a z-axis veloc- 
ity component exists, the electrodynamic situation of FIG. 3 
is realized. Because the charges on the charged plate 20 are 
a discrete packet and are not part of a continuous current 
loop, there is thus a net unidirectional Lorentz Force realized 
on the system comprised of the electromagnetic coil 18 and 
the charged plate 20. Comprehensive engineering calcula- 
tions have verified that a net force is produced on the said 
coil-plate system, while reaction momentum 1s carried away 
by the Poynting Vector fields in conformity with the cur- 
rently understood principles of modern physics. 

FIG. 5 presents a side section view of the elements of the 
best mode of the present invention in which two parallel 
non-conductive surfaces 21 and 24 form the structural basis 
of a capacitor assembly. For the purpose of nomenclature 
hereinafter, the naming convention for the charged parts of 
a capacitor assembly will follow that used for polarized 
capacitors, 1.e., any negatively charged part of a capacitor 
assembly will be referred to as a cathode, and any positively 
charged part of a capacitor assembly will be referred to as an 
anode. The upper surface 24, which forms the basis of the 
rotating cathode of the capacitor assembly, is rigidly 
attached to the means of rotation 22. It is well-known to 
those skilled in the art that the usual means of rotation for 
components on spacecraft are electric motors designed for 
operation in the space environment. The lower surface 21 
forms the basis of the non-rotating anode of the capacitor 
assembly and also serves as both the static mount for 
multiple elements of the device as well as a structural base 
for attaching the propulsion system to a spacecraft. 

A plurality of negatively charged conductive capacitor 
plates 20 are attached to the circumference of the disc 24, so 
as to form collectively the rotating cathode of the capacitor 
assembly. A plurality of positively charged conductive 
capacitor plates 19, each having a surface coating of dielec- 
tric material 29, are attached to the surface 21, so as to form 
collectively the stationary anode of the capacitor assembly. 
The function of the anode and cathode is to maintain a 
separation of positive and negative charge, as in the usual 
function of capacitors, but in a configuration such that the 
charged cathode can be rotated relative to the anode. 

A plurality of electromagnetic coils 18 and 28 are rigidly 
attached to the surface 21. The function of the electromag- 
netic coils 18 and 28 is to generate magnetic fields which 
interact with the charges on conductive capacitor plates 20. 
The electromagnetic coils 18 are positioned radially out 
from and circumferentially aligned with the conductive 
capacitor plates 19. The electromagnetic coils 18 are further 
positioned so as to radially direct a generated magnetic field 
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onto the charged conductive capacitor plates 20 when said 
plates 20 rotate to a position just above the oppositely 
charged conductive capacitor plates 19 during operation of 
the device. The electromagnetic coils 28 are positioned 
radially out from and circumferentially aligned above the 
conductive capacitor plates 19. The function of the electro- 
magnetic coils 28 is to direct a generated magnetic field 
parallel to the axis of rotation onto the conductive capacitor 
plates 20 when said plates 20 rotate to a position just above 
conductive capacitor plates 19 during operation of the 
device. 

It is well-known to those skilled in the art that electrical 
power for spacecraft components is provided from a stan- 
dardized spacecraft power bus, which is in turn supplied by 
any electricity source commonly used on spacecraft, such as 
space-qualified batteries, advanced storage capacitors, solar 
panels, radioisotopic thermal generators, or any combination 
thereof. Spacecraft integration specialists design the electri- 
cal power connections for operation of specific components 
such as electromagnetic coils, motors, and capacitor charg- 
ing systems. Propulsion system thrust profiles for spacecraft, 
which are both payload and mission dependent, include 
thrust level variations, thrust durations and thrust directions 
during a specific mission. It is therefore assumed hereinafter 
that a spacecraft propulsion system engineer will design the 
appropriate electric power system, to include on/off power 
switching, power levels, and power polarity, for desired 
operation of the present invention. 

FIGS. 6A and 6B illustrate the use of the best mode 
embodiment of the present invention to generate an axially 
directed propulsive force. For clarity, only the minimum 
necessary components from FIG. 5 are shown. With refer- 
ence to FIG. 6A, charged cathode plates 20, which are 
attached to non-conductive disc 24, are rotated by means 22. 
Oppositely charged anode plates 19, dielectrics 29, and 
non-conductive surface 21 are shown represented as the 
single composite disc element 39 solely for clarity of 
illustration. The composite disc element 39 and magnetic 
coils 18 are stationary. As cathode plates 20 rotate to a 
position aligned with the axes of symmetry of coils 18, the 
coils are energized so as to produce magnetic fields 2 with 
the polarities as shown. The interaction of the magnetic 
fields 2 with the rotating charges on cathode plates 20 
produces the unidirectional Lorentz Force components 4. 
With reference to FIG. 6B, as the charged cathode plates 20 
are further rotated out of radial alignment with the axes of 
coils 18, the current in coils 18 is reversed. This reverses the 
polarity of the generated magnetic fields 2. At the non- 
aligned location of cathode plates 20, the components of 
fields 2 are of lower strength but are still directed radially 
inward. The interaction of the these components of the 
magnetic fields 2 with the rotating charges on cathode plates 
20 produce the reduced unidirectional Lorentz Force com- 
ponents 4. The net effect during one complete cycle of 
rotation is a continuous unidirectional Lorentz Force on the 
system in the direction of the axis of rotation. 

With reference to FIG. 7, charged cathode plates 20, 
which are attached to non-conductive disc 21, are rotated by 
means 22. Oppositely charged anode plates 19, dielectrics 
29, and non-conductive surface 21 are shown represented as 
the single composite disc element 39 solely for clarity of 
illustration. The composite disc element 39 and magnetic 
coils 18 are stationary. As cathode plates 20 rotate to a 
position aligned with the axes of symmetry of coils 18, the 
coils are energized so as to produce magnetic fields 2 with 
the polarities as shown, in which opposing coils 18 have 
polarities reversed with respect to each other. The interaction 
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of the magnetic fields 2 with the rotating charges on cathode 
plates 20 produces the unidirectional Lorentz Force compo- 
nents 4. This reversal of the polarity of the generated 
magnetic fields 2 causes the generated Lorentz Forces 4 to 
act in opposite directions, thus causing no net unidirectional 
force on the system but producing a torque on the system 
perpendicular to the axis of rotation. 

With reference to FIG. 8, charged cathode plates 20, 
which are attached to non-conductive disc 21, are rotated by 
means 22. Oppositely charged anode plates 19, dielectrics 
29, and non-conductive surface 21 are shown represented as 
the single composite disc element 39 solely for clarity of 
illustration. The composite disc element 39 and magnetic 
coils 28 are stationary. As cathode plates 20 rotate to a 
position aligned with the axes of symmetry of coils 28, the 
coils are energized so as to produce magnetic fields 2 with 
the polarities as shown, in which the coils 28 have polarities 
reversed with respect to each other. The interaction of the 
magnetic fields 2 with the rotating charges on cathode plates 
20 produce the unidirectional Lorentz Force components 4 
acting in the plane of rotation of the cathode plates 20. The 
sum of the generated Lorentz Forces 4 results in a net 
unidirectional translation force on the system which is 
perpendicular to the axis of rotation. 

It is to be understood that even though numerous char- 
acteristics and advantages of the present invention have been 
set forth in the foregoing description, together with details of 
the structure and function of the invention, the disclosure is 
illustrative only, and changes may be made in detail, espe- 
cially in matters of shape, size and arrangement of parts 
within the principles of the invention to the full extent 
indicated by the broad general meaning of the terms in 
which the appended claims are expressed. 


What is claimed is: 

1. An electromagnetic spacecraft propulsion system com- 
prising: 

a capacitor of two or more parts having charged conduc- 

tive elements; 

a means for rotating parts of the capacitor, wherein said 
means for rotating sets said charged conductive ele- 
ments in motion; 

at least two electromagnetic coils for generating magnetic 
fields; 

wherein the charged conductive elements and the at least 
two electromagnetic coils are arranged in certain geo- 
metric configurations whereby a net unidirectional 
Lorentz force is created by an action of the magnetic 
fields generated by the at least two electromagnetic 
coils on the charged conductive elements in motion. 

2. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein each part of the capacitor 
consists of an insulator carrying one or more separate 
charged conductive elements. 

3. The electromagnetic spacecraft propulsion system 
according to claim 2, wherein one or more of the separate 
charged conductive elements have a dielectric coating. 

4. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein the separate charged conduc- 
tive elements of the capacitor are each charged to a desired 
voltage and polarity. 

5. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein one or more parts of the 
capacitor are rotated about an axis of symmetry with respect 
to other static parts of the capacitor. 

6. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein one or more parts of the 
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capacitor are counter-rotated about an axis of symmetry with 
respect to other rotating parts of the capacitor. 

7. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein two or more of the at least two 
electromagnetic coils are positioned circumferentially 
around a rotational axis of symmetry capacitor. 

8. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein magnetic fields of desired 
polarity, intensity and duration are generated from the at 
least two electromagnetic coils. 

9. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein the net unidirectional Lorentz 
force is generated parallel to an axis of rotation of the 
capacitor. 

10. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein the net unidirectional Lorentz 
force is generated perpendicular to an axis of rotation of the 
capacitor. 

11. The electromagnetic spacecraft propulsion system 
according to claim 1, wherein the net unidirectional Lorentz 
force is a torque on the electromagnetic spacecraft propul- 
sion system, and wherein the torque is perpendicular to an 
axis of rotation of the capacitor. 
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20 In Project 3.1, you measured the 
voltage level at the collector (V C) and 
recorded your measurements. Now, examine 


how to determine the voltage at the collector, 
when it's not possible to measure the voltage 
level. 

Use the values shown in the circuit in Figure 
3.22 to complete the following steps: 
1. Determine IC. 

2. Determine the voltage drop across the 
collector resistor RC. Call this VR. 

3. Subtract VR from the supply voltage to 
calculate the collector voltage. 

Figure 3.22 
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1 
CONTROLLED PROCESS FOR THE 


PRODUCTION OF THERMAL ENERGY FROM 
GASES AND APPARATUS USEFUL THEREFORE 


RELATED APPLICATION 


This is a continuation-in-part of my co-pending appli- 
cation Ser. No. 835,564, now abandoned. 


FIELD OF THE INVENTION 


This invention relates to a method of and apparatus 
for obtaining the release of energy from a gas mixture 
including hydrogen and oxygen in which charged ions 
are stimulated to an actived state, and then passed 
through a resonant cavity, where successively increas- 
ing energy levels are achieved, and finally passed to an 
outlet orifice to produce thermal explosive energy. 


BACKGROUND OF THE PRIOR ART 


Processes have been proposed for many years in 
which controlled energy producing reactions of atomic 
particles are expected to occur under “cold” conditions. 
[See. e.q.. Rafelski, J. and Jones, S.E., “Cold Nuclear 


Fusion,” Scientific American, July, 1987, page 84]. The $ 


process and apparatus described herein are considered 
variations to and improvements in processes by which 
energy is derived from excited atomic components in a 
controllable manner. 


OBJECTS OF THE INVENTION. 


It is an object of the invention to realize significant 
energy-yield from water atoms. Molecules of water are 
broken down into hydrogen and oxygen gases. Electri- 
cally charged gas ions of opposite electrical polarity are 
activated By Express Mail No. 26224690 on August 5, 


1987 by electromagnetic wave energy and exposed to a 


high temperature thermal zone. Significant amounts of 
thermal energy with explosive force beyond the gas 
burning stage are released. . 

An explosive thermal energy under a controlled state 
is produced. The process and apparatus provide a heat 
energy source useful for power pense aircraft, 
rocket engines, or space stations. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 illustrates a staged arrangement of apparatus 
useful in the process, beginning with a water inlet and 
culminating in the production of thermal explosive en- 
ergy. 

FIG. 2A shows a cross-section of a circular gas reso- 
nant cavity used in the-final stage assembly of FIG. 1. 


FIG. 2B shows an alternative final stage injection 


system useful in the apparatus of FIG. 1. 

FIG. 2C shows an optical thermal lens assembly for 
use either final stage of FIG. 2A or FIG. 2B. 

FIGS. 3A, 3B, 3C and 3D are illustrations depicting 
various theoretical bases for atomic phenomena ex- 
pected to occur during operation of the invention 
herein. 

FIG. 4 is an electrical schematic of the voltage source 
for the gas resonant cavity. 

FIGS. 5A and 5B, respectively, show (A) an electron 
extractor grid used in the injector assemblies of FIG. 
ZA and FIG. 2B, and (B) the electronic control circuit 
for the extractor grid. 
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2 
DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


The hydrogen fracturing process, follows the se- 
quence of steps shown in the following Table I in which. 
beginning with water molecules, the molecule is sub- 
jected to successively increasing electrical, wave en- 
ergy and thermal forces. In the succession of forces, 
radomly oriented water molecules are aligned with 
respect to molecular polar orientation and are them- 
selves polarized and “elongated” by the application of 
an electric potential to the extent that covalent bonding 
of the water molecule is so weakened that the atoms 
disassociate and the molecule breaks down into hydro- 
gen and oxygen elemental components. The released 
atomic gases are next ionized and electrically charged in 
a vessel while being subjected to a further energy 
source that promotes inter-particle impact in the gas at 
an increased overall energy level. Finally, the atomic 
particles in the excited gas, having achieved succes- 
sively higher energy levels, are subjected to a laser or 
electromagnetic wave energy source that produces 
atomic destabilization and the final release of thermal 
explosive energy. Engineering design parameters based 
on known theoretical principles of atomic physics de- 
termine the incremental levels of electrical and wave 


energy input required to produce resonance in each 


stage of the system. Instead of a dampening effect, a 
resonant energization of the molecule, atom or ion pro- 
vides a compounding energy interaction resulting in the 
final energy release. 


TABLE I 
PROCESS STEPS LEADING TO IGNITION 


RELATIVE STATE OF WATER MOLECULE AND/OR 
HYDROGEN/OXYGEN/OTHER ATOMS 


RANDOM Ist Stage 

ALIGNMENT Water to Gas 
` POLARIZATION 2nd Stage 

MOLECULAR ELONGATION Gas lonization 

ATOM LIBERATION 3rd Stage 

LIQUID TO GAS IONIZATION Priming. 

ELECTRICAL CHARGING EFFECT Final Stage 

PARTICLE IMPACT Ignition 

ELECTROMAGNETIC WAVE, LASER OR 

PHOTON INJECTION 

ELECTRON EXTRACTION 

ATOMIC DESTABILIZATION 


A 
© 


THERMAL IGNITION 


After the first stage in which water is broken down 
into its atomic components in a mixture of hydrogen, 
oxygen and formerly dissolved entrapped gasses, the 
gas atoms become elongated during electron removal as 


. the atoms are ionized. Laser, or light wave energy of a 


60 


predetermined frequency is injected into a containment 
vessel in a gas ionization process. The light energy 
absorbed by voltage stimulated gas nuclei causes desta- 
bilization of gas ions still further. The absorbed laser 
energy causes the gas nuclei to increase in energy state, 
which, in turn, causes electron deflection to a higher 
orbital shell. 

The electrically charged and laser primed combusti- 
ble gas ions from a gas resonant cavity may be directed 
into an optical thermal lens assembly for triggering. 
Before entry into the optimal thermal lens, however, 
electrons are stripped from the ions and the atom is 
destabilized. The destabilized gas ions which are electri- 
cally and mass unbalanced atoms having highly ener- 
gized nuclei are pressurized during spark ignition. The 
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unbalanced, destablized atomic components thermally 
interact; the energized and unstable hydrogen gas nuclei 
collide with highly energized and unstable oxygen gas 
nuclei, causing and producing thermal explosive energy 
beyond the gas burning stage. The ambient air gas com- 
ponents in the initial mixture aid the thermal explosive 
- process under a controlled state. 

In the process, the point of optimum energy-yield is 
reached when the electron deficient oxygen atoms (hav- 
ing less than a normal number of electrons) lock onto 
and capture a hydrogen atom electron prior to or dur- 
ing thermal combustion of the hydrogen/oxygen mix- 
- ture. Atomic decay results in the release of energy. 

In a general outline of the method, a first gas mixture 
including at least a portion of hydrogen and oxygen 


pan 
© 


— 
LA 


gases is provided. The gas mixture is subjected to a 


pulsating, polar electric field whereby electrons of the 
gas atoms are distended in their orbital fields by reason 
of their subjection to electrical polar forces. The polar 
pulsating frequency applied is such that the pulsating 
electric field induces a resonance with respect to an 
election of the gas atom. A cascade effect results and 
the energy level of specific resonating electron is in- 
creased in cascading, incremental steps. 

Next, the gas atoms are ionized and subjected to 
electro-magnetic wave energy having a predetermined 
frequency to induce a further election resonance in the 
ion, whereby the energy level of the election is succes- 
sively increased. Electrons are extracted from the reso- 
nating ions while such ions are in an increased energy 
state to destabilize the nuclear electron configuration of 
said ions; and the gas mixture of destabilized ions is 
thermally ignited. 


In the apparatus shown in FIG. 1, water is introduced — 


at inlet 1 into a first stage water fracturing module 2 in 
which water molecules are broken down into hydro- 
gen, oxygen and released entrapped gas components by 
an electrical disassociation process and apparatus such 
as shown in my co-pending application Ser. No. 
835,564, filed March 3, 1986, which is incorporated 
herein by reference. The released atomic gases and 
other gas components formerly entrapped as dissolved 
gases in water may be introduced to a successive stage 
3 or other number of like resonant cavities, which are 


arranged in either a series or parallel combined array. 


The successive energization of the gas atoms provides a 
cascading effect, successively increasing the voltage 
stimulation level of the released gasses as they sequen- 
tially pass through cavities 2, 3, etc. In a final stage, an 
injector system 4, of a configuration of the type shown 
in FIGS. 2A or 2B, receives energized atomic and gas 
particles where the particles are subjected to further 
energy input, electrical excitation and thermal stimula- 
tion, whereby thermal explosive energy results 5, which 
may be directed thru a lens assembly of the type shown 
in FIG. 2C to provide a controlled thermal energy 
output. | 

Electromagnetic wave activated and electrically 
charged gas ions of hydrogen and oxygen (of opposite 
polarity) are expelled from the cascaded cells 2, 3, etc. 
The effect of cascading successively increases the volt- 
age stimulation level of the released gases, which then 
are directed to the final injector assembly 4. In the 
injector assembly, gas ions are stimulated to a yet higher 
energy level. The gases are continually exposed to a 
pulsating laser or other electromagnetic wave energy 
source together with a high intensity oscillating voltage 
field that occurs within the cell between electrodes or 


40 


60 


4 


conductive plates of opposite electrical polarity. A pre- 
ferred construction material for the plates is a stainless 
steel T-304 which is non-chemically reactive with wa- 
ter, hydrogen, or oxygen. An electrically conductive 
material which is inert in the fluid environment is a 
desirable material of construction for the electrical field 
producing plates, through which field the gas stream of 
activated particles passes. Gas ions of opposite electri- 
cal charges reach and maintain a critical energy level 
state. The gas ions are oppositely electrically charged 
and subjected to oscillating voltage fields of opposite 
polarity and are also subjected to a pulsating electro- 
magnetic wave energy source. Immediately after reach- 
ing critical energy, the excited gas ions are exposed to a 
high temperature thermal zone in the injection cell, 4, 
that causes the excited gas ions to undergo gas combus- 
tion. The gas ignition triggers atomic decay and releases 
thermal energy, 5, with explosive force. 

Once triggered, the thermal explosive energy output 
is controllable by the attenuation of operational parame- 


ters. With reference to FIG. 4A, for example, once the 


frequency of resonance is identified, by varying applied 
pulse voltage to the initial water fuel cell assemblies, 2, 
3, the ultimate explosive energy output is likewise var- 
ied. By varying the pulse shape and/or amplitude or 
pulse train sequence of the electromagnetic wave en- 
ergy source, final output is varied. Attenuation of the 
voltage field frequency in the form of OFF and ON 
pulses likewise affects output of the staged apparatus. 


Each control mechanism can be used separately, 


grouped in sections, or systematically arranged in a 
sequential manner. © 

The overall apparatus thus includes means for pro- 
viding a first gas mixture consisting of at least a portion 
of hydrogen and oxygen gas. The gases may be ob- 
tained by disassociation of the water molecule. An elec- 
trical circuit of the type shown in FIG. 4 provides a 
pulsating, polar electric field to the gas mixture as illus- 
trated in FIG. 3A, whereby electrons of the gas atoms 
are distended in their orbital fields by reason of their 
subjection to electrical polar forces, changing from the 
state conceptually illustrated by FIG. 3B to that of FIG. 
3C, at a frequency such that the pulsating electric field 
induces a resonance with respect to electrons of the gas 
atoms. The energy level of the resonant electrons is 
thereby increased in cascading, incremental steps. A 
further electric field to ionize said gas atoms is applied 
and an electromagnetic wave energy source for subject- 
ing the ionized gas atoms to wave energy of a predeter- 
mined frequency to induce a further electron resonance 
in the ion, whereby the energy level of the election is 
successively increased is an additional element of the 
apparatus as shown in FIG. 3D. | 

An electron sink, which may be in the form of the 
grid element shown in FIG. 5A, extracts further elec- 
trons from the resonating ions while such ions are in an 
increased energy state and destabilizes the nuclear elec- 
tron configuration of the ions. The “extraction” of elec- 
trons by the sink means is coordinated with the pulsat- 
ing electrical field of the resonant cavity produced by 
the circuit of FIG. 4, by means of an interconnected 
synchronization circuit, such as shown in FIG. 5B. A 
nozzle, 10 in FIG. 2B, or thermal lens assembly, FIG. 
2C, provides the directing means in which the destabi- 
lized ions are finally thermally ignited. | 

As previously noted, to reach and trigger the ultimate 
atomic decay of the fuel cell gases at the final stage, 
sequential steps are taken. First, water molecules are 
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split into component atomic elements (hydrogen and 
Oxygen gases) by a voltage stimulation process called 
the electrical polarization process which also releases 
dissolved gases entrapped in the water (See my co- 
pending application for letters patent, Ser. No. 835, 564, 
supra). In the injector assembly, a laser produced light 
wave or other form of coherent electromagnetic wave 


energy capable of stimulating a resonance within the 


atomic components is absorbed by the mixture of gases 
(hydrogen/oxygen/ambient air gases) released by the 
- polarization process. At this point, as shown in FIG. 3B, 
the individual atoms are subjected to an electric field to 
begin an ionization process. 

- The laser or electromagnetic wave energy is ab- 
sorbed and causes gas atoms to lose electrons and form 
positively charged gas ions. The energized hydrogen 
atoms which, as ionized, are positively charged, now 


accept electrons liberated from the heavier gases and 
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circuit with the circuit of FIG. 4 may be achieved by 
interconnecting point “A” of the gate circuit of FIG. 
5B to coordinate point “A” of the pulsing circuit of 
FIG. 4. 

Together the hydrogen injector assembly 4 and the 
resonant cavity assemblies 2, 3 form a gas injector fuel 
cell which is compact, light in weight and design vari- 
able. For example, the hydrogen injector system is 
suited for automobiles and jet engines. Industrial appli- 
cations require larger systems. For rocket engine appli- 
cations, the hydrogen gas injector system is positioned 


_ at the top of each resonant cavity arranged in a parallel 


attract other negatively charged gas ions as conceptu- © 


ally illustrated in FIG. 3C. Positively and negatively 
charged gas ions are re-exposed to further pulsating 
energy sources to maintain random distribution of ion- 
_. ized atomic gas particles. 

The gas ions within the wave energy chamber are 
subjected to an oscillating high intensity voltage field in 


20 


25 


a chamber 11 in FIGS. 2A and 2B formed within elec- — 


trodes 12 and 13 in FIGS. 2A and 2B of opposite electri- 


cal polarity to produce a resonant cavity. The gas ions 


reach a critical energy state at a resonant state. 

At this point, within the chamber, additional elec- 
trons are attracted to said positive electrode; whereas, 
positively charged ions or atomic nuclei are attracted to 


the negative electrode. The positive and negative at- 


traction forces are co-ordinate and operate on said gas 
ions simultaneously; the attraction forces are non-rev- 
ersible. The gas ions experience atomic component 
deflection approaching the point of electron separation. 
At this point electrons are extracted from the chamber 
by a grid system such as shown in FIG. 5A. The ex- 
tracted electrons are consumed and prevented from 
re-entering the chamber by a circut such as shown in 
FIG. 5B. The elongated gas ions are subjected to a 
thermal heat zone to cause gas ignition, releasing ther- 
mal energy with explosive force. During ionic gas com- 
bustion, highly energized and stimulated atoms and 
atom nuclei collide and explode during thermal excita- 
tion. The hydrogen fracturing process occurring sus- 
tains and maintains a thermal zone, at a temperature in 
excess of normal hydrogen/oxygen combustion temper- 
ature, to wit, in excess of 2500° F. To cause and main- 
tain atomic elongation depicted in FIG. 3C before gas 
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cluster array. If resonant cavities are sequentially com- 
bined in a parallel/series array, the hydrogen injection 
assembly is positioned after the exits of said resonant 
cavities are combined. 

From the outline of physical phenomena associated 
with the process described in Table 1, the theoretical 
basis of the invention considers the respective states of 
molecules, gases and ions derived from liquid water. 
Before voltage stimulation, water molecules are ran- 
domly dispersed throughout water within a container. 
When a unipolar voltage pulse train such as shown in 
FIG. 3A (53a xxx 53n) is applied, an increasing voltage 
potential is induced in the molecules, gases and/or ions 
in a linear, step-like charging effect. The electrical field 
of the particles within a chamber including the electri- 
cal field plates increases from a low energy state (A) to 
a high energy state (J) in a step manner following each 
pulse-train as illustrated in FIG. 3A. The increasing 
voltage potential is always positive in direct relation- 


ship to negative ground potential during each pulse. 


The voltage polarity on the plates which create the 
voltage fields remains constant. Positive and negative 
voltage “zones” are thus formed simultaneously. 

In the first stage of the process described in Table 1, 
because the water molecule naturally exhibits opposite 


electrical fields in a relatively polar configuration (the 


two hydrogen atoms are positively electrically charged 
relative to the negative electrically charged oxgen 
atom), the voltage pulse causes initially randomly ori- 
ented water molecules in the liquid state to spin and 
orient themselves with reference to positive and nega- 
tive poles of the voltage fields applied. The positive 


- electrically charged hydrogen atoms of said water mol- 


30 


ignition, a voltage intensifier circuit such as shown in | 


FIG. 4 is utilized as a current restricting voltage source 
to provide the excitation voltage applied to the resonant 
cavity. At the same time the interconnected eletron 
extractor circuit, FIG. 5B, prevents the reintroduction 


ecule are attracted to a negative voltage field; while, at 


the same time, the negative electrically charged oxygen 
atoms of the same water molecule an attracted to a 
positive voltage field. Even a slight potential difference 
applied to the inert, conductive plates of a containment 
chamber will initiate polar atomic orientation within the 


- water molecule based on polarity differences. 


55 


of electrons back into the system. Depending on calcu- 


lated design parameters, a predetermined voltage and 
frequency range may be designed for any particular 
application or physical configuration of the apparatus. 
_ In the operation of the assembly, the pulse train 

source for the gas resonant cavity shown at 2 and 3 in 
FIG. 1 may be derived from a circuit such as shown in 
FIG. 4. It is necessary in the final electron extraction 
that the frequency with which electrons are removed 
from the system by sequenced and synchronized with 
the pulsing of the gas resonant cavity In the circuit of 
FIG. 5B, the coordination or synchronization of the 
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When the potential difference applied causes the 


orientated water molecules to align themselves between 
the conductive plates, pulsing causes the voltage field 


intensity to be increased in accordance with FIG. 3A. 
As further molecular alignment occurs, molecular 
móvement is hindered. Because the positively charged 
hydrogen atoms of said aligned molecules are attracted 
in a direction opposite to the negatively charged oxy- 
gen atoms, a polar charge alignment or distribution 
occurs within the molecules between said voltage 
zones, as shown in FIG. 3B. And as the energy level of 
the atoms subjected to resonant pulsing increases, the 
stationary water molecules become elongated as shown 
in FIG. 3C. Electrically charged nuclei and electrons 
are attracted toward opposite electrically charged volt- 
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age zones—disrupting the mass equilibium of the water 
molecule. 

In the first stage, as the water molecule is further 
exposed to a potential difference, the electrical force of 
attraction of the atoms within the molecule to the elec- 
trodes of the chamber also increases in intensity. As a 
result, the covalent bonding between said atoms which 
forms the molecule ts weakened and ultimately termi- 
nated. The negatively charged electron is attracted 
toward the positively charged hydrogen atoms, while at 
the same time, the negatively charged oxygen atoms 
repel electrons. 

Once the applied resonant energy caused by pulsation 
of the electrical field in the cavities reaches a threshold 
level, the disassociated water molecules, now in the 
form of liberated hydrogen, oxygen, and ambient air 
gases begin to ionize and lose or gain electrons during 


the final stage in the injector assembly. Atom destabliza- . 


tion occurs and the electrical and mass equilibrium of 
the atoms is disrupted. Again, the positive field pro- 
duced within the chamber or cavity that encompasses 
the gas stream attracts negatively charged ions while 
the positively charged ions (and/or hydrogen nuclei) 
are attracted to the negative field. Atom stabilization 
does not occur because the pulsating voltage applied is 
repetitive without polarity change. A potential of ap- 
proximately several thousand volts triggers the ioniza- 
tion state. 

As the ionized particles accumulate within said cham- 
ber, the electrical charging effect is again an incremen- 
tal stepping effect that produces an accumlative in- 
creased potential while, at the same time, resonance 
occurs. The components of the atom begin to “vibrate” 
at a resonant frequency such that an atomic instability is 
created. As shown in FIG. 3D, a high energy level is 
achieved, which then collapses resulting in the release 
of thermal explosive energy. Particle impact occurs 
when liberated ions in a gas are subjected to further 
voltage. A longitudinal cross section of a gas resonant 
cavity is shown in FIG. 2A. To promote gas ionization, 
- electromagnetic wave energy such as a laser or photon 
energy source of a predetermined wave length and 
pulse-intensity is directed to and absorbed by the ions 
forming said gas. In the device of FIG. 2A, semicon- 
ductor optical lasers 20a-20p, 20xxx surround the gas 
flow path. In the device of FIG. 2B, photon energy 20 
is injected into a separate absorption chamber 21. The 
incremental stimulation of nuclei to a more highly ener- 
gized state by electromagnetic wave energy causes 


- electron deflection to a higher orbital state. The Pulse 


rate as well as intensity of the electromagnetic wave 
source is varied to match the absorption rate of ionized 
particles to produce the stepped incremental increase in 
energy. A single laser coupled by means of fiber optic 
light guides is an alternative to the plurality of lasers 
shown in FIG. 2B. Continued exposure of the gas ions 
to different forms of wave energy during voltage stimu- 
lation maintains individual atoms in a destabilized state 
and prevents atomic stabilization. 

The highly energized gas ions are thermally ignited 
when said combustible gas ions pass from injector 4 and 
enter into and pass through a nozzle, 10 in FIG. 2B, or 
an optical thermal lens assembly such as shown in FIG. 
2C. In FIG. 2C, the combustible gas ions are expelled 
through and beyond a quenching circuit, 30, and re- 
flected by lenses, 31 and 32, back and forth through a 
thermal heat zone, 33, prior to atomic breakdown be- 
yond exiting through a final port, 34. A quenching cir- 
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cuit is a restricted orifice through which the particle 
stream passes such that flashback does not occur. (See 
my application Ser. No. 835, 564, supra.) The deflection 
shield or lens, 31, superheats beyond 3,000° F. and the | 
combustible gas ions passing through said exiting-ports 

are regulated to allow a gas pressure to form inside said 
thermal zone. The energy yield is controlled by varying 
the applied voltage, or Pulse-train since said thermal- 
lens assembly is self-adjusting to the flow-rate of said 
ionized and primed gases. The combustible ionic gas 
mixture is composed of hydrogen, oxygen, and ambient 
air gases. The hydrogen gas provides the thermal explo- 
sive force, the oxygen atoms aid the gas thermal igni- 
tion, and the ambient air gases retard the gas thermal 
ignition process to a controllable state. As the combusti- 
ble gas mixture is exposed to a voltage pulse train, the 
stepped increasing voltage potential causes said moving 
gas atoms to become ionized (losing or gaining elec- 
trons) and changes the electrical and mass equilibrium. 
of said atoms. Gases that do not undergo the gas ioniza- 
tion process may accept the liberated electrons (elec- 
tron entrapment) when exposed to light or photon stim- 
ulation. The electron extractor grid circuit, FIGS. 5A 
and 5B, is applied to the assembly of FIG. 2A or FIG. 
2B, and restricts electron replacement. The extractor 
grid, 56, is applied adjacent to electric field producing 


members, 44 and 45, within the resonant cavity. The gas 


ions incrementally reach a critical-state which occurs 
after a high energy resonant state. At this point the 
atoms no longer tolerate the missing electrons, the un- 
balanced electrical field, and the energy stored in the 
nucleus. Immediate collapse of the system occurs and 
energy is released as the atoms decay into thermal ex- 
plosive energy. 

The repetitive application of a voltage pulse train (A 
through J of FIG. 3A) incrementally achieves the criti- 
cal state of said gas ions. As the gas atoms-or ions (la xxx 
In) shown in FIG. 3C become elongated during electron 
removal, electromagnetic wave energy of a predeter- 
mined frequency and intensity is injected. The wave 
energy absorbed by the stimulated gas nuclei and elec- 


- trons causes further destabilization of the ionic gas. The 
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absorbed energy from all sources causes the gas nuclei 
to increase in energy state, and induces the ejection of 
electrons from the nuclei. 

To further stimulate the electron entrapment process 
beyond the atomic level (capturing the liberated elec- 
trons during the hydrogen fracturing process) the elec- 
tron extractor grid (as shown in FIG. 5A) is placed in 
spaced relationship to the gas resonant cavity structure 
shown in FIG. 2A. The electron extractor grid is at- 
tached to an electrical circuit (such as shown in FIG. 
5B) that allows electrons to flow to an electrical load, 
55, when a positive electrical potential is placed on the 
opposite side of said electrical load. The electrical load 
may be a typical power consuming device such as a 
light bulb or resistive heat producing device. As the 
positive electrical potential is switched on or pulse- 
applied, the negative charged electrons liberated in the 
gas resonant cavity are drawn away and enter into resis- 
tive load where they are consumed and released as heat 
or light energy. The consuming electrical circuit can be 
directiy connected to the gas resonant cavity positive 
electrical voltage zone. The incoming positive wave 
form applied to resonant cavity voltage zone through a 
blocking diode is synchronized with the pulse train 
applied to the gas resonant cavity by the circuit of FIG. 
4 via alternate gate circuit. As one pulse train is gated 
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“ON,” the other pulse train is switched “OFF.” A 
blocking diode directs the electron flow to said electri- 
cal load while resistive wire prevents voltage leakage 
during pulse train “ON” time. 

The electron extraction process is maintained during 
gas flow-rate change by varying the trigger pulse rate in 
relationship to applied voltage. The electron extraction 
process also prevents spark-ignition of the combustible 
gases traveling through the gas resonant cavity because 
electron build-up and potential sparking is prevented. 

In an optical thermal lens assembly or thrust-nozzle, 
such as shown in FIG. 2C, destablized gas ions (electri- 
cally and mass unbalanced gas atoms having highly 
energized nuclei) can be pressurized during spark-igni- 
tion. During thermal interaction, the highly energized 
aná unstable hydrogen gas nuclei collide with the 
highly energized and unstable oxygen gas nuclei and 
produce thermal explosive energy beyond the gas burn- 
ing stage. Other ambient air gases and ions not other- 
wise consumed limit the thermal explosive process. 

Variations of the process and apparatus may be evi- 
dent to those skilled in the art. 

What is claimed is; 

1. A method of obtaining the release of energy from 
a gas mixture including hydrogen and oxygen consist- 
ing of: | | | l 

(A) providing a first gas mixture including at least a 

portion of hydrogen and oxygen gases; 

(B) subjecting the gas mixture to a pulsating, polar 
-electric field whereby electrons of the gas atoms 
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are distended in their orbital fields by reason of — 


their subjection to electrical polar forces, at a fre- 
quency such that the pulsating electric field in- 
duces a resonance with respect to an electron of the 
gas atom; | 


(C) cascading said gas atoms with respect to the pul- 


sating electric field such that the energy level of 
the resonant electron is increased in cascading in- 
cremental steps; | | 

(D) ionizing said gas atoms; 

(E) subjecting the ionized gas atoms to electromag- 
netic wave energy having a predetermined fre- 
quency to induce a further election resonance in 
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the ion, whereby the energy level of the electron is 
successively increased; | 

(F) extracting further electrons from the resonating 
ions while such ions are in an increased energy 
state to destabilize the nuclear and electron config- 
uration of said ions; and 

(G) subjecting the destabilized ions to thermal igni- 
tion. 

2. An apparatus for obtaining the release of energy 
from a gas mixture including hydrogen and oxygen 
consisting of successively interconnected: 

(A) first means for providing a first gas mixture in- 
cluding at least a portion of hydrogen and oxygen 
gas; 

(B) second means for providing a pulsating, polar 
electric field to the gas mixture, whereby electrons 
of the gas atoms are distended in their orbital fields 
by reason of their subjection to electrical polar 
forces, at a frequency such that the pulsating elec-. 

tric field induces a resonance with respect to an 
electron of the gas atom; and the energy level of 
the resonant electron is increased in cascading, 
incremental steps; 

(C) third means for providing a further electric field 
to ionize said gas atoms; | 

(D) an electromagnetic wave energy source for sub- 
jecting the ionized gas atoms to wave energy of a 
predetermined frequency to induce a further elec- 
tion resonance in the ion, whereby the energy level 
of the electron is further successively increased; 

(E) an electron sink for extracting electrons from the 
resonating ions while such ions are in an increased 
energy state to destabilize the nuclear and electron 

- configuration of said ions; 

(F) fourth means for directing particle flow in a con- 
tinuous manner through the electric fields, wave 
energy source and electron sink to a final orifice at 
which the destabilized ions are thermally ignited; 
and 

(G) a final orifice at which the mixture initially pro- 
vided by the first means, after having passed 
through and been processed by the preceeding 
means of the apparatus, is thermally ignited. 

* * k k 2 
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[57] ABSTRACT 


A method for obtaining the release of a fuel gas mixture 
including hydrogen and oxygen from water in which 
the water is processed as a dielectric medium in an 
electrical resonant circuit. 
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FIGURE 2 


Here is the first step: 


1. To find I C , you must first find IB. 
10 volts | 
lp = =0.1mA 


100. 
Ic =f Ip=50 0.1mA =5mA 


Now, perform the next two steps. 


Questions 
A VR = 
B VC = — 
Answers 
A. To find VR: 
VR = RC x IC = 1 kQ x 5mA = 5 volts 
B. To find VC: 
VC = VS - VR = 10 volts - 5 volts = 5 
volts 
21 Determine parameters for the circuit 


shown in Figure 3.22 using the value of B = 
T5; 


Questions 
Calculate the following: 
A ICs č č 
B VR = 
C VCs 
Answers 
A. | | 
q 10 volts id 
100kQ 
Ic =75 0.1mA=7.5mA 
B. VR = 1 kQ x 75mA = 7.5 volts 
C. VC = 10 volts - 7.5 volts = 2.5 volts 
22  # Determine parameters for the same 


circuit, using the values of RB = 250 kQ and 
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METHOD FOR THE PRODUCTION OF A FUEL 
| | GAS 


Related Application 


This is a continuation-in-part of my co-pending appli- 
cation Ser. No. 081,859, filed 8/5/87, now U.S. Pat. No. 
4,826,581. 


Field of Invention 


This invention relates to a method of and apparatus 
for obtaining the release of a fuel gas mixture including 
hydrogen and oxygen from water. 


BACKGROUND OF THE PRIOR ART 


Numerous processes have been proposed for separat- 
ing a water molecule into its elemental hydrogen and 
oxygen components. Electrolysis is one such process. 
Other processes are described in United States patents 
such as 4,344,831; 4,184,931; 4,023,545; 3,980,053; and 
Patent Cooperation Treaty pplication No. 
PCT/US30/1362, published 30 April, 1981. 


OBJECTS OF THE INVENTION 


It is an object of the invention to provide a fuel cell 
and a process in which molecules of water are broken 
down into hydrogen and oxygen gases, and a fuel gas 
mixture including hydrogen, oxygen and other gasses 
formerly dissolved within the water is produced. As 


10 


used herein the term “fuel cell” refers to a single unit of 30 


the invention comprising a water capacitor cell, as here- 
inafter explained, that produces the fuel gas in accor- 
dance with the method of the invention. Brief Descrip- 
tion of the Drawings 

FIG. 1 illustrates a circuit useful in the process. 

FIG. 2 shows a perspective of a “water capacitor’- 
"element used in the fuel cell circuit. 

FIGS. 3A_through 3F are illustrations depicting the 
theoretical bases for phenomena encountered during 
operation of the invention herein. 


Description of the Preferred Embodiment 


In brief, the invention is a method of obtaining the 
release of a gas mixture including hydrogen and oxygen 
and other dissolved gases formerly entrapped in water, 
from water consisting of: (A) providing a capacitor, in 
which the water is included as a dielectric liquid be- 
tween capacitor plates, in a resonant charging choke 
- Circuit that includes an inductance in series with the 
capacitor; (B) subjecting the capacitor to a pulsating, 
unipolar electric voltage field in which the polarity 
does not pass beyond an arbitrary ground, whereby the 
water molecules within the capacitor are subjected to a 
charge of the same polarity and the water molecules are 
distended by their subjection to electrical polar forces; 
(C) further subjecting the water in said capacitor to said 
pulsating electric field to achieve a pulse frequency 
such that the Pulsating electric field induces a reso- 
nance within the water molecule; (D) continuing the 
application of the pulsing frequency to the capacitor 
cell after resonance occurs so that the energy level 
within the molecule is increased in cascading incremen- 
tal steps in proportion to the number of pulses; (E) 
maintaining the charge of said capacitor during the 
application of the pulsing field, whereby the co-valent 
electrical bonding of the hydrogen and oxygen atoms 
within said molecules is destabilized such that the force 
of the electrical field applied, as the force is effective 
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within the molecule, exceeds the bonding force of the 
molecule, and hydrogen and oxygen atoms are liberated 
from the molecule as elemental gases; and (F) collecting 
said hydrogen and oxygen gases, and any other gases 
that were formerly dissolved within the water, and 
discharging the collected gases as a fuel gas mixture. 

The process follows the sequence of steps shown in 
the following Table 1 in which water molecules are 
subjected to increasing electrical forces. In an ambient 
state, randomly oriented water molecules are aligned 
with respect to a molecular polar orientation. They are 
next, themselves polarized and “elongated” by the ap- 
plication of an electric Potential to the extent that cova- 
lent bonding of the water molecule is so weakened that 
the atoms disassociate and the molecule breaks down 
into hydrogen and oxygen elemental components. Engi- 
neering design parameters based on known theoretical 
principles of electrical circuits determine the incremen- 
tal levels of electrical and wave energy input required 
to produce resonance in the system whereby the fuel 
gas comprised of a mixture of hydrogen, oxygen, and 
the other gases such as air test were formerly dissolved 
within the water, is produced. | 


TABLE 1 


PROCESS STEPS 
THE SEQUENCE OF THE RELATIVE STATE 
OF THE WATER MOLECULE AND/OR 
HYDROGEN/OXYGEN/OTHER ATOMS: . 


(AMBIENT STATE) RANDOM 
ALIGNMENT OF POLAR FIELDS 
POLARIZATION OF MOLECULE 
MOLECULAR ELONGATION 
ATOM LIBERATION BY BREAKDOWN OF 
COVALENT BOND 

RELEASE OF GASES 


a mop 


In the process, the point of optimum gas release is 
reached at a circuit resonance. Water in the fuel cell is 
subjected to a pulsating, polar electric field produced 
by the electrical circuit whereby the water molecules 
are distended by reason of their subjection to electrical 
polar forces of the capacitor plates. The polar pulsating 
frequency applied is such that the pulsating electric 
field induces a resonance in the molecule. A cascade 
effect occurs and the overall energy level of specific 
water molecules is increased in cascading, incremental 
steps. The hydrogen and oxygen atomic gases, and 
other gas components formerly entrapped as dissolved 
gases in water, are released when the resonant energy 
exceeds the co-valent bonding force of the water mole- 
cule. A preferred construction material for the capaci- 
tor plates is a stainless steel T-304 which is non-chemi- 
cally reactive with water, hydrogen, or oxygen. An 
electrically conductive material which is inert in the 
fluid environment is a desirable material of construction 
for the electrical field plates of the “water capacitor” 
employed in the circuit. 

Once triggered, the gas output is controllable by the 
attenuation of operational parameters. Thus, once the 
frequency of resonance is identified, by varying the 
applied pulse voltage to the water fuel cell assembly, 
gas output is varied. By varying the pulse shape and/or 
amplitude or pulse train sequence of the initial pulsing 
wave source, final gas output is varied. Attenuation of 
the voltage field frequency in the form of OFF and:ON 
pulses likewise affects output. . 

The overall apparatus thus includes an electrical: cir- 
cuit in which a water capacitor having a known dielec- 
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_ tric property is an element. The fuel gases are obtained 
from the water by the disassociation of the water mole- 
cule. The water molecules are split into component 
atomic elements (hydrogen and oxygen gases) by a 
voltage stimulation process called the electrical polar- 
ization process which also releases dissolved gases en- 
trapped in the water. 

From the outline of physical phenomena associated 
with the process described in Table 1, the theoretical 
basis of the invention considers the respective states of 
molecules and gases and ions derived from liquid water. 
Before voltage stimulation, water molecules are ran- 
domly dispersed throughout water within a container. 
When a unipolar voltage pulse train such as shown in 
FIGS. 3B through 3F is applied to positive and negative 
capacitor plates, an increasing voltage potential is in- 
duced in the molecules in a linear, step-like charging 
effect. The electrical field of the particles within a vol- 
ume of water including the electrical field plates in- 
creases from a low energy state to a high energy state 
successively in a step manner following each pulse-train 
as illustrated figuratively in the depictions of FIG. 3A 
through 3F. The increasing voltage potential is always 
positive in direct relationship to negative ground poten- 
tial during each pulse. The voltage polarity on the 
plates which create the voltage fields remains constant 
although the voltage charge increases. Positive and 
negative voltage “zones” are thus formed simulta- 
neously in the electrical field of the capacitor plates. 

In the first stage of the process described in Table 1, 
because the water molecule naturally exhibits opposite 
electrical fields in a relatively polar configuration (the 
two hydrogen atoms are positively electrically charged 
relative to the negative electrically charged oxygen 
atom), the voltage pulse causes initially randomly ori- 
ented water molecules in the liquid state to spin and 
orient themselves with reference to positive and nega- 
tive poles of the voltage fields applied. The positive 
electrically charged hydrogen atoms of said water mol- 
ecule are attracted to a negative voltage field; while, at 
the same time, the negative electrically charged oxygen 
atoms of the same water molecule are attracted to a 
positive voltage field. Even a slight potential difference 
applied to inert, conductive plates of a containment 
chamber which forms a capacitor will initiate polar 
atomic orientation within the water molecule based on 
polarity differences. 

When the potential difference applied causes the 
orientated water molecules to align themselves between 
the conductive plates, pulsing causes the voltage field 
intensity to be increased in accordance with FIG. 3B. 
As further molecular alignment occurs, molecular 
movement is hindered. Because the positively charged 
hydrogen atoms of said aligned molecules are attracted 
in a direction opposite to the negatively charged oxy- 
gen atoms, a polar charge alignment or distribution 
occurs within the molecules between said voltage 
zones, as shown in FIG. 3B. And as the energy level of 
the atoms subjected to resonant pulsing increases, the 
stationary water molecules become elongated as shown 
in FIGS. 3C and 3D. Electrically charged nuclei and 
electrons are attracted toward opposite electrically 
charged voltage zones —disrupting the mass and 
charge equilibrium of the water molecule. 

As the water molecule is further exposed to an in- 
creasing potential difference resulting from the step 
charging of the capacitor, the electrical force of attrac- 
tion of the atoms within the molecule to the capacitor 
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plates of the chamber also increases in strength. As a 
result, the co-valent bonding between atoms which 
form the molecule is weakened —and ultimately termi- 
nated. The negatively charged electron is attracted 
toward the positively charged hydrogen atoms, while at 
the same time, the negatively charged oxygen atoms 
repel electrons. 

In a more specific explanation of the “sub-atomic” 
action that occurs in the water fuel cell, it is known that 
natural water is a liquid which has a dielectric constant 
of 78.54 at 20° C. and 1 atm pressure. [Handbook of 
Chemistry and Physics, 68th ed., CRC Press (Boca Ra- 
ton, Florida (1987-88)), Section E-50. H2O (water)]. 

When a volume of water is isolated and electrically 
conductive plates, that are chemically inert in water and 
are separated by a distance, are immersed in the water, 
a capacitor is formed, having a capacitance determined 
by the surface area of the plates, the distance of their 
separation and the dielectric constant of water. 

_ When water molecules are exposed to voltage at a 
restricted current, water takes on an electrical charge. 
By the laws of electrical attraction, molecules align 
according to positive and negative polarity fields of the 
molecule and the alignment field. The plates of a capaci- 
tor constitute such an alignment field when a voltage is 
applied. | 

When a charge is applied to a capacitor, the electrical 
charge of the capacitor equals the applied voltage 
charge; in a water capacitor, the dielectric property of 
water resists the flow of amps in the circuit, and the 
water molecule itself, because it has polarity fields 
formed by the relationship of hydrogen and oxygen in 
the covalent bond, and an intrinsic dielectric property, 
becomes part of the electrical circuit, analogous to a 
“microcapacitor” within the capacitor defined by the 
plates. 

In the Example of a fuel cell circuit of FIG. 1, a water 
capacitor is included. The step-up coil is formed on a 
conventional torroidal core formed of a compressed 
ferromagnetic powdered material that will not itself 
become permanently magnetized, such as the trade- 
marked “Ferramic 064 “Permag” powder as described 
in Siemens Ferrites Catalog, CG-2000-002-121, (Cleve- 
land, Ohio) No. F626-1205. The core is 1.50 inch in 
diameter and 0.25 inch in thickness. A primary coil of 
200 turns of 24 gauge copper wire is provided and a coil 
of 600 turns of 36 gauge wire comprises the secondary 
winding. 

In the circuit of FIG. 1, the diode is a IN1198 diode 
which acts as a blocking diode and an electric switch 
that allows voltage flow in one direction only. Thus, the 
capacitor is never subjected to a pulse of reverse polar- 
ity. 

The primary coil of the torroid is subject to a 50% 
duty cycle pulse. The torroidal pulsing coil provides a 
voltage step-up from the pulse generator in excess of 
five times, although the relative amount of step-up is 
determined by pre-selected criteria for a particular ap- 
plication. As the stepped-up pulse enters first inductor 
(formed from 100 turns of 24 gauge wire 1 inch in diam- 
eter), an electromagnetic field is formed around the 
inductor, voltage is switched off when the pulse ends, 
and the field collapses and produces another pulse of 
the same polarity; i.e., another positive pulse is formed 
where the 50% duty cycle was terminated. Thus, a 
double pulse frequency is produced; however, in a pulse 
train of unipolar pulses, there ts a brief time when pulses 
are not present. | 
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By being so subjected to electrical pulses in the cir- 
cuit of FIG. 1, water confined in the volume that in- 
cludes the capacitor plates takes on an electrical charge 
that is increased by a step charging phenomenon occur- 
ring in the water capacitor. Voltage continually in- 
creases (to about 1000 volts and more) and the water 
molecule starts to elongate. 

The pulse train is then switched off; the voltage 
across the water capacitor drops to the amount of 
charge that the water molecules have taken on, i.e. 
voltage is maintained across the charged capacitor. The 
pulse train is then reapplied. 

Because a voltage potential applied to a capacitor can 
perform work, the higher the voltage potential, the 
more work is performed by a given capacitor. In an 
optimum capacitor that is wholly non-conductive, zero 
(0) current flow will occur across the capacitor. Thus, 
in view of an idealized capacitor circuit, the object of 
the water capacitor circuit is to prevent electron flow 
through the circuit, i.e. such as occurs by electron flow 
or leakage through a resistive element that produces 
heat. Electrical leakage in water will occur, however, 
because of some residual conductivity and impurities or 
ions that may be otherwise present in the water. Thus, 
the water capacitor is preferably chemically inert. An 
electrolyte is not added'to the water. 

In the isolated water bath, the water molecule takes 
on charge, and the charge increases. The object of the 
process is to switch off the co-valent bonding of the 
water molecule and interrupt the sub-atomic force, i.e. 
the electrical force or electromagnetic force, that binds 
the hydrogen and oxygen atoms to form a molecule so 
that the hydrogen and oxygen separate. 

Because an electron will only occupy a certain elec- 
tron shell (the shells are well known) the voltage ap- 
plied to the capacitor affects the electrical forces inher- 
ent in the co-valent bond. As a result of the charge 
applied by the plates, the applied force becomes greater 
than the force of the co-valent bonds between the atom 
of the water molecule; and the water molecule becomes 
elongated. When this happens, the time share ratio of 
the electrons between the atoms and the electron shells 
is modified. 

In the process, electrons are extracted from the water 
bath; electrons are not consumed nor are electrons in- 
troduced into the water bath by the circuit as electrons 
are conventionally introduced in an electrolysis pro- 
cess. There may nevertheless occur a leakage current 
through the water. Those hydrogen atoms missing elec- 
trons become neutralized; and atoms are liberated from 
the water. The charged atoms and electrons are at- 
tracted to opposite polarity voltage zones created be- 
tween the capacitor plates. The electrons. formerly 
shared by atoms in the water co-valent bond are re- 
allocated such that neutral elemental gases are liberated. 

In the process, the electrical resonance may be 
reached at all levels of voltage potential. The overall 
circuit is characterized as a “resonant charging choke” 
circuit which is an inductor in series with a capacitor 
that produces a resonant circuit. [SAMS Modern Dictio- 
nary of Electronics, Rudolff Garff, © 1984, Howard W. 
Sams & Co. (Indianapolis, Ind.), page 859.]Such a reso- 
nant charging choke is on each side of the capacitor. In 
the circuit, the diode acts as a switch that allows the 
magnetic field produced in the inductor to collapse, 
thereby doubling the pulse frequency and preventing 
the capacitor from discharging. In this manner a contin- 
uous voltage is produced across the capacitor plates in 
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the water bath; and the capacitor does not discharge. 
The water molecules are thus subjected to a continu- 
ously charged field until the breakdown of the co-valent 
bond occurs. 

As noted initially, the capacitance depends on the 
dielectric properties of the water and the size and sepa- 
ration of the conductive elements forming the water 
capacitor. 


EXAMPLE I 


In an example of the circuit of FIG. 1 (in which other 
circuit element specifications are provided above), two 
concentric cylinders 4 inches long formed the water 
capacitor of the fuel cell in the volume of water. The 
outside cylinder was 0.75 inch in outside diameter; the 
inner cylinder was 0.5 inch in outside diameter. Spacing 
from the outside of the inner cylinder to the inner sur- 
face of the outside cylinder was 0.0625 inch. Reaso- 
nance in the circuit was achieved at a 26 volt applied 
pulse to the primary coil of the torroid at OK Hz, and the 
water molecules disassociated into elemental hydrogen 
and oxygen and the gas released from the fuel cell com- 
prised a mixture of hydrogen, oxygen from the water 
molecule, and gases formerly dissolved in the water 
such as the atmospheric gases or oxygen, nitrogen, and 
argon. 

In achieving resonance in any circuit, as the pulse 
frequency is adjusted, the flow of amps is minimized 
and voltage is maximized to a peak. Calculation of the 
resonance frequency of an overall circuit is determined 
by known means; different cavities have a different 
frequencY of resonance dependent on parameters of the 
water dielectric, plate size, configuration and distance, 
circuit inductors, and the like. Control of the produc- 
tion of fuel gas is determined by variation of the period 
of time between a train of pulses, pulse amplitude and 
capacitor plate size and configuration, with correspond- 
ing value adjustments to other circuit components. 

The wiper arm on the second inductor tunes the 
circuit and accommodates to contaminants in water so 
that the charge is always applied to the capacitor. The 
voltage applied determines the rate of breakdown of the 
molecule into its atomic components. As water in the 
cell is consumed, it is replaced by any appropriate 
means or control system. 

Variations of the process and apparatus may be evi- 
dent to those skilled in the art. 

What is claimed is: 

1. A method of obtaining the release of a gas mixtur 
including hydrogen and oxygen and other dissolved 
gases formerly entrapped in water, from water, consist- 
ing of: 

(A) providing a capacitor in which water is included 
as a dielectric between capacitor plates, in a reso- 
nant charging choke circuit that includes an induc- 
tance in series with the capacitor; 

(B) subjecting the capacitor to a pulsating, unipolar 
electric charging voltage in which the polarity 
does not pass beyond an arbitrary ground, whereby 
the water molecules within the capacitor are sub- 
jected to the electric field between the capacito 
plates; 

(C) further subjecting the water in said capacitor to a 
pulsating electric field resulting from the subjec- 
tion of the capacitor to the charging voltage such 
that the pulsating electric field induces a resonance 
within the water molecules; . 
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(D) continuing the application of the pulsating charg- 
ing voltage to the capacitor after resonance occurs 
so that the energy level within the molecules is 
increased in cascading incremental steps in propor- 
tion to the number of pulses; 

(E) maintaining the charge of said capacitor during 
the application of the pulsating charging voltage, 
whereby the co-valent electrical bonding of the 
hydrogen and oxygen atoms within said molecules 
is destabilized, such that the force of the electrical 
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field applied to the molecules exceeds the bonding 
force within the molecules, and hydrogen and oxy- 
gen atoms are liberated from the molecules as ele- 
mental gases. 

2. The method of claim 1 including the further steps 
of collecting said liberated hydrogen and oxygen gases, 
and any other gases that were formerly dissolved with 
in the water and discharging said collected gases as a 


fuel gas mixture. 
* k £ x g 
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B = 75. 


Questions 

Calculate the following: 
A ICs č č 

B VR = 
CVC = 
Answers 

A. 10 volts ] 

Ip — — 


= — mA 
250 k0 25, 
lc =75 — mA =3mA 
25 


B VR = 1 kQ x 3mA = 3 volts 
C. VC = 10 volts-3 volts = 7 volts 

23 From the preceding problems, you can 
see that you can set V C to any value by 
choosing a transistor with an appropriate 


value of B or by choosing the correct value 
of RB. 

Now, consider the example shown in Figure 
3.23 . The objective is to find VC. Use the 
steps outlined in problem 20. 
Figure 3.23 
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Questions 
Calculate the following: 
A 1B= č 
lc = Y 
B VR = 
CVC = 
Answers 
Your results should be as follows: 
A. j 
= 10 volts 0. 1mA 
100k02 
lc =100 0.1mA =10 mA 
B VR = 1 kQ x 10mA = 10 volts 
C. VC = 10 volts -10 volts = O volts. 
Here the base current is sufficient to produce 
a collector voltage of O0 volts and the 


maximum collector current possible, given the 
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PROCESS AND APPARATUS FOR THE 
PRODUCTION OF FUEL GAS AND THE 
ENHANCED RELEASE OF THERMAL ENERGY 
FROM SUCH GAS 


RELATED APPLICATIONS 


This is a continuation-in-part of my co-pending appli- 
cation Ser. No. 207,730 filed Jun. 6, 1988, now U.S. Pat. 
No. 4,936,961, which in turn was a continuation in part 
of Ser. No. 081,859, filed Aug. 3, 1987, now U.S. Pat. 
No. 4,826,581. 


FIELD OF THE INVENTION 


This invention relates to a method of and apparatus 
for obtaining the release of a fuel gas mixture including 
hydrogen and oxygen from water and to a method of 
and apparatus for obtaining the further release of en- 
ergy from such a fuel gas mixture. Charged ions derived 
from the fuel gas are stimulated to an activated state, 
and then passed through a resonant cavity, where suc- 


cessively increasing energy levels are achieved, and 


finally passed to an outlet orifice to produce thermal 
explosive energy. 


BACKGROUND OF THE PRIOR ART 


Numerous processes have been proposed for separat- 
ing a water molecule into its elemental hydrogen and 
oxygen components. Electrolysis is one such process. 
Other processes are described in U.S. patents such as 
U.S. Pat. Nos. 4,344,831; 4,184,931; 4,023,545; 
3,980,053; and Patent Cooperation Treaty Application 
No. PCT/US80/1362, published Apr. 30, 1981. Other 
processes have been proposed for many years in which 
controlled energy producing reactions of atomic parti- 
cles are expected to occur under “cold” conditions. 
[See, e.g., Rafelski, J. and Jones, S. E., “Cold Nuclear 
Fusion,” Scientific American, July, 1987, page 84]. 

Further processes are also described in U.S. Pat. Nos. 
4,233,109; 4,406,765; 4,687,753 and 4,695,357. The pro- 
cess and apparatus described herein are considered vari- 
ations to and improvements in fuel sources and pro- 
cesses by which energy is derived from fuel gas compo- 
nents in a controllable manner. 


OBJECTS OF THE INVENTION 


A first object of the invention is to provide a fuel cell 
and a process in which molecules of water are broken 
down into hydrogen and oxygen gases, and a fuel gas 
mixture including hydrogen, oxygen and other gasses 
formerly dissolved within the water is produced. A 
further object of the invention is to realize significant 
energy-yield from a fuel gas derived from water (H20) 
molecules. Molecules of water are broken down into 
hydrogen and oxygen gases. Electrically charged hy- 
drogen and oxygen ions of opposite electrical polarity 
are activated by electromagnetic wave energy and ex- 
- posed to a high temperature thermal zone. Significant 
amounts of thermal energy with explosive force beyond 
the gas burning stage are released. 

An explosive thermal energy under a controlled state 
is produced. The process and apparatus provide a heat 
energy source useful for power generation, aircraft, 
rocket engines, or space stations. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIGS. 1A through 1F are illustrations depicting the 
theoretical bases for phenomena encountered during 
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operation of the fuel gas production stage of the inven- 
tion herein. A 

FIG. 2 illustrates a circuit useful! in the fuel gas gener- 
ation process. 

FIG. 3 shows a perspective of a “water capacitor” 
element used in the fuel cell circuit. 

FIG. 4 illustrates a staged arrangement of apparatus 
useful in the process, beginning with a water inlet and 
culminating in the production of thermal explosive en- 
ergy. 

FIG. 5A shows a cross-section of a circular gas reso- 
nant cavity used in the final stage assembly of FIG. 4. 

FIG. 5B shows an alternative final stage injection 
system useful in the apparatus of FIG. 4. 

FIG. 5C shows an optical thermal lens assembly for 
use with either final stage of FIG. 5A or FIG. 5B. 

FIGS. 6A, 6B, 6C and 6D are illustrations depicting 
various theoretical bases for atomic phenomena ex- 
pected to occur during operation of the invention 
herein. 

FIG. 7 is an electrical schematic of the voltage source 
for the gas resonant cavity. 

FIGS. 8A and 8B, respectively, show (A) an electron 
extractor grid used in the injector assemblies of FIG. 
5A and FIG. 5B, and (B) the electronic control circuit 
for the extractor grid. 

FIG. 9 shows an alternate electrical circuit useful in 
providing a pulsating waveform to the apparatus. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


A fuel gas is produced by a hydrogen fracturing 
process that follows the sequence of steps shown in the 
following Table I. Beginning with water molecules, the 
molecule is subjected to successively increasing electri- 
cal, wave energy and thermal forces. In the succession 
of forces, radomly oriented water molecules are aligned 
with respect to molecular polar orientation and them- 
selves polarized and “elongated” by the application of 
an electric potential to the extent that covalent bonding 
of the water molecule is so weakened that the atoms 
disassociate and the molecule breaks down into hydro- 
gen and oxygen elemental components. The released 
atomic gases are next ionized and electrically charged in 
a vessel while being subjected to a further energy 
source that promotes inter-particle impact in the gas at 
an increased overall energy level. Finally, the atomic 
particles in the excited gas, having achieved succes- 
sively higher energy levels, are subjected to a laser or 
electromagnetic wave energy source that produces 
atomic destabilization and the final release of thermal 
explosive energy. Engineering design parameters based 
on known theoretical principles of atomic physics de- 
termine the incremental levels of electrical and wave 
energy input required to produce resonance in each 
stage of the system. Instead of a dampening effect, a 
resonant energization of the molecule, atom or ion pro- 
vides a compounding energy interaction resulting in the 
final energy release. 


TABLE I 
PROCESS STEPS LEADING TO IGNITION 


RELATIVE STATE OF WATER 
MOLECULE AND/OR 
HYDROGEN/OXYGEN/OTHER ATOMS 
RANDOM (AMBIENT STATE) 
ALIGNMENT OF POLAR FIELDS 
POLARIZATION OF MOLECULES 


Ist Stage 
Water to Gas 
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TABLE I-continued 
PROCESS STEPS LEADING TO IGNITION 


MOLECULAR ELONGATION 
ATOM LIBERATION BY 
BREAKDOWN OF COVALENT BOND 


2nd Stage 
RELEASE OF GASES Gas Ionization 
LIQUID TO GAS IONIZATION 


ELECTRICAL CHARGING EFFECT 


PARTICLE IMPACT 

_. 3rd Stage _ 
ELECTROMAGNETIC WAVE, LASER Priming 
OR PHOTON INJECTION 
ELECTRON EXTRACTION 
ATOMIC DESTABILIZATION 

Final Stage 

THERMAL IGNITION Ignition 


In brief, in the first stage a gas mixture including 
hydrogen and oxygen and other dissolved gases for- 
merly entrapped in water is obtained, from water. In 
general, the method used in the first stage consists of: 
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(A) providing a capacitor, in which the water is in- | 


- cluded as a dielectric liquid between capacitor plates, in 
a resonant charging choke circuit that includes an in- 
ductance in series with the capacitor; (B) subjecting the 
capacitor to a pulsating, unipolar electric voltage field 
in which the polarity does not pass beyond an arbitrary 
ground, whereby the water molecules within the capac- 
itor are subjected to a charge of the same polarity and 
the water molecules are distended by their subjection to 
electrical polar forces; (C) further subjecting the water 
in said capacitor to said pulsating electric field to 
achieve a pulse frequency such that the pulsating elec- 
tric field induces a resonance within the water mole- 
cule; (D) continuing the application of the pulsing fre- 
quency to the capacitor cell after resonance occurs so 


that the energy level within the molecule is increased in _ 


cascading incremental steps in proportion to the num- 
ber of pulses; (E) maintaining the charge of said capaci- 
tor during the application of the pulsing field, whereby 
the co-valent electrical bonding of the hydrogen and 
oxygen atoms within said molecules is destabilized such 
that the force of the electrical field applied, as the force 
is effective within the molecule, exceeds the bonding 
force of the molecule, and hydrogen and oxygen atoms 
are liberated from the molecule as elemental gases; and 
(F) collecting said hydrogen and oxygen gases, and any 
other gases that were formerly dissolved within the 
water, and discharging the collected gases as a fuel gas 
mixture. 

_ The water molecules are subjected to jerai elec- 
trical forces. In an ambient state, randomly oriented 
water molecules are aligned with respect to a molecular 
polar orientation. They are next, themselves polarized 


-. and “elongated” by the application of an electric poten- 


tial to the extent that covalent bonding of the water 
molecule is so weakened that the atoms disassociate and 
the molecule breaks down into hydrogen and oxygen 
elemental components. In the process, the point of opti- 
mum gas release is reached at a circuit resonance. Water 
in the fuel cell is subjected to a pulsating, polar electric 
field produced by the electrical circuit whereby the 
water molecules are distended by reason of their subjec- 
tion to electrical polar forces of the capacitor plates. 
The polar pulsating frequency applied is such that the 
pulsating electric field induces a resonance in the mole- 
cule. A cascade effect occurs and the overall energy 
level of specific water molecules is increased in cascad- 
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ing, incrementa] steps. The hydrogen and oxygen 
atomic gases, and other gas components formerly en- 
trapped as dissolved gases in water, are released when 
the resonant energy exceeds the co-valent bonding 
force of the water molecule. A preferred construction 
material for the capacitor plates is a stainless steel T-304 
which is non-chemically reactive with water, hydro- 
gen, or oxygen. An electrically conductive material 
which is inert in the fluid environment is a desirable 
material of construction for the electric field plates of 


the “water capacitor” employed in the circuit. 


Once triggered, the gas output is controllable by the 
attenuation of operational parameters. Thus, once the 
frequency of resonance is identified, by varying the 
applied pulse voltage to the water fuel cell assembly, 
gas output is varied. By varying the pulse shape and/or 
amplitude or pulse train sequence of the initial pulsing 
wave source, final gas output is varied. Attenuation of 
the voltage field frequency in the form of OFF and ON 
pulses likewise affects output. 

The overall apparatus thus includes an electrical cir- 
cuit in which a water capacitor having a known dielec- 
tric property is an element. The fuel gases are obtained 
from the water by the disassociation of the water mole- 
cule. The water molecules are split into component 
atomic elements (hydrogen and oxygen gases) by a 
voltage stimulation process called the electrical polar- 
ization process which also releases dissolved gases en- 
trapped in the water. 

From the outline of physical phenomena associated 


- with the first stage of the process described in Table 1, 
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the theoretical basis of the invention considers the re- 
spective states of molecules and gases and ions derived 
from liquid water. Before voltage stimulation, water 


molecules are randomly dispersed throughout water 


within a container. When a unipolar voltage pulse train 
such as shown in FIGS. 1B through 1F is applied to 
positive and negative capacitor plates, an increasing 
voltage potential is induced in the molecules in a linear, 
step-like charging effect. The electrical field of the 
particles within a volume of water including the electri- 
cal field plates increases from a low energy state to a 
high energy state successively in a step manner follow- 
ing each pulse-train as illustrated figuratively in the 
depictions of FIGS. 1A through 1F. The increasing 
voltage potential is always positive in direct relation- 
ship to negative ground potential during each pulse. 
The voltage polarity on the plates which create the 
voltage fields remains constant although the voltage 
charge increases. Positive and negative voltage “zones” 

are thus formed simultaneously in the electrical field of 
the capacitor plates. 

In the first stage of the process describe in Table 1, 
because the water molecule naturally exhibits opposite 
electrical fields in a relatively polar configuration (the 
two hydrogen atoms are positively electrically charged 
relative to the negative electrically charged oxygen 
atom), the voltage pulse causes initially randomly ori- 
ented water molecules in the liquid state to spin and 
orient themselves with reference to positive and nega- 
tive poles of the voltage fields applied. The positive 
electrically charged hydrogen atoms of said water mol- 
ecule are attracted to a negative voltage field; while, at 
the same time, the negative electrically charged oxygen 
atoms of the same water molecule are attracted to a 
positive voltage field. Even a slight potential difference 
applied to inert, conductive plates of a containment 
chamber which forms a capacitor will initiate polar 
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atomic orientation within the water molecule based on 
polarity differences. 

When the potential difference applied causes the 
orientated water molecules to align themselves between 
the conductive plates, pulsing causes the voltage field 
intensity to be increased in accordance with FIG. 1B. 
As further molecular alignment occurs, molecular 
movement is hindered. Because the positively charged 
hydrogen atoms of said aligned molecules are attracted 
in a direction opposite to the negatively charged oxy- 
gen atoms, a polar charge alignment or distribution 
occurs within the molecules between said voltage 
zones, as shown in FIG. 1B. And as the energy level of 
the atoms subjected to resonant pulsing increases, the 
stationary water molecules become elongated as shown 
in FIGS. 1C and 1D. Electrically charged nuclei and 
electrons are attracted toward opposite electrically 
charged voltage zones—disrupting the mass and charge 
equilibrium of the water molecule. 

As the water molecule is further exposed to an in- 
creasing potential difference resulting from the step 
charging of the capacitor, the electrical force of attrac- 
tion of the atoms within the molecule to the capacitor 
plates of the chamber also increases in strength. As a 
result, the co-valent bonding between atoms which 
form the molecule is weakened—and ultimately termi- 
nated. The negatively charged electron is attracted 
toward the positively charged hydrogen atoms, while at 
the same time, the negatively charged oxygen atoms 
repel electrons. 

In a more specific explanation of the “sub-atomic” 
action that occurs in the water cell that provides a fuel 
gas for the subsequent stages, it is known that natural 
water is a liguid which has a dielectric constant of 78.54 
at 20” C. and 1 atm pressure. [Handbook of Chemistry 
and Physics, 68th ed., CRC Press (Boca Raton, Fla. 
(1987-88)), Section E-50, H20 (water)]. 

When a volume of water is isolated and electrically 
conductive plates, that are chemically inert in water and 
are separated by a distance, are immersed in the water, 
a capacitor is formed, having a capacitance determined 
by the surface area of the plates, the distance of their 
separation and the dielectric constant of water. 

When water molecules are exposed to voltage at a 
restricted current, water takes on an electrical charge. 
By the laws of electrical attraction, molecules align 
according to positive and negative polarity fields of the 
molecule and the alignment field. The plates of a capaci- 
tor constitute such an alignment field when a voltage 1s 
applied. | 

When a charge ts applied to a capacitor, the electrical 
charge of the capacitor equals the applied voltage 
charge; in a water capacitor, the dielectric property of 
water resists the flow of amps in the circuit, and the 
water molecule itself, because it has polarity fields 
formed by the relationship of hydrogen and oxygen in 
the covalent bond, and an intrinsic dielectric property, 
becomes part of the electrical circuit, analogous to a 
“microcapacitor” within the capacitor defined by the 
plates. l 

In the Example of a fuel cell circuit of FIG. 2, a water 
capacitor is included. The step-up coil is formed on a 
conventional torroidal core formed of a compressed 
ferromagnetic powdered material that will not itself 
become permanently magnetized, such as the trade- 
marked “Ferramic 06# “Permag” powder as described 
in Siemens Ferrites Catalog, CG-2000-002-121, (Cleve- 
land, Ohio) No. F626-1205. The core is 1.50 inch in 
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diameter and 0.25 inch in thickness. A primary coil of 
200 turns of 24 gauge cooper wire is provided and a coil 
of 600 turns of 36 gauge wire comprises the secondary 
winding. Other primary/secondary coil winding ratios 
may be conventionally determined. 

An alternate coil arrangement using a conventional 
M27 iron transformer core is shown in FIG. 9. The coil 
wrap is always in one direction only. 

In the circuit of FIG. 2, the diode is a IN1198 diode 
which acts as a blocking diode and an electric switch 
that allows voltage flow in one direction only. Thus, the 
capacitor is never subjected to a pulse of reverse polar- 
ity. 

The primary coil of the torroid is subject to a 50% 
duty cycle pulse. The torroidal pulsing coil provides a 
voltage step-up from the pulse generator in excess of 
five times, although the relative amount of step-up is 
determined by pre-selected criteria for a particular ap- 
plication. As the stepped-up pulse enters first inductor 
(formed from 100 turns of 24 gauge wire 1 inch in diam- 
eter), an electromagnetic field is formed around the 
inductor, voltage is switched off when the pulse ends, 
and the field collapses and produces another pulse of 
the same polarity; 1.e., another positive pulse is formed 
where the 50% duty cycle was terminated. Thus, a 
double pulse frequency is produced; however, in a pulse 
train of unipolar pulses, there is a brief time when pulses 
are not present. . 

By being so subjected to electrical pulses in the cir- 
cuit of FIG. 2, water confined in the volume that in- 
cludes the capacitor plates takes on an electrical charge 
that 1s increased by a step charging phenomenon occur- 
ring in the water capacitor. Voltage continually in- 
creases (to about 1000 volts and more) and the water 
molecules ‘starts to elongate. 

The pulse train is then switched off; the voltage 


across the water capacitor drops to the amount of 


charge that the water molecules have taken on, ie. 
voltage 1s maintained across the charged capacitor. The 
pulse train is then reapplied. 

Because a voltage potential applied to a capacitor can 
perform work, the higher the voltage potential, the 
more work is performed by a given capacitor. In an 
optimum capacitor that is wholly non-conductive, zero 
(0) current flow will occur across the capacitor. Thus, 
in view of an idealized capacitor circuit, the object of 
the water capacitor circuit is to prevent electron flow 
through the circuit, i.e. such as occurs by electron flow 
or leakage through a resistive element that produces 
heat. Electrical leakage in water will occur, however, 
because of some residual conductivity and impurities or 
ions that may be otherwise present in the water. Thus, 
the water capacitor is preferably chemically inert. An 
electrolyte is not added to the water. 

In the isolated water bath, the water molecule takes 
on charge, and the charge increases. The object of the 
process is to switch off the co-valent bonding of the 
water molecule and interrupt the sub-atomic force, i.e. 
the electrical force or electromagnetic force, that binds 
the hydrogen and oxygen atoms to form a molecule so 
that the hydrogen and oxygen separate. 

Because an electron will only occupy a certain elec- 
tron shell (the shells are well known) the voltage ap- 
plied to the capacitor affects the electrical forces inher- 
ent in the co-valent bond. As a result of the charge 
applied by the plates, the applied force becomes greater 
than the force of the co-valent bonds between the atoms 
of the water molecule; and the water molecule becomes 
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elongated. When this happens, the time share ratio of 
the electrons between the atoms and the electron shells 
is modified. 

- In the process, electrons are extracted from the water 
bath; electrons are not consumed nor are electrons in- 
troduced into the water bath by the circuit as electrons 
are conventionally introduced in an electrolysis pro- 
cess. There may nevertheless occur a leakage current 
through the water. Those hydrogen atoms missing elec- 
trons become neutralized; and atoms are liberated from 
the water. The charged atoms and electrons are at- 
tracted to opposite polarity voltage zones created be- 
tween the capacitor plates. The electrons formerly 
shared by atoms in the water co-valent bond are re- 
allocated such that neutral elemental gases are liberated. 
In the process, the electrical resonance may be 


reached at all levels of voltage potential. The overall 


circuit is characterized as a “resonant charging choke” 
circuit which is an inductor in series with a capacitor 
that produces a resonant circuit. [SAMS Modern Dictio- 
nary of Electronics, Rudolff Garff, ©1984, Howard W. 
Sams & Co. (Indianapolis, Ind.), p. 859.] Such a reso- 
nant charging choke is on each side of the capacitor. In 
the circuit, the diode acts as a switch that allows the 
magnetic field produced in the inductor to collapse, 
thereby doubling the pulse frequency and preventing 
the capacitor from discharging. In this manner a contin- 
uous voltage is produced across the capacitor plates in 
the water bath; and the capacitor does not discharge. 
The water molecules are thus subjected to a continu- 
ously charged field until the breakdown of the co-valent 
bond occurs. | 

As noted initially, the capacitance depends on the 
dielectric properties of the water and the size and sepa- 
ration of the conductive elements forming the water 
capacitor. 


EXAMPLE I 


In an example of the circuit of FIG. 2 (in which other 
circuit element specifications are provided above), two 
concentric cylinders 4 inches long formed the water 
capacitor of the fuel cell in the volume of water. The 
outside cylinder was 0.75 inch in outside diameter; the 
inner cylinder was 0.5 inch in outside diameter. Spacing 
from the outside of the inner cylinder to the inner sur- 
face of the outside cylinder was 0.0625 inch. Reaso- 
nance in the circuit was achieved at a 26 volt applied 
pulse to the primary coil of the torroid at 10 KH;, and 
the water molecules disassociated into elemental hydro- 
gen and oxygen and the gas released from the fuel cell 
comprised a mixture of hydrogen, oxygen from the 
water molecule, and gases formerly dissolved in the 
water such as the atmospheric gases or oxygen, nitro- 
gen, and argon. | 

In achieving resonance in any circuit, as the pulse 
frequency is adjusted, the flow of amps is minimized 
and voltage is maximized to a peak. Calculation of the 
resonance frequency of an overall circuit is determined 


by known means; different cavities have a different . 


frequency of resonance dependent on parameters of the 
water dielectric, plate size, configuration and distance, 
- circuit inductors, and the like. Control of the produc- 
tion of fuel gas is determined by variation of the period 
of time between a train of pulses, pulse amplitude and 
capacitor plate size and configuration, with correspond- 
ing value adjustments to other circuit components. 
The wiper arm on the second inductor tunes the 
circuit and accommodates to contaminants in water so 
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that the charge is always applied to the capacitor. The 
voltage applied determines the rate of breakdown of the 
molecule into its atomic components. As water in the 
cell is consumed, it is replaced by any appropriate 
means or control system. | 

Thus in the first stage, which is of itself independently 
useful, a fuel gas mixture is produced having, in general, 
the components of elemental hydrogen and oxygen as 
well as formerly dissolved entrapped atmospheric gases 
such as nitrogen, argon, and the like. The fuel gas is 
itself combustible in a conventional manner. | 

After the first stage the gas atoms become elongated 
during electron removal as the atoms are ionized. Laser, 
or light wave energy of a predetermined frequency is 
injected into a containment vessel in a gas ionization 
process. The light energy absorbed by voltage stimu- 
lated gas nuclei causes destabilization of gas ions still 
further. The absorbed laser energy causes the gas nuclei 


- to increase in energy state, which, in turn, causes elec- 
tron deflection to a higher orbital shell. 


The electrically charged and laser primed combusti- 
ble gas ions from a gas resonant cavity may be directed 
into an optical thermal lens assembly for triggering. 
Before entry into the optimal thermal lens, however, 
electrons are stripped from the ions and the atom is 
destabilized. The destabilized gas ions which are electri- 
cally and mass unbalanced atoms having highly ener- 
gized nuclei are pressurized during spark ignition. The 
unbalanced, destablized atomic components thermally 
interact; the energized and unstable hydrogen gas nuclei 
collide with highly energized and unstable oxygen gas 
nuclei, causing and producing thermal explosive energy 
beyond the gas burning stage. The ambient air gas com- 
ponents in the initial mixture aid the thermal explosive 
process under a controlled state. 

In the process, the point of optimum energy-yield is 
reached when the electron deficient oxygen atoms (hav- 
ing less than a normal number of electrons) lock onto 
and capture a hydrogen atom electron prior to or dur- 
ing thermal combustion of the hydrogen/oxygen mix- 
ture. Atomic decay results in the release of energy. 

After the first stage, the gas mixture is subjected to a 


| pulsating, polar electric field whereby electrons of the 
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gas atoms are distended in their orbital fields by reason 
of their subjection to electrical polar forces The polar 
pulsating frequency applied is such that the pulsating 
electric field induces a resonance with respect to an 
electron of the gas atom. A cascade effect results and 
the energy level of specific resonating electron is in- 
creased in cascading, incremental steps. 

Next, the gas atoms are ionized and subjected to 
electro-magnetic wave energy having a predetermined 
frequency to induce a further election resonance in the 
ion, whereby the energy level of the election is succes- 
sively increased. Electrons are extracted from the reso- 
nating ions while such ions are in an increased energy 
state to destabilize the nuclear electron configuration of 
said ions; and the gas mixture of destabilized ions is 
thermally ignited. 

In the apparatus shown in FIG. 4, water is introduced 
at inlet 1 into a first stage water fracturing module 2, 
such as the water fuel cell described above, in which 
water molecules are broken down into hydrogen, oxy- 
gen and released entrapped gas components. The re- 
leased atomic gases and other gas components formerly 
entrapped as dissolved gases in water may be intro- 
duced to a successive stage 3 or other number of like 
resonant cavities, which are arranged in either a series 


5,149,407 


9 


of parallel combined array. The successive energization 
of the gas atoms provides a cascading effect, succes- 
sively increasing the voltage stimulation level of the 
released gasses as they sequentially pass through cavi- 
ties 2, 3, etc. In a final stage, an injector system 4, of a 
configuration of the type shown in FIGS. 5A or 5B, 
receives energized atomic and gas particles where the 
particles are subjected to further energy input, electri- 
cal excitation and thermal stimulation, whereby thermal 
explosive energy results 5, which may be directed thru 
a lens assembly of the type shown in FIG. 5C to provide 
a controlled thermal energy output. 

A single cell, or a battery of cells such as shown in 
FIG. 3, provides a fuel gas source for stages after the 
first stage. The fuel gas is activated by electromagnetic 
waves, and electrically charged gas ions of hydrogen 
and oxygen (of opposite polarity) are expelled from the 
cascaded cells 2, 3, etc. shown in FIG. 4. The circuit of 
FIG. 9 may be utilized as a source of ionizing energy for 
the gases. The effect of cascading successively increases 
the voltage stimulation level of the released gases, 
which then are directed to the final injector assembly 4. 
In the injector assembly, gas ions are stimulated to a yet 
higher energy level. The gases are continually exposed 
to a pulsating laser or other electromagnetic wave en- 
ergy source together with a high intensity oscillating 
voltage field that occurs within the cell between elec- 
trodes or conductive plates of opposite electrical polar- 
ity. A preferred construction material for the plates is a 
Stainless steel T-304 which is non-chemically reactive 
with water, hydrogen, or oxygen. An electrically con- 
ductive material which is insert in the fluid environment 
is a desirable material of construction for the electrical 
field producing plates, through which field the gas 
stream of activated particles passes. Gas ions of opposite 
electrical charges reach and maintain a critical energy 
level state. The gas ions are oppositely electrically 
charged and subjected to oscillating voltage fields of 
opposite polarity and are also subjected to a pulsating 
electromagnetic wave energy source. Immediately after 
reaching critical energy, the excited gas ions are ex- 
posed to a high temperature thermal zone in the injec- 
tion cell, 4, that causes the excited gas ions to undergo 
gas combustion. The gas ignition triggers atomic decay 
and releases thermal energy, 5, with explosive force. 

Once triggered, the thermal explosive energy output 
is controllable by the attenuation of operational parame- 
ters. With reference to FIG. 6A, for example, once the 
frequency of resonance is identified, by varying applied 
pulse voltage to the initial water fuel cell assemblies, 2, 
3, the ultimate explosive energy output is likewise var- 
ied. By varying the pulse shape and/or amplitude or 
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pulse train sequence of the electromagnetic wave en- . 


ergy source, final output is varied. Attenuation of the 
voltage field frequency in the form of OFF and ON 
pulses likewise affects output of the staged apparatus. 
Each control mechanism can be used separately, 
grouped in sections, or systematically arranged in a 
sequential manner. 

A complete system in accordance with the present 
application thus includes a water fuel cell for providing 
a first fuel gas mixture consisting of at least a portion of 
hydrogen and oxygen gas. An electrical circuit of the 
type shown in FIG. 7 provides a pulsating, polar elec- 
tric field to the gas mixture as illustrated in FIG. 6A, 
whereby electrons of the gas atoms are distended in 
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their orbital fields by reason of their subjection to elec- | 


trical polar forces, changing from the state conceptually 


10 

illustrated by FIG. 6B to that of FIG. 6C, at a frequency 
such that the pulsating electric field induces a resonance 
with respect to electrons of the gas atoms. The energy 
level of the resonant electrons is thereby increased in 
cascading, incremental steps. A further electric field to 
ionize said gas atoms is applied and an electromagnetic 
wave energy source for subjecting the ionized gas 
atoms to wave energy of a predetermined frequency to 
induce a further electron resonance in the ion, whereby 
the energy level of the election is successively increased 
is an additional element of the apparatus as shown in 
FIG. 6D. 

An electron sink, which may be in the form of the 


grid element shown in FIG. 8A, extracts further elec- 


trons from the resonating ions while such ions are in an 
increased energy state and destabilizes the nuclear elec- 
tron configuration of the ions. The “extraction” of elec- 
trons by the sink means is coordinated with the pulsat- 
ing electrical field of the resonant cavity produced by 
the circuit of FIG. 7, by means of an interconnected 
synchronization circuit, such as shown in FIG. 8B. A 
nozzle, 10 in FIG. 5B, or thermal lens assembly, FIG. 
5C, provides the directing means in which the destabi- 
lized ions are finally thermally ignited. 

As previously noted, to reach and trigger the ultimate 
atomic decay of the fuel cell gases at the final stage, 
sequential steps are taken. First, water molecules are slit 
into component atomic elements (hydrogen and oxygen 
gases) by a voltage stimulation process which also re- 
leases dissolve gases entrapped in the water. In the 
injector assembly, a laser produced light wave or other 
form of coherent electromagnetic wave energy capable 
of stimulating a resonance within the atomic compo- 
nents is absorbed by the mixture of gases (hydrogen/ox- 
ygen/ambient air gases) released by the polarization 
process. At this point, as shown in FIG. 6B, the individ- 
ual atoms are subjected to an electric field to begin an 
ionization process. 

The laser or electromagnetic wave energy is ab- 
sorbed and causes gas atoms to lose electrons and form 
positively charged gas ions. The energized hydrogen 
atoms which, as ionized, are positively charged, now 
accept electrons liberated from the heavier gases and 
attract other negatively charged gas ions as conceptu- 
ally illustrated in FIG. 6C. Positively and negatively 
charged gas ions are re-exposed to further pulsating 
energy sources to maintain random distribution of ion- 
ized atomic gas particles. 

The gas ions within the wave energy chamber are 
subjected to an oscillating high intensity voltage field in 
a chamber 11 in FIGS. 5A and 5B formed within elec- 
trodes 12 and 13 in FIGS. 5A and 5B of opposite electri- 
cal polarity to produce a resonant cavity. The gas ions 
reach a critical energy state at a resonant state. 

At this point, within the chamber, additional elec- 
trons are attracted to said positive electrode; whereas, 
positively charged ions or atomic nuclei are attracted to 
the negative electrode. The positive and negative at- 
traction forces are co-ordinate and operate on said gas 
ions simultaneously; the attraction forces are non-rev- 
ersible. The gas ions experience atomic component 
deflection approaching the point of electron separation. 
At this point electrons are extracted from the chamber 
by a grid system such as shown in FIG. 5A. The ex- 
tracted electrons are consumed and prevented from 
re-entering the chamber by a circuit such as shown in 
FIG. 8B. The elongated gas ions are subjected to a 
thermal heat zone to cause gas ignition, releasing ther- 
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mal energy with explosive force. During ionic gas com- 
bustion, highly energized and stimulated atoms and 
atom nuclei collide and explode during thermal excita- 
tion. The hydrogen fracturing process occurring sus- 
tains and maintains a thermal zone, at a temperature in 
excess of normal hydrogen/oxygen combustion temper- 
ature, to wit, in excess of 2500” F. To cause and main- 
tain atomic elongation depicted in FIG. 6C before gas 
ignition, a voltage intensifier circuit such as shown in 
FIG. 7 is utilized as a current restricting voltage source 
to provide the excitation voltage applied to the resonant 
cavity. At the same time the interconnected electron 
extractor circuit, FIG. 8B, prevents the reintroduction 
of electrons back into the system. Depending on calcu- 
lated design parameters, a predetermined voltage and 
frequency range may be designed for any particular 


application or physical configuration of the apparatus. — 


In the operation of the assembly, the pulse train 
source for the gas resonant cavity shown at 2 and 3 in 
FIG. 4 may be derived from a circuit such as shown in 
FIGS. 2, 7 or 9, and such cavity circuits may be in 
sequence to provide a cascading energy input. It is 
necessary in the final electron extraction that the fre- 
quency with which electrons are removed from the 
system by sequenced and synchronized with the pulsing 
of the gas resonant cavity. In the circuit of FIG. 8B, the 
coordination of synchronization of the circuit with the 
circuit of FIG. 7 may be achieved by interconnecting 


point “A” of the gate circuit of FIG. 8B to coordinate 


point “A” of the pulsing circuit of FIG. 7. 

The circuit shown in FIG. 9 enhances the voltage 
potential across the resonant charging choke coils dur- 
ing pulsing operations and restricts amp flow by allow- 
ing an external electromagnetic pulsing field, F, derived 
from the primary coil A being energized to transverse 
the coil windings D and E being energized by the in- 
coming pulse train Ha xxx Hn, through switching diode 
G. The external pulse field, F and the incoming pulse- 
train Ha xxx Hn, are sequentially the same, allowing 
resonant action to occur, restricting amp flow while 
allowing voltage intensity to increase to stimulate the 
electrical polarization process, the gas ionization pro- 


cess and the electron extraction process. The voltage 


intensifier circuit of FIG. 9 prevents electrons from 
entering into those processes. 

Together, the hydrogen injector assembly 4 and the 
resonant cavity assemblies 2, 3 form a gas injector fuel 
cell which is compact, light in weight and design vari- 
able. For example, the hydrogen injector system is 


suited for automobiles and jet engines. Industrial appli- 


cations require larger systems. For rocket engine appli- 
cations, the hydrogen gas injector system is positioned 
at the top of each resonant cavity arranged in a parallel 
cluster array. If resonant cavities are sequentially com- 
bined in a parallel/series array, the hydrogen injection 
assembly is positioned after the exits of said resonant 
cavities are combined. o 
From the outline of physical phenomena associated 
with the process described in Table 1, the theoretical 
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cal field plates increases from a low energy state (A) to 
a high energy state (J) in a step manner following each 
pulse-train as illustrated in FIG. 6A. The increasing 
voltage potential is always positive in direct relation- 
ship to negative ground potential during each pulse. 
The voltage polarity on the plates which create the 
voltage fieläs remains constant. Positive and negative 
voltage “zones” are thus formed simultaneously. 

In the first stage of the process described in Table 1, 


because the water molecule naturally exhibits opposite 


electrical fields in a relatively polar configuration (the 
two hydrogen atoms are positively electrically charged 
relative to the negative electrically charged oxygen 
atom), the voltage pulse causes initially randomly ori- 
ented water molecules in the liquid state to spin and 
orient themselves with reference to positive and nega- 
tive poles of the voltage fields applied. The positive- 
electrically charged hydrogen atoms of said water mol- 
ecule are attracted to a negative voltage field; while, at 
the same time, the negative electrically charged oxygen 
atoms of the same water molecule are attracted to a 
positive voltage field. Even a slight potential difference 
applied to the inert, conductive plates of a containment 
chamber will initiate polar atomic orientation within the 
water molecule based on polarity differences. 

When the potential difference applied causes the 
orientated water molecules to align themselves between 
the conductive plates, pulsing causes the voltage field 
intensity to be increased in accordance with FIG. 6A. 
As further molecular alignment occurs, molecular 
movement is hindered. Because the positively charged 
hydrogen atoms of said aligned molecules are attracted 
in a direction opposite to the negatively charged oxy- 
gen atoms, a polar charge alignment or distribution 
occurs within the molecules between said voltage 
zones, as shown in FIG. 6B. And as the energy level of 
the atoms subjected to resonant pulsing increases, the 
stationary water molecules become elongated as shown 
in FIG. 6C. Electrically charged nuciei and electrons 
are attracted toward opposite electrically charged volt- 
ages zones—disrupting the mass equilibrium of the 
water molecule. | 

In the first stage, as the water molecule is further 
exposed to a potential difference, the electrical force of 
attraction of the atoms within the molecule to the elec- 
trodes of the chamber also increases in intensity. As a 
result, the covalent bonding between said atoms which 
forms the molecule is weakened and ultimately termi- 
nated. The negatively charged electron is attracted 
toward the positively charged hydrogen atoms, while at 
the same time, the negatively charged oxygen atoms 
repel electrons. | 

Once the applied resonant energy caused by pulsation 


- of the electrical field in the cavities reaches a threshold 


basis of the invention considers the respective states of 60 


molecules, gases and ions derived from liquid water. 
Before voltage stimulation, water molecules are ran- 
domly dispersed throughout water within a container. 
When a unipolar voltage pulse train such as shown in 
FIG. 6A (53a xxx 53n) is applied, an increasing voltage 
- potential is induced in the molecules, gases and/or ions 
in a linear, step-like charging effect. The electrical field 
of the particles within a chamber including the electri- 


65 


level, the disassociated water molecules, now in the 
form of liberated hydrogen, oxygen, and ambient air 
gases begin to ionize and lose or gain electrons during 


the final stage in the injector assembly. Atom destabili- 


zation occurs and the electrical and mass equilibrium of 
the atoms is disrupted. Again, the positive field pro- 
duced within the chamber or cavity that encompasses 
the gas stream attracts negatively charged ions while 
the positively charged ions (and/or hydrogen nuclei) 
are attracted to the negative field. Atom stabilization 
does not occur because the pulsating voltage applied is 
repetitive without polarity change. A potential of ap- 
proximately several thousand volts triggers the ioniza- 
tion state. 
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As the ionized particles accumulate within said cham- 
ber, the electrical charging effect is again an incremen- 
tal stepping effect that produces an accumulative in- 
creased potential while, at the same time, resonance 
occurs. The components of the atom begin to “vibrate” 
at a resonant frequency such that an atomic instability 1s 
created. As shown in k FIG. 6D, a high energy level is 
achieved, which then collapses resulting in the release 
of thermal explosive energy. Particle impact occurs 
when liberated ions in a gas are subjected to further 
voltage. A longitudinal cross section of a gas resonant 
cavity 1s Shown in FIG. 5A. To promote gas ionization, 
electromagnetic wave energy such as a laser or photon 
energy source of a predetermined wave length and 
pulse-intensity is directed to and absorbed by the ions 
forming said gas. In the device of FIG. 5A, semicon- 
ductor optical lasers 20a-20p, 20xxx surround the gas 
flow path. In the device of FIG. 5B, photo energy 20 is 
injected into a separate absorption chamber 21. The 
incremental stimulation of nuclei to a more highly ener- 
gized state by electromagnetic wave energy causes 
electron deflection to a higher orbital state. The pulse 
rate as well as intensity of the electromagnetic wage 
source is varied to match the absorption rate of ionized 
particles to produce the stepped incremental increase in 
energy. A single laser coupled by means of fiber optic 
light guides is an alternative to the plurality of lasers 
shown in FIG. 5B. Continued exposure of the gas ions 
to different forms of wave energy during voltage stimu- 
lation maintains individual atoms in a destabilized state 
and prevents atomic stabilization. 

The highly energized gas ions are thermally ignited 
when said combustible gas ions pass from injector 4 and 
enter into and pass through a nozzle, 10 in FIG. 5B, or 
an optical thermal lens assembly such as shown in FIG. 
5C. In FIG. 5C, the combustible gas ions are expelled 
through and beyond a quenching circuit, 30, and re- 
flected by lenses, 31 and 32, back and forth through a 
thermal heat zone, 33, prior to atomic breakdown be- 
yond exiting through a final port, 34. A quenching cir- 
cuit is a restricted orifice through which the particle 
stream passes such that flashback does not occur. The 
deflection shield or lens, 31, superheats beyond 3,000° 
F. and the combustible gas ions passing through said 
exiting-ports are regulated to allow a gas pressure to 
form inside said thermal zone. The energy yield is con- 
trolled by varying the applied voltage, or pulse-train 
since said thermal-lens assembly is self-adjusting to the 
flow-rate of said ionized and primed gases. The combus- 
tible ionic gas mixture is composed of hydrogen, oxy- 
gen, and ambient air gases. The hydrogen gas provides 
the thermal explosive force, the oxygen atoms aid the 
gas thermal ignition, and the ambient air gases retard 
the gas thermal ignition process tq a controllable state. 
As the combustible gas mixture is exposed to a voltage 
pulse train, the stepped increasing voltage potential 
cases said moving gas atoms to become ionized (losing 
or gaining electrons) and changes the electrical and 
mass equilibrium of said atoms. Gases that do not un- 
dergo the gas ionization process may accept the liber- 
ated electrons (electron entrapment) when exposed to 
light or photon stimulation. The electron extractor grid 
circuit, FIGS. 8A and 8B, is applied to the assembly of 
FIG. 5A or FIG. 5B, and restricts electron replace- 
ment. The extractor grid, 56, is applied adjacent to 
electric field producing members, 44 and 45, within the 
resonant cavity. The gas ions incrementally reach a 
critical-state which occurs after a high energy resonant 
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state. At this point the atoms no longer tolerate the 
missing electrons, the unbalanced electrical field, and 
the energy stored in the nucleus. Immediate collapse of 
the system occurs and energy is released as the atoms 
decay into thermal explosive energy. 

The repetitive application of a voltage pulse train (A 
through J of FIG. 6A) incrementally achieves the criti- 
cal state of said gas ions. As the gas atoms or ions (1a 
xxx In) shown in FIG. 6C become elongated during 
electron removal, electromagnetic wave energy of a 
predetermined frequency and intensity is injected. The 
wave energy absorbed by the stimulated gas nuclei and 
electrons causes further destabilization of the ionic gas. 
The absorbed energy from all sources causes the gas 
nuclei to increase in energy state, and induces the ejec- 
tion of electrons from the nuclei. 

To further stimulate the electron entrapment process 
beyond the atomic level (capturing the liberated elec- 
trons during the hydrogen fracturing process) the elec- 
tron extractor grid (as shown in FIG. 8A) is placed in 
spaced relationship to the gas resonant cavity structure 
shown in FIG. 5A. The electron extractor grid is at- 
tached to an electrical circuit (such as shown in FIG. 
8B) that allows electrons to flow to an electrical load, 
55, when a positive electrical potential is placed on the 
opposite side of said electrical load. The electrical load 
may be a typical power consuming device such as a 
light bulb or resistive heat producing device. As the 
positive electrical potential is switched on or pulse- 
applied, the negative charged electrons liberated in the 
gas resonant cavity are drawn away and enter into resis- 
tive load where they are consumed and released at heat 
or light energy. The consuming electrical circuit can be 
directly connected to the gas resonant cavity positive 
electrical voltage zone. The incoming positive wave 
form applied to resonant cavity voltage zone through a 
blocking diode is synchronized with the pulse train 
applied to the gas resonant cavity by the circuit of FIG. 
7 via alternate gate circuit. As one pulse train is gated 
“ON”, the other pulse train is switched “OFF.” A 
blocking diode directs the electron flow to said electri- 
cal load while resistive. wire prevents voltage leakage 


_ during pulse train “ON” time. 
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The electron extraction process is maintained during 
gas flow-rate change by varying the trigger pulse rate in 
relationship to applied voltage. The electron extraction 
process also prevents spark-ignition of the combustible 
gases traveling through the gas resonant cavity because 
electron build-up and potential sparking is prevented. 

In an optical thermal lens assembly or thrust-nozzle, 
such as shown in FIG. 5C, destabilized gas ions (electri- 
cally and mass unbalanced gas atoms having highly 
energized nuclei) can be pressurized during spark-igni- 
tion. During thermal interaction, the highly energized 
and unstable hydrogen gas nuclei collide with the 
highly energized and unstable oxygen gas nuclei and 
produce thermal explosive energy beyond the gas burn- 
ing stage. Other ambient air gases and ions not other- 
wise consumed limit the thermal explosive process. 

Variations of the process and apparatus may be evi- 
dent to those skilled in the art. 

What is claimed is: 

1. In an apparatus for obtaining the release of a gas 
mixture including hydrogen and other dissolved gases 
entrapped in water, from water, the improvement con- 
sisting of a resonant electronic circuit in operative rela- 
tionship with the water in which the dielectric property 
of water determines the resonance of the circuit. 
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2. The apparatus of claim 1 in which the resonant 
circuit includes a resonant charging choke. 

3. The apparatus of claim 1 in which water is included 
as a dielectric between conductive members that form a 
capacitor in the resonant circuit. 

4. A method of obtaining thermal energy from water, 
consisting of: 

(A) providing a capacitor, within which water 1s 
included as a dielectric, in a resonant charging 

choke circuit that includes an inductance in series 
with the capacitor; 

(B) subjecting the capacitor to a pilleaGng: unipolar 
electric field in which the polarity does not pass 
beyond an arbitrary ground, whereby the water 
molecules within the capacitor are subjected to a 
charge of the same polarity; 

(C) further subjecting the water in said capacitor to 
said pulsating electric field to achieve a pulse fre- 
quency such that the pulsating electric field in- 
duces a resonance within the water molecule; 

(D) continuing the application of the pulsing fre- 
quency to the capacitor after resonance occurs so 
that the energy level within the molecule is in- 
creased in cascading incremental steps in propor- 
tion to the number of pulses; 

(E) maintaining the charge of said capacitor during 
the application of the pulsing field, whereby the 
co-valent electrical bonding of the hydrogen and 
oxygen atoms within said molecules is destabilized, 
such that the force of the electrical] field applied 
within the molecule exceeds the bonding force of 
the molecule, and hydrogen and oxygen atoms are 
liberated from the molecule as elemental gases; 

(F) collecting said hydrogen and oxygen gases, and 
any other gases that were formerly dissolved 
within the water 


5 
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30 


(G) subjecting the collected gas mixture to a pulsat- . 


ing, polar electric field whereby electrons of the 
gas atoms are distended in their orbital fields by 
reason of their subjection to electrical polar forces, 
at a frequency such that the pulsating electric field 


includes a resonance with respect to an electron of. 


the gas atom; 

(H) cascading said gas atoms with respect to the pul- 
sating electric field such that the energy level of 
the resonant electron is increased in cascading in- 
cremental steps; 

(I) ionizing said gas atoms; 

(J) subjecting the ionized gas atoms to electromag- 
netic wave energy having a predetermined fre- 
quency to induce a further election resonance in 
the ion, whereby the energy level of the electron is 
successively increased; 

(K) extracting further electrons from the resonating 
ions while such ions are in an increased energy 
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state to destabilize the nuclear and electron config- 
uration of said ions; and 

(L) subjecting the destabilized ions to thermal igni- 
tion. 

5. The apparatus of claim 2 in which water is included 
as a dielectric between conductive members that form a 
capacitor in the resonant circuit. 

6. An apparatus in accordance with claim 1 or claim 
2 or claim 3 or claim 5 in which the gas mixture released 
is collected and utilized as a source of thermal energy, 
and including further successively interconnected: 

(A) means for collecting the gas mixture ds in 

the apparatus; 

(B) means for providing a pulsating, polar electa 
field to the gas mixture, whereby electrons of the 
gas atoms are distended in their orbital fields by 
reason of their subjection to electrical polar forces, 
at a frequency such that the pulsating electric field 
induces a resonance with respect to an electron of 
the gas atom; and the energy level of the resonant 
electron is increased in cascading, incremental 
steps; and 

(C) means for providing a further electric field to 
ionize said gas atoms; 
said further means being connected to an electromag- 
netic wave energy source for subjecting the ionized gas 
atoms to wave energy of a predetermined frequency to 
induce a further election resonance in the ion, whereby 


‘the energy level of the electron is further successively 


increased; and 
(D) an electron sink for extracting electrons from the 
- resonanting ions while such ions are in an increased 
energy State to destabilize the nuclear and electron 
configuration of said ions; 

(E) a control means for directing particle flow in a 
continuous manner through the electric fields, 
wave energy source and electron sink to a final 
orifice at which the destabilized ions exit from the 
apparatus; and 

(F) a terminal orifice at which the said ions exit from 
the apparatus. 

7. An apparatus in accordance with claim 1 or claim 

2 or claim 3 or claim § including means for collecting 
the gas mixture released from the water. 

8. An apparatus in accordance with claim 7 including 
means for directing the gas mixture to a combustion 
locus. 

9. The apparatus of claim 8 in which a flame is pro- 
duced at the combustion locus. 

10. The apparatus of claim 8 in which an explosion is 
produced at the combustion locus. 

11. The apparatus of claim 8 in which the combustion 
locus is in an automobile. 

12. The apparatus of claim 8 in which the combustion 
locus is in a jet engine. 

Kk *% & «+ * 


stated values of the collector resistor and 


supply voltage. This condition IS called 
saturation 
24 Look at the two circuits shown In 


Figure 3.24 and compare their voltages at the 
point labeled VC. 


Figure 3.24 
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Consider a transistor that has sufficient base 


current and collector current to set Its 
collector voltage to O volts. Obviously, this can 
be compared to a closed mechanical Switch. 


Just as the switch is said to be ON, the 
transistor is also said to be “turned on” (or 
just ON). 

Questions 

A. What can you compare a turned on 
transistor to? 
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The main objectives of this project are, to make a Double-Tuner Crystal Radio Set with: 1) Careful and well 
thought-out construction practices; 2) As low-cost as possible; 3) Using most-available parts and materials, and 
4) Keeping design as low-loss as possible, as well as High Performance, with all the aforementioned. 


Note: The pictures of the prototype set, has some component/hardware positioning a little different from from 
the illustrations and drawings. As usual, the prototype showed me a few places where positioning can be 
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improved, and cleaned-up. The illustrations will prove to be best way to construct the set. The prototype and 
drawings, are electrically/electronically the same. The drawings are just a little cleaner. 


The set 1s built on two separate, 8-7/8” x 13-7/8” x 3/8” (approx.) Cutting Boards, made of HDPE plastics. 
Found in any store that provides a nice variety of household products. The Coils are made on 5” x 5” (approx.) 
Plastic, Generic Peanut Butter Jars. The coils are wound with 22ga, PVC-coated, solid hook-up wire that I 
purchased from my local Radio-Shack Store. The Front Panels/Sub-Panels, are made of 1/8” HDPE Plastic, that 
can be obtained in most scrap barrels of most Plastics Suppliers. The rest of the parts are readily available from 
this website, Peebles Originals (./index.php), your local hardware store, and other, common sources. 


The main-tuning, Variable Capacitors P/N 15-007 (./catalog/15.php) were used for two reasons: 1) They are 
“Frequency Linear” (offset), for easier tuning on the higher-end of the BC Band, and 2) By paralleling the two 
sections with an Alligator Clip-Lead, then the coil only needs to be 140uHy. Thus, the BC-Band is split into a 
“hi-Band”, and “Lo-Band” mode. Note that Alligator Clip-Leads are used in this project, rather than switches to 
keep losses minimal, project expenses low. 


The Fine-Tuning control is comprised of: a 1/16” x 3” disk, attached to the shoulder/shaft of the non-metallic 
shaft-coupler. The drive mechanism is a '4-Dowel, two Y” L.D., 5/16” O.D. Rubber Grommets. Jumbo Paper 
Clips are used to help maintain tension while rotation is smooth and positive. See pictures for details of the Fine 
Tuning Mechanism. 


The proto-type set has a built-in TRAP-Circuit, using a 410pf Single-Gang Variable Capacitor P/N 15-001 
(/catalog/15.php), and a coil of 230uHy. The Coil is 28ga Magnet Wire, wound on the far-end of the DET COIL, to 
trap those overwhelming stations you may have, near-by. I have two: 860/1550, and the trap is most necessary, 
here. If your area is not plagued with stations like this, the TRAP may not be necessary. 


The circuitry for both ATU, and DET/AUDIO sections are very conventional, and using commonly-available 
parts components, parts and hardware. My initial tests of the prototype have proven to be very impressive. The 


set-up is very selective, and sensitive, and was able to pull-in a lot of nice DX. 


The set, and its usage is a learning-curve, so please be patient with yourself, as you will find, with practice, the 
total capabilities of the set’s performance. 


If you have an interest in building the set, or any variations there-of, please, contact me for a custom-made kit of 
parts, suited to your needs. I will give some package discounts, for any orders exceeding $65.00, and I will then 
calculate a package discount (5% to 10%), depending on how much your needs will be. E-mail me. (./order.php) 


Additional to aforementioned items, I can supply: 

78-014 (../catalog/78.php) , F0-215 FO-215 Diode 

78-015 (./catalog/78.php) Ten FO-215 Diodes 

#72-725 (..Icatalog/72.php), Bogen Transformer 

Also, Chokes, Resistors, Capacitors, etc. . Contact me for your needs. 

Hope this project proves to be interesting, fun, and very satisfactory for all you fine Radio Hobbyists. 
Will try to come-up with new, and interesting projects, as time goes-on. 


Mike Peebles 


BTW: I am offering the Proto-Type of the PBJ Listener for: $150.00 + Shipping. 
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Antenna Tuning Unit, Top View 
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Antenna Tuning Unit, Side View 
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Antenna Tuning Unit, Bottom View 
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Detector Unit, Top View 
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Detector Unit, Detail View 
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Detector Unit, Back View 
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Detector Unit, Matching Transformer Detail 
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Detector Unit, Detail View 
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B. What is the collector voltage of an ON 
transistor? 


Answers 
A. A closed mechanical switch 
B. O volts 


Project 3.2: The Saturated Transistor 

Objective 
Normally, for a transistor, IC = B x IB 
However, this relationship does not hold when 
a transistor is saturated. The objective of this 
project is to determine the relationship of the 
collector current to the base current when a 
transistor is saturated. 

General Instructions 

Using the same  breadboarded circuit you built 
in Project 3.1, set the base current to several 
values, starting at 90 pA and increasing the 
base current. Record measurements of the 
collector current and collector voltage at each 
value of the base current. 


Step-by-Step Instructions 
Follow these steps and record your 
measurements in the blank table following the 


steps. 

1. Set up the circuit you built in Project 3.1. 
2. Adjust the potentiometer to set IB at 
approximately 90 JA. 

3. Measure and record IB. 

4. Measure and record IC. 

5. Measure and record VC. 
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| To all whom it may concern: o 
Be it known that I, Watrer I. PENNOCK, 


WALTER L PENNOCE, OF PHILADELPHIA, PENNSYLVANIA. 


 GAPTIVE BALLOON. | 


a citizen of the United States, residing at 


Philadelphia, county of Philadelphia, and 


State of Pennsylvania, have invented cer- 
tain new and useful Improvements in Cap- 


tive Balloons, of which the following is a 


20 


full, clear, and exact disclosure. | 


My invention relates to captive balloons, 
and particularly to such balloons as may be 


used for elevating collectors. of atmos- 
pheric electricity from the high altitudes 
of the earth’s atmosphere, and it relates to 
the construction and arrangement of the 
parts and shape of the balloon body or en- 
velop. | e | 

The objects of my invention are, the pro- 


viding of the balloon with. an envelop or. 


gas container, which is elongated in shape 
and which will freely turn in the air as it 
may be acted upon by the wind or air cur- 
rents; to keep the end of the balloon or en- 


velop which is of least transverse cross sec- 


tional area toward the direction from which 
the wind is blowing; to provide the balloon 
or gas container with a stationary vane or 


“rudder, by means of which the forward and 


40 


4 


GR 


smaller end of the balloon is kept against. 


the wind; to provide the envelop with side 
wings or planes, so arranged as to assist in 
elevating the balloon to high altitudes, and 
to utilize the force of the wind or air cur- 
rents in lifting the balloon; to provide a 
means whereby the elongated envelop or 
gas container is maintained «in a substan- 


tially fixed plane, with the forward end 
elevated a little above the level of the rear 
_end, so that the side wings or planes may 
have a kite effect and lift the rear end of 
the gas container or envelop, should it tend 


to drop; to attach the anchor line or stay 
to the bottom of the balloon or gas con- 
tainer in such a manner that the forward 
end of the balloon will always be kept at a 
little higher level than the rear end, and to 
further provide means whereby the point 
of the virtual attachment of the stay or 


| anchor line to the bottom of the balloon 


50 


may be shifted forwardly or rearwardly 
whenever the balloon substantially deviates 
from its normal position; to swivel the bal- 


loon to the anchor line or stay so that the, 


- Specification of Letters Patent. 
-Application filed August 9, 1910. Serial No, 676,414, 


‘swivel joint, by me 


Jength of the anchor line; and to make the 


Patented Oct, 17, 1911, 


95. 


envelop or gas container of a suitable, thin, - 


metallic material, so that it may act as a 


collector of atmospheric electricity and to. 


conduct. the electricity which may collect 
upon the envelop or gas container to the 


earth, to be used for any useful purpose. 
Other objects of my invention will .ap- 

pear in the specification and claim below. 
Referring to the drawings forming a part 


of this specification, in which the same ref- 
erence numerals are used to designate the- 
same part throughout the .various views, . 
Figure 1 is a perspective view of one em-- 


bodiment of my invention; Fig. 2 a top plan — 


view of the same, the forward part of the 


envelop being broken away to show the in- — 


terior construction; Fig. 3 is a vertical 
transverse cross sectional view on the line 


3—3 of Fig. 2; and Fig. 4 is a detail of the. 
s of whick the balloon 


is attached to the stay or anchor line. 
The balloon body or gas container or en- 


velop, 1, is elongated in shape, having its. 
largest dimensions substantially my 


be- 
tween its ends, from which point the body 
or envelop gradually tapers forwardly and 


rearwardly to form relatively narrow ends 


of small transverse area. The forward and 


rear ends 1’ and 1?, respectively, are prefer- 
ably slightly bulged and rounded, so as not © 
to present an absolutely sharp edge to the 


wind, to give space for the gas to be con- 
tained in the envelop, and to prevent the 
end of the envelop from being flattened or 


‘bent inwardly by the action of the wind. I 


also prefer to make the bottom and top 


edges of the balloon narrow, so that the | 


sides of the balloon widen out from the top 
and bottom'as they approach the horizontal, 
longitudinal, diametrical plane of the bal- 


loon or gas container, at which point the 


“width of the envelop is greatest. . e 


The body or envelop 1 may be constructed . * 


of any suitable material, but I prefer to. 


make the shell 2 of very thin, tough steel, 


stiffened as may be necessary by substan- 


tially vertically arranged angle iron ribs 8, 
and suitable cross bars 4 reaching from side _- 


to side of the envelop and engaging with 
the ribs 3. At the rear ends of the top and 
bottom sides of the body or gas envelop 1, 


balloon will turn as the wind may change | I secure light rods 5—5, of bamboo or other 
without being required to twist the whole | suitable light strong material, the said rods 


o 
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| aad alo bu ‘the’ rear ead oe 
a distance as may be. 


the body 1 for such 
found necessary, and I stretch a light tough 
fabric between. the said rods 5 = to form a 
vane or rudder 6. 


ar 


-which may consist, and preferably does, of 


a ball and socket construction.’ In the form 
shown in Fig. 4 of the drawings, the ball 9- 
is secured to the stay or. anchor line 7, and 
surrounding and inclosing the ball 9 is a 


1 


© 


socket 10 ls with a loop or eye 11. 
In using this swiveled joint 8 in connection 
with my improved captive balloon, the main 


: cord or line-12 is attached to the loop or 


a 


: e 11 at its lower end, and to the bottom of |. 
e balloon or gas container 1 at the point |. 
This point 12’ is so positioned with 


se 19 
99 respect to the whole balloon, that in a still 

`. atmosphere the forward. end 1’ of. the gas 
' container is at a little higher level than: the 

- rear end 1?. 


the former forwardly of, and the latter to 
the rear of the point 12’. The length of the 


cords 13 and 14 is such that when the bal- 
osl- - 
tion, the cords 13 and 14 will be slack. | 
When, therefore, one end of the balloon, asy 


35 loon or gas container is -in its: normal 7 


for instance, the rear end, tends. to swing 


_ downwardly about the point 12’ asa center, 
40 tension will immediately be put upon the | 
cord 13, thus virtually making the point of |. . 
attachment of the stay-or anchor line 7 to. 
the bottom of the balloon or gas EE 
Ss 
these points 13’ and 14” are on opposite sides. 
of a line passing through the center of grav-. 
ity or the center. of buoyancy of. the: bal: | 
loon, the gas in the rear end of the balloon .|. 
co will immediately. tend to lift that-end about 
50 this new point of virtual attachment of the’| « 
- stay or anchor line 7 with the bottom of the | 1 
balloon or gas container, and the balloon | 
will immediately come to its normal posi-. 
tion. The converse is true whenever the | 
55 forward end of the balloon  dips * down- 
= wardly. Tension is immediately put upon- 
the cord 14; the point of the virtual attach- 


‘intermediate of the points: 12’ and 13” 


ment of the cord: 7 immediately shifts to a 
point. somewhere’ between 12’ and 14’ and 


ee 60 the gas in the forward end of the balloon 


will lift that end until the gas container re- 
assumes its normal position. To further 


steady the balloon body or gas container 1, 
~ and to assist in elevating the same, I provide 
65. ide or Y exten ing wings. or ee 


-cured to the sides thereof, preferab 
ribs 3 through the'shell 2.” These wings or 
| planes “15 and 15’ are suitably braced by yọ 
braces 16 and. 16’; and are ‘set relatively to 
_the gas container. or envelop 1 so that when 
said envelop is ‘in its normal position, the 
forward ends of the wings or planes 15 and- 
-15^ will be higher than the rear ends-of the yg | 
same. 


The end of 'the. stay or. clon dine Tis | 
provided with a suitable swiveled joint 8, 


To do this the point 12’ would 
generally be slightly to the rear of the mid- - 
. 25 dle of the gas container; at least it is to the 

- rear of a vertical plane passing through the 
center of buoyancy of the balloon when the 
balloon is in a horizontal position. ‘From. 
the eye 11 also run secondary or. supplemen- 

30 tal cords 13 and 14 attached to the bottom. 
- of the gas container as at points 13’ and 14’, 


loon is suspended grows rarer, I provide a 
‘safety valve 17 of any approved type which - : 
: may relieve the interior of the balloon of 

| pressure when the pressure within the gas 


to be liable to burst the container or envelop. 


15 and w, a with. ie to the 
envelop or gas container 1, and rigidly se- 
y to. the 


When the wind is blowing against 
the forward end of the balloon, as it passes 


the body it strikes upon the end sides of the 
wings or planes 15 and 15’,. and exerts a 
lifting effect upon the whole balloon in the 80 
same manner as a kite exerts a lifting pull. — 


when similarly inclined. 
From the above description it will be. 
plain that the whole balloon or gas envelop, 


with its attached vanes and wings, will be g5 


maintained in the air with its forward end 
slightly higher than its rear end, and with - 


its forward .end always turned toward the ` 
direction from which. the wind is blowing, 
by reason of the action of. the stationary 90 
rudder or vane 6 and the swiveled connec- ` 
tion 8 between the body or gas ae 1 
‘and the stay or anchor line 7. 
“be seen that the body will tend to. je always 
“Maintained in this slightly inclined. posi- 95: 
tion, and that should one end.or the other © | 

į end of the gas container or body 1 drop or | 
lift so as to turn the body in a vertical plane 
around the point 12’ as a center, tension will 
immediately be put on.the cord 13 or 14, 
“depending upon which direction the balloon | 
turns, and the balloon will. be righted and | 
| brought to its normal position by a shifting 
of the virtual point of attachment of. the 
‘cord 7 with the bottom of the. balloon. 


will also 


100 . 


105 
Any suitable metal may be used in con- 


structing the balloon, although: thin steel 
appears to.me to be the best material for 
the same, inasmuch as it can be made very: 
thin and its tensile strength is very high. 

The ribs and cross bars 3 and 4, respec-' 


110 


tively, may be made of thin steel, aluminum 


.or.wood, and the rudder 6 and wings 15 and 
-15’ may be made of thin, tough silk, oiled 


or otherwise treated SO that the 115 
not absorb moisture. 


Inasmuch as the pressure of the gas TA 


e same will 


tained within the body or envelop 1 will ex- 


pand as the atmosphere in which the bal- — 


container or envelop 1 becomes so great as 


In order to fill the envelop or gas con- ` 


tainer 1 with gas, I prefer to fill the envelop 


first. with water and to then displace. the 


water with: hydrogen. gas, as, for instance, 
by bond the water to ES en the 130 g 
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valve 18, the water as it runs out drawing | 


in the hydrogen gas, as through the valve 
19 at the top of the envelop. . | 

When the envelop is made of a suitable 
metal, such as steel or copper, the same may 
be used as a collector of atmospheric elec- 
tricity, and to conduct the electricity so col- 
lected upon the envelop 1 to the earth, where 
it may be used as desired, I prefer to either 
incorporate into the anchor line 7 and the 


` cord or line 12 a copper wire, or to wrap 


said wire around said anchor line 7 and 
cord 12, and to secure the upper-end of said 


wire to the metallic covering of the balloon 


or gas container 1. This wire is indicated 
diagrammatically by the line 20. — 
Although I have described but one em- 
bodiment of my invention, it is to be un- 
derstood that other forms and modifications 
are fully contemplated by me, so long as the 


structure thereof falls within the scope of 


the appended claim. | | 


Having thus described my invention, what 
I claim and desire to protect by Letters 
Patent of the United States, 1s: ; 

The combination of an elongated longitu- 
dinally rigid balloon, and a stationary rud- 
der secured to the rear end thereof, with an 


‘anchor line secured to said balloon wholly 


to the rear of the center of buoyancy there- 
of, laterally projecting rearwardly posi- 


r 


tioned and angularly elevated planes se- — 


cured to said balloon, and a pair of slack 
auxiliary lines secured to said anchor line 


and to said balloon on opposite sides of said 
anchor line, the whole coóperating to in- 


crease the vertical stability of the balloon. 
In witness whereof, I have hereunto set 


‘my hand this 6th day of August, A. D., 
1910. 


WALTER I, PENNOCK. 
Witnesses : 
= H. N. Dorny, — 

Laura Evans LALOR. | 


| W. I. PENNOCK. 
APPARATUS FOR COLLECTING ELECTRICAL ENERGY, 
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UNITED STATES PATENT OFFIOR, 


WALTER 1. PENNOCK, OF PHILADELPHIA, PENNSYLVANIA, 


APPARATUS FOR COLLECTING ELECTRICAL ENERGY.. 


1,014,719. 


To all whom it may concern: - 


Be it known that I, WaLrer I. PENNOCK, 


a-citizen of the United States, residing at 
Philadelphia, county of Philadelphia, and 


_ State of Pennsylvania, have invented cer- 


tain new and useful Improvements in Appa- 
ratus for Collecting Electrical Energy, of 
which the following is a full, clear, and ex- 
act disclosure. | —_ . 

. The present invention relates to an im- 


proved means for collecting the charges of: 


electricity from the upper atmosphere and 


. more particularly to that form which con- 


20, 


25 


30 


35 


sists in one or more captive balloons from 
which is suspended a suitable form of me- 
tallic conductor. — y 2 Vx 

The principal objects of the device are: to 
provide a collector for atmospheric and 
static electricity, which when in operative 


position will present a large surface to cur- 


rents of air, but which will offer compara- 
tively little resistance thereto, to provide a 


collector of such material and construction 


as will be more efficient in its operation than 
any previously constructed for a similar 
purpose, to provide a means for maintain- 
ing such a collector suspended in the air and 
at right angles to opposing currents thereof, 
and to provide a suitable anchorage for 
holding said means captive. T 3 

With these principal objects in. view, the 


. present invention consists in further ad- 
vantages which are brought out in the fol- 


lowing specification. and accompanying 
drawings, in both of which like numerals 
refer to like parts, and in which drawings— 

Figure 1 is a perspective view of the com- 


_ plete. device in operative position, Fig. 2 1s 


40 


45. 


an enlarged detail view of the wire mesh 
and the manner in which it is attached to 
the supporting balloons, Fig. 3 is.a detail 
of the manner of securing the collector- 
supporting and anchor cables to the bal- 
loons, Fig. 4 is an enlarged cross section of 
the swivel connection shown in Fig. 3, Fig. 
5 is top plan view of the reinforcing braces 
on the screen, Fig. 6 is an elevation of the 


same and Fig. 7 is an end view of the struc- 


CS | 
i 


ture shown in Figs. 5 and 6. ` 7 
Referring to-the drawings, in Fig. 1 there- 


- Specification of Letters Patent. 
Application filed January 4, 1911. Serial No. 600,777. 


-ot the tanks are 


Patented Jan. 16,1912. 


of,.a plurality of balloons 1 of any suitable 
type is shown, each of which embodies hol- 
low metallic elongated gas tanks 2, extend- 
ing. from the rear of which are single, 
rigidly affixed rudders 3, while on the sides 
secured stationary lifting 

planes 4. a . ? 
To the bottom and slightly to the rear of 
the center of the tanks 2 is secured a suit- 


able swivel 5, by which the anchor ropes 6 


and the suspension ropes 7 for the metallic 
conductor 8 are secured to the balloons 1. 
A suitable form of swivel joint is illustrated 


in Figs. 3 and 4, but any type can be used 


that embodies the essential features shown 
therein. le 


55 


60 


65 


The swivel joint illustrated consists in the - 


base plate 9 having a looped portion 10 in- 
tegral therewith and projecting from the 
upper face thereof. Secured to the loop 10 


is a set of three light electrically conductive 


70 


supporting ropes or cables 11 which extend . 


upwardly and are secured at intervals to the 
bottom 12 of the balloon above. | 


_ The lower or revoluble member 19 of the 


swivel joint preferably comprises three up- 


is sunken the nut 32 on the bolt 


wardly directed curved arms, 20, 21, and 22, 
respectively, forming at their junction a T- 
shape as shown, said arms at their upper ex- 
tremities being integral with the plate 23. 


75 


80 


The member 19 is revoluble below and con- | 


centric with the plate 9, and the two mem- 


bers are lightened in weight by opposed con- 


centric grooves as shown at 24. Contact be- 
tween said members is made through the 
roller bearings 25, which are carried in the 


‘opposed concentric grooves 26 and 27 of the 
respective upper and lower plates. Further- 


more, said plates are maintained in codpera- 
tive relation with each other by means of a 
bolt 28 passing through centrally drilled 
holes 29 and 30 in the respective lower and 


85 


$0 


upper plates, the drilled hole 30 opening up- 


wardly into an enlarged recess 31, in which 
28. Two of 


the arms 20 and 22 of the lower revoluble 


member 19 extend in diametrical alinement, . 


while from the central point thereof extends 
the third arm 21 at-right 
upward to the plate 93. . 


angles thereto, and - 


95 


100. 


6. Adjust the potentiometer Slightly to lower 
its resistance, which sets a larger value of IB 


7. Measure and record the new values for IB 
, IC, and VC. 
8. Repeat steps 6 and 7 until you reach the 
lower limit of the potentiometer, which is also 
the highest value of IB. 

|B (uA) IC (mA) VC (volts) 


Expected Results 
Figure 3.25 shows the test setup for this 
project with the potentiometer set at its lower 
limit, providing the highest value of IB. The 


test setup is the same as that used In 
Project 3.1; however, the value of IB is 
considerably higher than in Project 3.1. 

Compare your measurements to the ones 


shown in the following table. 


2 


10. 


15. 


30 


35 


= When the balloons with the metallic 


40 


screen suspended therefrom are allowed to 
rise into one of the higher altitudes, the 
entire apparatus being of metallic ċonstruc- 


‘tion and uninsulated will become energized 
by contact with the surrounding natural 


45 


charges of electricity. From. the above de- 


‘scription it is evident then that, while the 


screen 8, on account of its great extent, will 
be the greatest collecting agent, it will be- 
seen that the balloons themselves and the 
suspending wires will also codperate as one | 
- large collector, since no parts of which are | 


50 


55 


- charges of electricity, an amount of the said 
_ charges proportionate to the surface area 


60 


_ into the ground on account of the interposi-. 
- tion of theyinsulators - l ~ 


'. apparatus as 


insulated from any of the neighboring parts 
thereof. Consequently, when the apparatus 
described has reached an altitude or strata 
of the atmosphere abounding in_ static 


of the metal exposed will collect upon the 
a whole and will be conducted 
downwardly toward the earth by means of 
the various anchor ropes 6, but will not pass 


thermore, that although not illustrated, an 


ment of the invention has been described, 
it is to be understood that various modi-. 
fications may be made therein, and in fact 


scope of the appended claim. `- 


prising a plurality of supporting means, a 
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den jars as the accumulators in the accom- 
panying drawings, it is obvious that any _ 
other suitable form may be used, and fur- 
suitable apparatus may be run thereby, such . 
as for instance, wireless telegraphic in- 
struments. E 


` Furthermore, although but’ one embodi: 
111 


several are contemplated by. applicant. that — 
are of such structure as fall well within the _ 


Having thus described my invention, what | 


1 claim and desire to protect by Letters Pat- 
ent of the United States, is: a 


- A collector for charges of electricity, com- _ 
10 
metallic gauze sustained thereby to lie in a  . 
plane and . substantially equidistant from- 
each of said supporting means, anchoring 
means emanating from a common point to _ 
each of said supporting means, means op- 12 


1 erative. to maintain said supporting means 


1,014,719 | e 


in their normal positions, ‘and means be- my hand this 28 day of December, A. D. 
_ tween. each of said supporting means and | 1910. E ps 
said gauze to permit each of said support- | 


ing’ means to readily and independently E WALTER I. PENNOCK. 
-. 5 aline itself to accord with any alteration in | - Witnesses: 
- the direction of opposing air currents. = Mupreo S. TEMPLE, 


_ In witness whereof I have. hereunto set | E. Evernra Pennocg. © 
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What is an element? 


An element is a substance that cannot be refined or purified 
into simpler ingredients. Elements are made of building 
blocks called atoms and each element has its own unique 
set of atoms. Everything in the Universe is made from 
elements, either in their pure form, or combined together 

to make new substances called compounds. 


Classical elements 

The idea of an element is very old. In 
ancient cultures, people believed that all 
things were made from mixtures of just 
four elements: earth, water, air, and fire. 
They thought that hot and dry things 
contained fire and air, while cold and 
wet things were made of earth and water. 


Fire 


Modern elements 

The scientific study of the properties and 
reactions of elements is called chemistry. 

This has found that there are at least 118 
elements. Most elements are created inside a 
star or in a Supernova — the explosive ending 
of a big star’s life. Scientists have also been able 
to create the heaviest elements in laboratories. 


The Crab Nebula, the remains of 
a supernova, is rich in hydrogen. 
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Types of element 

Atoms are made of smaller “subatomic” particles called 
protons, electrons, and neutrons. The properties of an element 
depend on how these particles are arranged. Elements with 
the same number of electrons in the outermost shell of their 

/ atom have similar physical and chemical properties. Metals 
mostly have one or two outer electrons, semi-metals have 
three or four, and non-metals have up to eight. 


Powdery form 
of phosphorus 
(non-metal) 


Crystals of Chunk of boron 
gold (metal) (semi-metal) 
U 
A a ng b ite ks , Others 0.1% Phosphorus 1% Others 1% 
verything in the Universe Is Argon 0.9% EE 


made up of the many types Nitrogen 3% 


of element arranged in different Oxygen 21% 
combinations. That includes 

living things such as humans. 

The human body is made of Nitrogen 78% 
60 different elements. Just six 

of them make up 99 per cent of 

the body’s weight, while the 

other 54 make up the remaining 

1 per cent. Amazingly 

only three elements make up 

most of Earth’s atmosphere. 


Hydrogen 10% 


Carbon 18.5% 


Oxygen 65% 


Earth’s atmosphere Human body 
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States of matter 

Every element has a standard state — solid, liquid, or gas — 
at room temperature. The atoms of a solid fit together in 

a tight-knit pattern, while in a liquid the atoms are loosely 
connected so they flow around. In a gas, the atoms are 
free of each other and disperse easily. Applying heat can 
change the state of an element from solid to liquid, and 
then to gas, or even from solid to gas in some cases. 


Chlorine gas in 
a glass sphere 


Liquid mercury 


Gold in 


in a vial 
Solid crystals of bismuth 
refined in a laboratory 
6 i 2 
Pure forms > -i 


A pure sample of an element contains 
only atoms of that element. Only a 
few elements are found pure in nature 
in significant amounts. These include 
gold and sulfur (in the ground), and 
oxygen (in the air). Many elements 


are found in ores. This vein of pure 


gold has occurred 
naturally inside a 
chunk of quartz. 


|B (pA) IC (mA) VC (volts) 

91 14.5 1.53 

101 15.9 0.843 

126 16.9 0.329 

150 17.0 0.256 

203 17.1 0.211 

264 17.1 0.189 

389 17.2 0.163 

503 17.2 0.149 

614 17.2 0.139 

780 17.2 0.127 

806 17.2 0.126 
Your data will probably have slightly different 
values but should indicate that IC stays 
constant for values of V C of 0.2 and below, 
whereas | B continues to rise. In this region, 
the transistor is fully ON (saturated) and | C 
cant increase further. This agrees with the 
data sheet published by Fairchild 
Semiconductor for the 2N3904 transistor, 
which indicates that the transistor saturates at 
VC = 02 volts. 

Figure 3.25 


Ores 

A naturally occurring substance — rock, 
sand, or crystal — that contains a large 
amount of an element is called an ore. 
Ores are mined so that the elements 
they contain can be removed. Some 
ores contain more than one element. 
The mineral malachite (right) is an ore of 
copper, and chemical reactions are used 
to extract the metal from the ore. 


Copper flakes reacting 
with nitric acid to form 
two compounds 


The red-brown gas 

is nitrogen dioxide, a 
compound of nitrogen 
and oxygen. 


Copper nitrate, 
a green, solid 
compound, in 
nitric acid 


Compounds 

Most elements do not stay pure in nature 
for long. Instead they react with other 
elements they come into contact with, 
which results in the atoms of two or more 
elements bonding together to make an 
entirely new substance called a compound. 
The properties of a compound are always 
very different to the elements that make it. 


Malachite 
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Mixtures 

Elements combine chemically to form 
compounds, and it takes a chemical 
reaction to break the bonds 


between the atoms ina 
compound to separate the 
elements. On the other 
hand, a mixture is formed 3 
when compounds or 

elements are combined 
physically. An alloy is a { 
mixture of at least two 
elements, one or all of 
which are metals. In a 
mixture, elements may 

be so thoroughly mixed 
that they are impossible 
to tell apart. 


WE Y 


Mixture of food 
colouring and water 
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Inside an atom 


An atom is the smallest unit of an element. 
Every element has atoms made of a unique 
combination of even smaller particles, known 
as subatomic particles. These are the 
electrons, protons, and neutrons. 


Subatomic particles 

In an atom, protons and neutrons are located in its core, 
or nucleus. Changes to these particles are called nuclear 
reactions. The electrons, located outside of the nucleus, 
participate in chemical reactions, helping elements 
combine to form compounds. 


Atomic number 

An element's atomic number is defined by the number of 
protons in one of it’s atoms. Every element has a unique 
atomic number. Hydrogen has the lowest atomic number 
(1) among the elements as it has only one proton. The 
number of electrons in an element always matches 

the atomic number. 


8 electrons 


in 2 shells 
3 protons 
1 proton 
4 neutrons 

8 protons 

1 electron 8 neutrons 

in 1 shell 3 electrons 

in 2 shells 
Hydrogen atom Lithium atom Oxygen atom 


(atomic number 1) (atomic number 3) (atomic number 8) 
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Protons: These particles have a 
positive electrical charge. This charge 
attracts the negatively charged 
electrons, holding them in place around 
the nucleus. The positive and negative 
charges cancel out each other, so an 
atom has a neutral charge. 


Electrons: Negatively 
charged electrons were 

the first type of subatomic 
particle to be discovered. 
They are almost 2,000 times 


Aaw Y Y smaller than protons. 


Nucleus: Almost all of an 
atom's weight is packed 
inside the nucleus. Even 
so, it is 100,000 times 
smaller than the atom 

as a whole. Most of an 
atom is empty space. 


Neutrons: A neutron has 
no overall electrical charge, 
and helps protons cluster 
together in the nucleus. It 
adds weight to the atom. 


Electron shell: Electrons are arranged in 
layers, or shells, around the outside of an atom. 
Each atom of an element has a unique number 
of electrons, arranged in a particular way in its 
electron shells. The shell closest to the nucleus 
has room for just two electrons, but shells 
located further out have room for more. Only 
the electrons in the outermost shell participate 
in chemical reactions. 


Structure of an atom 
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Atomic mass 
The atomic mass of an element is measured 
as the total number of protons and neutrons 
in each of its atoms. Hydrogen has an 
atomic mass of 1, while oxygen's is 
16 — one oxygen atom weighs as 
much as 16 hydrogen atoms. Since an 
element can have different isotopes 
(forms), scientists use its relative 
atomic mass. This is the average 
of the atomic masses of all the 
isotopes of an element. 


16 hydrogen 
atoms 


An oxygen 
atom 


> A 


yee 


vA go O 


Isotopes 

While an atom of an element has a unique number of protons and electrons, 
the number of neutrons in it may vary. This creates different forms of the same 
element, known as isotopes. For example, hydrogen has three isotopes. 


Hydrogen has Deuterium (an isotope of Tritium (an isotope of 
no neutrons. hydrogen) has 1 neutron. hydrogen) has 2 neutrons. 


Forming molecules 
During chemical reactions, atoms make bonds 
with each other to form structures called molecules. 
Molecules of elements contain atoms of the same 
S N element, while molecules of compounds are made 
C) C) of atoms of different elements. For example, a water 
molecule forms when an oxygen atom bonds to two 
Hydrogen Hydrogen hydrogen atoms. This molecule is the smallest 
atom atom possible unit of the compound called water. 


Oxygen 
atom 
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Allotropes 

Several elements have multiple physical 
forms, or allotropes. For example, 
carbon has four allotropes: diamond, 
graphite, soot (or charcoal), and 
buckminsterfullerene. They are all 


Piece Diamond made from pure carbon, but look 
of charcoal crystal and feel very different. 
e 
Radioactivity 
While the main isotopes of most elements are 
stable, some rarer isotopes are less stable and As another nucleus is hit, 


the nuclei of their atoms break apart on their own. a chain of nuclear fission 
This process is called radioactivity, which releases oe SANE 
dangerous particles and a lot of energy. These 


include positively charged alpha particles, 


l j Released 
negatively charged beta particles, and gamma neutron 
rays, which carry no charge. Large, or heavy, il hits another 
atoms are less stable, and all elements with an cidos 
` 4 ` uranium atom. 
atomic number above 82 are radioactive. O 
Nuclear power stations use radioactivity Pi 
from nuclear fission, a process in which 0 
atoms are split in two. Neutrons, as well as 
heat and other energy, 


are released when the 
uranium atom splits. 


an: 
O 


Nuclear fission reaction 


When the neutron collides with the uranium 
atom, the atom splits into two parts. 


e 


Neutron fired at 
uranium atom 


Nucleus of unstable 
uranium atom 
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Grouping the elements 


Chemistry is the science that seeks to understand how elements 
behave and how they combine into compounds. In order to 
achieve this, chemists began trying to organize all known 
elements according to their physical and chemical properties. 
Over 200 years later, the result is the modern periodic table, 
which arranges elements by the similarity of their properties. 


Antoine Lavoisier 
In 1789, the French scientist Antoine Lavoisier produced an early 
list of chemical elements, which he called “simple substances”. 

Lavoisier's list had 55 entries, divided into metals, non-metals, 
and gaseous elements, such as oxygen. 


Le 


Drops of the 
liquid metal Pure oxygen gas in Yellow crystals of the 
mercury a glass sphere non-metal sulfur in rock 


aa 
ae a % 


Johann Dóbereiner 


The German chemist Johann Dóbereiner showed O 

in 1817 that most elements could be grouped 

into threes (or “triads”). Some elements were dad | 
“missing” at the time as they had not yet been F > PR 
discovered, and this finding encouraged the L 
search for new elements in the 19th century. Potassium kept inside 


Elements in each triad - such as lithium, sodium, an airless glass vial 


and potassium — shared chemical properties. 
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Henry Moseley 


Gatimr CTE act sa HE Henry Moseley 
NO pl tr Mendeleev's table worked very well, 
un ANA AA PD e a 
“5 PE Gua but no one really knew why. In 1913, 
Zar bea 2m fo the British physicist Henry Moseley 
Va Y Ma fh VAT à 7 
“A Oeste bgt Wb. discovered the concept of the atomic 
WY Rt ee a number — the number of protons 
J, ; Medias). adh Cay, Ha in an atom of an element, which is 
SOS Hal. mt. ss Qasr 2 - Lo, h l 
> lk Bett 4r nee o À unique to that element. He used X-rays 
i ja re “fs h ah =/) . 
y è i page Ay? AP e to calculate the atomic numbers of 
a Aa e * ya = 2 ta be . 
Ñ X E AR a $ elements, which could now be 
wef ae Ka. Maly Oah SE ty : : 
Gau Mih naz Kou organized on the basis of 
acid ne their atomic number 
9 aasi! Ga i 
? You 60? Kapr instead of their 
"a o Hat? 
=e — Mazo atomic mass. 
de De He ments Lens Le dn fee 
Vapil, Ge pila okomio ot pa dabas 
y Caja T card), pa 
foes. Limon Macri. a? He aie 
e tataan, oe 
Allo GEN 
ze TN 
Ake yt 


E S tm Pe 
ps "Ct tes he “de A Panititen. CF 77 aS 
E, P MEA E mee, 


$e LA die wat” ya 


Dmitri Mendeleev's handwritten 
periodic table from February 1869 


Dmitri Mendeleev 

In 1869, the Russian chemist Dmitri 
Mendeleev invented the forerunner of 
the modern periodic table. He saw that 
elements had chemical properties 
that followed a repeating pattern and 
those with similar patterns could 

be grouped together. He listed the 
elements in order of atomic mass, 
starting a new section with 

every new pattern. 
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Periodic table 


Period 
numbers 


—— Group 
1 


numbers 


H 


Hydrogen 

3 

2 Li 
Lithium 


11 


3 Na 


Sodium 


19 


4 K 


The periodic table organizes the 118 known 
elements by arranging them based on their 
atomic number, which is the number of protons 
in each of their atoms. The elements are placed 
in rows (called “periods”) and columns (called 
“groups”). Elements with similar properties sit 
in a group. This table is “periodic” because the 
characteristics of the elements follow a pattern. 
New elements may be added to it in the future. 


3 4 5 6 7 8 9 
21 22 23 24 25 26 27 


Sc Ti V Cr Mn Fe Co 


Potassium Scandium Titanium Vanadium Chromium Manganese Iron Cobalt 


37 


5 Rb 


Rubidium 


87 
7 Fr 


Francium 


These two rows, known 
as the Lanthanides 

and Actinides, are not 
periods. They sit next to 
Group 2, but make the 
table very wide, so are 
moved to the bottom. 


39 40 41 42 43 44 45 


Y Zr Nb Mo Tc Ru Rh 


Yttrium Zirconium Niobium Molybdenum Technetium Ruthenium Rhodium 


104 105 106 107 108 109 


Rf Db Sg Bh Hs Mt 


Rutherfordium Dubnium Seaborgium Bohrium Hassium Meitnerium 


55 Zm 73 74 75 76 77 
6 Cs Lanthanide Hf Ta W Re Os Ir 
Caesium series = Hafnium Tantalum Tungsten Rhenium Osmium Iridium 


| 57 58 59. 600. 61 62 

ee | 

La Ce Pr Nd Pm Sm 
Lanthanum Cerium  Praseodymium Neodymium Promethium Samarium- 
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KEY 
Hydrogen Lanthanides Nitrogen Group 
Alkali Metals NA Actinides EA Oxygen Group 
EE Alkaline Earth Metals Boron Group Halogen Group 
Transition Metals WA Carbon Group Noble Gases 
18 
The atomic number is Group: A column of elements with the 2 
unique to each element. same number of electrons in the outermost He 
shell of each of their atoms. ey 
enum 
29 Each element 13 14 15 16 17 
C has a unique 7 9 10 
ps symbol made N E N 
e 
Copper of letters. : ] 
Nitrogen Fluorine Neon 
Period: A row of elements 15 47 18 
with the same total number of 
electron shells in their atoms. P Cl Ar 
Phosphorus Chlorine Argon 


10 11 12 
28 29 30 33 


Ni Cu Zn As 


Nickel Copper Zinc Arsenic 


46 47 48 51 53 54 
Pd Ag Cd Sb I Xe 
Palladium Silver Cadmium Indium Antimony lodine Xenon 
78 79 80 81 83 85 86 
Pt Au Hg TI Bi At Rn 
Platinum Gold Mercury Thallium Bismuth Astatine Radon 
110 111 112 113 115 117 118 
Ds Rg Cn Nh Mc Ts Og 
Darmstadtium Roentgenium Copernicium f Nihonium Moscovium Tennessine Oganesson 
ea e es jf es \f e@7 )f ee \f es \f wo 1 na 
Eu Gd Tb Dy Ho Er Tm Yb Lu 
Europium Gadolinium |  Terbium » i Dysprosium Holmium — A Erbium — i _ Thulium = Ytterbium Lutetium = 


To multimeter 
set to mA 


1 MC 
potentiometer 


To multimeter 


set to Å 
To multimeter 
set to volts 
25 Now, compare the circuits shown In 
Figure 3.26 


Figure 3.26 


K Ca Sc Ti V Cr Mn Fe Co Ni Cu Zn Ga Ge As Se 
Rb Sr Y Zr Nb Mo Tc Ru Rh Pd Ag Cd In Sn Sb Te 


Gs Ba O DH Tal |W) | Re) | Os Ir Pi) FAUT Pa | Tl | Mees MB Po 


Ac- 
Lr 


La Ce Pr Nem RE Sma MEU Gd Tb Dy Ho En Tm 


Ac Th Pa U Np Pu Am Cm Bk Cf Es Fm Md 


Hydrogen 


The simplest of all elements, hydrogen has 
only one proton and one electron. It is the 
most abundant element in the Universe — 
the Sun, like all other stars, is a vast ball 
of seething hot hydrogen gas. 


CI 


Ts 


Yb 
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Hydrogen 


Three-quarters of all the atoms in the Universe are 
FOCUS ON... hydrogen - the lightest of all the elements. The heat and A 
HYDROGEN light from stars, including our Sun, comes from hydrogen 
This gas is found in very atoms fusing into helium atoms in each star's core. In fact, 
ves daemteale ena suenan all heavier elements started out as these small atoms, 
the human body — one tenth which have gradually fused together. 


of which is made of hydrogen. 


Stars form inside a nebula, 
which is a cloud of hydrogen 
gas and some dust. 


A Hydrogen is used in the 
production of margarine to 
thicken it. 


A A new generation 
of environment-friendly 
cars use fuel cells 

powered by hydrogen. 


< Liquid 

hydrogen is 
used as rocket 

fuel. Combined 
with oxygen, it 
produces the 

thrust to power 

a rocket. 
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ATOMIC MASS 1.008 
STATE Gas 
DISCOVERY 1766 (Henry Cavendish) 


Hydrogen gives 
out a purple glow 
when electrified. 


Pure hydrogen gas 
in a glass sphere 


ok a : Zz 
nn «q x ~ y e 

i e Y - ID AS 
ect, Se. . A A i 

RY HAS Don ty á AR tng y» A f 
i A eas re a is — 
s5 i, <a on 
yA A. > +> 2 7, re Fu E 
Ra. n ne E E 
oe AO A wv. wy 
T era E 


Be B C N O 

Mg Al Si P S 

Ca | Mec Ti V Cr Mn Fe Co Ni Cu Zn Ga Ge As Se 

Sr Y Zr Nb Mo Tc Ru Rh Pd Ag Cd In Sn Sb Te 

Ba E ME Mad MiS Bee Os Ir Pt Au Hg TI Pb Bi Po 
Ac- 


Ra y Rf Db Sg Bh Hs Mt Ds Rg Cn Nh FI Mc Lv 


La Ce Pr Nem) Rei Sma MEU Gd Tb Dy Ho EF Tm 


Ac Th Pa U Np Pu Am Cm Bk Cf Es Fm Md 


Alkali Metals 


All alkali metals are highly reactive, so they 
form compounds easily and are found in many 
minerals. The walls of this potash mine have 
orange and white stripes due to the many 
potassium compounds being mined. 


CI 


Ts 


Yb 
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Alkali Metals 


As well as hydrogen, the first column of the periodic table contains the 
alkali metals, a group of six elements that react vigorously with water 
to produce chemicals known as alkalis. Members of this group are 
soft enough to cut with a knife. They are never found pure in nature, 
but always as a compound, from which the pure metal is extracted. 


Easily tarnished 


Blue-violet flame of 


burning caesium Freshly cut or scraped alkali metals are 
shiny, but turn dull as their surface reacts 
Coloured flames with oxygen in the air and forms a thin 


Each alkali metal burns with layer of the metal’s oxide. In laboratories, 
a distinctive colour. While lithium the metals are stored in oil to prevent this. 


burns with deep-red flames, 
potassium’s flames are lilac and 
sodium’s are yellow. Chemists 
look for these colours to identify 
the metals involved in reactions. 


Piece of 
burning caesium 


Oxide layer gives this piece of 
lithium a dull appearance. 


Highly reactive 

Alkali metals are usually stored in oil because they are 
so reactive to the oxygen and water vapour in the air 
E that some of them will burst into flames when they 
“ed 7 come into contact with it. Lithium tarnishes in the 

y air, but doesn’t ignite until it is heated (as shown 
on the left). It combines with oxygen to form a 
whitish compound called lithium oxide. 
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Salt compounds 

Alkali metals react with halogen elements to create salts, 

such as sodium chloride. These are white crystals that 

dissolve in water very easily. An example of this is sea Salt evaporation pools 
salt, which is mostly sodium chloride, but also contains La a ote CU ae 
potassium chloride and trace amounts of other salts. 


Pile of salt 
crystals remaining 
after evaporation 
of sea water 


Ai Bi LS ae 
Y Rahs, 


pr 
VAS A TL A 
NS E A AE EN 
IA NAE Puri 
“ ST Ar rr de 
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3 
Lithium L 


I 
The main natural source of lithium is the ATOMIC MASS 6.94 
thick layer of salt left over from when STATE Solid 
ancient lakes and seas dried out. This 
alkali metal is used to make long-lasting DISCOVERY 1817 (Johan 
batteries inside mobile phones and August Arfvedson) 


electric cars. 


Purple crystals in 
this rock contain 
lepidolite, an 
ore of lithium 


Lithium is the lightest 
of all metals; it will 
float on water even 

as it reacts with it. 


FOCUS ON... 
SODIUM 


The use of sodium 


dates back thousands A Ancient Egyptians used a 
sodium compound, natron, 


of years. 
to preserve mummies. 


Sodium 


The most common alkali metal in Earth’s 
crust, sodium is purified by electrifying 
sodium chloride. The electric current 
splits the sodium and chlorine apart in 

a process known as electrolysis. 


ATOMIC MASS 22.99 
STATE Solid 


DISCOVERY 1807 (Sir Humphry Davy) 


Nugget of 
à pure sodium 
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A Sodium chloride, A Sodium compounds 
or common salt, adds give some fireworks 
flavour to foods. their yellow colour. 


Potassium 


This metal helps the nerves and muscles in 
the body work properly. Potassium is found 
in foods such as bananas and avocados. 
lts compounds are used in soaps, plant 
fertilizers, and gunpowder. 


ATOMIC MASS 39.098 
STATE Solid 
DISCOVERY 1807 (Sir Humphry Davy) 


A layer of 
dark oxide 
covers the 
outside of 

the metal. 


Pure 
potassium 


Nugget of 
potassium 


LAKE NATRON 

Tanzania's Lake Natron is filled with a natural supply of 
sodium salts, such as sodium carbonate, which wash 
out of the volcanic rocks in the region. The water is 
more alkaline than baking soda — perfect for the rapid 
growth of a kind of bacteria that turns the lake red. 


- eS = 


10 Y lO V 


>1kQ 


100 ki e | 
h Ve 


Because the base circuit is broken (that Is, 


it is not complete), there is no base current 
flowing. 

Questions 

A. How much collector current is flowing? 


B. What is the collector voltage? ——__ 
C. What is the voltage at the point V C in the 
mechanical switch circuit? — 


Answers 
A. None. 
B. Because there IS no current flowing 


through the 1 kQ resistor, there is no voltage 
drop across it, so the collector is at 10 volts. 
C. 10 volts because there iS no current 
flowing through the 1 kQ resistor. 

26 From problem 25, it is obvious that a 
transistor with no collector current is similar to 
an open mechanical switch. For this reason, a 


Any creature that falls into 
== Lake Natron quickly gets covered in 
sodium salts and looks as if it has been 


turned to stone 
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of 87 
Rubidium RD" Francium Fr 
This metal is very rare compared to other The atoms of this radioactive element exist 
alkali metals. Rubidium is named after only for a few minutes before breaking 
the Latin word for “red” as it produces a up. As a result, francium is one of the 
deep-red flame when it burns. It is used rarest elements. This metal was one of 
only in a few high-tech applications, such the last elements discovered in nature 
as night-vision goggles. because of its rarity. lt was named after the 


country in which it was first found, France. 
ATOMIC MASS 85.468 


STATE Solid ATOMIC MASS (223) 

DISCOVERY STATE Solid O 
1861 (Gustav DISCOVERY 1939 (Marguerite Perey) 
Kirchhoff and | 


Robert Bunsen) 


As the uranium in this ore breaks 
down, it releases actinium 
atoms, which in turn break 
down to release francium atoms. 


Leucite, an ore 
of rubidium 


Caesium 


The most reactive metal found 
on Earth, caesium explodes 
violently on contact with 

air. It is used in atomic 
clocks, the most accurate 
timepieces yet invented. 


ATOMIC MASS 
132.905 


STATE Solid 


DISCOVERY 1860 
(Gustav Kirchhoff and 
Robert Bunsen) 


Chunk of uraninite, 

Laboratory sample of an ore of francium 
pure caesium in an 

R airless vial 


2012. 


IN 


Cp) 
=) 
5 
£ 
on 
= 
2 
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The largest sample 
of francium ever 
laboratory 
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K E Sc Ti V Cr 


La Ce Pr 


Ac Th Pa 


Alkaline 
Earth Metals 


The elements in this group appear in nature as 

minerals, or “earths”, that mix easily with water 
to form compounds called alkalis. The minerals 
of calcium are the most common because they 


Pm 


Np 


Tb 


Bk 


are found in living things — even in the shell of 
this fossilized ammonite. 


Cl 


Ts 


Yb 
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Alkaline Earth Metals 


Forming the second column -— or Group 2 — of the periodic table, 
these metals are not quite as reactive as their neighbours, the 
alkali metals, which form Group 1. Most alkaline earth metals were 
first found in Earth's crust as oxide compounds. Solid at room 
temperature, these elements have low melting and boiling points. 


Magnesium 
can be made 
into a flexible ribbon 


Soft metals Silvery shine 

Most members of this group are soft, brittle Pure alkaline earth metals, such as 
metals when pure, and are easy to cut with calcium (Seen above), are shiny. 

a knife. They also break easily when they These metals are highly reflective 
are dropped or twisted. One exception is and have a very smooth surface, 
beryllium, which is a hard, tough metal. which creates a mirrorlike shine. 


me 
ss Making alkalis 
' SAA The crumbly minerals of these elements dissolve in 
water to form chemicals called alkalis. In the past, 
these minerals were called “earths”, which inspired 
the name of the group. 


Magnesite, a mineral 
of magnesium 
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ALKALINE EARTH METALS 


When alkaline earth metals react 
with oxygen in the air, they burn 
and release energy in the form 

of light and heat. Each member of 
this group burns with a distinctive, 
coloured flame. Magnesium 
produces a particularly bright 
white flame (pictured right). 


Colourful flames 


Magnesium powder 
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Beryllium 


While other metals expand when 
hot and contract when cold, 
beryllium keeps its shape at all 
temperatures. This means it can 
be used in machines such as 
high-speed aircraft, in which 
some parts may become 
extremely hot. 


ATOMIC MASS 9.012 
STATE Solid 


DISCOVERY 1797 
(Nicholas Louis Vauquelin) 


Laboratory sample of 
pure beryllium 


> Magnesium Mg 


Pure magnesium is added to other metals such 
as iron, not only to make them stronger but also 

. more lightweight. Useful compounds 

we of magnesium include magnesium 

carbonate, which is used in 

medicine for indigestion, and 
magnesium oxide, which is 
found in cement. 


at E 
ye 


(Joseph Black) 


ca 
eS, 


pi, Laboratory sample of 
ee PPP B 
ce a pure magnesium 
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CALCIUM Í e ee 
This element is the most 4 i ee 
common alkaline earth A Writing chalk is A Milk is a source A The Sphinx of Giza 
metal in Earth’s rocks, mainly made of a of calcium and helps is made from limestone, 
and the most abundant calcium sulfate mineral to strengthen our a rock formed primarily 
metal in the human body. known as gypsum. bones and teeth. of calcium carbonate. 


Calcium 


The pure form of calcium reacts with water to make 
hydrogen gas and calcium hydroxide, a compound used in 
paper-making. The fifth most common element in Earth’s 
crust, calcium is found in many minerals, very often as 
calcium carbonate. This compound appears in many 
forms, including calcite crystals. 


EN 


ATOMIC MASS 40.078 
STATE Solid 
DISCOVERY 1808 (Sir Humphry Davy) 


Clear crystals of 
calcite, an ore 
of calcium 


Crystals of pure calcium 
refined in a laboratory 
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Strontium 


This metal is named after Strontian, a 
village in Scotland near to where the 
first samples of strontium minerals were 
discovered. Strontium has a wide range 
of uses, including in fireworks that burn 
red and toothpastes for people with 
sensitive teeth. 


ATOMIC MASS 87.62 
STATE Solid 


DISCOVERY 1787 (Adair Crawford), 
1791 (Thomas Charles Hope) 


The greyish 

n : metal turns 
d A yellow in the air. 

Ba ESS A a 


y 
iy 


Blue crystals of celestine, 
an ore of strontium 


transistor with no collector current and its 
collector voltage at the supply voltage level is 
said to be “turned off” (or just OFF). 

Question 


What are the two main characteristics of an 
OFF transistor? — | 
Answer 


It has no collector current, and the collector 
voltage is equal to the supply voltage. 

27 Now, calculate the following parameters 
for the circuit in Figure 3.27 , and compare 


the results to the examples in problems 25 
and 26. Again, the objective here is to find V 
Oar 

Figure 3.27 

OY 


100 k£2 e 


Questions 
A. IB = 


38 


Sr 


Laboratory-refined 
crystals of pure strontium 


A radioactive form 
of strontium is used to 
generate electricity in 

some remote areas, 
such as towns 
in the Arctic. 


A 


> q = YA 


y JE ES 
DS 
E 
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| 56 
Barium Ba 


The name of this element comes from the 
Greek word for “heavy”. Barium is not 
radioactive or poisonous (unlike 
most other heavy metals) so can 
be swallowed during medical 
tests to make the digestive 
system clearer in X-rays. 


ATOMIC MASS 
137.327 


STATE Solid 


DISCOVERY 1808 
(Sir Humphry Davy) 


Blue crystals of 
benitoite, an ore 
of barium, in rock 


Radium Ra 


Tiny amounts of radium can be found 

in ores of more common radioactive 
elements such as uranium. Radium was 
one of the first radioactive 
elements ever discovered. 


ATOMIC MASS (226) 
STATE Solid 


DISCOVERY 
1898 (Marie and 
Pierre Curie) 


Chunk of 
uraninite, an 
ore of radium 


Li Be B C N 
Na Mg Al Si P 
K Ca Ga Ge As 
Rb Sr In Sn Sb 
Cs Ba TI Pb Bi 
Er Ra Nh Fl Mc 


Transition 
Metals 


The hard transition metals are often extracted 
from their ores in their red-hot, pure, and molten 
form via a process called smelting. While molten, 
these metals can be precisely mixed to make 
alloys, such as steels and brasses, which have 
useful characteristics. 


Cl 


Ts 


Yb 
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The largest collection of elements in the periodic table, there are 
38 transition metals. Most of them have high melting and boiling 
points, conduct heat and electricity well, and are easy to shape. 


These metals are not as reactive as the alkali metals and alkaline 
earth metals. 


Hard metals 

The transition metals tend to be dense 

and hard compared to metals in other 

sections of the periodic table. 

They are frequently 

mixed together to 

make alloys, such 

as steel or brass, 

_ which are harder Precious metals 

and stronger still. The four “precious” metals — gold, silver, 
platinum, and palladium - are transition 
metals. They are called precious because 

| they are rare. They stay shiny without 

Strong titanium corroding, which makes them ideal for 
alloy wheel crafting jewellery. 


Bracelet 
made of gold 


CNS Good conductors 

Y" JAN AUN A WIA Ñ —. The elements in this group are good conductors, 
y hi a MNA which means that heat and electric currents move 
My through these substances easily. Silver is the best 

ag conductor of all, but it is too expensive to use in 
a large amounts. Electrical and telephone wires and 

Copper wires —_ television cables are largely made from copper, 
inside electrical cable which is very common. 


Colourful compounds 

Each transition metal can form a variety of colourful compounds. 
Different compounds absorb different amounts of light energy, 
which produces the variations in colour. This is why the Rainbow 
Mountains in China have multiple hues: iron oxide causes 

the red colour, while iron sulfide results in the yellow. 
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Rainbow Mountains 
at the Zhangye 
Danxia Landform 
Geological Park 
in China 


41 
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21 
Scandium Sec Titanium 
There are very few ores that contain This metal is as tough as steel but much 
significant amounts of scandium, so lighter. Titanium can be easily refined into 
it is not widely used. It is also expensive: pure metal from its ore. It is mixed with 
0.45 kg (1 Ib) of scandium costs more aluminium to make superstrong alloys for 
than US$120,000. aircraft bodies and engines. 
ATOMIC MASS 44.956 ATOMIC MASS 47.867 
STATE Solid STATE Solid 
DISCOVERY 1879 (Lars Frederik Nilson) DISCOVERY 1791 (William Gregor) 


Laboratory 
sample of 
pure scandium 


The body of an 
Airbus A380 
superjumbo contains 
about 77 tonnes 
of titanium. 


The mineral albite, 
which does not contain 
titanium, grows 
alongside brookite. 
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22 
Ti 


The mineral brookite 
is a natural form of a 
compound called 
titanium dioxide. 


Laboratory 
sample of 
pure titanium 


Red-brown crystal of 
brookite, an ore of titanium 
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lum 


Vanad 


y F . AG? T Por r <3 , 5 
. AI ARC ge A rs 


< » 
E T wae 
y Y a) Vas SI PED S e 


oe ee 

oS OD 
DO. OD 
os Orn 
c¢ ©#£# 0 S_ 
cc £LCO oO 
303") 20 
ovo 
noo. dow 
“OCG MOO 
D N 
YO E D 
oD O00 8 5 
san os Sl S 
a“ gc ja; £ 
FS ES 

| a 
050.2500 — 
ES On > LO O 
“OE BIO © 
as cc Y) =o 
Sees fe |22 T 
SSEL Q. © — 
GO0£920 O ES 
=D Oo SY Z wul ó 
O w O © = 5 

e EO 
q ESSE O = 
a E Fie 2S 
secco <N QE 


Red crystals of vanadinite, 


an ore of vanadium 
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Chromium 


Pure chromium is mixed 
with steel to stop it from 
rusting — producing 
shiny stainless steel. 
Compounds of 
chromium come 

in bright colours, 

such as purple, 

yellow, and red. 


of pure chromium 


ATOMIC MASS 51.996 
STATE Solid 


DISCOVERY 1798 (Nicholas 
Louis Vauquelin) 


Laboratory Manganese 
sample of 
pure vanadium When pure, manganese +- 
crystals is a dull grey metal that 2. 


e 


is hard and brittle. It is 

mixed with silicon 

into steel to harden 

it. This tough 3 | 
steel can be AN 
used to make PN P S 
tank armour. A e 


Chunk of 
rhodonite, an ore 
of manganese 
ATOMIC MASS 54.938 
STATE Solid 
DISCOVERY 1774 (Johan Gottlieb Gahn) 
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26 
Iron Fe 
Oxygen, silicon, and aluminium are more ATOMIC MASS 55.845 
common than Iron in rocks on Earth's STATE Solid 
surface, but it is iron that makes up around 
35 per cent of Earth’s mass. Most of it is DISCOVERY Around 3500 BcE 


found in the planet's core, which is a ball 
made of hot iron and nickel, nearly 
5,000 km (3,100 miles) wide. 


An iron-rich compound 
in human blood 
called haemoglobin 
transports oxygen 
around the body. 


be 
Chunk of pure 0 
iron refinedin ¥ 
a laboratory 


B. VR = 
CVC =  ŻŽ 
Answers 
A. 10 volts | 
lp = = 0.1mA 
100k0 
lc =50 0.ImA =5mA 

B VR = 1kQ x 5mA = 5 volts 
C. VC = 10 volts-5 volts = 5 volts 


Note The output voltage in this problem is 
half of the supply voltage. This condition is 
important in AC electronics and is covered in 
Chapter 8. 


The Junction Field Effect 
Transistor (J FET) 


28 Up to now, the only transistor described 
has been the BJT. Another common transistor 
type is the JFET. Like the BJT, the JFET is 


used in many switching and amplification 
applications. The JFET is preferred when a 
high input impedance circuit is needed. The 
BJT has a relatively low input impedance as 
compared to the JFET. Like the BJT, the JFET 
is a three-terminal device. The terminals are 
called the source , drain , and gate . They 


are similar in function to the emitter, collector, 
and base, respectively. 

Questions 

A. How many terminals does a JFET have, 
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(ER, 


4 y O26 = OEI IN < Cobalt compounds 
“e ” pp i _ create the distinctive blue 
3 e) colouring in fine china. 


a 


FOCUS ON.. 
COBALT 


Cobalt and its compounds 
have many uses, such as 
strengthening steel and 
making paints. 


> Like iron and 
nickel, cobalt is used 
in strong magnets. 


Cobalt 


This metal’s name comes from the German word “kobold”, 

which means “goblin” (a mischievous spirit). Medieval miners 
would often mistake its poisonous ores as a source of the 
precious metal silver — making them very ill. 


ATOMIC MASS 58.933 
STATE Solid 
DISCOVERY 1739 (Georg Brandt) 


Purple-pink crystals 
of cobaltocalcite, 
an ore of cobalt 


Laboratory-refined 
disc of pure cobalt 


th the 
for more than 


Ing wi 


int 
iron 


a 


People have been 


des of 


000 years 


colourful ox 


20 


Ay 


CAVE PAINTING 

This bison was painted on a wall of the Cave of 
Altamira in Spain around 15,000 sce. Its red colour is 
from ochre (a mixture of iron oxide, clay, and sand). 
Many other oxides of transition metals have been 
used as sources of colour since prehistoric times. 
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Nickel 


Along with iron and cobalt, nickel is used to ATOMIC MASS 58.693 
make strong magnets, such as those found STATE Solid 
in electric motors. It is also used in many 


alloys, protecting them from corrosion. The DISCOVERY 1754 (Axel Fredrik Cronstedt) 
US 5 cent coin is made of an alloy of 
copper and nickel. 


A high concentration 
of nickel gives this 
mineral its green colour. 


Crystals of 
garnierite, an 
ore of nickel 
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Copper 


This distinctly red metal 
is one of the few metallic 
elements to be found 
pure in nature. It was 
one of the first metals 

to be used by humans. (“44 
Mixing it with tin forms iam 
a tough alloy called ‘= 
bronze, which has been 

in use for more than 
5,000 years. 


Pellets of pure copper 
refined in a laboratory 


ATOMIC MASS 63.546 
STATE Solid 
DISCOVERY Prehistoric 


‘oe 


30 
Zinc Zn 


s» Although this element was 
—.% not recognized until the 
4 18th century, compounds 
“=. of zinc have been in use for 
many centuries. Calamine 
lotion, for example, contains 
zinc oxide and is an ancient 
recipe for soothing itches. 


DISCOVERY 1/46 
(Andreas Marggraf) 


Laboratory sample 
of pure zinc 


39 
Yttrium Y 


The metal yttrium is more common in Moon rocks 
than in Earth’s crust. It has a number of high-tech 
uses, such as in the making of camera lenses. 
Yttrium-rich crystals can also make laser 
beams powerful enough to cut through metal. 


Laboratory sample 
of pure yttrium 


és. 3 40 
Zirconium ES E 
de. a ma) S s 
This metal is named after the mineral zircon, MER = 
a golden-brown crystal that is a natural form qa 
of the compound zirconium silicate. Some ! e 


zircon crystals found in Australia are nearly / 
4.4 billion years old, making them some Ea 
of the oldest crystals on the planet. 


ATOMIC MASS 91.224 
STATE Solid 


DISCOVERY 1789 (Martin 
Heinrich Klaproth) 


Laboratory-refined bar * 
of pure zirconium 
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Niobium 


An alloy of this rare metal is used to make wires that provide 
electricity to very powerful magnets. The magnets in the 


27-km- (16.78-mile-) long Large Hadron Collider (LHC), Shiny 
the world’s largest particle accelerator, use da 


1,200 tonnes of niobium alloy. Physicists 
use this machine to make atoms collide 
with each other at high speeds. 


ATOMIC MASS 92.906 
STATE Solid 


DISCOVERY 1801 (Charles 

Hatchett), 1844 (Heinrich 
Rose), 1864 (Christian 
Blomstrand) 


Laboratory-refined rods 
of pure niobium 


Molybdenum 


Molybdenite, the main mineral of 
molybdenum, is similar in its dark 
colour to galena, an ore of lead. 
Ancient metalworkers mistook 
molybdenite for galena and named 
it “molybdos”, which is Greek for H j 
“lead”. Pure molybdenum is | 
actually much harder than lead 
and is used to strengthen alloys. 


ATOMIC MASS 95.95 
STATE Solid 


DISCOVERY 1781 
(Peter Jacob Hjelm) 


Molybdenite, an 
ore of molybdenum 
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43 
Technetium Te 


The atoms of this highly radioactive 
element are very unstable and break 
down quickly. Technetium was named 
after “teknetos”, the Greek word for 
“artificial”. It is the first artificial element 
to have been created. 


ATOMIC MASS (98) 


STATE Solid 


DISCOVERY 1937 (Carlo Perrier and 
Emilio Segre) 


Foil 
of pure 
technetium 


Ruthenium 


Ruthenia, the Latin name 
for Russia, inspired this 
rare element’s name. 
Ruthenium is used in 
turning coal into the 
liquid fuel petroleum, 

in X-ray machines, 

and in making solar 
cells (devices that turn 
sunlight into electricity). 


Laboratory- 
refined 
crystals of 
pure ruthenium 


ATOMIC MASS 101.07 
STATE Solid 


DISCOVERY 1808 (Jedrzej Sniadecki), 
1825 (Gottfried Osann), 1844 (Karl 
Karlovich Klaus) 


46 
Palladium Pd 


This precious metal is added in 
small amounts to gold to make 
white-gold jewellery. A compound 
called palladium chloride is an 
ingredient in sensors that detect 
levels of poisonous carbon 
monoxide gas. 


ATOMIC MASS 
106.42 


STATE Solid 


DISCOVERY 
1803 (William 
Hyde Wollaston) 


Piece of 
pure palladium 
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45 
Rhodium Rh 


The element rhodium is one of the rarest ATOMIC MASS 102.906 
elements of all. The total annual production STATE Solid 

steel onan DISCOVERY 1803 (William Hyde Wollaston) 
in a car's catalytic converter, 

a device that removes 
poisonous gases from 
the exhaust fumes. 


The sand on the banks 
of the Ural River in 
Central Asia is a major 

source of rhodium. 


The mineral 
forms as 
golden 
needles. 


Golden crystals 
of millerite, an 
ore of rhodium 
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O 


FOCUS ON... 
SILVER 


Silver is the most 
common precious 
metal and has a 
wide range of uses. 


A Thin, edible 
silver foil is used to 
decorate sweets. 


Silver 


Like the precious metals gold, platinum, 
and palladium, silver is found pure in 
nature. It stays shiny for a while, but 
unlike other precious metals, 
silver reacts slowly with 
traces of sulfur in the 
air to create a 
black tarnish. 


"ar, aala SA 


h ZA, 
Ds, 


OS 
Se — = 7 4 
A Silver is commonly 
used in jewellery 
such as necklaces, 
bangles, and rings. 


A Silver nitrate mixed 
with water is used as 
a gentle antiseptic for 
cuts and scrapes. 


47 
ATOMIC MASS 107.868 


STATE Solid 
DISCOVERY Around 3000 Bce 


This silver was left 
behind when hot, 
mineral-rich water 
trickled through rocks. 


Twists of silver 
on quartz 


and what are these terminals called? < 

B. Which terminal has a function similar to the 
base of a BJT? 
Answers 

A. Three, called the source, drain, and gate. 


B. The gate has a control function similar to 
that of the base of a BJT. 

29 The basic design of a JFET consists of 
one type of semiconductor material with a 
channel made of the opposite type of 
semiconductor material running through it. If 
the channel is N material, it is called an 
N-channel JFET; if it is P material, it is called 
a P-channel. 

Figure 3.28 shows the basic layout of N 
and P materials, along with their circuit 
symbols. Voltage on the gate controls the 
current flow through the drain and source by 
controlling the effective width of the channel, 
allowing more or less current to flow. Thus, 
the voltage on the gate acts to control the 
drain current, just as the voltage on the base 
of a BJT acts to control the collector current. 
Questions 
A. Which JFET would use electrons as the 
primary charge carrier for the drain current? 
B. What effect does changing the voltage on 
the gate have on the operation of the JFET? 


Figure 3.28 
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Cadmium 


During the refining and production of 
zinc from its ore, cadmium is extracted 
as an impurity. This metal was once used 
to make vibrant yellow paint, but it is no 
longer used as it is now known to be 
highly toxic. Today, cadmium is used 
mainly in rechargeable batteries. 


ATOMIC MASS 112.414 
STATE Solid 


DISCOVERY 1817 
(Friedrich Stromeyer) 


This mineral is mainly composed 
of cadmium sulfide. 


Greenockite, an ore of cadmium 


72 
Hafnium Hf 


Chemists knew there was a gap in the ATOMIC MASS 178.49 


periodic table, underneath zirconium, but STATE Solid 


couldn't find the missing element for many 
years. Hafnium was eventually found DISCOVERY 1923 (George Charles 
in crystals of a mineral called zircon. de Hevesy and Dirk Coster) 


It was discovered to be ney 
identical to zirconium, 

which was also present 
in the crystals. 


Laboratory 
sample of 
pure hafnium 
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73 
Tantalum Ta 
This transition metal gets its name from Tantalus, a figure 
€ 3 in Greek mythology. Tantalum does not corrode 
& y 14 "A easily and is used to make capacitors, which are 
22, tiny devices for storing electricity inside mobile 


Rey A ~) phones and tablets. 


ATOMIC MASS 180.948 
@ STATE Solid 


DISCOVERY 1802 (Anders 
F Gustav Ekeberg) 


Microlite is so named 
because it forms tiny crystals. 


Dark crystals of microlite, 
an ore of tantalum, in rock 


Tungsten 


This element has the highest melting point 
of any metal: it melts into a liquid at a 
scorching 3,414°C (6,177.2°F). Due to 
its heat-resistant properties, tungsten 
is used to make light bulb filaments, 
which can get very hot when a bulb 

is in use. This element is also mixed 
with carbon to make tungsten 
carbide, a compound used to 

harden metal tools. 


awe o 


ATOMIC MASS 183.84 
STATE Solid 


DISCOVERY 1783 (Juan and 
Fausto Elhuyar) 


Ferberite, an ore of tungsten 
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Rhenium Iridium 


Liquid rhenium will not boil until it is at One of Earth’s rarest elements, iridium is 
5,590°C (10,094°F), which is about the found in a thin layer of clay in the planet's 
same temperature as the surface of the crust, and is especially seen in the 

Sun. This metal has the highest boiling Badlands of South Dakota, USA. Scientists 
point of any element. Rhenium is used think it was distributed by the meteorite 
to make heat-resistant superalloys for that made the dinosaurs extinct. 

X-ray machines and the exhaust nozzles 


for jet fighters and rockets. ATOMIC MASS 192217 
STATE Solid 
DISCOVERY 1803 (Smithson Tennant) 


ATOMIC MASS 186.207 
STATE Solid 


DISCOVERY 1925 (Walter Noddack, 
Ida Tacke, and Otto Berg) 


Osmium 


One cubic cm (0.06 cubic in) of osmium is 
more than 22 times heavier than the same 
amount of water. This transition metal 

is the densest element in the world. 

It can be used by police investigators 

to find clues at a crime scene. One f 
of its compounds, osmium oxide, f 
mixes well with oil so it is used in 

the search for fingerprints. 


Pellet of pure osmium 
refined in a laboratory 


ATOMIC MASS 190.23 
STATE Solid 


DISCOVERY 1803 
(Smithson Tennant) 
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78 
Platinum Pt 


The name platinum comes from the ATOMIC MASS 195.084 
Spanish word “platina”, which means “little STATE Solid 

silver”. Although the Maya civilization in 

South America had used this metal for DISCOVERY Around 700 ace 
centuries, it was only in the 1750s that 
Spanish explorers brought it to Europe. 


This metal has a 
high melting point of Platinum is commonly 


1,768.2°C (3,214.8°F). used in catalytic 
converters, which are 
devices in cars that 
reduce toxic 
exhaust fumes. 


Laboratory-refined nugget 
of pure platinum 


TRANSITION METALS | 61 


FOCUS ON... 
This metal has a A Gold coins, suchas A The most reliable A The domes of some 
wide range of this Byzantine one from microchips have gold buildings, Such as 
modern practical around 600 ce, have connections that rarely Brunei's Jame’Asr 
applications. been used as Currency corrode or fail. Hassanil Bolkiah Mosque, 
throughout history. are covered in gold. 
79 


Gold en, O Au 


This precious metal is very soft 
and easy to shape. One cubic cm 
(0.06 cubic in) of gold can be drawn 
into a wire 165 m (540 ft) long 
without breaking, or hammered 
into 1 sq m (10 sq ft) of foil. 
Because of this, gold has been 
used extensively in making 
jewellery for thousands of years. 


ATOMIC MASS 196.967 
STATE Solid 
DISCOVERY Around 3000 ace 4 


Nuggets such as 
this one are rare 
as most gold is 
found as dust 
mixed into rocks. 


Nugget of pure gold 


“3 3 


Do." 


> 


GOLDEN VIEW 


The transition metals are very shiny when clean as 

their atoms reflect light and other invisible rays. Gold, 

one of the shiniest transition metals, is used to coat 

the helmet visors of spacesuits to protect astronauts 

¿A from the Sun's dangerous rays. 


4 / 
y TIE =D 


Wa 
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Mercury 


The only metal that is liquid at room temperature, 
mercury melts at -38.8°C (-37.9°F) and is solid 
below this temperature. Pure mercury is easily 
refined by heating its minerals, such as cinnabar. 
It is highly poisonous and its use is limited. 


ATOMIC MASS 200.592 
STATE Liquid 
DISCOVERY Around 1500 ace 


Chunk of cinnabar, 
an ore of mercury 


Liquid form of 
pure mercury 


104 
Rutherfordium Rf 


The artificial element Rutherfordium was 
named after New Zealand chemist Baron 
Ernest Rutherford, who studied and 
explained the structure of an atom. This 
element can be made by 
==. smashing together atoms 
of neon and plutonium. 


ATOMIC MASS (267) 
STATE Solid 
DISCOVERY 1964 
—~ (team led by 

~ à Georgy Flerov), 
~~ | 1969 (team led by 
Albert Ghiorso) 


Ernest Rutherford 


105 
Db 


Element 105 was discovered by two 
independent teams in Russia and the 
USA. Dubnium was eventually named 
after the Russian city of Dubna, which 
is home to the Joint Institute for Nuclear 
Research (JINR), the centre of atomic 
research in the country. 


Dubnium 


ATOMIC MASS (268) 
STATE Solid 


DISCOVERY 1968 (team led by Georgy 
Flerov), 1970 (team led by Albert Ghiorso) 
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106 
Seaborgium Sg 


This metal was named after the American 
chemist Glenn T Seaborg, who is credited 
with identifying and studying 10 artificial 
elements. Seaborgium is radioactive 

and its atoms break up after only a 

few minutes. 


ATOMIC MASS (269) 
STATE Solid 


DISCOVERY 1974 
(team led by 
Albert Ghiorso) 


Glenn T 
Seaborg 
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Bohrium 


The Danish scientist Niels Bohr was one 
of the first to figure out how protons, 
neutrons, and electrons are arranged 
inside atoms. Element 107, made by 
» fusing chromium atoms 
= with bismuth, is named 
after him. 


ATOMIC MASS (270) 


\) STATE Solid 


DISCOVERY 1981 


(team led by 
Peter Armbruster 
and Gottfried 
Munzenberg) 


Niels Bohr 


Hassium 


The atoms of hassium are so radioactive 
that they decay in a matter of seconds, 
so the only way scientists can study this 
element is by producing it artificially. 
Hassium is thought to be a solid metal 
but so far not enough atoms have been 


made all at once for this to be confirmed. 


This element is named after Hesse, the 
German state where it was first made. 


ATOMIC MASS (269) 
STATE Solid 


DISCOVERY 1984 (team led by Peter 


Armbruster and Gottfried Múnzenberg) 


Meitnerium 


This element was named for Lise Meitner, 
an Austrian-Swedish scientist who was 
one of the leaders of the team that 
discovered the nuclear fission chain 
reaction in uranium. This is the process 
that drives nuclear power and causes 
nuclear bombs to explode. While her 
name was left out of the Nobel Prize 
awarded for this discovery, she eventually 
got an element named after her. 


ATOMIC MASS (278) 
STATE Solid 


DISCOVERY 1982 (team led by Peter 
Armbruster and Gottfried Múnzenberg) 


a 


E ia Meitner in 
=. ~ Berlin, Germany 


Bust of Lise 


No connection d 
made here 


g 
O——— 
N-channel JFET 
No connection d 
made here 
g 
$ 
P-channel JFET 
Answers 
A. N-channel because N material uses 


electrons as the majority carrier. 

B. It changes the current in the drain. The 
channel width is controlled electrically by the 
gate potential. 

30 To operate the N-channel JFET, apply a 
positive voltage to the drain with respect to 
the source. This allows a current to flow 
through the channel. If the gate is at O volts, 


Darmstadtium 


The atoms of this element break down 
quickly, but it is thought to have similar 
properties to platinum. Many teams tried 
to make it, but its creation was first 
confirmed in the Society for Heavy lon 
Research in Darmstadt, Germany, before 
it was named after that city. Darmstadtium 
is made by smashing nickel atoms into 
those of lead. 


ATOMIC MASS (281) 
STATE Solid 


DISCOVERY 1994 (Sigurd Hofmann, Peter 
Armbruster, and Gottfried Múnzenberg) 


Copernicium 


In 1543, the Polish astronomer Nicolaus 
Copernicus theorized that Earth revolves 
around the Sun. Copernicium was named 
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Roentgenium 


This transition metal is made by fusing 
bismuth with nickel. It is a very radioactive, 
short-lived metal. Roentgenium is named 
after the German physicist Wilhelm Conrad 
Röntgen, the discoverer of X-rays. 


ATOMIC MASS (280) ¿gl 
STATE Solid 


DISCOVERY 1994 
(team led by Peter 
Armbruster and 
Gottfried Múnzenberg) ; 


Wilhelm Conrad 
Rontgen 


in his honour. This element is made by firing 
zinc atoms at lead. Only tiny amounts have 
been made so far and it has been suggested 
that a large sample of this metallic element 
might even be a gas at room temperature. 


ATOMIC MASS (285) 
STATE Solid 


DISCOVERY 1996 (team led by 
Sigurd Hofmann) 


Statue of Nicolaus Copernicus 
in Olsztyn, Poland 


K Ca Sc Ti V Cr Mn Fe Co Ni Cu Zn Ga Ge As Se Br Kr 
Rb Sr Y Zr Nb Mo IG Ru Rh Pd Ag Cd In Sn Sb Te Xe 


Hf Ta W Re Os Ir Pt Au Hg TI Pb Bi Po At Rn 


p Re ool Sol Bhi hel mi Del moa en n Mem Mies iv Ts o 
fea a e O fine Cm Bk Cf Es Fm Md No Lr 


Pu Am m 


Cs Ba 


Lanthanides 


The metals in this series are relatively common 
on Earth — and very useful in technology — but 
notoriously difficult to separate from one another. 
Here, a sliver of lanthanum nitrate, showing off 

a rainbow of colours under a microscope, has 
been extracted from a complex mineral filled 
with many other lanthanides. 
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Lanthanides 


Normally shown as a strip of elements along the bottom of the 
periodic table (along with the actinides), this series of metals is 
found in the sixth period (row) between Group 2 and the transition 
metals. The lanthanides are named after lanthanum, the first 
element in this series. 


Swedish discovery 
The lanthanides have very similar chemical and physical properties, 
and that made it hard for chemists to tell them apart. The 
discovery of the mineral gadolinite in 1787, in the village of 
Ytterby, Sweden, was a breakthrough. Gadolinite can be 
broken down into various lanthanides, and after a century 
of studying it, nine lanthanides were eventually found. 
Four of these — erbium, terbium, ytterbium, and 
yttrium — were named after Ytterby. 


Black crystals of 
gadolinite in rock 


œ | Rare earths 
“~~ Because they were found combined together in various 
minerals in Earth’s crust, the lanthanides were called “rare 
earth metals” and were thought to be hard to find. Despite 
D the name, lanthanides are quite common. They are 
EN found in low concentrations through all kinds of rock, 
and are seldom seen in large quantities in one place. 


This mineral contains traces 
of almost all lanthanides. 


f Chunk of monazite, an 
ore of many lanthanides 
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Magnetic elements 

Several lanthanides are very magnetic, and tiny amounts of them 

are added to iron and nickel magnets to boost their strength. 
Lanthanide-rich magnets are used to read and write computer 
memory and to make pickups - devices in electric guitars that 
convert the vibrations of the strings into electric signals. 


The pickups on this guitar use magnets 
made of the lanthanide samarium. 


Electric guitar 


Light emission 
Lanthanides are crucial in the production of 

coloured light in light-emitting diodes (LEDs). 
Blue LEDs get their colours from chemicals 
containing europium, while green LEDs 
use chemicals with terbium. 


Blue LEDs glow on 
Dubai’s Meydan Bridge 


Bee | Runni les | RHL (1 PPP eee | iaa 208] _ ATI css: | iz: Ida l | E 
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57 
Lanthanum La 


Following its discovery, it took almost 100 years 

to figure out how to make a pure sample of this 
À, lanthanide. Pure lanthanum is used to make 

A Clear camera lenses, and some compounds of 


pà, lanthanum are used when refining the liquid 
W fuel petroleum. 


ATOMIC MASS 138.905 
. STATE Solid 
“Ma DISCOVERY 1839 (Carl 


Wa 
5 Gustav Mosander) 


A at AS 


* 
7 


Mischmetal (an alloy 
of lanthanum, cerium, 
and praseodymium) 
is used to produce 
sparks for special 
effects in films. 


Lanthanum 
will quickly 
tarnish when 
it is exposed 
to air. 


Laboratory 
sample of 
pure lanthanum 


FOCUS ON... 
PRASEODYMIUM 


This lanthanide metal has a 
range of uses, from colouring 
glass to making alloys for 
powerful magnets. 


Cerium 


Of the rare earth elements, cerium is the 
most common. It is even more common in 
Earth’s rocks than copper or lead. Cerium 
is used to make touchscreens on devices, 
some batteries, and glass polish. 
O”... Black crystals 
a a of allanite, an 
ore of cerium 


ATOMIC MASS 140.116 
STATE Solid 


A Artificial gems, such as 
this Cubic zirconia, are dyed 
green using praseodymium. 


(ESTA 
Ge] Praseodymium 


DISCOVERY 1803 (Baron Jóns Jacob 
Berzelius and Wilhelm Hisinger), 
1803 (Martin Klaproth) 
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A Praseodymium is mixed with 
magnesium to make superstrong 
alloys for aircraft engines. 


59 
Pr 


The name of this metal, which means 
“green twin” in Greek, refers to how pure 
samples of praseodymium will transform 
into a flaky green chemical when left in the 
air. Glasses tinted with praseodymium | 
have a yellow colour and make it ee 
easier to see in dark conditions. 


ATOMIC MASS 140.908 
STATE Solid 


DISCOVERY 1885 
(Carl Auer 
von Welsbach) 


Chunk of 
monazite, an ore 
of praseodymium 
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60 
Neodymium Nd 


When mixed with iron and boron, 
neodymium makes the most powerful 
magnets in the world, which can lift 


objects up to 1,000 times their own weight. 


They are known as NIB magnets. 


ATOMIC MASS 144.242 
STATE Solid 


DISCOVERY 1885 (Carl Auer 
von Welsbach) 


Laboratory 
sample of pure 
neodymium 


61 
Pm 


Every form of this lanthanide is highly 
radioactive. Any natural promethium 

that was in Earth’s rocks broke up billions 
of years ago. However, new promethium 
atoms are constantly being formed 

when the atoms of heavier elements 
break apart — only for the new 
promethium atoms to also split up. 
Scientists can make small amounts 

of this element artificially. 


Promethium 


ATOMIC MASS (145) 


STATE Solid 


DISCOVERY 1945 (Jacob A Marinsky, 
Lawrence E Glendenin, and 
Charles D Coryell) 


Europium 


Although it is named after the continent of 
Europe, europium is mainly found in rocks 
in American and Chinese mines. Europium 
compounds glow red in ultraviolet light, 
so they are added to bank notes, including 
euro notes, to prove they are authentic. 


Laboratory sample 
of pure europium 


ATOMIC MASS 151.964 
STATE Solid 


63 
Eu 


DISCOVERY 1901 (Eugene-Anatole 
Demarcay) 
The yellowish metal 


goes black when 
exposed to air. 
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62 
Samarium Sm 


The small but powerful electric motors that 
power some electric aircraft use samarium 
magnets. Samarium is also used 
in some lasers and in 
nuclear reactors. 


Laboratory sample of pure samarium 


ATOMIC MASS 150.36 
STATE Solid 


DISCOVERY 1879 (Paul-Emile Lecog 
de Boisbaudran) 


64 
Gadolinium Gd 


The Finnish chemist Johann Gadolin 
inspired the names of this lanthanide and 
its ore, gadolinite. Gadolinium 
tarnishes quickly when SS 
in contact with air. 


ATOMIC MASS 157.25 
STATE Solid 


DISCOVERY 1880 
(Jean Charles Galissard 
de Marignac) 


Laboratory sample 
of pure gadolinium 
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Terbium 


Pure terbium is soft enough 
to cut with a knife. Some of 
its compounds are used to 
line mercury lamps. When 
electrified, mercury vapour 
inside these lamps gives out 
ultraviolet light, which turns 
bright yellow due to terbium. 


ATOMIC MASS 158.925 
STATE Solid 


DISCOVERY 1843 (Carl — 
Gustav Mosander) 


In the 19th century, 
scientists got confused Y 
between terbium | 
and erbium and j 
accidentally switched £ 
their names. y 


Laboratory sample 
of pure terbium 


the drain current is at its largest value for 
safe operation, and the JFET is in the ON 
condition. 

When a negative voltage is applied to the 


gate, the drain current iS reduced. As the 
gate voltage becomes more negative, the 
current lessens until cutoff, which occurs 


when the JFET is in the OFF condition. 

Figure 3.29 shows a typical biasing circuit 
for the N-channel JFET. For a P-channel JFET, 
you must reverse the polarity of the bias 
Supplies. 


Figure 3.29 
y HYDD 


Question 
How does the ON-OFF operation of a JFET 
compare to that of a BJT? — — 
Answer 
The JFET is ON when there are O volts on 
the gate, whereas you turn the BJT ON by 


applying a voltage to the base. You turn the 
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| Ta E, 


Dysprosium | = Dy 


Compared to other lanthanides, 
this element reacts more easily 
with oxygen and water. Its 
name means “hard to get at”; 
the metal was purified for the 
first time only in the 1950s. 


ATOMIC MASS 162.5 
STATE Solid 


DISCOVERY 1886 
(Paul-Emile Lecoq 
de Boisbaudran) 


Laboratory sample of 
pure dysprosium 


Holmium 
The lanthanide holmium is named after the 
Swedish capital Stockholm, which is called 
“Holmia” in Latin. It is used in the making 
of some medical lasers. Holmium lasers 
are hot enough to burn through skin — 
surgeons and dentists use them to 
make delicate cuts that heal quicker 
than traditional surgical cuts. 


| ATOMIC MASS 164.93 
STATE Solid 


DISCOVERY 1878 (Marc 
Delafontaine and Louis Soret), 
1878 (Per Teodor Cleve) 


Black crystals of gadolinite, 
an ore of holmium 
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69 
Tm 


Thulium | 
The rarest of all the lanthanides, thulium ATOMIC MASS 168.934 

glows blue when invisible ultraviolet light STATE Solid 

shines on it. Small X-ray machines in 


ambulances use a radioactive form of DISCOVERY 1879 (Per Teodor Cleve) 
the metal to produce X-rays. 


Laboratory 
sample of 
pure thulium 
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68 70 
Erbium Er Ytterbium Yb 
Compounds of erbium are used to This metal reacts with oxygen in the air, 
create pink tints for glass and pottery. so is stored in sealed containers. Pure 
Crystals containing this metal can ytterbium has several uses, including the 
boost laser signals travelling through strengthening of steel. 
long-distance Internet cables. 

ATOMIC MASS 173.045 

ATOMIC MASS 167.259 STATE Solid 


STATE Solid 


DISCOVERY 
1843 (Carl 
Gustav 
Mosander) 


DISCOVERY 1878 (Jean Charles 
Galissard de Marignac) 


Laboratory 
sample of 4% 
pure erbium $ 


T1 
Lutetium Lu 
The final member of the lanthanide group is 


also the densest. It is mainly used to break 
i up complex chemicals 


Ytterbium 
is easy to 
hammer into 


and more useful 
substances. 


Laboratory 
ee Laboratory 
pure lutetium sample of 


3 pure ytterbium 
ATOMIC MASS 174.967 
STATE Solid 


DISCOVERY 1907 (Georges Urbain), 
1907 (Charles James), 1907 (Carl Auer 
von Welsbach) 


K Ca SE Ti V Cr Mn Fe Co Ni Cu Zn Ga Ge As Se Br Kr 


Rb Sr Y Zr Nb Mo Tc Ru Rh Pd Ag Cd In Sn Sb Te | Xe 
Cs Ba E Hf Ta W Re Os Ir Pt Au Hg TI Pb Bi Po At Rn 
Fr Ra Rf Do Sg Bh Hs Mt Ds Row Gm) Nh FI Mc Lv Ts Og 


La Ce Bi Nem) femi Sma MEU Gd Tb Dy Ho Er Im Yb Lu 


Actinides 


Elements in the actinide series, such as uranium, 
are unstable and radioactive, and they release 
heat as they break down. The heat released by 
uranium atoms can be used for generating power. 
Here, fuel rods packed with uranium are used in 
nuclear reactors. 
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Actinides 


This series of metals appears along the bottom of the periodic 
table, underneath the lanthanides. The group gets its name from 
actinium, the first member in the series. The heaviest naturally 
occurring elements of all, such as thorium and uranium, are 
actinides, along with many elements created artificially. 


Radioactivity 

Actinides are highly radioactive 
elements. Given enough time, the 
atoms of all these elements will break 
up and decay away. While thorium and 
uranium are the most stable and will 
last for billions of years, some other 
actinides have atoms that break up in 
a fraction of a second. Actinides are 
used as nuclear fuels for making 
electricity. Nuclear reactor complexes 
include hazardous areas with radiation 
warning symbols that alert people of 
the dangers within. 


a A Rradioactivity blasting from 
the uranium rod creates a 
blue glow. The heat from 
the fuel makes steam for 
generating electricity. 


Nuclear rod 
heating water Radiation symbol 


Naming elements 

The two most common actinides, thorium and uranium, were 
discovered much earlier than the others and were named after 
Thor (the Norse god of thunder) and the planet Uranus, which 
was a recent discovery when uranium was identified. Most of the 
actinides were discovered in recent years and many of them were 


ae , The planet 
named after famous scientists — curium, after Marie Curie Of | Uranus, which 
places, such as californium, after the American state of California. uranium was 


named after 


Artificial elements 

Of the actinides, only thorium and uranium are 
common enough to be refined from ores. Some other 
actinides do exist in nature but in tiny amounts. 
Many actinides are created artificially in a particle 
accelerator, such as the linear accelerator shown 
here, which smashes atoms together to make 
bigger, heavier elements. They are also made 
in nuclear reactors as uranium atoms decay. 


TE 


Super Heavy lon Linear Accelerator 
in Lawrence Berkeley National 
Laboratory, California, USA 
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Actinium 


This radioactive metal appears in tiny amounts 
wherever there is uranium present. The uranium 
breaks down into actinium, which over time 
splits itself into radon gas, giving out a form 

of radiation called alpha particles. 


ATOMIC MASS (227) 
STATE Solid 
DISCOVERY 1899 (Andrew Debierne) 


Viy 


Autunite 
crystals range 
in colour from 
bright yellow 
to green. 


in eerie blue 
n the dark. 


: | Chunk of 

pe ds : A, autunite, 
: US. an ore of 

actinium 
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Thorium 


Named after Thor, the Norse 
god of thunder, thorium is the 
most common radioactive 
metal in Earth’s rocks. The 
heat from thorium’s decay 
deep inside Earth keeps the 
planet warm, along with 

the Sun’s heat. 


ATOMIC MASS 232.038 
STATE Solid 


DISCOVERY 1829 (Baron 
Jóns Jacob Berzelius) 


Piece of thorianite, 
an ore of thorium 


Protactinium 


The name of this highly 
radioactive metal means 
“before actinium”, 
because uranium 
decays first into 
protactinium, which 
then breaks down 
into actinium. 


ld s 

Green crystals of “Y 
torbernite, an ore of 
protactinium, in rock 


ATOMIC MASS 231.036 
STATE Solid 


DISCOVERY 1913 (Kasimir Fajans and 
Otto Göhring) 
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Uranium 


This heavy metal was the first 
substance to be identified as 
radioactive, a discovery made 
by the French physicist Henri 
Becquerel in 1896. It is used in 
the making of nuclear bombs 
and as fuel for nuclear reactors, 
which generate electricity. 


ATOMIC MASS 238.029 
STATE Solid 


DISCOVERY 1789 (Martin 
Heinrich Klaproth), 1841 
(Eugene Peligot) 


Sitting next to uranium on the periodic table is 
another radioactive element called neptunium. 
à This actinide was named after the planet 
Neptune. Neptunium was first discovered 
after being made inside a nuclear reactor. 
It is used mainly in scientific research. 


ATOMIC MASS (237) 
STATE Solid 


DISCOVERY 1940 (Edwin McMillan and 
Philip Abelson) 


Piece of uraninite, an ore that 
has tiny traces of neptunium 


JFET OFF by applying a voltage to the gate, 
and the BJT is OFF when there are 0 volts 
on the base. The JFET is a “normally ON” 
device, but the BJT is considered a “normally 
OFF” device. Therefore, you can use the JFET 
(like the BJT) as a switching device. 

31 When the gate to source voltage is at 


O volts (V GS = 0) for the JFET (refer to 
Figure 3.29 ), the drain current Is at its 
maximum (or saturation) value. This means 
that the N-channel resistance is at its lowest 
possible value, in the range of 5 to 200 
ohms. If RD is significantly greater than this, 
the N-channel resistance, r DS , is assumed to 
be negligible. 

Questions 


A. What switch condition would this represent, 
and what is the drain to source voltage (V DS 
B. As the gate becomes more negative with 
respect to the source, the resistance of the 


N-channel increases until the cutoff point is 
reached. At this point, the resistance of the 
channel is assumed to be infinite. What 
condition does this represent, and what is the 


drain to source voltage? ——__ 

C. What does the JFET act like when it is 
operated between the two extremes of 
current saturation and current cutoff? 

Answers 

A. Closed switch, V DS = 0O volts, or low 


ACTINIDES | 87 


FOCUS ON... 
PLUTONIUM 


Isotopes (forms) of 
plutonium are radioactive A Deep space probes, A Plutonium was used A One form of 


and produce heat. This suchas Voyager 1, use in early nuclear bombs- plutonium is used 
is converted to electricity plutonium batteries as one such bomb was used as nuclear fuel for 
for various uses. a source of power. on Japan in World War Il. generating electricity. 


Plutonium 


The actinide plutonium was named after Pluto, the 
dwarf planet. It was the first artificial element to be 
manufactured in large amounts. It can be created 

from uranium in nuclear reactors. 


ATOMIC MASS (244) 
STATE Solid 


DISCOVERY 1940 (team led by 
Glenn T Seaborg) 


kg (14.3 lb) 
mium fuel. 


Chunk of uraninite, 
an ore of plutonium 
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Americium 


Scientists decided to name americium 
after North America, where it was first 
made. Some smoke detectors use tiny 
amounts of this element, as its radioactivity 
allows an electric current to pass through 
the air between two sensors in the device. 
Any smoke blocking the current causes 
the detector to sound an alarm. 


ATOMIC MASS (243) 
STATE Solid 


DISCOVERY 1944 (team led by 
Glenn T Seaborg) 


Berkelium 


The first particle accelerators were built 

in the University of California, in the town 
of Berkeley, USA. It was here that this 
metal was first created, so it was named 
after the town. Scientists made berkelium 
by smashing atoms of helium and 
americium together. This element is 

used only to make even heavier elements. 


ATOMIC MASS (247) 


STATE Solid 


DISCOVERY 1949 (team led by 
Glenn T Seaborg) 
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Einsteinium 


In 1952, a new kind of powerful 
nuclear weapon called the hydrogen 
bomb (H-bomb) was tested. After 
the explosion, scientists studying the 
debris found around 200 atoms of a 
new actinide. They named this new 
element after the German-American 
physicist Albert Einstein. 


ATOMIC MASS (252) 
STATE Solid 


DISCOVERY 1952-5 (team led by 
Albert Ghiorso) 


Albert Einstein 


Curium Californium 


The actinide curium was named after the This element was named after California, 
Polish-French scientist Marie Curie and her the US state where it was first made. 
husband, the French scientist Pierre Curie — Californium is a raw material used for 


the discoverers of the element radium. making very heavy elements, such as 
Rovers (remote-controlled robot vehicles oganesson. It is one of the world’s 
used for exploration) on Mars use curium most expensive substances: a gram of 
to shine X-rays on rock samples, revealing californium costs US$27 million. This 


what is in them. is because it is difficult to produce this 
highly radioactive element, making it rare. 


ATOMIC MASS (247) 
STATE Solid ATOMIC MASS (251) 


DISCOVERY 1944 (team led by STATE Solid 

Glenn T Seaborg) DISCOVERY 1950 (Stanley Thompson, 
-:- Kenneth Street Jr, Albert Ghiorso, and 

Glenn T Seaborg) 


Marie Curie in 
her laboratory 
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Fermium 


The American physicist Albert Ghiorso 
and his colleagues found fermium 
in the debris left behind by the 
first successful hydrogen bomb 
explosion in 1952, conducted by 
the USA. This artificial element 
has no use apart from in research. 


ATOMIC MASS (257) 
STATE Solid 


DISCOVERY 1953 (team The explosion also 


; produced einsteinium, 
led by Albert Ghiorso) another element that was 


unknown at the time. 


Mushroom cloud from the 1952 
hydrogen bomb test, named “Ivy Mike” 


Mendelevium 


This element is named after the Russian chemist 
Dmitri Mendeleev, who created the periodic table. 
It has no commercial uses. Artificial elements such 
as mendelevium are created in a machine called 
a particle accelerator. This one can be made by 
smashing together the atoms of bismuth and 
argon until they fuse into a single large 
mendelevium atom. 


ATOMIC MASS (258) 
STATE Solid 


DISCOVERY 1955 (team led by EA RANN A 
Albert Ghiorso) A RA NO a AA 


AI 


$ 
) 
$% 


Statue of Dmitri Mendeleev 
in Tobolsk, Russia 


RA 
DES 


Nobelium 


Scientists in California, USA, discovered 
nobelium by smashing together atoms of 
curium and carbon in a particle accelerator. 
It is named after Alfred Nobel, the Swedish 
chemist who invented dynamite. 


ATOMIC MASS (259) 
STATE Solid 


DISCOVERY 1956 (team led by 
Georgy Flerov), 1958 (team led 
by Albert Ghiorso) 


Alfred Nobel 
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Lawrencium 


The American physicist Ernest Lawrence, 
inventor of the cyclotron (a type of 
particle accelerator), was the inspiration 
behind the name of this actinide. Only 

a few atoms of this radioactive element 
have been made. 


ATOMIC MASS (262) 
STATE Solid 


DISCOVERY 1958 (team led by 
Albert Ghiorso), 1965 (team led 
by Georgy Flerov) 


Ernest 
Lawrence 
stands next 
to an early 
cyclotron 
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Boron Group 


The boron group has a wide range of elements — from 
the ultra-hard semi-metal boron to soft, heavy metals 
such as thallium — with no obvious features shared by 
the members. By far the most common of the metals 
is aluminium, which is used to build strong structures, 
such as these turbine blades from a jet engine. 


Cl 


Ts 


Yb 
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Boron Group 


Boron is a semi-metal (element 
with properties of a metal and 

a non-metal), while most other 
members of this group are metals. 
The properties of the artificial 
element nihonium, however, are 
not yet known. Compared to other 
metals, the boron group metals 
are not very reactive, and are 
sometimes referred to as poor 
metals because they melt at 

low temperatures. 


Boron creates links 

between the glue 
molecules so it stays 
in a single lump. £ 


Making slime 
One of the most important 
compounds of boron is borax, a 
chemical that also contains sodium and 
oxygen. This white material, used in cleaners 
and other common products, is mined in desert 
areas. When added to glue and water, it makes 
slime, which is a gooey toy that flows like a liquid 
but bounces like rubber. 


Stretched slime 
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Soft meta | S Aluminium atoms 


, , make up a quarter 
Most boron group metals, including of this ore. 


indium, can be cut with a steel knife, 

so they are not tough enough for 
construction. Only aluminium is suitable 
for building structures. By contrast, 
boron — the sole non-metal — is one Bauxite, a mineral 
of the hardest elements of all. ore of aluminium 


Natural compounds 
The elements in the boron group are never 
found pure in nature, despite not being very 
reactive. All of them, like members of some 
other groups, have to be purified from ores. 
M Aluminium is a very common ingredient in 
minerals, while the other elements are 
considerably rarer. 


Pure indium mould cast 
in a laboratory 


Conducting metals 
The metallic members of this group are all good 
conductors of electricity, especially aluminium. 
Because aluminium is more lightweight than 
other conducting metals, it is often used in 
overhead electricity cables. Semi-metallic 
boron, however, is a good insulator when 

pure and blocks electric currents. 


Overhead cables 
of aluminium 
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Boron 


The first semi-metal in the 
periodic table, pure boron 
has a slight shine to it, like 
a metal, but unlike metals it 
does not conduct electricity 
very well. Boron and its 
compounds have many 
uses, including in the 
making of detergents, 

LCD screens, and 

even tank armour. 


h 


Boron and carbon 
form boron carbide, 
one of the hardest | 
known materials 

on the planet. 


ATOMIC MASS 10.81 
STATE Solid 


DISCOVERY 1808 
(Louis-Josef Gay-Lussac 
and Louis-Jacques Thénara), 
1808 (Sir Humphry Davy) 


Kernite, an Laboratory sample 
ore of boron of pure boron 


value 
B. Open switch, V DS = V DD 
C. A variable resistance 


Inside the JFET 
Now take a closer look at the inside of an 
N-channel JFET. With O volts applied to the 


gate, the channel is at its widest, and the 
maximum amount of current can flow 
between the drain and the source. If you 
apply a negative voltage to the gate, 


electrons in the channel are repelled from the 
negative voltage, forming depletion regions on 
each side of the channel, which narrows the 
channel, as shown in the following figure. 

Depletion regions 


F tt FFF 4 
¡e a ES ttt 
A O A E 


_ Narrow channel | 
Further increasing the negative voltage on the 


gate repels additional electrons, increasing the 
width of the depletion region and decreasing 

the width of the channel. The narrower the 
channel, the higher its resistance. When you 
apply high enough negative voltage, the 


depletion regions completely block the channel, 


FOCUS ON... | ZAA 
ALUMINIUM 


This shiny metal can be 


found in many everyday A Cans ga of A Aluminium is both A Fire-protection 

objects, from cans to pure aluminium are lightweight and strong suits have an 

sports equipment. easy to recycle. and Is used to make aluminium coating 
tennis rackets. to reflect heat. 


Aluminium 


Despite being the most common metal in Earth’s 
rocks, pure aluminium is hard to separate 

from its minerals. After it was first identified, 

it took a century to figure out how to 

make pure aluminium in large 

amounts. Now it is the 

second-most utilized metal 

on Earth, after iron. 


ATOMIC MASS 26.982 
STATE Solid 


DISCOVERY 1827 | 
(Friedrich Wohler) l, 


This blue-green 
ore contains 
aluminium, 
phosphorus, 
and oxygen. 


Chunk of green 
variscite, an 
ore of aluminium 
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Gallium 


With a melting point of just 29°C (84°F), 
the warmth of a person’s hand is enough 
to make this shiny metal melt. A liquid 
alloy called galinstan, which is used 

in medical thermometers, is made by 
mixing tin and indium with gallium. 


ATOMIC MASS 69.723 
STATE Solid 


DISCOVERY 1875 (Paul-Émile Lecoq 
de Boisbaudran) 


Cube of 
melting gallium 


Indium 


When electricity is passed through indium 
atoms they glow an indigo colour, which 
is where the metal gets its name from. 

A, Indium is used to make very thin 

. electrical wires that run 

AS 2 through the touchscreens 

+] of mobile phones. 


Black crystals 
of sphalerite, 
an ore of indium 


ATOMIC MASS 114.818 
STATE Solid 


DISCOVERY 1863 (Ferdinand 
Reich and Hieronymous Richter) 


Nihonium 


This is the only artificial element made in 
Japan. It was named after the Japanese 
name for Japan, “Nihon”. Nihonium forms 
when moscovium atoms break apart, but 
it can also be made by smashing bismuth 
and zinc atoms together. It is highly 
radioactive, and is used only in research. 


ATOMIC MASS (286) 
STATE Solid 


DISCOVERY 2004 (team led by 
Kosuke Morita) 
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Thallium 


This soft metal takes its name from the 
Greek word “thallos”, which means “green 
shoot or twig”, because it burns with a 
bright green flame. Pure thallium is very 
toxic: if ingested, it causes stomach pains 
and makes hair fall out. 


rs 


— aR 
ATOMIC MASS 204.38 \ 
STATE Solid / 


DISCOVERY 1861 Í 
(William Crookes) 


Laboratory sample 
of pure thallium in 
an airless vial 


Pure 
thallium is 
stored 
away from .. 
air to keep 
it from 
tarnishing. 
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Atoms of carbon and the other members of this group 
can bond to four other atoms at once. As a result, 
these elements form a very wide range of compounds 


with complex molecules. These compounds include 


silicon dioxide, which is present with other elements in 


types of glass. Here, a glass vase is made in a furnace. 


Cl 


Ts 


Yb 
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Carbon Group 


This group of elements is named after the first element in it, 
carbon. The carbon group is the first in the periodic table to 
contain metals, semi-metals, and a non-metal — most of which 
have played a significant role in human history. 


8 4 


A 


¿de 


] 


s Life forms 
All living organisms on Earth contain carbon. 
The sugars, fats, and proteins used to build 
and power a living body are all complex carbon 
compounds. Plants build these compounds using 
carbon dioxide taken from the air, while animals 
get their supply of carbon from food. 


‘ 
kat 


Bronze ; 
The metal tin was one of the earliest CA 

metals to be purified. For thousands of ky 
years, people have mixed tin with copper to 
create an alloy called bronze, which is tougher and 
more useful than either of the original metals. The 
first widespread human civilizations used bronze to 
make tools, statues, and weapons. 


6th century sce bronze 
statue of two oxen 


Carbon chemistry 

One carbon atom can bond to anything from 
one to four other atoms, and as a result, carbon 
forms a huge range of compounds. Wood, coal, 
oil, and plastics are all carbon compounds. 
Common fuels such as petrol and natural 
gas are also carbon-based. They release 
heat when burned, 
and transform into 
water and carbon 
dioxide, as well as 
carbon monoxide, 
which is a toxic gas. 


Semiconducting silicon wafer 


Semiconductors 

The impure forms of germanium and 
silicon are used as semiconductors — 
substances that conduct electricity 
better than insulators, but not as well 
as conductors. When pure, these two 


The body of this 
sharpener is made of 
plastic and the steel 
blade is toughened 
with carbon grains. 


l e This wood , , 
semi-metals block electricity, but e madeof The pencil lead is 
: graphite, a form 
when tiny amounts of other elements cellulose, of pure carbon 
a carbon ' 


are added to them, they can transmit 
it. These semiconductors are used 
in electronics. 


compound. 


Pencil with 
plastic sharpener 
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Carbon C 


All life forms on this planet are ATOMIC MASS 12.011 
carbon-based. This means that the STATE Solid 


basic molecules that form the cells, 
tissues, and organs of all living DISCOVERY Prehistoric 
organisms are a combination of 
carbon and other elements. 


Diamond is made 
from a rigid network 
of carbon atoms. 


Diamond 
crystal 


Of the roughly 
10 million 
compounds known 
to us, nine million 

contain carbon. 


Chunk of 
glassy carbon 


FOCUS ON... 
SILICON 


This semi-metal can 


a) ` 
A Sandpaper is made A These cupcake A Silica gel packets 


be used to make hard a A 
: from a compound of cases containing silicon are added to dry food, 
and soft materials. E 
silicon and carbon can be put in an oven clothes, and shoes, 
called carborundum. as they are heatproof. to absorb moisture. 


Silicon 
After oxygen, this semi-metal is the ATOMIC MASS 28.085 
second most common element in Earth’s STATE Solid 


rocks. Compounds of oxygen and silicon 
are called silicates and there are hundreds 
of different types. Around 90 per cent of 
all minerals inside rocks are silicates. 


DISCOVERY 1824 (Baron Jóns 
Jacob Berzelius) a 


<3 


The shiny surface of 
opal is from microscopic 
silicate crystals. 


Piece of opal, 
a silicon 
compound 


as shown in the following figure, cutting off 
the flow of = current between the drain and 
source. This voltage is called the cutoff 
voltage 

Depletion regions 


FF FF + 


EEFE E, aa +t4 
FHEAE +t+ 


Blocked channel 
Before you connect any JFET to other 


components in a circuit, you must identify the 
drain, gate, and source leads (referred to as 
the JFET's pinout) and determine whether the 
component is an N-channel or a P-channel 
J FET. 

Transistors are marked with a part number. 
For example, 2N3819, 2N5951, and 2N5460 
are all part numbers of JFETs. However, the 
part numbers don't tell you much about the 
JFET. For these three transistors, the 2N3819 
and 2N5951 are N channel JFETs, whereas 
the 2N5460 transistor is a P channel JFET. 
This is not obvious from the part numbers. 
Also, the JFET pinout is not identified on the 
part number. For example, one N-channel 
JFET, the 2N3819, uses different leads for the 
gate, drain, and source than the 2N5951 


BUBBLING UNDER ICE 

The gas methane is made of carbon and hydrogen, and 
is present in underground reservoirs. Lighter than air, 
it rises into the atmosphere in the summer from Arctic 
lakes, such as Lake Baikal in Russia’s Siberia region. 

In the winter, the surface of this lake freezes, trapping 
methane under it as strings of bubbles. 
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Germanium 


After silicon, the semi-metal germanium is 
the second most important semiconductor 
used in computer microchips. It is mostly 
found in ores of silver, lead, and copper. 


ae 


Laboratory- 
refined disc 
of pure 
germanium 


ATOMIC MASS 72.63 
STATE Solid 


DISCOVERY 1886 (Clemens Winkler) 


Flerovium 


The name of this element was inspired 
by the Russian scientist Georgy Flerov. 
Flerovium was created for the first time 
by making plutonium and calcium atoms 
collide in a particle accelerator. Since 
then, only a few more atoms have been 
created. It is so radioactive that any 
atoms that are made last only for a few 
seconds before breaking apart. 


ATOMIC MASS (289) 


STATE Solid 


DISCOVERY 1998 (team led by Yuri 
Oganessian and Vladimir Utyonkov) 


This metal is easy to purify from its ores, 
so humans have used it for more than 
5,000 years. When mixed with copper, tin 
makes the alloys bronze and pewter; with 
lead, it forms the alloy solder. 


ATOMIC MASS 118.71 
STATE Solid 


DISCOVERY Around 3000 sce 


Laboratory 
sample of 
pure tin 


iOa, 
A ee 
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The symbol for this metal is taken from the Latin 
word “plumbum”, from where the word “plumber” 
also originates. This is because in ancient Roman 
plumbing, lead was used to make water pipes. 
Today, we know that pure lead is poisonous, 

so it is seldom used for pipes. One 


common use of lead is in 
car batteries. 


ATOMIC MASS 207.2 
STATE Solid 


DISCOVERY 
Prehistoric 


This ore is found 
in the form of 


long crystals. — EX 


Red crystals 
of crocoite, 
an ore of lead 
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Cl 


Ts 


Yb 


Nitrogen 
Group 


The atoms of nitrogen and other members of 
this group form strong bonds. They release a 
burst of energy when the bonds break, making 
these elements useful in explosives and fuels, 
such as the nitromethane fuel used to give a 
power boost to this dragster. 
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Nitrogen Group 


Another name for the members of this group is the “pnictogens”, 
which comes from the Greek word for “to choke”. This refers to 
nitrogen’s tendency to cause choking in the absence of oxygen. 
However, nitrogen, as well as phosphorus, are essential ingredients 
in bones and muscles. This group includes non-metals, 
semi-metals, and metals. 


Atmospheric nitrogen 

The relatively unreactive nitrogen is the most 
abundant gas in Earth’s atmosphere. Every 
living thing needs nitrogen compounds to 
grow, but most cannot use pure nitrogen. 
Instead, bacteria in soil convert the gas into 
useable compounds, which are collected 

by plants via their roots. Animals take in 
nitrogen through food. 


Nitrogen 78% 


Oxygen 21% 


Other gases 1% 


Gases in Earth’s atmosphere 


Burning phosphorus 

The most reactive member of the group is 
phosphorus. Some forms of it will catch fire 

on contact with air. A safer version is used in 
matches, where phosphorus is mixed into the 
rough strip on the box. When the match is 
rubbed along here, the phosphorus heats up 
and reacts with the match head, setting it alight. 


Striking a 
matchstick 


The arsenic in the k AS 
erupted material A 
will mix with the air. i ; , 


Poisonous 
element 

All elements in this group 
are deadly if used improperly, 

but arsenic is so toxic that it is often 
known as the “king of poisons”. Its 
compounds have been used for many 
centuries to kill rats and other pests. 
Erupting volcanoes release large 
amounts of poisonous arsenic gas 
and dust, which dilutes in the air. 


The Karymsky volcano, 
in Kamchatka Peninsula, 
Russia, has been erupting 

since 1996 
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Nitrogen 


Earth's atmosphere is made up of about 78 per cent 
FOCUS ON... nitrogen, making this gas the most common pure 


NITROGEN element on Earth. While it is relatively rare in solid 
Nitrogen is an important minerals, nitrogen is used by plants, fungi, and 


ingredient in the chemical animals to make proteins. 
industry. It is used in dyes, 
explosives, and fertilizers. ATOMIC MASS 14.007 


STATE Gas 
DISCOVERY 1772 (Daniel Rutherford) 


an ia 


A Nitrogen compounds 
called azo dyes can be used 
to make many colours. 


Pure nitrogen in 
a glass sphere 


> Nitrogen-rich 
compounds 

are found in 
explosives such 

as dynamite. During 
an explosion, the 
nitrogen is released 
as a burst of pure gas. 


This mineral is 
a mass of tiny 
crystals that are 
too small to see. 


A Farmers add fertilizers 
containing nitrogen to 
soil to help crops grow 
faster and taller. 
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Nitratine, a mineral 
containing a 
nitrogen compound 


116 | PERIODIC TABLE 


15 
Phosphorus ES Arsenic 
This element's name means “giver of Almost every form of this semi-metal, 
light” in Greek. There are different types pure or in compounds, is poisonous to 
of phosphorus. Its white form is the living things. Because of this, arsenic 
most reactive and catches fire as soon has long been used as a poison for 
as it comes into contact with air. White controlling rats. It is also used as a 
phosphorus is poisonous, and in certain component in dd 


conditions, it glows in the dark. 


ATOMIC MASS 30.974 
STATE Solid 
DISCOVERY 1669 (Hennig Brandt) 


Purple crystals of F E Aa 
apatite, an ore EA 

of phosphorus, 

in rock 


N-channel JFET, as shown 


figure. 
2N3819 


* ' 
Drain Source 
Crate 


Refer to the manufacturer's 


in the following 
2N595] 
A has 
Gate Drain 
source 


data sheet for 


the transistor pinout and other characteristics. 
You can easily look up data sheets on the 
Internet. Also, you can find links to the data 
sheets for the JFETs used in this book on the 
website at 
www.buildinggadgets.com/index_datasheets.htm 
Summary 

At this point, it's useful compare the 
properties of a mechanical switch with the 
properties of both types transistors, as 
summarized in the following table. 

Switch BJT JFET 

OFF (or open) 

No current. No collector current. No drain 
current. 

Full voltage across terminals. Full supply 
voltage between collector and emitter. Full 
supply voltage between drain and source. 
ON (or closed) 


Full current. Full circuit 


current. Full circuit 


ATOMIC MASS 74.922 
STATE Solid 


DISCOVERY Around 1250 (Albertus Magnus 


first purified the element) 


NITROGEN GROUP I 117 


Realgar is also 
known as “ruby of 
arsenic” because 
of its red colour. 


Red crystals of 
realgar, an ore 


of arsenic, in rock 
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51 


Sb 


Antimony 


Laboratory-refined 


ATOMIC MASS 121.76 
DISCOVERY Around 1600 Bce 


STATE Solid 


semi-metal comes from 
“stibium”, the Roman word 
for an ancient form of 

dark eye makeup (kohl), 
which was made by 
grinding up antimony 


The symbol for this 
minerals into 


TS i 


crystals of 
pure antimony 


NI N 7 q” 
Sd) | i 4 
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FOCUS ON... 
BISMUTH 


Bismuth has a similar 4 A soft bismuth aloy A Adding bismuth A Bismuth-based 
weight and melting 


eee ee anit inside sprinklers melts compounds to nail medicines are used to 
y rs during a fire, allowing varnish gives it a soothe stomach aches 
the water to flow. soft pearly shine. and indigestion. 


non-toxic alternative. 


Bismuth 


Chemists have found that this silvery 
metal is radioactive, but its atoms 
disintegrate very slowly over millions of 
years. Bismuth has a low melting point 
and creates colourful crystals. 


ATOMIC MASS 208.98 
STATE Solid 
DISCOVERY Around 1500 y 


Crystals of bismuth 
grown in a laboratory 


Moscovium 


This element is produced by colliding ATOMIC MASS (289) 
americium with calcium atoms. Only afew STATE Solid 


atoms of it can be made at a time as they 
all decay away into nihonium in a fraction DISCOVERY 2010 (team led by Yuri 
Oganessian and Kenton Moody) 


of a second. Moscovium was first created 
in 2010 in the Joint Institute for Nuclear 
Research (JINR) in Dubna, Russia. 
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Oxygen 


Group 


Many life forms depend on oxygen for survival, 
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even in coral reefs under the sea — where fish, plants, 
and tiny animals called corals take in oxygen mixed 
into the water. Sulfur and selenium are also important 
for life, but the other group members are not. In fact, 
radioactive polonium is the deadliest element of all. 
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At 
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Oxygen Group 


Some scientists say this might be the first group in the periodic 
table with no metallic members. There are three non-metals: oxygen, 
sulfur, and selenium. Tellurium and polonium are semi-metals, 
although polonium is sometimes classified as a metal. No one yet 
knows the nature of livermorium, an artificial element. 


-R v 

= A . 
Combustion A 
The chemical reaction that 
causes burning is called 
combustion. Of the 
elements in this group, 
only oxygen plays a key b 
role in this process. It > 
occurs when pure oxygen 
bonds to other elements, 
releasing heat and light in the 
process. Combustion usually 
requires heat (to start it) and fuels, 
which are substances that burn easily, 
such as wood and oil. 


f 


Wood burns in a bonfire 


Corrosion 

Oxygen is highly reactive and forms 
compounds known as oxides with other 
elements. Similar to combustion but much 
slower, corrosion is a reaction in which 
oxygen in the air reacts with metals to create 
oxides. The most common form of corrosion 
is rust, which forms when iron reacts with 
oxygen and water. 


Chalcopyrite, a sulfide ore 
of copper and iron 


Ores 

Natural substances containing useful 
materials, such as metals, are known 

as ores. Many important ores are 
compounds with members of the oxygen 
Pile of group, most often oxygen and sulfur. 
rusted screws 


Pure elements 

Some members of this group are found pure in Deposits of pure sulfur in the 
nature. While oxygen makes up one-fifth of the Danakil Depression, Ethiopia 
air, solid sulfur is found in volcanic areas, where 
the naturally hot conditions allow pure sulfur to 
separate from its compounds. 
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Oxygen 


A As well as making up a 
= fifth of the air we breathe, 
eE this gaseous element also 
combines with metals and 
other substances to make many of 
the solid minerals of Earth's rocks. 
In addition, along with hydrogen, 
oxygen forms all the water on Earth. 
y i This is why oxygen is the most 

x common element on Earth’s surface. 


a S ~ 
-= SN 
— >. a 

_— - 


| ATOMIC MASS 15.999 
f STATE Gas 


DISCOVERY 1771 (Carl Wilhelm 
- Scheele), 1774 (Joseph Priestley; his 
> i.e CUM finding was published first) 


Liquid oxygen is made 
by cooling the air to 
-183°C (-297.4°F). 


Liquid form of 
pure oxygen 
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FOCUS ON... 
SULFUR 


Sulfur has been in use 


A Sulfur is added A Sulfur-rich compounds A Car batteries use 
for centuries, from ; 
o Hee io to rubber in vehicle are added to dried fruits sulfuric acid to generate 
tyres in order to make and fresh food to stop electric currents. 
making rubber stronger. , 
them tougher. them going bad. 


Sulfur 


This yellow non-metal is found pure in pe 
nature as well as in combination with 
other elements in minerals. When sulfur 
burns, it melts into a blood-red liquid 
and produces a blue flame. It is also 
called brimstone, which means 
“burning stone”. Many ancient 
cultures thought that sulfur was 
the fuel that burned in the fires 
of the underworld. 


ATOMIC MASS 32.06 
STATE Solid 
DISCOVERY Prehistoric 


Rectangular 

crystals are 

odourless 
and brittle. _-— = > 


Yellow 
crystals of 
pure sulfur 


XxX 


Particles from the Sun collide with a 
- oxygen in Earth's atmosphere to produce” 
reen-colourec 


current. 

No voltage across terminals. Collector to 
emitter voltage is O volts. Drain to source 
voltage is O volts. 

The terms ON and OFF are used in digital 


electronics to describe the two transistor 
conditions you just encountered. Their 
similarity to a mechanical switch is useful In 


many electronic circuits. 
In Chapter 4 you learn about the transistor 


switch in more detail. This is the first step 
toward an understanding of digital electronics. 

In Chapter 8 you examine the operation of 
the transistor when it is biased at a point 
falling between the two conditions, ON and 
OFF. In this mode, the transistor can be 


viewed as a variable resistance and used as 
an amplifier. 


Self-Test 

The following questions test your 
understanding of the concepts presented In 
this chapter. Use a separate Sheet of paper 
for your drawings or calculations. Compare 
your answers with the answers provided 


following the test. 

1. Draw the symbols for an NPN and a PNP 
bipolar transistor. Label the terminals of each. 
2. Draw the paths taken by the base and 
collector currents, as shown in Figure 3.30 . 
Figure 3.30 


POLAR LIGHTS 

The Sun emits “solar winds” of high-energy particles 
that are pulled towards Earth’s North and South Poles 
by the planet’s magnetic field. These particles collide 
with the atoms of oxygen and other gases in the 
atmosphere, producing light displays called auroras. 
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34 
Selenium Se 
This semi-metal is named after Selene, ATOMIC MASS 78.971 
the Greek goddess of the Moon. It is STATE Solid 
light-sensitive and so is used in solar - 
panels for making electricity and in DISCOVERY 1817 (Baron Jöns 
light-sensors in laser printers and Jacob Berzelius) 
photocopiers. It is also an ingredient aN 
in anti-dandruff shampoos. 2) h 
Grey selenium Y 
has a hara, There are two forms 


shiny surface. of pure selenium. 
Grey selenium looks 
metallic, while 
the red form is a 
==. crumbly powder. 


Laboratory-refined 
chunk of pure selenium 


Tellurium 


While selenium is named for the 
Moon, the next member of the 
group, tellurium, is named after 
“tellus”, the Latin word for Earth. 
It is used to make high-tech glass 
such as the kind used in optical 
fibres — a flexible cable with a 
glass core, which is used to send 
long-distance light signals. 


ATOMIC MASS 127.6 x 
STATE Solid 
DISCOVERY 1783 (Franz-Joseph 

Müller von Reichenstein) 


Laboratory-refined 


crystals of pure tellurium 


| 84 
Polonium Po 


A rare and very dangerous metal, 
polonium is a powerful source of 
deadly radioactivity. It has 
been used in the triggers 

for atomic bombs. 


ATOMIC MASS 
(209) 


STATE Solid 


DISCOVERY 
1898 
(Marie Curie) 


Uraninite, an 
ore of polonium 
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Livermorium Lv 


Although first made in the Joint Institute 
for Nuclear Research (JINR) in the Russian 
city of Dubna, livermorium was named 
after Livermore, a town in California, 
where many other superheavy elements 
have been created. This element is made 
by fusing calcium and curium atoms. Its 
atoms exist for only a few thousandths 

of a second before breaking apart. 


ATOMIC MASS (293) 


STATE Solid 


DISCOVERY 2000 (team led 
by Yuri Oganessian, Vladimir 
Utyonkov, and Kenton Moody) 
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Halogen 
Group 


The halogens are often found in the form of 
compounds known as salts. The Dead Sea, a lake in 
the Middle East, is a very salty water body because 
of the halogen minerals dissolved in its warm 
waters. The different salts of bromine, iodine, and 
chlorine create bands of crystals in its shallows. 
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Halogen Group 


This group of elements is made up of highly reactive members, 
which are called halogens. The word “halogen” means “salt former”, 
alluding to how these elements react with metals to form salts. 
The halogen group is mostly made up of non-metals, with the 

rare radioactive member astatine being classified as a semi-metal. 


Forming salts 

In chemistry, a salt is a stable chemical 
compound made by an acid. Many | 
= E 1. common salts in nature include one $] 
ki de DE o of the halogens, often bonded 
ES A ee te RR to metal atoms. The most 

$S | ot * ; 
ee y E | 2 famous salt of all is sodium 
MISA ES chloride, a compound 
EF of chlorine used in food. 
mY Its mineral is called halite, 
or simply “salt”. 


Halite, the mineral 
form of sodium chloride 


Essential diet 
Most of the halogens, which can be found in small 
amounts in food, are very important for good 
health. Chlorine and iodine especially have many 5 
uses in the body’s chemical processes. i 

Compounds of fluorine are added to 
toothpaste and water to keep teeth 
strong. Astatine is the only 

halogen not found in the body. 
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Acids Cleaners es 
When bonded to hydrogen, the halogens The halogens are highly toxic and 


form mostly strong acids. These can be used to kill germs. They are 
compounds can react with > present in detergents, bleaches, e 
many materials, even CE and other cleaning products. Af 


unreactive elements such small amount of chlorine is also 
as gold. Mixing a halogen ~ added to water to make it safe 

acid and a metal produces Ny for drinking, by killing germs , 
a salt and pure hydrogen gas. _ present that may cause 


diseases. This practice has 


saved millions of lives over 


GRE the last century. °- o 
re e last century. %-.- 


e Y 


Hydrochloric 
acid is added 
to zinc nuggets 


Tap water treated 
with chlorine 


Kelp, found underwater, 
is a source of iodine 
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9 
, Fluorine = 
| The most reactive non-metal of all, this pale 
| f yellow gas can form compounds with almost 
every element on the periodic table. Compounds 
containing fluorine are used in toothpaste, 
non-stick pans, and waterproof clothing. 


Ba ATOMIC MASS 18.998 
MS STATE Gas 


My DISCOVERY 1886 
È A (Henri Moissan) 
EA 


Pure fluorine 

gas can burn 
its way through 
almost anything, l 
including metals Á 


and concrete. 4 


Crystals of 
fluorite, an 
ore of fluorine 
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ROS 


> This 
suitcase 
is more 
FOCUS ON... ee 
CHLORINE because 
In both its pure form . | it is made 
and in compounds, A The bleach used A Chlorine chemicals of a plastic 
chlorine has plenty to make paper white are used to clean the containing 
contains chlorine. water in swimming pools. chlorine. 


of uses. 


Chlorine 


In its pure form, this halogen is a green 
gas, although it is never found pure in 
nature. As it is very reactive, many chlorine 
compounds exist naturally, such as 
sodium chloride (common salt). 


ATOMIC MASS 35.45 
STATE Gas 


DISCOVERY 1774 (Carl Wilhelm Scheele) 


Clear crystals 
of halite, an ore of 
chlorine, in rock 


Bromine 


This halogen is the only non-metal 
that is liquid at room temperature. A ) 
The name bromine comes 5 

from the Greek 4 
word for “stench”, 
because bromine 
fumes have a 
strong smell. 


gn, 


Pure bromine 
in a glass 
sphere 


Liquid bromine 
is dark and 
red-brown, while 
bromine gas 

is orange. 


ATOMIC MASS 79.904 
STATE Liquid 


DISCOVERY 1826 (Antoine-Jéróme 
Balard, Carl Lówig) 
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lodine 


This halogen was first discovered in 
seaweed, and is an essential nutrient 
in food. lodine is also used in inks and 
dyes, as an antiseptic for cuts, and for 
» purifying water. When heated, solid 
>» iodine does not melt but instead 
turns directly into a gas. 


E ATOMIC MASS 126.904 
A STATE Solid 


DISCOVERY 1811 
A (Bernard Courtois) 


Solid iodine 
turning into gas 


Glass sphere containing 
pieces of pure iodine and 
iodine vapour 


Tennessine 


Discovered only in 2010, tennessine is ATOMIC MASS (294) 
the newest member of the periodic table. STATE Solid 
It is named after the state of Tennessee 


in the USA, which is home to the Oak DISCOVERY 2010 (teams from Joint 


Ridge National Laboratory — one of the Institute for Nuclear Research, Dubna, 


first atomic research centres. Chemists Russia; Lawrence Livermore National | 
think tennessine might be a semi-metal, Laboratory, California, USA; and Oak Ridge 


unlike the other halogens. National Laboratory, Tennessee, USA) 


3. What causes the collector current to flow? 


4. What is meant by the term current gain ? 
What symbol is used for this? What is its 
algebraic formula? 


Use the circuit in Figure 3.30 to answer 
questions 5 through 10. 


5. Assume that the transistor IS made of 
silicon. Set RB = 27 kQ and VS = 3 volts. 
Find IB. 


6. If RB = 220 kQ and VS = 10 volts. Find 
IB. 


7. Find VO when RB = 100 kQ, VS = 10 
volts, RC = 1 kQ, and B = 50. —_ 
8. Find VO when RB = 200 kQ, VS = 10 


volts, RC = 1 kQ, and B = 50. | 
9. Now use these values to find VO: RB = 


47 KQ, VS = 10 volts RC = 500 ohms, 
and B = 65. _— č 
10. Use these values to find VO: RB = 68 


kQ, VS = 10 volts, RC = 820 ohms, and B 


Astatine 


Only tiny amounts of this radioactive 
halogen exist in nature — around 30 g 

(1.05 oz) in all of Earth's rocks put together. 
Astatine atoms are formed when francium 
and polonium atoms decay. 


ATOMIC MASS (210) 
STATE Solid 


DISCOVERY 1940 (Dale 
R Corson, Kenneth Ross 
MacKenzie, and 

Emilio Segre) 
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85 
At 


Uraninite, an ore of 
uranium, contains a very 
small amount of astatine 


fizut 


EH | 0/133$ 
He in EA 


A 
A y AM, EA 


MA A. j 


Rb 


Cs 


Noble Gases 


The colourful lights of a busy Hong Kong street are 


Be 


Mg 


Ca 


Sr 


Ba 


Ra 


Ac- 


lin 


Pr 


Pa 


Pm 


Np 


Tb 


Bk 


glowing brightly thanks to the noble gases inside 
them. “Neon” lights are shaped glass tubes filled 


with neon and other gases. The elements in this 


group glow brightly when an electric current is 
passed through them. 


Ts 


Yb 


(= 


- 
a 
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Noble Gases 


The elements in the final group of the periodic table are the 
noble gases. They are called “noble” because these gases 
do not mix with ordinary elements. The noble gases are very 
unreactive and their atoms only rarely form chemical bonds 
with the atoms of other elements. 


A new group 
In the 1800s, chemists noticed that some reactions would leave 
behind tiny amounts of unreactive gases. They realized that these 
gases must be unknown unreactive elements. In 1894, the British 
chemist Sir William Ramsay purified argon, discovering the first 
noble gas, and soon found more. 


Sir William Ramsay 


> 


x 
À Colourful plasma 
Each element gives off light of a unique 
colour when heated or electrified. In the 
1860s, scientists studying the Sun 
found a pattern of lights that did not 
correspond to any element known at 
YA that time. They named this unknown 
| element helium, and its pattern was 
one of the first clues to the existence 
of noble gases. A mixture of noble 
| gases in a plasma ball will emit unique 
streaks of light when electrified. 


Plasma ball 
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Lighter than air 

Airships and balloons filled with 
helium, a noble gas, are lighter 

than the surrounding air, so they 
float upwards. Helium is the 
second-lightest element after 
hydrogen. However, unlike hydrogen, 
which is highly flammable, helium is 


safe to use, although expensive. A Propellor-powered 
helium blimp 


Inert gases 

Because noble gases are inert (do not react 
chemically) they can be used to protect other 
elements from unwanted reactions. For example, 
welders use a flow of argon to stop oxygen 
in the air from getting to the hot metal. 
Similarly, precious books and 
documents are stored in pure 

argon so no germs or mould 

can damage them. 


Metal welder 
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FOCUS ON... 
HELIUM 


Helium has a very 


low boiling point so A Weather balloons filled = Liquid helium is used to maintain the low 
its liquid form is used with helium are sent high temperatures required by the superconducting 
to keep high-tech into the atmosphere to magnets that make a maglev train (Shown here 
devices cold. collect data. in Shanghai, China) float above the tracks. 
2 
Helium He 
"A This noble gas is much more common in space than 


on Earth. It is produced from the radioactive decay 
of uranium and thorium deep underground. 
Helium collects in reservoirs of natural gas, 
from where it is extracted. 


ATOMIC MASS 4.003 
STATE Gas 


DISCOVERY 1895 (Per 
Teodor Cleve, Nils Abraham 
Langlet, and Sir 
William Ramsay) 


Helium makes up 
about 10 per cent of 
Jupiter's atmosphere 


Jupiter, the 
largest planet 
in the Solar System 
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10 
Neon Ne 


The name of this gas means the “new 
one”. Tiny amounts of the element are 
released in volcanic eruptions and end 
up in the air. Neon makes up around 
one thousandth of 1 per cent of 

the atmosphere. 


ATOMIC MASS 20.18 
STATE Gas 


DISCOVERY 1898 (Sir William Ramsay 
and Morris Travers) 


Pure neon 
in a glass sphere 


| 18 
Argon A Ar 


About 1 per cent of Earth's atmosphere is made up 
. of argon, the most common noble gas on Earth. 
Argon means the “lazy one” because early 
chemists were left with it after removing 
all other gases from air, and they found 
it did not do anything at all. 


ATOMIC MASS 39.95 
STATE Gas 


DISCOVERY 1894 (Lord Rayleigh and 
Sir William Ramsay) 


Small amounts of argon gas glow 
pale purple when electrified. 


Pure argon in 
a glass sphere 
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FOCUS ON... 
XENON 


Xenon has several 
specialist uses — as an 


light bulbs, and even 
as spacecraft fuel. 


ay 


Y 


| 36 
Krypton Kr 


This element’s name comes from the 

Greek word “kryptos”, which means the 

“hidden one”. Krypton is naturally present 

in the air, but it is 20 times less abundant 

than neon. It is primarily used in lasers 
and in flash bulbs for 


A high-speed photography. 


X=, ATOMIC MASS 83.798 
STATE Gas 


DISCOVERY 1898 (Sir 
William Ramsay and 
Morris Travers) 


This light is 
given out by 
krypton gas 
when it is 
electrified. 


Pure krypton in 
a glass sphere 


Small amounts of 
xenon gas emit a 
blue-white light that 


anaesthetic, in bright =: pee au AER 


Y Unlike rockets that use a chemical 

reaction, the Dawn space probe is 

powered by a jet of electrified 

xenon gas created with 
a strong electric 

> ome 


Xenon 


Pure xenon in a glass sphere 


A balloon filled with xenon does not float, 
but drops straight to the ground. This is 
because this gas is five times heavier 
than air. Xenon is mixed with air in the 
atmosphere, but out of every 10 million 
atoms in the air, only one is xenon. 


ATOMIC MASS 131.293 
STATE Gas 


DISCOVERY 1898 (Sir William 
Ramsay and Morris Travers) 
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Radon 


Highly radioactive radon is created 
as the thorium and uranium atoms 
in rocks naturally break down. 
Radon can gather in caves and 
basements in certain areas, and 
its radiation poses a risk to health. 


.«u 


ATOMIC MASS (222) 
STATE Gas 


DISCOVERY 1900 (Friedrich 
Ernst Dorn) 


Glass sphere containing 
radon, air, and thorium | 


\ 


The radon in this sphere is 
released from a tiny piece 
of decaying thorium. 


Oganesson 


The final member of the periodic table ATOMIC MASS (294) 


is oganesson. lts atoms have the highest STATE Solid 


number of protons, electrons, and 
neutrons of any element discovered 
so far. This artificial element is named 
after the Russian nuclear physicist Yuri 
Oganessian, who has been involved in 
the discovery of 12 elements. 


DISCOVERY 2006 (teams from Joint 
Institute for Nuclear Research, Dubna, 
Russia and Lawrence Livermore National 
Laboratory, California, USA) 
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IN NUMBERS 


e The largest stable nucleus belongs 
to lead - it has 208 subatomic 
particles (126 neutrons and 

82 protons). 


e Bismuth is very slightly 
radioactive. It would take 
20 million trillion years for 
half of its atoms to decay. 
At less than 14 billion years 
of age, even the Universe is 
not that old! 


e Buckminsterfullerene is one of the 
allotropes (physical forms) of carbon. 
One molecule of it is made of 60 atoms 
of carbon arranged in a ball. 


e The body of an average adult human 
contains 43 kg (94.79 Ib) of oxygen and 
0.2 mg (0.0000071 oz) of gold. 


e Around 1.1 billion tonnes (1.2 billion 
tons) of iron are produced annually — 
enough to make a cube with sides about 
720 m (2,362 ft) long, which is more than 
twice the height of the Eiffel Tower in 
Paris, France. 


e Neutron stars are made only of neutrons 
and not atoms. Astronomers have given 
this material the nickname neutronium. 
One teaspoon of it would weigh around 
90,718,000 tonnes (100 million tons)! 


The aluminium foil 
used in kitchens 
is 16 millionths 
of a metre 
(0.00063 in) thick. 


BREAKING THE BANK 


e The Large Hadron Collider, the 
world’s largest particle accelerator, 
has around US$120 million worth 
of wire, made from the metals 
niobium and titanium, in it. 


e Inthe 1850s, aluminium 

was twice as expensive 

as gold - it was even used to 
make dinner plates for royalty. 


e Palladium is the most 

expensive precious metal. It costs 
almost 100 times as much as the 
same quantity of silver. 


WEIRD BUT TRUE 


e Mercury is a liquid that is 13.5 times 
denser than water. A person could sit on 
top of a pool of mercury without sinking. 


e Recycling aluminium uses just 5 
per cent of the energy needed to 
extract pure uranium from its ores. 


e Lightning strikes occur nearly 50 per 
cent more often above nuclear power 
plants because the reactors release 
charged krypton gas. 


11. Draw the symbols for the two types of 
JFETs and identify the terminals. | 

12. What controls the flow of current in both 
a JFET and a BJT? 
13. In the JFET common source circuit shown 
in Figure 3.31 , add the correct _ polarities of 
the power supplies, and draw the current 


path taken by the drain current. 
Figure 3.31 


14. When a base current is required to turn 
a BJT ON, why is there no gate current for 
the JFET in the ON state. 
15. Answer the following questions for the 
circuit shown in Figure 3.32 . 

Figure 3.32 


Rp 


DISCOVERERS 


e The Greek philosopher Democritus, 
in the 5th century sce, set out the idea 
that everything is made from tiny units 
called atoms. 


e In the early 1800s, the British chemist John 
Dalton offered proof that atoms existed by 
showing that gases always spread out evenly. 


e In 1895, the French physicist Antoine 
Henri Becquerel discovered that certain 
materials gave out invisible rays. This was 
named as radioactivity in the early 1900s 
by the French physicists Marie and 

Pierre Curie. 


IN POPULAR CULTURE 


e Inthe film Avatar, human miners are 

destroying the alien moon Pandora to extract 
a fictional element called unobtanium 
that is crucial to Earth's survival. 


e In Marvel comics and films, 
vibranium is a very strong 
metal found only in the fictional 
African country of Wakanda. 
This metal is used to make 
Captain America's almost 
indestructible shield. 


e Adamantium is a tough fictional alloy 
used in the claws of Wolverine, one of 
the X-Men in Marvel comics and films. 


i si Be comics 
and films. 
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e Sir J J Thomson, a British physicist, 
discovered the first subatomic particles 
in 1897. They are now called electrons. 


e In 1911, the New Zealand physicist 
Baron Ernest Rutherford led a team 

that discovered the positively charged core 
of an atom, which he named the nucleus. 
He later showed that the positive charge 
was due to a subatomic particle called 

the proton. 


e In 1913, the Danish physicist Niels 
Bohr figured out how electrons and 
protons were organized in an atom. 
This helped scientists to understand 
how atoms could form bonds. 


e |In Middle-earth, the fictional world 
created by the British author J RR 
Tolkien, mithril is a metal that shines like 
silver and is stronger than steel. Once 
mined by dwarves, this metal 
is priceless because it is no 
longer produced. The most 
famous item made of mithril 
in Tolkien’s works is the 
mail armour worn by 
Frodo Baggins, a hobbit. 


e In Star Trek, a crystalline 
element called dilithium is 
the central component of a 

Federation spaceship’s warp drive 
that allows it to travel many times faster 
than the speed of light. 
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FROM MYTHOLOGY 


e Since it was first discovered not on 
Earth but in the Sun, helium was named 
after the ancient Greek Sun god Helios. 


e The highly radioactive metal promethium 
is named after Prometheus, the ancient 
Greek hero who stole fire from the gods. 


e The precious metal palladium was 
named after the asteroid Pallas, which 
itself was named after the ancient Greek 
goddess Pallas Athena. 


e Because it produces many colourful 
chemicals, the metal iridium was 
named after Iris, the ancient Greek 
goddess of rainbows. 


REFLECTING COLOURS 


e Chlorine was named after the Greek word 
“chloros”, meaning “greenish yellow”, to 
describe the colour of the pure gas. 


e Caesium's name comes from the Latin 
word “caesius”, meaning “sky-blue” — the 
metal produces blue flames when it burns. 


e The element indium was named after the 
colour indigo. The metal's atoms give off a 
dark-blue light when they are electrified. 


e Titanium is a strong, silvery metal, and 
was named after the Titans, a group of 
powerful deities who battled the Olympian 
gods in ancient Greek mythology. 


e The metal tantalum was named after 
the mythical figure Tantalus, who was 
punished by the ancient Greek gods by 
being put in a pool of water that he was 
never able to drink from. 


e Because of its similarity to tantalum, 
niobium was named after Niobe, 

the daughter of Tantalus in ancient 
Greek mythology. 


e Vanadium is a corrosion-resistant metal 
named after the Scandinavian goddess 
Freyja, whose Norse name is “Vanadis”. 


e Rubidium gets its name from the Latin 
word “rubidus”, meaning “deepest red”, 
referring to the metal's flames when burned. 


e The metal chromium was named after 
the Greek word “chroma”, which means 
“colour”. lts compounds have many 
different shades. 


e The mineral orpiment, which is the main 
ore of arsenic, is yellow in colour. The 
element gets its name from the Greek word 
“arsenikon”, meaning “yellow orpiment”. 


TEMPORARY NAMES 


e Scientists often need to refer to 
elements that have not yet been 
discovered. These elements are given 
temporary names by an organization 
called IUPAC (The International Union of 
Pure and Applied Chemistry). Even after 
these elements are discovered, their 
names and symbols must be approved 
by IUPAC before they are accepted by 
scientists throughout the world. 


e Three-letter symbols, corresponding 
to their temporary names, are assigned 
to elements before they are given official 
names. Hassium's temporary name was 
unniloctium, with the symbol “Uno”. 


e Until it was named in 2004, 
Roentgenium was known as 
unununium, and its symbol was 
“Uuu”. Unununium corresponds to 
the element’s atomic number 111. 


e Before they were officially named, 
flerovium and livermorium were called 
ununquadium and ununhexium, Latin 
words for their respective atomic 
numbers 114 and 116. 


e When element 119 is discovered 

in the future, it will be first known as 
ununennium, with the symbol “Uue”. 
Element 120 will be unbinilium, with 
the symbol “Ubn”. 
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FROM PLACES 


e Polonium is named after Poland. 


e Gallium is named after “Gallia”, the 
Latin name for France. 


e Lutetium is derived from “Lutetia”, 
the Roman name for Paris. 


UNUSUAL SYMBOLS 


e Sodium’s symbol (Na) comes from its 
Latin name “natrium”. The word is itself 
derived from the Arabic word “natrun”, 
meaning “headache” — sodium carbonate 
was an ancient remedy for a sore head. 


e The symbols for iron (Fe) and copper 
(Cu) come from the Latin words for these 
metals, “ferrum” and “cuprum”. The 
symbols for silver (Ag) and gold (Au) 

are also based on their Latin names, 
“argentum” and “aurum”. 


e Tungsten's symbol is W because 
it is called “Wolfram” in German, 
which means “wolf soot”. 


e Tin’s symbol (Sn) is an abbreviation 
of its Latin name “stannum”. 


e Potassium's symbol (K) comes 
from the Latin word “kalium”, which 
means “ash”. 
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Glossary 


Acid A reactive 
chemical that 
contains hydrogen. 


Acidic Having the 
properties of an acid. 


Alkali A chemical that 
reacts easily with 
acids and water. 


Alkaline Having 
the properties of 
an alkali. 


Allotrope A physical 
form of an element 
where the atoms are 
arranged differently. 


Alloy A substance 
made by mixing two 
or more elements 
together, of which at 
least one is a metal. 


Alpha particle A 
cluster of two protons 
and two neutrons 
emitted by some 
radioactive elements. 


Ammonite A type 
of shellfish that 
died out millions 
of years ago. 


Anaesthetic A 
substance given 
to patients to 
stop them from 
feeling pain. 


Oo 
Antiseptic A substance 
that kills different 
disease-causing germs. 


Artificial element An 
element produced in 
a laboratory. 


Atmosphere Layers 
of gases around a body 
in space. 


Atom The smallest 

unit of an element 

that contains protons, 
neutrons, and electrons. 


Atomic mass The total 
number of protons and 
neutrons in an atom of 
an element. 


Atomic number The 
number of protons in 
an atom of an element. 


Beta particle An 
electron given out by an 
atom during radioactivity. 


Boiling point The 
temperature at which a 
liquid turns into a gas. 


Bond The attraction 
between atoms that 
holds them together 
in an element or 

a compound. 


Brass An alloy of 
copper and zinc. 


Brittle The property of 
a hard, inflexible solid 
that makes it break 
into pieces when hit. 


Bronze An alloy of 
copper and tin. 


Cellulose A substance 
containing carbon that 
is found in all plants, 
especially in wood. 


Chemistry The 
scientific study of 

the properties and 
reactions of elements. 


Combustion A reaction 
involving oxygen that 
produces fire and heat. 


Compound A 
substance made of 
the atoms of two or 
more elements. 


Conductor A substance 
that lets electricity and 
heat pass through it. 


Corrosion A reaction 
that attacks a solid 
object, mostly made 
of a metal, and 
weakens it. 


Decay The process 
of radioactive atoms 
breaking apart. 


Electrolysis A process 
that uses electricity to 
split a compound into 
its elements. 


Electron A negatively 
charged particle moving 
in a shell around the 
nucleus of an atom. 


Electron shell One of 
the layers surrounding 
an atom's nucleus that 
contains electrons. 


Element A substance 
that cannot be broken 
down any further into 
simpler ingredients. 


Evaporation The 
process in which a 
liquid turns to gas at 
a temperature below 
its boiling point. 


Extraction The 
process of separating 
a substance from 

its source. 


Fossils The remains 
of ancient life forms 
found in rocks. 


Fuel cell A device 
that generates 

electricity using a 
chemical reaction. 


Fuel rod A supply of 
nuclear fuel used to 

make electricity in a 

nuclear reactor. 


Gamma ray A 
very high-energy 
form of radiation 
released from 
radioactive atoms. 


Halogen Means “salt 
former”. A reactive 
element that forms salts 
on reacting with metals. 


Isotope A form of an 
element where the 
atoms have a different 
number of neutrons. 


Melting point The 
temperature at which a 
solid turns into a liquid. 


Metal A type of 
element that is often 
a hard, shiny solid. 


Microchip A piece of 
silicon with electronic 
computer circuits. 


Microscope A device 
used to see objects 
that are too small to 
be seen by the eye. 


Mineral A naturally 
forming solid substance. 


Mixture The result 

of two or more 
substances physically 
mixed together. 


Molecule A collection 
of atoms joined 
together by sharing 
their electrons. 


Nebula A cloud of gas 
and dust in space. 


Neon light A coloured 
lamp made by passing 


electricity through neon 
mixed with other gases 
in a glass tube. 


Neutron A particle 
with no electric charge, 
found in the nucleus 

of an atom. 


Noble gas A gas that 
does not react with any 
other element. 


Non-metal A solid, 
liquid, or gaseous 
element that is not a 
metal or semi-metal. 


Nuclear fission A 
process in which an 
atom’s nucleus splits 

in two, releasing a 
huge amount of energy. 


Nuclear reaction A 
reaction that involves 
the atomic nucleus of 
an element. 


Nuclear reactor A 
machine in which 
controlled nuclear 
reactions take place. 


Nucleus The core 
of an atom that 
contains the protons 
and neutrons. 


Ore A mineral that 
contains a useful 
element such as a metal. 


Organism The scientific 
term for a life form. 


Oxide A compound 
made of oxygen and 
another element. 


Particle accelerator 

A machine that makes 
atoms or subatomic 
particles travel at high 
speeds so they can be 
collided with a target, 
or be smashed together. 
A cyclotron is a type of 
particle accelerator. 


Physicist A scientist 
who studies physics — 
the field of science 
concerned with motion, 
energy, and forces. 


Proton A positively 
charged particle in the 
nucleus of an atom. 


Radioactivity The 
process in which 

an atom breaks apart, 
releasing particles 
and energy. 


Room temperature 
20°C (68°F). 


Rust A type of corrosion 
produced when iron 
reacts with water and 
oxygen in the air. 


Salt A chemical formed 
when an acid reacts 
with a metal, an alkali, 
or a similar substance. 


Satellite A body 
like the Moon ora 
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spacecraft that orbits 
Earth or another body 
in space. 


Semiconductor 

A substance that 
can either conduct 
electricity or block it. 


Semi-metal A 
substance with 
features of both metals 
and non-metals. 


Smelting A process 
used to extract metals 
from their ores. 


Subatomic particle 
A particle that is 
smaller than an atom. 
Protons, electrons, 
and neutrons are 
subatomic particles. 


Superheavy element 
An artificial element 
that has a very high 
number of protons. 


Supernova An 
explosion that occurs 
when a giant star dies. 


Turbine A machine 
that converts a flow 
of gas or liquid into 
rotational motion. 


Ultraviolet An 
invisible form of light 
emitted by the Sun. 


X-ray An invisible 
form of radiation. 
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Index 


AB 


acids 133 

actinides 14, 80-91 

actinium 28, 82, 84-85 

air (classical element) 4 
see also Earth’s atmosphere 

albite 42-43 

alkali metals 20-29 

alkaline earth metals (alkalis) 
22, 30-37 

allanite 73 

allotropes 11 

alloys 98, 103, 108, 119 
from lanthanides 72, 73, 76 
from transition metals 40, 

AZ 5005108, 59 

alpha particles 11, 84 

Altamira Caves, Spain 48-49 

aluminium 42, 46, 95, 97 

americium 88, 119 

ammonites 30-31 

antimony 118 

apatite 116 

argon 90, 140, 141, 143 

arsenic 113, 116-117 

astatine 55, 132, 137 

atomic mass 10, 13 

atomic numbers 8, 13, 14, 15 

atoms 4, 5, 8-9 

auroras 126-127 

autunite 84-85 

azo dyes 114 

Badlands, USA 59 

barium 37 

Becquerel, Henri 86 

benitoite 37 

Berkeley, USA 83, 88 

berkelium 88 


beryllium 32, 34 
beta particles 11 
bismuth 6, 119 
in creation of other elements 
66, 67, 90, 99 
bleach 133, 135 
Bohr, Niels 66 
bohrium 66 
boiling points 32, 40, 59, 142 
borax 94 
boron 5, 74, 94, 95, 96 
boron group 92-99 
brass 39, 40 
brimstone 125 
bromine 131,135 
bronze 51, 103, 108 
brookite 42-43 
buckminsterfullerene 11 


C 


cadmium 57 
caesium 22, 28 
calcite 35 
calcium 31,32, 35 
in creation of other elements 
108, 119, 129 
California, USA 83, 88, 89 
californium 89 
carbon 11, 96, 102-103, 
104, 107 
in creation of other elements 
58, 91 
carbon group 100-109 
carborundum 105 
Carina Nebula 18-19 
cave paintings 48-49 
celestine 36 
cellulose 103 


cerium 73 
chalcopyrite 123 
charcoal 11 
chlorine 6, 25, 131, 132-133, 135 
chromium 45, 66 
cinnabar 64 
classical elements 4 
cleaning products 133 
cobalt 47,50 
cobaltocalcite 47 
combustion 122, 123 
compounds 4, 7, 8, 10, 12 
alkali metals 22-23, 25 
alkaline earth metals 32, 
SANO) 
boron group 94, 95, 96 
carbon group 102, 103, 
105, 109 
halogen group 132, 133, 
134, 135 
lanthanides 72, 74, 79 
nitrogen group 112, 113, 
ee 116, TE 
oxygen group 123, 125 
transition metals 41, 45, 47, 
51, 52, 54, 58, 59 
conductors 40, 95, 96, 142 
see also semiconductors 
copernicium 67 
Copernicus, Nicolaus 67 
copper 7, 40, 51, 108, 123 
production of bronze 103 
production of nickel 50 
corrosion 50, 123 
Crab Nebula 4 
crocoite 109 
Curie, Marie 88-89 
Curie, Pierre 89 
curium 89, 91, 129 


DEF 


Danakil Depression, Ethiopia 123 
darmstadtium 67 

Dead Sea 131 

deuterium 10 

diamond 11,104 
Dóbereiner, Johann 12 
dubnium 65 

dysprosium 77 

earth, classical element 4 
“earths” 31,32, 70 
Earth's atmosphere 5, 112, 127 
Einstein, Albert 89 
einsteinium 89 

electron shells 9 
electrons 5, 8, 9 

erbium 70, 79 

europium 71, 74-75 
ferberite 58 

fermium 90 

fire 4, 112, 122 

fission 11,66 

flames 22, 33 

Flerov, Georgy 108 
flerovium 108 

fluorine 132, 134 

fluorite 134 

francium 28-29, 137 


GHI 


Gadolin, Johann 75 

gadolinite 70, 75, 77 

gadolinium 75 

galena 53 

galinstan 98 

gallium 98 

gamma rays 11 

garnierite 50 

gases 6, 112, 138-145 
see also non-metals 

germanium 103, 108 


Ghiorso, Albert 90 
glass 100-101 
gold 5, 6, 40, 61, 62-63 
graphite 11, 103 
greenockite 57 
groups (periodic table) 15 
gypsum 35 
hafnium 57 
halite 132, 135 
halogen group 130-137 
hard metals 40 
hassium 66 
helium 18, 88, 140, 141, 142 
holmium 77 
human body 5, 102, 112, 
132 
hydrochloric acid 133 
hydrogen 8, 10, 16-19, 124, 
141 
and calcium 35 
and halogens 132 
and methane 107 
bomb (H-bomb) 89, 90 
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and nuclear fission 66 
and radium 37 
Uranus 83 
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A. If the switch is at position A, what will the 
drain current be, and why? —___ 
B. If the switch is at position B, and the gate 
supply voltage is of sufficient value to cause 
cutoff, what will the drain current be, and 
why? | 


C. What is the voltage from the drain to the 
source for the two switch positions? 


Answers to Self-Test 


If your answers do not agree with those that 


follow, review the problems indicated in 
parentheses before you go to Chapter 4. 
1. See Figure 3.33 . 

Figure 3.33 © 


NPN 


(problems 4 and 5) 
2. See Figure 3.34 
Figure 3.34 r 


(problems 13 and 15) 
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Chunk of 
yttrium 


Foreword 


Everything in nature, from the mountains and 
the oceans to the air we breathe and food we 
eat are made up of simple substances called 
elements. You may have already heard of 
several of them, including gold, iron, oxygen, 
and helium, but these are just four out of a total 
of 118. Many have unique — and sometimes 
surprising — chemical and physical properties. 
Gallium, for example, is a solid but melts in your 


hand. A compound of sulfur gives off a nasty 
smell of rotten eggs. Fluorine is a gas that can 
burn a hole straight through concrete! 


Cube of melting 


gallium 


Chunk of 
silver 


Zirconium 
crystal bar 


The elements are rarely found in their pure 
form. Mostly, they are combined with each other 
to make compounds, which make up substances 
around us. For example, hydrogen and oxygen 
make water, sodium and chlorine form salt, and 
carbon is found in millions of compounds, many 
of which — including proteins and sugars — make 
our bodies work. 

To find out more about the elements, we need 
to take a good look at the periodic table. This is 
used by scientists around the world to list and 
detail the elements. It shows the key information 


lodine in a 
glass sphere 
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Barium Chunk of grey Magnesium Osmium 
crystals selenium crystals pellet 


Throughout this book you will find boxes with the following 
symbols. This is what each of them mean. 


for each element, grouping them into similar 


. - : This shows the structure of an atom of an element, with 
types. With this information, we Can Use the the nucleus (made of protons and neutrons) at the centre 
elemen ts to make many thing s we nee d: a and electrons surrounding it in their shells. 


fluorine compound in toothpastes toughens ee, 
our teeth and silicon crystals engineered into 
microchips operate our gadgets and phones. Hai 

Every element has its own story of where it 
comes from, what it can do, and how we use casas 


it. Let’s begin a tour of every element one by 


The state of the element at a temperature of 20°C 


one. It’s going to be a fascinating journey. llas pet 


Discovery This details the year in which the element was discovered. 


Tom Jackson 


Chunk of Gold Thulium Calcium 
uranium crystals crystals crystals 


DElemental 
building blocks 


Introduction 


Elements are everywhere: some you Elements in our world 

can see, like gold, others are almost There are 118 elements in the periodic table; 
a ; 92 of them are found in nature, while the 
invisible, like oxygen gas. An element others are made by humans. Every element 
is a substance that cannot be broken up is unique. Most of the elements are solids, 


: i f f i like the metals. At room temperature, 
into simpler ingredients. Each one is made 11 elements are gases, while bromine 


up of tiny building blocks called atoms, and mercury are the only two liquids. 
which are unique for every element. 
Most elements are joined with other 
elements to make compounds, 
which are made by combining two 
or more elements. This includes 
water, which is a compound 

of hydrogen and oxygen. 


Jr 


JA 


Bismuth crystals 


8 Bromine liquid with bromine gas 


Ancient ideas 

The idea of elements is very old, dating 
back about 2,600 years to ancient Greece. 
However, Greek thinkers believed that 

the world was made of just four elements: 
earth, water, fire, and air Empedocles, an 
influential scholar, was the first to propose 
that these elements made up all structures. 
Only much later did scientists learn that 
none of these are actually elements. For 
thousands of years, everybody from ancient 
Egyptian priests to medieval European 
alchemists, speculated about the definiton 
and classification of an element. 
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Elements in and around us 

About 99 per cent of the human body is made from just 
six elements, though they are combined together to form 
thousands of different compounds. On the other hand, 
Earth's atmosphere is a mixture of gases, most of which 
are pure elements. About 99 per cent of the air is made 
from nitrogen and oxygen. 


Others 0.1% 


Phosphorus 1% Others 1% | 
Argon 0.9% 


k] 0 
Calcium 1.5% Nitrogen 3% 


Hydrogen 10% — Oxygen 21% 


Carbon Iranian alchemists in their workshop 
18.5% 
Alchemy and mysticism 
Chemists are scientists who study elements and compounds. 
However, before they existed, the alchemists were medieval 
Oxygen Nitrogen researchers. Believing in a mixture of science and magic, 
65% 78% alchemists tried to change ordinary metals (such as lead) 
into gold. They failed because elements cannot be changed 
from one type to another. But, in the process, they discovered 


many new elements and developed several processes that 
chemists still use today. 


Human body Earth’s atmosphere 


ROBERT BOYLE 


The first person to use 
science to understand 

the elements was the 

Irish scientist and inventor 
Robert Boyle. He pursued 
science through reason, 
and in the 1660s he 


performed the first 
chemistry experiments 
to show that much of 
what the alchemists 
believed was wrong. 
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Chemical 
discoveries 


The ancient concept of four elements — earth, water, 
fire, and air — expanded to a belief that every substance es, 
on Earth was made from a mixture of these elements. pe om toe A 
However, many substances including mercury, sulfur, | De 
and gold did not fit this idea. Over the last 300 years, 
chemists have followed a long series of clues to reveal 
the true nature of elements, their atoms, and what 
happens to them during chemical reactions. 


Humphry Davy 

In the early 19th century, the 
English scientist Humphry 
Davy discovered several new 
metals. He used a revolutionary 
process called electrolysis, in 
which electric currents split 
chemical compounds into their 
elements. Davy discovered a 
total of nine new elements, 
including magnesium, 
potassium, and calcium. 
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Pioneering chemists 

Many of the first breakthroughs in 
chemistry came in the 1700s, from 
investigations into the composition 
of air. Chemists such as Joseph Black, 
Henry Cavendish, and Joseph Priestly 
discovered several different “airs”, which 
we now call gases. They also found 

that the gases could react with solid 
substances, which they called “earths”. 
These discoveries began a journey 
that revealed that there were dozens 
of elements, not just four. Today, 
scientists have identified 118 
elements, but more may be 
discovered in time. 


Antoine Lavoisier 

In 1777, the French scientist Antoine 
Lavoisier proved that sulfur was an 
element. This yellow substance was 
familiar for thousands of years, but 
Lavoisier performed experiments to 
show that it was a simple substance 
that could not be divided up any further. 
In the same year, he also found out 
that water was not an element, but a 
compound of hydrogen and oxygen. 


Granule of pure sulfur Magnesium crystals 


JOHN DALTON 


Like many scientists of his day, the English 
scientist John Dalton already believed that 
matter must be made of tiny particles. In 
1803, he began to think about how these 
particles might join together. He came to 
realize that there are different particles for 
every element, and that the particles of 

one element all have the same mass. He 
also realized that the particles of different 
elements combine in simple proportions 

to make compounds. So, for example, the 
particles of the elements carbon and oxygen 
can combine to make carbon monoxide. He 
suggested that during a chemical reaction, 
the particles rearrange to make compounds. 
He formulated the first modern theory 

of atoms. O 


Dalton's table of elements 


Jacob Berzelius 

In the early 1800s, the Swedish doctor 
Jacob Berzelius investigated chemicals 
in rocks and minerals. He found two 
minerals that contained new elements. 
He named these elements cerium (after 
Ceres, the dwarf planet) and thorium 
(after Thor, the Viking god of thunder). 
Berzelius also invented a system of using 
symbols and numbers that chemists 
still use to identify elements and 
compounds today. 


Chunk of pure cerium 


Potash . 


a 


Pure caesium inside 
a sealed container 


Elements can exist in three states of 
matter: solid, liquid, and gas. At room 
temperature, most elements are solids, 
11 are gases, and only two are liquids. 
However, elements can change from 
one state into another. These changes 
don’t alter the atoms of these 
elements, but arrange them in 
different ways. 


A solid keeps its 
shape and has a 
fixed volume. 


In a solid, all the atoms are attracted to each 
other and locked in position. 


A liquid takes 
the shape of 
its container, 
but its volume 
remains fixed. 


In a liquid, the atoms begin to move around 
as the attraction between them weakens. 


A gas will fill 

any container, 
no matter how 
large or small. 


In a gas, the atoms are weakly attracted to each 
other, so they all move in different directions. 


Robert Bunsen 

The German chemist Robert Bunsen is best known for 
inventing a gas burner that is often used in laboratories. 

In the 1850s, Bunsen used such a burner — which produced 
a hot, clean flame — to study the unique flame colours 
produced by different elements. When an unknown 
substance made bright blue flames, he named it 

caesium, meaning “sky blue”. 
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Inside an atom 


An atom is the smallest unit of an element. Atoms are too small to see 
(even with the most powerful microscopes) but they are everywhere. 
They consist of smaller particles called protons, neutrons, and 


electrons. Every element has a unique number of protons. 


What’s the atomic number? 

The number of protons in an atom of an element is 
called the atomic number. The atomic number of an 
atom identifies the element it belongs to. Every atom 
also has an equal number of electrons. For elements 
found naturally on Earth, hydrogen has the smallest 
atomic number (1), while uranium atoms have the 
highest atomic number (92). 


Atomic This shell is the space 

number in the hydrogen atom 
where one electron 
circles the proton at 
the centre of the atom. 


Hydrogen atom 


In a lithium atom, 
two shells house 

three electrons, which 
circle the protons and 
neutrons at the centre. 


Lithium atom 


Seven shells house 
the 92 electrons in 
a uranium atom. 


Uranium atom 


Electron > The tiny, 
negatively charged 
particles in an atom are 
called electrons. ‘They 
are involved in the way 
the atoms of an element 
react and form bonds 
with the atoms of 

other elements. 


Shell > The electrons in an atom move 
around the nucleus. They are arranged 
in layers called shells. When reacting 
with each other, atoms tend to fill up 
their outer shells to become more stable. 


3. Base current. (problem 15) 
4. Current gain is the ratio of collector 


current to base current. It is represented 
by the symbol B.B = I C/I B. (problems 16 
and 17) 
5: 
L= (Vs 0.7 volt) a (3 volts 0.7 volt) _ 2.3 volts 95 A 
Rp 27kQ 27kQ 
(problem 7) 
6. 10 volts a (problem 7) 
p = — =45.50..A 
220kQ 


7. 5 volts (problems 20-23) 
8. 7.5 volts (problems 20-23) 
9. 3.1 volts (problems 20-23) 
10. 1 volt (problems 20-23) 
11. See Figure 3.35 . 

Figure 3.35 


Os Os 
N-channel P-channel 

(problem 29) 

12. The voltage on the gate controls the 

flow of drain current, which is similar to the 

base voltage controlling the collector current 

in a BJT. (problem 29) 

13. See Figure 3.36 . 


Neutron > As its name suggests, neutrons are 
neutral particles, which means they do not have 
an electric charge. A neutron weighs the same 
as a proton, and much more than a electron. 


Proton > Protons have a positive electric 
charge. This charge attracts the negatively 


charged electrons, holding them in place 


around the nucleus. Because each proton's 


charge is cancelled out by the equal 


charge of an electron, the atom 
— has no overall charge, and 
is therefore neutral. 


Nucleus > The central core, or nucleus, of an atom is 

made up of protons and neutrons. Nearly all the mass of 
the atom is packed into the nucleus, and this gives every 
element a unique atomic mass. 


O O 
He-3 He-4 


Isotopes 

While every element has a unique 
number of electrons and protons in 

its atoms, the number of neutrons 

can vary. These different forms are 
called isotopes. For example, helium 

has two isotopes: one contains three 
neutrons (He-3), the other has four (He-4). 


Electromagnet attracts metal pieces 


Electromagnetism 

Atoms work like tiny magnets. A force 
called electromagnetism holds them 
together. It makes particles with opposite 
charges, such as protons and electrons, 
attract each other. Those with similar 
charges repel each other. A magnet is an 
object in which the magnetic forces of the 
atoms attract and repel other objects. An 
electromagnet develops magnetism when 
an electric current runs through it. 


ATOMIC PIONEERS 


During his atomic research in 

the early 20th century, Sir Ernest 
Rutherford, a New Zealand scientist, 
expanded our understanding of the 
structure of atoms. He discovered 
protons and proved that they were 
located in an atom's nucleus. 
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Periodic table 
of elements 


The periodic table is a useful way of organizing the elements. 
It arranges the elements in order of their atomic number, 
which is the number of protons in the nucleus of an atom, 
and is unique to every element. The table also divides the 
elements into rows, called “periods”, and columns, called 
“groups”. Dmitri Mendeleev, the chemist who devised the 
table, arranged the elements based on the similarity of 
certain physical and chemical properties. 
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The actinides and the 
lanthanides are placed 
between the alkaline earth 
metals and the transition 
metals, but have been 
moved below to give 
them more space 
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KEY 


ME Hydrogen al The Boron Group Element sym bol 
Every element has a unique symbol of one or two 


7) Alkali Metals [E] The Carbon Group letters. These symbols ensure that scientists who 
5 EE E a nite E speak different languages do not get confused while E 
aline Ear etals e Nitrogen Group h = 
describing the same element. i 
-Le [e] 
El Transition Metals m The Oxygen Group The atomic number is the number of protons Q. 
in the nucleus of this element’s atoms. = 
mi Lanthanides fl The Halogen Group l cr 
The first letter of a symbol is always © 
Lee a capital, but the second is lower case. = 

al Actinides Pi Noble Gases 


The atomic mass number is the average of all the 
atoms of the element. It is not a whole number 
because there are different isotopes (forms) of each 


N element, each with a different number of neutrons. 
Elements of this group ith a diffe u f neu 


are semi-metals (elements 


with the properties of . 

metals and non-metals): This group contains Periods : ; 

ee ene ena Elements in the same period, or row, have the same 
but crumble easily never form bonds with other number of electron shells in their atoms. So elements 
like non-metals. elements, and are unreactive. in period one have one electron shell, while those in 


period six have six electron shells. 


fed N o KE] Ne le on = 

left to right. 

—— oa 

a Ll Me le E o follow a pattern. The table was 
incomplete as some elements 

had not yet been discovered. 
However, Mendeleev predicted 

the positions of the missing 


elements, and was proved right 


when they were finally isolated 
many years later 
15 


Groups run from 
top to bottom. 


Groups 

Members of a group, or column, all 
have the same number of electrons 

in their outermost shell. For example, 
group one elements have one outer 
electron, while group eight elements 
have eight outer electrons. 


DMITRI MENDELEEV 


The periodic table was 


developed by the Russian 
chemist Dmitri Mendeleev in 
1869. Others had tried before, 
but his table was periodic, 
or repeating, because the 
characteristics of elements 


Introduction 


Explosive reaction 

In this chemical reaction, pure 
lithium reacts with air to make 
the compound lithium oxide. It 
takes energy to break the links 
between the lithium atoms and 
then make bonds with oxygen 

in the air Reactions need energy 
to begin, but they often produce 
energy as heat and light. 


1. This piece of pure lithium is placed on 
a surface and is exposed to the air. 


2. A gas torch is used to heat the lithium, 
and in just a few seconds it turns red, 
which is a typical colour for this metal 
when it becomes hot. 


3. Very quickly, the lithium catches 
fire. The white areas forming here 
are the compound lithium oxide, 
which is a combintion of lithium 
and oxygen. 


Reactions 
and uses 


The elements can combine in different ways to make 

10 million compounds, possibly more. As well as learning 
about the physical and chemical properties of elements, 
chemists also want to find out how and why certain 
elements react with each other to form compounds. 
Chemical reactions are happening all the time. During 

a reaction, substances change into new substances. 

The bonds that hold them are broken and then 

remade in a different combination. 


A mixture is a combination 
of substances that can be 
separated by physical means, 
such as filtering. It is not 
the same as a compound, 
where the ingredients are 


connected by bonds and can 
only be separated using a 


chemical reaction. Mixtures Solution Colloid Suspension 
can be classified as solutions In this mixture, a substance This mixture contains This type of mixture 


colloids, and suspen sions. is completely and evenly unevenly spread particles consists of large particles 
mixed, or dissolved, and clusters that are of one substance floating 

into another substance. too small to see. Milk in another substance. Muddy 

Seawater is a solution. is a colloid. water is a suspension. 
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a => Cl ) Na* $ Cl j Na | Cl ) 
Electon h 7 
= <>” “Y oh 
Sodium atom Chlorine atom The sodium The chlorine Bond 
ion is positive. ion is negative. 
1. A sodium atom donates one electron 2. These are now charged atoms known as ions. 3. Sodium is attracted to — and 
to a chlorine atom. This gives both The sodium ion has a positive charge and the forms a bond with — chlorine, 
atoms full outer electron shells. chlorine ion has a negative charge. forming a molecule of the 


compound sodium chloride. 
Forming compounds 
There are two kinds of bonds formed between elements 
during a chemical reaction. In an ionic bond, such as 
in sodium chloride (above), one atom gives away its 
electron(s) and another accepts them. This results in 
each having full outer electron shells. The other type is 
called covalent bonding. In this, atoms sit together and 
share their electrons so they both have full outer shells. 


As lithium burns 
in air, it becomes 
lithium oxide. 


Reactions in the real world 
Chemical reactions happen all around 
us. There are reactions when we cook, 

take medication, or breathe. The image 

above shows a rusty iron ship. Over time, 

the element iron develops this red, flaky 

| layer when it reacts with oxygen present in 

a | water or air to form the compound iron 

| oxide — more commonly known as rust. 
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Pure hydrogen 
(H) fills this 
glass sphere, 
and produces 
a purple 

glow when 
electrified. 
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Atomic structure 
A hydrogen (H) atom 
has one electron moving 
around a nucleus 
consisting of a 
single proton. 


Physical properties 
Hydrogen gas is the lightest 
material in the Universe. Pure 
hydrogen is rare on Earth, as 
it escapes quickly from the 
atmosphere into space. 


Chemical properties 
Hydrogen is highly 
flammable. It 
forms compounds 
with both metals 
and non-metals. 


Compounds 
The most common 
hydrogen compound 
is water. Acids are 
compounds that 
contain hydrogen. 
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Hl Hydrogen a 


Hydrogen gas is trapped 
inside this glass sphere, and 
gives off a purple glow 
when electrified. 


Three quarters 
of this planet is 
made up of layers 
of gaseous and 
liquid hydrogen. 


Water 


The Orion Nebula 


Q 
ES 
SY 
The Sun is 
four-fifths 
hydrogen. 
ee a£ 
q Each water 

molecule has 

two atoms of 

hydrogen and 


one of oxygen. 


State: Gas 


Discovery: 1766 
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This gaseous 
stellar nursery 

is giving birth to 
thousands of stars. 


Hydrogen is the first member of the periodic other gases, such as helium and methane. On 
Earth, hydrogen is commonly found in water. 


Although it is rare in Earth's atmosphere, hydrogen 
is the most common element in the Universe. 
Stars, such as the Sun, contain large amounts 
of hydrogen. At the centre of a star, atoms of 


table because it has the simplest atoms of 
all elements: they contain just one proton 
and one electron. Pure hydrogen is a 
transparent gas. The biggest planets, such as 
Jupiter, are vast balls of hydrogen mixed with 


Ë HOW ROCKET FUEL WORKS 


+ 
Many space rockets use iv 
a F 
1. This chamber contains a liquid hydrogen as a fuel. o 
fuel called liquid hydrogen. The hydrogen reacts > 
D: with oxygen to form P 
Zy 2. This chamber contains extremely hot steam, = 
A liquid oxygen, which helps which blasts out of the A 
T the hydrogen burn. nozzle. This creates 
= thrust, which pushes 
o 3. Pumps control the flow the rocket upwards. 
Os of the liquids as they enter 
= the combustion chamber. 
o | | 
O 4. The combustion chamber is 
an) 


where the liquids mix together, 


creating an explosion. 
5. The nozzle emits hot vapour, 


pushing the rocket upwards. 


4 ” 
ho" . . . y 
Se This balloon can rise high E p 

És into the atmosphere where hu. y 

Ki sensors gather information 


about atmospheric pressure, Margarine 


temperature, and wind speed. = 
This powerful rocket uses 


45,460 litres (12,000 gal) of 


Sw 
os Oo 
Margarine is on 9 liquid hydrogen as fuel. 
made of vegetable O pS 
oils thickened by o & 
; >» UY 
adding hydrogen. T a This liquid is 


used as a cleaner. 


The This powerful 
explosion was 
only waste created by fusing 


hydrogen atoms. 


product 
of hydrogen fuel 
is Steam. 


This energy- 
efficient bus runs 


on a fuel cell fed . 
by hydrogen. Hydrogen bomb explosion 
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Hydrogen 


Hydrogen-powered bus 


this element are fused together, releasing heat and can fly higher than air-filled ones. Supercold 

light. New stars form inside nebulae — such as the liquid hydrogen is used as rocket fuel. Atoms of 
Orion Nebula. They are clouds of hydrogen gas hydrogen fuse together to produce a lot of energy 
that slowly collapse in on themselves. Hydrogen in hydrogen bomb explosions. Pure hydrogen is 
gas is the lightest element of all, and much lighter also a clean energy source used to power some 
than air This is why hydrogen-filled balloons buses and cars. 


21 


Figure 3.36 


(problem 30) 

14. The JFET is a high-impedance device 
and does not draw current from the gate 
circuit. The BJT is a relatively low-impedance 
device and does, therefore, require some 
base current to operate. (problem 28) 

15A. The drain current will be at its 
maximum value. In this case, it equals V DD 
/R D because you can ignore the drop 
across the JFET. The gate to source voltage 
is O volts, which reduces the channel 
resistance to a small value close to 0 ohms. 
(problem 31) 

15B. The drain current now goes to 0 
ampere because the channel resistance is at 
infinity (very large), which does not allow 
electrons to flow through the channel. 

15C. At position A, V DS is approximately 0 
volts. At position B, V DS = V DD 
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Alkali Metals 


After hydrogen (H) — which is in a group of its own — the first column of the 
periodic table contains the alkali metals. This group gets its name from 

the way the elements react with water. These vigorous reactions always 
produce acid-attacking compounds called alkalis. None of the alkali metals 
are ever found in a pure form in nature. The first three metals are common 


in many minerals, while the last three are rarer. 


Atomic structure Physical properties Chemical properties Compounds 
The atoms of all alkali These metals are soft Alkali metals are highly These metals react with water 
metals have just one electron enough to be cut with reactive. They form to form compounds called 
in their outer shell. Alkali a knife. They are all bonds with other elements, hydroxides. They react easily 
metal atoms are among silvery and very giving away their single with halogens to form salts, 


the biggest of all atoms. shiny when clean. outer electron. such as sodium chloride. 
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Lithium 
State: Solid 
Discovery: 1817 


Fo rms This water contains 


tiny amounts of dissolved 
lithium minerals. 
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Alkali Metals 


Drinking 
water 


These mushrooms fa NA 
absorb lithium «De 
from the soil. 


Pale 
quartz 


Prawns and other 
shellfish absorb lithium 
from seawater. 
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pal is o Shiny pure lithium bo ath 
containing lithium a 
becomes dull when a : 
re : it is exposed to air. 
Bar of pure lithium refined in a laboratory o 
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crystals 


Lithium is the the lightest of all metals: contains millions of tonnes of dissolved lithium. 
in fact, it can easily float on water. Pure Lithium is found in many foods, such as 

lithium is very reactive and exists in nature mushrooms, prawns, nuts, and seeds. It also 
only in minerals, such as lepidolite and has many everyday applications. Glass composed 
petalite. Many lithium minerals dissolve of lithium is resistant to heat and is used in 


24 well in water, and the world’s seawater scientific equipment, such as mirrors inside 


Uses Ë LITHIUM-ION BATTERY 


Smartphones run on rechargeable Lithium-ion batteries are widely used in digital devices. They store 
electrical energy to power gadgets and are rechargeable. This 
diagram shows a device's battery in use; when it is charging, this 
process is reversed. 


batteries that use lithium to store electricity. 


3. As ions move inside the battery, 
negatively charged electrons are 
pushed through the phone, providing 
the electricity to make it work. 


1. Inside the battery, 
positively charged 
lithium ions move 
from the negative 
electrode (-) to the 
positive electrode (+). 2. The positive 
electrode receives 
lithium ions as the 
battery loses charge. 
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Ny 
Lithium coating on the inside of some syringes 
delays the clotting of the blood sample. 


Lithium-rich grease is 
used to keep mechanical 
parts of engines running 
smoothly, even when hot. 


Hale telescope mirror 


Some artificial teeth 
| contain lithium discilate, 


Lithium added to the glass which makes them strong. 


in this mirror stops the disc i eet 
warping at extreme temperatures. a HHA HIF 


This car Artificial teeth 


runs for at least 
64 km (40 miles) 


on one charge of 


This air scrubber used 
lithium hydroxide to purify the 
air inside the Apollo 13 spacecraft. 


its lithium-ion 
battery. 


This charging 
point can recharge 
an electric car 

in one hour. 


Air scrubber 


telescopes. The main use for lithium is in ones. A soapy compound called lithium stearate 
rechargeable batteries. Lithium-ion batteries is used to make grease, which helps automobile 
are small but powerful, so they are ideal for engines run smoothly. This element also forms 
smartphones and tablet computers. Larger hard ceramics that are used to produce strong 
lithium batteries can power electric cars, artificial teeth. Lithium compounds are used 


which are less polluting than petrol-powered in some medicines as well. 25 
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Forms 


This sodium-rich 
mineral is an example 
of a zeolite, a mineral 
with tiny holes that 

can trap gases. 


Alkali Metals 


Soft, shiny metal 


Polished gemstone made 
of the mineral sodalite 


The thick, white crust 
covering this salt flat contains 
sodium chloride and other salts. 
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This glass case 
holding pure sodium has 
no air in it, to prevent 
Cube-shaped the metal from reacting oa a is 
transparent crystals with oxygen in air Salar de Uyuni, Bolivia 


{* ee A 
x, Vf EX y 


Everyday salt contains lots of sodium. halite, and it is what makes seawater salty. Other 
Although abundant on Earth, sodium is sodium minerals include sodalite, a soft blue 
never found in its pure form naturally: it forms stone that can be shaped and polished. Pure 
compounds with other elements. Sodium chloride, sodium is soft enough to be cut with a knife. 
which also contains chlorine, is the most common It reacts with oxygen in the air, forming a 

26 sodium compound. It is also known as the mineral compound called sodium oxide, and bursts 


Ancient Egyptians 


believed in life after 
death and so preserved 


the bodies of their 1. Organs, such as the stomach and 
: SE dead. A dead body lungs, were removed from the dead body 
Edible salt i S was washed and the 


is made by organs removed, then 
refining the crystals of sodium 
mineral halite. compounds were 
» used to dry it out. 2. Sodium compounds were spread 
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Finally, the body over the body to dry it. 
G was wrapped, which 
z completed the process 
B of mummification. 
a) 
3 3. The body was wrapped 
ct in cloth to mummify it. 
Y This tube glows bright yellow-orange 
This mummified body, when sodium gas is electrified. 


or mummy, was preserved 
using sodium compounds. 
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Sodium fireworks Ja ¿Ml ed Bi ES iy ee 


Sodium gas lamp 


ax of soap 


Cats 


— Some soaps 
were sacred — contain | 
: : x sodium | 
In ancient Egypt, SO hydroxide. 
their bodies were | 
. . a 
mummified. paking sod | 
Bright yellow lights ~< 
in fireworks get their 
colour from burning Odourless 
sodium compounds. white powder 


Indigo dyes — often 
used in blue jeans — 
contain sodium. 


SUIDI-3q | 


: = Spraying salt keeps roads 
> er praying p 
Indigo dye powð free from ice and frost. 


into flames when in contact with water. Sodium rise by releasing bubbles of carbon dioxide. When 
compounds in fireworks burn with a yellow- refined, sodium chloride, or common salt, has 

orange colour In ancient Egypt, crystals of sodium several uses. It makes ice melt so it is used in 

compounds were used to preserve dead bodies as salty grit added to slippery, frozen roads. This 

mummies. Another useful compound is sodium helps de-ice them to make them safer. It is also 
bicarbonate, or baking soda, which makes dough an important seasoning for meals. 27 
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S A LT E i AT Hundreds of artificial ponds dot the hillside near the small town 
of Maras, high in the Andes of Peru. The ponds fill with water 
from a stream that runs down from the nearby mountains. In the sunshine, the water evaporates, 


leaving behind a thick salt crust that can be collected. The people of Maras have been gathering 
salt in this way for at least 500 years. 
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The salt forms part of rocks deep underground before 

it is dissolved by the stream and flows into the pools. 
Evaporation can also be used to collect salt from seawater 
or other salty water sources (known as brines). Today, 
however, most of the world’s salt comes from underground 
mines containing thick layers of salt that are a result of 


ancient seas drying out. Over millions of years, that 

dry salt has become buried under dense layers of rocks. 
This so-called “rock salt” is sometimes unearthed using 
excavators. At other mines, it is washed out by piping in 
warm water, which dissolves the salt. The brine is then 
pumped up to the surface for evaporation. 


ot a SSI u mMm State: Solid 
Qi9 B19 ©20 Discovery: 1807 


This glass case holding pure 

Fo rms potassium has no air in it, Laboratory sample The yellow and 
POETENE cl metal from of pure potassium green colour comes 
reacting with oxygen in air in an airless vial from impurities. 
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This mineral 
is rich in 
potassium chloride. 


Alkali Metals 


Soft and 
shiny solid 


This mineral contains 
potassium chloride, which 
gives it a salty taste. 


Potassium was first found in the dust of elements chemical symbol, K, is taken from 
burnt plants. It was discovered by Sir Humphry kalium, a Latin word for “ash”. Potassium is never 
Davy when he experimented with potash — found pure in nature, but is present in minerals 

a mixture of substances made from the ash such as aphthitalite and sylvite. Potassium is 
of burnt plants soaked in water. The name vital for the human body, helping muscles and 


30 potassium comes from potash but the nerves work properly. For this, we rely on 


3 [| REBREATHER 


A rebreather is a machine used by expert divers 
so they can stay underwater for long periods. 


= Mouthpiece 
A 2 This salt contains 1. Exhaled air, containing 5. The diver 
{| E potassium chloride, carbon dioxide, enters breathes in 
wi} o which helps lower the rebreather. this oxygen. 
ne a blood pressure. 
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2. Carbon dioxide 4. Oxygen 
flows into the flows out of 
chamber and reacts the chamber. 
with a compound 
called potassium 3. Oxygen is 
superoxide. produced in 
the chamber. 


Soda water 
contains potassium 
| compounds for 

added flavour. 


Potassium-rich fertilizer 
is easily absorbed by the soil 
and boosts plant growth. 


Potassium 
solutions are used 
to hydrate patients. 


This cylinder contains 
a compound called 
potassium superoxide. 


Fan. N 
“Ttilizey 
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This soap contains i 
potassium hydroxide, 
which is a cleaning agent. S 
Toughened 


‘lass Screen 


This explosive mixture 
Avocado | contains powdered 


potassium nitrate. 
| This strengthened glass sheet 


Sweet potato j contains potassium nitrate. | 
P Pi 
potassium-rich food, such as bananas, root important ingredient in saline drips for 
vegetables, and avocados, which contain rehydrating patients who are seriously ill. 
potassium chloride. In tiny amounts, this Potassium nitrate is a compound of 
compound can enhance flavours, as it does potassium, oxygen, and nitrogen, and is 
in soda water. lt is also a healthy alternative found in gunpowder and toughened glass 


to sodium chloride, or common salt, and an screens for mobile phones. 31 
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N 
3 Forms 
Vv This soft mineral contains 
= up to 3.5% rubidium. 
E Pale, 
= waxy Leucite 
mineral 
e 
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; 9 i 
° > Gan 
Mea © 
9,0 
O 
o ma 
E 
o 
= 


/ ff” Rubidium makes 
| up only about 
1 per cent 
of this mineral. 


— — This glass case contains 
pure rubidium, preventing 
it from coming into contact 
with air and catching fire. 


This ore 
contains caesium 
and rubidium. 


Rubidium was named after the Latin word 
rubidius, meaning “deepest red”. This refers 
to the red-coloured flame it produces when 

burned. This highly reactive element ignites on 
contact with air. On contact with water, it reacts 
vigorously, producing hydrogen gas and a lot of 


heat. Rubidium is not often concentrated in 
particular minerals, but instead is spread in small 
amounts through a wide range of minerals, such 
as leucite and pollucite. The pure metal is 
sourced mainly from the mineral lepidolite. 
Another mineral called rubicline has even more 


32 


Chapter 4 
The Transistor Switch 


Transistors are everywhere. You can't avoid 
them as you move through your daily tasks. 
For example, almost all industrial controls, and 


even your MP3 player, stereo, and television 
may use transistors as switches. 

In Chapter 3; “Introduction to the 
Transistor,” you saw how a transistor can be 
turned ON and OFF, similar to a mechanical 
switch. Computers work with Boolean algebra, 


which uses only two logic states—TRUE and 
FALSE. These two states are easily 
represented electronically by a transistor that 
Is ON or OFF. Therefore, the transistor switch 
is used extensively in computers. In fact, the 
logic portions of microprocessors (the brains 
of computers) consist entirely of transistor 
switches. 

This chapter introduces the transistor's 
simple and widespread application—switching, 
with emphasis on the bipolar junction 


transistor (BJT). 

When you complete this chapter, you will be 
able to do the following: 

Calculate the base resistance, which turns a 
transistor ON and OFF. 

Explain how one transistor turns another ON 
and OFF. 

Calculate various currents and resistances In 
simple transistor switching circuits. 


Uses 


These lenses contain rubidium, 
which aids night vision. 


f Night-vision goggles 


¿moto multip lig 
E 


The structure of 

the brain can be seen 
clearly because of the use 
of radioactive rubidium. 


This sensitive device 
detects light by using a 
rubidium compound. 
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“Components 


ues LAd 


Magnetometer 


rubidium in 1t but is very rare. Rubidium atoms are 
sensitive to light and can be used in photoelectric 
cells (devices that convert light energy into 
electricity) and night-vision equipment. This 
element has radioactive forms, which can be used 
to measure the age of rocks. When injected into a 


RUBIDIUM-STRONTIUM DATING 


About a quarter of all rubidium atoms are radioactive. 
Slowly over time, they break down into strontium atoms. 
Comparing the amounts of these elements in a rock 
shows when that mineral was formed. Older rocks have 
less rubidium and more strontium in them. 


p” 


( 


Rubidium-87 atoms Only small amounts 
(red) decay ata | of strontium-87 The amount of 
predictable rate. | (blue) in the rock. strontium-87 has 
increased over time. 
ad o 
e — e e K 
o o o o 
a g PE y 5 ee "as 
s a 
na e 
Millions Present day 


of years ago 


Electricity cables 
are hung from these 
rubidium-rich 
insulators. 


SA 10M9.1J 


Ceramic insulator 


This purple colour comes 
from burning a nitrogen 
rubidium compound. 


This device from the early 20th century used 
rubidium to measure the strength of magnetic fields. 


patient’s body, rubidium targets tumours, which 
show up clearly on PET (positron emission 
tomography) scans. Rubidium is also used by 
light-sensitive electronics called photomultipliers, 
and in making insulators for high-voltage 

cables and some special types of glass. 
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Alkali Metals 


Mi Caesium 


Forms 


State: Solid 
@55 @55 O78 Discovery: 1860 


Uses 


The crystals of Shiny, silver-gold metal This highly accurate clock is 
also called a caesium clock. | 


this mineral are 
used in jewellery. 


4 


Caesium was discovered in 1860 by 
German scientists Robert Bunsen and 
Gustav Kirchhoff. They burned a sample 
of mineral water on a burner, which split 
the flame’s light into individual colours. 
One of them was a distinctive light blue, 
which came from caesium. 


(11811) UasuNg 319q0yY 
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As the most reactive metal on Earth, caesium 
explodes into flames if in contact with air or 
water. Therefore, pure caesium, is stored in a 
sealed glass tube from which all the air has been 
sucked out. This element is rare, and most of it 

1s extracted from the mineral pollucite. lts name 


Atomic clock 


High-density caesium| Drilling fluid 
compounds in this fluid 
stop toxic gases rising 
to the surface. 


means “sky blue” and refers to the colour of 
caesium's flame when burning. Caesium is used 
in atomic clocks, which measure time down 
to a billionth of a second. These clocks are so 
accurate that they would gain or lose no more 
than one second every 300 years. 


This mineral 
was discovered in 
1828 in Norway. 


Francium is the rarest natural element 
on Earth. Scientists think there may be 

just 30 g (1.1 0z) of francium in Earth's rocks. 
Francium atoms are created when radioactive 
elements break down. Francium can be 
extracted from radioactive ores such as 


State: Solid 
@ 387 @87 © 136 Discovery: 1939 


The French chemist 
Marguerite Perey discovered 
francium in 1939 while 
studying the way a pure 
sample of another radioactive 
metal — actinium — decayed. 
She found that actinium 
broke down to form thorium 
and a previously unknown 
element. She named 

this element francium 

after her home country. 


The dark crust is a 
uranium mineral that holds 
tiny amounts of francium. 


have one 


atoms. 


thorite and uraninite, both of which 

contain tiny amounts of this element. Even so, 
to date the largest sample of the metal made 
contained only 300,000 atoms, and lasted 
only a few days. Francium has no known 

uses Outside of research. 


” Earth’s rocks 


francium atom 
A for every million 
trillion uranium 
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Barium (Ba) 
crystals turn 
black in air. 


1 hat ie 0 1 


Atomic structure 
The alkaline earth metals 
have two electrons in their 
outermost electron shell. 
Radium (Ra) is the most 
radioactive member. 


Physical properties 
All members of this 
group are soft and 
shiny when pure. They 
are solid at room 
temperature. 


Chemical properties 
These metals are similar to 
the alkali metals, but not as 

reactive. Except for beryllium by losing their outermost 
(Be), all alkaline earth metals electrons. Several compounds 
react with hot water or steam. are found in teeth and bones. 


Compounds 
These elements form 
compounds with non-metals 
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MBeryllium ©. .. 


Fo rms This mineral can 


also be brown, green, 
or orange. 


y Jel 
d ERÁ 


p EN CUN 


These crystals have 
this pale blue colour 
due to iron impurities. 


Beryllium is 
found in more than 


30 kinds of 


mineral. 
Lightweight 
metal 
This widely used element gets its name much harder than the other metals in its 
from the Greek word beryllos, after which group. Two common beryllium minerals are 
the mineral beryl is also named. Beryllium chrysoberyl and beryl. Beryl has different 
is the lightest of the alkaline earth metals, but forms, such as aquamarine and emerald. 


it does not share many of the group’s properties. Beryllium is useful in many ways. For example, 
For example, it does not react with water andis some military helicopters use windows made 


Uses LOUIS NICOLAS VAUQUELIN 


Beryllium was discovered 

in 1798 by the French 

chemist Louis Nicolas 
Benylitan Vauquelin. He extracted 
alloy window the pure metal from 
emerald, which is a 
valuable green form of 
the mineral beryl. He had 
already discovered the 
element chromium, which 
is also found in emerald 
and gives it its green colour 


a 
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These beryllium mirror This beryllium pipe 
segments will not contract delivers beams of protons 
into this device. 


in the cold of space. 


i Oe 


This seal made 
of a beryllium- 
nickel alloy is 
strong enough to 
stop high-pressure 
water supply 
leaking through. 


@ |? R ù ' 
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y 


ATLAS, a device at 


the L Had 
James Webb Space Telescope a EN 


Switzerland 
This airbag is triggered by a 


sensor that contains beryllium. 


seqay 


This beryllium 
disc can withstand 
higher temperatures 
than a disc made 
of aluminium. 


of beryllium-rich glass to shield optical sensors that trigger airbags. NASAs James 
sensors to aid pilots flying at night or through Webb Space Telescope will use a large 

fog. Objects made of this metal keep their beryllium mirror that is light and strong. Beryllium 
shape well and hardly expand or contract if is also used to make brake discs for racing 


the temperature changes. This makes beryllium cars. Alloys of beryllium and copper are used 
useful in valves for fire sprinklers and car in springs as well. 39 
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Magnesium has 
22 known 
isotopes. 


This ore is a 
natural form 
of magnesium 
carbonate. 


Magnesium was named after Magnesia Magnesium has many important applications. 
in Greece. This element largely exists deep Alloys of magnesium are not only strong, but 
inside Earth's mantle, but it can also be found also lightweight, so are used in a range of 

in seawater and many minerals in our planet’s objects, from car wheels to cameras. For 
crust, including serpentine. Another mineral, centuries, many naturally occurring magnesium 


40 dolomite, is also a source of pure magnesium. minerals have been used in traditional medicines. 


ri MAGNESIUM IN CHLOROPHYLL 


Chlorophyll is an important 
molecule in plants and is 
what makes them green. 
At its centre sits a 
magnesium atom, 


> 
which helps plants => 
Magnesium alloy convert sunlight into 2, 
makes this wheel PEERS A = 
strong and shiny. a ad a © 
called photosynthesis. m 
Chlorophyll at 
molecule = 
= 
@ 
er 
The magnesium alloy body xS = 
of this camera is lightweight o> 
and will not rust. 0 
ooo 
a 
Ey 3 


Crystals containing 
magnesium sulfate are 
added to warm water 
for a soothing bath. 


This powder Sas 
makes skin = 
smooth and soft. , 
ge 
Talcum po“ 


İ- — —_ = | White lights 
from burning 
magnesium , IA 
compounds FTES Y SE : 
at 7 i ~~" = — K = 
AN Y Wh => 
This indigestion NW NS 
medicine is a | \ | 
mixture of water 
and magnesium Y ne e 
carbonate. 


Ò Magnesium 
e, So. fireworks 


yy? 


Milk of magnesia 


This widely 
used cement 
contains powdered 
magnesium oxide. 


The magnesium alloy case of 
this laptop is strong but lightweight. 


Magnesium carbonate, or magnesia, reacts flame. Salts composed of magnesium, 
with acid in the stomach to settle indigestion. called Epsom salts, named after the place 
Heating magnesia produces magnesium oxide, in England where they were first mined, 
which is one of the ingredients in cement. work as a muscle relaxant. Magnesium 
Magnesium compounds are also used in silicate, known as talc, is a soft mineral 


fireworks, and they burn hot with a white used in body powders. 41 
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& Calcium 


Fo rms This crystal has a : ure Cale 
é This pure sP lų 
shiny surface. ; O 
metal is soft o \abora to» 
—A enough to cut 3 ~ 
with a knife. ~ ; 
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Calcite 


fang-like 
crystals 


These column- 
shaped crystals 
contain calcium 
carbonate. 


Bones are hardened 
by calcium phosphate. 


oo ae! 


ES 5 
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The most abundant metal in the human contain the compound calcium phosphate. 
body, calcium is also the fifth most The hard, outer layers of many other animals, 
common element on Earth. It appears in such as the shells of sea snails, are made of 
many minerals: calcite and aragonite are made calcium carbonate. Calcium is very important 
of a compound of calcium and carbon called in our diet. We get calcium by eating calcium- 


calcium carbonate. Bones in animal skeletons rich food, including dairy products, green 


Calculate various resistances and currents in 
switching circuits, which contain two 
transistors. 

Compare the switching action of a junction 
field effect transistor (JFET) to a BJT. 


Turning the Transistor On 


1 Start by examining how to turn a 
transistor ON by using the simple circuit 
shown in Figure 4.1 . In Chapter 3, R B was 
given, and you had to find the value of 
collector current and voltages. Now, do the 
reverse. Start with the current through R G, 
and find the value of R B that turns the 
transistor ON and permits the collector current 
to flow. 
Figure 4.1 
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Question 
What current values do you need to know to 
find R B ? 


Thistablet ronan As running water flows into caves, it deposits 


calcium carbonate, which calcium carbonate. These deposits build up to 
is an alkali — a substance form structures called stalactites and stalagmites. 


that balances out acids. Ay Z 


Water with dissolved calcium carbonate 
flows through a crack and into the cave. 


Stalactite hangs 
from the ceiling. 


4 i 
b 


A 
# Stalagmite 


grows up from 


‘ 
4 
stos the ground. 
Water drips Over time, calcium carbonate 


onto the starts to build up on the 
ground. ground and ceiling 
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An adult 
human contains 
about Í kg (2 Ib) 
of calcium 
in the body. 


Shells of sea 
snails are hardened 
by calcium carbonate 
absorbed from 

sea water. 


Ka 


This plaster of Paris cast hardens 
when dry, supporting broken bones. 
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These chalks contain 
calcium sulfate. 


Marble forms 
when limestone 
comes under high 
temperature 

and pressure. 


The Sphinx, Egypt 


Broccoli 


This statue is made of 
limestone, a natural rock 
containing calcium carbonate. 


Oranges are also a good source of calcium, and construction materials. Plasterboard, which 
most orange juices have extra calcium added to is used to make walls smooth, writing chalk, 


them. Antacid tablets, used to settle and Plaster of Paris are all made from the 
indigestion, contain calcium carbonate. This mineral gypsum. Calcium oxide is an 
compound reacts with acid in the stomach. important ingredient in cement and 


Calcium compounds are also common in helps turn it into hard concrete. 43 


= Ly G FY S E The multicoloured Fly Geyser in the Black Rock Desert of 
Nevada, USA, is made from a mound of calcium carbonate 
rock. Such mounds and pools are made naturally in many other places where springs gush out 


warm, calcium-rich waters. The amazing colours of the rocks are caused by algae and bacteria 
that live in this water. 


Fly Geyser is not a natural wonder. It was made 
by accident in 1964 when engineers were drilling 
a well to find a source of hot water. They did find a 
small reservoir of water that is heated by volcanic 
activity deep beneath the surface, but they chose 
to cap the well and look elsewhere. Eventually, 


the hot water broke through, creating a natural 
fountain, or geyser. Over the decades, the calcium 
deposits have slowly built up. The central mound is 
now 1.5 m (5 ft) tall and nearly 4 m (13 ft) wide. The 
scalding water that gushes out can reach a height 
of 1.5 m (oft). 
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Some paints 


This grey metal 
turns yellow in air. containing 
guanite strontium absorb 
su Soft, brittle light during the day, 
crystals glowing 
at night. 
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This mineral 
is found in some 
microorganisms. 


was called strontianite, and it is the main ore 

of strontium. Pure strontium was first extracted 
by British chemist Humphry Davy in 1808, who 
conducted an experiment using electricity to 
obtain the element from the mineral. Strontium 
was once used in television screens, but today 


Strontium was discovered in 1791 ina 

mineral found near the Scottish village 

of Strontian. The mineral burned with a 

bright crimson flame, and Scottish chemist 

Thomas Charles Hope studied it and found 
46 that it contained a new element. This mineral 


Uses 


Glazed ceramic 


€... 


The bowl’s smooth 
finish is due to 
strontium oxide. 


Strontium burns in air 
with a bright red colour. 


91814 


GENERATING ELECTRICITY 


A radioactive form of strontium, called an isotope, 
can be used to produce electricity. A radioisotopic 
thermoelectrical generator (RTG) converts heat from 
the element into electricity for use in spacecraft. 


Radiator fin prevents the 
RTG from overheating. 


A thermocouple is a 
device that converts heat 
from the radioactive 
metal into electricity 


Inside the capsule, atoms of 
radioactive strontium break 
down into those of lighter 
elements and produce heat. 


RTG is insulated to stop 
radioactivity from leaking out. 


there are fewer uses for it. Strontium oxide in 
pottery and ceramic glazes creates distinctive 
colours, while strontium carbonate produces a 
red colour in flares and fireworks. Magnets that 
contain iron oxide can be made stronger by 
adding strontium to them. These strong magnets 


Navigation 
buoy 


Lights in 
unmanned buoys 
can be powered 

by radioactive 
strontium. 


Magnets inside 
this loudspeaker 
contain strontium. 


Strontium compounds 
in some toothpastes 


provide relief from pain. 
y Toothpaste for 
ii sensitive teeth 
Unmanned | \ 
radar stations WI Ge sai 


run on electricity es 
produced using a 
form of strontium 
called strontium-90. 


Weather radar station 


are used in loudspeakers and microwave 

ovens. Strontium chloride is added to some 

kinds of toothpaste, while radioactive strontium 

is a source of electricity for radar stations in 

remote places where there are no power lines 

or fuel supplies. 47 
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Barium 


This soft metal 
ho has a light, 
Farmers golden shine. 
used witherite as 
This mineral is used rat poison 


to make ceramic glazes. 


Wie, until the 


Petal-like shapes 
form in the desert 
when sand mixes 
with barite 

or with gypsum. 


Barium is named after the Greek word 
barys, which means “heavy”, because 
barium and its minerals are dense. The 
pure form of this element was first discovered 
in 1808 by the English chemist Humphry Davy, 
who extracted it from an oxide of barium. This 


18th century. 


A grey layer of 
tarnish forms when 
the metal comes into 


State: Solid 
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Bt a Vane!) Fair 


contact with air. 


These glassy, blue 
crystals contain 
barium and titanium. 


does not exist in nature. Davy obtained it by 
heating the mineral witherite. ‘Today, the main 
source of barium is barite, a mineral of sulfur 
that forms in deserts and in rock deposits that 
come into contact with hot water A rarer mineral 
called benitoite also contains barium. The 


Uses BARIUM SOLUTION 


Barium is used in a medical test for checking 
| Spark plug a patient's digestive tract for problems. In this 


> A test, a patient swallows a barium liquid solution, 
Za Pad which fills the organs in the digestive tract. 
| 1. The barium 


This plug contains 
an alloy of barium 
and nickel. 


y solution is ingested. 


shows up Clearly. 


Q 

D 

U 

YN 2. The solution 

z enters the stomach 3. Under an X-ray scan, 
= and begins to fill it. the barium-filled stomach 
=} 

va 


This glass can be made 
shinier by adding barium 
oxide and barium carbonate. 


This pot is made 


a from clay that is The barium in 
rich in barium. the metallic strip 
Ww absorbs gases in the tube, < 
maintaining a vacuum. = 
i Q 
z 
Y. et 
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The intestine is filled 
with a barium solution. 
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element is used in spark plugs to make them density. Doctors make use of barium’s density by 
produce more powerful sparks and is added to giving patients a solution of barium compound to 


glass to increase its shine. Barium compounds swallow, before taking X-rays of their digestive 
are added to some types of clay used for making system. The barium makes the soft digestive 
pots and vases. In oil wells, barium compounds organs denser, allowing them to be seen clearly 
are added to drilling fluids to increase their with an X-ray machine. 
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Radium is the only radioactive member 
of the alkaline earth metals. It is also the 
rarest element in this group, and forms in small 
amounts when the atoms of more common 
metals — such as uranium and thorium — break 
down. Radium atoms do not survive for long, 


State: Solid 
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This ore contains just 0.7 g 
(0.02 0z) of radium in every 
1,000 kg (2,205 lb) of rock. 


In 100 
years time, 
only 4% of the 

radium atoms in this 
watch would have 
broken down. 


with most of them quickly decaying into 
radon, a radioactive noble gas. This element 
1s highly dangerous and is rarely used today. 
However, in the early 20th century, radium 
compounds were in common use. Luminous 
paints, like those used to make watch dials 


Uses PIERRE AND MARIE CURIE 


Radium was discovered in 
1898 by Marie and Pierre 
Curie. They found that 
uranium ores produced 
more radioactivity than 
expected from samples 
y of uranium. They realized 

a a another radioactive metal 

sik Y if o me was present and named 
Ty JS T he radium paint TE EN 

in this clock makes 


the numbers glow 
green-blue in the dark. 
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This vial contains 
a liquid called 
radium chloride. 


Vials for 
radium tre atment 


This machine from the 
early 20th century mixed 
radium into water, which 

was thought to make it a ¿ua 
healthier to drink. 
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Radium emanator 


Radium face 
powder was 


Skin lotions containing once thought 

radium were common lo be good f al 

in the 1920s, ee 
glow in the dark, were created using radium. stronger, not weaker. They injected themselves 
People working with this paint often became with vials containing a radium compound, 
ill, especially with cancer, because the believing it gave them an energy boost. They 
radiation produced by radium damages DNA. also thought that creams and cosmetics with 
Nevertheless, until the 1940s, many people radium in them made the skin healthier, even 


thought radium's radioactivity made them though they did exactly the opposite. 51 
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Answer 
The base and collector currents 

2 In this problem circuit, a lamp can be 
substituted for the collector resistor. In this 
case, RC (the resistance of the lamp) IS 
referred to as the load , and | C (the current 
through the lamp) is called the load current 
Questions 
A. Is load current equivalent to base or 
collector current? ———__ 
B. What is the path taken by the collector 


current discussed in problem 1? Draw this 
path on the circuit. 
Answers 


A. Collector current 
B. See Figure 4.2 . In this figure, note that 
the resistor symbol — has been replaced by the 
symbol for an incandescent lamp. 

Figure 4.2 


A 
Atomic structure Physical properties Chemical properties Compounds 
Most transition These elements are generally Transition metals are not as Many compounds of 
metals have two hard and dense metals. Mercury reactive as alkali and alkaline transition metals are brightly 
outer electrons, but (Hg), the only element that is earth metals. However, they coloured. These metals 
a few, such as copper liquid at room temperature, form many varied and are often used in alloys, 


(Cu), have just one. also belongs to this group. colourful compounds. such as brass and steel. 
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These crystals 
contain only tiny 
amounts of scandium. 


Forms 


Greasy texture 


Sad 


Transition Metals 


The silvery colour 
of this metal turns 
yellow in the air. Laboratory sample 


of pure scandium 


Uses lía. Mic 


a : The scandium iodide 
lo dd gas inside the tube glows 


handle does not bend. with a bright bluish light 


o ao auo auo i; AAA ja Le — Ta ES 


~“ 
| : Some high-speed jets 
Lacros ane Metal halide lamp have a fuselage made k 
Slick i of scandium alloys. UN 
<A 
A soft and lightweight metal, scandium is also contain small amounts of many other rare 
similar to aluminium. It is spread so thinly metals, such as cerium and yttrium. Scandium 


in Earth’s rocks that it is very difficult to collect mixed with aluminium makes a strong alloy, 

a large amount of this element. Scandium is only which is used in lightweight equipment for 

used for specialist applications. Its main ores are sports, such as lacrosse, and to make high- 
54 the minerals gadolinite and euxenite, which speed jets, such as the MiG-29. 


This grey, cubic 
crystal is made of the 
compound calcium 
titanium oxide. 


This large, deep red 
crystal of brookite 
contains titanium dioxide. 


These are crystals 


This metal's shine fades to ema abi 


grey when exposed to air. 


Laboratory sample of pure titanium 


Named after the Titans, a race of mythic 
Greek gods, titanium is a silvery metal. Ít is 
as strong as steel but much lighter, and it is not 
corroded by water or chemicals. This strong 
metal also makes excellent protective shields 
in body armour. Titanium is commonly used 
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Uses 


The titanium plate placed 
inside acts as as shield. 


This titanium joint 
can replace damaged 
bone in body. 
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Sunscreen 


The titanium 
dioxide in this 
sunscreen blocks 
damaging ultraviolet 
(UV) radiation 

in sunlight. 


Body armour 
Drill þit 


This drill bit is 
hardened with a coating 
of titanium nitride. 


This watch 
casing is made of 
a titanium alloy. 


This 
titanium 
frame is 

lightweight 
but strong. 


to prepare titanium dioxide, a compound 

of titanium and oxygen that is used in paints 

and sunscreen. Titanium is not toxic so it can 

be used to make medical implants, such as 

artificial hip joints. Wristwatches made 

with titanium alloys are light and strong. 55 
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This mushroom aa 
contains high levels ; 
of vanadium. 


ayyouIe y 


Transition Metals 


This powdery yellow 
crust contains tiny 
amounts of vanadium. 


These brittle 
crystals are the main 
source of vanadium. 


This knife has been 
strengthened by the 
About addition of vanadium. 
85% of 
all vanadium 
is used to 


toughen steel. 


Tools made with 
alloys of vanadium 
and steel are durable. 


Vanadium can be hammered and stretched amounts of vanadium compounds to make a 


without breaking. This hard, strong metal is very tough substance called Damascus Steel. 
easy to shape. Vanadium was first purified This was named after the capital city of Syria, 
in 1869 by the British chemist Henry Roscoe. where ironworkers made the world's sharpest 
Today, it is commonly extracted from its ore swords. Vanadium is still used to toughen tools, 


56 | vanadinite. Ancient metalworkers used tiny such as spanners and knives. 
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These large red 
crystals contain 
chromium and lead. 


This grater can resist 
corrosion because it 
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Stainless steel 
kitchenware 


Chromite 


Chromite is dark grey 
to brown in colour. 


e $ 
si 


AY 
gt 

P > j This red colour is d 
Fa O This metal stays A ur is que 

xO NS ' shiny even when a to the presence of tiny 

¿Y ES A exposed to air ES amounts of chromium 

S Ss ¿ und water te oxide in the crystal. 
Y 


The chromium 
plating protects this 
motorbike from rusting. 


Chromium is named after chroma, the Greek poisonous. Pure chromium doesnt corrode 

word for “colour”. Many minerals of chromium, easily, so it is combined with iron and carbon to 
including chromite and crocoite, are brightly produce stainless steel. Chromium also gives 
coloured. An artificial form of crocoite, known gemstones, such as rubies, their deep-red 

as “chrome yellow”, was once used in paints, but colour. Some motorcycles have chromium- 

it was banned when scientists discovered it tobe plated bodywork, giving them a shiny finish. 57 
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98 


Transparent, rose- 


Forms 


coloured crystal 


Like magnesium, this element gets its 
name from the Greek region of Magnesia. 
There are many manganese minerals, including 
the colourful mineral rhodochrosite. The pure 
form of the metal is obtained mainly from the 
ore pyrolusite. Pure manganese is dense, 
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Manganese 
was purified shin 
A from pyrolusite ee 
; > for the first time dd 


-~ 


in 1774. 


This mineral is made 
of manganese dioxide. 


hard, and brittle. This element is present 

in seawater as the compounds manganese 
hydroxide and manganese oxide, which have 
built up in layers over millions of years to form 
masses on the sea bed. The human body needs 
a tiny amount of manganese, which we can get 


JOHAN GOTTLIEB GAHN 


In 1774, Swedish chemist Johan Gottlieb 
Gahn discovered manganese by reacting 


manganese dioxide with charcoal — which h 
contains 


Pineapple 


carbon — = 
under a lot a 
of heat. The 
carbon took ct 
the oxygen S 
away from the = 
M 
| Hazelnut compound, cr 
Manganese- vee 7 
. ehind pure 
rich food p 
manganese. 
This US coin from . = 
World War II was made 
using manganese and 
silver because nickel These steel 
tracks have 


was in short supply. 
manganese added 


to them to make 
them stronger. 


s 
V o 
c > 5 
Wr a Q This petrol contains a 
3 = = manganese compound, 
, © F Uv which is less toxic than lead. 
a : fo] 
ga >> , wo 
E- A Railway tracks = 
2 © 
t o This battery contains > The black 
à] manganese dioxide. colour comes from 


manganese dioxide. 


le 


Purple glass bot 


ryt 
TY E This glass is coloured 
: by adding a manganese 
Lascaux cave paintings , France compound called permanganate. 


from mussels, nuts, oats, and pineapples. T'he are also added to petrol and used to clean 
applications of manganese include its use in impurities from glass to make it clear or to 
strengthening steel, which is used in making give it a purple colour. In prehistoric times, 
railway tracks and tank armour. Certain dry the compound manganese dioxide was 
cell batteries carry a mixture containing crushed to make the dark colours used in 


manganese oxide. Manganese compounds cave paintings. 59 


i I i O N State: Solid 
y @26 826 O30 Discovery: c. 35008cE 


Spinach leaves provide not 
only iron but other important 
elements, such as potassium, 

calcium, and manganese. 


Cube-shaped 
crystal 


This mineral is a ‘by, 
compound of iron eh 
and sulfur. 


Pure iron is a 
brittle metal that 
can shatter easily 


Iron 

is the most 
common 
ets metal 
on our planet. 


Solid lump 
of pure iron 


TO es 


Tak à 


Blood contains almost 
70% of the iron in the 
human body. 


Blood sample 


Most of the iron on our planet is locked away pure iron in a process called smelting. Iron-rich 


in Earth’s hot, molten core. This element is meteorites — chunks of rock from outer space 
widely found in rocks worldwide, and almost that crash to Earth — are one of very few sources 
2.5 billion tonnes of iron is purified every year. of naturally pure iron. The human body uses iron 
Mineral ores rich in iron include pyrite. Other to make haemoglobin, a substance in blood that 


60 ores, including haematite, are used to extract carries oxygen around our body (oxygen helps 


Uses 


Stainless steel is quite 
resistant to rain and wind. 


A steel blade stays 
sharp longer than a 
blade of another alloy 
or metal because of 
the iron in it. 
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These small grains 
of pure iron are 
magnetic and are 
attracted to the end 
ofa magnet. 


oes 


oF 
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14 iy} 1111111 


vif 
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Iron filings 
and magnet 


our cells produce energy for the body to work). 
Foods containing iron include meats and green 
vegetables, such as spinach. When pure iron 
comes into contact with air and water, it develops 
a flaky, reddish-brown coating called rust, which 
weakens the metal. In order to make iron tougher, 


This steel body 
resists rusting. 
< 
Y 
a) 
> 
= 
O 
MA | 
O 
E | 
= f 
o f 
Z 
bg This fastener is 
Ss made of strong steel. 
he) 
= 
[an] 
Q 
Ss 
= | These tall 
> y structures are 
ES Thin wires of steel made from stiff 
U are used to clean steel girders. 


hard surfaces. 
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This iron pot retains 
heat well while cooking. 


Transmission towers 


SMELTING 


Pure iron is separated 
from its ores in a process 
called smelting. During 
this process, iron reacts 
with carbon in coal at a 
high temperature. As the 
mixture burns, the carbon 
takes the impurities out 
of the ore, leaving behind 
a layer of pure iron. 


1. Iron ore and 
coal are added 
to the furnace. 


2. Hot air is 
added here to raise 
the temperature. 


3. Impurities float 
on the pure metal, 


then released. — 4 Pure iron sinks to the 


bottom, then removed. 


tiny amounts of carbon and other metals, such as 
nickel and titanium, are added to it. This forms an 
alloy called steel, which is used to make bolts and 
strong tractor bodies, among other applications. 
Adding the element chromium to steel creates 

a stronger alloy called stainless steel. 
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ST E E i M A KT N A stream of red-hot, liquid metal pours from a furnace at 
a steelmaking workshop. This is the end of a long process 
in which iron ore is transformed into steel, a tough alloy that is strong enough to make girders for 


supporting skyscrapers and bridges. The steel may even be moulded into car bodies, woven into 
superstrong cables for elevators, or turned into powerful magnets that can levitate maglev trains. 


3 For the transistor switch to perform 


effectively as a CLOSED switch, its collector 
voltage must be at the same voltage as its 
emitter voltage. In this condition, the transistor 
is said to be turned ON. 

Questions 


A. What is the collector voltage when the 
transistor is turned ON? 


B. What other component does an ON 
transistor resemble? —— —ć 

Answers 

A. The same as the emitter voltage, which, in 


this circuit, is O volts 
B. A closed mechanical switch 
Note In actual practice, there IS a small 
voltage drop across the _ transistor from the 
collector to the emitter. This is actually a 
saturation voltage and is the smallest voltage 
drop that can occur across a transistor when 
it is ON as “hard” as possible. The discussions 
in this chapter consider this voltage drop to 
be a negligible value; therefore, the collector 
voltage is said to be 0 volts. For a quality 
switching transistor, this is a safe assumption. 

4 The circuit in Figure 4.3 shows a lamp 
with a resistance of 240 ohms in place of RC 


Figure 4,3 


Steel is an alloy of iron that contains about two per cent 
carbon and some other elements. T'he carbon locks all 


the atoms together and prevents the metal from cracking. 


This makes steel harder than iron: it bends before it 
breaks and doesnt shatter easily. To make steel, iron 
ore is smelted in a blast furnace to remove its impurities, 


such as nitrogen, sulfur, or phosphorus. Other elements can 
be added to create different varieties of steel. For example, 
chromium in steel stops it from rusting, while manganese 
makes it harder. Adding silicon to steel can make the alloy 
more magnetic, while nickel makes it less brittle at extremely 
low temperatures. 


The distinctive purplish 


Fo rms colour gives it the 


nickname “red cobalt” 
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Transition Metals 


This shiny metal 


is fairly hard. s 
These cubic crystals 


contain a sulfur 
compound of cobalt. 


This silvery 
mineral smells 
like garlic when 
crushed due to 
the presence 

of arsenic. 


ee A ' 


Medieval German miners often mistook Pure cobalt is hard and shiny, and is 
ores of cobalt for precious metals. When added to steel and other alloys to make 
they tried to purify these, the arsenic gas them stronger. Alloys containing cobalt 
released made them sick. This unwanted are used in the blades of jet engines and 
side-effect led to the name kobold, which in artificial joints, such as hip and knee 


64 is German for “goblin”, a mischievous spirit. joints. Cobalt is one of the few elements 


Tough and lightweight 
artificial joints can be 
made from an alloy of 
cobalt and chromium. 


This part of 
the joint is screwed 


into the hip bone. 
This magnet 


can work at 

temperatures as 

high as 800°C 
(1,400°F). _ S 


These blades made of 
a cobalt alloy stay hard 
even when very hot. 


Cobalt 
blue paints 
have been 
in use Since 


- 
e 
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Jet engine turbine 


This blue glass 
is manufactured 
using cobalt 
compounds. 


This intense 
colour does not 
fade easily over 
time or upon 
exposure to light. 


Ë FORMING AN ISOTOPE 


Cobalt-60 is an isotope, or form, of this 
element. It is created artificially in nuclear 
reactors. Because of its radioactivity, it 

is useful in some cancer treatments. 


A neutron is fired at 
the cobalt-59 nucleus. Aded reunan 


"O 

O 
Thi bol shows that & 
is symbol shows tha Y 
—>» this fruit has been treated eS 


with radioactive cobalt-60. 


Cobalt blue paint 


Cobalt-59 is a Cobalt-60 is a 


stable atom with radioactive atom 
59 neutrons. with 60 neutrons. 


employed to irradiate food, a process by 
which food is exposed to a tiny dose of 
radiation to kill harmful germs. Cobalt can 
also produce a deep shade of blue: cobalt 
blue paints and dyes are formed by reacting 
aluminium with cobalt oxide. 


that can be used to make a permanent 
magnet. Large permanent magnets are 
made from a tough alloy of cobalt, nickel, 
and aluminium, called alnico. A radioactive 
form of cobalt, called cobalt-60, is produced 
in nuclear reactors. This form is widely 
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Ø Nickel 


Forms 


This green colour comes 
from the presence of nickel. 


a 


Nickel is named after Old Nick, a demonic 
spirit from Christian lore that was believed 
to live underground. In the 18th century, 
German miners mistook a poisonous nickel 
mineral, now known as nickeline, for a 

copper ore. When this mineral failed to yield 
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This reddish mineral 
is made of iron and 
nickel sulfide. 


This nickel ore also 
contains arsenic. 


These silvery white metal 
pellets have a yellowish tinge. 


copper, they named it Kupfernickel, meaning 

“Old Nick’s copper’. Nickel is also found in other 
ores, such as garnierite and pentlandite. This 
element is one of the most useful metals, with 

a number of applications. Because pure nickel 
does not rust, it is used to coat objects to make 


Uses Nickel-copper alloy 
plating makes propellers 


strong and durable. 


This nickel-plated 
instrument has 
a shiny finish. 


oe 
A 


Nickel goblet drum 


E] 


Ship propeller 


Rust-resistant 
handle 


Electric guitar 
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These nickel-plated 
guitar strings help 
create a clear tone. 


This COIN 
from the USA, 
made of a nickel- 
copper alloy, 

is called a 
nickel. 


-[9M9IN 2 


The US five cent 

coin is made of an 
alloy of 75% copper 
and 25% nickel. 


19338ep paye¡d 


This silver-coated 

fork is made of an 

alloy of nickel, 

L copper, and zinc. 


PERMANENT MAGNETS 


A temporary magnet works when it is put in a magnetic 
field, but a permanent magnet retains its charge even when 
1t is taken out of that field. Nickel is one of only a few 
elements that can be used to make permanent magnets. 


1. Atoms in a piece of nickel 
metal are arranged randomly 


2. When a magnetic field 
is applied, the atoms align 
in one direction. 


) 3. The atoms then stay aligned 

and produce a magnetic field of 

their own, even after the external 
) field is removed. Nickel alloy wires 
heat up to make toast. 


them look like silver — a trick still used to make in most of the world's silver-coloured coins. 
inexpensive ornamental objects. Nickel is also Nickel is used in the strings of electric 

mixed with copper to make an alloy called guitars. This element is added to chromium 
cupronickel. This is used as plating on propellers to make an alloy called nichrome. Wires made 

and other metallic parts of ships, as the alloy does of this alloy conduct heat very well, so are 

not corrode in seawater. The same alloy is used used in toasters. 67 
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Forms 
Unique reddish 
a orange colour 
crystals are a 
copP 
often formed. ! S ‘ es oy 


2 


LB, 


These golden 
yellow crystals 
contain copper sulfide. 


Branchlike 
crystals 


of copper 


Colourful tarnish us dl 
develops when the 
mineral reacts with air 


Crustacean blood 


Crustacean blood is blue 
because it contains copper. 


Copper is a soft, bendy metal that is an Copper is the only metal that has a reddish 
excellent conductor of electricity and heat. colour in its pure form. Pure copper is mainly 
Although it is one of the few elements found used as wires in electrical equipment. Copper 
pure in nature, most of it exists in ores such as wire wrapped around an iron core and then 
chalcopyrite. Other copper minerals, such as electrified helps create an electromagnet. Because 


malachite and azurite, are brightly coloured. they can be switched on or off, electromagnets can 


ia ELECTROPLATING 


A thin layer of copper can be added to metal, 
usually iron, to stop it from corroding easily. 
This process is called electroplating. 


Electrons flow from 
the positive to the 
negative electrode. 


This positive 
electrode is made 
of copper and 
slowly dissolves | This electrode 
in the liquid. tt E is made of iron. 


Copper coating on steel 
slows down corrosion. 
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< Copper ions form 
Y This solution a protective coating 

VX. contains dissolved over the metal. 

Y y . ; 
na copper ions. 

Q i 

O 

$ 
42 

D 

P 

Massive crane-mounted A copper glaze on the vase 


electromagnets contain 
huge coils of copper wire. 


gives it a metallic shine. 


The brass tube contains 
air that vibrates to produce 
S musical sounds. 


e This tough alloy 
6 does not weaken 
over time. 


A verdigris 
layer protects 
pure copper 
from additional 
weathering. 


Pure copper 
can be stretched to 
form long wires. 


be magnetic as and when they are needed. They Statue of Liberty. Copper is often mixed with 

can be much more powerful than normal magnets other metals to produce tougher alloys. Bronze, a 

and can lift heavy objects. Pure copper does not copper-tin alloy, is more durable than pure copper 

rust, but it reacts with air over time to form a layer and has been used since ancient times. Brass, a 

of grey-green copper carbonate called verdigris. copper-zinc alloy, is used in musical instruments, 

This can be seen on copper statues, such as the such as trumpets. 69 


C 0 2 2 P R W I R E Not much thicker than a human hair, these copper wires 
are twisted together and woven into a tight bundle. One 
of the main uses for these wires is to shield a thicker copper wire that transmits a signal to a 


television. As the signal carries pictures and sounds in the form of electrical currents, the wires 
wrapped around it prevent interference from other electrical sources nearby. 


Copper is a very good conductor of electricity, but not the 
best; silver is better. However, copper is more widely used 
because it is much cheaper to find and purify. Each year, 
about 15 million tonnes of pure copper is produced, and 
more than half of it is used to make electrical components, 
such as this mesh. Today, more than a billion kilometres of 


copper wiring is running unseen in power supplies, buildings, 
and electronics. Copper is now the most common electrical 

metal, but it has a long history. It was the first element to be 

refined from ores in large amounts about 7,000 years ago in 

the region that is now Iraq. Today, Bingham Canyon in Utah, 
USA, is the world’s largest copper mine. 


ld | 
HHHH 
RARE NYAD 


State: Solid 


@30 @30 ©35 _ Discovery: 1746 


This zinc mineral 
forms rough nodules 
inside cracks. 
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This ore is 
the main source 
of zinc. 


> 


Hard, shiny metal 


Zinc was used in India and China The mineral sphalerite, containing zinc sulfide, 
hundreds of years before the German 1s the major source of pure zinc. Another 
chemist Andreas Marggraf identified it principal mineral, hemimorphite, contains 


as a new element in the 18th century. This zinc and silicon. Zinc is essential in our diet. 
element is a rare transition metal that is never We consume it from food such as cheese and 
72 pure in nature, but is found in many minerals. sunflower seeds. Zinc compounds have a wide 


¿4 V 


12400 
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This figure shows the supply voltage and 
the collector resistance. Given these two 
values, using Ohm's law, you can calculate 
the load current (also called the collector 
current ) as follows: 


.. 240 ohms 
Thus, 100 mA _ of collector current must flow 
through the transistor to fully illuminate the 
lamp. As you learned in Chapter 3 collector 
current does not flow unless base current 
flows. 


Questions 

A. Why do you need base current? —  — < 

B. How can you make base current flow? 
Answers 


A. To enable collector current to flow so that 
the lamp lights up 


eaouladns 


— Medical tapes that contain 
zinc oxide stop wounds from 
getting infected with microbes. 


Along with many other elements, 
zinc atoms are formed inside 
supernovae (exploding giant stars). 


The zinc coating 
on this steel bridge 


ai Br > "a A F 
protects it from rust. 


Akashi Kaikyo Bridge, 
Kobe, Japan 

This zinc coin is 

coated with copper. 


This mineral contains 
zinc carbonate. 


Hemimorphite This soothing skin 


lotion contains a 
mixture of zinc Y >? 


was discovered by 


James Smithson, the compounds. 4 | 
>» 
founder of the Zinc oxide crystals ` 
are generally colourless. 

Institution. S 

2 
oO 
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= 
This flexible rubber is made 5 


stronger by adding zinc oxide. 


GALVANIZED STEEL 


Steel is protected from corrosion by coating 
it with zinc. Alloys of iron and zinc form in 
layers between the steel and pure zinc. 

This process is called galvanization. 


Pure zinc 


” = 94% zinc 


and 6% iron 


90% zinc 
and 10% iron 
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Steel is an 
alloy of iron 
and carbon. 


range of applications. For example, a compound paints that glow in the dark. When pure 


of zinc and oxygen called zinc oxide is used zinc is exposed to air, the metal reacts 
in medical tape and sunscreen. Zinc oxide with oxygen to form a protective layer 
can also be used to toughen the rubber used of an oxide. This coating can prevent 
in boots and tyres. A compound of zinc and objects covered in zinc, such as bridges, 


sulfur called zinc sulfide is used to make some from corroding easily. 73 
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g Yttrium 

S iS 400 

5 times more 
E common in 
E - e Earth’s crust 


than silver. 


This rock sample was brought to 
Earth by NASA's Apollo 16 mission. 


This mineral 
contains trace 
amounts of uranium, 

which is radioactive. 


This silvery 
element does not 
corrode easily 


This 
vegetable 
contains 
yttrium. 


This reddish-brown mineral 
contains about 2% yttrium. 


The samples of rock brought back from the  xenotime and monazite. Yttrium was 


Moon by astronauts in NASA’s Apollo discovered in a compound in 1794 by the 
missions contained higher levels of yttrium Finnish chemist Johan Gadolin, but it wasn't 
than rocks on Earth. This element is never isolated until 1828. Other yttrium compounds 
found in pure form in nature, but small traces have since been found in vegetables, including 


74 of it are present in many minerals, including cabbage, and in seeds of woody plants. In 


Uses FRIEDRICH WOHLER 


In 1828, the 

German chemist 
Friedrich Wohler 
became the first 


7 


that enable it 


m 
3 > person to purify 4 
D yttrium. He did so Py 
by extracting it from a 
This bulb the compound z 
contains yttrium chloride. = 
yttrium He was also the < 
compounds first person to o 
-J 


extract the metals 


to produce a £ This laser is : 
= beryllium and 
eee = powered using En y f 
yellow glow. 4 crystals composed 1 ae rom 
— of yttrium and their ores. 


silicon, and can 
cut through metal. 


Shock-proof lenses are 
made from yttrium-infused 
glass to make them tough. 
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This radioactive form 
of yttrium is used to treat 
cancers in the body. 


This fabric mantle holds a 
ae This superconductor 

the hot flame inside. l 
produces a magnetic 
A small magnet floats field that repels the 
over the superconductor. magnet above it. 


NASA 
spacecraft use 
yttrium lasers to 
map the surface 
of asteroids 
in space. 


Yttrium superconductor 


LED lamps, yttrium converts blue light to other form of this element has medical applications. 

colours. Many lasers use an artificial mixture of Yttrium is added to the glass in a camera lens 

yttrium and aluminium inside a silicon-rich to make it tough. Yttrium compounds are also 

crystal called garnet. Powerful yttrium lasers are used in superconductors — materials that 

used for treating some skin infections, as well as conduct electricity easily when cooled to very 

by dentists during tooth surgery. A radioactive low temperatures. 75 
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Bar of pure zircon; 
Forms “efined in ala, am 


This greyish-white pure 1 
element is easy to shape. 


This dark brown colour 
is caused by iron impurities. 


oe crystals 


Transition Metals 


oy ak 


U ses This zirconium- 
filled bulb produces 
a bright light. 
l crow These tough dental ; 
Denta ES crowns are made of a Zircon i 
j | zirconium-rich ceramic. crystal ring 


This hard, non-metallic 


Ceramic | blade does not require 
knife frequent sharpening. 


This ring 
contains cubic 


Camera flash from zirconia crystals. 
the 1960s 
This element is named after the mineral in the form of the compound zirconium dioxide, 
zircon, which means “golden” in Persian, a or zirconia. Powdered zirconia is heated to produce 
reference to the golden-brown colour of its a hard glass-like ceramic, which is used to create 
crystals. The Swedish chemist Jacob Berzelius dental crowns and sharp ceramic knives. 


was the first person to isolate pure zirconium, in Powdered zirconia also forms sparkling zirconia 
76 1824. ‘Today, however, the element is mostly used crystals that look like diamonds. 
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Forms 


The niobium case houses 
a battery that regulates the 
beating of a human heart. 


This dark, dense 
ore has a light 
metallic shine. 


mene 
ste 


Command Module from 
the Apollo 15 mission 


This nozzle made 


of a niobium alloy 
This greyish pure metal is soft. kept its shape even 


Columbi te when very hot. 
is named after 


EL This pair of 
tn e 2, the country of eae 
Columbia. thin, powerful 


lenses made of a 
niobium compound. 


Niobium is so similar to the metal tantalum does not react adversely in the human body, it is 
that the two were wrongly thought to be the used in implants, such as pacemakers. Niobium 
same element for almost 40 years. The mineral also does not expand when hot, so it is used to 
columbite is the main source of this shiny metal. make parts of rockets, such as the one on the 
Niobium is not found naturally in its pure form. Command Module from NASAs Apollo 15 
When extracted, it has many uses. As the element spacecraft that went to the Moon in 1971. 


i 


S[39/A UOLLSULAL 


77 


h 


Forms 


Transition Metals 
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Uses 


This slippery lubricant, which 
contains finely powdered molybdenite 
mixed with oil, protects fast-moving 
mechanical parts in engines. 


Molybdenum gets its unusual name 

from the Greek word molybdos, which 
means “lead”. Miners once mistook 
molybdenite, a dark mineral containing this 
metal, for an ore of lead. This element is much 


78 harder than lead, so it is easy to distinguish 


S Molybdenum 


This mineral feels 
greasy to the touch. 


This metal's pure form is 
silver-grey and has a very high 
melting point: 2,623°C (4,753°F). 


we 


These closely fitting parts 
are hard so they do not get 
damaged easily, 


This lightweight 
but stiff frame 
is made from a 
steel containing 
molybdenum 

and chromium. 


between these two elements when they are pure. 
Molybdenite is soft and slippery, and it is the 
main molybdenum ore. Pure molybdenum 

is mainly used to make alloys that are resistant 
to corrosion. These are lightweight so are 

ideal for constructing bike frames, but 
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State: Solid 
Discovery: 1781 


This experimental sports car 
is built with a rust-resistant alloy 
that contains molybdenum. 


are hard enough for 
making sturdy tools, too. 
Molybdenum alloys are 
used in the latest designs 
of supercars, such as the 
Vencer Sarthe. 


State: Solid 
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This pure form of 
the metal is produced 
inside nuclear reactors. 


This body scan 
was created using 
the radioactive 
effects of technetium. 
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Generating technetium 


Technetium-based 
imaging 
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This box contains radioactive molybdenum, 
which breaks down into technetium. 


Technetium was the first element to be produced artificially by 
researchers. lt is named after the Greek word for artificial, tekhnetos. 
Technetium does not exist in nature: any of its atoms that once existed on 
Earth broke down millions of years ago. Tiny amounts of this element were 
discovered in the waste produced by early nuclear reactors. Technetium is 
the lightest radioactive element. It is used extensively in medical imaging. 
It is injected into a patients body, where it emits radiation for a short 


while. Some machines use this radiation to show bones clearly. 
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01 04 O57 State: Solid 


Forms 


These crystals have 
a bright, silver colour. 


This yellow-brown 
mineral is often found 
deep underground. 


This 
component 
contains 
ruthenium 
dioxide. 


The metal alloy in the 
ere switch is toughened by 
Electronic circuit board adding ruthenium. 


Ruthenium is named after Ruthenia, an 
old Latin name for Russia. This rare metal 
is found in the mineral pentlandite, and its 
pure form is commonly extracted from this 
ore. A compound called ruthenium dioxide 
is used in several components in electronic 
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SwissTech Convention 
are made using ruthenium. Centre, Switzerland 


These low-cost solar panels 


circuits, including resistors and microchips for 
computers and other digital devices. Adding a 
small amount of ruthenium makes softer metals, 
such as platinum and palladium, much tougher. 
Moving parts in devices such as switches 
benefit from this property. 
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This metal is = 
shiny and silvery = 
when pure. D 
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A o This rhodium-alloy 
. e. reflector provides 
a bright light. 


SS 
Parts of this © & 
microscope are coated 2 

with rhodium and can 
resist corrosion. 


The rhodium plating 
Sn prevents jewellery from 
losing its shine. 


This golden mineral 
is defined by its needle- a. Ny, These fibreglass strands 
a g l => O. 


shaped crystals. are made by passing 
molten glass through 


rhodium-enriched trays. 
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The rosy red colour of one of its is mined. Pure rhodium is hard and is used to 
compounds inspired the name rhodium. toughen precious jewellery, mirrors, and optical 
The Greek word rhodon means “rose-coloured”. devices, such as microscopes. It is mainly used 
Rhodium is unreactive and does not form in the production of catalytic convertors for cars. 
compounds easily. It is a rare metal. Most Fibreglass, which is often found in protective 


of the pure form is extracted when platinum gear — like helmets — also contains rhodium. 81 
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MPalladium = = 


Discovery: 1803 


The mines in this area — 
have a high concentration 
of palladium. 


The converter gets 
hotter as more 
pollutants enter E LE 

the exhaust. wore 


A 
Y 
j 


be 4 


Palladium 


absorbs 
hydrogen, like 
a sponge soaking , 
| up water. | 


Blue Ridge mines, South Africa 


Pure form can be produced by 
separating it from the ores of other 
metals, such as copper and nickel. 


This device uses palladium 
compounds that change colour 
when poisonous carbon monoxide is 
detected, which triggers an alarm. 
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Carbon monoxide detector 


This commemorative coin is made from 
the palladium produced by the Stillwater 
Mining company in Montana, USA. 


Palladium is a rare, precious metal: it is many applications, the element's main use 

10 times rarer than silver and twice as rare is in catalytic converters, which are devices 
as gold. Like these metals, palladium has a used in vehicles to convert poisonous exhaust 
shiny surface and does not corrode easily. gases into less harmful ones. A compound 
Palladium is found pure in nature, but it also called palladium chloride is used in carbon 


has a few rare minerals, such as braggite. Of its monoxide detectors. Because the element is 


B. By closing the mechanical switch in the 
base circuit 

5 You can calculate the amount of base 
current flowing. Assume that B = 100. 
Question 
A. What is the value of the base current IB? 
Answer 

I-  100mAÁ 
M = må 
B 100 

6 The base current flows in the direction 
shown in Figure 4.4 . Base current flows 
through the base-emitter junction of the 
transistor as it does in a forward-biased 
diode. 
Figure 4.4 

24 V -= Sie 

y ee 
| Yo Emitter 

Questions | 
A. What is the voltage drop across the 


base-emitter 


diode? 


Ë CATALYTIC CONVERTER 


Many cars contain engines that are attached to 
catalytic convertors. These important devices 
convert toxic exhaust gases into less harmful 
pollutants. Palladium plays a key role in the process. 


2. A chemical reaction occurs 
in the palladium mesh, which 
reduces harmful pollutants. 


This palladium 
nib is decorated. 
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Palladium is added to 
gold to remove its colour. 


1. Polluting gases 3. Gases with less harmful 
enter the converter. fumes exit through 
the exhaust pipe. This tiny spring, 
which keeps time in 
a watch, is made of 
palladium alloys. 


S[00} [e9131nS 


These tools are made This test strip contains 
Thi , of palladium alloys, which palladium, which contributes 
is flute contains keep them sharp for a long time. to a reaction that measures 


palladium that enables . 
it to resist corrosion glucose in a drop of blood. 
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Eq AA a | SS SS 


Orchestral flute 


precious, it is used to make commemorative with gold to form an alloy called white gold, 


coins in some countries. Palladium is alloyed which is used in jewellery. Some fountain 

with steel to make it more resistant to corrosion. pens have nibs decorated with palladium. 
These alloys are used to make surgical The element is also used in glucometer 
tools and expensive musical instruments, test strips so that patients can check the 


such as some flutes. Palladium is often mixed level of glucose in their blood. 83 
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N 
s Forms This mineral's 
= colour changes 
to purple when it is 
5 p exposed to bright light. 1 g (0.03 oz) 
pa] Y Ta of silver can be 
A EY. 
= Tito drawn into a 2-km- 
E (1.2-mile-) 
long wire. 


The bright surface tarnishes 
after reacting with air. 


opaque 
crystals have a 
glistening sheen. 


These large l; y 
j K 
. 


Black silver sulfide 

forms twisted crystals. 
Silver gets its symbol “Ag” from its Latin nature, but mostly it is mined from ores, such 
name argentum, which means “shiny white”. as pyrargyrite and acanthite. Because this 
It is considered a precious metal because its element is valuable and can be moulded easily, 
pure form has a grey shine that does not pure silver was used historically to make coins. 
corrode quickly, and it stays untarnished if This metal is also ideal for making bracelets 


84 cleaned regularly. Silver can be found pure in and settings for gems. Some people even use 


Uses 


MAKING CLOUDS 


Rain is crucial to our Earth, especially for growing 
healthy crops. Where there are no clouds, scientists 
can form tiny water droplets that cling to silver 
iodide powder, forming artificial rain clouds. 


1. Aircraft releases e de ; 
silver iodide powder Fors 2. Ice and water droplets 


produce a cloud. 


3. Rain falls when the 
water droplets in a cloud 
become heavy enough. 


The polished surface 
has a pale, metallic shine. 


$ 
Í 
er so? 


2. 2 


moulded and cut 
into varying shapes 


¥820383-91-02 fir 
Silver coating is used on 
some circuit board parts. 


UALS 
e INM 


£ —= 
Lite ALA = 
E ANNE 
3 be yn. 
$5555 
rs - 
. 3% 


uy 
i] 


Soft silver is 
easily pressed 
into coins. 


Pure silver 


E 1% These thin sheets 
| of silver called 
“vark” are edible. 


Silver nitrate is 
mixed with water to 
clean cuts and scrapes. 


Glass infused with silver 
chloride turns brownish when 


exposed to sunlight. hromati 
pnotoc © Sla, 


flattened silver foil to decorate food. Silver 
spoons and forks were the only pieces of 
cutlery that did not create a nasty metallic 
flavour in the mouth in the days before the 
invention of stainless steel. Silver conducts 
electricity better than copper, and is used 


when silver bromide 


Photography plate 


SS = Y 


Silver 
nitrate 


An image forms 


darkens quickly on 
exposure to light. 


in some circuit boards. Silver nitrate (a 
compound of silver, nitrogen, and oxygen) is 

a mild disinfectant used in some anti-bacterial 
soaps. Silver forms light-sensitive compounds 
with chlorine (used in sunglasses) and bromine 


(used in old photography plates). 85 


Forms 


This soft metal 


This mineral contains a rare OS 
has a bluish tinge. 


form of cadmium sulfide, a 
compound of cadmium and sulfur. 


Transition Metals 
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Roy “Pure cado 
‘2 a laborato" 


The yellow colour of 
this zinc mineral is due 
to cadmium impurities. 


Cadmium is a highly toxic metal, and is 
known to cause cancer. This rare element is 
found in the ore greenockite, but it is mostly 
obtained as a by-product of zinc extraction. 
Cadmium was discovered in 1817 from a 

86 mineral called calamine. Today, this metal is 


da C 9 HHHH 
admium me 
@48 @48 O 64 


HDEANITANM 
Tee 


Discovery: 1817 


U ses This deep red pigment 


contains powdered 
cadmium oxide. 


Cadmium and 
nickel layers 

create electricity in 
this rechargeable 
battery. 


>. 
“o . 


Nickel- 
cadmium battery 


This electronic 


component used : k 
in circuits contains , Co Red pain , 
a compound of Lio, dinin gc admiū 
cadmium and sulfur. č, 


Cadmium-covered 
screws do not rust. 


This research sample is being Cadmium-plated 
viewed under ultraviolet (UV) light screws 
produced by a cadmium laser. 


Fluorescent microscope 


mainly used in conjunction with nickel in 
rechargeable batteries. The compound 
cadmium oxide was once used in preparing 
red paints, but not anymore because of its 
toxicity. Cadmium is also used to create lasers 
for use in powerful microscopes. 


Forms 


Sections of this 


U ses cutter are made 


of hafnium. 


19319 [e19IN 


Hafnium is named after Hafnia, the 

Latin word for the city of Copenhagen 

in Denmark. It took a long time to distinguish 
hafnium from zirconium because the two 
elements are present together in crystals 

of the mineral zircon and their atoms are 


State: Solid 
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Hafnium uses up 4% 
of the mass of this 
zircon crystal. 


A zircon 
crystal can be up to 
4 billion 
years old. 


Laboratory sample 
of pure hafnium 


This element’s pure 
form is resistant to 
corrosion in air. 


Small electronic 
components in 
this microchip 
contain hafnium. 


similar sizes. Hafnium is used in powerful 
cutters that pierce metallic objects with 
a hot stream of sparks. It is also used to 
make ultra-small electronics — only a 

few millionths of a millimetre wide — 

in microchips. 
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Ss Forms 
U The mineral 
= has a dark, 
S waxy surface. X aes 
= These yellow Ss The tantalum 
a crystals contain the mo? | shell of this 
= mineral stibiotantalite. DA . hip implant 
= 7] is lightweight 
5 _ and flexible. 
2. 


Tantalum capacitors are 
used to store a lot of electric 

charge in small circuits, such as 
the ones inside mobile phones. 


The pure metal barely reacts Rods of pure tantalum 
with air, so stays shiny : 
refined in a laboratory 


0) \ 


la ATAN: 


@ The case and 
strap of this 
watch are made 


A 
ae and copper. 
Tantalum is a hard metal named after other body implants. ‘Tantalum powder is used 
Tantalus, a man from Greek mythology in capacitors — devices used in electronic circuits 
who was punished by the gods. It is to store electricity. This strong metal toughens 
extracted from a rare mineral called tantalite. watches made of softer, precious metals. 
This tough metal is not harmful to the human Tantalum is also used to create strong turbine 


88 | body, so it is used to make artificial joints and blades that do not corrode. 
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Tungsten | 
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Forms 


This dark, metallic This mineral is 
mineral contains the main source 
tungsten and iron. of pure tungsten. 
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Pure tungsten is 
a hard, grey metal. 


Cylinder of pure tungsten 
refined in a laboratory 


OQ 
Uses = Tungsten filaments 
- are becoming less 
ON popular as they are 
Tung st en = not energy-efficient. 
Drill bit pigments 


were in use in 


Chinese porcelain 
A tungsten sinker 


is preferred to a 
lead one because 
it is not poisonous. 


This drill bit has a coating 350 years ago. 
of tungsten carbide, which 
protects it from damage. 


Tungsten has the highest melting point tungsten carbide is used to harden objects 

of any metal: it turns to liquid at a searing such as drill bits. Tungsten’s high melting 

3,414°C (6,177.2°F). It is a very dense metal, point allows it to be used in the filaments 

and its name comes from the Swedish phrase of light bulbs. This element is also useful 

for “heavy stone’. This metal is usually obtained in producing weights, such as sinkers 

from the mineral wolframite. A compound called used with fishing lures. 89 
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This ore contains 
molybdenum and small 
amounts of rhenium. 


Pure rhenium 
pellet 


Pure rhenium is P ESP 
denser than gold. ____ — 


These tubes contain a 
rhenium alloy that produces 
X-rays when a stream of 
electrons smashes into it. 


És - Rhenium 
has the 
highest 
boiling point 
of any element. 


This plane has jet 
engines containing 
a heat-proof 
rhenium alloy. 


Rhenium is very rare in nature: only one point, and can stay solid at extreme temperatures. 
atom out of every billion in Earth’s crust This allows alloys made of this element to 

is a rhenium atom. Discovered in Germany be used in very hot conditions, such as those 

in 1925, and named after the Rhine river — it inside the tubes of X-ray machines, as well 
was the last stable, non-radioactive element those in the exhaust nozzles of rockets and 


90 to be found. Rhenium has a very high melting the jet engines of fighter planes. 


State: Solid 


alloy of osmium 
and iridium. 


Transmission 
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The pure form 
is hard but 
shatters easily 


Osmium oxide is 
used to highlight 
objects inside a cell. 


Black osmium 
oxide powder 
clings to oily 
fingerprints. 


The needle of 
this old record 
player is made 
of osmium. 


Record player 


Fountain pen 


The nib of this pen moves smoothly 
because of its hardy osmium alloy. 


Osmium is the densest of all naturally by combining it with other elements or alloys. A 
occurring elements: 250 ml (8.5 fl oz) of this red osmium oxide stains cells so they can be seen 
metal (in its liquid form) weighs 5.5 kg (12 1b). clearly under a powerful microscope, while a 
This rare element is found in the ore osmiridium. black oxide powder allows fingerprints to be 
Pure osmium reacts with oxygen in the air to revealed in crime investigations. A hard osmium 


form a poisonous oxide, so the metal is used safely alloy is used in fountain pen nibs. 91 
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Iridium is the rarest natural element on 
Earth: there is one iridium atom out of 
every billion atoms in Earth’s rocks. This 
dense metal can be found in its pure form in 
nature as well as in other common ores that 
contain nickel and copper. Iridium is present 


This metal 
is 22 times as 
dense as water. 


State: Solid 
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These rocks contain a 
layer of iridium-rich clay. 


This meteorite, 
found in Oregon, 
USA, contains just 
0.00047% iridium. 


in meteorites and other space rocks. A layer 
of iridium-rich clay is found in Earth's crust 
all over the world, especially in the Badlands 
of South Dakota, USA. Scientists believe 
this small quantity of iridium in our planet's 
crust was deposited by the dust from an 


B. What is the voltage drop across RB ? 
Answers 
A. 0.7 volt because it is a silicon transistor 
B. 24 volts if the 0.7 is ignored; 23.3 volts if 
it is not 

7 The next step is to calculate RB. The 


current flowing through RB is the base 
current |B, and you determined the voltage 
across it in problem _ 6. 

Question 

1. Calculate RB. | 

Answer 

y A Salta 
lm 
Figure 4.5 shows the final circuit, including 


the calculated current and resistance values. 


Figure 4.5 


. Lamp 


R= 240 £2 


8 Use the following steps to calculate the 
values of |B and R B needed to turn a 


This door protects the 
equipment from the Sun's glare. 


This telescope is 
used to study X-rays 
from objects in space. 


The iridium coating 
on the mirror is only 


This spark plug contains a tiny amount of Iridium is a few atoms thick. 
iridium, and can resist the high temperatures 
created during sparking in vehicles. the second 
spar phig densest 
-— metal after The moving parts of some 
i compasses are made of the 
osmium. 


alloy osmiridium. 


aq 


LUIS WALTER ALVAREZ 


In 1980, the American 
physicist Luis Walter 
Alvarez and his son 
Walter discovered a 
layer of iridium-rich 
clay in rocks all over 
the world. They 


suggested that this 
was the result of a 
meteorite impact 
about 66 million 
years ago, which 
led to the extinction 
of the dinosaurs. 


explosion 66 million years ago when a large than platinum and copper, and is therefore 
meteorite hit our planet. The applications preferred over these metals for use in spark 

of this element include coating the mirror of plugs. Iridium is also mixed with osmium to 
NASAs Chandra X-ray Observatory, an make an alloy called osmiridium, which is used 
Earth-orbiting telescope that studies X-rays in compasses and put in nibs for some fountain 


from distant stars. Iridium is more durable pens to make them hardy. 93 
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This dense, shiny mineral 
consisting of platinum and 
arsenic is the most common 
ore of platinum. 


Platinum 
melts at the 
high temperature 
of Í 9 768°C 
(3,214°F). 


Transition Metals 
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Large nuggets 
of pure platinum 
are rare. 


a 
' ` 
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Spanish explorers first found platinum in even at high temperatures. This makes it difficult 
the mines of South America in the 1700s. to extract from its ores, such as sperrylite. Pure 
They obtained a whitish substance that the locals platinum does not corrode or tarnish. It is, 
living near there called platina, meaning “little however, not easy to shape or mould, so use of 
silver”. This precious metal has a silvery white platinum was limited to the making of simple 


94 shine. Platinum rarely reacts with other elements, jewellery and watches. By the 20th century, 
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This thermometer \ ~~ nn AE a pe y 
records temperature 
by measuring the al 
electric current + > 
flowing through a = 
fine platinum wire. $+ 


quid s1ydeisojoyd 
9JUYM pue yorig 


Platinum 


was found 
in an Egyptian 
casket from the 


7th century 


more applications were discovered. Platinum 
can be used in place of silver to generate 


photographic prints, and in place of gold for 


making dental fillings. ‘Today, platinum plays 
an important role in various technologies. For 
example, it is used in fuel cells — devices that 


Expensive 
watches use 


eg ahaa This drug contains 
metal platinum. Dental fillings once platinum and kills 
Platinum prints contained platinum cancer cells in 
have a wider range and mercury. the body. 
of shades than 
silver prints. 


Jewellery made 
of platinum does 
not lose its shine. 


BCE. | WZ S | Ls 
Ñ $ Medical stent | 


ANTONIO DE ULLOA 


Although platinum had been in use in jewellery on 
the west coast of South America for more than 2,000 
years, it was Spanish naval officer Antonio de Ulloa 
who made the first major study of it. In 1735, while on 
a South American expedition, he found grains of the 
metal in river sands. He brought them back to Spain 
to examine them. 
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This stent made 
of platinum is 
not harmful to the 
body and anchors 
a damaged blood 
vessel as it heals. 


This fuel cell 
contains platinum, 
which speeds up 
the reaction 
between hydrogen 
and oxygen. 


generate electricity by combining hydrogen 
and oxygen. These cells do not need to be 
recharged like other batteries. Powerful drugs 
for treating cancer contain this element, 
while stents made of pure platinum help 


heal damaged blood vessels. 95 
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BGold 


other metal. 


People were making gold ornaments more 
than 6,000 years ago. This was many centuries 
before they learned how to purify copper, iron, 
and other metals. Gold is believed by many to 

be the first metal element to be identified. It is a 
dense, unreactive metal with a distinctive deep 


Forms Gold’s 
chemical symbol 
Pure gold has Au comes 
a dark yellow l z 
colour unlike any from its latin 


name, aurum. 


ore contains gold 


These crystals 
may be elongated, 
rectangular, or cubic. 
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This mineral 


and tellurium. 


These flakes of ee 
pure gold are locked N 
into quartz crystals. 


yellow colour. Gold is naturally pure and seldom 
makes compounds in nature; the compound in the 
mineral ore calaverite is an exception. Pure gold 
found in nature may form nuggets but mostly is 
found as tiny specks embedded in rocks. Gold 
miners crush up these rocks and wash out the 


This mask Y 


Uses Wap i ere) Ë THE HOLTERMANN NUGGET 


the pharaoh's 
mummified face. The largest piece of natural gold was found on 
19 October, 1872, near the small town of Hill 
End in Australia. Named after its discoverer, 
Bernhardt Holtermann, the piece contained 
moe than 90 kg (198 lb) of pure gold. 


This very thin layer of 
gold protects the astronaut 
from the Sun's heat. 
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Tutankhamun's 


death mask 
Holtermann Nugget Child aged 10 years old 


Gold bars stored 
in banks are a sign de ps 


of wealth. The flakes 


decorating 
this expensive 
chocolate 

A \ are edible. 
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—y 


This glass plate 
contains specks 
of gold. 


These replacement teeth 
are made of gold and mercury. 


> Gold foil keeps this car 
Sm engine at a stable temperature. 
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McLaren F1 car engine GO 
A thin layer of gold This neck ornament Sa 
covers this entire temple. is made from cast gold. 
gold dust with water or strong acids. The from it. Some of the earliest coins, found in 
applications for gold include heat shields in Turkey, were made of it. Gold is used to cover 
astronaut’s visors. This metal has always important buildings, such as Thailand’s Wat 
been seen as valuable and many ancient artefacts, Phrathat Doi Suthep temple. This precious 
such as the 3,300-year-old death mask of metal is most commonly used today in 


Egyptian pharaoh ‘Tutankhamun, were forged jewellery or decorations. 97 
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G 0 i D = N B U D D H A precious statue of Buddha with one thousand eyes 


and one thousand hands stands in Long Son Pagoda, 
a temple in Nha Trang, Vietnam. The Buddha is depicted as holding a range of sacred objects, 


including scrolls and white lotus flowers. This statue is completely covered in a layer of pure gold, 
and it draws in hundreds of devotees from across the world. 
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Although humans have discovered many strong metals and 
useful elements, gold has remained one of the most valuable. 
Before people knew what it was, they saw glittering gold dust 


in river beds or dug large gold nuggets out from rocks. They 
found that gold has many valuable qualities: it is soft enough to 
hammer into any shape and can be melted down for moulding 
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into ornaments. Best of all, its gleaming golden colour never 
fades away. Ancient cultures prized items made of gold: in 
ancient Egypt, gold was used to make coins as well as to cap 
the tops of pyramids. Gold is, however, so rare that if all the 
world's mined gold were forged into a cube, it would fit inside 
the penalty area of a soccer pitch. 
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= Mercury o m 


Forms ARES 


This bright red > 3 E 
mineral is the main ore ae 
of mercury used today. 


Transition Metals 


Cinnabar 


BAS 


D Solid 


Q, 
A mercury is soft 
S 
ya enough to be 
cut with 
The “ribbed” effect = 
is due to mercury ’s l a knife. 
extremely high density. This metal melts 
at —39°C (-38°F). 
Mercury is the only metal that is liquid used for many centuries: ancient Romans 
at room temperature. Along with water, it is roasted cinnabar to release a liquid they called 


one of the few liquids found naturally on Earths  hydrargyrum, meaning “silver water”. This 

surface. Pure mercury forms around volcanoes was the element mercury. It was later known 

where the heat separates it from its minerals, as quicksilver because of how fast it flowed as 
100 | such as cinnabar. This red mineral has been a stream of liquid. This metal is very poisonous: 


Uses HOW DOES A BAROMETER WORK? 
This part of the A barometer is an 
S A EEE tube has no air. Glass tube instrument used to 


contains mercury, 
which expands as 
it gets warmer and 


measure air pressure 
to forecast the weather. 


4 


Mercury rises 


Fedal when the air The simi d 
contracts as it cools. Air presses pressure is high e simplest - an = 
down on and falls when earliest — designs used y 
' = mercury it is low a column of mercury a 
E inside a glass tube. (= 
u O © 
Pills containing = 5 
mercury were < zZ 
commonly used to jo © 
£ a = | | | | + 
treat constipation = Mercury in a container o 
| ) UN == 
4i and toothache. N 
Sl 
=H 
2 El 
d = — This bright red 
; 3 | = paint is made with Red Pe E 
3 = N 7 This bulb glows when powdered cinnabar. P Č 
=) c pa the mercury vapour 
IS < F inside it is electrified. 
Nj4 S 7 S 
i) 2 R 
$ 4 = Q 
G o Mercury pS 
or =" = o` 
E o © 
2 4 z has been in use a 
[e] X 
i for more than B 
ri č eb 
(e 
low-cost mirror The needle moves j A 
made of a pool of pure with the rise and pa 
$, mercury is used in an fall of mercury. | = 
— CFL bulb astronomical telescope. l | = 


Liquid mirror inside telescope 


it can damage organs and nerves if inhaled or strong, red paints. Until the early 18th century, 
swallowed. As a result, the use of this metal mercury was used in pills for treating some 
is carefully monitored today. Mercury is used common ailments. It gradually fell out of use 


in some batteries, some thermometers, and in when it was found to be toxic. The first accurate 
low-energy, compact fluorescent light (CFL) barometers also contained this liquid, but such 
bulbs. Its compounds are used to prepare devices are rarely seen today. 101 
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Ernest Rutherford 


105 
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Albert Ghiorso 


= Dubnium 


State: Solid 
@ 104 @ 104 © 163 Discovery: 1964 


Rutherfordium was the first superheavy 
element to be discovered. In this type 

of element, each atom has 104 or more protons 
in its nucleus. It is named after the New Zealand 
scientist Ernest Rutherford, who, in 1913, 
suggested that every atom has a nucleus, or 
core. Pure rutherfordium is synthesized by 
researchers in a laboratory. 


@ 105 B105 © 163 


The US 
scientist Albert D 
Ghiorso discovered 
12 elements 
in the 20th 
century. 


State: Solid 
Discovery: 1968 


It took scientists nearly 30 years to agree on 
a name for this element. Dubnium was finally 
named after the Russian city of Dubna, where the 
first atoms of this artificial, radioactive element 
were created, in 1968. However, a team of 
American scientists led by Albert Ghiorso also 
produced samples of the element at the same 
time. This radioactive element has 12 isotopes, 
or forms, with different numbers of neutrons. 


transistor ON: 

1. Determine the required collector current. 

2. Determine the value of B. 

3. Calculate the required value of IB from the 
results of steps 1 and 2. 

4. Calculate the required value of RB. 

5. Draw the final circuit. 

Now, assume that VS = 28 volts, that you 
are using a lamp requiring 50mA of current, 
and that B = 75. 

Questions 

A. Calculate IB. | 
B. Determine RB. 
Answers 


A. The collector current and B were given. 
Thus: 


lc 50 mA 
ios = 0.667 mÁ 
B 75 
B. 7 
q. 28 volts =42k0 
0.667 mA 
This calculation ignores V BE 
9 Now, assume that VS = 9 volts, that 
you are using a lamp requiring 20 mA of 
current, and that B = 75. 
Question 
Calculate RB. | 
Answer 
Rg = 31.1k 


In this calculation, V BE is included. 
10 In practice, if the supply voltage IS 
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= Seaborgium 


0 


State: Solid 
@ 106 @ 106 © 163 Discovery: 1974 


Atoms of seaborgium break apart in about 
three minutes, so little is known about it. 
Scientists think it may be a metal. ‘The element 
was isolated in 1974 in a machine called the 
Super Heavy Ion Linear Accelerator at the 
Lawrence Berkeley National Laboratory. It was 
named after the US scientist Glenn T Seaborg. 


This huge 
machine was 


used to discover This giant tube forms part 


five new of the Super Heavy Ion Linear 
Accelerator, which is a type ae eS 
elements s of particle accelerator — a 3 E o bea cen a mat PO 
machine in which atoms 7 e 
are smashed together. Glenn T Seaborg 


NOBEL PRIZE IN CHEMISTRY 


Glenn T Seaborg and his fellow US researcher 
Edwin McMillan were awarded the Nobel 
Prize for Chemistry in 1951 for their work 

in creating neptunium. This was the first 
element to be isolated that was heavier than 
uranium — the heaviest natural element. 
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Nobel Prize medal 


Super Heavy Ion Linear Accelerator, Lawrence 
Berkeley National Laboratory, California, USA 
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B O h l 1 ul m State: Solid 
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Bohrium is an artificial 
element named after the 
Danish scientist Niels Bohr. 
This was to honour his model 
of the structure of atoms’ 
electron shells. Bohrium 

was first produced by firing 
chromium atoms at bismuth 
atoms in a particle accelerator 
(a machine in which atoms are 
smashed together). Atoms 

of this metal are unstable: 

half of any sample of bohrium 
atoms breaks apart in 61 
seconds. As a result, it is 

not very well understood. 
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108 


State: Solid 
@ 108 @ 108 © 169 Discovery: 1984 


Hassium was produced 

inside this chamber. 

Scientists think hassium 

is a metal, but they have 
not been able to produce 
enough of its atoms to study 
1t in any detail. Hassium is 
very radioactive, and most of 
its atoms break apart within a 
few seconds. This element is 
named after the German state 
of Hesse, the location of 

the Centre for Heavy Ion 
Research, where hassium 
was first created artificially 
O by a team led by the German 


for Heavy Ion Research, o 
arena Germany physicist Peter Armbruster. 


104 Peter Armbruster 
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Mt 


Meitnerium 


O 


: State: Solid 
@ 109 @ 109 © 169 Discovery: 1982 


Researchers think meitnerium might 

be the densest of all elements. It is 

very unstable, and even the atoms of its 
most stable isotope, or form, break apart 

in a matter of seconds. Meitnerium is named 
after the Austrian physicist Lise Meitner, 

to honour her achievements in physics. 
Several universities, such as Humboldt 
University in Berlin, Germany, also have 
buildings in her name. 


Meitner Haus building, 
Humboldt University, Germany 


J 5 As 
x= 


Lise Meitner (left) works with the German chemist Otto Hahn 
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Darmstadtium 


~w 
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State: Solid 
@ 110 @ 110 O 171 Discovery: 1994 


This artificial element is named after the 
German city of Darmstadt — the home 
of the Institute for Heavy Ion Research 
Wo tec Re RN yee EE AA where this element was first produced. 
MEAR GN UA A team led by the German physicist Sigurd 
AASS ea A) Hofmann created darmstadtium by smashing 
a ELE | nickel atoms into lead atoms in a particle 
O he ee accelerator (a machine in which atoms are 
Sigurd Hofmann smashed together). 


Roentgenium 


IA 


Rg 


` State: Solid 
@ 111 8 111 O 171 Discovery: 1994 


Scientists believe that this metal 

shares many characteristics with 
precious metals, such as gold and silver. 
However, its atoms break apart within 
seconds, so this has not yet been confirmed. 
Roentgenium was created in Darmstadt, 
Germany. It was named after Wilhelm 
Röntgen, the German scientist who 

Wilhem Róntgen discovered X-rays in 1895. 


IA 


= Copernicium 


Some 


State: Solid 
Discovery: 1996 


scientists 


This statue stands in think copernicium 


sjeyaW UOLLSULAL 


front of the Polish 
si aes could be the only 
Copernicus lived. gaseous 
metal. 


This German research institute 
is where copernicium was discovered. 


nren 


Heavy Ion Research Centre, Germany 


The atoms of this radioactive 
element survive only for a few 
minutes, before breaking down. 
Copernicium is created in particle 
accelerators by smashing together atoms 
of lead and zinc. Only a few atoms of 
this artificial element have ever been 
produced. Copernicium is named 
after Nicolaus Copernicus, 
the Polish astronomer who 
theorized that our planet 
orbits the Sun. 107 
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Lanthanides 


This set is named after lanthanum, the first element in this series. The 
name “rare earth metals” is also given to these elements because they 
were discovered mixed together in complex minerals in Earth’s crust, 
and were thought to be uncommon. However, they are actually not rare 
but abundant. These metals — between barium (Ba) and hafnium (Hf) — 


Should fit between the alkaline earth metals and the transition metals, 
but they are normally shown underneath the main table to save on space. 


Atomic structure Physical properties Chemical properties Compounds 
Atoms of every element in The lanthanides are dense, These elements react slowly Many lanthanides 
this group have two outer shiny metals, which tarnish with oxygen (0) at room form compounds with 
electrons. The lanthanides easily when exposed to temperature, but the oxygen called oxides. 
have large atoms, all with air. They do not conduct reactions speed up These are often used 


six electron shells. electricity very well. when heated. in lasers and magnets. 


Lanthanides 
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@57 @57 © 82 Discovery: 1839 


Black tarnish 


Forms | Ø PS =~ eS ie forms on pure metal 


\ when it comes into 

Lanthanum  \\ contact with air 

f carbonate is used to | | 
treat patients with 


\\ kidney / 
xs, disease. // 


oF 


This reddish-brown 
mineral is also found in 

other colours, including 
white, tan, and grey. 


This metal burns 
easily when ignited. 


Uses 
This lens can better 
focus light on an object 
due to the presence 
o, of lanthanum oxide 
= in the glass. 
= —— This lamp 
+ 
æ uses lanthanum 
T to reduce the ; 
D yellow colour In its molten 
E > state, lanthanum 
O in its light. i 
5 is used to smooth 
Er, = 5] rough diamonds. 

w Molten lanthanum Camera lens 
Although the word “lanthanum” means 100 years to find a way to purify the metal. 
“to lie hidden”, it is more abundant than Today, the mineral bastnasite is a source 
most metals. For example, it is three times of pure lanthanum. The element's 
more common than lead. This element was applications range from its use in film 
discovered in the mineral cerite in 1839. studio lights and lens-making to 


However, it took chemists almost another refining petroleum. 


ole 
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ua 


erium 


Cerium was the first of the lanthanides to be 
discovered. It is named after the dwarf planet Ceres, 
which was discovered two years before the element 

was isolated. Cerium is highly toxic when pure, but 
safer cerium compounds have some uses. The main use 
of cerium is in making phosphors, which are chemicals 
that produce lights of different colours. Phosphors are 
present in flatscreen TVs and bulbs. 


State: Solid 
Discovery: 1803 
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Television 


Laboratory sample ¢,% 
of pure cerium 


The inside of this screen is coated 
with cerium-containing phosphors, 
which emit red, green, and blue light. 


Kitchen spatula 


This red colour comes 
from a compound 


The pure form of the called cerium sulfide. 


metal tarnishes on 
contact with air. 


Praseodymium 


This piece of the 
element's pure 
form is often stored 
in mineral oil to stop 
it from reacting with 
oxygen in the air. 


29 


Pr 
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Part of this element’s name comes from 
prasinos, the Greek word for “green”. 
Normally a grey colour when pure, the element 
reacts slowly on contact with air to form a o 
green coating. Praseodymium compounds State: Solid 
give a yellow colour to glass and heat-resistant adi sc 
ceramics, and provide a green colour to some 
artificial jewels. This element also boosts 
the strength of magnets that contain it. 


eliow Ceramic pog 


This yellow colour 
is produced by a solution 
containing praseodymium. 


Laboratory sample of 
pure praseodymium 


This artificial gem 
gets its green colour 
from tiny amounts 
of a compound of 
praseodymium 

and oxygen. 


y @Neodymium 7. 


Es Strong magnets made of neodymium can be 
“E used to lift thousands of times their own mass. 
= This element was discovered in 1885 by the Austrian E 
E chemist Carl Auer von Welsbach, and it was originally | ate Solid 
S ; iscovery: 1885 
| used to colour glass. Small amounts of neodymium ` 
| dl turn glass pinkish purple. ‘Today, this element is Laboratory sample 
This glass gets Also employed in lasers used in eye surgery. of pure neodymium 
its colour from . ee PC, = A 


ae K PEPIS v, Oo ge s AA, 
very tiny amounts 
of neodymium. 


The pure 
element turns 
black when it 
reacts with air. 
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This paint glows as a result 
of radioactive promethium. 


O 


State: Solid 


This missile uses radioactive | PROS 


promethium for electrical power. 


Missile 


Promethium is the rarest lanthanide element. 

Any promethium that was in Earth's rocks decayed 

billions of years ago. Promethium is therefore 

produced artificially in nuclear reactors. Being very 

radioactive, it is used in some missiles, because 

it converts this radioactivity into electrical power. 
Promethium-rich paint in The addition of promethium also makes some 

112 a tin seen from above paints glow in the dark. 


much larger than the 0.7-volt drop across the 
base-emitter junction, you can simplify your 
calculations by ignoring the 0.7-volt drop, and 
assume that all the supply voltage appears 
across the base resistor RB. (Most resistors 
are only accurate to within +/- 5 percent of 
their stated value anyway.) If the supply 
voltage is less than 10 volts, however, you 
Shouldn't ignore the 0.7-volt drop across the 
base-emitter junction. 


Questions 
Calculate RB for the following problems, 
ignoring the voltage drop across the 


base-emitter junction, if appropriate. 
A. A 10-volt lamp that draws 10 mA. B 
100. —— 


B. A 5-volt lamp that draws 100 mA. B 
50. 


Answers 
A. l0mA 
B — = 0.1mA 
100 
10 volts | 
q = 10 volts — ooo 
0.1má 
B. 
100 mA 
ER = 2mA 


State: Solid 
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= Samarium 
This element is named after the mineral 
samarskite from which it was first purified. 
However, another lanthanide-rich mineral called 
monazite is the main source of this element today. 
samarium is mixed with cobalt to make permanent 
magnets that are often used in electric guitars. 


guita! pickups 
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These pickups (components 
that sense vibrations produced 
by guitar strings) are made of 
samarium-cobalt magnets. 


This silvery white metal 
darkens on contact with air. 
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State: Solid 
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Europium was named after the continent 

of Europe. However, most of the world’s supply 

of the element comes from the USA and China, where 
the mineral bastnasite is mined for the extraction of pure 
europium. A compound called europium oxide is used 
in euro and British bank notes. When placed under 
ultraviolet (UV) light, the compound gives off a red glow. 
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This red glow W mn 


proves this W is A may Ba 


note is real. — E 

Bese! oid 
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The crystals of this Ñ; DRS 


yellowish metal often 4 TITO 
have patches of dark oxides. Section of British note under UV light 113 
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Gadolinium, and its mineral ore gadolinite, 
A E R are named after the Finnish chemist 
metal darkens when Johan Gadolin, who discovered the 
exposed to air. . 

element. Gadolinium compounds are used 
to obtain clear MRI scans. It is also used in 
electronics, and to make rust-resistant steel. 


Lanthanides 


This mineral contains tiny 
amounts of gadolinium. 


This image of the 
brain is clear because a 
gadolinium compound 
was injected into the 
patient's blood. 


MRI scan of the 
human brain 


= Terbium 


| Terbium is named after the village of Ytterby in Sweden. 
It is a silvery metal that can be obtained from the ore monazite. 
This element has only a few uses. Pure terbium is added soundBug ry 

to other metals to make powerful magnets used in sound- p “© Vico 
producing devices, such as the SoundBug™. Its f 
compounds are used to line mercury lamps. 
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State: Solid 
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This device uses 
magnets to turn 
any flat surface, 
like a window, into 
a loudspeaker. 


— 


oe 
The mercury 
vapour in this 
lamp produces 
ultraviolet light when 
electrified, and this 
is turned into a 
bright yellow glow 
by terbium. 


=. 


Mercury lamp 


The pure metal is soft 
enough to be cut with a knife. 


114 Laboratory sample of pure terbium Y d 


State: Solid | 
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= Dysprosium 


Dysprosium reacts more easily with air and 
ee a water than most other lanthanide metals. 
amounts of Although it was discovered in 1886, it took until 
ne the 1950s to purify it. This metal is often used with 
This pure metal N€Odymium to produce magnets that are used in 


remains shiny at car batteries, wind turbines, and generators. 


room temperature. 


saplueyque 


Some hybrid car batteries 
contain dysprosium. 
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Laboratory sample of pure dysprosium 
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Holmium 


The Swedish chemist Per Teodor Cleve named holmium 
after the Swedish city of Stockholm. Pure holmium can o 

produce a strong magnetic field and is therefore used in magnets. int es 
Its compounds are used to make lasers, and to colour glass and red by small amounts 
artificial jewels, such as cubic zirconia. ees 
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Bright, 
silver 
shine 


Red zircom? 
Semstone 


115 


e E i @6s B6s © 99 Discovery: 1843 


This glass contains 


This silvery element La b erbium, which protects The rose pink finish 
aan ES Orato ry Sa mp] a welder's eyes from of this vase is from an 
r : ple heat and bright light. erbium chloride glaze. 


contact with air. 


pink pottery, 


Welding goggles 


Like terbium and ytterbium, erbium is also 
named after the Swedish village of Ytterby, 
near which it was discovered. ‘This element 
does not occur in its pure form in nature, but 
it can be obtained from the mineral monazite. 
Many erbium compounds are pink in colour 
and are used to colour pottery and glass. 
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No 


This machine emits 
X-rays using a very 
small amount of thulium. 


This soft metal 
glows blue under 
ultraviolet (UV) light. 


Thulium is the least abundant of all the 
lanthanide metals. It is used to create lasers 
that surgeons use to cut away damaged body 
tissue. Thulium also has a radioactive form 
that can produce X-rays: portable X-ray 
machines make use of this form. 


EE Le e 
State: Solid 
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Ytterbium tends to be more reactive 
than other lanthanide metals. It is stored 
in sealed containers to stop the metal from 
reacting with oxygen. The pure metal has 
only a few uses. A small amount of ytterbium 
is used in making steel, while its compounds 
are used in some lasers. 
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Laser cutting 


This bright, shiny metal can Lab oratory sample 
be hammered into thin sheets. : 
of pure ytterbium 
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E A? E RT AS Some oil refineries use lutetium to break down 
Y crude oil to make fuels, such as petrol and diesel. 
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This element is the hardest 
and densest lanthanide metal. 


y MS 4 
-~ PHE | 
F ipsi 
pE DU Ge 
i AN Ee 
rama y me US + 


y 
E 
| 
i> 


Lutetium was the last of the rare earth metals to be 
discovered. Ít is also the final member of the lanthanides. 
In its pure form, lutetium is very reactive and catches 
fire easily. It is rare and has few uses, mainly as 

a substance mixed with crude oil. 
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om a nuclear 

power plant. 
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0 
Atomic structure Physical properties Chemical properties Compounds 
All the elements in Natural actinides are dense The actinides are reactive Actinides form colourful 
this group have two metals with high melting metals and are never found compounds with halogens. 
electrons in their outer points. The physical properties in pure form in nature. They Most actinide ores also 
shell. Their atoms all have of most of the artificial react easily with air, the contain compounds of 


seven electron shells. ones are unknown. halogens, and sulfur (S). oxygen (0) called oxides. 
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Un ot This radioactive 
2 < mineral glows brightly This de KIGE 
z = hy in ultraviolet light. uses radioactive 
D q 4 actinium to 

Q 4 measure the 
<x y 

Y amount 


of water. 


This ore contains 
uranium, which breaks 
down into actinium. 


Neutron probe 


Rare in nature, actinium is a metal formed by 
the decay of other radioactive elements. Its 
atoms are unstable and break down to make the 
elements francium and radon. Actinium is found 
in tiny amounts in uranium ores, such as uranite, 
and has limited applications. Its isotopes are 
used in radiation therapy to treat cancer. 
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State: Solid 
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The most common natural radioactive metal, 
thorium is used inside vacuum tubes to allow 
an electric current to flow. It can also undergo 
nuclear fission, a process in which atoms split in 
two and release energy. Scientists are exploring 
ways of making thorium-powered nuclear 
reactors that produce electricity. 


This durable rock 
made of solidified lava 
contains 12% thorium. 


This thorium coating creates an 
electric current by releasing electrons. 


This ore contains small 
crystals of thorium compounds. 


Vacuum tube 
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Torbernite 


tactinium .*. 


This vibrant green 
radioactive mineral contains 
tiny amounts of protactinium. 
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State: Solid 
Discovery: 1913 


A Geiger counter measures 
the sample's radioactivity 


This bottle | 
containsa W ~ 
protactinium 5 == 
sample. | 5 
A AS Protactinium 


research 


The name protactinium means “before 
actinium”. This is because a uranium atom 
decays to form a protactinium atom, which 
then quickly breaks down into an actinium atom. 
Small quantities of protactinium are found in 
shiny ove Ancient sands and mud. Geologists use Geiger 
feels waxy counters to carry out research to calculate 
how old the sands are. 


These used nuclear fuel 
rods contain protactinium. 


Nuclear waste 


saplulqoy 


121 


N 
cd) 
"oS 
= 
= 
J 
(Ss) 
<Á 


122 
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Named after the planet Uranus, uranium was 


the first known radioactive element. In the early oe 
, contain uranium dioxide, which 
20th century, some manufacturers used uranium is the main source of uranium. 


in glass bowl glazes, only to realize later 
that it was a harmful metal. 
An unstable form, called 
uranium-235, is used as 
fuel in nuclear 
reactors and 
in atomic 
bombs. 
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This sample of pure 
uranium is waste 


from a nuclear plant. 
Uranium mixed into 


glass makes this bowl 
glow bright green under 
ultraviolet (UV) lamps. 


Glass bowl 
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State: Solid 
@93 @93 © 144 Discovery: 1940 


The radioactive 
elements in this 
mineral decay to 

form neptunium. 

This cyclotron, 

built in 1938, was 

used to discover 
neptunium. 
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Cyclotron at the University 
of California, Berkeley, USA 


Sitting next to uranium in the periodic 
table, neptunium was named after the 
planet Neptune. It exists in small amounts 
in radioactive ores, such as aeschynite. 

It forms during nuclear explosions and 
was first identified inside a machine called 
a cyclotron. There are no known uses 

for neptunium. 


Turning Off the Transistor 


11 Up to now, you have concentrated on 
turning the transistor ON, thus making it act 
like a closed mechanical switch. Now you 
focus on turning it OFF, thus making it act 
like an open mechanical switch. If the 
transistor is OFF, no current flows through 


the load (that is, no collector current flows). 
Questions 

A. When a switch iS open, are the two 
terminals at different voltages or at the same 
voltage? 


B. When a switch is open, does current flow? 
C. For a transistor to turn OFF and act like 
an open switch, how much base current IS 
needed? 
Answers 


A. At different voltages, the supply voltage 
and ground voltage. 

B. No. 

C. The transistor is OFF when there is no 
base current. 

12 You can be sure that there is no base 
current in the circuit shown in Figure 4.6 by 
opening the mechanical switch. 

Figure 4.6 
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“nit Hardly any plutonium exists This Martian rover 
gan e . ; fithas d d uses the heat given off by 
> In nature: most of it has decaye AUDO otomano 


into other elements over time. generate electrical power. 
It was discovered during the 
development of nuclear 
bombs in World War II. 
Today, plutonium is used 
mostly as a nuclear fuel. 


- SOPLULY 


i 

This ore contains 
trace amounts 

of plutonium. 


This plutonium 
battery was used 
in early pacemakers. 


Curiosity 


1970’s pacemaker 
battery Rover 
SS, APP 


State: Solid 
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This metallic element is 

not found in nature. Instead, 
it is produced inside nuclear 
reactors when uranium or 
plutonium atoms are bombarded 
with neutrons. Remarkably, 
americium is the most common 
radioactive element used in the 
home. Radioactivity emitted by 
americium atoms causes the 

air inside smoke detectors to 
conduct electricity. When smoke 
disrupts the electric current, 

an alarm goes off. 


This smoke detector contains tiny, 
harmless quantities of americium. 123 
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This lander 
studied 

the surface 
composition 
of the 

comet 67P 


apury a3811Ud 


Curium is a silvery, radioactive metal that 

glows reddish purple in the dark. This element 

was discovered by the US scientist Glenn T Seaborg 

at the University of California. It was named after 
Marie Curie, the scientist who discovered the element 
polonium. Several space probes, such as the Philae 

| comet lander, use X-ray devices containing curium 
Marie Curie working in her laboratory to study their environment. 


MBerkelium 


This element was named after the city 
of Berkeley — home to the University of 
California — where this artificial element 
was discovered. It was first synthesized by 
Glenn T Seaborg. Berkelium has no uses 
other than the creation of heavier elements, 
such as tennessine. 
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Seaborg 
helped develop 
the atom bomb, 
but opposed 
using it in 
World War II. 
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y a "4% j y ' on SRG E | N i i , 
Glenn T Seaborg 


University of California, Berkeley campus, USA 


M Californium 
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State: Solid 
Discovery: 1950 


This machine uses 
californium to find 
water underground. 


This isotope, 
or form, of 
californium 
produces a lot 
of neutrons. 


Pellets of 
radioactive californium 


Californium is named after the US state of 
California. This soft, silvery metal does not exist 

in nature and is made by smashing berkelium atoms 
with neutrons in a particle accelerator (a machine in 
which atoms are smashed together). This radioactive 
Water detector element is used in the treatment of cancer. 


Einsteinium 


Only a 
few a 
milligrams TT | 
of einsteinium are State: Solid 
| Discovery: 1952 
made €very ? 
year. 


Einsteinium was discovered in the chemicals 
left over after the first hydrogen bomb test 
in 1952. The huge explosion fused smaller 
atoms together to make larger ones, including 
einsteinium. This element was named after the 
great German-born scientist Albert Einstein, and 
was found to be a silvery, radioactive metal that 
glows blue in the dark. It is only used for making 
Albert Einstein in his study heavier elements, such as mendelevium. 
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This artificial element was 
named after the Italian scientist 
Enrico Fermi. He built the first 
nuclear reactor in 1942, starting 

the American effort to build nuclear 
weapons during World War II. 
Fermium was first identified in the 
debris of an atom bomb test in 1953. 
This unstable element has no known 
uses beyond research. 


Some 
scientists call 
Enrico Fermi the 
“father of the 
atomic age”. 
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Dmitri Mendeleev 
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State: Solid 
Discovery: 1955 
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ARE Mendeleev's notes from 1869 
show his method of arranging 
elements in columns and rows. 


Mendelevium is named after the Russian 
chemist Dmitri Mendeleev, who invented 
the periodic table. Mendelevium is produced 
in very small amounts by firing parts of helium 
atoms at einsteinium atoms in a particle 
accelerator (a machine in which atoms 

are smashed together). 
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TD, This artificial metal 

i is named after the 
Swedish chemist Alfred 
Nobel, who started the 
Nobel Prize. It was 
discovered in 1963 by a 
team of scientists working 
in California, USA. This 
team included Albert 
Ghiorso, Torbjørn 
Sikkeland, and John 
R Walton. They used 
a particle accelerator 
to fire carbon atoms at 
curium atoms, creating 
nobelium atoms, which 
broke apart within minutes. 
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Albert Ghiorso, Torbjørn Sikkeland, and John R Walton 
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Lawrencium 
was produced at 
the Berkeley 
lab set up by 
Ernest Lawrence. 
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State: Solid 
Discovery: 1965 


Lawrencium is named after the US scientist 
Ernest Lawrence, who developed the first 
cyclotron particle accelerator. This is a 
machine in which parts of atoms are smashed 
together by making them spin round in circles. 
Lawrencium atoms were produced in a 

| similar machine by firing boron atoms at 

An early cyclotron californium atoms. 
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Pure gallium (Ga) 
becomes liquid 
at 29°C (84.2°F). 


A | | 


2 
Atomic structure Physical properties Chemical properties Compounds 
Members of this group All elements, except boron, Most of the elements don’t They form compounds by 
have three electrons in are shiny solids. Every react with water. Aluminium losing electrons to other 
the outer shell of every member of this group is soft, (Al) forms an oxide layerin elements. All of them react 
atom. Some elements except for boron (B), which is water, and can react withit with oxygen (0) by bonding 


have unstable isotopes. one of the hardest elements. when this layer is corroded. to three oxygen atoms. 


State: Solid 
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This transluscent mineral 
is found in dried lakes. 


The Boron Group 


Ulexite 


Boron-deficient 
corn does not 
grow properly. 


This metal 
is dark and 
slightly shiny 


La į 4 This is a 
; PEIN. PF f Ñ colourless 

PRN TA pa form of a 
i JES l iy compound 

ig of sodium 
7 and boron. 

in oy 
Some boron compounds are among the including ulexite and kernite. The demand for 


toughest artificial substances on Earth, with this element was once so high that people moved 
only diamond being harder. This element is to live in the extreme heat of Death Valley, USA, 
a very hard material and becomes even harder to work in boron mines there. Compounds of 
when made to react with carbon or nitrogen. Pure boron in soil are essential for plants to grow 

130 | boron can be extracted from various minerals, healthily. We use boron in our homes every day. 


This searing desert 
is one of the main 
places on Earth 
where boron is found. 
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: a This tough glass 
Death Valley, contains boron oxide. 
USA 
miss 
=> Needle- and leaf- 
shaped crystals 


LCD screen 


a _ Military tank 


Pp. 


‘Tough, heat-resistant glassware, such as 
measuring cups, are strengthened with boron. 
Boric acid is a natural antiseptic and can be used 
to treat minor cuts and scrapes. A flexible layer of 
boron-based glass fibres is used to toughen thin 
LCD screens for televisions and laptops. Even 


These white crystals are 
obtained from sodium borate. 


The protective body of this 
tank contains boron carbide, 
a compound of boron and carbon. 


THENARD AND GAY-LUSSAC 


The salt sodium borate, also called borax, was already 
in use 1,000 years ago. In 1808, the Frenchmen Joseph 
Louis Gay-Lussac and Louis Jacques Thénard isolated 
pure boron by heating borax with potassium. 


dnoty uoi0g aul 


Louis Jacques Thénard Joseph Louis Gay-Lussac 
Born into a poor family, This French chemist is also 
Thénard excelled as a scientist. remembered for discovering 
He also discovered a compound that the pressure of a gas goes 
called hydrogen peroxide. up with its temperature. 
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This clay is bouncy but also 
firm because it contains boron. 


This screen is 


composed of Se 
boron-rich glass, == 
which makes it > 
"O 
scratch-resistant. O 


Boron 
carbide 
is one of the 


hardest 


materials in use 
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some kinds of modelling clay and bouncy silly 

putty contain boron compounds. Boron is named 

after a crumbly white salt called borax, which is 

used in detergents. The element is also present 

in a diverse range of objects, from insecticides 

to armour for military tanks. 131 
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This crystal contains This aluminium ore 
aluminium and sulfur is the world’s main 
compounds. source of the element. 
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Reflective surface 


This slice of aluminium 
phosphate mineral has 
a turquoise green colour. 


Although aluminium is the most common also be found in other minerals, including 
metal in Earth’s rocks, scientists did not variscite. Today, aluminium is often recycled 
discover it until the early 1800s. Even then, because producing it anew requires 15 times 
it took a further 80 years for scientists to work more energy. The metal makes a strong, shiny 
out how to use the ore bauxite to extract foil when rolled flat, and is useful for storing 
132 | large amounts of pure aluminium. It can foods. A fire protection suit made from 


To ensure that the transistor remains OFF 
when the base is not connected to the supply 
voltage, you add a resistor (labeled R2 in 
Figure 4.7 ) to the circuit. The base of the 
transistor connects to ground or 0 volts 
through this — resistor. Therefore, no base 
current can possibly flow. 

Figure 4.7 


Questions 
A. Why doesn't current flow from the supply 


Ë RECYCLING ALUMINIUM 


Aluminium is expensive to purify, so it is often recycled instead. 
Drinks cans are almost 100 per cent pure aluminium and can 
be shredded, melted down, and made into new cans. 


This foil does not 
break even as it is 
bent and twisted. 


e 3 be 1. Used cans are == 
collected for processing. = 
| 7. New cans a q ha 2. They are crushed > 
| This aluminium frame are made from se into small bricks. a 
| makes the racket light. these sheets. = 
Y o 
This suit protects 6. These are LA 3. The blocks 2 
against temperatures pressed into Mli a JN, ) are shredded © 


up to 1,000°C (1,800°F). 


metal sheets. NIP into tiny pieces. 


5. The blocks are 


then cast into ~ AR 1d. 4. The pieces are then 
smaller sections. melted into large blocks. 


Aluminium can 


This can is produced 


Parts of this dome 
from recycled aluminium. 


are made of aluminium. 


Smartwatch 
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Recycling 


one aluminium can 


iy 


saves enough energy 
to run a TV for 
three hours. 


Aluminium T ; h 
cables are Esplanade Theatre, 
lightweight. Singapore 


The aluminium 
casing protects 
the touchscreen. 
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This plane’s fuselage is built 
from sheets of aluminium 
stretched around a frame. 


Sa]qeo PeəyIəAO 


Du fe) (e meant Teen 


..os 


KLM 
£ + 


this foil reflects away heat. Aluminium is a steel-based one, which would collapse 
the most widely used metal after iron. It is under its own weight. Aluminium is also a 
very lightweight compared to irons alloy steel good electrical conductor and so is used in 
and almost as strong. A dome made from overhead cables. Tough aluminium alloys 
aluminium, such as the one in the Esplanade are used to produce parts of some aircraft, 


Theatre in Singapore, can be much larger than including the Boeing 737. 133 


438 


J E T T U R BI N E The curved blades of this jet engine are shaped very precisely 
to catch the air, and they are also strong enough to stay stiff 
when working at high temperatures. There are several tough metals that fit these requirements, 


but most are very dense, making them too heavy for an engine powering an aeroplane into the air. 
That leaves only one metal for the job: aluminium. 


Aluminium is what makes high-speed, long-range air and bodies of jet aircraft. There is almost twice 

travel possible. Easily moulded, it is one-quarter the as much aluminium in Earth's rock as there is iron. 
weight of steel, and it never rusts. Steel is stronger, but However, purifying aluminium takes a lot of energy. 

a plane made from it would be too heavy to fly. Instead Once pure, though, it can be recycled over and over 
aluminium is mixed with titanium and steel to produce again. So, one day these engine blades might transform 
tough yet lightweight alloys, which are used in the engines into a fizzy drink can. 
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Thermometer 


The Boron Group 


This medical 
thermometer uses 
a gallium alloy 
instead of mercury. 


A gallium laser 
is used to read 


Blu-ray discs. 


Blu-ray disc 


The red LED 


N 
= gets its colour from 
¿20 gallium compounds. 
The needle-like crystals Q 
form on the surface. E 
Pure gallium b py 
has a very low Q pá 


melting point. 


Opportunity 
rover 


The solar panels powering this 
rover, which is exploring Mars, 
contain gallium and arsenic. 


Gallium melts at just 29°C (84.2°F), which Gallium has a number of uses. It is mixed 


means it soon becomes liquid when held with indium and tin to form a liquid alloy called 
in the hand. This element is found in small galinstan, which can be used in thermometers. 
amounts in ores of zinc and aluminium, such Gallium is also found in Blu-ray lasers, LEDs, 
as diaspore. Pure gallium is isolated when and some solar panels, such as those on NASA's 


136 | the other elements from this ore are extracted. Mars rovers. 
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| State: Solid 
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Forms When 
bent, indium 
produces a “tin 
cry” — a sound 
similar to a 
scream. 


Sphalerite 


Pure indium mould 
cast in a laboratory 


This zinc mineral 
is the main source 
of indium. 


Pure indium 
is soft enough to 
draw lines on paper. 


This glass coated 
with indium oxide 
is shiny but still lets 


Uses 


This touchscreen has a grid light through. 
of very thin, transparent wires A Ly 
made of indium tin oxide. >. 2 


Sig to, 


The tiny electronic 
switches inside 

this transistor 
contain indium. 


mm. 
: = 
s- 


Protective goggles coated 
with indium stop the heat , , fied 
Touchscreen tablet damaging the welder’s eyes. Windows in a building 


Indium is named after indigo, which is the form. For example, a compound called indium 


colour of the light its atoms release when tin oxide used on a touchscreen allows the 
electrified. Its minerals are rare, and most of computer to detect when a finger makes contact 
the metal is obtained from lead and zinc ores, with the screen. Indium is also required in 

such as sphalerite. Pure indium is very soft, microchips, and to produce welder’s goggles 


and the element is mostly used in compound and windows that are heat- and glare-proof. 
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The grey crust on this aluminium mineral 


Forms contains small amounts of thallium. 


The Boron Group 


This mineral contains 
iron, sulfur, and tiny 
amounts of thallium. 


This soft and silvery metal is kept 
in a sealed glass tube as it is highly 
toxic and reacts easily with air 


Thallium was named after the Greek both chemists worked separately, they found 
word thallos, which means “green shoot”: the element in the same way — as a residue while 
it was first identified from the colours in its making strong acids using the mineral pyrite. 
flame, which includes a bright green light. Thallium was later found to exist in larger amounts 
Thallium was discovered in 1861 by William in other minerals, including thallium alum. 


138 | Crookes and Claude-Auguste Lamy. Although Pure thallium is toxic and has to be handled 


Uses 


Heart function scan 


Blood injected with a 
» thallium compound shows 
up on a patient's heart scan. 


Spectacles 
= \ = : 


These thin 


> Until the lenses contain 
* ¢ : strong, thallium- 
J 1970s, thallium infused glass. 
salts were commonly 
used as ant 
poison. 


toxic and has to be handled with care 
when used. A chlorine compound of 
thallium is used in scans to study a 
patient’s blood circulation. Thallium 
oxide also helps make glass stronger 
for use in spectacles and cameras. 
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Kozuka Morita (left), with a visiting official at the 
RIKEN Nuclear Research Centre, Wako, Japan 


Nihonium was named after the Japanese word 
nihon, which means Japan. A metallic element, 
nihonium was first detected in 2003 by teams studying 
the artificial element moscovium, which has the 
atomic number of 115. They noticed that atoms 

of moscovium broke apart after only a few seconds 
into atoms of an element with an atomic number of 
113. In 2004, Kozuka Morita and a team of scientists 
at the RIKEN Nuclear Research Centre in Japan 
isolated this element in a different way: they fused 
bismuth and zinc atoms together 


Nihonium WU 
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Glassy carbon 
(C) has a high 
resistance 

to rust. 
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State: Solid 
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This compressed form 
. of sooty carbon is 

DE h formed underground. 
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Crude oil 


Mixture 
of liquid, 
carbon-rich 
compounds 


This colourless 
crystal forms in 
magma deep 
underground. 


This diamond's brightness 
depends on its cut, which determines 
how many times light entering 


the gem will reflect inside. 
The shiny, metallic 


surface feels soft 
and slippery. 
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Carbon has the largest number of carbon exists in three forms on Earth — 
compounds of any element — with more graphite, diamond, and buckminsterfullerene 
than nine million known. Carbon is the (a structure based on 60 interlinked carbon 
fourth most common element in the Universe. atoms). Diamond is the hardest substance in 
Each carbon atom can bond to four others, nature. It is often used in jewellery. The blades 


142 | allowing them to form chains and rings. Pure of some saws are coated with diamonds, and 


voltage to the base-emitter junction? —— 

B. How much current flows from collector to 
base? 

C. Why doesn't current flow from collector to 
base through R 2 ground? —____ 

D. Why is the transistor base at O volts when 
R 2 is installed? 


Answers 
A. There is no current path from the supply 
voltage through the base-emitter junction. 


Thus, there is no base current flowing. 
B. None at all. 


C. The internal construction of the transistor 
prevents this, because the  collector-to-base 
junction is basically a reverse-biased diode. 


D. Because there is no current through R2  , 
there is no voltage drop across R2 and, 
therefore, the transistor base is at ground (0 
volts). 

13 Because no current is flowing through 
R 2, you can use a wide range of resistance 


values. In practice, the values you find for R 
2 are between 1 kQ and 1 MQ. 
Question 


Which of the following resistor values would 
you use to keep a transistor turned off? 1 
ohm, 2 kQ, 10 kQ, 20 kQ, 50 kQ, 100 kQ, 
250 kQ, and 500 kQ. 
Answer 

They would all be suitable except the 1 ohm 
because the rest are all above 1 kQ and 


This carbon filter 
absorbs harmful 
chemicals in water. 


Aiayeg 


This battery 
| has a graphite 
| core that carries 


Sturdy and | j electric current. 


lightweight frame 
a on fore BIC ay 
tiny diamonds. SS y DR À This 
— E strong but 
| light frame is 
made by fusing 
together carbon 
fibres. 


A This wheel is Y 
a composed of carbon 
fibre and some other 
materials, which 
make it rigid. 


This flame is fuelled 
by carbon-rich oil. 


Soft graphite leaves a mark 


when pressed against paper. Pencil “lead” containing graphite, not lead a A 
| J 
O 
This flexible plastic material 5 
Si is composed of chains of carbon E 
| HARD AND SOFT CARBON and hydrogen atoms. > Ve 


Diamond and graphite have different properties because 
of the arrangement of their atoms — tetrahedrons in 
diamond, and sheets of hexagons in graphite. 


Hard as diamond Soft as graphite 
The tetrahedron, or pyramid Graphite contains layers of 
structure, of atoms creates carbon atoms that slide over 
a rigid shape that is equally each other easily, as there are 
strong in all directions. only weak forces between them. 
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can cut into anything. Only a diamond can to have harmful environmental and health 
cut another diamond. Graphite is much softer, effects. Crude oil, natural gas, and coal are 
which is why it is used in pencil “lead”. It is hydrocarbons (compounds containing only 
also used in some batteries. Coal is currently hydrogen and carbon) that occur in nature. 
the largest source of fuel for the generation They can be used as fuels and as plastics 


of electricity, but its fumes are also known for objects such as polythene bags. 
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PT N K DIA M 0 N With a mass of only just over 3 g (0.1 oz), this jewel — 
known as The Sweet Josephine — is one of the largest 
pink diamonds ever sold. Diamonds are normally colourless forms of pure carbon, and if there is 


any colour, it comes from tiny amounts of another substance. For example, boron makes the gem 
appear blue. Strangely, pink diamonds have no impurities, and no-one knows why they are pink. 


The Sweet Josephine was cut from raw diamond that 

is more than 1.5 billion years old. This formed 150 km 

(93 miles) beneath Earth's surface and was then pushed up 
by a volcanic eruption, before eventually being dug out at a 
mine in Australia. Diamonds form when carbon is squeezed 
and heated to more than 1,000°C (1,832°F). This process 


rearranges the carbon atoms into a rigid crystal that makes 
diamond the world’s hardest substance. The process also 
gives diamond the ability to bend light, a property that gives 
these jewels their glorious sparkle. With the right cut and 
polish, a diamond can be made into a beautiful gem that 

is prized throughout the world. 


silicon nd 


011: 8114 O14 Discovery: 1824 


The Carbon Group 


This glassy mineral tube 
is formed when quartz-rich 
sand is struck by lightning. 


The pure element 
can shatter easily. 


Tiny hairs on these leaves 
have silica tips that break 
off when you touch them, 
releasing chemicals that sting 


Sand is mostly tiny 
grains of quartz that have 
broken away from rocks. 


This purple form of 
quartz gets its colour 
from iron impurities. 


About 90 per cent of the minerals that make silica. It is also the most common substance in 

up Earth’s rocks contain silicon, a common sand. Amethyst is a type of quartz. Quartz 

element in our planet’s crust. Nearly all silicon deposits are widely found in rocks such as granite 

minerals are compounds of silicon and oxygen, and sandstone. A valuable type of silica is opal, 

known as silicates. The most common silicate is which is used as a gemstone. The clays used to 
146 | quartz, the mineral form of silicon dioxide, or make pottery and ceramics are also silicates. 


Uses 


Opal is 

a jewel 
containing 
both silicon 
oxide and 
water 
molecules. 


Screens of silicon-based 
smoke can be used in battles. 


A Solar panels 


N 


—a 
5 


The engines run on electricity 
produced using sunlight. 


Ceramic is 

made of a silicon- 
based clay that 
has been shaped 
and permanently 
hardened by heat. 


One of the most important uses of silicon is in 
electronics. Thin slices called silicon wafers 
drive electronic circuits. This versatile element 
is also used to turn sunlight into electricity in 
solar panels. Artificial silica is used to create 
aerogel, a lightweight but tough substance 


Silicate aerogel in 
an experiment 


U SILICON IN SPACE 


Earth and Mars contain similar amounts of 
silicon. This element forms on the outer layer, 
or crust, of both planets. In contrast, the Moon 
is almost half silicon. Astronomers think this 
tells us that the Moon was formed from Earth's 
surface after an asteroid smashed into our 
planet about 4.4 billion years ago. 
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Mars Earth Moon 
21% silicon 27.7% silicon 45.5% silicon 


Sunlight-powered plane 


4 


es 
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This silicone tray is soft, 
but it does not melt in the oven. 


Aerogel conducts 
the heat from the 
flame poorly, 
preventing 

it from passing 

to the flower. 


This silicone 
band is flexible 
and strong. 


that does not conduct heat well. It is used in 
fire-fighting suits, and prevents flames reaching 
a firefighter. Another silicon compound is 
silicone, which can be moulded into any 
shape, and is used in a wide range of 

products from baking moulds to watches. 
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DM Germanium 


Forms Uses 


State: Solid 
Discovery: 1886 


The Carbon Group 


This sulfur 
mineral is rich 


The germanium 
in germanium. £ 


oxide in the glass 
of this lens bends 
surrounding light 
from a large area 
into the camera. 


This microchip 
is made of silicon 
and germanium. 


@ eee 
i 
i 
a 
EN Germanium 
kæ : : 
EN 9 is found in the 
O, 
8 atmosphere 
E! i 
; of Jupiter. 
a H 
O 
Kæ 
Q ' 
f= 
pl 
oOo ; 
z 
Y) This car contains a 
The pure form re ge . ermanium-based sensor 
is shiny like a Disc of EE E an od a ea its distance 
; : im a lapor 
metal, but brittle. refined iii rato ry from obstacles. 


This semi-metal is named after the but this element is mainly extracted from the 
country Germany. lt was discovered there ores of silver, copper, and lead. One of its 

in 1886 by chemist Clemens A Winkler, nearly compounds, germanium oxide, is used in wide- 
20 years after Russian chemist Dmitri angle camera lenses. It is also used in some 


Mendeleev predicted its existence and properties. microchips and in a number of car sensors 
148 | Germanite is a mineral rich in germanium, that aid in navigation. 
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This pale, silvery 
metal is easily moulded. 


This shiny alloy 
contains around 90% tin. 


The large pipes of this organ 
are made of tin and lead. 


IJ 19IM94 


SULINSI 


Tin plating over steel 
makes the can more 
resistant to corrosion. 


The tin plating on this 


Tin whistle steel whistle prevents rusting = RS ARANA 
— — Pipe organ 
Tin was one of the first metals used plating steel objects, such as cans, to stop 
by humans. As long as 5,000 years ago, them corroding. A compound called tin 
tin was mixed with copper to make bronze, chloride is used for dyeing silks. This metal 
an alloy that was stronger than either pure continues to be used in a variety of tough 
metal. The ore cassiterite is the main source alloys, including pewter, soft solder, 


of pure tin. Uses for tin are many, including and bronze. 149 
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The Carbon Group 


150 


The prism-like crystals 
of this mineral contain 
a lead-sulfur compound. 


Uses 


This crystal glass sparkles more 
than regular glass because 
it contains lead oxide. 


Rust-resistant pipe 


The chemical symbol for lead, Pb, 
comes from the Latin word plumbum. 


This is where the word “plumber” comes from: 


in ancient Roman times, water pipes used in 
plumbing were made from this soft metal. 
Lead compounds are found in the minerals 


This soft, crumbly mineral 
is made of lead chromate. 


State: Solid 
@ 82 @ 82 © 126 Discovery: Ancient 


Ç This mineral has a 
Me » bright, silvery shine. 


| E 
(D 
pay) 
a. 
O 
e] 
El For many 
= years, lead and 
A ya y 
/ tin were thought to 
UY 
= be different forms 
a 
E- of the same 
metal. 


crocoite, anglesite, and galena — the main 
source of pure lead. Lead was used far 

more commonly in the past as an important 
ingredient in paints, hair-dyes, and insecticides. 
A common historical use was in glassware. 

It has limited applications today. Lead can 


114 0 | 
Pure strip of lead refined r 


This machine 


produces flerovium 
by smashing | 
together atoms f | 
of calcium and / 


This pure form 
of the metal has 
a dull grey colour 


State: Solid 
@ 114 8 114 O 175 Discovery: 1999 
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plutonium. 
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These pale crystals 
on the galena are 
a calcium mineral. Particle accelerator at Joint Institute 


for Nuclear Research, Dubna, Russia 


Flerovium takes 

its name from the 
Russian scientist 
Georgy Flerov. He 
founded the Joint 
Institute for Nuclear 
Research in Dubna, 
Russia, where this 
element was first 
produced in a particle 
accelerator (a machine 
in which atoms are 
smashed together). 
Flerovium is highly 
radioactive and its 


Flashings, 

or “lead sheets”, 
cover exposed 
corners on roofs 
to make them 
waterproof. 


Flashings 


because it absorbs radiation. It 1s 
also used in welghts for diving, car 
batteries, and bendy “flashings” 
for sealing roofs. Lead fell out of — atoms last for only 

favour because it turned out to —— a few seconds before 

be poisonous. Georgy Flerov breaking apart. 151 
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below 1 MQ. 

14 Figure 4.8 shows a circuit using both R 
1 and R2. Note that the circuit includes a 
two- position Switch that you can use to turn 
the transistor ON or OFF. 


Figure 4.8 
Ry 
+ 
Ra 
Questions 
A. As shown in Figure 4.8 , is the transistor 
ON or OFF? 


B. Which position, A or B, can cause the 
collector current to be 0 amperes? 


Answers 

A. ON—the base-to-emitter diode IS 
forward-biased. Therefore, base current can 
flow. 

B. Position B—the base is tied to ground. 
Therefore, no base current can flow, and the 


transistor IS OFF. 


48 Mal CA El E 103 E 
ALAN 
¿MIMO 
$70 EE e e 
wa a A 
S fh UE 
eae ei 
ete eT.) 
URREAN 
Aawe | 
Ki a i a a A 
A SS 
A ft to 


Atomic structure Physical properties 
Members of this group have All the members are solids, 
atoms with five electrons in except nitrogen (N). The density 
the outer shell. These atoms of elements increases down the 
can form up to three bonds group: bismuth (Bi) is 8,000 


at the same time. times denser than nitrogen. 


Chemical properties 
Phosphorus (P), which 
exists in two main forms, 
is reactive, but the 
others in this group 
are fairly stable. 


Compounds 
When reacting with three 
hydrogen (H) atoms, all 
members of the group 
form reactive gaseous 
compounds called hydrides. 


N = 
7 1 State: Gas 
07 807 O7 Discovery: 1772 
OS 
moon has an atmosphere 


containing 48% nitrogen. 


Liquid nitrogen 


The Nitrogen Group \ 


This clear and 
colourless liquid 


Md A forms when nitrogen 
e ag YH is cooled to below 
— 105 "C (319°). 


Pure nitrogen gas a Nitrogen gas gives 
is trapped inside off a purple glow 


this glass sphere. when electrified. 


This is a naturally 
occurring form of 
sodium nitrate. 


” 
|. Bacteria living 4 4 E 
j . e F% inside plant roots Rr 
PERAZA fon teat jor 
Microscopic image SAAR 
of root nodule 
Nitrogen surrounds us all the time because Nitratine is one of the few minerals rich in 
it is the transparent gas that makes up nitrogen. Some useful nitrogen compounds 
nearly three-quarters of Earth’s atmosphere. can be made by industrial processes. A group 
Since pure nitrogen does not react easily, of nitrogen compounds is used in explosives, 
its liquid form can be used to freeze and including TNT and nitroglycerine. When 


154 | preserve items such as blood and tissue samples. ignited, they explode because the bonds 


This lander used 
U ses 12 hydrazine-powered 


thrusters to land on Mars. 
Trinitrotoluene (TNT) 


does not explode below 
240°C (464°F). 


TNT 


Phoenix Mars Lander 


Nitroglycerine 
can be used 
to treat heart nitromethane to fuel 
conditions. fl i their powerful engines. 


Motorcycles use 


These nitrogen-based azo dyes 
are often used to colour textiles. 


Aeids 3ULISIÁ[SO.1)1 N 
Textile dye 


Drag bike 
Superstrong glues contain small 
nitrogen compounds that link together. 


NITROGEN CYCLE 


Nitrogen is essential for life. The nitrogen cycle is a process 
that constantly recycles nitrogen between Earth’s atmopshere WET WT. O 
and all living things. | 
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Super glue 


These fertilizers contain compounds called 
1. Lightning turns nitrogen ammonium nitrates that promote growth in plants. 


in the air into nitrogen 


i compounds, which dissolve . 

AA salle 5. Bacteria break apart 
re E in rainwater and fall 
ES, sag ness ad nitrogen compounds in 

h . A i 
o ae y HA 8 the soil, returning pure 
o % á . . 
OR nitrogen into the air. 


2. Bacteria in the soil 3. Animals take in 4. Fungi, such as 

and plant roots produce nitrogen compounds mushrooms, break 
nitrogen compounds when they eat, and down dead plants and 
from pure nitrogen release it in their dung. animals, which release 

in the air their nitrogen compounds 


back into the soil. 


Nitrogen fertilizer 


between nitrogen atoms detach very quickly. Some nitrogen compounds are put in dyes and 
Nitrogen fuels, such as nitromethane, are used glues. An industrial technique called the Haber 
in drag bikes, providing a lot more power than process turns nitrogen and hydrogen gas into 
carbon-and-hydrogen only fuels, such as petrol. ammonia, a liquid commonly used to make 


The compound hydrazine is used in thrusters on nitrogen fertilizers. When mixed with soil, 
spacecraft, such as the Phoenix Mars Lander. these fertilizers boost plant growth. 
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D R AG R ACI N G Zooming along a dead straight track, these all-powerful 
dragsters accelerate all the way to the finish line. They 


contain massive engines filled with an extra-powerful fuel called nitromethane, which is often 


shortened to “nitro”. Burning eight times faster than regular petrol used in most cars, this 
super fuel can push dragsters to speeds in excess of 480 km/h (300 mph). 


Nitromethane contains carbon, hydrogen, and nitrogen, 
but it is the latter element that really gives this fuel its 
immense power. During the process of combustion — when 


oxygen is mixed with the fuel in the race car's mighty 
engine — nitromethane burns so violently that nitrogen 
escapes from the fuel and returns to its pure form. This 
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chain of events leads to a release of energy, which 
propels the dragsters to breakneck speeds. Although 
these races are an incredible spectacle to behold, 
driving using nitromethane can be dangerous due to 
the explosive nature of nitrogen when used in this way: 
drag racers are taking a risk to win. 


Deep phosphate mines 
make up 80% of this 
tiny Pacific island. 


State: Solid 
Discovery: 1669 


hosphorus 


¿y mite p 


This is the most 
common form of 
the pure element. 


This element 
= remains stable 


. — in water, but 


catches fire on ‘A 2 
contact with air 4 == PER 


All bones, including those 
in the skull, are hardened 
by calcium phosphate. 


This purple colour 
of the crystals is due 
to metal impurities. 


This fish is rich 
in phosphorus. 


This form of phosphorus 
is made in a laboratory by 
heating red phosphorus. 


Phosphorus was accidently discovered by substance, which he called phosphorus, 

German alchemist Hennig Brand. In 1669, meaning “giver of light”. Phosphorus is 

in his quest for the mythical Philosopher's Stone the first element to have a discoverer 

(a material some believed could turn any metal with a recorded name. It is never pure in 

into gold), he boiled a large pot full of urine for nature, and occurs in different minerals. 
158 | days. This produced a mysterious glowing Phosphorus has several flammable, 


i LIFE’S BUILDING BLOCKS 


DNA -= short for deoxyribonucleic acid — is like a mini 
i database packed with instructions telling your body how to 
work properly. It consists of a chain of molecules and looks 


Eoee This light, strong like a twisted ladder called a double helix. The edges are sugar 
. i china contains molecules linked together by units containing phosphorus. 
calcium phosphate. 
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These flexible fibres are 
composed of phosphate-rich glass. 


Safety match POX 


China tea set 


The striking <a 


surface on the ES ES 
sides of the box ; > 


contains phosphorus, 
which ignites the 
match upon contact. 


Spraying ammonium 
phosphate over burning 
material cuts off its supply of 
oxygen. This extinguishes the fire. 


Spraying crops 
with phosphates kills 
pests, such as insects. 
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This fertilizer contains 
ammonium phosphate to 
boost plant growth. 


Pesticides 


Phosphates are present in fine china, and 
are an important ingredient in fertilizers. 
The strips on the sides of safety match 


solid forms, including red, white, black, and 
violet. The glow seen by Brand was caused 
by white phosphorus reacting with oxygen. 


Phosphorus is mainly found in phosphate 
minerals (in which phosphorus links to 
oxygen), such as apatite, its main ore. 


boxes contain pure phosphorus. More 
complex phosphorus compounds used 
in pesticides are poisonous. 159 
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The Nitrogen Group \ 


Until the 1800s, 
this mineral was 
powdered for use 
in paints. 


This ore is found in 
hot volcanic springs. 
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Uses 
When 
This tip This poisonous arsenic heated, 
is an alloy compound kills rats. z 9 
o asni arsenic doesn’t 
and lead. s melt, instead it 
Şi 5 turns into 
= Q, g, 
A N 
A v > a gas. oO. The electrodes 
ee Dar Dx aches 
if C o inside this battery 
me -2 Y | contain arsenic. 


occurring pure arsenic has a shiny, grey colour. 
Arsenic compounds are used in making some 
rat poisons. The leading use of arsenic today 
is for strengthening lead. This is done by mixing 
arsenic with lead to create a tough alloy that is 
often used in car batteries. 


Arsenic is often called the “king of poisons”. 
Every form of arsenic — either pure or in a 
compound — is poisonous to animals. In fact, 
arsenic poisons have been used for centuries. 
This semi-metal is found in several minerals with 
160 | striking colours, including orpiment. Naturally 
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Forms This mineral U ses 


tarnishes on 
contact with air. 


These needle- 
Jam es like crystals 
iia O, . contain antimony, 


lead, and iron. 
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These metallic 
letters are used 
by some printing 
presses, and 

are made of an 
antimony-tin alloy. 
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Printing press metal type 


This silvery 
semi-metal is 
hard but brittle. 


pure Se These matches with antimony in the tip 
burn brighter than the ones without it. 


LAA 


Kohl is a dark 
eyeshadow 


Kohl makes 


3 it easier to 
3 P See in strong 
a F sunlight. 
 \ 
a j 
4 
Antimony gets its name from the Greek the Latin word for kohl, a form of eye make-up. 
word anti-monos, meaning “not alone”. The mineral ore stibnite is the largest source of 
This may refer to the fact that the element is pure antimony. lts pure form is mostly used to 
never found pure in nature, but is always found make hard alloys, such as that in the metal type 
combined with heavier metals, such as lead. used by some printers. Ancient Egyptian kohl 


The element's symbol, Sb, comes from stibium, was made from powdered stibnite. 161 
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Hopper crystals refined 

These rainbow colours form Ina laboratory 
when the metal on the surface 
begins to react with oxygen. 


This mineral is 
the main source 
of pure bismuth. 


The Nitrogen Group 


In Earth’s 

crust, bismuth is 
about twice as 
abundant 


> Tals 
AA 


These bismuth crystals were 
produced in a laboratory. 


ancient Egyptians used a bismuth mineral 

to make their cosmetics glittery. Pure bismuth 
forms an oxide in air that is seen as colourful 
crystals called hopper crystals. This element 
is very brittle and has few uses when not 

in a compound form. Yellow bismuth 


Bismuth is a radioactive element but 
its atoms are relatively stable and last 
for millions of years. People have known 
about bismuth for centuries. The Incas of 
south America added it to weapons made 
162 | of the alloy bronze to harden them, while 


Why Transistors Are Used 
as Switches 


15 You can use the transistor as a switch 
(as you saw in the previous problems) to 
perform simple operations such as turning a 
lamp current on and off. Although often used 


between a mechanical switch and a lamp, 
there are other uses for the transistor. 

Following are a few other examples that 
demonstrate the advantages of using a 


transistor in a circuit as a switch: 
Example 1 —Suppose you must put a lamp 


in a dangerous environment, such as a 
radioactive chamber. Obviously, the switch to 
operate the lamp must be placed 
somewhere safe. You can simply use a 
switch outside the chamber to turn the 


transistor switch ON or OFF. 

Example 2 —lf a switch controls equipment 
that requires large amounts of current, then 
that current must flow through the wires 
that run between the switch and the lamp. 
Because the transistor switch can be turned 
ON or OFF using low voltages and currents, 
you can connect a mechanical switch to the 


transistor switch using small, low-voltage 

wire and, thereby, control the larger current 
flow. If the mechanical switch IS any 
distance from the equipment you're 


controlling, using low-voltage wire can save 


This cold box uses a compound 
called bismuth telluride, which 
becomes cold when electrified, 
and keeps items cool. 


Portable refrigerator 


This nail polish 
gives a pearly 
effect because 

of bismuth 
compounds. 


Yellow 
cosmetics 


e This medicine contains 

yr a bismuth compound 
ee that helos settle an 

upset stomach. 


Unlike most 
elements, 
bismuth’s liquid 

state is heavier 

than its solid. 


air TR SRAT TOA 


Digestive 
medicine 


pigments are used in paints 

and cosmetics, while several 
bismuth compounds are also 

in medicines. An alloy of 
bismuth and tin is an ingredient 
in fire sprinklers. 
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This is one of the 
machines in this 


State: Solid (predicted) | research centre. 
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Joint Institute for Nuclear Research, Dubna, Russia 


Only about a hundred or so atoms of this heavy, 
artificial element have been made. Moscovium 
was first created at the Joint Institute for Nuclear 
Research in Dubna, Russia. A team of Russian 
scientists, led by Yuri Oganessian, created this element 
by smashing americium atoms with parts of calcium 
atoms. It is named after the Russian capital city of 
Moscow. This element is extremely radioactive, and 
its atoms break up within a fraction of a second. 
scientists think that moscovium would be a dense, 
metallic solid but with such small samples, they 

can only measure how big the atoms are before 


they break up. 
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Atomic structure Physical properties Chemical properties Compounds 
All members have six The members of this group are The reactivity of these These elements can form 
electrons in the outer shell solids, except oxygen (0), which elements decreases down compounds with each other. 
of each atom. This electron is a gas at room temperature. the group. Oxygen is always They all react with carbon (C) 
structure makes these The density of the elements involved in the process to form compounds, some 


elements highly reactive. increases down the group. of combustion. with strong smells. 
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Streaks of light adorn the sky as 

This glass sphere atoms of oxygen in the air are hit by a 
traps pure oxygen, stream of particles blasting from the Sun. 
which produces a 
silver-blue glow 
when electrified. 


The Oxygen Group 


Northern lights 


Plants release 
oxygen in sunlight. — “E 


Flames are 
produced when 
oxygen reacts with 
fuel, such as wood. 
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WHAT IS COMBUSTION? 
Each water 
molecule has two o, , 
atoms of hydrogen Combustion is a chemical reaction that A beaker is placed over 
and one of oxygen. produces heat and light. Oxygen is essential a candle, starving the 
flame of oxygen. 


for combustion to take place. 


` í ] The flame is steady Y 


in the presence of oxygen. ___ The flame goes out 
Å when the oxygen 


| supply is cut off. 


Water 


Candle wax is made of a 
flammable carbon compound, 
which acts as a fuel. 


Oxygen is the most common element in oxygen for survival. Animals breathe in air to 
Earth’s crust. Oxygen and its compounds make collect the oxygen in it. Our bodies” cells then use 
up half of all rocks and minerals on our planet. that oxygen to break apart sugars to release 

In the atmosphere, pure oxygen makes up energy, which powers our bodies. Another 
around one-fifth of the air This element is a process that involves oxygen is the burning 


166 | transparent gas. Life on Earth depends on reaction called combustion, in which oxygen 


Uses 


The piston then squeezes 
the mixture of oxygen 
and fuel. 


This cylinder takes in 
oxygen along with the fuel. 


that prevents as a gas, but looks 
water from p ale blue 


freezing in fies. 
an engine. asa liquid. 


Mountaineers have to adjust 
slowly to changing levels of 
oxygen as they climb higher. 


Medical 
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Mountaineer with oxygen supply 


reacts with a fuel and produces fire. Oxygen is 
also used up when it reacts with other elements 
to form compounds called oxides. However, it is 
replenished by plants through a process called 
photosynthesis, which releases fresh oxygen. 
Car engines are powered by the combustion 


impurities that are burned 
away using pure oxygen. 


The up-and-down motion 
of the pistons makes the 
wheels of a car spin. 


This liquid Oxygen is 

contains 

an oxygen colourless a 
compound | 


Hot steel may have 


S. 

A 
This piston M : de hes 
is pushed a Mera | ba 
down when the Steelm aking 


mixture explodes. 


The oxygen in this cylinder 
can last for up to 30 minutes. 


Scuba diver 
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This rocket carries liquid oxygen 
that mixes with the fuel to produce hot 
gases, which help the rocket lift off. 
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The oxygen 
in this 
cylinder 
is given to | — 
patients in ; 
controlled Y 
amounts. | j = 
3 
gas-oxygen j | 
mixture burns = 
hot enough to a 
melt metal. E 
of petrol or other fuels. Oxygen is also useful 
in the making of steel. Tanks of oxygen let 
mountaineers breathe easily in environments 
that have low levels of this gas. Rockets, such 
as the Atlas V, carry liquid oxygen to burn fuel 
in the absence of air in space. 167 
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l Sulfur 


These yellow sulfur crystals 


Forms often attach to volcanic mud. 


Hydrogen sulfide 
bubbles form in 
volcanic mud. 


OUBIJOA 
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Known since ancient times, sulfur is one of 
the few non-metals that can be found pure 
in nature. This yellow, crystalline element is 
found in large amounts near volcanic craters. 
Another name for sulfur is “brimstone”, which 
refers to the way its crystals burn, melting into 


State: Solid 
@ 16 B16 © 16 Discovery: Prehistoric 


This grey-blue 
crystal contains 

a sulfur compound 
called strontium sulfate. 


Liquid sulfur 


Hot liquid sulfur is 
pumped up from an 
underground mine. 


Soft, brittle granules 


Skunks release a Y 
foul spray that £ Š ) 
contains three o = Ñ 
kinds of sulfur \ 
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Cut onions release 
sulfur compounds that 
make our eyes water. 


a blood-red liquid. In some religions, brimstone 
is thought to be the fuel that burns in the 
underworld. Pure sulfur is extracted from 
underground deposits using hot water. The hot 
liquid sulfur is then pumped to the surface. 
This element is a common ingredient in many 


erved dried fr Uiz When burned, sulfur in this 
P Y, $ candle drives away pests. 


PL Uses ase? 


Vulcanized rubber — made 
by heating sulfur with natural 
rubber — is weatherproof. 1513 
GREENHOUS 
~ SULPHUR CANDL 


e GREENHOUSE 
\ DISINFECTANT 
\ ake 


Some dried fruits are preserved using 
powder containing a sulfur compound. 


Sulfur candle 
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< 
z or . 
> Sulfur dioxide gas produced by burning fuel 
= dissolves in rain water, making a sulfur acid. 
N This falls to the ground as acid rain. 
© 
Q. 3. Sulfur dioxide 
< 2. The wind mixes with water in 
Pri 1. Burning coal carries pollutants. clouds and forms 
in power stations a sulfur acid. 
releases sulfur | = 
dioxide. | «A 
& x 4 
— / $e ) = O 
iz e 4. Acid rain LT t. 


Creams that contain © corrodes buildings ` 
and harms plants. 


sulfur compounds 
can disinfect skin. 
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This plant a 
emits a 6. It also makes 5. Acid rain changes 
‘rotting smell Clear asil rivers and lakes acidic. soil chemistry. 
| to attract TRA 
meat-eating | 
y insects. > This battery contains 
| En Pa strong sulfuric acid. 
me = This limestone 
/ e Q 
> a sculpture has 
o id been weathered 
c “a by acid rain. 
E 


Acid rain Some antibiotics contain 
destroys sulfur compounds that kill 
harmful bacteria. 
forests by 
removing nutrients sulfur acid 
in the soil and in rain damag m 
the leaves. Be EE 
PE A 
minerals, such as celestine. Many sulfur flower There are many uses for this non-metal. 


compounds smell bad. For example, the rotten- Its compounds can harden natural rubber for 

egg smell of volcanic pools is due to hydrogen use in tyres, preserve dried fruits, and make 

sulfide gas. Other examples include skunk strong battery acids. The element has anti- 

spray, the gaseous substance emitted by chopped bacterial properties and is used in antibiotic 

onions, and the odour of the titan arum medicine, such as penicillin. 169 
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This hot spring in Africa's Danakil 


DANAKIL DEPRESSION 5:;:.::i.: «:0.n:2: by yellow 


crust of pure sulfur. The sunken region between Ethiopia and Eritrea in East Africa is a wild 


volcanic area, packed with erupting craters, arid deserts, boiling mud, and pools with unusual 
colours caused by the presence of sulfur and many mineral salts. 
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At more than 100 m (330 ft) below sea level, the Danakil 
Depression is one of the lowest points on Earth s surface. 
This area receives little or no rainfall and the weather is hot 
and dry, with temperatures soaring above 50°C (120°F). 
The scalding green water of the springs inside the 
depression contains pure sulfur as well as a toxic sulfur 


compound called sulfuric acid. As the water evaporates, 
sulfur deposits build up around the edges of the pools, making 
beautiful shapes across the vast landscape. Tourists visit 

to marvel at the remarkable sights at Danakil, even though 
the inhospitable conditions in the area give it the title 

of the “cruellest place on Earth”. 
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Se 


Forms 


This form of 
the element has 
a metallic sheen 
on its surface. 


elenium ~“ .. 
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O a food source 
e ra of selenium. 
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contain selenium elianite 
es? 
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D = These dark areas 
23 
<c and copper. 
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Uses Photocopier 
This bright colour . 
. comes from the red E oo 
This calculator is powered selenium in the glaze. 
by a solar cell made of , 
selenium and nickel. YL f 
Y 
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Ui 
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z Many office 
E: photocopiers 
x use selenium in 
mn powdered form. 
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a ll 
Calculator < 
A selenium compound in 
this shampoo treats dandruff. Z 


Selenium is named after Selene, the Greek 
goddess of the Moon. This element is a 
semi-metal and so has the properties of both 
metals and non-metals. Selenium has two main 
pure forms: grey selenium, which is a hard 


powder. The most common use of selenium 
is as an ingredient that provides colour in 
glass and ceramics. Selenium is sensitive 
to light, so it is used in solar cells that convert 
sunlight into electricity. It is also utilized in 


substance, and red selenium, which is a soft photocopy machines. 


you time and money. 

Example 3 —A major problem with switching 
high current in wires is that the current 
induces interference in adjacent wires. This 
can be disastrous In communications 

equipment such as radio transceivers. To 
avoid this, you can use a transistor to 
control the larger current from a remote 
location, reducing the current needed at the 
switch located in the radio transceiver. 

Example 4 —In mobile devices (Such as a 
radio-controlled airplane), using transistor 
switches minimizes the power, weight, and 
bulk required. 

Example 5 —When you use a sensor to 
activate devices, the sensor provides a low 
current to the transistor, which then acts as 


a switch controlling the larger current 
needed to power the equipment. An 
everyday example is a sensor that detects 
a light beam across a doorway. When the 


beam is blocked by a person or object 
passing through, the sensor stops 
generating a current, switching a transistor 
OFF, which activates a buzzer. 

Question 

What features mentioned in these examples 
make using transistors as switches desirable? 
Answer 

The switching action of a transistor can be 
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Forms Uses 
This metallic crust 
. This ore is a soft contains tellurium, 
elonite but dense solid. gold, and silver. 
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These glass fibres 
contain tellurium. 
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This deep red 
colour comes 


ior cc 


E tellurium. 


This semi-metal can form 
silvery white crystals. 


ium crystals refina a 


TER GRAS. Tellurium 
RS: protects 
bronze from 
corroding 


easily in air. 


Red-tinted glass bottle 


The solar panels are 
linked to power cells 
containing tellurium. 
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Tellurium is one of the 10 rarest elements product when lead and copper are refined. Pure 
on this planet. It gets its name from the Latin tellurium can take on two forms: a shiny, metallic 
word tellus, which means Earth. This element is solid or a brown powder. This element is mainly 


often found as a compound with another element, used in the glass of fibre optics, which carry 
such as the metal nickel, as in the case of the ore high volumes of information much faster than 
melonite. Tellurium is also produced as a waste copper cables. 173 
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Po 


State: Solid 
Os: @84 © 125 Discovery: 1898 


Polonium 


Forms 


This 
uranium ore 
contains 
0.0000001 
per cent 

polonium. 


This mineral 
contains uranium 
atoms that break 
apart to form 


This robotic lunar buggy 
was kept warm on the Moon's 
surface by the heat produced 
by the polonium inside it. 


ysniq 
91383S-1]UY 


This brush is used to This bomb can be 
remove Static electric detonated when the 
charge from camera polonium inside it ignites. 

lenses and music records. 
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Polonium is very radioactive: 1 g (0.03 oz) and is normally produced in nuclear reactors. 
of this metal quickly heats up to 500°C Despite its radioactivity, this element is used 
(932°F) because of the radiation it emits. in a few ways. It can trigger the explosion of 
This element was discovered by Marie and atom bombs. It heats and powers spacecraft, 
Pierre Curie in 1898. Marie named it after such as the Russian Lunokhod rovers, which 
Poland, her homeland. It is rare in nature, landed on the Moon in the 1970s. 
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State: Solid 
Discovery: 2000 
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Livermorium 
has been 
named 
after this 
laboratory. 


Heavy ion cyclotron, 
Joint Institute of Nuclear Research, Dubna, Russia 
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Lawrence Livermore National Laboratory, California, USA 


When livermorium atoms were first with material provided by the Lawrence 
produced in 2000, they broke apart in Livermore National Laboratory in California, 
a fraction of a second. The first successful USA. This highly radioactive element was 
attempt to create atoms of this element was produced by firing calcium atoms at curium 
made at the Joint Institute of Nuclear atoms in a particle accelerator (a machine 


Research at Dubna, Russia. The team worked in which atoms are smashed together). 175 
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One of the most reactive groups in the periodic table, this set includes 
non-metals. The name “halogen” means “salt former”, which refers 

to the way that elements in this group react with metals to form salts, 
such as sodium chloride, widely known as common salt. Scientists 
don't know much about tennessine (Ts), an artificial halogen. 


Atomic structure 
All members have seven 
electrons in the outer shell 
of each atom. There is space 
for one more electron in 
each outer shell. 


Physical properties 
Bromine (Br) is the only 
halogen that is liquid. 
Fluorine (F) and chlorine 
(Cl) are gases, while iodine 


and astatine (At) are solids. 


Chemical properties 
Every halogen atom 
receives one electron from 
other atoms to form 
a compound. Reactivity 
decreases down the group. 


Compounds 
The halogens react with 
hydrogen (H) to form acidic 
compounds. Halogen 
compounds are used in 
products such as bleach. 
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Laboratory sample 


> rs This soft mineral is 
brittle, which means it 
breaks easily into lots 
of pieces. 


A Hw , AS Y A AS 
Eo ER Ce Y AA This sealed case 
ES D ay E L Aa T O contains a mixture of 
YD e opaz 
/ Y P NK fluorine and helium. 
/ means \ 
“fire” inthe | 


| | 
ancient Indian | | 
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UN language of J) 
DN Sanskrit. SN 


Cryolite 
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These cubic p. l 


crystals are green 
due to impurities. 


Topaz 


E : y 
This precious gemstone A 
contains 20.7% fluorine. 


| 


This highly reactive element is incredibly 1s often stored in nickel containers that can resist 

dangerous when pure: just a tiny amount 1ts attack. Minerals such as cryolite and fluorite 
added to the air can kill a person. A pale contain this element. This gas and its less 

yellow gas, fluorine reacts with brick, glass, harmful compounds have a wide variety of uses. 

and steel, burning a hole straight through Hydrofluoric acid is a toxic liquid used to etch 


them. Because it is so dangerous, pure fluorine patterns on glass, as seen in some glass vases. 


AEE o 7 In the early 1800s, 
Re These circuit breakers, containing a chemists in Europe 


compound of fluorine and sulfur, cut 
electricity supply in an emergency. realized that minerals 


such as fluorite 


contained an unknown —| 
element. However, it -a 
asm a took another 70 years Sa 
> O 
"Y | before the French = 
UN _ ga chemist Henri Moissan ta 
E extracted pure fluorine S 
\ > 3 following a series of Ta 
\ = dangerous experiments = 
| š that even poisoned o 

him several times. 
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Fluorine-rich plastic 


Circuit breakers 
clothing repels water. 


These patterns 

form after the Ceramic pot 
surface of the glass 
is burned by an 
acidic fluorine 
compound. 


The shiny coating 
on this ceramic dish 
is from a fluorine- 
containing glaze. 


Upon injection, 


Waterproof clothing 


this fluorine- 

PTFE rich liquid heals 
damaged tissues 

was used by by carrying 


oxygen to them. MM 


NASA to make 
spacesuits 
because it protected 
against heat. 


= par E A 
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Oxycyte 


This pan has a PTFE 
coating that resists heat. 


Some toothpastes contain 
fluorides that harden tooth enamel. 


Non-stick pan Toothpaste 


slippery and prevents food that has burned while 
cooking from sticking to the pan. Thin fibres 

made of PTFE are also used to make lightweight, 
waterproof clothing. One of the most common 

uses of fluorine compounds is in toothpaste: 

they toughen teeth against decay. 179 


Some glazes used to coat ceramics contain 
fluorine minerals. When heated, these glazes 
release fluorine, which hardens the ceramic 
underneath. Another compound called 
polytetrafluoroethylene (PTFE) is commonly 
used to make non-stick pans: this material is 
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W Chlorine 


Forms i 


AA 


This orange colour is 
due to the presence of 
the mineral hematite. 


`“ 


E 
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Cube-shaped crystals | 


The intense red 
colour is due 
to impurities. 


Chlorine is named after the Greek word 
chlóros, which means “pale green”, a reference 
to the colour of this gaseous element. Chlorine 
is a highly reactive gas that forms a number of 
compounds, and does not exist pure in nature. 

The most common chlorine compound is sodium 


State: Gas 
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The skin of this tree frog 
contains a chlorine compound. 


This glass sphere 

traps pure chlorine 
so as to prevent any 
reactions with air. 


Pure 
chlorine 
is heavier 
than air. 


chloride, found in nature as the mineral halite. 
Chlorine compounds are important for the body 
and are used by muscles and nerves. They are also 
present in sweat. As it is poisonous in its pure form, 
chlorine gas was used as a weapon during World 
War I: soldiers had to wear masks for protection 


o o 


IIc 2% = i A 
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Y . The soles of some 
running shoes 
contain chlorine 
compounds. 


Sodium chloride is 
used to season meals. 


a This chlorine-rich 
O Breathing in plastic is tough. 

4 : é 
mm this chlorine- 

5 infused liquid 

r= makes people 

Q 


fall unconscious. 


The chlorine levels in this pool 
need to be regulated carefully to 
maintain the quality of water. 


Swimming pool 
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against this weapon. ‘Today, chlorine is used in 
many ways. Its compounds are present in 
everything from running shoes to choloroform. 
It reacts with hydrogen to make hydrochloric acid, 
an industrial cleaner. This corrosive liquid eats away 
at most metals, releasing hydrogen gas. A weaker 


Common salt 


Ll CHLORINATION 

The process of cleaning dirty water with 
chlorine is called chlorination. This method 
involves passing the water through a filter. 


1. Dirty water 


enters the tank. « 3. Chlorine mixed 


in water kills the 
remaining germs. 
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2. The filter traps 
tiny particles 
of impurities. 

4. Clean water for 

drinking, cooking, and 

washing is released. 


PVC pipes 


Strong water 
pipes are composed 
of thick PVC. 
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This case 
is tough 
but flexible. 


This bleach 
cleaner 
contains a 
compound 
called sodium 
hypochlorite. 


chlorine acid is used to clean water in swimming 
pools, while bleach and other cleaners use 
chlorine compounds to kill germs. One of the 
most widely used plastics, polyvinyl chloride 
(PVC), contains chlorine. It is a tough plastic, 


used to make many rigid objects. 181 


0 C E A N C | > A N U Chlorine is a common ingredient in cleaning products, 
and can be used for scrubbing everything from 
bathroom tiles to ocean floors. These divers are trying to remove harmful seaweed in the Mediterranean 


Sea using the power of chlorine. This green weed grows quickly and can potentially kill other sea plants 
by depriving them of their essential nutrients. Some fish are also poisoned if they eat this toxic weed. 


directly controlled by an electrical signal, as 
well as by a mechanical switch in the base 
circuit. This provides a lot of flexibility for the 
design and allows for simple electrical control. 


Other factors include safety, reduction of 
interference, remote switching control, and 
lower design costs. 

16 The following examples of transistor 
switching demonstrate some other reasons for 


using transistors: 
Example 1—You can control the ON and 


OFF times of a transistor accurately, 
whereas mechanical devices are not 
accurate. This is ¡important in applications 
such as photography, where it is necessary 


to expose a film or illuminate an object for 
a precise period of time. In these types of 
uses, transistors are much more accurate 
and controllable than any other device. 

Example 2 —A transistor can be switched 
ON and OFF millions of times a second and 


will last for many years. In fact, transistors 
are one of the longest lasting and most 
reliable components known, whereas 
mechanical Switches usually fail after a few 


thousand operations. 
Example 3 —The signals generated by most 


industrial control devices are digital. These 
control signals can be simply a high or low 
voltage, which is ideally suited to turning 


transistor switches ON or OFF. 


The two divers use chlorine twice in the cleaning seaweed. Several weeks later, the divers return to remove 
process. First, they cover the thick seaweed with the PVC sheets. The invading seaweed will not regrow, 
a sheet made of PVC, a tough plastic containing and the plants on the seabed will gradually return. Although 


chlorine. Next, they pump a compound of sodium chlorine is highly reactive and can damage skin and 
and chlorine called sodium hypochlorite under the other body parts, divers are well-protected by their 
sheet. This powerful liquid bleach kills the unwanted rubber wetsuits. 
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Forms 
Bromine vapour 
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Pure bromine is 
a red-brown liquid. 


Bromine is the only non-metal that is 

a liquid at room temperature. A thick 
vapour given off by this liquid is dangerous 
if breathed in. Pure bromine is never found 
in nature. Its compounds can easily mix in 
water, and are found dissolved in seawater 


State: Liquid 
Discovery: 1826 
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This sealed glass container 
prevents bromine vapour 
from escaping. 


Bromine à 
f is named after \ 
| the Greek word for | 
| “stench” 
because of its 


\ strong smell. J 


and extremely salty lakes, such as the Dead 
Sea in the Middle East. Solid bromine salts, 
including potassium bromide, collect as 
the water evaporates away, leaving behind 
crusts of white crystals. Bromine can then 
be extracted from the solid salts. A common 
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This bromine salt 
was used in the late 
19th century to help 
patients sleep. 


Crusts of bromine 
salts form along 
the Israeli shoreline. 


use of this element is as a disinfectant to clean 
water. It works better than chlorine in hot tubs 
as chlorine escapes into the air easily from 

the warm water The concentration of bromine 
in swimming pools can be regulated using 
chemical test kits. Bromine compounds 


Bromine chemical test kit 
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The colours on 
this test kit show 
how much bromine 


is in the water . 
Bromine 


was used as a 


weapon 
in World War I. 


$ ANTOINE-JÉRÓME BALARD 


In 1826, French chemist 
Antoine-Jéróme Balard 
discovered bromine. He 
heated seawater from 
salt marshes, and after 
most of the water had 
evaporated, he passed 
chlorine gas through what 
was left. The remaining 
liquid turned orange-red: 
this was bromine. 


extinguisher 


This fire 
extinguisher uses a 
non-flammable, 
bromine-rich gas 

to extinguish fires. 


This image was created 
when light reacted with 
silver bromide. 
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The fabric used to make 
this suit contains bromine 
compounds that make it fireproof. 


can be used in film photography in which 
images are printed using chemicals on 
negatives. Today, bromine is mainly used 
in fireproof material, such as firefighter 
suits or furnishings, because it doesnt 
catch fire easily. 
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Miodine 
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a | Forms Uses | 
Sun ~ — A 
© This sealed glass 
a container prevents 
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These lenses contain 
iodine, which filters out 
bright, reflected light. 
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Solid 
iodine does 
not melt 
when heated, but 
turns into 


vapour Purple-black solid iodine 


The bright red 
colour of these 
cherries is due to 
an iodine dye. 


This disinfectant is 
applied to wounds to stop 
the spread of infection. 


a vapour. 


Betadine 


This crab 
absorbs iodine 
from seawater. 


Iodine is the only halogen that is solid at Seafood, including crabs and fish, provide the 
room temperature. The element forms a purple element in our diet. The human body needs 

gas when heated, and is named after the Greek small amounts of iodine to make an important 
word iodes, which means “violet”. Iodine was first substance called thyroxine, which helps us grow. 
discovered in seaweed, and many plants and Iodine is also used to make printing ink, red 


186 | animals in the sea have high levels of iodine. and brown food dyes, and disinfectants. 
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Atoms of astatine are unstable, 
and typically break down after 
just a few hours, into atoms 
of lighter elements, such as 
bismuth. This radioactive 
element itself forms in a similar 
way when atoms of a heavier 
element called francium break 
apart. Tiny amounts of this rare 
element are found in uranium 
ores, such as uraninite. The 
Italian physicist Emilio Segré was 
one of the first scientists to isolate 
a sample of pure astatine. He was 
able to do so by using a particle 
accelerator: this is a machine that 
smashes together atoms and then 
studies the results. 
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Inside this mineral, unstable atoms 
of the element francium are breaking 
apart, forming astatine atoms. 
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Tennessine is the youngest element in the 
periodic table. It was produced in 2011, in the 
Russian city of Dubna. The element was named 
after the US state of Tennessee, home to the Oak 
Ridge National Laboratory, which houses one 
of the first, large-scale nuclear reactors ever built. 
Only a few atoms of this halogen element have 
ever been made. Even so, scientists have predicted 
it to be a semi-metal, not a non-metal like all the 
other halogens. 


Nuclear Reactor, Oak Ridge National 
Laboratory, Tennessee, USA 
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Krypton (Kr) 
becomes 
visible only 
when it is 
electrified. 


a LL 


0 
Atomic structure Physical properties Chemical properties Compounds 
Apart from a helium (He) All the members of this group Noble gases never reactin These gases form no natural 
atom that has two electrons are colourless gases. Going nature. In the laboratory, compounds. However, xenon 
in its outer shell, all other down the group, the density heavier noble gases (Xe), krypton (Kr), and argon 
elements in this group have increases —radon (Rn) is 54 can be forced to form (Ar) can be made to 


atoms with eight electrons. times denser than helium. compounds with fluorine (F). form compounds. 
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This sample of 
helium is trapped 
in a glass sphere. 


Helium is a 


transparent gas, 
but it glows purple 
when electrified. 


Sa ty, 
2 Natural gas 
often contains 
some helium. 


Saturn's atmosphere 
is made up of clouds of 
hydrogen and helium. 


Helium is the second lightest element 

after hydrogen. This transparent gas was first 
discovered in 1868 by Sir William Ramsay, a 
scottish chemist. ‘Today, we know that a quarter 
of all the atoms in the Universe are helium. It 

is one of the main gases in the atmospheres of 


e 


Gas flare rig 
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Uses 


A particle accelerator is a 
machine that smashes atoms together: 
this one uses liquid helium to cool its parts. 
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Large Hadron Collider, 
CERN, Switzerland 
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glant gas planets, such as Saturn. Being so 
light, however, helium is very rare on Earth: it 
escapes from our atmosphere into space. lt was 
not until 1895 that chemists managed to collect 
a sample of helium gas coming from uraninite, a 
radioactive uranium mineral. ‘Today, helium is 
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This balloon contains a 
mixture of helium and air. 


This high-speed train uses a pair 
of magnets: one to move forward 
and one to float over the track. 


E 


Helium-cooled maglev train __—— 


[N IAN Helium | 
oe LJ /f hasthelowest Y) 
P | melting 
| This machine p oint of 
contains a system 
| that scans the any element. 
a | organs of patients. 
T aa 


collected from underground reservoirs or is 
found mixed in natural gas and oil. Unlike 
hydrogen, which is very reactive, helium is 

a noble gas and does not react at all. ‘This 
property makes it safe to use in objects such 

as party balloons and airships. To turn helium 


O E l 
o Helium-ion microscope 


This powerful microscope 
can zoom in to view much 
smaller details than most 
other microscopes. 


f | tanks as they empty 
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—— 
This airship contains large quantities 


of helium to make itself lighter than air. 


AFA SUN GAS 


In 1868, durmg a total solar eclipse (when 
the Moon passes directly in front of the 
Sun), helium was discovered in the cloud of 
gas seen around the Sun. The yellow colour 
of this cloud showed it contained an 
unknown gas, which was named after 
Helios, the Greek god of the Sun. 


The Moon blocks the 
Sun's light from 
reaching Earth. 


This outer gas cloud 
can only be seen 
clearly during 

a solar eclipse. 


The edge of the 
Sun's disc is still visible. 


The track is lined with a 
magnet that repels the one 
on the train, making it float. 


Rocket helium tank 


Helium in this 
container will fill 
up a rocket's fuel 


out during liftoff 


into a liquid, it must be cooled to an extreme 
temperature of —269°C (—452°F). Liquid helium 
is used to make things very cold, including the 
powerful magnets used to make maglev trains 
float along special tracks. MRI scanners also 
use liquid helium for cooling. 
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N E 5 U i This glowing nebula (cloud of gas and dust) is the Crescent Nebula. 
It is so vast that our entire Solar System would fit inside it seven 


times over. The nebula’s light comes from a super-heated star at its centre. Known as WR 136, 
this star is 15 times heavier than our Sun and 250,000 times brighter. Its immense power 
comes from its fuel — helium. 


Example 4 —Modern manufacturing 


techniques enable the miniaturization of 
transistors to such a great extent that 
many of them (even — hundreds of millions) 
can be fabricated into a single silicon chip. 
Silicon chips on which transistors (and other 
electronic components) have been fabricated 
are Called integrated circuits (ICs). ICs are 
little, flat, black plastic components built into 
almost every mass-produced electronic 


device and are the reason that electronic 
devices continue to get smaller and lighter. 


Question 

What other features, besides the ones 
mentioned in the previous problem, are 
demonstrated in the examples given here? 
Answer 

Transistors can be accurately controlled, have 
high-speed operation, are reliable, have a long 
life, are small, have low power consumption, 
can be manufactured in large numbers at low 


cost, and are extremely small. 

17 At this point, consider the idea of using 
one transistor to turn another one ON and 
OFF, and of using the second transistor to 
operate a lamp or other load. (This ¡dea is 
explored in the next section of this chapter.) 

If you must switch many  high-current loads, 
then you can use one switch that controls 
several transistors simultaneously. 


Helium makes WR 136 hot and bright. The star once burned sending out a cloud of gas that spread around it. The star 
using hydrogen, like our Sun. Hydrogen atoms smashed is producing a wind of electrified gases that hurtles out at 
together in the stars core until they became helium atoms, 1,700 km (1,056 miles) every second. This wind continues to 
releasing energy in the process. However, the star ran out of crash into the gas cloud, making it glow into the nebula we 
hydrogen about 200,000 years ago. It began smashing together see. Eventually, WR 136 will run out of helium and its other 
helium atoms instead, and ballooned into a gigantic red star, fuels, and explode into an enormous fireball called a supernova. 
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This sample of 
neon is trapped in 

a glass sphere, and 
gives off a red-orange 
glow when electrified. 
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Volcanic eruptions release 
neon gas into the atmosphere. 


Neon 
lights may 
refer to lighting 
produced using 
any noble gas. 


U ses Glass tubes filled 
with neon are used 
A deep red beam is as brightly lit signs. 

emitted by this laser. 


USIS UOIN 


Helium-neon laser 


Neon is a rare element: it makes up just of —189.34°C (—308.81°F), at which point the 
0.001 per cent of our atmosphere. Some neon gas in the air turns to liquid. Neon can be 
of it was locked in Earth's rocks when the mixed with helium to create research lasers. 
planet formed, and this is released into the air However, it is most commonly used in lighting, 


by volcanic eruptions. Pure neon, a transparent such as in illuminated signs or as bright warning 
194 | gas, is extracted by cooling air to a temperature beacons in the path of aircraft at airports. 


Thissample of argon 
is trapped in a glass 
sphere, and gives off 

a pale purple colour 
when electrified. 
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Uses 


Some diving suits 
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The Magna Carta, a historical document, is stored 
in argon, which forces out oxygen and water vapour 
that would damage the parchment. 


Argon is the third most abundant gas in the 
atmosphere, after nitrogen and oxygen. lt 
undergoes no reactions with any other element, 
and was named after the Greek word argos, 
meaning “idle”. Argon does not conduct heat 
well so it is put in double-glazed windows, 


are inflated with 
argon to retain 
heat in cold water. 


The space 
between the 
glass panes 
is filled with 
argon to 
slow the loss 
of heat. 


Argon in this flame 
prevents metals from 


E reacting with oxygen 


and in diving suits during cold, deep dives. 

Its lack of reactivity is useful. Argon is used in 
museum displays to protect delicate exhibits. 

It also stops metals reacting during hot welding. 
This element can also be useful in the production 
of titanium. 
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When this camera's Krypton-based 


This sample of flash activates, it's lasers illuminate 


krypton 
in a glass 


Krypton is a transparent 
gas but it glows with 

a blue-white light when 
electricity flows through it. 


Uses , — 


This energy- 
efficient bulb 
contains krypton. 


Incandescent bulb 


The word krypton means the “hidden one” 
in Greek. ‘This element exists as an inert gas 

in nature, which means that it does not react 
with almost any other element. Krypton is not 
found in any minerals and only tiny amounts of 
it can be found in the air Pure krypton produces 


contains a mixture 


including krypton. 


is trapped a result of krypton this building. 
sphere. being electrified by 
the camera’s battery 


Digital camera 
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Ramsey wona \ 
Nobel Prize | 


in Chemistry for h 


discovering the // Laser lighting 
» yd 
Na noble gases. 4 
ee Plasm 


This globe 


of noble gases, 


a very bright white light when electrified 
with a current, which makes it ideal for 

use in flash bulbs. Krypton can react with 
the element fluorine to form the compound 
krypton fluoride, which is used to power 
some kinds of laser. 
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Xenon is a transparent 
gas but it glows with a 
blue light when an electric 
current flows through it. 
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Anaesthesia machine 


Xenon is 
used in powerful 
lasers that 
cankill | 
bacteria. / 


The xenon produced 


by this device makes 
l . Xenon glow 
a patient unconscious - . 
f disinfects the air 
rd before an operation. 
i : in a room. 
b > This sample sel 
3 of xenon is 1 
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Xenon headlights glow 
brighter than the more 
common halogen headlights. 


High pressure inside this 
lamp makes electrified xenon 
_ glow very brightly 


Electrified xenon blasts 
from the exhaust, pushing 
the probe forwards. 
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Modern film projector lamp 


Xenon is so rare that there is only one atom car headlights. The gas is harmless when 

of this gaseous element for every 10 million breathed in and can be used as an anaesthetic. 

atoms in the air. Like the other noble gases, When preparing food, xenon lamps can purify 

xenon is colourless and odourless. It glows brightly the air ‘To propel spacecraft, xenon is used in 

when electrified, making it useful in very powerful some rocket engines that produce streams 

lamps, such as those used in film projectors and of fast-moving, electrified atoms. 197 
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MRadon 


This uranium mineral ~ = 

releases radon gas, as | ¿28 

radioactive metals in a These yellow crystals AL 
itbreak apart., «Y : belong to another uranium 
mineral called uranophane. 
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It takes only 


3.8 days for eS io 


, e Sa 
Radon is the only natural half of radon's atoms | $ \ 


radioactive noble gas. This element | ¡to split into atoms ofj | | 
is produced by the breakdown of other elements. S 
uranium and other radioactive metals. 

Being a gas, radon escapes from minerals, 

such as uraninite, into the air. Radon is very 
radioactive and breathing it in can cause illness, 
such as lung cancer. In most places, the amount 
of radon in the air is incredibly tiny. However, its 
levels are high around volcanic springs and 
mud, where it bubbles out with other hot gases. 
Radon is also present in the water at geothermal 
power plants, which use heat energy from deep, 


volcanic rocks to make electricity. Radon is also As it decays, a 
: : . l compound called 
more common in areas rich in granite rock. In i rie 


these places, people use test kits to monitor their emits radon. 
198 | homes radon levels. 


The muddy water 
from volcanic springs 
contains radon. 
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These pipes draw water containing 
radon from deep under the ground, 
and this is then used to power the plant. 
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This kit collects radon from 
the air so the amount of the gas 
in the area can be measured. 
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State: Solid 
Discovery: 2006 | 


Yuri Oganessian 


The heaviest element yet made is oganesson. Scientists 
think it would be solid at room temperature, but it may really 
be an unreactive, noble gas. However, only a few atoms 

have been created so far, so its properties are not well 
understood. Oganesson was first produced by a team of 
Russian and American scientists who smashed californium 
and calcium atoms together at the Joint Institute for 
Nuclear Research in Dubna, Russia. The element was 
named after Yuri Oganessian, the leader of the team. 


Joint Institute For Nuclear Research, Russia 199 
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Figure 2 
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Questions 

A. With the extra switches added, is the 
current that flows through the main switch 
more or less than the current that flows 
through the load?  ——__ 

B. What effect do you think the extra 
transistor has on the following? 


1. Safety > 

2. Convenience to the operator —____ 

3. Efficiency and smoothness of operation 
Answers 


A. Less current flows through the main switch 
than through the _ load. 

B. 

1. It increases safety and allows the operator 
to stay isolated from dangerous Situations. 


2. Switches can be placed conveniently close 
together on a panel, or in the best place for 
an operator, rather than the switch position 


dictating the operator position. 

3. One switch can start many things, such as 
in a master lighting panel in a television studio 
or theater. 


18 This problem reviews your 
understanding of the concepts presented in 
problems 15, 16, and 17. 

Question 


Indicate which of the following are good 
reasons for using a transistor as a switch: 
A. To switch equipment in a dangerous or 
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METHOD FOR PROPULSION 


STATEMENT OF RELATED APPLICATION 


[0001] This application claims priority of U.S. Provisional 
Patent Application 60/598,658, which was filed on Aug. 4, 
2004 and is incorporated by reference herein. 


FIELD OF THE INVENTION 


[0002] The present invention relates generally to propul- 
sion systems. 


BACKGROUND OF THE INVENTION 


[0003] Sixty-six years after the Wright brothers made their 
first, sustained powered flight, Neil Armstrong walked on 
the Moon. Incredible progress to be sure, but can this pace 
of innovation be sustained? Will we soon visit neighboring 
planets or the nearest stars? Can we reach these destinations 
with the technology that got us to the Moon? If we can't, 
what propulsion technologies might be able to take us to 
these unthinkably remote places? 


[0004] Current propulsion technology is based on an 
action-reaction principle, whereby a gas 1s expelled at high- 
speed to propel a payload in the opposite direction. This 
technology 1s typically embodied as a chemical rocket 
engine. While a payload can be rapidly accelerated using a 
chemical rocket, fuel is quickly consumed to develop the 
required thrust. To illustrate the problem, consider that if a 
spacecraft could be powered to achieve a constant accelera- 
tion of only 1 g, the trip from Earth to Mars would require 
about 2-4 days. In fact, modern chemical rocket engines can 
achieve accelerations much greater than 1 g. But even at 1 
g, the fuel would be exhausted within minutes. As a conse- 
quence, the trip to Mars from Earth via chemical rocket 
takes about six months. 


[0005] With current chemical-rocket technology, most of 
the weight at launch is fuel. For example, a typical choice for 
a mission to Mars would involve the Boeing Delta II 7925 
or 7925H rocket stages. In its common configuration, the 
RS-27A engine of the Delta II first stage, along with an 
additional nine strap-on sold rocket motors, will have a mass 
of about 285,000 kilograms at launch. But of this mass, only 
slightly more than 1000 kilograms will reach Mars. 


[0006] As noted above, the delivery of several tons of a 
payload to Mars via chemical rockets is contemplated to 
take about six months, with total mission duration of about 
two to three years. For the majority of transit time, astro- 
nauts will be weightless, which 1s known to adversely affect 
the human body. Furthermore, the astronauts will be subject 
to exposure from harmful radiation. Additionally, the pros- 
pects of mounting a rescue or recovering from a serious 
malfunction are slim due to the transit times involved. 


[0007] And the distances involved in interstellar travel are 
so large that with this technology, a trip to even the nearest 
star systems would take hundreds to thousands of years. 


[0008] It seems clear that current technology does not 
provide a means to manned exploration of the Solar System 
or beyond. That being the case, can technological 
approaches be conceived that will send spacecraft from the 
Earth to destinations within the Solar System in a matter of 
days or weeks, as opposed to years or decades? Any such 
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approach will face a daunting technological requirement. 
Namely, in order to drastically reduce travel time to “neigh- 
boring” planets and “nearby” stars, exceedingly large 
velocities must be achieved—velocities that are on the order 
of a significant fraction of the speed of light. 


[0009] Proposals that meet this mission time requirement 
will, therefore, typically require what can only be described 
as “fantastic” technologies. From a feasibility perspective, 
perhaps the most “promising” of those technologies that 
have been proposed is the matter-antimatter drive. When 
combined, matter and antimatter will completely annihilate, 
releasing unfathomable quantities of energy. But even if we 
were able to develop a matter-antimatter drive, its use should 
be proscribed. The reason 1s that if antimatter were to leak 
from its containment chamber while in the vicinity of Earth, 
there is a distinct possibility that the resulting energy release 
would destroy Earth or at least cause the extinction of all life 
thereon. 


[0010] Another exotic propulsion technology is the “solar 
sail.” Although solar sails can produce momentum by 
reflecting a portion of the light that they receive from the 
sun, this approach, on its own, does not offer a solution to 
the problem of achieving interstellar or even interplanetary 
travel. More specifically, in order to deliver a space probe to 
a nearby star in less than a century, the sail must be driven 
by laser light aimed at it throughout the trip. The power 
requirement for the laser, which would be located on Earth, 
is on the order of hundreds of thousands of terawatts. For the 
sake of comparison, the current planetwide consumption of 
electricity is on the order of about 1 terawatt. And this 
approach has a further complication. Namely, the craft must 
be slowed from a non-trivial fraction of the speed of light to 
orbital velocity at its final destination using light that is 
coming from earth. This would require the coordination of 
very complex maneuvers that, if not carried out correctly, 
might result in the destruction of the ecosystem of the 
destination planet. 


[0011] In the late 1990s, NASA established and funded a 
program, now defunct, called the “Breakthrough Propulsion 
Program.” The program’s charter was to evaluate entirely 
new propulsive principles that would enable interstellar or at 
least interplanetary travel. Technologies under consideration 
included the Schlicher thruster, Deep Dirac Energy, Pod- 
kletnov gravity shielding, Podkletnov force-beam, transient 
inertia, coupling between electromagnetism and spacetime, 
gravity modification schemes, anomalous heat effect, Bief- 
eld-Brown effect, warp drives, wormholes, high-frequency 
gravitational waves, superluminal tunneling, the Slepian 
Drive, and the quantum vacuum (e.g., dynamical Casimir 
effect, etc.). 


[0012] Unfortunately, none of these approaches were 
deemed to be promising. For example, one study pertaining 
to the quantum vacuum concluded that the acceleration of a 
spacecraft propelled by the dynamical Casimir effect would, 
after ten years under acceleration, be traveling at 0.1 meters 
per second! 


[0013] In light of the foregoing, it seems likely that an as 
yet unidentified propulsion technology will be required to 
make routine, manned interplanetary and interstellar travel a 
reality. 
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SUMMARY 


[0014] The illustrative embodiment of the present inven- 
tion is a system and method for propulsion that avoids some 
of the drawbacks of the prior art. Unlike conventional 
propulsion technology, the propulsion system described in 
this specification does not consume fuel (although there 1s an 
energy requirement). In fact, the system does not even use 
fuel, as the term is commonly used. 


[0015] The illustrative embodiment is grounded in 
accepted physics principles, albeit leading-edge theoretical, 
experimental and applied physics. The propulsion method 
does not violate basic physical “laws,” such as the conver- 
sation of momentum. The equations on which the propulsion 
system is based are clearly established in the art, although 
extended to a domain of applicability and mode of use that 
has not been previously contemplated. 


[0016] The propulsion system operates by modifying the 
dispersion force (1.e., van der Waals) that arises between 
particles, such as neutral atoms. The following two discov- 
eries by the inventor enable the propulsion system: 


[0017] (1) The dispersion force interaction between any 
two neutral atoms is affected by the presence of an 
external gravitational field in a way that results in a 
repulsive force upon the atomic pair. 


[0018] (2) The distortion of the dispersion interaction 
described above, which is usually quite small and is 
proportional to the number of atoms present, can be 
magnified by many orders of magnitude. This requires 
that (a) the atom-atom interaction to be transformed 
from a relatively shorter-range interaction to a rela- 
tively longer-range interaction; and (b) a very large 
number of atoms are present for mutual interaction. 


[0019] A method in accordance with the illustrative 
embodiment of the present invention comprises: 


[0020] generating a lifting force by subjecting a plural- 
ity of confined particles to a trigger acceleration; and 


[0021] exposing the particles to an amount of electro- 
magnetic radiation that is sufficient to induce the lifting 
force to: 


[0022] (1) exhibit relatively long-range interactions; 
and 


[0023] (ii) increase the momentum of the particles; 
and 


[0024] transferring at least a portion of the increase in 
momentum to a vehicle. 


[0025] To begin the propulsion cycle, the particles must be 
subjected to acceleration, that is, the “trigger” acceleration. 
This can be accomplished, for example, by supporting a 
craft that contains the propulsion system in a gravitational 
field (1.e., the craft cannot be in free fall). Or, acceleration 
can be kinematic, such as by rotating the craft, or using a 
conventional propulsion system to accelerate the craft. The 
force is referred to as a “lifting” force because it’s direction 
is opposite to the weight of the particles. 


[0026] In the illustrative embodiment, the particles are 
neutral atoms, the atoms are confined in an atomic trap, and 
a laser provides the electromagnetic energy that is required 
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to transform the atom-atom interaction from a short-range to 
a long-range interaction and to increase the momentum of 
the atoms. 


[0027] Some of the increase in momentum of the atoms is 
transferred to a vehicle, such as a spacecraft. This transfer of 
momentum propels the vehicle. In the illustrative embodi- 
ment, this is accomplished by letting the atoms work against 
a piston, which in turn impacts against a part of the vehicle. 
Atoms that hit the piston are recycled to the atomic trap for 
the next propulsion cycle. 


[0028] Several points of explanation or definition will be 
useful in understanding the illustrative embodiment of the 
present invention and 1ts underlying principles. 


[0029] The term “long range” interaction or force usually 
describes a force that decays with distance as I/R”, where n 
is a positive number. The term “short range” interaction or 
force usually describes a force that decays with distance as 
exp[—-R]. Those conventions are not followed in this disclo- 
sure. Rather, for the purpose of this disclosure and the 
appended claims, terms that “short range” and “long range” 
are comparative or relative terms. For example, the language 
“inducing the lifting force to exhibit relatively long range 
interactions” means that the lifting force is induced to 
exhibit a relatively longer-range interaction than is normally 
the case. 


[0030] Since the momentum that is donated by the par- 
ticles propels the vehicle, there might be a tendency to 
characterize the particles as “fuel.” But the particles are not 
“fuel” in any conventional sense of that term. They simply 
serve as a “momentum exchanging element.” 


[0031] Itis important to recognize that the particles are not 
accelerated by the wall of the spacecraft but, rather, by their 
mutual dipole fields (van der Waals force) as distorted by the 
craft’s acceleration (gravitational or otherwise). In other 
words, this method does not violate the action-reaction law, 
since the motion of the particles is not due to action of 
vehicle upon them. 


[0032] An example of “action of the vehicle” on the 
particles is if the atoms were accelerated due to an explosion 
in the trap. In that case, the net of all internal forces on the 
system would be zero and, at the end of the process, the craft 
would not gain any momentum. In accordance with the 
illustrative method, however, the atoms accelerate towards 
the piston, etc., independently of the vehicle and do transfer 
a net amount of momentum to it during impact. 


[0033] The lifting force that is “generated” by the method 
is not a new force. Rather, it is simply the vertical compo- 
nent of a known intermolecular force; in particular, the van 
der Waals force. This vertical component arises from an 
asymmetry in the van der Waals force that results from the 
introduction of a gravitational field (or acceleration). There 
would be no such asymmetry, nor vertical component of 
force, in flat space-time. 


[0034] This result—that the interaction potential between 
two neutral atoms in their ground state depends upon the 
position of the atoms in a gravitational field—is new. 
Previous studies pertained to the distortion of the field of two 
point charges, not two dipoles (atoms). While this “new” 
force is measurable with presently existing technology, 
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harnessing it, such as to lift an object, is not feasible, since 
this force amounts to an exceedingly small correction to the 
total weight of each atom. 


[0035] Itis useful to note that using many such atom pairs 
does not improve this situation, because that does not result 
in a larger force per atom. The reason for this is that the 
inter-atomic energy is a function, to a large power, of the 
reciprocal of distance. In other words, the atom-atom dis- 
persion-force interaction is a realtively short-range force. As 
a consequence, the total “lifting” force on a large number of 
atoms is increased only minutely with respect to the lifting 
force acting on just one pair of atoms. That is, if the number 
of atoms is N, there will be about N pairs (for N>>1) to 
consider, but the mass of the system also goes up as N. So, 
there is no gain realized by adding atoms. 


[0036] Critical to the present invention is the inventor’s 
recognition that if this newly discovered “effective force” 
could be transformed from a relatively short-range interac- 
tion into a relatively long-range interaction, the lifting force 
that is available would be greatly increased. In particular, if 
particles could be made to interact over the long range, then 
the total energy of the system results from the interaction of 
every particle with all other particles present. For large 
groups of particles (N>>1), the interaction grows as N?, 
while the total mass of the system is only growing propor- 
tionally to N. As a consequence, a large gain in energy can 
be realized by using large groups of particles. 


[0037] A mechanism for transforming relatively short- 
range interactions into relatively long-range interactions was 
theoretically discovered several years ago and has been 
re-evaluated more recently as a way to introduce unusual 
behaviors in a cloud of trapped atoms. See, Kurizki et al., 
“New Regimes in Cold Gases Via Laser-Induced Long- 
Range Interactions,” . . . The method involves isotropic 
illumination of atoms by lasers. That technique, with several 
modifications, is utilized in conjunction with the illustrative 
embodiment. 


[0038] As previously noted, the present propulsion system 
and method overcomes a key drawback of chemical engines; 
namely, the fact that at some point, the fuel is expended. In 
accordance with the illustrative embodiment of the present 
invention, it is possible to maintain acceleration without 
expelling high-speed gases. In other words, the propulsion 
system does not require fuel. Alternatively, if the “particles” 
are considered to be “fuel,” then there is no consumption of 
fuel due to the process. 


[0039] As previously mentioned, the illustrative propul- 
sion systems and methods described herein are not energy 
free. In particular, to achieve the required transformations, 
an intense radiation field, such as can be generated by 
powerful lasers, must be developed throughout the region in 
which the particles are trapped. In the case of a craft destined 
for extremely long interplanetary or interstellar flights, the 
energy required to power the lasers is obtained, for example, 
from an on-board nuclear reactor, akin to the reactors 
powering some submarines. 


[0040] The propulsion system described herein has many 
applications. In particular, in addition to its use as a propul- 
sion system for spacecraft, it can be used to deliver a payload 
into low earth orbit without requiring orbital speeds. Fur- 
thermore, a small version of the propulsion system could be 
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attached to literally any item (e.g., a pallet of goods, a 
railroad car, etc.) so that the item could be readily moved 
(e.g., in a warehouse, loaded onto a cargo ship, etc.) as 
needed. The propulsion system can, of course, also be used 
in conventional aircraft. 


[0041] Additionally, the present propulsion system can be 
used to supplement a main, conventional propulsion system. 
In fact, this would facilitate phase-in to replace conventional 
technologies. For example, a propulsion system in accor- 
dance with the illustrative embodiment that is not sufh- 
ciently powered to bring a craft to a hover could be used to 
effectively reduce the mass of the craft, thereby improving 
the fuel consumption of the main propulsion system. Alter- 
natively, it could be used as a supplemental system for 
emergencies. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0042] FIG. 1 depicts distortion in the spherical symmetry 
of the field of a simple charge, as caused by the presence of 
a gravitational field. 


[0043] FIG. 2 depicts distortion in the cylindrical symme- 
try of the field of a classical dipole, as caused by the 
presence of a gravitational field. 


[0044] FIG. 3 depicts a propulsion system in accordance 
with the illustrative embodiment of the present invention. 


[0045] FIG. 4 depicts the propulsion system of FIG. 3, 
wherein lasers are illuminating confined particles. 


[0046] FIG. 5 depicts the propulsion system of FIG. 3, 
wherein particles impact against an elastically-bound piston. 


[0047] FIG. 6 depicts the propulsion system of FIG. 3, 
wherein particles are pumped back to a reservoir for use in 
a subsequent propulsion cycle. 


[0048] FIG. 7 depicts a method in accordance for propul- 
sion in accordance with the illustrative embodiment of the 
present invention. 


[0049] FIG. 8 depicts a schematic of a vehicle that incor- 
porates the propulsion system of FIG. 3. 


[0050] FIG. 9 depicts a schematic of the nuclear power 
subsystem of the vehicle of FIG. 8. 


DETAILED DESCRIPTION 


[0051] This Detailed Description proceeds with Section 
1.1, which provides a description of propulsion system 100 
and a method for propulsion in accordance with the illus- 
trative embodiment of the present invention. Section 1.2 
discloses a vehicle that incorporates propulsion system 100. 
The remaining sections, which include Sections 2.1-2.4 and 
4 provide a theoretical development for propulsion system 
100 and performance estimates. 


1.1 Propulsion System 100 


[0052] FIG. 3 depicts propulsion system 100 in accor- 
dance with the illustrative embodiment of the invention. 
Propulsion system 100 includes particles 102, chamber 104, 
piston 108, source(s) of electromagnetic radiation 110, 
return line(s) 112, and pump(s) 114, interrelated as shown. 


[0053] FIG. 7 depicts method 700 for propulsion, which 
can be used in conjunction with propulsion system 100. In 
accordance with operation 702 of method 700, a plurality of 
particles are confined. 
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[0054] FIG. 3 depicts propulsion system 100 at the begin- 
ning phase of the propulsion cycle. Particles 102, which in 
some embodiments are ground-state atoms, are confined in 
particle trap 106 of chamber 104 in known fashion and in 
accordance with operation 702. 


[0055] In operation 704, particles 102 are subjected to a 
trigger acceleration. This can be accomplished, for example, 
by supporting propulsion system 100 in a gravitational field. 
Assuming propulsion system 100 is in a vehicle, such 
support 1s provided, for example, if the vehicle is at rest on 
the surface of the Earth or in flight, as long the vehicle is not 
in free fall. In some alternative embodiments, the trigger 
acceleration can be kinematic, such as by rotating the craft, 
or by using a conventional propulsion system to accelerate 
the craft. 


[0056] At operation 706, the particles are exposed to an 
amount of electromagnetic radiation that is sufficient to: 


[0057] 1. induce an effective inter-particle force that 
arises between said particles to exhibit long-range 
interactions; and 


[0058] 2. increase the momentum of the particles. 


This operation is depicted in FIG. 4, wherein sources of 
electromagnetic radiation 110 (“EM sources 110”) are 
activated and directed toward particles 102. In some 
embodiments, the EM sources are high-power lasers. In 
the FIG. 4, two EM sources 110 are shown. Depending 
upon the power required for a given embodiment, far 
more EM sources might be required. Power require- 
ments for driving the propulsion system are described 
in 

[0059] The EM radiation causes an upward acceleration of 
particles 102 with respect to a vehicle, etc., that houses 
propulsion system 100. In the case of an ideal propulsion 
system, particles 102 remain trapped in place (in particle 
trap 106) as they mutually interact and the craft is acceler- 
ated upward by the reaction of the atoms themselves against 
whatever forces are used to keep them in trap 106. 


[0060] It is possible, if not likely, that once particles 102 
are accelerated by conducting operations 704 and 706, they 
will escape from particle trap 106. This is a non-ideal 
situation, which yields less than the ideal momentum. But, 
if particles are allowed to escape, this relaxes the constraints 
on particle traps 106. That is, suitable traps can be readily 
constructed with existing technologies. See, e.g., H. J. 
Metcalf and P. van der Straten, Laser Cooling and Trapping 
(Springer, N.Y., 1999); http://ww.rle.mit.edu/cua/research/ 
project02/project 02.vandp.htm. These references describe 
techniques for trapping atoms at extremely low tempera- 
tures. 


[0061] Although it is necessary for the generation of the 
lifting force itself, it is desirable to trap particles at very low 
temperatures because the thermal speed of, for example, 
atoms, even at room temperature, is comparable to the 
maximum speeds that can be obtained by this method. It is, 
therefore, “easier” to illuminate the atoms for an appropriate 
length of time if they are not moving at very high thermal 
speeds. 


[0062] Continuing with the description of method 700, 
operation 708 recites impacting the accelerated particles 
against a surface, thereby transferring some of the momen- 
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tum of the particles to the surface. This operation is depicted 
in FIG. 5, wherein particles 102 impact piston 108 at high 
speed. 


[0063] Piston 108 functions as a shock absorber. That is, 
the piston provides an area against which particles 102 can 
impact and which can transfer momentum to the vehicle 
non-destructively at every forward stroke. In propulsion 
system 300, non-destructive momentum transfer is indicated 
by spring 116, which elastically couples piston 108 to a 
vehicle. Shock absorber technology for aerospace applica- 
tions is well developed within the context of pyrotechnic 
release technology. See, e.g., N. Butterfield, Pyrotechnic 
Release Devices, in Space Vehicle Mechanisms, P. Conley, 
Ed. (Wiley, N.Y., 1998). 


[0064] As illustrated in FIG. 5, in propulsion system 100, 
as piston 108 moves upward, return lines 112 are accessed. 
The return lines provide a route back to particle trap 106. As 
particles move away from piston 108, the piston drops back 
to a seated position against chamber 104. 


[0065] FIG. 6 depicts particles 102 in return lines 112, 
being pumped via pumps 114 toward a gas reservoir (not 
depicted) for reuse in a subsequent propulsion cycle. The 
propulsion cycles occur at a rapid and substantially continu- 
ous pace. 


[0066] Itis very important to recognize that in propulsion 
system 100, and in accordance with method 700, particles 
102 are NOT being accelerated by the walls of the vehicle 
or by the chamber in which they reside. Rather, they are 
accelerated by their mutual dipole fields, as distorted by 
vehicle acceleration (1.e., gravitational or otherwise). There 
is, therefore, no concern that this scheme violates the 
action-reaction law, since the motion of particles 102 is NOT 
due to an action upon them by the vehicle. 


[0067] An example of a situation in which the walls of the 
vehicle are acting on particles 102 is if the particles were 
accelerated by an explosion in chamber 104. In such a case, 
the net sum of all internal forces on the system would be zero 
and, at the end of the process, the vehicle would not gain any 
net momentum. But using the methods and apparatus 
described herein, particles 102 are accelerated toward piston 
108 INDEPENDENTLY of the vehicle and, on impact, 
transfer a net amount of momentum to it. 


1.2 Vehicle Incorporating Propulsion System 100 


[0068] FIG. 8 depicts vehicle 800, which incorporates 
propulsion system 100 in accordance with the illustrative 
embodiment of the present invention. As depicted in FIG. 8, 
vehicle 800 includes propulsion subsystem 100, nuclear 
power subsystem 810, crew quarters 830, and shielding 840, 
arranged as shown. 


[0069] The presence of nuclear power subsystem 810 
requires the use of shielding 840 to protect crew quarters 830 
and propulsion subsystem 100. Those skilled in the art will 
be capable of designing and building shielding suitable for 
this purpose. 


[0070] The purpose for nuclear power subsystem 810 is to 
generate electricity to power EM source(s) 110. Nuclear 
power is used as a power source due to the ability of a 
nuclear reactor to provide continuous power for extended 
periods of time (e.g., several years, etc.). Operation of 
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nuclear power subsystem 810 is described in more detail 
below in conjunction with FIG. 9. 


[0071] Propulsion subsystem 100 couples to shielding 
840, which receives momentum transferred from piston 108 
(see FIGS. 3-7 and the accompanying description). This 
substantially continuous transfer of momentum from par- 
ticles 102 to piston 108 to vehicle 800 (e.g., shielding 840) 
drives the vehicle. 


[0072] In the embodiment that is depicted in FIG. 8, 
propulsion subsystem 100 is disposed an end of vehicle 800. 
This location draws maximum advantage from a rotational 
trigger acceleration while providing the crew, in crew quar- 
ters 830, with appropriate gravity-like conditions. 


[0073] FIG. 9 depicts an embodiment of nuclear sub- 
system 810 suitable for use to provide electricity to drive 
EM sources 110 (e.g., lasers, etc.) in propulsion subsystem 
100. The embodiment that is depicted in FIG. 9 is a direct 
Rankine cycle continuous power system. (See, e.g., M. W. 
Edenburn, “Models for Multimegawatt Space Power Sys- 
tems,” Sandia Report SAND86-2742 (June 1990). This type 
of system is suitable for use with vehicle 800 due to its 
ability to provide continuous power for several years. 


[0074] Nuclear subsystem 810 includes nuclear reactor 
812, separator 814, turbine 816, radiator 818, pump 820, 
generator 822, and power conditioning unit 824. 


[0075] Reactor 812, which is liquid metal cooled, boils 
potassium and sends the saturate vapor to turbine 816 for 
power generation. Since the fluid leaving the “hot” end of 
reactor 812 is unlikely to be pure vapor, separator 814 is 
used to separate the saturated vapor from its accompanying 
liquid. The liquid is recirculated to the “cold” end of reactor 
812. 


[0076] Waste heat is rejected by space radiator 818. Since 
the system rejects heat from a condensing working fluid, the 
radiator operates nearly isothermally and radiates a rela- 
tively large amount of heat per unit area. Condensed liquid 
is returned to the “cold” end of reactor 812 via pump 820. 


[0077] Electricity that is produced by generator 822 is 
appropriately conditioned in power conditioning unit 822 to 
provide EM sources 110 with a suitable supply of electrical 
power. 


2.1 Distorted Dipole-Dipole Potential 


[0078] Itis already a well-known fact that a gravitational 
field can introduce novel forces acting on a single charge or 
on a dipole. An example is the self-interaction of a point 
charge in a Schwarzschild geometry [8], ultimately due to 
the term Linet [9] discovered has to be added to the Copson 
potential [10] in order to satisfy the appropriate asymptotic 
boundary conditions for this problem. Commenting about 
the very extreme conditions nearby a miniblack-hole, Smith 
and Will wrote that “[I]t is amusing to note that . . . the test 
particle’s electrostatic self-force would suffice to support it 
against the hole’s gravity, without the help of any external 
force.” 


[0079] Unfortunately, however, such fascinating conclu- 
sion is undermined by the fact that, as pointed out by these 
authors, “it is meaningless to talk of an electron being held 
fixed at, say, 10°'* cm from a miniblack hole, when the 
Compton wavelength of an electron is two orders of mag- 
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nitude larger than this. “Following this approach, the self- 
interaction of a static dipole has also been calculated [11], 
but Parker has shown that this force has no effect on the 
Hamiltonian of a neutral atom in free-fall [12]. 


[0080] Another example is the “electrostatic levitation of 
a dipole,” predicted on the basis of the distortion caused by 
a uniform gravitational field [13]. This author found that 
“one is unlikely to witness such levitation,” which could 
only be observed in a fixed classical dipole whose electron 
charge separation is 1.4x107*” m. The outlook for detection 
of these field distortion phenomena was effectively summa- 
rized by Boyer, who stated that ” Clearly our example may 
be instructive from a theoretical point of view, but 1t does not 
lend itself to easy experimental measurement.” 14] 


[0081] In this section, we consider the effect of a weak 
gravitational field upon intermolecular forces. In particular, 
the effect of gravitation on the van der Waals hydrogenic 
interatomic potential in the unretarded regime is discussed 
within non-relativistic first-order perturbation theory. The 
quantitative conclusion of these computations is that the 
system proposed herein shows extreme promise for direct 
experimental verification although the effect is certainly too 
small to be of any practical engineering use in the field of 
propulsion. 


[0082] The first step to obtain the distorted dipole-dipole 
potential is the calculation of the electrostatic potential, and 
thus of the electric field, of a point dipole in the presence of 
gravitation. For this purpose, let us start by considering the 
potential field of a single point charge q located at a position 
ro=Xo in the quasi-homogeneous gravitational field caused 
by a relatively distant spherically symmetrical mass distri- 
bution M located at a radial distance R from the dipole. This 
has been the subject of several investigations, starting with 
the pioneering work of Whittaker [15]. 


[0083] Since we are considering a charge in a gravitational 
field g antiparallel to the z-axis and located at a position 
other than the origin, we transform the unprimed Rindler 
coordinates defined by the usual metric 


2 
ds? = (1+ 5) cd? — (d? + dy? + dz), ©) 
C 


by introducing new primed coordinates given by t=(1+gz,/ 
c+, x'=x,'+x". By substituting these definitions into Eq. 
(1), it is simple to show that the metric in the new coordi- 
nates is: 


GrZ Y (2) 
ds? = (1 + | cdi? — (dx? + dy? + dz”), 


where Gpg/(1+9z,/c7). With this result, we can transform 
Whittaker’s expression for the electrostatic potential in 
Kottler- Whittaker coordinates into our transformed Rindler 
frame (for simplicity of notation, we neglect to write the 
primes in what follows): 


inaccessible area on and off 
B. To switch low currents or voltages 
C. To lessen the electrical noise that might be 
introduced into communication and other 
circuits 
D. To increase the number of control switches 
E. To use a faster, more reliable device than 
a mechanical switch _—— 
Answer 
A, C, and E. 
Project 4.1: The Transistor Switch 
Objective 

The objective of this project is to demonstrate 
how light can switch a transistor ON or OFF 
to control a device. 

General Instructions 
This project uses two breadboarded circuits. 
The circuit shown on the left side of Figure 
4.9 is used to generate infrared light. Another 
circuit, shown on the right side of Figure 4.9 , 
switches on a buzzer when the infrared light 


is blocked by an object. 
Figure 4.9 
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Buzzer 


US 2007/0007393 Al 


2 


a sa (le — pol? + (27 + 25) 


~ 
~ |r—=rol 2 
8% g E 4 
(1+ =| 1+ -z+ z) + q alr rl 


where [rro ==) +(yY-Yo) +(Z-Z20), |P—Pol"=(K-Xp)"+ 
(y-y,)°. This expression of course approaches the Coulomb 
potential as gx'/c”, gx,'/c?->0. In this paper, we shall neglect 
the Linet term [9] responsible for the self-interaction dis- 
cussed above since this contribution will be shown to be 
negligible with respect to the effects treated herein. 


[0084] In order to write down the electrostatic dipole field 
in the presence of a gravitational field, we use the formu- 
lation of Leaute and Linet, originally designed to calculate 
the self-interaction of an electric dipole [11]. For a point 
dipole A of moment d,=d,', with k=1 . . . 3, located at r4, 
the result found by these authors, neglecting the self-inter- 
action term [12], can be written as: 


(3) 


| g(iztz) Zg 
1+ + 


OV (x, x6) (4) 


Diada q 
0 


FA 


where Ve is the Copson potential, which, in the quasi- 
homogeneous field limit, coincides with our solution above. 


[0085] Since, to the best of this author’s knowledge, this 
potential has never been graphically represented, it is shown, 
along with the corresponding electric field lines, in FIG. 3 
for a point dipole d,'=d,k. 


[0086] By computing the electric field as usual, after some 
very lengthy algebra [13] one obtains the general expression 
for the interaction potential energy Waq(r, ro; da’, dp’) of two 
point dipoles of moments d,' and dẹ‘, placed at positions ro 
and r, respectively. In order to illustrate the physical mean- 
ing of this result, let us write it to second order in gR/c* for 
the case of dipole A placed at the origin and dipole B placed 
at r=(R, 0, 0): 


z l/gR (5) 


Waa = L (xaxg + YaYa — 22428) + (z! = eras + yaya) 


which again yields the usual Minkowski space result [17] if 
the gravitational field is absent. Interestingly, the asymmetry 
due to the presence of the gravitational field causes a net 
vertical force upon each dipole in this geometry where there 
would of course be none in flat space-time. For instance, in 
the case of two antiparallel dipoles d,'=-d,'=d,k, we find 
that this force F,,=-dW,,/0Z is, again to second order: 


gg» (6) 
iD: > 


which is the dipole-dipole analogy of the levitation force 
upon a single dipole mentioned at the beginning of this 
section [15]. 
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[0087] The problem of a single hydrogenic atom either 
held fixed or in free-fall within various assigned metrics has 
been discussed extensively by starting from generally cova- 
riant expressions of the Dirac equation in curved space-time 
[18]. The present author has discussed realistic astrophysical 
settings for the observation of the perturbative effects of 
gravitational fields on freely-falling atoms both in the static 
case and within the framework of possible remote gravita- 
tional wave detection [19]. 


[0088] Tourrenc and Grossiord, in their treatment of a 
hydrogen atom held fixed in a Schwarzschild geometry, have 
shown that the most significant contribution to the pertur- 
bative Hamiltonian by far derives from what can be inter- 
preted as the classical weight of the electron in the gravi- 
tational field. However, since the corresponding energy shift 
for a ground-state atom is found to be AE~2(GMm<¢/ 
R*)a,~6x107*' eV, we shall neglect it here and use the 
unperturbed hydrogenic wavefunctions to evaluate the inter- 
atomic gravitational self-force. 


[0089] As in the undistorted van der Waals case, the 
general expression for the potential Waat, ro; da’, dp’) 
contains only bilinear forms of the type x,'x,) and thus 
yields no first-order contribution in the case of symmetrical 
hydrogenic nS. The second order correction on the other 
hand is [20]: 


i ygi 2 
AF? — Afs Daim Per y m Waal, ro; da» dp leE o,o; $7.00 >| ) 
nea JE, -E - Es 


where atm > are the unperturbed eigenfunctions of energy 
E the total energy of the unperturbed atomic pair is -2E,, 
and the primed summation indicates that the ¡os Pio, 
o”> term is excluded. 


[0090] By inspecting Eq. (5), 1t is evident that, in the 
gravitational case, the second order inter-molecular poten- 
tial, to second order in gx'/c?, takes on the general form: 


Co aa ESE (8) 


2 
ABW = RS 


where C,, C,, and C, are appropriate dimensional constants, 
which in principle depend on the variables r, ro, da’, and dpi. 
For instance, again in the geometry used in the examples 
above, one can quickly recover the well-known result that 
C%=-6e%a,> as well as show that C,=2e%a,”, and C,=+3/ 
2e7a,°, where a, is the Bohr radius. 


[0091] In our case, however, we are not here interested in 
the modification of the intermolecular forces due to the 
presence of gravitation, but rather we want to pursue iso- 
lating the vertical component of the gravitational self-force 
due to the dipole-dipole interaction of two hydrogenic atoms 
in the |1,0,0> eigenstate located at r,=0 and r=(R, 0, 0), 
respectively: 


ð 
(2) 2) 
Ffi = — 5 AE vaw x 
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Explicit evaluation [13] yields the following result to first 
order in gx'/c”: 


0 8 A, UD) 
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By again making use of the fact that the cross terms vanish 
in the is state and that <p, 0.0 XA lb 10.0>=<0 1.0.0 YA A, 
0.0*> and equally for all the other squared terms, we finally 
find: 
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where the last equality was obtained by writing the ioniza- 
tion energy and the polarizability as E,=e*/2a, and 
a.=(2a,), respectively. Notice that this result does not 
coincide with what one might expect from naively calculat- 
ing one half of the negative contribution to the gravitational 
mass of the London binding energy of the pair, since in that 
case the coefficient would be %s and not Me. 


[0092] An explicit estimate of this result in the case of two 
hydrogen atoms in their ground state at, for instance, 20 a, 
yields a relative acceleration Orig Ax 107 cm/s”. The 
situation improves dramatically 1f one considers two positro- 
nium (Ps) atoms, in which case we find Qip, po 8x107*2 
cm/s”, which is in principle detectable via atomic interfer- 
ometry, at the price of dealing with the added complications 
of interferometry of atoms with a finite lifetime. 


2.2 Revelance of the Above Results 


[0093] The above results show that the distortion of the 
classical dipole-dipole field caused by gravity results in a net 
force upon each dipole, which is anti-parallel to the weight 
of each atom. This phenomenon has been known for some 
time, although its implications at the quantum level have not 
been fully explored and engineering implications do not 
appear to have attracted their due attention. Interestingly, the 
warping of the Coulomb field due to gravitation renders their 
mutual interaction non-central, which in turn implies that 
Newton’s action-reaction law will not be satisfied by this 
system. Although there is no study of this exotic problem in 
the literature, it is clear that, if the problem were to be 
considered from the standpoint of full quantum electrody- 
namics (QED), it would result that the virtual photon field 
responsible for the charge-charge interaction is perturbed by 
the gravitational acceleration so as to carry a net momentum 
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flux, part of which is simply transferred to the dipole, or 
dipoles, thus resulting in their upward motion. 


[0094] Importantly, this phenomenon makes the interac- 
tion energy between two hydrogen atoms in their ground 
state dependent upon their position within the gravitational 
field, which results in a force upon the pair even in the 
quantum case. The existence of this additional force acting 
on an atomic pair is by itself a new result, since previous 
studies had concentrated on the distortion of the field of two 
point charges, and not of two dipoles. Despite the fact that 
this new and additional force is measurable with presently 
existing technology, its use in an actual lifting device is 
unlikely, since it amounts to a very small correction of the 
total weight of each atom. 


[0095] The important consideration, critical to the present 
invention, is that adding many atomic pairs does not result 
in a larger force per atom. The reason for this is that the 
interatomic energy is a function of a large power of the 
reciprocal of the distance—which results in the atom-atom 
dispersion interaction being a short-range force. Therefore, 
the total lifting force on a large number of atoms is increased 
only very slightly with respect to that acting on just one pair. 
Therefore, if the number of atoms is N, there will be ~N 
pairs to consider but the mass of the of the system also went 
up as N. Thus no gain is made. 


[0096] The critical, and non-obvious, point of the present 
invention is to transform the new force outlined above from 
a short-range force into a long-range force, as we consider 
in the next section. In principle, if point-like particles 
interact via a long-range force, the total energy of the system 
results form the interaction of every atom with all the others, 
something which is not possible in the short-range. For 
instance, if a system is made up of three particles, the total 
energy will result from the interaction of particle 1 with 2, 
particle 1 with 3, and particle 2 with 3. However, if the 
number of particle is now ten, we will have to consider the 
interaction of particle 1 with 2,3 ..., 10, and so fort, which 
results, in the case of a large number of particles. For large 
N (N>>1), in this case the number of interaction grows as 
N?, while the total mass of the system is still only growing 
proportionally to N. 


[0097] This point would only be of philosophical impor- 
tance if we did not have available a mechanism to indeed 
transform atom-atom interactions from short-range into 
long-range. Such mechanism was discovered theoretically 
several years ago and has been reproposed recently as a way 
to introduce unusual behaviors in a cloud of trapped atoms. 
Atomic traps have become one of the hottest subjects of 
scientific research in recent years. The method proposed by 
the researchers to cause the atom-atom interaction to 
become a long-range force can of course also be used in our 
case to leverage the presence of a large number of atoms so 
as to make the lifting force due to the gravitational distortion 
we have seen above much larger by many orders of mag- 
nitude. The technological price to pay is that, in order for this 
transformation to occur, powerful lasers must be pumping an 
intense radiation field throughout the region where the atoms 
are trapped. 


2.3 Trapped Gases in Curved Space-Time: The Effect of 
Radiation Fields 


[0098] It is well-known that an intense directional radia- 
tion field, such as that produced by a laser, alters the nature 
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of intermolecular forces [21]. For instance, in the near zone 
region, where k, R<<1 and k, is the laser light wavenumber, 
the power dependence of the force becomes a.—1/R”. Impor- 
tantly, if a molecular pair is allowed to “tumble” with equal 
probability in all directions with respect to the radiation 
field, the unretarded force averages out and the only term left 
is that due to the retarded part of the Hamiltonian. The 
resulting contribution, which can be produced by appropri- 
ate laser beams [22] and is still attractive, is [21]: 


AE = 
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where a**(k, ) are the dynamic polarizabilities of the two 
atoms, I is the intensity of the beams, and the domain of 
validity of this result is everywhere in space except where 
the atom-atom exchange interactions become important. It 1s 
simple to see numerically that this energy is much smaller 
than the usual van der Waals force at near range but, as 
originally pointed out by Thirunamachandran [21 ], the long- 
range nature of the force offers the potential to actually 
achieve remarkable effects. 


[0099] Let us now consider the distortion of Thirunama- 
chandran’s long-range interaction due to an external gravi- 
tational field, such as that present in a ground-based labo- 
ratory. One is fully justified by both our results in the 
unretarded case and by dimensional considerations to 
assume that a molecular pair interacting through the gravity- 
like attractive long-range force at Eq. (12) will also undergo 
a lifting force of the type: 


ap (Mana (kx) g (13) 
Pires EA ~ 


[0100] For the purpose of order of magnitude estimation, 
let us write the total potential energy of N atoms contained 
in a spherical volume of diameter D interacting through a 
mean field determined by Eq. (12) simply as Usas" N? 
(Ik, 7/c) a, (k, Ja*(k, )/D. Therefore, the total lifting force 
acting upon the center-of-mass of the trapped gas is Fig, 
28N Fin assuming all atoms to be of species A, and 


the corresponding acceleration is: 


aip Fl _ (22) "east l (14) 
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The relevant figures of merit to judge the feasibility to bring 
such an atomic cluster to a hover are the number of atoms 
in the trap and its size, the intensity and wavelength of the 
laser light, and the average intermolecular distance. Con- 
sider N=107 atoms in a trap with D=2x107” cm, which yields 
an intermolecular distance R-D/N*9=10a,. Now let us have 
18 (six triads [22]) high-power lasers each outputting 2.5 
kW into a 0.5 cm diameter beam at a wavelength A, =1000 
A. Appropriately focused onto the trap size, this would yield 
an intensity I=1.3x10*” W/cm’. By moderate off-resonance 
detuning, it is possible to obtain dramatic increases in atomic 
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polarizability over its static value [23] (another approach 
may consist of using a cold gas of highly excited Rydberg 
atoms, since, in this case, the polarizability is proportional to 
n’, where n is the principal quantum number). By adopting 
a*(k, )=3x10%0,, and by substituting the above numerical 
values into Eq. (14) inc. g. s. units, we find aj, ¿> /g=+1.5, 
that is, the system will hover unsupported in the gravita- 
tional field of the earth or accelerate upward. 


2.4 Relevance of the Above Results 


[0101] The mechanism outlined above represents the first 
novel and realistic proposal to achieve lift in the history of 
flight since the great inventions of the airplane and of the 
rocket in the 20th century. As we shall see in the detailed 
numerical estimates below, more atoms than just 10% must be 
present in the trap for this mechanism to be technologically 
convenient, although it is possible to trade off a higher laser 
power for a lower number of atoms in the trap. What is 
important to stress at this time is that this mechanism 
represents a non-obvious use of well understood quantum 
laws in the presence of gravitation for the purpose of 
creating fuel-free propulsion. Of course fuel-free propulsion 
does not imply energy-free propulsion. In other words, a 
source of energy is still needed to achieve the needed thrust. 
In the case of extremely long interplanetary and interstellar 
flights it is expected that on-board nuclear energy production 
will continue to grow in engineering importance, given the 
fact that no other source has been able to achieve similarly 
convenient power outputs. 


[0102] The above invention, however, removes the great- 
est problem in the way of achieving fuel-free propulsion, 
that is, the fact that, independently of the energy source used, 
at some point the fuel available on board is exhausted. For 
instance, if one could power a spacecraft so as to achieve a 
constant acceleration of 1 g, the trip from Earth to Mars 
would require approximately 2-4 days. Although the accel- 
eration of 1 g is smaller than the larger accelerations 
achievable by present-day rocket technologies, it is abso- 
lutely impossible to maintain those accelerations for times 
longer than minutes at the most, simply because of quick 
fuel exhaustion. With the scheme outlined in this invention, 
on the other hand, it is possible to maintain the needed 
acceleration without any need to expel high speed gases, 
provided that the required laser illumination is constantly at 
work transforming the atom-atom interactions from short- 
range into long-range ones. 


[0103] Itis important to stress another characteristic of the 
propulsive method of this invention. All the calculations 
carried out so far imply that the atoms are “at rest,” that is, 
not in “free-fall.” This is extremely important, since it is 
only if the atoms are somehow supported by an external 
force against the gravitational field that a relative accelera- 
tion due to that field can affect their mutual interactions. 
Such is not the case if the atoms are freely falling. In that 
case, in fact, the acceleration felt by a freely falling object 
is rigorously zero, because of the Principle of Equivalence 
at the foundation of the General Relativity theory. To use a 
well-known popular example, if two atoms are at rest with 
respect to the walls of a freely falling elevator, they will not 
feel the presence of any gravitational field—the acceleration 
of the elevator exactly cancels exactly the gravitational 
acceleration. In other words, locally, there is no distortion of 
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the dipole-dipole field and thus no change to the van der 
Waals force (see below for further subtle clarifications on 
this point). 


[0104] The Principle of Equivalence can be stated by 
saying that, locally, there exists no experiment that can 
indicate the difference between the acceleration due to the 
presence of a gravitational field and that due to the kine- 
matics of the system. For instance, once could simulate the 
presence of a gravitational field in the same elevator trav- 
elling through outer space by simply accelerating it 
“upwards” at the same rate as the free-fall acceleration it 
would have in the gravitational field to simulate. In fact, our 
Eq. (1) above was obtained exactly by making this assump- 
tion. Therefore, the atoms will undergo the lifting force at 
the basis of this invention whether or not there is a gravi- 
tational field against which to lift—their behavior is due to 
their being within an accelerated reference frame no matter 
what the reason for the existence of such frame. 


[0105] In principle, this represents an operational limita- 
tion of the present invention, in the sense that, if a spacecraft 
were to be left to freely-fall in the gravitational field of a 
massive body, the lifting mechanism would not be operating. 
For this purpose, the vehicle must be provided with an initial 
acceleration through other means in order for the thrust 
cycle described below to commence. For instance, this 
happens if the craft is at ground level initially, or somehow 
hovering under the action of an external force. Once the 
cycle starts, it is only necessary to coordinate the laser 
illumination of the (n+1)-th cycle to occur during the trans- 
fer of momentum due to the atoms that were accelerated 
during the n-th cycle. The dipole-dipole field during that 
time will behave as though under the effect of a gravitational 
field of that acceleration, because of the Principle of Equiva- 
lence. 


[0106] From the practical standpoint, it is appropriate to 
stress that every propulsive or lifting system has an appro- 
priate envelope of performance which, is exceeded or not 
met, will result in insufficient or abnormal behavior. For 
instance, the lifting force due to the wings of an airplane will 
cease to be effective if the airflow detaches from the wings 
because of a stall condition. Therefore, pilots are trained to 
operate so as to remain well clear of the conditions that 
might lead to a stall of the airfoils, such as, for instance, 
excessively low speed for a fixed wing aircraft. Similarly, it 
is expected that the propulsive system of this invention, in 
its simplest embodiment, must be operated under appropri- 
ate conditions of initial acceleration, in both magnitude and 
direction. This is much less complicated than it may appear. 
For instance, in outer space, an initial acceleration can be 
imparted by causing the entire spacecraft to rotate around an 
axis by means of a reaction wheel. Once the entire vehicle 
is rotating like a rigid disk, from the standpoint of the atoms 
in the propulsive subsystem the rotational acceleration will 
be indistinguishable from that caused by gravity. Once the 
thrust cycle is successfully started, the spacecraft can then be 
despun while the engine provides its own acceleration. In a 
fixed wing application, it might be possible to make use of 
the lift provided by the wings themselves in order to start the 
process. 


[0107] Finally, it is also important to stress that the Prin- 
ciple of Equivalence only rigorously applies to a volume of 
space that is infinitely small. Therefore, there exists some 
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distortion of the dipole-dipole field even in the case of 
freely-falling atoms, although this distortion is far smaller 
than that of supported atoms, in the sense described above. 
The effects of this distortion were studied by this author in 
several papers (see for instance [19]) and it is therefore 
possible that lift might be obtained in some embodiments 
even if the craft is initially in free-fall. 


4. Performance 


[0108] Estimating the performance of an aerospace pro- 
pulsion system based upon entirely novel physical principles 
naturally presents some difficulties. For instance, the typical 
concept of specific impulse [29] is undefined in the case in 
which thrust is obtained without the ejection of high speed 
gases. At the same time, since the approach calls for the use 
of high power lasers to engineer the atom-atom interactions 
into a long-range force, it is of interest to determine whether 
the thrust thus obtained is in fact larger than that which 
would be obtained if the laser power utilized were, for 
instance, projected from the spacecraft into a particular 
direction in space or whether a laser beam of the same power 
were to be aimed at a hypothetical laser sail on the spacecraft 
[3]. In the following subsections we obtain some important 
order of magnitude estimates both in equation and in graphic 
form of a few important quantities in order to gain a more 
realistic understanding of the potential capabilities of a 
vehicle propelled by means of the physical principle of the 
present invention. 


[0109] The conclusions below will clearly establish that 
the propulsion concept of this invention offers great poten- 
tial from the standpoint of realistic engineering applications, 
although such parameters as the exact laser wavelength and 
power, trap size, atomic mass, and number of atoms of 
course will have to be optimized according to both accurate 
theoretical modeling and prototype testing. 


[0110] In what follows, in order to make a firm connection 
between the theoretical treatment, which was developed 
here in the c. g. s. system (centimeter-gram-second), and the 
more typical engineering M. K. S. units (meter-kilogram- 
second), the cgs or MKS subscripts will be appended as 
appropriate. If no subscript is used, the quantity should be 
assumed as expressed in the cgs system. No use is made if 
English units throughout (such as, for instance, lbf for 
thrust). Also, for improved legibility, all order of magnitude 
signs will be replaced by equal signs. 


4.1 Fundamental Equations 


4.1.1 Atomic Physics of Trapped Atoms in the Accelerated 
Propulsive System 


[0111] Let us consider a gas of N, identical atoms of mass 
m,, polarizability a. ,“(k, ), confined within an appropriate 
trap of such dimensions as to correspond to an average 
interatomic distance R. In what follows, we shall assume 
that the number of atoms, N ,, the size of the trap, D, and the 
average interatomic distance, R, are related simply as D~ 
RN,?”. In addition, Thirunamachandran’s theory of disper- 
sion forces under the effect of illumination also requires the 
constraint that A, >>R[21]. 


[0112] The polarizability a,°(k,) can be made several 
orders of magnitude larger than its static value, 0)=(2a))°, 
where Bohr’s radius is a =h?/u.e* and u, is the reduced 
electron mass (u=m,), by choosing an appropriate near- 
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resonance wavelength. Without getting into the details of 
atomic physics calculations, in this section we shall rely 
upon the well-established theoretical and experimental fact 
that such near-resonance condition can be satisfied, that is, 
the polarizability can be made larger than the static value by 
a factor, a,,, which can be as large as a.,,~10° [23]. 


[0113] Another strategy to produce values of the polariz- 
ability that are vastly larger than the static value is to use 
Rydberg atoms. A qualitative argument in favor of this 
choice is that, as we have seen above, the static polarizability 
is =(2a,)°, where a, is Bohr’s radius. If the atom is in a 
Rydberg state, that is, in an excited state with relatively large 
principal quantum number n>>1, the atomic radius can be 
replaced by a,=a,n”. On the strength of this argument alone, 
the atomic polarizability of a Rydberg state appears propor- 
tional to n°. In fact, if one accounts for all states with 
different orbital quantum number |, the static polarizability 
of a Rydberg atom results proportional to n’. For instance, 
the atomic radius of atoms in one-electron Rydberg states 
with n~107, which are routinely created in the laboratory and 
are present in interstellar space, is —10%a,—similar to the 
size of an Ebola virus! Under these circumstances, the static 
polarizability is a stunning ~10'* times larger than its static 
value [19, 30, and Refs. therein]. 


[0114] From the practical standpoint, it is important to 
notice that Rydberg atoms gases have already been “frozen” 
and trapped in order to study, among others, the very 
dipole-dipole interactions we discussed at the very begin- 
ning of this disclosure [31]. The atoms themselves are 
prepared by causing them to absorb laser light of wavelength 
appropriate to induce a radiative transition to the desired 
excited state. Noticeably, the radiative lifetime of Rydberg 
atoms can be quite long, even compared to the relatively 
short crossing time within the propulsive system. The choice 
of atoms in states other than the ground state, such as 
Rydberg atoms, imposes an additional constraint upon the 
interatomic distance, since the radius of these atoms can be 
macroscopic. It is therefore important to require that the 
interatomic distance be much larger than the Rydberg atom 
radius, which in turn affects the size of the entire propulsive 
system. 


[0115] It is appropriate at this time to again stress the 
difference between the atom-atom force, which is related to 
the dependence of the dispersion energy on the interatomic 
distance and is a central force, and the vertical lifting force 
acting upon all atoms as a consequence of the modification 
of their interaction potential in an accelerated reference 
frame. For instance, let us again consider the potential 
energy of a pair of atoms (Eq. (12)) and let us rewrite it to 
highlight the close similarity to the gravitational case: 


AE=- Gorp 


k k 12 
Val A D UR <1. (12a) 


where the equivalent quantum-electro-dynamical “gravita- 
tional constant” is, by definition: 


ae 17617 1 (15) 
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and the dynamic polarizabilities play the role of the “gravi- 
tational mass.” The total potential energy can then be written 
as usual: 
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where the summation is meant over all pairs and R; is the 
magnitude of the interparticle distance vector, R;;. 


[0116] Every atom in the gas is acted upon by a gravita- 
tional-like self-force and thus undergoes an acceleration 
gQED towards the center of the cloud (assumed approxi- 
mately spherical) similar to a typical gravitational accelera- 
tion. This is in complete analogy to the collapse of a “cold” 
gas sphere taking place whenever the gravitational pressure 
is vastly larger than any opposing gas pressure gradient. The 
order of magnitude of the time required for the entire cloud 
to collapse to its center is an important characteristic time 1n 
stellar evolution and in stellar dynamics, and it is referred to 
as the free-fall time [32-33]. In order to generalize this 
quantity to our case, let us consider the equation of motion 
of a particle (atom) in the above potential at a distance r from 
the center of the cloud with a,(k, )=a,(k,) and N,>>1. In 
this case it is well-known from elementary mechanics that 
Gauss’ Theorem allows us to only consider the force exerted 
by the atoms inside a sphere of radius equal to r and we find: 


a4, > Ei (17) 
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Since we are only estimating an order of magnitude, let us 
assume, as done typically, that the acceleration is approxi- 
mately constant during the free-fall process. Thus: 


1 
arly ~D, 
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which yields, for r~D 
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Finally, by substituting Eq. (15) into this result, we obtain: 
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The importance of this result lies with the fact that the 
physics of the system after such free-fall time must be 
expected to be substantially different than in its initial state. 
For instance, in the case of atoms in their Rydberg states, a 
drastic evolution of the system towards a higher density 
configuration can be expected to result in the transformation 


of the gas into a neutral plasma, with consequent complete 
loss of thrust. 
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[0117] The condition to be required so that the atoms do 
not have the time to evolve into an extremely different, and 
technologically useless, state is that the free-fall time above 
be much longer than the time the atoms spend in the trap 
before the lifting force causes them to be ejected, At,. 
Evidently, 1f the gas evolves into, for instance, a plasma 
upon ejection, that is of no consequence to the momentum 
it will transfer to the vehicle. By using the result below at Eq. 
(40), we can write this requirement as: 


tg > Ata, (20) 


or 
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If the lift acceleration is much larger than g, the term in 
square brackets in the denominator of the right-hand-side 
will become much larger than unity so that term can be 
neglected and we easily find the limiting condition: 


(22) 


This condition, which of course results also by requiring that 
a,>>r, can be satisfied by realistic values of the geometry 
of the propulsive system, although it clearly points to the 
usefulness of employing larger traps, for which N,>>1. 


[0118] That the physical state of the gas can in fact be 
extreme after a few free-fall times if this is not accom- 
plished, can be seen by writing the condition that the gas be 
in equilibrium under the action of this gravitylike interac- 
tion. As well-known, gravitationally bound systems do not 
display what can be properly referred to as equilibrium 
configurations in the thermodynamical sense. This is well 
illustrated by an appropriate similitude between the cold gas 
in the propulsive system of this invention and a globular star 
cluster—a spherical system in which thousands to hundreds 
of thousands of stars are bound by their mutual gravitational 
interaction—or, alternatively, a star [22]. 


[0119] Ina globular cluster (or in a star), the distribution 
of velocities of the constituent particles “relaxes” to a 
quasi-Maxwellian velocity distribution after a time properly 
referred to as the “relaxation” time of the object. However, 
a Maxwellian velocity distribution contemplates a finite 
number of particles whose speeds at any given time are 
higher than the escape velocity from the system. Therefore 
there occurs a process of constant evaporation, which clearly 
forbids the existence of any equilibrium configuration [32- 
35]. 


[0120] However, it is possible to define a condition of 
quasi-equilibrium, in which a gravitationally bound system 
does not change drastically over many relaxation times. 
Under these conditions, the object obeys a general theorem 
referred to as the virial theorem, which links its total average 
kinetic and potential energies. This connection is very 
powerful, as it allows one to obtain estimates of the average 


11 


Jan. 11, 2007 


speeds of its particles, whether they be stars or atoms 
[35-36]. For the purposes of our estimates here, this very 
general theorem can be written as 


2<K ¿qs>+<U ¿,:>=0, (23) 


where K,,. is the total kinetic energy and the triangular 
brackets indicate the time-average. By writing the total 
kinetic energy as K,,,.=3/2N 4kgTz,=/4N 1Ma4<V a >, and by 


approximating <1/D>=1/<D>, the virial theorem yields: 
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The physical significance of these equations can be found by 
imposing the condition that the average kinetic energy be 
equal to the ionization potential of the atoms E, in the gas so 
that the atoms may become ionized as they collide, in 
analogy to the Saha and Boltzmann equations of stellar 
astrophysics [33]: 


(26) 


where the right-hand-side of the above equation contains the 
ionization potential of a hydrogen atom in its n-th state and 
E, is the ionization energy of the ground state. By using Eq. 
(24), this yields: 


An* (27) 


c A? 


D 


which can be expressed in even more fundamental terms in 
the case of Rydberg atoms as: 


An? I Oa n e? (27) 
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In the near-resonance case we can instead write: 
4r? 1 (2a9)° Qn» (29) 
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Replacing the numerical values we shall produce below in a 
few realistic examples, it is immediate to conclude that the 
almost immediate ionization of the entire atomic population 
is highly likely in all technologically meaningful cases, and 
that, as already pointed out in this section, it is imperative to 
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choose parameters that ensure the expulsion of the gas from 
the trap well before this process is completed. 


4.1.2 Validity of the Present Approach 


[0121] In this subsection we concern ourselves with the 
possible limitations of our treatment. Let us first of all notice 
that we have so far dealt with atoms in the trap as “classical” 
objects, that 1s, as material particles whose positions and 
velocities can be likened to those of stars in a cluster, for 
instance. This is approximately correct only if the de Broglie 
wavelength A, of the atoms is much smaller than the 
interatomic distance, that is, if: 


h de (30) 


where p, is the momentum of the atoms and the middle step 
is warranted for non-relativistic speeds. This condition may 
be violated for extremely low temperatures and for high 
densities, such as those of artificial “white dwarfs,” and in 
these cases the gas must be treated as a quantum gas of the 
appropriate statistics as is the case, for instance, in white 
dwarf stars [22, 33]. Although such extreme conditions are 
only marginally important to the present work, a well- 
established theoretical framework exists in the literature to 
describe them. 


[0122] Secondly, the basic result at Eq. (12) is rigorously 
valid only within fourth-order perturbation theory [21]. An 
order of magnitude of the regime within which our results 
are certainly warranted can thus be found by requiring that 
the energy shift per atom due to the total intermolecular 
force of the gas cloud be much smaller than the energy of the 
n-th unperturbed state occupied by the atoms, that 1s: 


|E [>>NA/AE]/, (31) 


or, for hydrogen atoms: 
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where the relationship between total power and intensity at 
Eq. (48) was used. Let us consider only the s-state polariz- 
ability as a,(A,)=a.,,(2a,)° and let us write the average 
intermolecular distance in terms of the atomic radius as R= 
ra, . Finally, by recalling that a,=a¿n”, we find: 


e 12X10" We. Ls (33) 
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The dynamical consequences of this constraint can be seen 
by recalling our basic Eq. (14) written by making use of the 
first two terms of Eq. (32): 


Glitz 4n pen 1 60 e 1 (35) 
—=-—N, 
g C 
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In order to extract a physical meaning from this requirement, 
let us consider the problem of bringing the gas cloud to a 
hover from a different standpoint. The condition of balance 
between weight and lift of one atom is given by Eq. (14) 
above: 


Aift,z ss Fig. -=N (E (ki)? 1 (14) 


g Namag c D ma 


By using the expression for the potential of one pair at Eq. 
(12), we can express this condition by introducing the total 
intermolecular energy of one atom due to all the others, 
N,AE: 


Qipz AE (36) 


g ma? 


With the usual strong caveats of using our non-quantum 
“intuition” to interpret results in the realm of quantum- 
electro-dynamics (QED) in curved space-time, a possible 
qualitative view of this hovering condition is that this 
requirement corresponds to having the total (negative) inter- 
molecular potential of the gas cloud cancel its total gravi- 
tational mass, thus resulting in atoms which are, for all 
practical purposes, “weightless.” By going further, it is 
possible to consider intermolecular potentials which are 
negative and larger in magnitude than the gravitational mass 
of the atoms, thus causing the total energy of the cloud to 
become effectively negative. According to Newton’s Law of 
Gravitation, this would require the atoms to be “repelled by 
gravity,” instead of being attracted. Although this is an 
interesting and useful image—which has in fact been pur- 
sued by Boyer in the past [16|—one has to be extremely 
careful to adopt it as an “explanation.” 


[0123] Inthe scheme of the present invention, the upward 
lifting force does not result from such view, but from the 
well-understood distortion of the Coulomb potential due to 
the presence of the gravitational field. Although Boyer’s 
work proved these two points of view to be equivalent [16], 
his study dealt with completely classical dipoles within the 
realm of special relativity and very weak gravity, and not 
with fully quantized atoms with the framework of QED in 
curved space-time. Since one possible interpretation of 
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dispersion forces between molecules involves a modifica- 
tion of the zero-point-energy of the quantum vacuum [37], 
such simple “semi-classical” explanations should be looked 
at only as useful mental pictures, since the “system” under 
consideration 1s actually an open system. 


[0124] In this context, two possible objections must be 
addressed. The first 1s whether it is at all correct to use 
perturbation theory in this case. After all, in order to bring 
a cloud of hydrogen atoms to a hover, the intermolecular 
potential must contribute an energy approximately equal to 
the rest-mass of a hydrogen atoms, or ~1 GeV, whereas the 
ionization potential of a hydrogen atom is 13.59 eV if the 
atom is in its ground state and much less if it is in a Rydberg 
state. The intermolecular potential will be vastly larger if we 
want to achieve an upward acceleration. The answer rests 
with the key fact that, in our case, the processes we are 
studying take place on relatively “short” time-scales. At 
some time after the cloud of atoms has been cooled and 
trapped, a very intense beam of radiation is turned on within 
a total time that will be assumed to be much shorter than that 
of any possible atomic transition. For instance, the radiative 
lifetimes of very high n Rydberg atoms can be even fractions 
of a second, whereas lasers can be turned on in fractions of 
a nanosecond (107” s) and that radiation will require a 
similar time to cross the entire trap at the speed of light. 


[0125] A well-known feature of the perturbation theory of 
“sudden” interactions is that the perturbation does not have 
to be small for theory to be used, unlike most other appli- 
cations of perturbation theory, as stated, for instance in [38] 
(see also [39-41 J): “The transition probabilities in instanta- 
neous perturbations can also be found in cases where the 
perturbation is not small . . . Ifthe change in the Hamiltonian 
occurs instantaneously (i.e. in a time short compared with 
the periods 1w,, of transitions from the given state 1 to other 
states), then the wavefunction of the system is “unable” to 
vary and remains the same as before the perturbation. It will 
no longer, however, be an eigenfuction of the new Hamil- 
tonian H of the system...” 


[0126] By making further use of this same mental picture, 
we can say that in the description of the fundamental 
physical process at the basis of the present invention we 
assume that the phase of upward acceleration of the atoms 
takes place in the very early stages immediately following 
the application of the laser radiation field and before the 
eventual modification of the wavefunctions intervenes. In 
other words, there exists a relatively brief time span imme- 
diately following the laser turn-on time, during which the 
atomic dipoles still behave as such, although, eventually, the 
gas evolves towards a very different state, such as a plasma 
for instance. Part of the refining work of the present inven- 
tion will be to consider in detail the dynamics of the 
evolution of the atoms in the intense radiation field. How- 
ever, the references quoted show that there is a solid logical 
foundation in the use of perturbation theory in the present 


case due to the instantaneous application of the radiation 
field. 


[0127] The second objection to consider is whether it is 
against any fundamental law of physics to even consider the 
existence of a volume of space where the total energy is 
negative, as appears to be necessary in order to obtain a 
gravitational “repulsion” of the atoms. We have already 
provided a first hint above that one answer to this objection 
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is that it is not at all necessary to look at this process as being 
due to a “negative” energy. In fact, one alternative and much 
more satisfactory way to explain the upward motion of the 
atoms is to appeal to the distortion of the dipole-dipole field 
due to the acceleration in the presence of a gravitational 
field. The distortion of the field lines due to the presence of 
gravitational appears to be a much firmer concept than that 
of a “negative” energy. 


[0128] However, even if one wants to engage in the 
widespread debate concerning the existence of negative 
energy, it is interesting to point out that dispersion forces in 
general and Casimir forces in particular are in fact com- 
monly used as examples to the affirmative. In other words, 
whereas there exist strict quantum limits, similar to the 
uncertainty principle, as to the length of time a very negative 
energy density can be imposed upon a volume of space, 
dispersion forces clearly afford an example where the energy 
density can remain negative indefinitely (although the same 
limitations apply if one attempts to decrease the energy even 
further). The important point to the present invention is that 
there is no fundamental physical reason that dispersion 
forces cannot be made negative for the brief time needed to 
accelerate the atoms upward as required to provide thrust. 
On the other hand, much more exotic and fantastic appli- 
cations of negative energy to “warp-drives,’‘time-ma- 
chines,” and “faster-than-light” travel, which now appear 
forbidden by fundamental laws of quantum mechanics in 
curved space-time [42-45] are not involved in the physical 
processes of this invention. 


4.1.3 Thrust 


[0129] By using Eq. (13) above, we can write the total 
lifting force on the trapped atoms in the case that a,(k, )= 
Gg(K, ), by assuming that the average of the interatomic 
distance between any given atom and all others is ~D, as: 


aĝ (kr) (37) 
a PY 
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Let us now consider the total momentum acquired by the gas 
as 1t flows out of the atomic trap. Without getting into the 
details of the dynamics of such process, which certainly 
deserve further consideration, let us consider the accelera- 
tion of the atoms under the action of the lifting force, Y y... 
In an inertial reference frame, the total acceleration under- 
gone by the atoms would be F,,./N,m,, but, in this non- 
inertial frame, the acceleration will be (F,,.-N,m,g)/ 
Nama=(F,../N,4m,)-g. For instance, if the lifting force is 
exactly equal to N,m,g, the atoms will not accelerate with 
respect to the vehicle, but only hover, as we have seen in the 
above theoretical treatment. Therefore: 


a a Ft gy ey = ak) (38) 
“Nama aon Az (RNY? ma Í 
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At this rate, the average final velocity of the atoms will be 


Va, n= "244 (D/2): 


F gas (39) 
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where, of course, the application considered in this invention 
considers only circumstances in which the radical is real. 


[0130] Itis also of interest to find an order of magnitude 
for the time required to leave the atomic trap defined as 
YD=%a,(At,)°, which sets a lower minimum to the 
“reload” time of the thrust cycle: 


(40) 
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[0131] From Eq. (39) we can immediately write the total 
momentum of the gas, AP,,., for each cycle at it approaches 
the shock absorber: 


gas? 


(41) 
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or 


(42) 
AP gas = Nama 


Finally, let us estimate the total momentum transferred to the 
vehicle in the assumption that the impact of the gas against 
it is dissipative, that is, by assuming the complete conser- 
vation of momentum. In this case, the final speed change of 
the (gas+craft) system at the end of the n-th cycle will be 
given by m,..V.4 n= (Mas Mora AV, - That is, by solving for 
AV, 


gas 


(43) 
Nama 


Av, = ————————_- 
ý Nama + M craft 


Although the acceleration of the vehicle varies over time 
during the cycle, it is useful to introduce an average accel- 
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eration over the cycle itself, we the understanding that the 
acceleration experienced by the atoms during their phase of 
acceleration may be different, and usually higher, than this 
value because of the cycle synchronization we discussed 
earlier. We write: 


Avn (44) 


Gcraft = 7 _ 
Ata + Atretoad 


where Ate sona 18 the time required to prepare the new atomic 
cloud in the trap for the following cycle. This definition 
allows us to also define a nominal thrust for the engine as: 


F engine=(NaMat craft) Ceraft (45) 


[0132] In the limit in which the reload time vanishes 
(Ate eicag 20), of course we find, as expected: 


Av, Na Ma (46) 
> — z= —————— 
ce Ala Na Ma + M craft oe 
and 
Fengine = F gas: (47) 


In this ideal limit, the hovering condition becomes that 
Foas=(Nam,t+M..a9)g, that is, the total force on the atomic 
cloud must be equal to the weight of the entire vehicle. This 
is also the thrust that could be obtained if the atomic cloud 
could be trapped permanently within the chamber even as it 
acts on the vehicle via the action-reaction law. 


4.1.4 Energy Considerations and Thruster Efficiency 


[0133] The total radiation power utilized will be estimated 
as W=18 ID’, which corresponds to six laser triads (this is 
an upper estimate of the power needed as it is possible to 
induce gravitation-like behavior in a particular direction by 
using less power than this maximum). This yields: 


W=18 I N,23R?. (48) 


By solving this expression for the radiation flux I, we find: 


fees dd (49) 
18N23R 


This result allows us to obtain a realistic estimate of the 
relationship between the dynamics of the process and the 
total amount of energy needed. For instance, by substituting 
it into Eq. (38), we obtain the following useful expression: 


ne 27° Wa? (kr) 4 (50) 
de qe? R Aims 


which exposes the interesting fact that, in the present 
approximation, the atomic acceleration as a function of the 
total laser power irradiated is independent of the number of 
atoms in the trap. By means of this equation, it is possible 
to write the total power needed to be focused onto the trap 
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to achieve a hover, that 1s, a vanishing acceleration of the 
atoms with respect to the vehicle. 


This corresponds to: 


9c? Rm A (51) 
27? hlk) 


Whover = 


independently of g. For practical reasons, let us rewrite this 
result in units of Megawatts (MW) in terms of the wave- 
length in micrometers, A(um), of the average interatomic 
distance in units of Bohr radii, R/a,, and by involving the 
dimensionless polarizability factor as AL, (k, )=@ ,(k, )Qo: 


59 (R / ao) AZ (yum) (52) 


Wiser = 2.18 x 1 MW, 
úl á az, (k,) 


Of course this result should be interpreted as allowing the 
atoms to be brought to a hover for a time no longer than the 
free-fall time given at Eq. (19) above unless an independent 
trapping approach is employed to hold the atoms at constant 
intermolecular distances, such as in an optical crystal. 


Similarly for Eqs. (17), (18), (20), and (21): 
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with the same restrictions on the duration of the impulse. 


[0134] The ratio of thrust to radiation pressure: This 
dimensionless quantity compares the thrust obtained from 
the present thrust mechanism to the radiation pressure one 
would obtain by simply radiating away the power used 
instead to alter the intermolecular potential. Clearly one 
expects this quantity to be much larger than unity in order for 
the approach of this invention to be of practical use. Should 
that not be so, the case could be made that focusing the 
radiation onto an appropriately large sail would be a more 
efficient use of that energy. We have, in the ideal case in 
which the reload time vanishes, 
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In the limit in which a,>>g, we have, simply: 


oe ea (ek) (54) 
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Typical estimates of this quantity in interesting cases indeed 
indicate values much larger than unity for this quantity. 


[0135] As in any other system that does not make use of 
the traditional expulsion of high speed gases to generate 
momentum (e.g. light sails), one must introduce new figures 
of merit. For instance, the typical concept of the specific 
impulse (the ratio of engine thrust to the weight of the 
material ejected in the unit time) [29], requires special 
attention in this case. Let us consider the case of a thrust 
system in which all radiation emitted by the high power 
lasers is permanently lost and radiated away from the 
spacecraft. Because of the mass-energy equivalency, this 
will correspond to a net mass-loss of the vehicle at a rate 
M...n=-W/c?. In the literature, the “photon rocket,” which 
annihilates matter and antimatter to eject the corresponding 
radiation in a particular direction, 1s defined by theoreticians 
as the “perfect” rocket engine, because it yields the highest 
terminal speed at burnout for the same final to initial mass 
ratio [46]. However, whereas in that case the thrust is 
directly due to the reaction to the emitted photons, in our 
case the presence of the radiation in the chamber where the 
atoms are trapped is only a catalyst to create the thrust upon 
the vehicle. Thus, since the origin of the thrust in our case 
is not the lost radiation one could just as convincingly argue 
that the specific impulse becomes undefined in this case. 


[0136] From the quantitative standpoint, therein lies the 
great interest of the approach of the present invention. That 
is, for the same amount of energy expended, the thrust 
derived is much higher than that obtainable in the photon 
rocket [46]. At the same time, this high thrust does not come 
at the price of an impulsive propulsive system as in chemical 
engines, but one that can actually provide high accelerations 
over almost indefinite periods of time [47]. 


[0137] Thruster efficiency: This is the ratio of the kinetic 
energy of the atomic cloud as it emerges from the trap to the 
total energy used during the acceleration of the gas. By using 
the above expression for the final velocity of the atoms, this 
quantity can be written as: 
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The infrared light in this project is generated 
by a light-emitting diode (LED). In an LED, a 


current runs through a PN junction that 
generates light. This same process occurs 
with all diodes. Infrared LEDs are simply 
diodes with a transparent case that enables 


the infrared light to show through. LEDs also 
have a PN junction made with semiconductor 


material that produces a large amount of 
infrared light. Figure 4.10 shows a typical LED 
and its schematic symbol, the symbol for a 
diode with arrows pointing outward, indicating 
that light is generated. 
Figure 4.10 

Anode 


Anode Cathode 
Cathode 


In this project, a photodiode detects the 
infrared light. When light strikes a PN junction 


in a photodiode (or any diode), a current IS 
generated. Infrared photodiodes also have a 
transparent case and junction material that 
produces a large current when it absorbs 
infrared light. Figure 4.11 shows a typical 
photodiode and Its schematic symbol 


consisting of the symbol for a diode with 
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In the same limit a,>>g we find: 
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Special care must be exercised in interpreting the results 
obtained by extrapolating this equation to values of the 
efficiency that exceed unity, since this may be an indication 
that other phenomena are becoming important. Furthermore, 
we have here neglected other forms of energy that are also 
required, such as, for instance, the radiation required to 
excite the atoms if Rydberg states are used and the energy 
used for the initial trapping. As shall become clear in the 
examples below, the present invention represents a useful 
and revolutionary technological innovation even in regimes 
where the thruster efficiency is below unity. 


4.2 Start-Up, Maneuvers, Cruise, and Turn-Off 


[0138] The fundamental, basic physics principle of this 
invention is the distortion of the field of a dipole in an 
accelerated reference frame and the resulting “lifting” 
dipole-dipole force. In order for this principle to operate, an 
acceleration must be induced upon the dipole system before 
the thrust on it can appear. In other words, it is not possible 
to turn on the thrusting system of this invention from a cruise 
phase (approximately at constant speed). Because of the 
Principle of Equivalence, such initial acceleration can be 
provided by means of any combination of two different, but 
equivalent mechanisms. In the former, the acceleration is 
due to gravitation, which provided the initial motivation for 
the present invention. 


[0139] Because of the Principle of Equivalence, the effect 
of a gravitational field is indistinguishable from that a 
uniformly accelerated reference frame (if we neglect the 
Linet term mentioned in our comment of Eq. (3) and in Ref. 
[9] and quantitatively unimportant to this invention). There- 
fore, the trigger acceleration can be provided by the gravi- 
tational field as a supported (not freely falling system) rests, 
for instance on the ground. Because of the Principle of 
Equivalence, if the spacecraft is freely falling its accelera- 
tion exactly cancels that of the gravitational field and it 
becomes indistinguishable from a laboratory at a large 
distance from any other mass, to the extent that its size is 
relatively small. 


[0140] Because of the mechanism of this invention, if the 
spacecraft is resting on the ground, upon laser turn-on, the 
intermolecular forces will be distorted in such a way as to 
cause an upward acceleration of the atoms, which can be 
made, for instance, as large as needed for the spacecraft to 
hover. On the other hand, if the spacecraft is in outer space 
at a large distance from any other celestial objects, such as 
in interplanetary flight, the initial acceleration must be 
provided by independent means. This can be achieved in a 
variety of ways. For instance: (1) an initial forward accel- 
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eration can be produced by a traditional thrusting system 
until the first few cycles of the present engine are pro- 
duced—in this case the traditional thruster becomes an 
“ignition system” for the present invention; (2) the entire 
craft can be put into rotation around an appropriate axis, thus 
reproducing Einstein’s rotating disk [46]; (3) on re-entry, a 
spacecraft undergoes an aerodynamic deceleration that can 
be used as the trigger. 


[0141] The same above sample triggers can be also used 
for maneuvering, that is, to create an initial acceleration in 
a direction different than that of the present motion. This can 
be very useful to transform the present invention in a vehicle 
for motion near the surface of the earth. A slight acceleration 
parallel to the ground could be maintained with relatively 
little radiative energy while a larger amount of radiation 
would keep the vehicle hovering safely. A slow decrease in 
the power of the lasers, or any other change in the param- 
eters determining the thrust, such as intermolecular distance 
or total atom number, would result in a decreased accelera- 
tion of the atoms and, thus, of the vehicle. In order to bring 
the vehicle to a cruise (constant speed) the only necessary 
action is to turn off the high power lasers, or, alternatively, 
to empty the atomic trap system of atoms. The acceleration 
upon the vehicle would then immediately stop along with 
the dipole-dipole field distortion, thus bringing the craft to 
constant velocity. Finally, a trigger acceleration can be 
exercised in a direction opposite to the instantaneous veloc- 
ity to start an opposite thrust that brings the vehicle to a 
deceleration and to a new hover. 


[0142] Although the notion of flying by exploiting an 
initial acceleration may appear counterintuitive, it must be 
said that a similar transition also challenges some pilots at 
the beginning of their training. In fact, flying through air 
requires speed to create lift from the airfoils and a slower 
and slower aircraft is unable to keep altitude. This concept 
requires constant training in beginning pilots today to fight 
the instinct to “pitch-up” to regain lost altitude on landing, 
as that can result in a stall. Similarly, the lifting mechanism 
of this invention requires the user to become sensitive to 
acceleration—as opposed to speed—and to the notion that 
an accelerating vehicle can maintain thrust, whereas one at 
constant speed will loose thrust. 


4.3 Numerical Examples 


[0143] The following numerical examples were generated 
by making use of a Mathematica notebook [13] which 
encoded the equations discussed in this document. The 
design of any of the missions below could (and does) take 
many years of study, but the goal of this section 1s to provide 
the information necessary to appreciate the fact that the 
physics of this invention leads to realistic engineering 
demands. In other words, whereas relativistic travel is 
usually assumed to require harnessing absolutely fantastic 
amounts of energy, the method below yields numbers that 
can be realistically contemplated to be put into feasible 
design with presently existing technologies. 


[0144] Any space mission must start with some require- 
ments, which are to some extent arbitrary or descend from 
other constraints. In the examples below, we assumed that all 
travel takes place at a given spacecraft acceleration a/g<l. 
This is to contrast the approach to space travel of this 
invention with typical designs, which either impose high 
(several g) accelerations for a short periods of time (chemi- 
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cal rockets) or provide very low thrust over very long 
periods of time, such in the case of ion propulsion, in which 
the author of this invention has been directly involved [47]. 
Let us recall that the present method requires that the 
intermolecular potential be distorted by the acceleration of 
the vehicle (or by gravitation if the vehicle is held at rest, as 
required by the Principle of Equivalence). Therefore, the 
acceleration of the vehicle due to the impact of a gas cloud 
into the plate determines the efficiency of the atomic accel- 
eration in the following cycle. 


[0145] According to the present method, space travel is 
most efficient when it is significantly accelerated. This is not 
a drawback, since, for instance, it is now understood that the 
dangers to human health of very long periods of weight- 
lessness are significant. The data presented herein were thus 
produced by assuming a spacecraft acceleration a=g and 
then by demanding self-consistency, that is, by requiring that 
the spacecraft acceleration produced by any given gas cloud 
also be equal to g. Even with this requirement, the choices 
shows below represent only one of many possibilities cho- 
sen for their being realistic from the engineering standpoint 
or for their being representative of a contrast between the 
present invention and present-day technology. For simplic- 
ity, the reload time was everywhere assumed to be negli- 
gible. 


[0146] 4.2.1 A Robotic Low-Thrust Delivery System to 
the planet Mars 


PROPULSIVE SYSTEM SPECIFICATIONS 


W = 35.0 MW = 3.5 x 10!“ erg/s 

A, = 1 x 10% (quasi-resonant response) 

n = 1 (ground state) 

R=5 a 

^ = 1000 A (quasi-Lyman-a transition) 

Morar = 10’ g = 10 metric tons 

Na = 4.66 x 107° 

Mas = 7-86 x 10° g = 0.786 kg 

Chamber Size D = 20.3 cm 

W hover(đeraft =1 g) = 2.7 KW 

aa = 1.28 x 10° cm/s? 

Vatn = 2.29 x 10° cm/s 

At, = 1.79 x 10° s 

ty = 60.6 x 10s 

Efficiency = 3.3 x 10+ 

AV mag Cycle = 2.62 cm/s 

orate = 10 cm/s? (self-consistent) 

Thrust = 10.0 kN 

(Thrust/Total Radiation Pressure) = 8.57 x 104 

Earth-Mars distance at opposition (Aug. 27, 2003) 55.758 x 101! cm [48] 
Total Travel time = 1.52 x 10%s = 17 d 13h 17 min 46.7 s 
Maximum Speed (reached after = 6 x 10° s) = 6.0 x 10% cm/s = 60 km/s 
Maximum Kinetic Energy (reached after 6 x 10° s) = 1.8 x 107° erg 
Total Energy Radiated (up to maximum speed) = 2.1 x 10% erg 
Time to Mach 1 (Speed of Sound V ound = 331 m/s) = 3.31 x 107 s 
Time to Clear Low-Earth-Orbit (400 km) = 2.8 x 10% s = 47.1 min 
Time to Clear the Earth-Moon System (4 x 10° km) = 8.94 x 104s = 
1 d 50.7 min 


Comments 


[0147] In order to obtain the above estimates for the 
transfer to Mars, we greatly simplified the problem by 
neglecting the gravitational force of all objects involved, 
including the Sun, the Earth, and Mars. Of course, the 
gravitational force of the Earth 1s actually an integral part of 
the engine start-up mechanism of the present invention and 
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in that sense its effect is accounted for here. However, since 
the gravitational field of all near-by objects is cleared in a 
matter of minutes, its influence on the dynamics of flight was 
neglected in these order-of-magnitude calculations. 


[0148] Itis useful to make come comparisons between the 
specifications of the system above and present-day delivery 
systems, since that helps elucidate the great technological 
relevance of the present invention. A typical choice for such 
recent space missions to Mars as the ones of Spirit and 
Opportunity is the Boeing Delta II 7925 or 7925H (the letter 
H indicates the more powerful high performance version) 
[49]. In its common configuration, the RS-27A engine of the 
Delta II first stage, along with the additional nine strap-on 
solid rocket motors, generates approximately 8.9x10° New- 
tons of thrust, which are necessary to lift the total “wet” 
(fueled up) vehicle mass of 285,228 kg off the launch pad. 
This thrust is almost one order of magnitude larger than that 
of the engine described in this document until the Main 
Engine Cut Off (MECO), approximately 265 s after lift-off. 
The thrust of the following stages is smaller, with the thrust 
of the third stage at approximately 6.6x10* N. 


[0149] Since the initial phase of ascent takes place under 
the thrust of a chemical rocket, not surprisingly we see that 
both in the case of Spirit and Opportunity the Delta II 
vehicle passes through Mach 1 in a much shorter time than 
the one propelled by the engine of this invention (32.4 s and 
29.6 s, respectively) [50]. However, very importantly, by a 
very good approximation, the entire launch mass of 10 
metric tons (10* kg) is propelled towards Mars in the present 
case whereas, in the traditional approach, only 1.070x10° kg 
out of the initial 285,228 kg represent the useful remaining 
payload. Of this surviving mass, only 533 kg actually lands 
on Mars in the traditional case, since approximately 250 kg 
are allocated to the cruise stage alone. 


[0150] Finally, the entire vehicle propelled by the engine 
of this invention arrives at Mars in a matter of less than 
twenty days, whereas both Spirit and Opportunity extremely 
reduced in mass, arrive approximately six months later. It is 
very significant that the gravitational field of Mars, added to 
the deceleration of the spacecraft, makes the process of 
landing much slower and completely safe, in contrast with 
what NASA/JPL itself defines as the “six minutes of terror,” 
during which the vehicle must be slowed down from 12,000 
miles/hr to 0 miles/hr corresponding to average accelera- 
tions a... 1.5 g, although during the last drop the accel- 
eration can reach ~40 g [51]! In contrast, since the present 
vehicle is approaching Mars decelerating at a,,..¢=10 cm/s’, 
the same process can be executed within over a week-long 
time and distributed over a path at uniform acceleration that 
concludes with the entire vehicle safely hovering at a desired 
height above the ground of the planet. 


[0151] An obvious question when carrying out a compari- 
son between traditional propulsion technology and the 
mechanism described in this document concerns the feasi- 
bility of generating ~107°-107? s laser pulses requiring over 
~30 MWe (that is, MW of electric power) on board of a 
space vehicle. Is this possible? Has this possibility ever been 
carefully considered in the past? The answer to such legiti- 
mate question is that the study of high power, high efft- 
ciency, low-mass nuclear reactors for use in space applica- 
tions is actually extremely advanced, although political and 
public opinion considerations tend to hide the enormous 
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amount of available information away from the non-techni- 
cal readership. A small selection of such literature, which 
cannot be cited here even partially because of 1ts sheer size, 
can be found at[52] and References therein. General historic 
motivations behind this technical effort are to be found in the 
large energy needs of any hypothetical “Star Wars” defense 
system, in research into the possibility of interstellar travel, 
and, finally, in the recently renewed commitment to the 
human colonization of space made by the President of the 
United States and NASA. What is important to the evalua- 
tion of the engineering feasibility of the present invention 1s 
that, typically, reactor power densities in the order of ~1-5 
kW/kg are surely possible, with very wide variations in 
either direction of that estimate depending on the specifics of 
design and shielding requirements. However, the figure 
above is sufficient to make the case that, by means of 
presently existing technology, it is absolutely appropriate to 
consider a 10 ton-vehicle carrying a reactor able to produce 
pulses in the 30 MWe range in space. 


[0152] The implications for human flight to Mars by 
means of the present invention are very significant as well. 
At present, the delivery of several tens of tons of payload to 
Mars is contemplated to take approximately 180 days, with 
a typical mission duration for the crew of 2-3 years. The 
overwhelming majority of the mission duration would be 
spent in complete weightless conditions during transit and 
possibly under exposure from harmful radiation. In addition, 
the prospects of recovery in case of an even minor malfunc- 
tion are dire not to speak of a major accident of the type that 
occurred on Apollo 13. Being able to reduce the travel time 
to a matter of days, while transporting the crew under at least 
partial gravitational conditions completely changes the pros- 
pects for successful colonization of the Red Planet as well as 
the potential for a rescue mission should that be necessary 
[53]. 


[0153] 4.2.4 A Thrust System for Safe, Low-Speed, Near- 
Earth Human Transportation 


PROPULSIVE SYSTEM SPECIFICATIONS 


a, = 6.29 x 10% cm/s? 

Va fin = 1.61 x 10* cm/s 

At, = 2.55 x 107 s 

ty = 60.6 x 10 s 

Efficiency = 11.2% 

AVere/ Cycle = 18.35 cm/s 

Aerafr = 8/2 (self-consistent) 

Thrust = 0.491 MN 

(Thrust/Total Radiation Pressure) = 4.20 x 10% 

Earth-to-LEO distance = 4 x 10’ cm 

Total Travel time = 4.97 x 10? s = 8 min 17.5 s 

Maximum Speed (reached at midpoint) = 1.22 x 10° cm/s = 1.22 km/s 
Maximum Kinetic Energy (reached at midpoint) = 7.44 x 10!° erg 
Total Energy Radiated (at midpoint) = 1.74 x 101” erg 

Time to Mach 1 (Speed of Sound V ound = 331 m/s) = 67.5 s 

Note: 

The quantities not repeated are unchanged with respect to the previous 
example. 


Comments 


[0154] The interest of this particular case lies not in the 
acceleration, which is less favorable than by means of 
already available technology, but in its ability to deliver the 
entire payload to high altitude at rest. This allows us to 
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consider an entirely new philosophy or air transportation and 
space travel around the Earth (or other planets). Whereas the 
key objective to reach extreme altitudes with ordinary 
technologies must be the achievement of high speeds, as that 
is the only strategy which allows the vehicle to be injected 
into a permanent orbit, in the case of the present invention 
it is possible to deliver a payload to a high hovering altitude 
without requiring orbital speeds. 


[0155] Similarly, the descent maneuver of our vehicle 
does not require the fiery but unavoidable re-entry of typical 
deorbiting, thus avoiding the accompanying extreme heating 
and grave dangers to the crew, as in the recent Columbia 
tragedy. In fact, the vehicle of this example would not reach 
speeds higher than Mach 4 before decelerating to its hov- 
ering point, as opposed to the orbital re-entry speed of the 
Shuttle of approximately Mach 24. This achievement would 
represent nothing less than a revolution in aerospace tech- 
nology. Interestingly, the present approach also lends itself 
to being phased-in as it replaces traditional propulsion 
technologies. In other words, it is conceivable that a system 
of lower thrust, unable by itself to attain a complete hover, 
could be placed into service for the only purpose to provide 
additional breaking in an emergency at those speeds that 
make parachute deployment am impossible option. 


I claim: 
1. A method comprising: 


generating a force by subjecting a plurality of confined 
particles to a trigger acceleration, wherein said force 
exhibits short-range interactions; and 


exposing said particles to an amount of electromagnetic 
radiation that is sufficient to induce said force to: 


(111) exhibit long-range interactions; and 


(iv) cause said particles to either accelerate or hover. 


2. The method of claim 1 wherein said particles are 
characterized by a polarizability, and wherein the method 
further comprises increasing said polarizability of said con- 
fined particles. 


3. The method of claim 2 wherein said electromagnetic 
radiation has a near-resonance wavelength. 


4. The method of claim 2 wherein said method further 
comprises creating Rydberg atoms from said particles. 


5. The method of claim 1 wherein said electromagnetic 
radiation is delivered to said particles as a plurality of pulses, 
wherein each pulse lasts for an amount of time that is shorter 
than any atomic transition that said particles undergo. 


6. The method of claim 1 further comprising transferring 
at least some of the momentum of said particles to a vehicle. 


7. The method of claim 1 further comprising impacting 
said particles against a surface, wherein, during impact, at 
least some of the momentum of said particles is transferred 
to said surface. 


8. The method of claim 1 further comprising impacting 
said particles against a piston. 
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9. The method of claim 1 wherein a minimum sufficient 
amount of electromagnetic radiation is given by the expres- 
sion: 


(Ria) AZ 


=: 9 
W = 2.1810 2D 


wherein: W :is power, in Megawatts; 
R/a,: is the average interatomic distance, in Bohr radii; 


A, : 1s the wavelength of the electromagnetic radiation, in 
micrometers; 


aL, 18 a factor (dimensionless) by which the static polar- 
izability of a particle is increased at near resonance; and 


kı: is the laser-light wave number (dimensionless). 

10. The method of claim 1 wherein said trigger accelera- 
tion 1s a gravitational field. 

11. The method of claim 6 wherein said trigger accelera- 
tion is provided a method selected from the group consisting 
of: supporting said vehicle in a gravitational field, firing a 
chemical rocket, rotating said vehicle. 

12. The method of claim 1 wherein said confined particles 
are confined in an atomic trap. 

13. The method of claim 12 wherein said atomic trap is 
aboard a vehicle. 

14. A method comprising: 


confining a plurality of particles; 
subjecting said particles to a trigger acceleration; 


exposing said particles to an amount of electromagnetic 
radiation sufficient to: 


(1) induce an inter-particle force that arises between 
said particles to exhibit long-range interactions; and 


(11) cause said particles to either accelerate or hover. 

15. The method of claim 14 wherein the operation of 
confining further comprises confining said particles in an 
atomic trap. 

16. The method of claim 14 wherein the operation of 
confining further comprises confining said particles aboard 
a vehicle. 

17. The method of claim 16 further comprising impacting 
said particles against a surface of said vehicle. 

18. The method of claim 14 further comprising increasing 
the polarizability of said particles above a static value. 

19. The method of claim 14 further comprising transfer- 
ring at least a portion of a momentum possessed by said 
particles to a vehicle. 
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20. A method comprising generating a lifting force by 
modifying the interaction potential of particles in an accel- 
erated reference frame. 

21. The method of claim 20 wherein the operation of 
modifying the interaction potential comprises causing the 
interaction potential to exhibit long-range interactions. 

22. The method of claim 20 wherein the operation of 
modifying the interaction potential comprises exposing said 
particles to an amount of electromagnetic radiation that 1s 
sufficient to cause said particles to either accelerate or hover. 

23. A method comprising developing thrust to propel a 
vehicle by: 


(1) confining a plurality of particles within said vehicle; 


(2) exposing said particles to an amount of electromag- 
netic radiation that is sufficient to: 


(1) induce an inter-particle force that arises between 
said particles to exhibit long-range interactions; and 


(11) cause said particles to accelerate in a first direction 
due to said force; and 


(3) impacting the accelerating particles against a surface 
that is coupled to said vehicle, wherein: 


said thrust that is developed propels said vehicle in said 

first direction. 

24. The method of claim 23 wherein the operation of 
impacting further comprises moving a piston, and wherein 
said piston is coupled to said vehicle. 

25. The method of claim 24 wherein, before being 
exposed to said electromagnetic radiation, said particles are 
confined within a trap, and wherein the operation of impact- 
ing further comprises recycling to said trap particles that 
have moved said piston. 

26. A method comprising developing thrust to propel a 
vehicle by: 


generating asymmetry in a plurality of electric fields, 
wherein said electric fields surround a plurality of 
confined particles; 


exposing said confined particles to real photons, wherein 
said real photons deliver an amount of energy to said 
confined particles that is sufficient to cause an inter- 
particle force that results from said asymmetry to: 


exhibit long-range interactions; and 


cause said particles to either accelerate. 
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For my dearest Erico 


arrows pointing inward, indicating that light is 
absorbed. 
Figure 4.11 


Se Cathode 
Anode Cathode 


Anode 
When the circuits are set up, the buzzer 
sounds whenever the infrared light is blocked 
from the photodiode. 
Parts List 
One 9-volt battery. 
One 6-volt battery pack (4 AA batteries). 
Two battery snap connectors. 
One 100-ohm, 0.5-watt resistor. 
One 1 k &, 0.25-watt resistor. 
One 10 k &, 0.25-watt resistor. 
Two breadboards. 
Two terminal blocks. 
One piezoelectric buzzer with a minimum 
operating voltage of 3 volts DC. Using a 
buzzer with pins (such as part # 
SE9-2202AS by Shogyo International) 
enables you to insert the buzzer directly into 
the breadboard. If you use a buzzer with 
wire leads (such as part # PK-27N26W0Q by 
Mallory), you need another terminal block. 
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How to Have Fun with This Book 


Everyone uses electronic devices, but most of us don't really know what goes 
on inside them. 


Of course, you may feel that you don't need to know. If you can drive a car 
without understanding the workings of an internal combustion engine, pre- 
sumably you can use an iPod without knowing anything about integrated cir- 
cuits. However, understanding some basics about electricity and electronics 
can be worthwhile for three reasons: 


e By learning how technology works, you become better able to control 
your world instead of being controlled by it. When you run into problems, 
you can solve them instead of feeling frustrated by them. 


e Learning about electronics can be fun—so long as you approach the pro- 
cess in the right way. The tools are relatively cheap, you can do all the work 
on a tabletop, and it doesn't consume a lot of time (unless you want it to). 


e Knowledge of electronics can enhance your value as an employee or per- 
haps even lead to a whole new career. 


Learning by Discovery 


Most introductory guides begin with definitions and facts, and gradually get 
to the point where you can follow instructions to build a simple circuit. 


This book works the other way around. | want you to start putting components 
together right away. After you see what happens, you'll figure out what's go- 
ing on. | believe this process of learning by discovery creates a more powerful 
and lasting experience. 


How Hard Will It Be? 


ee | 


Stay Within the Limits! 


Although | believe that everything 
suggested in this book is safe, l'm as- 
suming that you will stay within the 
limits that | suggest. Please always 
follow the instructions and pay 
attention to the warnings, denoted 
by the icon you see here. If you go 
beyond the limits, you will expose 
yourself to unnecessary risks. 


Learning by discovery occurs in serious research, when scientists notice an un- 
usual phenomenon that cannot be explained by current theory, and they start 
to investigate it in an effort to explain it. This may ultimately lead to a better 
understanding of the world. 


We're going to be doing the same thing, although obviously on a much less 
ambitious level. 


Along the way, you will make some mistakes. This is good. Mistakes are the 
best of all learning processes. | want you to burn things out and mess things 
up, because this is how you learn the limits of components and materials. 
Since we'll be using low voltages, there'll be no chance of electrocution, and 
so long as you limit the flow of current in the ways l'Il describe, there will be no 
risk of burning your fingers or starting fires. 
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Figure P-1. Learning by discovery allows you to start building simple circuits right away, 
using a handful of cheap components, a few batteries, and some alligator clips. 


How Hard Will It Be? 


| assume that you're beginning with no prior knowledge of electronics. So, 
the first few experiments will be ultra-simple, and you won't even use solder 
or prototyping boards to build a circuit. You'll be holding wires together with 
alligator clips. 


Very quickly, though, you'll be experimenting with transistors, and by the end 
of Chapter 2, you will have a working circuit that has useful applications. 


| don't believe that hobby electronics has to be difficult to understand. Of 
course, if you want to study electronics more formally and do your own circuit 
design, this can be challenging. But in this book, the tools and supplies will be 
inexpensive, the objectives will be clearly defined, and the only math you'll 
need will be addition, subtraction, multiplication, division, and the ability to 
move decimal points from one position to another. 
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Moving Through This Book 


Basically there are two ways to present information in a book of this kind: in 
tutorials and in reference sections. lm going to use both of these methods. 
You'll find the tutorials in sections headed as follows: 


e Shopping Lists 
« Using Tools 
e Experiments 
You'll find reference sections under the following headings: 
e Fundamentals 
e Theory 
e Background 


How you use the sections is up to you. You can skip many of the reference 
sections and come back to them later. But if you skip many of the tutorials, 
this book won't be of much use to you. Learning by discovery means that you 
absolutely, positively have to do some hands-on work, and this in turn means 
that you have to buy some basic components and play with them. You will 
gain very little by merely imagining that you are doing this. 


It's easy and inexpensive to buy what you need. In almost any urban or sub- 
urban area in the United States, chances are you live near a store that sells 
electronic components and some basic tools to work with them. | am referring, 
of course, to RadioShack franchises. Some Shacks have more components than 
others, but almost all of them have the basics that you'll need. 


You can also visit auto supply stores such as AutoZone and Pep Boys for basics 
such as hookup wire, fuses, and switches, while stores such as Ace Hardware, 
Home Depot, and Lowe's will sell you tools. 


If you prefer to buy via mail order, you can easily find everything you need by 
searching online. In each section of the book, l'Il include the URLs of the most 
popular supply sources, and you'll find a complete list of URLs in the appendix. 


Fundamentals 


Mail-ordering components and tools 
Here are the primary mail-order sources that | use myself online: 
http://www.radioshack.com 

RadioShack, a.k.a. The Shack. For tools and components. Not always the 


cheapest, but the site is easy and convenient, and some of the tools are 
exactly what you need. 


http://www.mouser.com 
Mouser Electronics. 


http://www.digikey.com 
Digi-Key Corporation. 
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Fundamentals 
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http://www.newark.com 
Newark. 


Mouser, Digi-Key, and Newark are all good sources for components, usually 
requiring no minimum quantities. 


http://www.allelectronics.com 
All Electronics Corporation. A narrower range of components, but specifi- 
cally aimed at the hobbyist, with kits available. 


http://www.ebay.com 
You can find surplus parts and bargains here, but you may have to try 
several eBay Stores to get what you want. Those based in Hong Kong are 
often very cheap, and I've found that they are reliable. 


http://www.mcmaster.com 
McMaster-Carr. Especially useful for high-quality tools. 


Lowe's and Home Depot also allow you to shop online. 
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Figure P-2. You'll find no shortage of parts, tools, kits, and gadgets online. 
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Companion Kits 


- Maker Shed (www.makershed.com) offers a 
E Maker SHEN number of Make: Electronics companion kits, 
| PARA both toolkits and bundles of the various 

malta cor components used in the book's experi- 
ments. This is a simple, convenient, and cost-effective way of getting all the 
tools and materials you need to do the projects in this book. 


Comments and Questions 


Please address comments and questions concerning this book to the publisher: 


O'Reilly Media, Inc. 

1005 Gravenstein Highway North 

Sebastopol, CA 95472 

800-998-9938 (in the United States or Canada) 
707-829-0515 (international or local) 
707-829-0104 (fax) 


We have a web page for this book, where we list errata, examples, larger ver- 
sions of the books figures, and any additional information. You can access this 
page at: 
http://oreilly.com/catalog/97805 96 153748 
To comment or ask technical questions about this book, send email to: 
bookquestions@oreilly.com 


For more information about our books, conferences, Resource Centers, and 
the O'Reilly Network, see our website at: 


http://oreilly.com 


Safari? Books Online 


ee» Safari Books Online is an on-demand digital library that 
Sa fa ri lets you easily search over 7,500 technology and creative 
Books Online reference books and videos to find the answers you 

need quickly. 


With a subscription, you can read any page and watch any video from our 
library online. Read books on your cell phone and mobile devices. Access new 
titles before they are available for print, and get exclusive access to manu- 
scripts in development and post feedback for the authors. Copy and paste 
code samples, organize your favorites, download chapters, bookmark key sec- 
tions, create notes, print out pages, and benefit from tons of other time-saving 
features. 


O’Reilly Media has uploaded this book to the Safari Books Online service. To 
have full digital access to this book and others on similar topics from O'Reilly 
and other publishers, sign up for free at http://my.safaribooksonline.com. 
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| want you to get a taste for electricity—literally!—in the first experiment. This 
first chapter of the book will show you: 


e How to understand and measure electricity and resistance 


e Howto handle and connect components without overloading, damaging, 
or destroying them 


Even if you have some prior knowledge of electronics, you should try these 
experiments before you venture on to the rest of the book. 


Shopping List: Experiments 1 Through 5 


If you want to limit your number of shopping trips or online purchases, look 
ahead in the book for additional shopping lists, and combine them to make 
one bulk purchase. 


In this first chapter, | will give you part numbers and sources for every tool and 
component that we'll be using. Subsequently, | won't expect you to need such 
specific information, because you will have gained experience searching for 
items on your own. 


Tools 


Small pliers 
RadioShack Kronus 4.5-inch, part number 64-2953 or Xcelite 4-inch mini 
long-nose pliers, model L4G. 


Or similar. See Figures 1-1 through 1-3. Look for these tools in hardware 
stores and the sources listed in the preface. The brand is unimportant. 
After you use them for a while, you'll develop your own preferences. In 
particular, you have to decide whether you like spring-loaded handles. If 
you decide you don't, you'll need a second pair of pliers to pull the springs 
out of the first. 


IN THIS CHAPTER 


Shopping List: Experiments 1 Through 5 


Experiment 1: Taste the Power! 
Experiment 2: Let's Abuse a Battery! 
Experiment 3: Your First Circuit 
Experiment 4: Varying the Voltage 
Experiment b: Let's Make a Battery 
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One infrared LED. 

One infrared photodiode. 

One PN2222 _ transistor. Figure 4.12 shows 
the pinout diagram for the PN2222. 


Figure 4.12 
PN2222 
Emitter _ Collector 
Base 
Step-by-Step Instructions 
Set up the circuits shown in Figure 4.9 . If 
you have some experience in building circuits, 


this schematic (along with the previous parts 
list) should provide all the information you 
need to build the circuit. If you need a Obit 


more help building the circuit, look at the 
photos of the completed circuit in the 
“Expected Results” section. 

Carefully check your circuit against the 


diagram, especially the connection of the long 
and short leads to the LED and photodiode. 


The LED IS connected SO that it IS 
forward-biased, whereas the photodiode IS 
connected so that it is  reverse-biased, as 


indicated by the direction of the schematic 
symbols in the circuit diagrams. 

1. Align the rounded top of the LED toward 
the rounded top of the photodiode with the 
circuit boards a few feet apart from each 
other. (If you use a typical LED and 


Shopping List: Experiments 1 Through 5 


Wire cutters 
RadioShack Kronus 4.5-inch, part number 64-2951, or Stanley 7-inch 
model 84-108. 


Or similar. Use them for cutting copper wire, not harder metals (Figure 1-4). 


Figure 1-1. Generic long-nosed Figure 1-2. Longer-nosed pliers: Figure 1-3. Sharp-pointed pliers Figure 1-4. Wire cutters, some- 
pliers are your most fundamen- these are useful for reaching into are designed for making jewelry, times known as Side cutters, are 


tal tool for gripping, bending, tiny spaces. but are also useful for grabbing essential. 
and picking things up after you tiny components. 
drop them. 
Multimeter 
Extech model EX410 or BK Precision model 2704-B or Amprobe model 
5XP-A. 


Or similar. Because electricity is invisible, we need a tool to visualize the 
pressure and flow, and a meter is the only way. A cheap meter will be suf- 
ficient for your initial experiments. If you buy online, try to check customer 
reviews, because reliability may be a problem for cheap meters. You can 
shop around for retailers offering the best price. Don't forget to search on 
eBay. 


The meter must be digital —don't get the old-fashioned analog kind with 
a needle that moves across a set of printed scales. This book assumes that 
you are looking at a digital display. 


| suggest that you do not buy an autoranging meter. “Autoranging” sounds 
useful—for example, when you want to check a 9-volt battery, the meter 
figures out for itself that you are not trying to measure hundreds of volts, 
nor fractions of a volt. The trouble is that this can trick you into making 
errors. What if the battery is almost dead? Then you may be measuring 
a fraction of a volt without realizing it. The only indication will be an eas- 
ily overlooked “m” for “millivolts” beside the large numerals of the meter 
display. 
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On a manual-ranging meter, you select the range, and if the source that 
you are measuring is outside of that range, the meter tells you that you 
made an error. | prefer this. | also get impatient with the time it takes for 
the autoranging feature to figure out the appropriate range each time | 
make a measurement. But it's a matter of personal preference. See Figures 
1-5 through 1-7 for some examples of multimeters. 
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Figure 1-5. You can see by the wear and Figure 1-5. Mid-priced RadioShack meter, 


tear that this is my own favorite meter. which has the basic features; however, 

It has all the necessary basic features the dual purpose for each dial position, 
and can also measure capacitance (the selected with the SELECT button, may be 
F section, for Farads). It can also check confusing. This is an autoranging meter. 
transistors. You have to choose the ranges 

manually. 


Supplies 


Batteries 
9-volt battery. Quantity: 1. 


AA batteries, 1.5 volts each. Quantity: 6. 


The batteries should be disposable alkaline, the cheapest available, be- 
cause we may destroy some of them. You should absolutely not use re- 
chargeable batteries in Experiments 1 and 2. 


Battery holders and connectors 
Snap connector for 9-volt battery, with wires attached (Figure 1-8). 
Quantity: 1. RadioShack part number 270-325 or similar. Any snap con- 
nector that has wires attached will do. 


Battery holder for single AA cell, with wires attached (Figure 1-9). Quan- 
tity: 1. RadioShack part number 270-401 or Mouser.com catalog number 
12BH410-GR, or similar; any single-battery holder that has thin wires at- 
tached will do. 
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Figure 1-7. An autoranging meter from 
Extech offers basic functions, plus a tem- 
perature probe, which may be useful to 
check whether components such as power 
Supplies are running unduly hot. 


Figure 1-8. Snap connector for a 9-volt 
battery. 


Figure 1-8. Single AA-sized battery carrier 
with wires. 
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Figure 1-10. Battery carrier for four AA 
cells, to be installed in series, delivering 6 
volts. 


Figure 1-11. Alligator clips inside vinyl 
sheaths, which reduce the chance of ac- 
cidental short circuits. 


Figure 1-12. A 3-amp fuse intended primar- 
ily for automotive use, shown here larger 
than actual size. 


Battery holder for four AA cells, with wires attached (Figure 1-10). Quan- 
tity: 1. All Electronics catalog number BH-342 or RadioShack part 270-391 
or similar. 


Alligator clips 
Vinyl-insulated. Quantity: at least 6. All Electronics catalog number ALG-28 
or RadioShack part number 270-1545 or similar (Figure 1-11). 


Components 


You may not know what some of these items are, or what they do. Just look 
for the part numbers and descriptions, and match them with the photographs 
shown here. Very quickly, in the learning by discovery process, all will be revealed. 


Fuses 
Automotive-style, mini-blade type, 3 amps. Quantity: 3. RadioShack part 
number 270-1089, or Bussmann part ATM-3, available from automotive 
parts suppliers such as AutoZone (Figure 1-12). 


Or similar. A blade-type fuse is easier to grip with alligator clips than a 
round cartridge fuse. 


Potentiometers 
Panel-mount, single-turn, 2K linear, 0.1 watt minimum. Quantity: 2. Alpha 
part RV170F-10-15R1-B23 or BI Technologies part P1IG0OKNPD-20C25B2K, 
from Mouser.com or other component suppliers (Figure 1-13). 


Or similar. The “watt” rating tells you how much power this component 
can handle. You don't need more than 0.5 watts. 


Resistors 
Assortment 1/4-watt minimum, various values but must include 470 ohms, 
1K, and 2K or 2.2K. Quantity: at least 100. RadioShack part number 271-312. 


Or search eBay for “resistor assorted.” 


Light-emitting diodes (LEDs) 
Any size or color (Figures 1-14 and 1-15). Quantity: 10. RadioShack part num- 
ber 276-1622 or All Spectrum Electronics part K/LED1 from Mouser.com. 


Or similar. Just about any LEDs will do for these first experiments. 


Figure 1-13. Potentiometers come in many 
shapes and sizes, with different lengths of 


shafts intended for different types of knobs. 


For our purposes, any style will do, but the 
larger-sized ones are easier to play with. 


Figure 1-14. Typical 5-mm diameter light- Figure 1-15. Jumbo-sized LED (1 cm 

emitting diode (LED). diameter) is not necessarily brighter or 
more expensive. For most of the experi- 
ments in this book, buy whatever LEDs 
you like the look of. 
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Experiment 1: Taste the Power! 
Can you taste electricity? Maybe not, but it feels as if you can. 
You will need: 

e 9-volt battery 

e Snap connector for battery terminals 


e Multimeter 


Procedure 


Moisten your tongue and touch the tip of it to the metal terminals of a 9-volt 
battery. The sudden sharp tingle that you feel is caused by electricity flowing 
from one terminal of the battery (Figure 1-16), through the moisture on and 
in your tongue, to the other terminal. Because the skin of your tongue is very 
thin (it’s actually a mucus membrane) and the nerves are close to the surface, 
you can feel the electricity very easily. 


Now stick out your tongue, dry the tip of it very thoroughly with a tissue, and 
repeat the experiment without allowing your tongue to become moist again. 
You should feel less of a tingle. 


What's happening here? We're going to need a meter to find out. 


Tools 


Setting up your meter 


Check the instructions that came with the meter to find out whether you have 
to install a battery in it, or whether a battery is preinstalled. 


Most meters have removable wires, known as leads (pronounced “leeds”). 
Most meters also have three sockets on the front, the leftmost one usually be- 
ing reserved to measure high electrical currents (flows of electricity). We can 
ignore that one for now. 


The leads will probably be black and red. The black wire plugs into a socket 
labeled “COM” or “Common” Plug the red one into the socket labeled “V” or 
“volts.” See Figures 1-17 through 1-20. 


The other ends of the leads terminate in metal spikes known as probes, which 
you will be touching to components when you want to make electrical mea- 
surements. The probes detect electricity; they don't emit it in significant quan- 
tities. Therefore, they cannot hurt you unless you poke yourself with their 
sharp ends. 


If your meter doesn't do autoranging, each position on the dial will have a 
number beside it. This number means “no higher than.” For instance if you 
want to check a 6-volt battery, and one position on the voltage section of the 
dial is numbered 2 and the next position is numbered 20, position 2 means 
“no higher than 2 volts.” You have to go to the next position, which means “no 
higher than 20 volts.’ 
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> 


No More Than 9 Volts 


A 9-volt battery won't hurt you. But 
do not try this experiment with a 
higher-voltage battery or a larger 
battery that can deliver more cur- 
rent. Also, if you have metal braces 
on your teeth, be very careful not to 
touch them with the battery. 


is | 


Figure 1-18. Step 1 in the process of learn- 
ing by discovery: the 9-volt tongue test. 


Figure 1-17. The black lead plugs into 

the Common (COM) socket, and the 
red lead plugs into the red socket that's 
almost always on the righthand side of a 
multimeter. 
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If you make a mistake and try to measure something inappropriate, the meter 
will show you an error message such as “E” or “L” Turn the dial and try again. 


LIF LE! 


Figure 1-20. To measure resistance and 
voltage, plug the black lead into the Com- 
mon socket and the red lead into the Volts 
socket. Almost all meters have a separate 
socket where you must plug the red lead 
when you measure large currents in amps, 
but we'll be dealing with this later. 


FUNDAMENTALS 


Ohms 


We measure distance in miles or kilometers, weight in pounds 
or kilograms, temperature in Fahrenheit or Centigrade—and 
electrical resistance in ohms. The ohm is an international unit. 


The Greek omega symbol (Q) is used to indicate ohms, as 
shown in Figures 1-21 and 1-22. Letter K (or alternatively, 
KO) means a kilohm, which is 1,000 ohms. Letter M (or MO) 
means a megohm, which is 1,000,000 ohms. 


Number of Abbreviated as 


ohms 

1,000 ohms 
10,000 ohms 
100,000 ohms 
1,000,000 ohms 
10,000,000 ohms 


Usually 
expressed as 


1 kilohm 
10 kilohms 
100 kilohms 


1 megohm 


1KQ or 1K 
10KQ or 10K 
100KQ or 100K 
1MQ or 1M 


10 megohms 10MQ or 10M 
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A material that has very high resistance to electricity is 
known as an insulator. Most plastics, including the colored 
sheaths around wires, are insulators. 


A material with very low resistance is a conductor. Metals 
such as copper, aluminum, silver, and gold are excellent 
conductors. 


Figure 1-21. The omega 
symbol is used inter- 
nationally to indicate 
resistance on ohms. 


Figure 1-22. You'll find it printed 
or written in a wide variety of 
Styles. 


Procedure 


We're going to use the meter to discover the electrical resistance of your 
tongue. First, set your meter to measure resistance. If it has autoranging, look 
to see whether it is displaying a K, meaning kilohms, or M, meaning megohms. 
If you have to set the range manually, begin with no less than 100,000 ohms 
(100K). See Figures 1-23 through 1-25. 


Touch the probes to your tongue, about an inch apart. Note the reading, 
which should be around 50K. Now put aside the probes, stick out your tongue, 
and use a tissue to dry it very carefully and thoroughly. Without allowing your 
tongue to become moist again, repeat the test, and the reading should be 
higher. Finally, press the probes against the skin of your hand or arm: you may 
get no reading at all, until you moisten your skin. 


l l 
ı When your skin is moist (for instance, if you perspire), its electrical resistance de- l 
| creases. This principle is used in lie detectors, because someone who knowingly tells | 
l a lie, under conditions of stress, tends to perspire. 


A 9-volt battery contains chemicals that liberate electrons (particles of electric- 
ity), which want to flow from one terminal to the other as a result of a chemical 
reaction inside it. Think of the cells inside a battery as being like two water 
tanks—one of them full, the other empty. If they are connected with a pipe, 
water flows between them until their levels are equal. Figure 1-26 may help 
you visualize this. Similarly, when you open up an electrical pathway between 
the two sides of a battery, electrons flow between them, even if the pathway 
consists only of the moisture on your tongue. 


Electrons flow more easily through some substances (such as a moist tongue) 
than others (such as a dry tongue). 


Figure 1-28. Think of the cells in a battery as being like two cylinders: one full of water, the 
other empty. Open a connection between the cylinders, and the water will flow until the 
levels are equal on both sides. The less resistance in the connection, the faster the flow 
will be. 
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Figure 1-25. To measure ohms, turn the 
dial to the ohm (omega) symbol. On an 
autoranging meter, you can then press 
the Range button repeatedly to display 
different ranges of resistance, or simply 
touch the probes to a resistance and wait 
for the meter to choose a range auto- 
matically. A manual meter requires you to 
select the range with the dial (you should 
set it to 100K or higher, to measure skin 
resistance). If you don't get a meaningful 
reading, try a different range. 
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The man who discovered resistance 


Georg Simon Ohm, pictured in Figure 
1-27, was born in Bavaria in 1787 and 
worked in obscurity for much of his 
life, studying the nature of electricity 
using metal wire that he had to make 
for himself (you couldn't truck on 
down to Home Depot for a spool of 
hookup wire back in the early 1800s). 


Despite his limited resources and in- 
adequate mathematical abilities, Ohm 
was able to demonstrate in 1827 that 
the electrical resistance of a conduc- 
tor such as copper varied in propor- 
tion with its area of cross-section, 

and the current flowing through it is 
proportional to the voltage applied to 
it, as long as temperature is held con- 


stant. Fourteen years later, the Royal Figure 1-27. Georg Simon Ohm, after 
Society in London finally recognized being honored for his pioneering work, 


the significance of his contribution most of which he pursued in relative 
Figure 1-28. Modifying the tongue test to and awarded him the Copley Medal. obscurity. 
show that a shorter distance, with lower Today, his discovery is known as 


resistance, allows greater flow of electric- Ohm's Law. 
ity, and a bigger Zap. 


Further Investigation 


Attach the snap-on terminal cap (shown earlier in Figure 1-8) to the 9-volt bat- 
tery. Take the two wires that are attached to the cap and hold them so that the 
bare ends are just a few millimeters apart. Touch them to your tongue. Now 
separate the ends of the wires by a couple of inches, and touch them to your 
tongue again. (See Figure 1-28.) Notice any difference? 


Use your meter to measure the electrical resistance of your tongue, this time 
varying the distance between the two probes. When electricity travels through 
a shorter distance, it encounters less total resistance. As a result, the current 
(the flow of electricity per second) increases. You can try a similar experiment 
on your arm, as shown in Figure 1-29. 


| Use your meter to test the electrical resistance of water. Dissolve some salt in 
Figure 1-28. Moisten your skin before trying the water, and test it again. Now try measuring the resistance of distilled water 


to measure its resistance. You should find (in a clean glass). 


that the resistance goes up as you move , , o , , 
the meter probes farther apart. The resis- The world around you is full of materials that conduct electricity with varying 


tance is proportional to the distance. amounts of resistance. 
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Cleanup and Recycling 


Your battery should not have been damaged or significantly discharged by 
this experiment. You'll be able to use it again. 


Remember to switch off your meter before putting it away. 


Experiment 2: Let's Abuse a Battery! 


To get a better feeling for electrical power, you're going to do what most books 
tell you not to do. You're going to short out a battery. A short circuit is a direct 
connection between the two sides of a power source. 


Short Circuits 


Short circuits can be dangerous. Do not short out a power outlet in your home: 
there'll be a loud bang, a bright flash, and the wire or tool that you use will be par- 
tially melted, while flying particles of melted metal can burn you or blind you. 


even explode, drenching you in acid (Figure 1-30). 


Lithium batteries are also dangerous. Never short-circuit a lithium battery: it can 
catch fire and burn you (Figure 1-31). 


Use only an alkaline battery in this experiment, and only a single AA cell (Figure 
1-32). You should also wear safety glasses in case you happen to have a defective 


l 
l 
l 
l 
l 
l 
l 
l 
| Ifyou short out a car battery, the flow of current is so huge that the battery might 
l 
l 
l 
l 
l 
l 
l 
l 
l 
¡ battery. 


You will need: 
e 1.5-volt AA battery 
e Single-battery carrier 
e 3-amp fuse 


e Safety glasses (regular eyeglasses or sunglasses will do) 


Procedure 
Use an alkaline battery. Do not use any kind of rechargeable battery. 


Put the battery into a battery holder that’s designed for a single battery and 
has two thin insulated wires emerging from it, as shown in Figure 1-32. Do not 
use any other kind of battery holder. 


Use an alligator clip to connect the bare ends of the wires, as shown in Figure 
1-32. There will be no spark, because you are using only 1.5 volts. Wait one 
minute, and you'll find that the wires are getting hot. Wait another minute, and 
the battery, too, will be hot. 


Experiencing Electricity 


Experiment 2: Let's Abuse a Battery! 


Figure 1-30. Anyone who has dropped an 
adjustable wrench across the bare termi- 
nals of a car battery will tell you that short 
circuits can be dramatic at a “mere” 12 
volts, if the battery is big enough. 


Figure 1-31. The low internal resistance of 
lithium batteries (which are often used in 
laptop computers) allows high currents to 
flow, with unexpected results. Never fool 
around with lithium batteries! 


Figure 1-32. Shorting out an alkaline bat- 
tery can be safe if you follow the directions 
precisely. Even so, the battery is liable to 
become too hot to touch comfortably. 
Don't try this with any type of recharge- 
able battery. 
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Water level 
Voltage 
(pressure) Amperage 
(flow) 


e 


Resistance 


Figure 1-33. Think of voltage as pressure, 
and amperes as flow. 


mesure A d A Fie 

S PA 1 Uys “4 
ll fr O, A | | 
i Es E A L | | i | 


PLA 
RESISTANCE 


Figure 1-34. Larger resistance results in 


smaller flow—but if you increase the pres- 


sure, it may overcome the resistance and 
increase the flow. 
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The heat is caused by electricity flowing through the wires and through the 
electrolyte (the conductive fluid) inside the battery. If you’ve ever used a hand 
pump to force air into a bicycle tire, you know that the pump gets warm. Elec- 
tricity behaves in much the same way. You can imagine the electricity being 
composed of particles (electrons) that make the wire hot as they push through 
it. This isn't a perfect analogy, but it’s close enough for our purposes. 


Chemical reactions inside the battery create electrical pressure. The correct 
name for this pressure is voltage, which is measured in volts and is named after 
Alessandro Volta, an electrical pioneer. 


Going back to the water analogy: the height of the water in a tank is propor- 
tionate to the pressure of the water, and comparable to voltage. Figure 1-33 
may help you to visualize this. 


But volts are only half of the story. When electrons flow through a wire, the 
flow is known as amperage, named after yet another electrical pioneer, André- 
Marie Ampere. The flow is also generally known as current. It's the current— 
the amperage—that generates the heat. 


Why didn't your tongue get hot? 


When you touched the 9-volt battery to your tongue, you felt a tingle, but no 
perceptible heat. When you shorted out a battery, you generated a noticeable 
amount of heat, even though you used a lower voltage. How can we explain 
this? 


The electrical resistance of your tongue is very high, which reduces the flow of 
electrons. The resistance of a wire is very low, so if there’s only a wire connect- 
ing the two terminals of the battery, more current will pass through it, creating 
more heat. If all other factors remain constant: 

e Lower resistance allows more current to flow (Figure 1-34). 

e The heat generated by electricity is proportional to the amount of electric- 

ity (the current) that flows. 

Here are some other basic concepts: 


The flow of electricity per second is measured in amperes, or amps. 
The pressure of electricity causes the flow, measured in volts. 

The resistance to the flow is measured in ohms. 

A higher resistance restricts the current. 

A higher voltage overcomes resistance and increases the current. 


If you're wondering exactly how much current flows between the terminals 
of a battery when you short it out, that’s a difficult question to answer. If you 
try to use your multimeter to measure it, you're liable to blow the fuse inside 
the meter. Still, you can use your very own 3-amp fuse, which we can sacrifice 
because it didn't cost very much. 
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First inspect the fuse very carefully, using a magnifying glass if you have one. 
You should see a tiny S-shape in the transparent window at the center of the 
fuse. That S is a thin section of metal that melts easily. 


Remove the battery that you short-circuited. It is no longer useful for anything, 
and should be recycled if possible. Put a fresh battery into the battery carrier, 
connect the fuse as shown in Figure 1-35, and take another look. You should 
see a break in the center of the S shape, where the metal melted almost in- 
stantly. Figure 1-36 shows the fuse before you connected it, and Figure 1-37 
depicts a blown fuse. This is how a fuse works: it melts to protect the rest of 


the circuit. That tiny break inside the fuse stops any more current from flowing. Figure 1-35. When you attach both wires to 
the fuse, the little S-shaped element inside 
will melt almost instantly. 


FUNDAMENTALS 


Volt basics 


Electrical pressure is measured in volts. The volt is an international unit. A millivolt 
is 1/1,000 of a volt. 


Number of volts Usually expressed as | Abbreviated as 
0.001 volts 1 millivolt 

0.01 volts 10 millivolts 

0.1 volts 100 millivolts 


1 volt 1,000 millivolts Figure 1-38. A 3-amp fuse, before its 
element was melted by a single 1.5-volt 
battery. 


Ampere basics 


We measure electrical flow in amperes, or amps. The ampere is an international 
unit, often referred to as an “amp” A milliamp is 1/1,000 of an ampere. 


Number of amperes | Usually expressed as | Abbreviated as 
0.001 amps 1 milliamp 

0.01 amps 10 milliamps 

0.1 amps 100 milliamps 

lamp 1,000 milliamps 


Figure 1-37. The same fuse after being 
melted by electric current. 


Experiencing Electricity 11 


photodiode, you must bend their leads to 
align them.) Note that the rounded top of 
both the LED and photodiode shown in 
Figures 4.10 and 4.11 contain a lens to emit 
or absorb light. Some LEDs and photodiodes 

have lenses on the side, instead of on the 
top. If it isn't obvious where the lens is in 


your components, check the manufacturer's 
data sheet. 

2. Turn on the power Switch. When the 
power switch is on, the buzzer should sound 
whenever the photodiode does not sense 


infrared light. 
3. Bring the circuits close enough together SO 
that the buzzer shuts off. 
4. Block the infrared light; the buzzer should 
turn on. 

Expected Results 
Figure 4.13 shows the breadboarded buzzer 
circuit for this project. 
Figure 4.13 
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Inventor of the battery 


Alessandro Volta (Figure 1-38) was 
born in Italy in 1745, long before 
science was broken up into spe- 
cialties. After studying chemistry 
(he discovered methane in 1776), 
he became a professor of physics 
and became interested in the so- 
called galvanic response, whereby 
a frog's leg will twitch in response 
to ajolt of static electricity. 


Using a wine glass full of salt 
water, Volta demonstrated that the 
chemical reaction between two 
electrodes, one made of copper, 
the other of zinc, will generate a 
steady electric current. In 1800, he 
refined his apparatus by stacking 
plates of copper and zinc, sepa- 
rated by cardboard soaked in salt 
and water. This “voltaic pile” was 
the first electric battery. 


Figure 1-38. Alessandro Volta discov- 
ered that chemical reactions can 
create electricity. 


FUNDAMENTALS 


Direct and alternating current 


The flow of current that you get from a battery is known as direct current, or DC. 
Like the flow of water from a faucet, it is a steady stream, in one direction. 


The flow of current that you get from the “hot” wire in a power outlet in your 
home is very different. It changes from positive to negative 50 times each 
second (in Great Britain and some other nations, 60 times per second). This is 
known as alternating current, or AC, which is more like the pulsatile flow you get 
from a power washer. 


Alternating current is essential for some purposes, such as cranking up voltage 
so that electricity can be distributed over long distances. AC is also useful in 
motors and domestic appliances. The parts of an American power outlet are 
shown in Figure 1-39. A few other nations, such as Japan, also use American- 
style outlets. 


For most of this book I’m going to be talking about DC, for two reasons: first, 
most simple electronic circuits are powered with DC, and second, the way it 
behaves is much easier to understand. 


| won't bother to mention repeatedly that I’m dealing with DC. Just assume that 
everything is DC unless otherwise noted. 


B 


A 


C 


Figure 1-38. This style of power outlet is found in North America, South America, 
Japan, and some other nations. European outlets look different, but the principle 
remains the same. Socket A is the “live” side of the outlet, supplying voltage that 
alternates between positive and negative, relative to socket B, which is called the 
“neutral” side. If an appliance develops a fault such as an internal loose wire, it 
should protect you by sinking the voltage through socket C, the ground. 
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Cleanup and Recycling 


The first AA battery that you shorted out is probably damaged beyond repair. 
You should dispose of it. Putting batteries in the trash is not a great idea, be- 
cause they contain heavy metals that should be kept out of the ecosystem. 
Your state or town may include batteries in a local recycling scheme. (Califor- 
nia requires that almost all batteries be recycled.) You'll have to check your 
local regulations for details. 


The blown fuse is of no further use, and can be thrown away. 


The second battery, which was protected by the fuse, should still be OK. The 
battery holder also can be reused later. 


Experiment 3: Your First Circuit 


Now it's time to make electricity do something that's at least slightly useful. For 
this purpose, you'll use components known as resistors, and a light-emitting di- 
ode, or LED. 


You will need: 
e 1.5-volt AA batteries. Quantity: 4. 
e Four-battery holder. Quantity: 1. 


e Resistors: 4700, 1K, and either 2K or 2.2K (the 2.2K value happens to be 
more common than 2K, but either will do in this experiment). Quantity: 1 
of each resistor. 


« An LED, any type. Quantity: 1. 
¢ Alligator clips. Quantity: 3. 


Setup 


It’s time to get acquainted with the most fundamental component we'll be us- 
ing in electronic circuits: the humble resistor. As its name implies, it resists the 
flow of electricity. As you might expect, the value is measured in ohms. 


If you bought a bargain-basement assortment package of resistors, you 
may find nothing that tells you their values. That’s OK; we can find out easily 
enough. In fact, even if they are clearly labeled, | want you to check their values 
yourself. You can do it in two ways: 


e Use your multimeter. This is excellent practice in learning to interpret the 
numbers that it displays. 


e Learn the color codes that are printed on most resistors. See the following 
section, “Fundamentals: Decoding resistors,” for instructions. 


After you check them, it’s a good idea to sort them into labeled compartments 
in a little plastic parts box. Personally, I like the boxes sold at the Michaels chain 
of crafts stores, but you can find them from many sources. 
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Father of 
electromagnetism 


Born in 1775 in France, André- 
Marie Ampère (Figure 1-40) was 

a mathematical prodigy who 
became a science teacher, despite 
being largely self-educated in his 
father’s library. His best-known 
work was to derive a theory 

of electromagnetism in 1820, 
describing the way that an electric 


current generates a magnetic field. 


He also built the first instrument 
to measure the flow of electricity 
(now known as a galvanometer), 
and discovered the element 
fluorine. 


i àf 
ors 


Figure 1-40. Andre-Marie Ampere 
found that an electric current run- 
ning through a wire creates a mag- 
netic field around it. He used this 
principle to make the first reliable 
measurements of what came to be 
known as amperage. 
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FUNDAMENTALS 


Decoding resistors 


Some resistors have their value clearly stated on them in microscopic print that 
you can read with a magnifying glass. Most, however, are color-coded with 
stripes. The code works like this: first, ignore the color of the body of the resis- 
tor. Second, look for a silver or gold stripe. If you find it, turn the resistor so that 
the stripe is on the righthand side. Silver means that the value of the resistor 

is accurate within 10%, while gold means that the value is accurate within 5%. 
If you don't find a silver or gold stripe, turn the resistor so that the stripes are 
clustered at the left end. You should now find yourself looking at three colored 
stripes on the left. Some resistors have more stripes, but we'll deal with those in 
a moment. See Figures 1-41 and 1-42. 


Figure 1-41. Some modern resistors have Figure 1-42. From top to bottom, these 
their values printed on them, although resistor values are 56,000 ohms (56K), 
you may need a magnifier to read them. 5,600 ohms (5.6K), and 560 ohms. The 
This 15K resistor is less than half an size tells you how much power the resis- 
inch long. tor can handle; it has nothing to do with 
the resistance. The smaller components 
are rated at 1/4 watt; the larger one in 
the center can handle 1 watt of power. 


Starting from the left, the first and The third stripe has a different mean- 
second stripes are coded according to ing: It tells you how many zeros to 
this table: add, like this: 


No zeros 


No) 


000000000 
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Decoding resistors (continued) 


Note that the color-coding is consistent, so that green, for instance, means 
either a value of 5 (for the first two stripes) or 5 zeros (for the third stripe). Also, 
the sequence of colors is the same as their sequence in a rainbow. 


So, a resistor colored brown-red-green would have a value of 1-2 and five zeros, 
making 1,200,000 ohms, or 1.2MQ. A resistor colored orange-orange-orange 
would have a value of 3-3 and three zeros, making 33,000 ohms, or 33KQ. A 
resistor colored brown-black-red would have a value of 1-0 and two additional 
zeros, or 1KQ. Figure 1-43 shows some other examples. 


Pp Wider gap between bands 


to 
— 


Gold or silver band 


Figure 1-43. To read the value of a resistor, first turn it so that the silver or gold stripe 
is on the right, or the other stripes are clustered on the left. From top to bottom: 

The first resistor has a value of 1-2 and five zeros, or 1,200,000, which is 1.2MQ. The 
second is 5-6 and one zero, or 5600. The third is 4-7 and two zeros, or 4,700, which is 
4./KQ. The last is 6-5-1 and two zeros, or 65,100Q, which is 65.1KQ. 


If you run across a resistor with four stripes instead of three, the first three 
stripes are digits and the fourth stripe is the number of zeros. The third numeric 
stripe allows the resistor to be calibrated to a finer tolerance. 


Confusing? Absolutely. That’s why it’s easier to use your meter to check the values. 


Just be aware that the meter reading may be slightly different from the claimed 
value of the resistor. This can happen because your meter isn't absolutely accu- 
rate, or because the resistor is not absolutely accurate, or both. As long as you're 
within 5% of the claimed value, it doesn’t matter for our purposes. 
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Lighting an LED 


Now take a look at one of your LEDs. An old-fashioned lightbulb wastes a lot 
of power by converting it into heat. LEDs are much smarter: they convert al- 
most all their power into light, and they last almost indefinitely—as long as 
you treat them right! 


An LED is quite fussy about the amount of power it gets, and the way it gets it. 
Always follow these rules: 


e The longer wire protruding from the LED must receive a more positive volt- 
age than the shorter wire. 


e The voltage difference between the long wire and the short wire must not 
exceed the limit stated by the manufacturer. 


e The current passing through the LED must not exceed the limit stated by 
the manufacturer. 


What happens if you break these rules? Well, we're going to find out! 


Make sure you are using fresh batteries. You can check by setting your multi- 
meter to measure volts DC, and touching the probes to the terminals of each 
battery. You should find that each of them generates a pressure of at least 
1.5 volts. If they read slightly higher than this, it's normal. A battery starts out 
above its rated voltage, and delivers progressively less as you use it. Batteries 
also lose some voltage while they are sitting on the shelf doing nothing. 


Load your battery holder (taking care that the batteries are the right way 
around, with the negative ends pressing against the springs in the carrier). 
Use your meter to check the voltage on the wires coming out of the battery 
carrier. You should have at least 6 volts. 


Now select a 2KQ resistor. Remember, “2KO” means “2,000 ohms.” If it has col- 
ored stripes, they should be red-black-red, meaning 2-0 and two more zeros. 
Because 2.2K resistors are more common than 2K resistors, you can substitute 
one of them if necessary. It will be colored red-red-red. 


Wire it into the circuit as shown in Figures 1-44 and 1-45, making the connec- 
tions with alligator clips. You should see the LED glow very dimly. 
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Now swap out your 2K resistor and substitute a 1K resistor, which will have 
brown-black-red stripes, meaning 1-0 and two more zeros. The LED should 
glow more brightly. 


Swap out the 1K resistor and substitute a 4700 resistor, which will have yel- 
low-violet-brown stripes, meaning 4-7 and one more zero. The LED should be 
brighter still. 


This may seem very elementary, but it makes an important point. The resistor 
blocks a percentage of the voltage in the circuit. Think of it as being like a kink 
or constriction in a flexible hose. A higher-value resistor blocks more voltage, e AS on 
leaving less for the LED. Figure 1-44. The setup for Experiment 3, 
showing resistors of 4700, 1KQ, and 2K0. 

LED Apply alligator clips where shown, to make 
a secure contact, and try each of the resis- 
tors one at a time at the same point in the 
circuit, while watching the LED. 


Longer wire Shorter wire 


On your battery 
pack, this wire 
may be either 
blue or black. 


6v Battery Pack 


Figure 1-45. Here's how it actually looks, using a large LED. If you start with the highest 
value resistor, the LED will glow very dimly as you complete the circuit. The resistor drops 
most of the voltage, leaving the LED with insufficient current to make it shine brightly. 


Cleanup and Recycling 


We'll use the batteries and the LED in the next experiment. The resistors can 
be reused in the future. 
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Experiment 4: Varying the Voltage 


Potentiometers come in various shapes and sizes, but they all do the same 
thing: they allow you to vary voltage and current by varying resistance. This 
experiment will enable you to learn more about voltage, amperage, and the 
relationship between them. You'll also learn how to read a manufacturer's data 
sheet. 


You will need the same batteries, battery carrier, alligator clips, and LED from 
the last experiment, plus: 


e Potentiometer, 2KO linear. Quantity: 2. (See Figure 1-46.) Full-sized poten- 
tiometers that look like this are becoming less common, as miniature ver- 
sions are taking their place. l'd like you to use a large one, though, because 
it's so much easier to work with. 


e One extra LED. 


e Multimeter. 


Look Inside Your Potentiometer 


The first thing | want you to do is find out how a potentiometer works. This 
means you'll have to open it, which is why your shopping list required you to 
buy two of them, in case you can't put the first one back together again. 


Most potentiometers are held together with little metal tabs. You should be 
able to grab hold of the tabs with your wire cutters or pliers, and bend them 
up and outward. If you do this, the potentiometer should open up as shown in 
Figures 1-47 and 1-48. 


Figure 1-48. To open the potentiometer, 
first pry up the four little metal tabs 
around the edge (you can see one sticking 
out at the left and another one sticking out 
at the right in Figure 1-47). Inside is a coil 
of wire around a flat plastic band, and a 
pair of springy contacts (the wiper), which 
conduct electricity to or from any point in 
the coil when you turn the shaft. 


Depending whether you have a really cheap potentiometer or a slightly more 
high-class version, you may find a circular track of conductive plastic or a loop 
of coiled wire. Either way, the principle is the same. The wire or the plastic 
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possesses some resistance (a total of 2K in this instance), and as you turn the 
shaft of the potentiometer, a wiper rubs against the resistance, giving you a 
shortcut to any point from the center terminal. 


You can try to put it back together, but if it doesn't work, use your backup 
potentiometer instead. 


To test your potentiometer, set your meter to measure resistance (ohms) and 
touch the probes while turning the potentiometer shaft to and fro, as shown 
in Figure 1-49. 


Dimming Your LED 


Begin with the potentiometer turned all the way counterclockwise, otherwise ES 
you'll burn out the LED before we even get started. (A very, very small num- \ 
ber of potentiometers increase and decrease resistance in the opposite way S7 
to which I’m describing here, but as long as your potentiometer looks like the xd 


one in Figure 1-48 after you open it up, my description should be accurate.) 


Now connect everything as shown in Figures 1-50 and 1-51, taking care that Figure 1-48. Measure the resistance be- | 

you don't allow the metal parts of any of the alligator clips to touch each other, tween these two terminals of the potenti- 
k ; . . ometer while you turn its shaft to and fro. 

Now turn up the potentiometer very slowly. You'll notice the LED glowing 

brighter, and brighter, and brighter—until, oops, it goes dark. You see how 

easy it is to destroy modern electronics? Throw away that LED. It will never 

glow again. Substitute a new LED, and we'll be more careful this time. 


LED 


Longer wire Shorter wire 


On your battery 
pack, this wire 
may be either 
blue or black. 


Begin with the potentiometer turned 
all the way counter-clockwise, 
and then rotate the shaft in 

the direction of the arrow. 


6v Battery Pack 


Figure 1-50. The setup for Experiment 4. Rotating the shaft of the 2K potentiometer varies Figure 1-51. The LED in this photo is dark 
its resistance from O to 2,0000. This resistance protects the LED from the full 6 volts of because | turned the potentiometer up 
the battery. just a little bit too far. 
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Figure 1-54. Each meter has a different 
way to measure volts DC. The manually 
adjusted meter (top) requires you to move 
a slider switch to “DC” and then choose 
the highest voltage you want to measure: 
In this case, the selected voltage is 20 
(because 2 would be too low). Using the 
autoranging RadioShack meter, you set it 
to “V” and the meter will figure out which 
range to use. 


20 


While the batteries are connected to the circuit, set your meter to measure volts 
DC as shown in Figures 1-52 through 1-54. Now touch the probes either side of 
the LED. Try to hold the probes in place while you turn the potentiometer up 
a little, and down a little. You should see the voltage pressure around the LED 
changing accordingly. We call this the potential difference between the two 
wires of the LED. 


If you were using a miniature old-fashioned lightbulb instead of an LED, you'd 
see the potential difference varying much more, because a lightbulb behaves 
like a“pure” resistor, whereas an LED self-adjusts to some extent, modifying its 
resistance as the voltage pressure changes. 


Now touch the probes to the two terminals of the potentiometer that we're 
using, so that you can measure the potential difference between them. The 
potentiometer and the LED share the total available voltage, so when the po- 
tential difference (the voltage drop) around the potentiometer goes up, the 
potential difference around the LED goes down, and vice versa. See Figures 
1-55 through 1-57. A few things to keep in mind: 


e If you add the voltage drops across the devices in the circuit, the total is 
the same as the voltage supplied by the batteries. 


e You measure voltage relatively, between two points in a circuit. 


e Apply your meter like a stethoscope, without disturbing or breaking the 
connections in the circuit. 


Use your meter to 
measure the voltage 
between these two 

points. 


Then compare 
the voltage between 
these two points. 


6v Battery Pack 


Figure 1-55. How to measure voltage in a simple circuit. 
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Figure 1-58. The meter shows how much voltage the LED takes. Figure 1-57. The meter shows how much voltage the potentiometer 


takes. 


Checking the Flow 


Now | want you to make a different measurement. | want you to measure the 
flow, or current, in the circuit, using your meter set to mA (milliamps). Remem- 
ber, to measure current: 


¢ You can only measure current when it passes through the meter. 
e You have to insert your meter into the circuit. 
e Too much current will blow the fuse inside your meter. 


Make sure you set your meter to measure mA, not volts, before you try this. 
Some meters require you to move one of your leads to a different socket on 
the meter, to measure mA. See Figures 1-58 through 1-61. 
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Figure 4.14 


Experiment 4: Varying the Voltage 


Figure 1-58. Any meter will blow ¡ts internal Figure 1-58 
fuse if you try to make it measure too high 
an amperage. In our circuit, this is not a 
risk as long as you keep the potentiometer 
in the middle of its range. Choose “mA” for 
milliamps and remember that the meter 
displays numbers that mean thousandths 
ofan amp. 


D 
>F 200 


@ 
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Figure 1-81. A manual meter such as the one here may require you to shift the red lead to 
a different socket, to measure milliamps. Most modern meters don't require this until you 
are measuring higher currents. 


Insert your meter into the circuit, as shown in Figure 1-62. Don't turn the po- 
tentiometer more than halfway up. The resistance in the potentiometer will 
protect your meter, as well as the LED. If the meter gets too much current, 
you'll find yourself replacing its internal fuse. 


As you adjust the potentiometer up and down alittle, you should find that the 
varying resistance in the circuit changes the flow of current—the amperage. 
This is why the LED burned out in the previous experiment: too much current 
made it hot, and the heat melts it inside, just like the fuse in the previous ex- 
periment. A higher resistance limits the flow of current, or amperage. 


Now insert the meter in another part of the circuit, as shown in Figure 1-63. As 
you turn the potentiometer up and down, you should get exactly the same re- 
sults as with the configuration in Figure 1-64. This is because the current is the 
same at all points in a similar circuit. lt has to be, because the flow of electrons 
has no place else to go. 
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It's time now to nail this down with some numbers. Here's one last thing to 
try. Set aside the LED and substitute a 1KQ resistor, as shown in Figure 1-64. 
The total resistance in the circuit is now 1KQ plus whatever the resistance the 
potentiometer provides, depending how you set it. (The meter also has some 
resistance, but it's so low, we can ignore it.) 


6v Battery Pack 6v Battery Pack 


Figure 1-S2. To measure amps, as illustrated here and in Figure Figure 1-83 
1-63, the current has to pass through the meter. When you 

increase the resistance, you restrict the current flow, and the 

lower flow makes the LED glow less brightly. 
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6v Battery Pack 


Figure 1-54. If you substitute a resistor instead of the LED, you can confirm that the cur- 
rent flowing through the circuit varies with the total resistance in the circuit, if the voltage 
stays the same. 


Turn the potentiometer all the way counterclockwise, and you have a total of 
3K resistance in the circuit. Your meter should show about 2 mA flowing. Now 
turn the potentiometer halfway, and you have about 2K total resistance. You 
should see about 3 mA flowing. Turn the potentiometer all the way clockwise, 
so there's a total of 1K, and you should see 6 mA flowing. You may notice that 
if we multiply the resistance by the amperage, we get 6 each time—which just 
happens to be the voltage being applied to the circuit. See the following table. 


Total resistance Current Voltage 


(KO) (mA) (Volts) 


UY 
N 
[e 


NO 
ww 
[e 


=i 
[e 
[e 
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In fact, we could say: 
voltage = kilohms x milliamps 


But wait a minute: 1K is 1,000 ohms, and 1mA is 1/1,000 of an amp. Therefore, 
our formula should really look like this: 


voltage = (ohms x 1,000) x (amps/1,000) 
The two factors of 1,000 cancel out, so we get this: 
volts = ohms x amps 


This is known as Ohm' Law. See the section, “Fundamentals: Ohm's Law/ on 
the following page. 
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Series and parallel 


Before we go any further, you should know how resistance 
in a circuit increases when you put resistors in series or in 
parallel. Figures 1-65 through 1-67 illustrate this. Remember: WET 7 


e Resistors in series are oriented so that one follows the UN j E 506 rea 
other. 6 volts 1,000 ohms 


e Resistors in parallel are oriented side by side. 2.000 ohms 


When you put two equal-valued resistors in series, you CIRC UILTGel Stance 


double the total resistance, because electricity has to pass 3mA current 


ee UE Ian Figure 1-58. When two resistors are in series, the electricity has 


When you put two equal-valued resistors in parallel, you to pass through one to reach the other, and therefore each 
divide the total resistance by two, because you're giving the nenas pao evo! lage. lotan esistan pea ce 
ohms, and according to Ohm's Law, the circuit draws v/R = 


electricity two paths which it can take, instead of one. 6/2,000 = 0.003 amps = 3mA of current. 
In reality we don't normally need to put resistors in parallel, 
Lightbulbs in your house, for instance, are all wired that way. 


So, it’s useful to understand that resistance in a circuit goes 
down if you keep adding components in parallel. 


but we often put other types of components in parallel. p 6 volts 


,000 ohms 


wm 
li Cit | 


Ee | 1,000 ohms 
6 volts 1,000 ohms 
6 volts 
6 volts 


- 1,000 ohms circuit resistance 
circuit resistance 
12mA current 
6mA current 


ees Figure 1-87. When two resistors are in parallel, each is exposed 
Figure 1-85. On - esistor takes the entire voltage, and according to the full voltage, so each of them takes 6 volts. The electric- 
to Ohms Law, it draws v/R = 6/1,000 = 0.006 amps =6MA of ity can now flow through both at once, so the total resistance 


current. of the circuit is half as much as before. According to Ohm's 
Law, the circuit draws v/R = 6/500 = 0.012 amps = 12mA of 
current. 
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Ohm's Law 


For reasons I'll explain in a mo- 
ment, amps are normally abbrevi- 
ated with the letter I. V stands for 
volts and R stands for resistance 

in ohms (because the omega 
symbol, O, is not easily generated 
from most keyboards). Using these 
symbols, you can write Ohm's Law 
in three different ways: 


V=IxXR 
| = V/R 
R=V/I 


Remember, V is a difference in 
voltage between two points in a 
simple circuit, R is the resistance 
in ohms between the same two 
points, and | is the current in 
amps flowing through the circuit 
between the two points. 


Letter | is used because origi- 

nally current was measured by its 
inductance, meaning the ability to 
induce magnetic effects. It would 
be much less confusing to use A 
for amps, but unfortunately it's too 
late for that to happen. 


Using Ohm's Law 


Ohm's Law is extremely useful. For example, it helps us to figure out whether a 
component can be used safely in a circuit. Instead of stressing the component 
until we burn it out, we can predict whether it will work. 


For instance, the first time you turned the potentiometer, you didn't really 
know how far you could go until the LED burned out. Wouldn't it be useful 
to know precisely what resistance to put in series with an LED, to protect it 
adequately while providing as much light as possible? 


How to Read a Data Sheet 


Like most information, the answer to this question is available online. 


Here's how you find a manufacturer's data sheet (Figure 1-68). First, find the 
component that you're interested in from a mail-order source. Next, Google 
the part number and manufacturer's name. Usually the data sheet will pop up 
as the first hit. A source such as Mouser.com makes it even easier by giving you 
a direct link to manufacturers’ data sheets for many products. 


TLHG / R/ Y540. 


Vishay Semiconductors 


Vy 
VISHAY 


High Efficiency LEDin 5mm Tinted Diffused Package 


Description 

The TLH.54.. series was developed for standard 
applications like general indicating and lighting pur- 
poses. 

It is housed in a 5 mm tinted diffused plastic package. 
The wide viewing angle of these devices provides a 
high on-off contrast. 

Several selection types with different luminous inten- 
sities are offered. All LEDs are categorized in lumi- 
nous intensity groups. The green and yellow LEDs 
are categorized additionally in wavelength groups. 


19223 (Py) 
Pb-free 


Applications 

Status lights 

OFF / ON indicator 
Background illumination 
Readout lights 
Maintenance lights 
Legend light 


That allows users to assemble LEDs with uniform 
appearance. 


Features 

* Choice of three bright colors 
Standard T-10 package 

Small mechanical tolerances 

Suitable for DC and high peak current 
Wide viewing angle 

Luminous intensity categorized 
Yellow and green color categorized 
TLH.54.. with stand-offs 

Lead-free device 


N NX XA NX RN RX RX RX 


Figure 1-58. The beginning of a typical data sheet, which includes all relevant specifica- 
tions for the product, freely available online. 
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How much voltage does a wire consume? 


Normally, we can ignore the resistance in electric wires, such as the little leads 
of wire that stick out of resistors, because it's trivial. However, if you try to force 
large amounts of current through long lengths of thin wire, the resistance of 
the wire can become important. 


How important? Once again, we can use Ohm's Law to find out. 


Suppose that a very long piece of wire has a resistance of 0.20. And we want to 
run 15 amps through it. How much voltage will the wire steal from the circuit, 
because of its resistance? 


Once again, you begin by writing down what you know: 
R=0.2 
|=15 
We want to know V, the potential difference, for the wire, so we use the version 
of Ohm's Law that places V on the left side: 
V=IxR 
Now plug in the values: 
V=15 x 0.2 = 3 volts 


Three volts is not a big deal if you have a high-voltage power supply, but if you 
are using a 12-volt car battery, this length of wire will take one-quarter of the 
available voltage. 


Now you know why the wiring in automobiles is relatively thick—to reduce its 
resistance well below 0.2Q. See Figure 1-69. 


Some kind of 
electrical 


a device 


Figure 1-S8. When a 12-volt car battery runs some kind of electrical device through 
a long piece of thin wire, the resistance of the wire steals some of the voltage and 
dissipates it as heat. 
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The origins of wattage 


James Watt (Figure 1-70) is known 
as the inventor of the steam 
engine. Born in 1736 in Scotland, 
he set up a small workshop in the 
University of Glasgow, where he 
struggled to perfect an efficient 
design for using steam to move a 
piston in a cylinder. Financial prob- 
lems and the primitive state of 
the art of metal working delayed 
practical applications until 1776. 


Despite difficulties in obtaining 
patents (which could only be 
granted by an act of parliament 

in those times), Watt and his 
business partner eventually made 
a lot of money from his innova- 
tions. Although he predated the 
pioneers in electricity, in 1889 (70 
years after his death), his name 
was assigned to the basic unit of 
electric power that can be defined 
by multiplying amperes by volts. 
See the Fundamentals section, 
“Watt Basics,’ on page 31. 


Figure 1-70. James Watt's develop- 
ment of steam power enabled the 
industrial revolution. After his death, 
he was honored by having his name 
applied to the basic unit of power in 
electricity. 


Here's an example. Suppose | want a red LED, such as the Vishay part TLHR5400, 
which has become such a common item that | can buy them individually for 9 
cents apiece. | click the link to the data sheet maintained by the manufacturer, 
Vishay Semiconductor. Almost immediately | have a PDF page on my screen. 
This data sheet is for TLHR, TLHG, and TLHY types of LED, which are red, green, 
and yellow respectively, as suggested by the R, G, and Y in the product codes. 
| scroll down and look at the “Optical and Electrical Characteristics” section. 
It tells me that under conditions of drawing a current of 20 mA, the LED will 
enjoy a“ Typ,’ meaning, typical, “forward voltage” of 2 volts. The “Max,” meaning 
maximum, is 3 volts. 


Let's look at one other data sheet, as not all of them are written the same way. 
l'Il choose a different LED, the Kingbright part WP7113SGC. Click on the link 
to the manufacturer's site, and | find on the second page of the data sheet a 
typical forward voltage of 2.2, maximum 2.5, and a maximum forward current 
of 25 mA. | also find some additional information: a maximum reverse voltage 
of 5 and maximum reverse current of 10 uA (that’s microamps, which are 1,000 
times smaller than milliamps). This tells us that you should avoid applying ex- 
cessive voltage to the LED the wrong way around. If you exceed the reverse 
voltage, you risk burning out the LED. Always observe polarity! 


Kingbright also warns us how much heat the LED can stand: 260° C (500° F) for 
a few seconds. This is useful information, as we'll be putting aside our alligator 
clips and using hot molten solder to connect electrical parts in the near future. 
Because we have already destroyed a battery, a fuse, and an LED in just four ex- 
periments, maybe you won't be surprised when | tell you that we will destroy 
at least a couple more components as we test their limits with a soldering iron. 


Anyway, now we know what an LED wants, we can figure out how to supply 
it. If you have any difficulties dealing with decimals, check the Fundamentals 
section “Decimals,” on the next page, before continuing. 


How Big a Resistor Does an LED Need? 


Suppose that we're use the Vishay LED. Remember its requirements from the 
data sheet? Maximum of 3 volts, and a safe current of 20mA. 


lm going to limit it to 2.5 volts, to be on the safe side. We have 6 volts of bat- 
tery power. Subtract 2.5 from 6 and we get 3.5. So we need a resistor that will 
take 3.5 volts from the circuit, leaving 2.5 for the LED. 


The current flow is the same at all places in a simple circuit. If we want a maxi- 
mum of 20mA to flow through the LED, the same amount of current will be 
flowing through the resistor. 


Now we can write down what we know about the resistor in the circuit. Note 
that we have to convert all units to volts, amps, and ohms, so that 20mA should 
be written as 0.02 amps: 


V = 3.5 (the potential drop across the resistor) 
| = 0.02 (the current flowing through the resistor) 
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We want to know R, the resistance. So, we use the version of Ohm’s Law that 
puts R on the left side: 


R= V/I 
Now plug in the values: 

R = 3.5/0.02 
Run this through your pocket calculator if you find decimals confusing. The 
answer is: 

R=1750 
It so happens that 1750 isn't a standard value. You may have to settle for 180 
or 2200, but that's close enough. 


Evidently the 4700 resistor that you used in Experiment 3 was a very conserva- 
tive choice. | suggested it because | said originally that you could use any LED 
at all. | figured that no matter which one you picked, it should be safe with 
4700 to protect it. 


Cleanup and Recycling 


The dead LED can be thrown away. Everything else is reusable. 
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Decimals 


Legendary British politician Sir Winston Churchill is famous for complain- 

ing about “those damned dots.’ He was referring to decimal points. Because 
Churchill was Chancellor of the Exchequer at the time, and thus in charge of all 
government expenditures, his difficulty with decimals was a bit of a problem. 
Still, he muddled through in time-honored British fashion, and so can you. 


You can also use a pocket calculator—or follow two basic rules. 


Doing multiplication: combine the zeros 


Suppose you need to multiply 0.04 by 0.005: 
. Count the total number of zeros following both of the decimal points. In 
this case, three zeros. 
. Multiply the numbers which follow the zeros. In this case, 4 x 5 = 20. 


. Write down the result as 0 followed by a decimal point, followed by the 
number of zeros, followed by the multiplication result. Like this: 0.00020, 
which is the same as 0.0002. 


Doing division: cancel the zeros 


Suppose you need to divide 0.006 by 0.0002: 


1. Shift the decimal points to the right, in both the numbers, by the same 
number of steps, until both the numbers are greater than 1. In this case, 
shift the point four steps in each number, so you get 60 divided by 2. 


2. Do the division. The result in this case is 30. 
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Doing the math on your tongue 


lm going to go back to the question | asked in the previous 
experiment: why didn't your tongue get hot? 


Now that you know Ohm's Law, you can figure out the 
answer in numbers. Let's suppose the battery delivered 
its rated 9 volts, and your tongue had a resistance of 50K, 
which is 50,000 ohms. Write down what you know: 


V=9 
R = 50,000 


We want to know the current, I, so we use the version of 
Ohm's Law that puts this on the left: 


|=V/R 

Plug in the numbers: 
| = 9/50,000 = 0.00018 amps 

Move the decimal point three places to convert to milliamps: 
|=0.18 mA 


That's a tiny current that will not produce much heat at 9 
volts. 


What about when you shorted out the battery? How much 
current made the wires get hot? Well, suppose the wires had 
a resistance of 0.1 ohms (probably it’s less, but I'll start with 
0.1 as a guess). Write down what we know: 
V=1.5 
R=0.1 
Once again we're trying to find |, the current, so we use: 
|=V/R 
Plug in the numbers: 
|= 1.5/0.1 = 15 amps 
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That's 100,000 times the current that may have passed 
through your tongue, which would have generated much 
more heat, even though the voltage was lower. 


Could that tiny little battery really pump out 15 amps? 
Remember that the battery got hot, as well as the wire. This 
tells us that the electrons may have met some resistance 
inside the battery, as well as in the wire. (Otherwise, where 
else did the heat come from?) Normally we can forget about 
the internal resistance of a battery, because it’s so low. But at 
high currents, it becomes a factor. 


| was reluctant to short-circuit the battery through a meter, 
to try to measure the current. My meter will fry if the current 
is greater than 10A. However | did try putting other fuses 
into the circuit, to see whether they would blow. When | 
tried a 10A fuse, it did not melt. Therefore, for the brand of 
battery | used, l'm fairly sure that the current in the short 
circuit was under 10A, but | know it was over 3A, because 
the 3A fuse blew right away. 


The internal resistance of the 1.5-volt battery prevented 

the current in the short circuit from getting too high. This 

is why | cautioned against using a larger battery (especially 
a car battery). Larger batteries have a much lower internal 
resistance, allowing dangerously high currents which gener- 
ate explosive amounts of heat. A car battery is designed to 
deliver literally hundreds of amps when it turns a starter 
motor. That's quite enough current to melt wires and cause 
nasty burns. In fact, you can weld metal using a car battery. 


Lithium batteries also have low internal resistance, making 
them very dangerous when they’re shorted out. High cur- 
rent can be just as dangerous as high voltage. 


FUNDAMENTALS 


Watt basics 


So far | haven't mentioned a unit that everyone is familiar with: watts. 


A watt is a unit of work. Engineers have their own definition of work—they say 
that work is done when a person, an animal, or a machine pushes something to 
overcome mechanical resistance. Examples would be a steam engine pulling a 
train on a level track (overcoming friction and air resistance) or a person walk- 
ing upstairs (overcoming the force of gravity). 


When electrons push their way through a circuit, they are overcoming a kind 
of resistance, and so they are doing work, which can be measured in watts. The 
definition is easy: 


watts = volts x amps 


Or, using the symbols customarily assigned, these three formulas all mean the 
same thing: 


W=Vx!l 
V=W/| 
|=W/V 


Watts can be preceded with an “m,’ for “milli, just like volts: 


Number of watts Abbreviated as 
0.001 watts 
0.01 watts 
0.1 watts 


1 watt 1,000 milliwatts 


Usually expressed as 
1 milliwatt 

10 milliwatts 

100 milliwatts 


Because power stations, solar installations, and wind farms deal with much 
larger numbers, you may also see references to kilowatts (using letter K) and 
megawatts (with a capital M, not to be confused with the lowercase m used to 
define milliwatts): 


Number of watts Usually expressed as | Abbreviated as 


1,000 watts 1 kilowatt 


1,000,000 watts 1 megawatt 


Lightbulbs are calibrated in watts. So are stereo systems. The watt is named 
after James Watt, inventor of the steam engine. Incidentally, watts can be con- 
verted to horsepower, and vice versa. 
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Power assessments 


| mentioned earlier than resistors 
are commonly rated as being 
capable of dealing with 1/4 watt, 
1/2 watt, 1 watt, and so on. | sug- 
gested that you should buy resis- 
tors of 1/4 watt or higher. How did 
| know this? 


Go back to the LED circuit. Re- 
member we wanted the resistor to 
drop the voltage by 3.5 volts, at a 
current of 20 mA. How many watts 
of power would this impose on 
the resistor? 


Write down what you know: 


V = 3.5 (the voltage drop 
imposed by the resistor) 

|= 20mA = 0.02 amps 

(the current flowing through 
the resistor) 


We want to know W, so we use this 
version of the formula: 


W=Vxl 
Plug in the values: 


W = 3.5 x 0.02 = 0.07 watts 
(the power being dissipated 
by the resistor) 


Because 1/4 watt is 0.25 watts, ob- 
viously a 1/4 watt resistor will have 
about four times the necessary 
capacity. In fact you could have 
used a 1/8 watt resistor, but in 
future experiments we may need 
resistors that can handle 1/4 watt, 
and there’s no penalty for using a 
resistor that is rated for more watts 
than will actually pass through it. 
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Anode 100 Q Cathode 
(long lead) resistor (short lead) 


Figure 4.15 shows the test setup for 
project with the rounded top of the LED 
photodiode aligned toward each other. 
Figure 4.15 
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Figure 1-71. A three-lemon battery. Don't 
be too disappointed if the LED fails to 
light up. The lemons have a high electri- 
cal resistance, so they cant deliver much 
current, especially through the relatively 
small surface area of the nails and the 
pennies. However, the lemon battery does 
generate voltage that you can measure 
with your meter. 


Figure 1-72. Bottled lemon juice seems to 
work just as well as fresh lemon juice. | cut 
the bottoms off three paper cups, inserted 
a galvanized bracket into each, and used 
heavyweight stranded copper wire to 
make the positive electrodes 
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Long ago, before web surfing, file sharing, or cell phones, kids were so horribly 
deprived that they tried to amuse themselves with kitchen-table experiments 
such as making a primitive battery by pushing a nail and a penny into a lemon. 
Hard to believe, perhaps, but true! 


This is seriously old-school—but | want you to try it anyway, because anyone 
who wants to get a feel for electricity should see how easy it is to extract it 
from everyday objects around us. Plus, if you use enough lemons, you just 
might generate enough voltage to power an LED. 


The basic components of a battery are two metal electrodes immersed in an 
electrolyte. | won't define these terms here (they're explained in the following 
section “Theory: The nature of electricity”). Right now all you need to know is 
that lemon juice will be your electrolyte, and copper and zinc will be your elec- 
trodes. A penny provides the necessary copper, as long as it is fairly new and 
shiny. Pennies aren't solid copper anymore, but they are still copper-plated, 
which is good enough. 


To find some metallic zinc, you will have to make a trip to a hardware store, 
where you should ask for roofing nails. The nails are zinc-plated to prevent 
them from rusting. Small metal brackets or mending plates also are usually 
zinc-plated. They should have a slightly dull, silvery look. If they have a mirror- 
bright finish, they’re more likely to be nickel-plated. 


Cut alemon in half, set your multimeter so that it can measure up to 2 volts DC, 
and hold one probe against a penny while you hold the other probe against 
a roofing nail (or other zinc-plated object). Now force the penny and the nail 
into the exposed juicy interior of the lemon, as close to each other as possible, 
but not actually touching. You should find that your meter detects between 
0.8 volts and 1 volt. 


You can experiment with different items and liquids to see which works best. 
Immersing your nail and penny in lemon juice that you have squeezed into a 
shot glass or egg cup may enhance the efficiency of your battery, although 
you'll have a harder time holding everything in place. Grapefruit juice and vin- 
egar will work as substitutes for lemon juice. 


To drive a typical LED, you need more than 1 volt. How to generate the extra 
electrical pressure? By putting batteries in series, of course. In other words, 
more lemons! (Or more shot glasses or egg cups.) You'll also need lengths of 
wire to connect multiple electrodes, and this may entail skipping ahead to 
Chapter 2, where | describe how to strip insulation from hookup wire. Figures 
1-71 and 1-72 show the configuration. 


If you set things up carefully, making sure than none of the electrodes are 
touching, you may be able to illuminate your LED with two or three lemon- 
juice batteries in series. (Some LEDs are more sensitive to very low currents 
than others. Later in the book I'll be talking about very-low-current LEDs. If you 
want your lemon-juice battery to have the best chance of working, you can 
search online for low-current LEDs and buy a couple.) 
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The nature of electricity 


To understand electricity, you have to start with some basic 
information about atoms. Each atom consists of a nucleus 
at the center, containing protons, which have a positive 
charge. The nucleus is surrounded by electrons, which carry 
a negative charge. 


Breaking up the nucleus of an atom requires a lot of energy, 
and can also liberate a lot of energy—as happens in a 
nuclear explosion. But persuading a couple of electrons to 
leave an atom (or join an atom) takes very little energy. For 
instance, when zinc reacts chemically with an acid, it can 
liberate electrons. This is what happens at the zinc electrode 
of the chemical battery in Experiment 5. 


The reaction soon stops, as electrons accumulate on the 
zinc electrode. They feel a mutual force of repulsion, yet 
they have nowhere to go. You can imagine them like a 
crowd of hostile people, each one wanting the others to 
leave, and refusing to allow new ones to join them, as 
shown in Figure 1-73. 


Figure 1-73. Electrons on an electrode have a bad attitude 
known as mutual repulsion. 


Now consider what happens when a wire connects the zinc 
electrode, which has a surplus of electronics, to another 
electrode, made from a different material, that has a short- 
age of electrons. The electrons can pass through the wire 
very easily by jumping from one atom to the next, so they 
escape from the zinc electrode and run through the wire, 
propelled by their great desire to get away from each other. 
See Figure 1-74. This mutual force of propulsion is what cre- 
ates an electrical current. 


Now that the population of electrons on the zinc electrode 
has been reduced, the zinc-acid reaction can continue, 
replacing the missing electrodes with new ones—which 
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promptly imitate their predecessors and try to get away 
from each other by running away down the wire. The 
process continues until the zinc-acid reaction grinds to a 
halt, usually because it creates a layer of a compound such 
as zinc oxide, which won't react with acid and prevents the 
acid from reacting with the zinc underneath. (This is why 
your zinc electrode may have looked sooty when you pulled 
it out of the acidic electrolyte.) 


Figure 1-74. As soon as we open up a pathway from a zinc 
electrode crowded with electrons to a copper electrode, which 
contains “holes” for the electrons, their mutual repulsion 
makes them try to escape from each other to their new home 
as quickly as possible. 


This description applies to a “primary battery,’ meaning one 
that is ready to generate electricity as soon as a connection 
between its terminals allows electrons to transfer from one 
electrode to the other. The amount of current that a primary 
battery can generate is determined by the speed at which 
chemical reactions inside the battery can liberate electrons. 
When the raw metal in the electrodes has all been used 

up in chemical reactions, the battery can’t generate any 
more electricity and is dead. It cannot easily be recharged, 
because the chemical reactions are not easily reversible, and 
the electrodes may have oxidized. 


In a rechargeable battery, also known as a secondary bat- 
tery, a smarter choice of electrodes and electrolyte does 
allow the chemical reactions to be reversed. 
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How much current is being generated in your lemon battery? Set your meter 
to measure milliamps, and connect it between the nail and the penny. | mea- 
sured about 2mA, but got 10mA when | used some #10 stranded copper wire 
instead of a penny and a large mending plate instead of a roofing nail, im- 
mersed in a cup of grapefruit juice. When a larger surface area of metal makes 
better contact with the electrolyte, you get a greater flow of current. (Don't 
ever connect your meter to measure amps directly between the terminals of 
a real battery. The current will be too high, and can blow the fuse inside your 
meter.) 


What's the internal resistance of your lemon? Put aside the copper and zinc 
electrodes and insert your nickel-plated meter probes into the juice. | got a 
reading of around 30K when both probes were in the same segment of the 
lemon, but 40K or higher if the probes were in different segments. Is the resis- 
tance lower when you test liquid in a cup? 


Here are a couple more questions that you may wish to investigate. For how 
long will your lemon battery generate electricity? And why do you think your 
zinc-plated electrode becomes discolored after it has been used for a while? 


Electricity is generated in a battery by an exchange of ions, or free electrons, be- 
tween metals. If you want to know more about this, check the section “Theory: 
The nature of electricity” on the previous page. 


Cleanup and Recycling 


The hardware that you immersed in lemons or lemon juice may be discolored, 
but it is reusable. Whether you eat the lemons is up to you. 
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Positive and negative 


If electricity is a flow of electrons, which have a negative 
charge, why do people talk as if electricity flows from the 
positive terminal to the negative terminal of a battery? 


The answer lies in a fundamental embarrassment in the 
history of research into electricity. For various reasons, when 
Benjamin Franklin was trying to understand the nature of 
electric current by studying phenomena such as lightning 
during thunderstorms, he believed he observed a flow of 
“electrical fluid” from positive to negative. He proposed this 
concept in 1747. 


In fact, Franklin had made an unfortunate error that 
remained uncorrected until after physicist J. J. Thomson 
announced his discovery of the electron in 1897, 150 years 
later. Electricity actually flows from an area of greater nega- 
tive charge, to some other location that is “less negative”— 
that is, “more positive.’ In other words, electricity is a flow 

of negatively charged particles. In a battery, they originate 
from the negative terminal and flow to the positive terminal. 


You might think that when this fact was established, every- 
one should have discarded Franklin's idea of a flow from 
positive to negative. But when an electron moves through a 
wire, you can still think of an equal positive charge flowing 
in the opposite direction. When the electron leaves home, 

it takes a small negative charge with it; therefore, its home 
becomes a bit more positive. When the electron arrives at 
its destination, its negative charge makes the destination a 
bit less positive. This is pretty much what would happen if 
an imaginary positive particle traveled in the opposite direc- 
tion. Moreover, all of the mathematics describing electrical 
behavior are still valid if you apply them to the imaginary 
flow of positive charges. 


As a matter of tradition and convenience we still retain Ben 
Franklin’s erroneous concept of flow from positive to nega- 
tive, because it really makes no difference. In the symbols 
that represent components such as diodes and transistors, 
you will actually find arrows reminding you which way 
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these components should be placed—and the arrows all 
point from positive to negative, even though that's not the 
way things really work at all! Ben Franklin would have been 
surprised to learn that although most lightning strikes occur 
when a negative charge in clouds discharges to neutralize 
a positive charge on the ground, some forms of lightning 
are actually a flow of electrons from the negatively charged 
surface of the earth, up to a positive charge in the clouds. 
That's right: someone who is “struck by lightning” may be 
hurt by emitting electrons rather than by receiving them, as 
shown in Figure 1-75. 


Figure 1-75. In some weather conditions, the flow of electrons 
during a lightning strike can be from the ground, through your 
feet, out of the top of your head, and up to the clouds. Benjamin 
Franklin would have been surprised. 
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Basic measurements 


Electrical potential is measured by adding up the charges 
on individual electrons. The basic unit is the coulomb, equal 
to the total charge on about 6,250,000,000,000,000,000 
electrons. 


If you know how many electrons pass through a piece of 
wire each second, this establishes the flow of electricity, 
which can be expressed in amperes. In fact 1 ampere can be 
defined as 1 coulomb per second. Thus: 


1 ampere = 1 coulomb/second 
= about 6.25 quintillion electrons/second 


There's no way to “see” the number of electrons running 
through a conductor (Figure 1-76), but there are indirect 
ways of getting at this information. For instance, when an 
electron goes running through a wire, it creates a wave of 
electromagnetic force around it. This force can be measured, 
and we can calculate the amperage from that. The electric 
meter installed at your home by the utility company func- 
tions on this principle. 


Figure 1-78. /f you could look inside an electric wire with a suf- 
ficiently powerful magnifying device, and the wire happened 
to be carrying 1 ampere of electron flow at the time, you might 
hope to see about 6.25 quintillion electrons speeding past 
each second. 
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If electrons are just moving freely, they aren't doing any 
work. If you had a loop of wire of zero resistance, and you 
kick-started a flow of electrons somehow, they could just 
go buzzing around forever. (This is what happens inside a 
superconductor —almost.) 


Under everyday conditions, even a copper wire has some re- 
sistance. The force that we need to push electrons through 

it is known as “voltage,” and creates a flow that can create 
heat, as you saw when you shorted out a battery. (If the wire 
that you used had zero resistance, the electricity running 
through it would not have created any heat.) We can use the 
heat directly, as in an electric stove, or we can use the elec- 
trical energy in other ways—to run a motor, for instance. 
Either way, we are taking energy out of the electrons, to do 
some work. 


One volt can be defined as the amount of pressure that you 
need to create a flow of 1 ampere, which does 1 watt of 
work. As previously defined, 1 watt = 1 volt x 1 ampere, but 
the definition actually originated the other way around: 


1 volt = 1 watt/1 ampere 


It’s more meaningful this way, because a watt can be de- 
fined in nonelectrical terms. Just in case you're interested, 
we can work backward through the units of the metric 
system like this: 


1 watt = 1 joule/second 

1 joule = a force of 1 newton acting through 1 meter 

1 newton = the force required to accelerate 1 kilogram 
by 1 meter per second, each second 


On this basis, the electrical units can all be anchored with 
observations of mass, time, and the charge on electrons. 


Practically Speaking 


For practical purposes, an intuitive understanding of electricity can be more 
useful than the theory. Personally | like the water analogies that have been 
used for decades in guides to electricity. Figure 1-77 shows a tall tank half full 
of water, with a hole punched in it near the bottom. Think of the tank as being 
like a battery. The height of the water is comparable to voltage. The volume of 
flow through the hole, per second, is comparable to amperage. The smallness 
of the hole is comparable to resistance. See Figure 1-79 on the next page. 


Where's the wattage in this picture? Suppose we place a little water wheel 
where it is hit by the flow from the hole. We can attach some machinery to 
the water wheel. Now the flow is doing some work. (Remember, wattage is a 
measurement of work.) 


Maybe this looks as if we're getting something for nothing, extracting work 
from the water wheel without putting any energy back into the system. But 
remember, the water level in the tank is falling. As soon as | include some help- 
ers hauling the waste water back up to the top of the tank (in Figure 1-78), you 
see that we have to put work in to get work out. 


Similarly, a battery may seem to be giving power out without taking anything 
in, but the chemical reactions inside it are changing pure metals into metallic 
compounds, and the power we get out of a battery is enabled by this change 
of state. If it’s a rechargeable battery, we have to push power back into it to 
reverse the chemical reactions. 


Going back to the tank of water, suppose we can't get enough power out of it 
to turn the wheel. One answer could be to add more water. The height of the 
water will create more force. This would be the same as putting two batteries 
end to end, positive to negative, in series, to double the voltage. See Figure 
1-80. As long as the resistance in the circuit remains the same, greater voltage 
will create more amperage, because amperage = voltage/resistance. 


What if we want to run two wheels instead of one? We can punch a second 
hole in the tank, and the force (voltage) will be the same at each of them. How- 
ever, the water level in the tank will drop twice as fast. Really, we'd do better to 
build a second tank, and here again the analogy with a battery is good. If you 
wire two batteries side by side, in parallel, you get the same voltage, but for 
twice as long. The two batteries may also be able to deliver more current than 
if you just used one. See Figure 1-81. 


Summing up: 
e Two batteries in series deliver twice the voltage. 
e Two batteries in parallel can deliver twice the current. 


All right, that's more than enough theory for now. In the next chapter, we'll 
continue with some experiments that will build on the foundations of knowl- 
edge about electricity, to take us gradually toward gadgets that can be fun 
and useful. 
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Figure 1-77. If you want to get work out of 
a system... 


Figure 1-78. ... somehow or other you have 
to put work back into it. 
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Higher 
water level 


Greater force 

creates more flow, 
because amperage = 
voltage / resistance, 
and the voltage has 
gone up, while 

the resistance 

has remained 

the same. 


Higher voltage 


Same 
resistance 


Figure 1-78. Greater force generates more flow, as long as the resistance remains the 


same. 
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Figure 1-80. When you place two equal batteries in Figure 1-81. Two equal batteries that are wired in parallel 
series, you double the voltage. will deliver the same voltage for twice as long as one. 
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The concept of switching is fundamental in electronics, and I’m not just talking 
about power switches. By “switching,” | mean using one flow of electricity to 
switch, or control, another. This is such an important principle that no digital 
device can exist without it. 


Today, switching is mostly done with semiconductors. Before | deal with them, 
lIl back up and illustrate the concept by introducing you to relays, which are 
easier to understand, because you can see what's going on inside them. And 
before | get to relays, l'Il deal with everyday on/off switches, which may seem 
very simple—but we have to nail down the basics. 


Also in this chapter, I'll deal with capacitance, because capacitance and resis- 
tance are fundamental to electronic circuits. By the end of the chapter, you 
should have a basic grounding in electronics and be able to build the noise- 
making section of a simple intrusion alarm. This will be your first circuit that 
does something genuinely useful! 


Shopping List: Experiments 6 Through 11 


As in the previous shopping list, you should visit the various online suppliers 
for availability and pricing of components and devices. Manufacturers seldom 
sell small numbers of parts directly. Check the appendix for a complete list of 
URLs for all the companies mentioned here. 


Devices 


e Power supply/universal AC adapter, 3 to 12 volts at 1A (1,000 mA). See Fig- 
ure 2-1. Part number 273-029 from RadioShack, part PH-62092 by Philips, 
or similar. 


e Breadboard suitable for integrated circuits. Quantity: 1. See Figures 2-2 
and 2-3. Part 276-002 from RadioShack, model 383-X1000 made by PSP, 
part 923252-1 by 3M, or similar. A breadboard that has screw terminals 
mounted beside it will be a little easier to use but more expensive than 
one that does not have terminals. 


IN THIS CHAPTER 


Shopping List: Experiments 6 Through 11 


Experiment 6: Very Simple Switching 


Experiment 7: Relay-Driven LEDs 


Experiment 8: A Relay Oscillator 


Experiment 9: Time and Capacitors 


Experiment 10: Transistor Switching 


Experiment 11: A Modular Project 


Figure 2-1. This AC adapter delivers DC 
from 3 to 12 volts, and is ideal for electron- 
ics projects. 
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Figure 2-2. This “breadboard” for quickly Figure 2-3. A breadboard without screw 
constructing electronic circuits has a metal terminals is almost as convenient, and is 
base, and screw terminals for attaching cheaper. 


wires from a power supply. 


Tools 


Wire strippers 
Ideal model 45-121 wire strippers for 16- to 26-gauge wire, or similar. See 
Figure 2-4. (The “gauge” of the wire tells you how thick it is. A higher gauge 
means a thinner wire. In this book, we will mainly be using thin wire of 
20- to 24-gauge.) 


You may also consider the Kronus Automatic Wire Strippers, part 64- 
2981 from RadioShack, or GB Automatic Wire Strippers, part SE-92 from 
Amazon.com. See Figure 2-5. 


The Kronus and GB wire strippers are functionally identical. The advan- 
tage of their design is that it enables you to strip insulation from a wire 
with one hand. But they do not work well on really thin wire. 


Figure 2-4. To use these wire strippers, Figure 2-S. These automatic wire strippers 
insert a piece of insulated wire in the enable one-handed operation, but are not 
appropriate-sized hole between the jaws, suitable for very small wire diameters. See 
grip the handles, and pull a section of page 44. 


insulation away. See page 45. 
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Supplies 


Hookup wire 
Solid-conductor, 22-gauge, minimum 25 feet of each color. See Figure 2-6. 
Part 278-1222 from RadioShack, catalog item 9948117 from McMaster- 
Carr, or check eBay for deals. 


It’s easy to buy the wrong kind of wire. You need solid-core wire, which has 
a single conductor inside the plastic insulation, not stranded, which has 
multiple, thinner conductors. See Figures 2-7 and 2-8. You're going to be 
pushing wires into little holes in a “breadboard,” and stranded wire won't 
let you do this. You will also have problems if you buy wire thicker than 
22-gauge. Remember: the lower the gauge number, the thicker the wire. 


For a little extra money, you can buy an assortment of precut sections of 
wire, with ends stripped and ready for use. Try catalog item JW-140 (jump- 
er wire assortment) from All Electronics or search eBay for “breadboard 


wire.” See Figure 2-9. Figure 2-8. Using hookup wire with differ- 
ent colors of plastic insulation will help you 
Patch cords to distinguish one wire from another in 


Patch cords are not strictly necessary but very convenient. You don’t want your circuits. 
audio or video patch cords, which have a plug on each end; you want 

wires with alligator clips on each end, also sometimes referred to as “test 

leads.” Try catalog item 461-1176-ND from Digi-Key or catalog item MTL- 

10 from All Electronics. See Figure 2-10. 


Figure 2-7. Solid-conductor wire of 22 or 24 Figure 2-8. Stranded is more flexible, but 
gauge is suitable for most of the experi- cannot be used easily with breadboards. 
ments in this chapter. 


Figure 2-8. Precut wires with stripped ends Figure 2-10. Patch cords, sometimes known 

can save a lot of time and trouble—if you as test leads, consist of wires preattached 

don't mind paying a little extra. to alligator clips. This is another of those 
little luxuries that reduces the hassle factor 
in hobby electronics. 
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The photodiode is connected to the base of a 
transistor. Therefore, current generated by 
the photodiode turns the transistor ON. When 
the transistor is ON, VC is about O volts, 
turning off the buzzer. When the infrared light 
is blocked, the photodiode stops generating 
current, which turns OFF the transistor, 
increasing VC, which turns on the buzzer. 

These circuits work with the LED and 
photodiode about 7 inches apart. With more 
complicated photo detectors that have circuitry 
to amplify the detected signal, this technique 


can work over several feet. One common 
application of this technique IS a buzzer that 
sounds when a shopper enters a store, 


blocking the light, setting off a sound, and 
alerting the sales staff. 


Shopping List: Experiments 6 Through 11 


Components 


Pushbutton 
Momentary-on, SPST, sometimes referred to as OFF-(ON) or (ON)-OFF 
type. Must be PCB- or PC-mount, meaning is extremely small with thin 
spiky contacts on the bottom. Quantity: 1. See Figure 2-11. 


Examples are part number AB11AP by NKK, part MPA103B04 by Alco- 
switch, or part EP11SD1CBE by C&k. If you have a choice, buy the cheap- 
est, as we're going to switch very low current. 


Figure 2-11. The terminals protruding from 
this tiny pushbutton are spaced 0.2 inches 
apart, making it ideal for the “breadboard” 


that you'll be using. Switches 


Toggle switch, single-pole, double-throw (SPDT), sometimes referred to 
as ON-ON type. Quantity: 2. See Figure 2-12. 


Model $302T-RO by NKK is ideal; it has screw terminals that will eliminate 
the need for alligator clips. Other options are catalog item MTS-4PC from 
All Electronics or part 275-603 from RadioShack. 


We won't be switching large currents or high voltages, so the exact type of 
switch is unimportant. However, the terminals on larger-size switches are 
spaced wider apart, which makes them easier to deal with. 


Figure 2-12. This relatively large toggle Relays 

switch made by NKK has screw terminals, DPDT, nonlatching, 12v DC. Quantity: 2. 

which will reduce the inconvenience of 

attaching it to hookup wire. Its important to get the right kind of relay—one whose configuration 


matches the pictures I'll be using. Look for parts FTR-F1CA012V or FTR- 
F1CD012V by Fujitsu, G2RL-24-DC12 by Omron, or OMI-SH-212D by Tyco. 
Avoid substitutions. 


Potentiometer 
1 megohm linear potentiometer, Part number 271-211 from RadioShack, 
part number 24N-1M-15R-R from Jameco, or similar. 


Transistors 
NPN transistor, general-purpose, such as 2N2222 by STMicroelectronics, 


Figure 2-13. Transistors are commonly sold part PN2222 by Fairchild, or part 2N2222 from RadioShack. Quantity: 4. 
either in little metal cans or sealed into Cane 2-13 
little lumps of plastic. For our purposes, SETIBMI cla, 


the packaging makes no difference. 


2N6027 programmable unijunction transistor manufactured by On Semi- 
conductor or Motorola. Quantity: 4. 


Capacitors 
Electrolytic capacitors, assorted. Must be rated for a minimum of 25 volts 
and include at least one capacitor of 1,000 uF (microfarads). If you search 
on eBay, make sure you find electrolytic capacitors. If they're rated for 
higher voltages, that’s OK, although they will be physically larger than you 
need. See Figure 2-14. 


Figure 2-14. An assortment of electrolytic 
capacitors. 
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Ceramic capacitors, assorted. Make sure you get at least one rated at 
0.0047 uF (which can also be written as 47 nF). See Figure 2-15. 


Resistors 
If you bought only a minimal selection for experiments 1 through 5, now's 
the time to buy a larger assortment, so that you won't be stuck needing 
the one value that you don't have. 1/4-watt minimum. 


Loudspeaker 


Any 80, 1-inch miniature loudspeaker such as part 273-092 from RadioShack. 
See Figure 2-16. 


Experiment 6: Very Simple Switching 
You will need: 

e AA batteries. Quantity: 4. 

e Battery carrier for 4 AA batteries. Quantity: 1. 

e LED. Quantity: 1. 

e Toggle switches, SPDT. Quantity: 2. See Figure 2-12. 

e 2200 or similar value resistor, 1/4-watt minimum. Quantity: 1. 

e Alligator clips. Quantity: 8. 

e Wire or patch cords. See Figure 2-10, shown previously. 


e Wire cutters and wire strippers if you don't use patch cords. See Figure 2-4, 
shown previously. 


In Experiment 3, you illuminated an LED by attaching a battery, and switched 
it off by removing the battery. For greater convenience our circuits should 
have proper switches to control power, and while I’m dealing with the general 
topic of switches, I’m going to explore all the varieties, using a circuit to sug- 
gest some possibilities. 


Assemble the parts as shown in Figures 2-17 and 2-18. The long lead on the 
LED must connect with the resistor, because that is the more positive side of 
the circuit. 


You'll notice that you have to include a couple lengths of wire. | suggest green 
wire to remind you that these sections are not connected directly to positive 
or to negative power. But you can use any color you like. You can also substi- 
tute patch cords, if you have them. However, learning to strip insulation from 
pieces of wire is a necessary skill, so let's deal with that now. 
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Figure 2-15. Ceramic capacitors mostly 
look like this, although many of them are 
round or bead-shaped instead of square. 
The packaging shape is unimportant to us. 


Figure 2-16. This miniature loudspeaker, 
Just over 1 inch in diameter, is useful for 
verifying audio output direct from transis- 
tor circuits. 
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Short 
LED lead 


6v Battery Pack 


h a 


Figure 2-17. If the LED is on, flipping either of the switches will turn it off. If the LED is off, Figure 2-18. Full-size toggle switches with 
either of the switches will turn it on. Use alligator clips to attach the wires to each other, screw terminals make it easy to hook up 
and to the switches if your switches don't have screw terminals. Be careful that the clips this simple circuit. 


don't touch each other. 


Figure 2-18. Using automatic wire strip- 
pers, when you squeeze the handles the 
jaw on the left clamps the wire, the sharp 
grooves on the right bite into the insula- 
tion. Squeeze harder and the jaws pull 
away from each other, stripping the insula- 
tion from the wire. 
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Tools 


If automatic wire strippers (Figure 2-19) don't grip skinny 22-gauge wire very 
effectively, try the Ideal brand of wire strippers shown back in Figure 2-4, or 
use plain and simple wire cutters as shown in Figure 2-20. When using wire 
cutters, you hold the wire in one hand and apply the tool in your other hand, 
squeezing the handles with moderate pressure—just enough to bite into the 
insulation, but not so much that you chop the wire. Pull the wire down while 
you pull the cutters up, and with a little practice you can rip the insulation off 
to expose the end of the wire. 


Macho hardware nerds may use their teeth to strip insulation from wires. When 
| was younger, | used to do this. | have two slightly chipped teeth to prove it. 
Really, it’s better to use the right tool for the job. 
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Figure 2-20. To remove insulation from Figure 2-21. Those who tend to misplace 

the end of a thin piece of wire, you can tools, and feel too impatient to search for 
also use wire cutters. This takes a little them, may feel tempted to use their teeth 
practice. to strip insulation from wire. This may not 


be such a good idea. 


Connection Problems 


Depending on the size of toggle switches that you are using, you may have 
trouble fitting in all the alligator clips to hold the wires together. Miniature 
toggle switches, which are more common than the full-sized ones these days, 
can be especially troublesome (see Figure 2-22). Be patient: fairly soon we'll 
be using a breadboard, which will eliminate alligator clips almost completely. 


Testing 


Make sure that you connect the LED with its long wire toward the positive 
source of power (the resistor, in this case). Now flip either of the toggle switch- 
es. If the LED was on, it will go off, and if it was off, it will go on. Flip the other 
toggle switch, and it will have the same effect. If the LED does not go on at all, 
you've probably connected it the wrong way around. Another possibility is 
that two of your alligator clips may have shorted out the battery. 


Assuming your two switches do work as | described them, what's going on 
here? It's time to nail down some basic facts. 
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Figure 2-22. Miniature toggle switches can 
be used—ideally, with miniature alligator 
clips—but watch out for short circuits. 
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All about switches 


When you flip the type of toggle switch that you used in 
Experiment 6, it connects the center terminal with one of 
the outer terminals. Flip the switch back, and it connects the 
center terminal with the other outer terminal, as shown in 
Figure 2-23. 


The center terminal is called the pole of the switch. Because 
you can flip, or throw, this switch to make two possible con- 
nections, it is called a double-throw switch. As mentioned ear- 
lier, a single-pole, double-throw switch is abbreviated SPDT. 


Some switches are on/off, meaning that if you throw them in 

one direction they make a contact, but in the other direction, 
they make no contact at all. Most of the light switches in your 
house are like this. They are known as single-throw switches. A 
single-pole, single-throw switch is abbreviated SPST. 


Some switches have two entirely separate poles, so you 
can make two separate connections simultaneously when 
you flip the switch. These are called double-pole switches. 
Check the photographs in Figures 2-24 through 2-26 of 

old-fashioned “knife” switches (which are still used to teach | | | | 


electronics to kids in school) and you'll see the simplest 


representation of single and double poles, and single and Connected Connected 
double throws. Various toggle switches that have contacts Figure 2-23. The center terminal is the pole of the switch. 
sealed inside them are shown in Figure 2-27. When you flip the toggle, the pole changes its connection. 


Figure 2-24. This primitive-looking single- Figure 2-25. A single-pole, single-throw Figure 2-28. A double-pole, single-throw 
pole, double-throw switch does exactly switch makes only one connection with switch makes two separate on/off 

the same thing as the toggle switches in one pole. Its two states are simply open connections. 

Figures 2-23 and 2-27. and closed, on and off. 
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All about switches (continued) 


Figure 2-27. These are all toggle switches. Generally, the larger 
the switch, the more current it can handle. 


To make things more interesting, you can also buy switches 
that have three or four poles. (Some rotary switches have 
even more, but we won't be using them.) Also, some double- 
throw switches have an additional “center off” position. 


Putting all this together, | made a table of possible types of 
switches (Figure 2-28). When you're reading a parts catalog, 
you can check this table to remind yourself what the ab- 
breviations mean. 


Single Double 3-Pole A-Pole 
Pole Pole 
Single SPST DPST 3PST 4PST 
Throw ON-OFF ON-OFF ON-OFF ON-OFF 
Double SPDT DPDT 3PDT 4PDT 
Throw ON-ON ON-ON ON-ON ON-ON 


Double 
Throw with SPDT DPDT 3PDT APDT 
Center Off | ON-OFF-ON | ON-OFF-ON | ON-OFF-ON | ON-OFF-ON 


Figure 2-28. This table summarizes all the various options for 
toggle switches and pushbuttons. 


Now, what about pushbuttons? When you press a door 
bell, you're making an electrical contact, so this is a type of 
switch—and indeed the correct term for it is a momentary 
switch, because it makes only a momentary contact. Any 
spring-loaded switch or button that wants to jump back to 
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its original position is known as a momentary switch. We 
indicate this by putting its momentary state in parentheses. 
Here are some examples: 


e OFF-(ON): Because the ON state is in parentheses, it's 
the momentary state. Therefore, this is a single-pole 
switch that makes contact only when you push it, and 
flips back to make no contact when you let it go. It is 
also known as a“normally open” momentary switch, 
abbreviated “NO. 


e ON-(OFF): The opposite kind of momentary single-pole 
switch. It's normally ON, but when you push it, you 
break the connection. So, the OFF state is momentary. 
It is known as a“normally closed” momentary switch, 
abbreviated “NC.” 

« (ON)-OFF-(ON): This switch has a center-off position. 
When you push it either way, it makes a momentary 
contact, and returns to the center when you let it go. 


Other variations are possible, such as ON-OFF-(ON) or ON- 
(ON). As long as you remember that parentheses indicate 
the momentary state, you should be able to figure out what 
these switches are. 


gta Eater AS Lh AA 


| 
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Figure 2-28. This evil mad scientist is ready to apply power to 
his experiment. For this purpose, he is using a single-pole, 
double-throw knife switch, conveniently mounted on the wall of 
his basement laboratory. 
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All about switches (continued) 


Sparking 


When you make and break an electrical connection, it tends 
to create a spark. Sparking is bad for switch contacts. It eats 
them until the switch doesn't make a reliable connection 
anymore. For this reason, you must use a switch that is ap- 
propriate for the voltage and amperage that you are dealing 
with. Electronic circuits generally are low-current, and 
low-voltage, so you can use almost any switch, but if you are 
switching a motor, it will tend to suck an initial surge of cur- 
rent that is at least double the rating of the motor when it is 
running constantly. You should probably use a 4-amp switch 
to turn a 2-amp motor on and off. 


Checking a switch 


You can use your meter to check a switch. Doing this helps 
you find out which contacts are connected when you turn 
a switch one way or the other. It's also useful if you have a 

pushbutton and you can't remember whether it's the type 


20m 
10A 
Bom e 
QA. 
hre PNP” 
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that is normally open (you press it to make a connection) or 
normally closed (you press it to break the connection). Set 
your meter to measure ohms, and touch the probes to the 
switch terminals while you work the switch. 


This is a hassle, though, because you have to wait while 

the meter makes an accurate measurement. When you just 
want to know whether there is a connection, your meter 
has a “continuity tester” setting. It beeps if it finds a connec- 
tion, and stays silent if it doesn't. See Figures 2-30 through 
2-32 for examples of meters set to test continuity. Figure 
2-33 offers an example of a toggle switch being tested for 
continuity. 


l l 
ı Use the continuity-testing feature on your meter only on ı 
| circuits or components that have no power in them at the ! 
` time. | 


Figure 2-32. To check a circuit for conti- 
nuity, turn the dial of your meter to the 
symbol shown. Only use this feature 
when there is no power in the compo- 
nent or the circuit that you are testing. 


Figure 2-33. When the switch connects two of its terminals, the meter shows zero 
resistance between them and will beep if you have set it to verify continuity. 
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Early switching systems 


Switches seem to be such a fundamental feature of our world, and their concept 
is so simple that it's easy to forget that they went through a gradual process of 
development and refinement. Primitive knife switches were quite adequate for 
pioneers of electricity who simply wanted to connect and disconnect electric- 
ity to some apparatus in a laboratory, but a more sophisticated approach was 
needed when telephone systems began to proliferate. Typically, an operator at 
a “switchboard” needed a way to connect any pair of 10,000 lines on the board. 
How could it be done? 


In 1878, Charles E. Scribner (Figure 2-34) developed the “jack-knife switch,’ so 
called because the part of it that the operator held looked like the handle of a 
jackknife. Protruding from it was a plug, and when the plug was pushed into a 
socket, it made contact inside the socket. The socket, in fact, was the switch. 


Figure 2-34. Charles E. Scribner invented the “jack-knife switch” to satisfy the 
switching needs of telephone systems in the late 1800s. Today's audio jacks still 
work on the same basis.” 


Audio connectors on guitars and amplifiers still work on the same principle, and 
when we speak of them as being “jacks,” the term dates back to Scribner's inven- 
tion. Switch contacts still exist inside a jack socket. 


Today, of course, telephone switchboards have become as rare as telephone 
operators. First they were replaced with relays—electrically operated switches, 
which l'Il talk about later in this chapter. And then the relays were superceded 
by transistors, which made everything happen without any moving parts. Be- 
fore the end of this chapter, you'll be switching current using transistors. 


* The photo on which this drawing is based first appeared in The History of the Telephone by 
Herbert Newton Casson in 1910 (Chicago: A. C. McClurg & Co.). 
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Experiment 6: Very Simple Switching 


Introducing Schematics 


In Figure 2-35, I’ve redrawn the circuit from Experiment 6 in a simplified style 
known as a “schematic.” From this point onward, | will be illustrating circuits 
with schematics, because they make circuits easier to understand. You just 
need to know a few symbols to interpret them. 


Compare the schematic here with the drawing of the circuit in Figure 2-17. 
They both show exactly the same thing: Components, and connections be- 
tween them. The gray rectangles are the switches, the zigzag thing is the resis- 
tor, and the symbol with two diagonal arrows is the LED. 


Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596153748. 
psa eee ee oe . The schematic LED symbol includes two arrows indicating that it emits light, 
because there are some kinds of diodes, which we'll get to later, that don't. 
The triangle inside the diode symbol always points from positive to negative. 


Trace the path that electricity can take through the circuit and imagine the 
switches turning one way or the other. You should see clearly now why either 
switch will reverse the state of the LED from on to off or off to on. 


This same circuit is used in houses where you have a switch at the bottom of 
a flight of stairs, and another one at the top, both controlling the same light- 
bulb. The wires in a house are much longer, and they snake around behind the 
walls, but because their connections are still the same, they could be repre- 
sented with the same basic schematic. See Figure 2-36. 


A schematic doesn't tell you exactly where to put the components. It just tells 
you how to join them together. One problem: Different people use slightly 
different schematic symbols to mean the same thing. Check the upcoming 
section, “Fundamentals: Basic schematic symbols,” for the details. 


AA 


220 


Figure 2-35. This schematic shows the 
same circuit as in Figure 2-17 and makes it 
easier to see how the switches function. 


Figure 2-38. The two-switch circuit shown 
in Figures 2-17 and 2-35 is often found in 
house wiring, especially where switches 
are located at the top and bottom of a 
flight of stairs. This sketch shows what 
you might find inside the walls. Wires are 
Joined with “wire nuts” inside boxes that 
are hidden from everyday view. 
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Basic schematic symbols 

Schematic symbols are like words in a language: they have 
mutated over the years into a confusing range of variations. 
A simple on/off (single-pole, single-throw, or SPST) switch, 


for instance, can be represented by any of the symbols 
shown in Figure 2-37. They all mean exactly the same thing. 


—eN— 
—o »— 


No 
AN 
e e— 


we 
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Figure 2-37. Variations on a theme: Just some of the differ- 
ent styles used to depict a single-pole, single-throw switch in 
schematic diagrams. The bottom version is the style used in 
this book. 


Pole 


Figure 2-38 shows double-pole, double-throw switches. A 
dotted line indicates a mechanical connection inside the 
switch, so that when you flip it, you affect both the poles si- 
multaneously. Remember, the poles are electrically isolated 
from each other. 
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Figure 2-38. More variations: some different styles for depicting 
a double-pole, double-throw switch. The style at bottom-right 
is used in this book. 


Once in a while, you may find a schematic in which switches 
seem to be scattered around, but the way they are identi- 
fied (such as S1A, S1B, S1C, and so on) tells you that this is 
really all one switch with multiple poles. 


In the schematics in this book, I'll place a gray rectangle 
behind each switch. This gray rectangle is not a standard 
symbol; you won't find it in other books. I’m just including it 
to remind you that the parts inside are all contained in one 
package. 


A very important stylistic variation in schematics is the way 
they show whether wires make a connection with each 
other. Old schematics used to show a little semicircular 
bump in a wire if it crossed another wire without making 
a connection. Because modern circuit-drawing software 
doesn't create this style of schematic, it is no longer often 
used. The modern style, which you are likely to find if you 
browse through schematics online, can be summarized like 
this: 

A dot joining two wires indicates an electrical 

connection. 

No dot indicates no connection. 
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19 Many types of electronic circuits contain 
multiple switching transistors. In this type of 
circuit, one transistor is used to switch others 
ON and OFF. To illustrate how this works, 
again consider the lamp as the load and the 
mechanical switch as the actuating element. 
Figure 4.16 shows a circuit that uses two 
transistors to turn a lamp on or off. 

Figure 4.16 


© Lamp 


BQ 


Ra 
When the switch IS in position A, the 
base-emitter junction of Q 1 is forward-biased. 
Therefore, base current (I Bl ) flows through 
R 1 and through the base-emitter diode of Q 
1 , turning the transistor ON. This causes the 
collector current (I Cl ) to flow through Q 1 
to ground, and the collector voltage drops to 
O volts, just as if Q 1 were a closed switch. 
Because the base of Q 2 is connected to the 
collector of Q 1, the voltage on the base of 
Q 2 also drops to 0 volts. This ensures that 
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Basic schematic symbols (continued) 


The problem is that this is not very intuitive, especially when 
you're just beginning to use schematics. When you see two 
wires crossing, you can easily imagine that they are making 
a connection, even though there's no dot at the intersec- 
tion. Therefore, in the interests of clarity, I've chosen to use 
the old “semicircular bump” style of schematic in this book 
(see Figure 2-39). It can be summarized like this: 


¢ Adotjoining two wires indicates an electrical 
connection. 


e A bump ina wire that crosses another wire indicates no 
connection. 


In this book, you won't find wires crossing each other with- 
out either a dot or a bump. 


+ + 


Figure 2-38. In wiring schematics, a dot always indicates an 
electrical connection. However, the cross-shaped intersection 
of wires at top-right is considered bad style because if the dot 
is accidentally omitted or poorly printed, the intersection can 
be mistaken for the type shown at bottom left, in which the 
wires do not make a connection. All three of the configurations 
in the bottom row indicate no connection, the first example 
being the most common style, the center example being least 
common, and the third being the most old-fashioned—although 
for reasons of clarity, it is used in this book. 


In a battery-powered circuit, you may find a battery symbol, 
but more often you will find a little note indicating where posi- 
tive voltage enters the system, while negative is indicated by a 
“ground” symbol. In fact there may be ground symbols all over 
the place. You have to remember that when you build a circuit, 
all the wires leading to grounds must actually be connected 
together, to the negative side of the voltage supply. 


The idea of the ground symbol dates back to the time when 
electronic gadgets were mounted on a metal chassis, which 
was connected to the negative side of the power supply. The 
ground symbol really meant “connect to the chassis.’ Some 
variants in the ground symbol are shown in Figure 2-40. 
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Figure 2-40. All of these symbols are used to mean the same 
thing: connect the wire to “ground” or “chassis” or the negative 
side of the power source. The far-right symbol is used in this 
book. 


In this book, we have color throughout, so l'Il show a red 
positive and blue negative to clarify where the power is 
connected, and | won't use ground symbols. Once again, 
my purpose is to minimize the risk of misunderstandings, 
because | know how frustrating it is to build a circuit that 
doesn't work. 


A big inconsistency in schematics is the way in which they 
show resistors. The traditional zigzag symbol has been 
abandoned in Europe. Instead they use a rectangle with a 
number inside indicating the number of ohms. See Figure 
2-41. The Europeans also changed the way in which decimal 
points are represented: they omit them as much as possible, 
because in badly printed schematics, the little dots tend to 
get lost (or can be confused with dust and dirt). So, a 4.7KO 
resistor will be listed as 4K7, and a 1.2MQ resistor will be 
1M2. | like this notation, so l'm going to be using it myself, 
but I'll be keeping the zigzag resistor symbol, which remains 
widely used in the United States. 


220 


Figure 2-41. Two styles for depicting a 2200 resistor. The upper 
version is traditional, and still used in the United States. The 
lower version is European. 
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Basic schematic symbols (continued) 


Potentiometers suffer from the same inconsistent style be- 
tween the United States and Europe, but either way, you'll 
find an arrow showing where the wiper (usually, the center 
terminal) touches the resistance. See Figure 2-42. And some- 
times LEDs are shown inside circles, and sometimes not. | 
prefer circles, myself. See Figure 2-46. 


MA- SF Figure 2-44. The battery symbol is usually shown without + and 
— symbols. I've added them for clarity. 


Figure 2-42. Potentiometer symbols: the left is traditional and 
used in the United States, the right is European. In both cases 
the arrow indicates the wiper (usually the center terminal). 


— n 


Figure 2-45. Symbol for an incandescent lightbulb. 


l'Il explore other symbol variants later in the book. Mean- 


o n while, the most important things to remember are: 
——() == e The positions of components in a schematic are not 
important. 
e The styles of symbols used in a schematic are not 
important. 


e The connections between the components are ex- 


Į tremely important. 


Figure 2-43. Three ways of indicating a pushbutton switch. 
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Figure 2-48. Sometimes an LED is shown with a circle around it; sometimes not. In this book, | will include the circle. The arrows 
indicate emitted light. 
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Basic schematic symbols (continued) 


For example, the three LED circuits that | have included in flows from top to bottom while a signal tends to pass from 
Figure 2-47 show components in different positions, using dif- left to right. 

ferent symbols, but all three circuits function exactly the same 
way, because their connections are the same. In fact, they 

all depict the circuit that you built in Experiment 4, shown in 


When | was planning this book, initially | drew the sche- 
matics to conform with this top-to-bottom, left-to-right 
convention, but as | started building and testing the circuits, 


nme tae | changed my mind. We use a device known as a “bread- 
Often the symbols in a schematic are placed so that the board” to create circuits, and its internal connections require 
circuit is most intuitively easy to understand, regardless of us to lay out components very differently from a typical 
how you may build it with actual components. Compare the schematic. When you're starting to learn electronics, it's very 
example in Figure 2-48, showing the two DPDT switches, confusing to try to rearrange components from a schematic 
with the version shown back in Figure 2-35. The previous in the configuration that you need for a breadboard. 


one looked more like your bench-top version of it, but Fig- 


ure 2-48 shows the flow of electricity more clearly, Therefore, throughout this book, you'll find that | have 


drawn the schematics to imitate the way you'll wire them on 
A a breadboard. | believe the advantages of doing things this 
A way outweigh the disadvantages of being a little different 
from the schematic styles that are used elsewhere. 


220 


xo 


Figure 2-47. These three schematics all depict the same basic 
circuit. It’s the circuit that you built with the potentiometer in 
Experiment 4. 


In many schematics, the positive side of the power supply is 
shown at the top of the diagram, and negative or ground at 
the bottom. Many people also tend to draw a schematic with 
an input (such as an audio input, in an amplifier circuit) at the 
left side, and the output at the right. So, “positive voltage” 


Figure 2-48. This schematic is just another, clearer, simpler way 
of showing the circuit that appeared in Figure 2-35. 
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Experiment 7: Relay-Driven LEDs 
You will need: 

e AC adapter, wire cutters and strippers. 

e DPDT relay. Quantity: 2. 

e LEDs. Quantity: 2. 

e Resistor, 6800 approx. Quantity: 1. 

e Pushbutton, SPST. Quantity: 1. 

e Hookup wire, 22 gauge, or patch cords. 

¢ Alligator clips. Quantity: 8. 

e Utility knife. 


The next step in our exploration of switching is to use a remote-controlled 
switch. By “remote-controlled,’ | mean one to which you can send a signal to 
turn it on or off. This kind of switch is known as a relay, because it relays an 
instruction from one part of a circuit to another. Often a relay is controlled by 
a low voltage or small current, and switches a larger voltage or higher current. 


This setup can be cost-effective. When you start your car, for instance, a rela- 
tively small, cheap switch sends a small signal down a relatively long, thin, 
inexpensive piece of wire, to a relay that is near the starter motor. The relay 
activates the motor through a shorter, thicker, more expensive piece of wire, 
capable of carrying as much as 100 amps. 


Similarly, when you raise the lid on an a top-loading washing machine during 
its spin cycle, you close a lightweight switch that sends a small signal down a 
thin wire to a relay. The relay handles the bigger task of switching off the large 
motor spinning the drum full of wet clothes. 


Before you begin this experiment, you need to upgrade your power supply. 
We're not going to use batteries anymore, because most relays require more 
than 6 volts, and in any case you should have a power supply that can give you 
a variety of voltages on demand. The simplest way to achieve this is by using 
an AC adapter. 


First you'll set up the AC adapter. After you have it running, you'll use it to 
power the relay. Initially the relay will just switch between two LEDs, but then 
you'll modify the circuit to make the LEDs flash automatically. Finally you'll re- 
build the circuit on a breadboard, and say goodbye to alligator clips, for most 
of the time at least. 


Preparing Your AC Adapter 


An AC adapter plugs into the wall and converts the high-voltage AC supply in 
your home into a safe, low DC voltage for electronic devices. Any charger that 
you use with your cell phone, or iPod, or laptop computer is a special-purpose 
AC adapter that delivers only one voltage via a specific type of plug. I’ve asked 
you to buy a general-purpose adapter that delivers many different voltages, 
and we're going to begin by getting rid of its plug. 
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Experiment 7: Relay-Driven LEDs 


Figure 2-48. Preparing an AC adapter. First, 
cut off the little low-voltage plug and throw 
it away. 


MN Y 


Figure 2-50. Second, strip the wires, mak- 
ing one shorter than the other to reduce 
the risk of them touching. Color one of the 
adapter wires red with a marker, to identify 
it as the positive one. 


1. It's important to make sure that your AC adapter is not plugged into the 
wall! 


2. Chop off the little plug at the end of its wire. See Figure 2-49. 


3. Usea box cutter or utility knife or scissors to make a half-inch cut between 
the two conductors, and then pull the conductors apart a couple of inches. 


4. Use wire cutters to trim one of the conductors shorter than the other, 
so that after you strip away a little of the insulation, the exposed copper 
wires cannot easily touch each other. This is a precaution against short- 
circuiting your AC adapter and burning it out. 


5. Strip the two conductors using your wire strippers. Twist the copper 
strands between finger and thumb so that there are no loose strands 
sticking out. See Figure 2-50. 


6. Make sure that the two wires are not touching each other, and plug your 
AC adapter into a wall outlet. Set your meter to DC volts and apply the me- 
ter probes to the wires from the adapter. If the voltage is preceded with 
a minus sign, you have the probes the wrong way around. Reverse them 
and the minus sign should go away. This tells you which wire is positive. 


7. Mark the positive wire from the adapter. If the wire has white insulation, 
you can mark it with a red marker. If it has black insulation, you can tag it 
with a label. The positive wire will remain positive regardless of which way 
up you plug the AC adapter into a wall outlet. 


The Relay 


The type of relay that | want you to use has little spiky legs on the bottom, in 
a standardized layout. If you buy some other kind of relay, you will have to 
figure out for yourself which pins are connected to the coil inside, which pins 
go to the poles of the switch inside it, and which go to the normally closed 
and normally open contacts. You can check the manufacturer's data sheet for 
this purpose, but | strongly suggest you use one of the relays mentioned in the 
shopping list, so that you can follow the instructions here more easily. 


| asked you to buy two relays so that you can use one for investigational pur- 
poses—meaning that you can break it open and take a look inside. If you do 
this very, very carefully, the relay should still be usable afterward. If not, well, 
you still have a spare. 


The easiest way to open the relay is with a box cutter or utility knife. Figures 
2-52, 2-53, and 2-54 show the technique. Shave the edges of the plastic shell 
containing the relay, beveling them until you see just a hair-thin opening. 
Don't go any farther; the parts inside are very, very close to its housing. Now 
pop the top off. You can use needle-nosed pliers to nibble the rest of the shell 
away. Read the following section, “Fundamentals: Inside a relay,’ and then ap- 
ply power to the relay to see how it works. 
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Figure 2-51. This is one way that the parts inside a relay can be arranged. The coil, A, gener- ; 
ates a magnetic attraction pulling lever B downward. A plastic extension, C, pushes outward sf 
against flexible metal strips and moves the poles of the relay, D, between the contacts. | 


UU ia Figure 2-58. Patience is essential when 


i i | carving the edges of a relay package in 
p” a - | order to open it. Faster methods such as a 
tomahawk or a flamethrower will satisfy the 
emotional needs of those with a short atten- 
tion span, but results may be unpredictable. 


Figure 2-52. To look inside a sealed relay, Figure 2-S3. Insert the blade of your knife 
shave the top edges of the plastic package to pry open the top, then repeat the proce- 
with a utility knife til you open a thin crack. dure for the sides. 


Figure 2-S7. Four assorted 12-volt relays, 
shown with and without their packages. 
The automotive relay (far left) is the sim- 
plest and easiest to understand, because 
it is designed without much concern for 
the size of the package. Smaller relays are 
more ingeniously designed, more complex, 
Figure 2-54. If you are really, really careful, and more difficult to figure out. Usually, 
the relay should still work after you open it. but not always, a smaller relay is designed 
to switch less current than a larger one. 
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Inside a relay 


A relay contains a coil of wire wrapped around an iron core. 
When electricity runs through the coil, the iron core exerts 

a magnetic force, which pulls a lever, which pushes or pulls 
a springy strip of metal, closing two contacts. So as long as 

electricity runs through the coil, the relay is “energized” and 
its contacts remain closed. 


When the power stops passing through the coil, the relay 
lets go and the springy strip of metal snaps back into its 
original position, opening the contacts. (The exception to 
this rule is a latching relay, which requires a second pulse 
through a separate coil to flip it back to its original posi- 
tion; but we won't be using latching relays until later in the 
book.) 


Relays are categorized like switches. Thus, you have SPST 
relays, DPST, SPDT, and so on. 


Compare the schematics in Figure 2-58 with the schematics 
of switches in Figure 2-38. The main difference is that the 

relay has a coil that activates the switch. The switch is shown 
in its “relaxed” mode, when no power flows through the coil. 
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Figure 2-58. Various ways to show a relay in a schematic. Top 
left: SPST. Top right and bottom left: SPDT. Bottom right: 
DPDT. The styles at bottom-left and bottom-right will be used 
in this book. 
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The contacts are shown as little triangles. When there are 
two poles instead of one, the coil activates both switches 
simultaneously. 


Most relays are nonpolarized, meaning that you can run 
electricity through the coil in either direction, and the relay 
doesn't care. You should check the data sheet to make sure, 
though. Some relay coils work on AC voltage, but almost 

all low-voltage relays use direct current—a steady flow of 
electricity, such as you would get from a battery. We'll be 
using DC relays in this book. 


Relays suffer from the same limitations as switches: their 
contacts will be eroded by sparking if you try to switch too 
much voltage. It’s not worth saving a few dollars by using 

a relay that is rated for less current or voltage than your 
application requires. The relay will fail you when you need it 
most, and may be inconvenient to replace. 


Because there are so many different types of relays, read the 
specifications carefully before you buy one. Look for these 
basics: 


Coil voltage 
The voltage that the relay is supposed to receive when 
you energize it. 


Set voltage 
The minimum voltage that the relay needs to close its 
switch. This will be a bit less than the ideal coil voltage. 


Operating current 
The power consumption of the coil, usually in milliamps, 
when the relay is energized. Sometimes the power is 
expressed in milliwatts. 


Switching capacity 
The maximum amount of current that you can switch 
with contacts inside the relay. Usually this is for a “resis- 
tive load,” meaning a passive device such as light bulb. 
When you use a relay to switch on a motor, the motor 
takes a big initial surge of current before it gets up to 
speed. In this case, you should choose a relay rated 
for double the current that the motor draws when it is 
running. 
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Procedure 


Turn the relay with its legs in the air and attach wires and LEDs as shown in 
Figure 2-59, with a 6800 resistor (a 1K resistor will be OK if you don't have the 
correct value). Also attach a pushbutton switch. (Your pushbutton switch may 
look different from the one shown, but as long as itis a SPST pushbutton with 
two contacts at the bottom, it will work the same way.) When you press the 
pushbutton, the relay will make the first LED go out and the second LED light 
up. When you release the pushbutton, the first LED lights up and the second 
one goes out. 


How It Works 


Check the schematic in Figure 2-60 and compare it with Figure 2-59. Also see 
Figure 2-62, which shows how the pins outside the relay make connections 
inside the relay when its coil is energized, and when it is not energized. 


This is a DPDT relay, but we are only using one pole and ignoring the other. 12v DC from 
Why not buy a SPDT relay? Because | want the pins to be spaced the way they a 
are when you will upgrade this circuit by transferring it onto a breadboard, Figure 2-53. As before, you can use patch 


which will happen very shortly. cords, if you have them, instead of some of 
the wired connections shown here. 


On the schematic, | have shown the switch inside the relay in its relaxed 
state. When the coil is energized, the switch flips upward, which seems 680 
counterintuitive, but just happens to be the way that this particular relay is 
made. 


SH * 
When you're sure you understand how the circuit works, it’s time to move on a) a) 
to the next step: making a small modification to get the relay to switch itself 
on and off, as we'll do in Experiment 8. 
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Figure 2-80. Same circuit, shown in sche- 
matic form. 
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Figure 2-51. The layout of the Figure 2-82. How the relay connects the pins, when itis „------------------------ ` 
pins of the relay, superimposed not energized (left) and when it is energized (right). 
on a grid of 1/10-inch squares. 

This is the type of relay that you 

will need in Experiment 8. 


Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596153748. 
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12v DC from 
AC adapter 


Figure 2-83. A small revision to the previ- 
ous circuit causes the relay to start oscil- 
lating when power is applied. 
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Experiment 8: A Relay Oscillator 
You will need: 
e AC adapter, breadboard, wire, wire cutters and strippers. 
e DPDT relay. Quantity: 1. 
e LEDs. Quantity: 2. 
e Pushbutton, SPST. Quantity: 1. 
¢ Alligator clips. Quantity: 8. 
e Resistor, approximately 6800. Quantity: 1. 
e Capacitor, electrolytic, 1,000 uF. Quantity: 1. 


Look at the revised drawing in Figure 2-63 and the revised schematic in Figure 
2-64 and compare them with the previous ones. Originally, there was a direct 
connection from the pushbutton to the coil. In the new version, the power 
gets to the coil by going, first, through the contacts of the relay. 


680 


12v 


Figure 2-84. The oscillator circuit shown in schematic form. 


Now, when you press the button, the contacts in their relaxed state feed power 
to the coil as well as to the lefthand LED. But as soon as the coil is energized, it 
opens the contacts. This interrupts the power to the coil—so the relay relaxes, 
and the contacts close again. They feed another pulse of power to the coil, 
which opens the contacts again, and the cycle repeats endlessly. 


Because we're using a very small relay, it switches on and off extremely fast. 
In fact, it oscillates perhaps 50 times per second (too fast for the LEDs to show 
what's really happening). Make sure your circuit looks like the one in the dia- 
gram, and then press the pushbutton very briefly. You should hear the relay 
make a buzzing sound. If you have impaired hearing, touch the relay lightly 
with your finger, and you should feel the relay vibrating. 


When you force a relay to oscillate like this, it’s liable to burn itself out or de- 
stroy its contacts. That's why | asked you to press the pushbutton briefly. To 
make the circuit more practical, we need something to slow the relay down 
and prevent it from self-destructing. That necessary item is a capacitor. 
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Adding Capacitance 


Add a 1,000 uF electrolytic capacitor in parallel with the coil of the relay as 
shown in the diagram in Figure 2-65 and the schematic in Figure 2-66. Check 
Figure 2-14 if you're not sure what a capacitor looks like. The 1,000 pF value will 
be printed on the side of it, and l'Il explain what this means a little later. 


Make sure the capacitor's short wire is connected to the negative side of the 
circuit; otherwise, it won't work. In addition to the short wire, you should find 
a minus sign on the body of the capacitor, which is there to remind you which 
side is negative. Electrolytic capacitors are fussy about this. 


When you press the button now, the relay should click slowly instead of buzz- 
ing. What's happening here? 


A capacitor is like a tiny rechargeable battery. It’s so small that it charges in a 
fraction of a second, before the relay has time to open its lower pair of con- 
tacts. Then, when the contacts are open, the capacitor acts like a battery, pro- 
viding power to the relay. It keeps the coil of the relay energized for about one 
second. After the capacitor exhausts its power reserve, the relay relaxes and 
the process repeats. 


FUNDAMENTALS 


Farad basics 


The Farad is an international unit to measure capacitance. Modern circuits 
usually require small capacitors. Consequently it is common to find capacitors 
measured in microfarads (one-millionth of a farad) and even picofarads (one- 
trillionth of a farad). Nanofarads are also used, more often in Europe than in the 
United States. See the following conversion table. 


0.001 nanofarad 1 picofarad 


0.001 Farad 1,000 microfarads 


(You may encounter capacitances greater than 1,000 microfarads, but they are 
uncommon.) 
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12v DC from 
AC adapter 


Figure 2-85. Adding a capacitor makes the 


relay oscillate more slowly. 


680 


= 
1000pF 


Figure 2-58. The capacitor appears at the 


bottom of this schematic diagram. 
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Q 2 is turned OFF and the lamp remains unlit. 

Now, flip the switch to position B, as shown 
in Figure 4.17 . The base of Q 1 is tied to 
ground, or 0 volts, turning Q 1 OFF. 
Therefore, no collector current can flow 
through Q 1. A positive voltage is applied to 
the base of Q2, and the emitter-base 
junction of Q 2 is forward-biased. This enables 
current to flow through R 3 and the 
emitter-base junction of Q 2, which turns Q 2 
ON, allowing collector current (I C2 ) to flow, 
and the lamp is illuminated. 


Figure 4.17 
R 
-+ 
B Q 
R+ 
Now that you have read the descriptions of 
how the circuit works, answer the following 
questions. First assume that the switch is in 


position A, as shown in Figure 4.16 . 

Questions 

A. What effect does | B1 have on transistor Q 
1 ? 
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Getting Zapped by Capacitors 


Ifa large capacitor is charged with 
a high voltage, it can retain that 
voltage for a long time. Because the 
circuits in this book use low voltages, 
you don't have to be concerned 
about that danger here, but if you 
are reckless enough to open an old 
TV set and start digging around 
inside (which | do not recommend), 
you may have a nasty surprise. An 
undischarged capacitor can kill you 
as easily as if you stick your finger 
into an electrical outlet. Never touch 
a large capacitor unless you really 
know what you're doing. 
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Capacitor basics 


DC current does not flow through a capacitor, but voltage can accumulate very 
quickly inside it, and remains after the power supply is disconnected. Figures 
2-67 and 2-68 may help to give you an idea of what happens inside a capacitor 
when it is fully charged. 


Figure 2-87. When DC voltage reaches a capacitor, no current flows, but the capaci- 
tor charges itself like a little battery. The positive and negative charges are equal 
and opposite. 


Figure 2-88. You can imagine positive “charge particles” accumulating on one side 
of the capacitor and attracting negative “charge particles” to the opposite side. 


In most modern electrolytic capacitors, the plates have been reduced to two 
strips of very thin, flexible, metallic film, often wrapped around each other, 
separated by an equally thin insulator. Disc ceramic capacitors typically consist 
of just a single disc of nonconductive material with metal painted on both sides 
and leads soldered on. 


The two most common varieties of capacitors are ceramic (capable of storing a 
relatively small charge) and electrolytic (which can be much larger). Ceramics 
are often disc-shaped and yellow in color; electrolytics are often shaped like 
miniature tin cans and may be just about any color. Refer back to Figures 2-13 
and 2-14 for some examples. 
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Capacitor basics (continued) 


Ceramic capacitors have no polarity, meaning that you can apply negative volt- 
age to either side of them. Electrolytics do have polarity, and won't work unless 
you connect them the right way around. 


The schematic symbol for a capacitor has two significant variants: with two 
straight lines (symbolizing the plates inside a capacitor), or with one straight 
line and one curved line, as shown in Figure 2-69. When you see a curved line, 
that side of the capacitor should be more negative than the other. The schemat- 
ic symbol may also include a + sign. Unfortunately, some people don't bother 
to draw a curved plate on a polarized capacitor, yet others draw a curved plate 
even on a nonpolarized capacitor. 


AE +t 


Figure 2-88. The generic schematic for a capacitor is on the left. The version on the _. JAN __ 


right indicates a polarized capacitor which requires its left plate to be “more posi- 
tive” than its right plate. The plus sign is often omitted. Capa citor Pol arity 
You must connect an electrolytic 
capacitor so that its longer wire is 
more positive than its shorter wire. 
The shell of the capacitor is usually 
marked with a negative sign near the 
shorter wire. 


Some capacitors may behave badly 
if you don't observe their polarity. 
One time | connected a tantalum 
capacitor to a circuit, using a power 
supply able to deliver a lot of current, 
and was staring at the circuit and 
wondering why it wasn't working 
when the capacitor burst open and 
scattered little flaming fragments of 
itself in a 3-inch radius. | had forgot- 
ten that tantalum capacitors can be 
fussy about positive and negative 
connections. Figure 2-70 shows the 
aftermath. 


Figure 2-70. A tantalum capacitor was plugged into this breadboard, accidentally 
connected the wrong way around to a power source capable of delivering a lot of 
current. After a minute or so of this abuse, the capacitor rebelled by popping open 
and scattering small flaming pieces, which burned their way into the plastic of the 


breadboard. Lesson learned: observe polarity! 
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Michael Faraday and capacitors 


The earliest capacitors consisted of two metal plates with a very small gap 
between them. The principle of the thing was simple: 


- If one plate was connected to a positive source, the positive charges at- 
tracted negative charges onto the other plate. 


- |f one plate was connected to a negative source, the negative charges 
attracted positive charges onto the other plate. 


Figures 2-67 and 2-68, shown previously, convey the basic idea. 


The electrical storage capacity of a capacitor is known as its capacitance, and is 
measured in farads, named after Michael Faraday (Figure 2-71), another of the 
pantheon of electrical pioneers. He was an English chemist and physicist who 
lived from 1791 to 1867. 


Although Faraday was relatively uneducated and had little knowledge of math- 
ematics, he had an opportunity to read a wide variety of books while working 
for seven years as a bookbinder's apprentice, and thus was able to educate 
himself. Also, he lived at a time when relatively simple experiments could reveal 
fundamental properties of electricity. Thus he made major discoveries including 
electromagnetic induction, which led to the development of electric motors. He 
also discovered that magnetism could affect rays of light. 


His work earned him numerous honors, and his picture was printed on English 
20-pound bank notes from 1991 through 2001. 


2-71. Michael Faraday 
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Breadboarding the Circuit 


| promised to free you in time from the frustrations of alligator clips, and that 
time has come. Please turn your attention to the block of plastic with lots of 
little holes in it that | asked you to buy. For reasons that | do not know, this is 
called a breadboard. When you plug components into the holes, hidden metal 
strips inside the breadboard connect the components for you, allowing you 
to set up a circuit, test it, and modify it very easily. Afterward you can pull the 
components off the breadboard and put them away for future experiments. 


Without a doubt, breadboarding is the most convenient way to test some- 
thing before you decide whether you want to keep it. 


Almost all breadboards are designed to be compatible with integrated circuit 
chips (which we will be using in Chapter 4 of this book). The chip straddles 
an empty channel in the center of the breadboard with rows of little holes ei- 
ther side—usually five holes per row. You insert other components into these 
holes. 


In addition, the breadboard should have columns of holes running down each 
side. These are used to distribute positive and negative power. 


Take a look at Figures 2-72 and 2-73, which show the upper part of a typical 
breadboard seen from above, and the same breadboard seen as if with X-ray 
vision, showing the metal strips that are embedded behind the holes. 
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Figure 2-72. A typical breadboard. You can plug components Figure 2-73. This X-ray-vision view of the breadboard reveals 
into the holes to test a circuit very quickly. the copper strips that are embedded in it. The strips conduct 


electricity from one component to another. 
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Important note: some breadboards divide each vertical column of holes, on 
the left and the right, into two separate upper and lower sections. Use your 
meter's continuity testing feature to find out if your breadboard conducts 
power along its full length, and add jumper wires to link the upper and lower 
half of the breadboard if necessary. 


Figure 2-74 shows how you can use the breadboard to replicate your oscillat- 
ing relay circuit. To make this work, you need to apply the positive and nega- 
tive power from your AC adapter. Because the wire from your AC adapter is 
almost certainly stranded, you'll have difficulty pushing it into the little holes. 
A way around this is to set up a couple of pieces of bare 22-gauge wire, and 
use them as terminals to which you clip the wire from the adapter, as in Figure 
2-75. (Yes, you still need just a couple of alligator clips for this purpose.) Alter- 
natively, you can use a breadboard with power terminals built into it, which is 
more convenient. 
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Figure 2-74. If you place the components on your breadboard in the posi- 
tions shown, they will create the same circuit that you built from wire and 
alligator clips in Experiment 8. Component values: 


D1, D2: Light-emitting diodes 

S1: DPDT relay 

S2: SPST momentary switch 

C1: Electrolytic capacitor, 1,000 uF 
RI: Resistor, 6800 minimum 
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Figure 2-75. If your breadboard doesn't have screw 
terminals, insert two short pieces of solid-core 
wire with stripped ends and then attach the 
stranded wires from the adapter using alligator 
Clips. 


You'll need some more 22-gauge wire, or some precut hookup wire, to supply 
the power to your components, which are plugged into the breadboard as 
shown in Figures 2-76 and 2-77. If you get all the connections right, the circuit 
should function the same way as before. 


The geometry of the metal connecting strips in the breadboard often forces 
you to connect components in a roundabout way. The pushbutton, for in- 
stance, supplies power to the pole of the relay but cannot be connected di- 
rectly opposite, because there isn't room for it. 


Remember that the strips inside the breadboard that don't have any wires or 
components plugged into them are irrelevant; they don't do anything. 


l'Il include some suggested breadboard layouts for circuits as you continue 
through this book, but eventually you'll have to start figuring out breadboard 
layouts for yourself, as this is an essential part of hobby electronics. 


Figure 2-78. Two oversized LEDs, one resistor, and the necessary jumper wires have been 
added to the breadboard. 


Figure 2-77. Now the pushbutton, relay, and capacitor have been added to complete the 
circuit shown in the diagram and the schematic. When the pushbutton is pressed, the 
relay oscillates and the LEDs flash. 
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Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596153748. 
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Experiment 9: Time and Capacitors 
You will need: 
e AC adapter, breadboard, wire, wire cutters, and strippers. 
e Multimeter. 
e Pushbutton, SPST. Quantity: 1. 
e Resistors and electrolytic capacitors, assorted. 


In Experiment 8, when you put a capacitor in parallel with the coil of the relay, 
the capacitor charged almost instantly before discharging itself through the 
relay coil. If you add a resistor in series with a capacitor, the capacitor will take 
longer to charge. By making a capacitor take longer to charge, you can mea- 
sure time, which is a very important concept. 


Clean the components off your breadboard and use it to set up the very simple 
circuit shown in Figure 2-78, where C1 is a 1,000 uF capacitor, R1 is a 100K resis- 
tor, R2 is a 1000 resistor, and S1 is the pushbutton that you used previously. 
Set your meter to measure volts DC, place the probes around the capacitor, 
and hold down the pushbutton. You should see the meter counting upward 
as the voltage accumulates on the capacitor. (This is easier with a meter that 
doesn't have autoranging, because you won't have to wait while the meter 
figures out which range to apply.) Resistor R1 slows the charging time for the 
Capacitor. 


E E a E a E E a E E 
q E E E a E E E E nm 
E E E E E E m E E 
dÁ a a E E E E a E E 
E E E E E E E a E 
E a E E E E E E E E E | 
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Figure 2-78. Watch the voltage building up 
on the capacitor while you hold down the 
pushbutton. Substitute other values for 
R1, discharge the capacitor by touching R2 
across it, and then repeat your measure- 
ment process. 


S1: Momentary pushbutton, OFF (ON) 
R1: 100K initially 

R2: 1000 

C1: 1,000 UF 
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Release the pushbutton, set aside your meter, and discharge the capacitor by 
touching R2 across it for a second or two. Now substitute a 50K resistor for R1, 
and repeat the measurement. The meter should count upward almost twice 
as fast as before. 


Voltage, Resistance, and Capacitance 


pesisTAnce 
Think of the resistor as a faucet, and the capacitor as a balloon that you are | 
trying to fill with water. When you screw down the faucet until only a trickle = 
comes through, the balloon will take longer to fill. But a slow flow of water will a” 
ill fill the ball letely if itl h, and ingthebal- HET LA NA) 
still fill the balloon completely if you wait long enough, and (assuming the bal- AL | BALLOCH 
loon doesn't burst) the process ends when the pressure inside the balloon is A a 
equal to the water pressure in the pipe supplying the faucet. See Figure 2-79. ifr N 
Similarly, in your circuit, if you wait long enough, eventually the voltage across AS } Ly 


the capacitor should reach the same value as the voltage of the power supply. 
Ina 12-volt circuit, the capacitor should eventually acquire 12 volts (although 


“eventually” may take longer than you think). Figure 2-78. When the faucet is closed 
half-way, the balloon will take longer to fill, 
This may seem confusing, because earlier you learned that when you apply but will still contain as much water and as 


voltage at one end of a resistor, you get less voltage coming out than you have much pressure in the end. 
going in. Why should a resistor deliver the full voltage when it is paired with a 
capacitor? 


A APACE TCE 


Forget the capacitor for a moment, and remember how you tested just two 
1K resistors. In that situation, each resistor contained half the total resistance 
of the circuit, so each resistor dropped half the voltage. If you held the nega- 
tive probe of your meter against the negative side of your power supply and 
touched the positive probe to the center point between the two resistors, you 
would measure 6 volts. Figure 2-80 illustrates this. 


Now, suppose you remove one of the 1K resistors and substitute a 9K resis- 
tor. The total resistance in the circuit is now 10K, and therefore the 9K resistor 
drops 90% of the 12 volts. That's 10.8 volts. You should try this and check it 
with your meter. (You are unlikely to find a 9K resistor, because this is not a 
standard value. Substitute the nearest value you can find.) 


Now suppose you remove the 9K resistor and substitute a 99K resistor. Its volt- 
age drop will be 99% of the available voltage, or 11.88 volts. You can see where 
this is heading: the larger the resistor, the larger its contribution to voltage 
drop. 


However, | noted previously that a capacitor blocks DC voltage completely. It 
can accumulate an electrical charge, but no current passes through it. Therefore, 
a capacitor behaves like a resistor that has infinite resistance to DC current. 


(Actually the insulation inside the capacitor allows a little bit of “leakage,” but a 
perfect capacitor would have infinite resistance.) 


The value of any resistor that you put in series with the capacitor is trivial by 
comparison. No matter how high the value of the resistor is, the capacitor 
still provides much more resistance in the circuit. This means that the capaci- 
tor steals almost the complete voltage drop in the circuit, and the voltage 
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difference between one end of the resistor and the other will be zero (assum- 
ing that we ignore little imperfections in the components). Figure 2-80 may 
help to clarify this concept. 


1K 1K 
12v 
oc QV" e 
Ls ine Í Ls jolis ] 
1K 9K 
12v 
oc QW e 
Lella] 
ea volts 
1K 99K 
12v 
oo QW 
Ñ 0.12 | | 11.88 | 
volts volts 
infinite 
resistance 


m ILa] 


volts 


Figure 2-80. When two resistances are in series, the larger one drops the voltage more 
than the smaller one. If the larger resistance becomes infinite (as in the case of a capaci- 
tor), the smaller one no longer has any measurable contribution to the voltage drop, and 
the voltage is almost exactly the same at both ends. 


You should try this using real resistors and capacitors—although if you do, you 
will run into a little problem. When you use your meter in its “DC volts” mode, it 
diverts a little of the current in the circuit—just a tiny taste—in the process of 
measuring it. The meter steals such a small amount, it doesn't affect the read- 
ing significantly when you are checking voltage across a resistor. The internal 
resistance of the meter is higher than the values of most resistors. However, 
remember that the internal resistance of a capacitor is almost infinite. Now the 
internal resistance of the meter becomes significant. Because you can never 
have an ideal meter, any more than you can have an ideal capacitor or resistor, 
your meter will always interfere with the circuit slightly, and you will get only 
an approximate indication. 


If you try to measure the voltage on a capacitor that has been charged but is 
now not connected to anything else, you'll see the number slowly falling, as 
the capacitor discharges itself through the meter. 
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The time constant 


You may be wondering if there's a way to predict exactly 
how much time it takes for various capacitors to charge, 
when they are paired with various resistors. Is there a for- 
mula to calculate this? 


Of course, the answer is yes, but the way we measure it is a 
bit tricky, because a capacitor doesn't charge at a constant 
rate. It accumulates the first volt very quickly, the second 
volt not quite as quickly, the third volt even less quickly— 
and so on. You can imagine the electrons accumulating on 
the plate of a capacitor like people walking into an audito- 
rium and looking for a place to sit. The fewer seats that are 
left, the longer people take to find them. 


The way we describe this is with something called a “time 
constant.’ The definition is very simple: 


TC=RxC 


where TC is the time constant, and a capacitor of C farads is 
being charged through a resistor of R ohms. 


Going back to the circuit you just tested, try using it again, 
this time with a 1K resistor and the 1,000 uF capacitor. We 

have to change those numbers to farads and ohms before 
we can put them in the formula. Well, 1,000 uF is 0.001 far- 
ads, and 1K is 1,000 ohms, so the formula looks like this: 


TC = 1,000 x 0.001 


In other words, TC = 1—a lesson that could not be much 
easier to remember: 


A 1K resistor in series with a 1,000 uF capacitor has a 
time constant of 1. 
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Does this mean that the capacitor will be fully charged in 1 
second? No, it's not that simple. TC, the time constant, is the 
time it takes for a capacitor to acquire 63% of the voltage 
being supplied to it, if it starts with zero volts. 


(Why 63%? The answer to that question is too complicated 
for this book, and you'll have to read about time constants 
elsewhere if you want to know more. Be prepared for dif- 
ferential equations.) Here's a formal definition for future 
reference: 


TC, the time constant, is the time it takes for a capacitor 
to acquire 63% of the difference between its current 
charge and the voltage being applied to it. When TC=1, 
the capacitor acquires 63% of its full charge in 1 sec- 
ond. When TC=2, the capacitor acquires 63% of its full 
charge in 2 seconds. And so on. 


What happens if you continue to apply the voltage? History 
repeats itself. The capacitor accumulates another 63% of the 
remaining difference between its current charge, and the 
voltage being applied to it. 


Imagine someone eating a cake. In his first bite he's raven- 
ously hungry, and eats 63% of the cake in one second. In his 
second bite, not wanting to seem too greedy, he takes just 
another 63% of the cake that is left—and because he's not 
feeling so hungry anymore, he requires the same time to 
eat it as he took to eat the first bite. In his third bite, he takes 
63% of what still remains, and still takes the same amount 
of time. And so on. He is behaving like a capacitor eating 
electricity (Figure 2-81). 


Figure 2-81. If our gourmet always eats just 63% of the cake still on the plate, he “charges up” his stomach in the same way that a 
capacitor charges itself. No matter how long he keeps at it, his stomach is never completely filled. 
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B. What effect does turning Q 1 ON have on 
the following? 

1. Collector current I C1 

2. Collector voltage V Cl —_—— 

C. What effect does the change to V Cl 
covered in the previous question have on the 
following? 

1. The base voltage of Q2 — 

2. Transistor Q 2 (that is, is it ON or OFF) 


D. Where does the current through R 3 go? 
E. In this circuit is the lamp on or off? 
Answers 
A. I BI , along with a portion of VS (0.7 volts 
if the transistor is silicon), turns Q 1 ON. 
B. (1) I Cl flows; (2) V Cl drops to O volts. 
C. (1) base of Q 2 drops to O volts; (2) Q 2 
is OFF. 
D. I C1 flows through Q 1 to ground. 
E. Off. 

20 Now, assume that the switch is in the 


B position, as shown in Figure 4.17 , and 
answer these questions. 

Questions 

A. How much base current | B1 flows into Q 
1 ? 


B. Is Q 1 ON or OFF? | 
C. What current flows through R 3 ? 
D. Is Q 2 ON or OFF? __—_— 
E. Is the lamp on or off? 
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The cake eater will always have a few crumbs to eat, be- 
cause he never takes 100% of the remainder. Likewise, the 
capacitor will never acquire a full charge. In a perfect world 
of perfect components, this process would continue for an 
infinite time. 


In the real world, we say rather arbitrarily: 


After 5 x TC the capacitor will be so nearly fully 
charged, we won't care about the difference. 


In the table is a calculation (rounded to two decimal places) 
showing the charge accumulating on a capacitor in a 12- 
volt circuit where the time constant is 1 second. 


Here's how to understand the table. V1 is the current charge 
on the capacitor. Subtract this from the supply voltage (12 
volts) to find the difference. Call the result V2. Now take 63% 
of V2, and add this to the current charge (V1) and call the 
result V4. This is the new charge that the capacitor will have 
after 1 second, so we copy it down to the next line in the 
table, and it becomes the new value for V1. 


Now we repeat the same process all over again. Figure 2-82 
shows this in graphical form. Note that after 5 seconds, 

the capacitor has acquired 11.92 volts, which is 99% of 

the power supply voltage. This should be close enough to 
satisfy anyone's real-world requirements. 


VI: 
Charge on capacitor 


Time 
in secs 
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If you try to verify these numbers by measuring the voltage 
across the capacitor as it charges, remember that because 
your meter steals a little current, there will be a small 
discrepancy that will increase as time passes. For practical 
purposes, the system works well enough. 


Figure 2-82. A capacitor starts with O volts. After 1 time con- 
stant it adds 63% of the available voltage. After another time 
constant, it adds another 63% of the remaining voltage differ- 
ence, and so on. 


V3: 
63% of V2 


Experiment 10: Transistor Switching 
You will need: 

e AC adapter, breadboard, wire, and meter. 

¢ LED. Quantity: 1. 

e Resistors, various. 

e Pushbutton, SPST. Quantity: 1. 

e Transistor, 2N2222 or similar. Quantity: 1. 


A transistor can switch a flow of electricity, just like a relay. But it’s much more 
sensitive and versatile, as this first ultra-simple experiment will show. 


We'll start with the 2N2222 transistor, which is the most widely used semi- 
conductor of all time (it was introduced by Motorola in 1962 and has been in 
production ever since). 


First, you should get acquainted with the transistor. Because Motorola's pat- 
ents on the 2N2222 ran out long ago, any company can manufacture their 
own version of it. Some versions are packaged in a little piece of black plastic; 
others are enclosed in a little metal “can.” (See Figure 2-83.) Either way, it con- 
tains a piece of silicon divided into three sections known as the collector, the 
base, and the emitter. l'Il describe their function in more detail in a moment, 
but initially you just need to know that in this type of transistor, the collector 


receives current, the base controls it, and the emitter sends it out. 


Use your breadboard to set up the circuit shown in Figure 2-85. Be careful to 
get the transistor the right way around! (See Figure 2-84.) For the three brands 
| have mentioned in the shopping list, the flat side should face right, if the 
transistor is packaged in black plastic, or the little tab should face toward the 
lower left, if the transistor is packaged in metal. 


12v 
DC 


RI 1800 
R2: 10K 
R3: 6800 


D1: LED 
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Figure 2-83. A typical transistor is pack- 
aged either in a little metal can or a molded 
piece of black plastic. The manufacturer's 
data sheet tells you the identities of the 
three wire leads, relative to the flat side of 
a black plastic transistor or the tab that 
sticks out of a metal-can transistor. 


Collector Collector 
Base Bane 
Emitter Emitter 


Figure 2-84. The 2N2222 transistor may be 
packaged in either of these formats. Left: 
RadioShack or Fairchild. Right: STMicro- 
electronics (note the little tab sticking out 
at the lower-left side). If you use a different 
brand, you'll have to check the manufac- 
turer's data sheet. Insert the transistor in 
your breadboard with the flat side facing 
right, as seen from above, or the tab point- 
ing down and to the left, seen from above. 


Figure 2-85. The transistor blocks voltage that reaches it through R1. 
But when pushbutton S1 is pressed, this tells the transistor to allow 
current to pass through it. Note that transistors are always identified 
with letter Q in wiring diagrams and schematics. 


S1: Pushbutton, momentary, OFF (ON) 


Q1: 2N2222 or similar 
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RO R1 


R3 


NES 


Figure 2-88. This shows the same circuit as 
the breadboard diagram in Figure 2-85. 
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Initially, the LED should be dark. Now press the pushbutton and the LED should 
glow brightly. Electricity is following two paths here. Look at the schematic in 
Figure 2-86, which shows the same circuit more clearly. I’ve shown positive at 
the top and negative at the bottom (the way most schematics do it) because it 
helps to clarify the function of this particular circuit. If you view the schematic 
from the side, the similarity with the breadboard layout is easier to see. 


Through R1, voltage reaches the top pin (the collector) of the transistor. The 
transistor only lets a tiny trickle of it pass through, so the LED stays dark. When 
you press the button, voltage is also applied along a separate path, through R2 
to the middle pin (the base) of the transistor. This tells the transistor to open 
its solid-state switch and allow current to flow out through its third pin (the 
emitter), and through R3, to the LED. 


You can use your meter in volts DC mode to check the voltage at points in the 
circuit. Keep the negative probe from the meter touching the negative voltage 
source while you touch the positive probe to the top pin of the transistor, the 
middle pin, and the bottom pin. When you press the button, you should see 
the voltage change. 


Fingertip Switching 


Now here's something more remarkable. Remove R2 and the pushbutton, and 
insert two short pieces of of wire as shown in Figure 2-87. The upper piece of 
wire connects with the positive voltage supply; the lower piece connects with 
the middle pin of the transistor (its base). Now touch the tip of your finger to 
the two wires. Once again, the LED should glow, although not as brightly as 
before. Lick the tip of your finger, try again, and the LED should glow more 
brightly. 


Never Use Two Hands 


I 

I 

l 

| The fingertip switching demo is safe if the electricity passes just through your finger. 
¡ You won't even feel it, because it’s 12 volts DC from a power supply of 1 amp or less. 

| Butit's not a good idea to put the finger of one hand on one wire, and the finger of 

| your other hand on the other wire. This would allow the electricity to pass through 

¡ your body. Although the chance of hurting yourself this way is extremely small, you 
' should never allow electricity to run through you from one hand to the other. Also, 

| when touching the wires, don't allow them to penetrate your skin. 
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Your finger is conducting positive voltage to the base of the transistor. Even 
though your skin has a high resistance, the transistor still responds. It isn't just 
switching the LED on and off; it is amplifying the current applied to its base. 
This is an essential concept: a transistor amplifies any changes in current that 
you apply to its base. 


Check Figure 2-88 to see more clearly what's happening. 


If you studied the section “Background: Positive and negative” in Chapter 1, 
you learned that there is really no such thing as positive voltage. All we re- 
ally have is negative voltage (created by the pressure of free electrons) and 
an absence of negative voltage (where there are fewer free electrons). But be- 
cause the idea of a flow of electricity from positive to negative was so widely 
believed before the electron was discovered, and because the inner workings 
of a transistor involve “holes” which are an absence of electrons and can be 
thought of as positive, we can still pretend that electricity flows from positive 
to negative. See the following section, “Essentials: All about NPN and PNP tran- 
sistors,’ for more details. 


12v 
DC 
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Figure 2-88. These two diagrams show 

the same components as before, with a 
fingertip substituted for R2. Although only 
a trickle of voltage now reaches the base 
of the transistor, it's enough to make the 
transistor respond. 
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All about NPN and PNP transistors 


A transistor is a semiconductor, meaning that sometimes it You can think of a bipolar transistor as if it contains a little 


conducts electricity, and sometimes it doesn't. Its internal button inside, as shown in Figures 2-89 and 2-90. When the 
resistance varies, depending on the power that you apply to button is pressed, it allows a large current to flow. To press 
its base. the button, you inject a much smaller current into the base 


by applying a small voltage to the base. In an NPN transis- 
tor, the control voltage is positive. In a PNP transistor, the 
control voltage is negative. 


NPN and PNP transistors are bipolar semiconductors. They 
contain two slightly different variants of silicon, and con- 
duct using both polarities of carriers—holes and electrons. 


The NPN type is a sandwich with P-type silicon in the mid- 
dle, and the PNP type is a sandwich with N-type silicon in 
the middle. If you want to know more about this terminol- | itive p | heb 
ogy, and the behavior of electrons when they try to cross an ie os LOE area ne: j jis 

NP junction or a PN junction, you'll have to read a separate in the schematic symbol, the arrow points from base to 
source on this subject. It's too technical for this book. All you emitter and shows the direction of positive current. 
need to remember is: - The base must be at least 0.6 volts “more positive” than 
the emitter, to start the flow. 


NPN transistor basics 
e To start the flow of current from collector to emitter, 


« All bipolar transistors have three connections: Collec- 


tor Base: and Emitter abbrevistedas € Bond Eontira e The collector must be “more positive” than the emitter. 
manufacturer's data sheet, which will identify the pins 
for you. PNP transistor basics 

- NPN transistors are activated by positive voltage on the - To start the flow of current from emitter to collector, 
base relative to the emitter. apply a relatively negative voltage to the base. 

- PNP transistors are activated by negative voltage on the - Inthe schematic symbol, the arrow points from emitter 
base relative to the emitter. to base and shows the direction of positive current. 


e The base must be at least 0.6 volts “more negative” than 


In their passive state, both types block the flow of electricity 
the emitter, to start the flow. 


between the collector and emitter, just like an SPST relay in 
which the contacts are normally open. (Actually a transistor e The emitter must be “more positive” than the collector. 
allows a tiny bit of current known as “leakage”” 


C 


E 


Figure 2-80. In a PNP transistor, a small negative potential has 
the same effect. The arrows point in the direction of “positive 
current flow.” 


Figure 2-88. You can think of a bipolar transistor as if it contains 
a button that can connect the collector and the emitter. In an 
NPN transistor, a small positive potential presses the button. 
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All about NPN and PNP transistors (continued) 


All-transistor basics 


Never apply a power supply directly across a transistor. 
You can burn it out with too much current. 


Protect a transistor with a resistor, in the same way you 
would protect an LED. 


Avoid reversing the connection of a transistor between 
positive and negative voltages. 


Sometimes an NPN transistor is more convenient in a 
circuit; sometimes a PNP happens to fit more easily. 
They both function as switches and amplifiers, the only 
difference being that you apply a relatively positive 
voltage to the base of an NPN transistor, and a rela- 
tively negative voltage to the base of a PNP transistor. 


PNP transistors are used relatively seldom, mainly 
because they were more difficult to manufacture in the 
early days of semiconductors. People got into the habit 
of designing circuits around NPN transistors. 


Remember that bipolar transistors amplify current, not 

voltage. A small fluctuation of current through the base 
enables a large change in current between emitter and 

collector. 


Qs 
E 6 


Figure 2-31. The symbol for an NPN transistor always has an ar- 
row pointing from its base to its emitter. Some people include 
a circle around the transistor; others don't bother. The style of 
the arrow may vary. But the meaning Is always the same. The 
top-left version is the one | use in this book. 


e Schematics sometimes show transistors with circles 
around them, and sometimes don't. In this book, l'Il use 
circles to draw attention to them. See Figures 2-91 and 
2-92. 

e Schematics may show the emitter at the top and the 
collector at the bottom, or vice versa. The base may be 
on the left, or on the right, depending on what was most 
convenient for the person drawing the schematic. Be 
careful to look carefully at the arrow in the transistor to 
see which way up it is, and whether it is NPN or PNP. You 
can damage a transistor by connecting it incorrectly. 


e Transistors come in various different sizes and con- 
figurations. In many of them, there is no way to tell 
which wires connect to the emitter, the collector, or the 
base, and some transistors have no part numbers on 
them. Before you throw away the packaging that came 
with a transistor, check to see whether it identifies the 
terminals. 


e If you forget which wire is which, some multimeters 
have a function that will identify emitter, collector, and 
base for you. Check your multimeter instruction book- 
let for more details. 


+ 
€ + 


Figure 2-S2. The symbol for a PNP transistor always has an ar- 
row pointing from its emitter to its base. Some people include 
a circle around the transistor; others don't bother. The style of 
the arrow may vary. But the meaning is always the same. The 
top-left version is the one | use in this book. 
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Transistor origins 


Though some historians trace the origins of the transistor back to the inven- 
tion of diodes (which allow electricity to flow in one direction while preventing 
reversal of the flow), there's no dispute that the first working transistor was 
developed at Bell Laboratories in 1948 by John Bardeen, William Shockley, and 
Walter Brattain (Figure 2-93). 


Shockley was the leader of the team, who had the foresight to see how 
potentially important a solid-state switch could be. Bardeen was the theorist, 
and Brattain actually made it work. This was a hugely productive collabora- 
tion— until it succeeded. At that point, Shockley started maneuvering to have 
the transistor patented exclusively under his own name. When he notified his 
collaborators, they were—naturally —unhappy about this idea. 


A widely circulated publicity photograph didn't help, in that it showed Shockley 
sitting at the center in front of a microscope, as if he had done the hands-on 
work, while the other two stood behind him, implying that they had played a 
lesser role. In fact Shockley, as the supervisor, was seldom present in the labora- 
tory where the real work was done. 


The productive collaboration quickly disintegrated. Brattain asked to be trans- 
ferred to a different lab at AT&T. Bardeen moved to the University of Illinois 

to pursue theoretical physics. Shockley eventually left Bell Labs and founded 
Shockley Semiconductor in what was later to become Silicon Valley, but his am- 
bitions outstripped the capabilities of the technology of his time. His company 
never manufactured a profitable product. 


Eight of Shockley's coworkers in his company eventually betrayed him by 
quitting and establishing their own business, Fairchild Semiconductor, which 
became hugely successful as a manufacturer of transistors and, later, integrated 
circuit chips. 


l ren, "| * -o 


Figure 2-83. Photographs provided by the Nobel Foundation show, left to right, John 
Bardeen, William Shockley, and Walter Brattain. For their collaboration in develop- 
ment of the world's first working transistor in 1948, they shared a Nobel prize in 
1956, 
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Transistors and relays 


One limitation of NPN and PNP transistors is that they are naturally “off” until 
you turn them “on.” They behave like a normally open pushbutton, which 
conducts electricity only for as long as you hold it down. They don't normally 
behave like a normal on switch, which stays on until you apply a signal to turn 
it off. 


A relay offers more switching options. It can be normally open, normally closed, 
or it can contain a double-throw switch, which gives you a choice of two “on” 
positions. It can also contain a double-pole switch, which makes (or breaks) two 
entirely separate connections when you energize it. Single-transistor devices 
cannot provide the double-throw or double-pole features, although you can 
design more complex circuits that emulate this behavior. 


Here’s a list of transistor and relay characteristics. 


Transistor 
Long-term reliability Excellent Limited 
Configurable for DP and DT switching No Yes 
Ability to switch large currents Limited Good 
Able to switch alternating current (AC) Usually not Yes 
Can be triggered by alternating current (AQ) Usually not Optional 
Suitability for miniaturization Excellent Very limited 
Sensitive to heat High Moderate 
Ability to switch at high speed Excellent Limited 
Price advantage for low-voltage low-current Yes No 
Price advantage for high-voltage high-current No Yes 


Current leakage when “off” Yes No 


The choice between relays or transistors will depend on each particular 
application. 
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See the current 


If you want to get a more precise understanding of how a 
transistor works, you should try this little test. It shows the 
precise behavior and limits of the 2N2222 transistor that 
you used in the previous experiment. 


I’ve said that in an NPN transistor, the collector should 
always be more positive than the emitter and that the base 
should have a potential somewhere between those two 
voltages. Figure 2-94 shows this rather vague relationship. 
Now | want to substitute some numbers for these general 
statements. 


More 
positive 


Somewhere B 
in between 


More 
negative 


Figure 2-84. The proper functioning of an NPN transistor re- 
guires you to maintain these voltage relationships. 


Take a look at the schematic in Figure 2-95, and check the 
component values. Notice that the total resistance above 
the transistor, from R1 + R2, is the same as the total resis- 
tance below it, from R3 + R4. Therefore the potential on the 
base of the transistor should be halfway between the two 
extremes—until you use potentiometer P1 to adjust the 
voltage of the base of the transistor up and down. 


The two 1800 resistors, R1 and R3, protect the transistor 
from passing excessive current. The two 10K resistors, R2 
and R4, protect the base when the potentiometer is turned 
all the way up or all the way down. 


| would like you to see what the transistor is doing by mea- 
suring the amperage flowing into the base at the position 
marked A1, and the total amperage flowing out through the 
emitter at the position marked A2. To do this, it would be re- 
ally helpful if you had two meters. As that may be impracti- 
cal, the breadboard diagrams in Figures 2-96 and 2-97 show 
how you can swap one meter between the two locations. 
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THEORY 


Remember that to measure milliamps, you have to pass 
electricity through the meter. This means that the meter 
must be inserted into the circuit, and whenever you remove 
the meter, you have to remake the connection where the 
meter was. The breadboard diagram shows how you can do 
this. Fortunately, it’s very easy to remove and replace wires 
in a breadboard. Where wires are connected to the potenti- 
ometer, you may need to revert to using alligator clips. 


Begin with the potentiometer turned about halfway 
through its range. Measure at A1 and A2. Turn the potenti- 
ometer up a bit, and measure current at the two locations 
again. Following is a table showing some actual readings | 
obtained at those two locations, using two digital meters 
simultaneously. 


Milliamps passing Milliamps passing 


through location A2 


through location Al 


0.01 19 
d ooa A 
d 003) 0 
rn off 99 
BS 05, 129 
A. o 155. 
A o7f 179 
A of 198 
009, 22.1 
Be 0 10 po 2 49 
A 0 11 ‘|  - k 2 60. 
A 0 12 f} oo 2 83 


There's a very obvious relationship. The current emerging 
from the emitter of the transistor, through location A2, is 
about 24 times the current passing through location A1, 
into the base. The ratio of current coming out from the 
emitter of an NPN transistor to current going into the base 
is known as the beta value for a transistor. The beta value 
expresses the transistor's amplifying power. 


It's a very constant ratio, until you push it a little too far. Above 
0.12 mA, this particular transistor becomes “saturated,” mean- 
ing that its internal resistance cannot go any lower. 
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See the current (continued) 


In my little experiment, | found that the maximum cur- 12V 
rent at A2 was 33mA. A simple calculation using Ohm's 

Law showed me that this meant the transistor's internal 
resistance was near zero. This is why you should protect a 
transistor with some additional resistance in the circuit. If 
you don't, its low internal resistance would allow a huge cur- 
rent flow that would immediately burn it out. 


What about the other end of its range? When it passes only 

1.9 mA, the transistor has an internal resistance of around 

6,0000. The conclusion is that depending how much cur- P1 
rent you apply to this transistor, its internal resistance varies 
between zero and 6,0000, approximately. 


Figure 2-85. This is basically the 
same as the previous circuit, 
with a potentiometer added and 
the LED removed. Component 
values: 


So much for the theory. Now what can we do with a transis- 


tor that's fun, or useful, or both? We can do Experiment 11! R4 R1: 1800 


re. JOR 

R3: 1800 

R4: 10K 

P1: 1M linear potentiometer 
Q1: 2N2222 transistor 


via a asa > dr uu u 
E = E 8 8 8 E 

Ym E E |y ‘vA O 

E E E EEEE EE E 


A -i T TN a: |e 


Figure 2-38. The meter is measuring current flowing from the Figure 2-87. One end of resistor R3 has been unplugged from 

potentiometer into the base of the transistor at position Al the breadboard so that the meter now measures current 

(see Figure 2-95). flowing out through the emitter of the transistor, into R3, at 
position A2. 
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Answers 


A. None 
B. OFF 
C. | B2 
D. ON 
E. On 


21 Refer to the circuit in Figures 4.16 and 
4.17 . Now, answer these questions assuming 
the supply voltage is 10 volts. 

Questions 

A. Is the current through R 3 ever divided 
between Q 1 and Q 2 ? Explain. _—— 

B. What is the collector voltage of Q2 with 
the switch in each position? — | 

C. What is the collector voltage of Q 1 with 
the switch in each position? 


Answers 
A. No. If Q 1 is ON, all the current flows 
through it to ground as collector current. If Q 


1 is OFF, all the current flows through the 
base of Q 2 as base current. 

B. In position A, 10 volts because it is OFF. 

In position B, O volts because it is ON. 

C. In position A, O volts because it is ON. 

In position B, the collector voltage of Q 1 
equals the voltage drop across the 
forward-biased base-emitter junction of Q2 , 
because the base of Q 2 is in parallel with the 
collector of Q 1. The voltage drop across the 
forward-biased base-emitter junction does not 
rise to 10 volts, but can rise only to 0.7 volt 
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Figure 2-88. Assemble these components, 
apply power, and the LED should start 
flashing. 


R1: 470K 

Re: 15K. 

R3 27K 

C1: 2.2 uF electrolytic capacitor 
DISEED 

Q1: 2N6027 programmable unijunction 
transistor 
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Experiment 11: A Modular Project 
You will need: 
e AC adapter, breadboard, wire, and meter. 
e LED. Quantity: 1. 
e Resistors, various. 
e Capacitors, various. 
e Transistor, 2N2222 or similar. Quantity: 2. 
e 2N6027 programmable unijunction transistor (PUT). Quantity: 2. 
e Miniature 80 loudspeaker. Quantity: 1. 


So far, I’ve described small circuits that perform very simple functions. Now 
it's time to show how modules can be combined to create a device that does 
a bit more. 


The end product of this experiment will be a circuit that makes a noise like a 
small siren, which could be used in an intrusion alarm. You may or may not 
be interested in owning an alarm, but the four-step process of developing it 
is important, because it shows how individual clusters of components can be 
persuaded to communicate with each other. 


l'Il begin by showing how to use a transistor to make a solid-state version of 
the oscillating circuit that you built with a relay in Experiment 8. The relay, you 
may remember, was wired in such a way that the coil received power through 
the contacts of the relay. As soon as the coil was energized, it opened the con- 
tacts, thus cutting off its own power. As soon as the contacts relaxed they re- 
stored the power, and the process repeated itself. 


There's no way to do this with a single bipolar transistor. You actually need two 
of them, switching each other on and off, and the way that this works is quite 
hard to understand. An easier option is to use a different thing known as a 
programmable unijunction transistor, or PUT. 


Unijunction transistors were developed during the 1950s, but fell into disuse 
when simple silicon chips acquired the ability to perform the same kinds of 
functions, more accurately and more cheaply. However, the so-called pro- 
grammable unijunction transistor is still widely available, often used in appli- 
cations such as lamp dimmers and motor controllers. Because its primary use 
is in generating a stream of pulses, it’s ideal for our purposes. 


If you put together the components shown in Figure 2-98, the LED should start 
flashing as soon as you apply power. 


Note that this circuit will work on 6 volts. You won't damage anything if you 
run it with 12 volts, but as we continue adding pieces to it, you'll find that 
it actually performs better at 6 volts than at 12. If you read the next section, 
“Essentials: All about programmable unijunction transistors,’ you'll find out 
how the circuit works. 
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ESSENTIALS 


All about programmable unijunction transistors 


The schematic symbol for a programmable unijunction transistor, or PUT, looks 
very different from the symbol for a bipolar transistor, and its parts are named 
differently, too. Nevertheless, it does have a similar function as a solid-state 
switch. The symbol and the names of the three connections are shown in Figure 
2-99, 


Note that this is a rare case (maybe the only one in the whole of electronics!) in 
which you won't run into confusing variations of the basic schematic symbol. A 
PUT always seems to look the way I've drawn it here. Personally | think it would be 
clearer if we added a circle around it, but no one seems to do that, so | won't, either. 


The 2N6027 is probably the most common PUT, and seems to be standardized 
in its packaging and pin-outs. I’ve only seen it in a plastic module rather than 

a little tin can. Figure 2-100 shows the functions of the leads if your 2N6027 is 
manufactured by Motorola or On Semiconductor. If you have one from another 
source, you should check the data sheet. 


Note that the flat side of the plastic module faces the opposite way around 
compared with the 2N2222 bipolar transistor, when the two devices are func- 
tioning similarly. 


The PUT blocks current until its internal resistance drops to allow flow from the 
“anode” to the “cathode. In this way, it seems very similar to an NPN transistor, but 
there's a big difference in the circumstances that cause the PUT to lower its resis- 
tance. The voltage at the anode determines when the PUT allows current to flow. 


Suppose you start with, say, 1 volt at the anode. Slowly, you increase this volt- 
age. The transistor blocks it until the anode gets close to 6 volts. Suddenly this 
pressure breaks down the resistance and current surges from the anode to the 
cathode. If the voltage goes back down again, the transistor reverts to its origi- 
nal state and blocks the flow. 


I’ve included another version of the “finger on the button” drawing to convey 
this concept. The voltage on the anode is itself responsible for pushing the but- 
ton that opens the pathway to the cathode. See Figure 2-101. 


Anode 


Cathode Cathode 


Figure 2-88. The schematic symbol for Figure 2-160. In PUTs manufactured by 
a PUT. On Semiconductor and Motorola, the 
leads have these functions. 
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ESSENTIALS 


All about programmable unijunction transistors 
(continued) 


This may cause you to wonder what the function of the gate is. You can think of 
it as “assisting” the finger on the button. In fact, the gate is the “programmable” 
part of a PUT. By choosing a voltage for the gate, you establish the threshold 
point when current starts to flow. 


Here's a simple take-home summary: 


e The anode has to be more positive than the cathode, and the gate should 
be between those two extremes. 


If anode voltage increases above a threshold point, current bursts through 
and flows from the anode to the cathode. 


If anode voltage drops back down below the threshold, the transistor stops 
the flow. 


The voltage you apply to the gate determines how high the threshold is. 


The gate voltage is adjusted with two resistors, shown as R1 and R2 in the 
simple schematic in Figure 2-102. Typically, each resistor is around 20K. The 
PUT is protected from full positive voltage by R3, which can have a high 
value, 100K or greater, because very little current is needed to bias the 
transistor. 


You add your input signal in the form of positive voltage at the anode. 
When it exceeds the threshold, it flows out of the cathode and can work 
some kind of output device. 


The only remaining question is how we make a PUT oscillate, to create a stream 
of on/off pulses. The answer is the capacitor that you included in the circuit that 
you breadboarded at the beginning of Experiment 11. 


CATHODE 


Figure 2-101. When voltage at the anode Figure 2-102. This simple schematic 

of a PUT crosses a threshold (deter- shows how a PUT is used. R1 and R2 
mined by a preset voltage at the gate), determine the voltage at the gate, which 
current breaks through and surges from sets the threshold point for the input at 
the anode to the cathode. In this sense, the anode. Above the threshold, current 
the anode voltage acts as ifitpressesa flows from anode to cathode. 

button itself to open a connection inside 

the PUT, with some assistance from 

control voltage at the gate. 
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Step 1: Slow-Speed Oscillation 


Figure 2-103 is a schematic version of the previous PUT breadboard circuit 
shown in Figure 2-98, drawn so that the layout looks as much like the bread- 
board as possible. 


6V 
DC 


Figure 2-103. This makes it easier to see what's happening in the breadboard version. 


The 15K resistor and 27K resistor establish the voltage at the gate. The 470K 
resistor supplies the anode of the PUT, but the PUT begins in its “off” condition, 
blocking the voltage. So the voltage starts to charge the 2.2 uF capacitor. 


You may remember that a resistor slows the rate at which a capacitor accu- 
mulates voltage. The bigger the resistor and/or the larger the capacitor, the 
longer the capacitor takes to reach a full charge. In this circuit, the capacitor 
takes about half a second to get close to 6 volts. 


But notice that the PUT is connected directly with the capacitor. Therefore, 
whatever voltage accumulates on the capacitor is also experienced by the 
PUT. As the voltage gradually increases, finally it reaches the threshold, which 
flips the PUT into its “on” state. The capacitor immediately discharges itself 
through the PUT, through the LED (which flashes), and from there to the nega- 
tive side of the power supply. 


The surge depletes the capacitor. The voltage drops back down, and the PUT 
returns to its original state. Now the capacitor has to recharge itself all over 
again, until the whole process repeats itself. 


If you substitute a 22 uF capacitor, the charge/discharge cycle should take 
about 10 times as long, which will give you time to measure it. Set your me- 
ter to measure volts DC and place its probes on either side of the capacitor. 
You can actually watch the charge increasing until it reaches the threshold, at 
which point the capacitor discharges and the voltage drops back down again. 


So now we have an oscillator. What’s next? 
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Step 2: Beyond the Persistence of Vision 


If you substitute a much smaller capacitor, it will charge much more quickly, 
and the LED will flash faster. Suppose you use a capacitor of 0.0047 uF (which 
can also be expressed as 47 nanofarads, or 47 nF). This seems like an odd num- 
ber, but it's a standard value for a capacitor. This will reduce the capacitance by 
a factor of more than 500, and therefore the LED should flash about 500 times 
as fast, which should be about 1,000 times per second. The human eye cannot 
detect such rapid pulses. The human ear, however, can hear frequencies up to 
10,000 per second and beyond. If we substitute a miniature loudspeaker for 
the LED, we should be able to hear the oscillations. 


Figure 2-104 shows how I'd like you to make this happen. Please leave your 
original, slow-flashing circuit untouched, and make a duplicate of it farther 
down the breadboard, changing a couple of component values as indicated. 
In the schematic in Figure 2-105, the new part of the circuit is in solid black, 
while the previous section is in gray. 


6V 
DC 


© © 


.0047uF 


2N6027 


Figure 2-104. The extra components which have been added at the lower half of the bread- Figure 2-105. The previous section that you 
board have the same functions as the components at the top, but some values are slightly built is shown in gray. Just add the new 


different: 


R4: 470K 

RI SƏK 

R6: 27K 

R7: 1000 

C2: 0.0047 uF 

Q2: 2N6027 

L1: 80 1-inch loudspeaker 
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section in black. 
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| want you to keep the slow-flashing circuit separately, untouched, because | 
have an idea to make use of it a little later. You can leave the LED blinking. 


The loudspeaker should be wired in series with a 1000 resistor to limit the cur- 
rent that flows out of the PUT. The loudspeaker doesn't have any polarity, even 
though it is fitted with a red wire and a black wire. You can connect it either 
way around. 


Initially, you may be disappointed, because the circuit will not seem to be do- 
ing anything. However, if you place your ear very, very close to the loudspeak- 
er, and if you wired the circuit correctly, you should hear a faint buzz, like a 
mosquito. Obviously, this isn’t loud enough to serve any practical purpose. We 
need to make it louder. In other words, we need to amplify it. 


Maybe you remember that the 2N2222, which you played with previously, can 
function as an amplifier. So let's try using that. 


Step 3: Amplification 


Disconnect the loudspeaker and its 100Q series resistor. Then add the 2N 2222, 
which is linked with the output from the PUT via a 1K resistor to protect it from 
excessive current. See Figure 2-107. 


The emitter of the 2N2222 is connected to ground, and the collector is sup- 
plied through the loudspeaker and its 1000 series resistor. This way, small fluc- 
tuations in the output from the PUT are sensed by the base of the 2N2222 
which converts them into bigger fluctuations between the collector and the 
emitter, which draw current through the loudspeaker. Check the schematic in 
Figure 2-108. 


Now the sound should be louder than an insect buzz, but still not really loud 
enough to be useful. What to do? 


Well—how about if we add another 2N2222? Bipolar transistors can be placed 
in series, so that the output from the first one goes to the base of the second 
one. The 24:1 amplification of the first one is multiplied by another 24:1, giving 
a total amplification of more than 500:1. 


There are limits to this technique. The 2N2222 can only conduct so much cur- 
rent before getting overloaded, and excess amplification can cause distortion. 
But when | built this circuit, | used a meter to verify that we're still within the 
design limits of a 2N2222, and for this project, | don't care whether the sound 
is slightly distorted. 
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Mounting a 
loudspeaker 


The diaphragm or cone of a 
loudspeaker is designed to radi- 
ate sound, but as it oscillates to 
and fro, it emits sound from its 
back side as well as its front side. 
Because the sounds are opposite 
in phase, they tend to cancel each 
other out. 


The perceived output from a 
loudspeaker can increase dramati- 
cally if you add a horn around it in 
the form of a tube to separate the 
output from the front and back 

of the speaker. For a miniature 
1-inch loudspeaker, you can bend 
and tape a file card around it. See 
Figure 2-106. 


Better still, mount it in a box so 
that the box absorbs the sound 
from the rear of the loudspeaker. 


For purposes of these simple 
experiments, | won't bother to go 
into the details of vented enclo- 
sures and bass-reflex designs. 


Figure 2-108. A loudspeaker emits 
sound from its bottom surface as 
well as its top surface. To increase 
the perceived audio volume, use 
a cardboard tube to separate the 
two sound sources, or mount the 
speaker in a small box. 
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6V 
DC 


6V 
DC 


2N2222 


Figure 2-107. By adding a 2N2222 general-purpose transistor, we amplify the signal Figure 2-108 
from Q2: 


R8: 1K 
Oo 2N2222 


Other components are the same as in the previous step in constructing this circuit. 
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Add the second 2N2222 as shown in Figure 2-109. In Figure 2-110, once again 
the previously wired section is in gray. 


If the accumulation of electrical components is beginning to seem confusing, 
remember that each cluster of parts has a separate defined function. We can 
draw a block diagram to illustrate this, as in Figure 2-112. 


Using the second 2N2222, you should find that the output is more clearly 
audible, at least within the limits of your tiny 1-inch loudspeaker. Cup your 
hands around it to direct the sound, and you'll find that the volume seems 
to increase. You can also try using a 3-inch loudspeaker, which will create a 
generally better audio output while still remaining within the limits of the little 
2N2222 transistor. See Figure 2-106, shown previously, and Figure 2-111. 
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6V 
DC 


Figure 2-108. Q4 is another 2N2222 transistor that further amplifies the signal. It receives Figure 2-116. This schematic is comparable 
power through R9: 2.2K. 


with the component layout in Figure 2-109. 


Figure 2-111. The 2N2222 transistor is quite capable of driving a 3-inch loudspeaker, which 
will create much better sound than a 1-inch speaker. 
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Power 


t 


Fast Oscillator 


Amplifier 


Loudspeaker 


Power 


Slow Oscillator 


Fast Oscillator 


Amplifier 


Loudspeaker 


Figure 2-112. Top: The basic functions of 
the noisemaking oscillator circuit shown 
as a block diagram. Bottom: The same 
functions with a slow oscillator added to 
control the fast oscillator. 
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Step 4: Pulsed Output 


If you wanted to use this audio signal as some kind of an alarm, a steady dron- 
ing noise is not very satisfactory. A pulsing output would be a much better 
attention-getter. 


Well, the first section of the circuit that you assembled created a pulsing signal 
about twice per second. You used it to flash an LED. Maybe we can get rid of 
the LED and feed the output from the first section to the second section. The 
lower block diagram in Figure 2-112 explains this concept. 


Can it really be that simple? Well, yes and no. The trick is to make the output 
from the first section compatible with the input to the second section. If you 
simply connect a wire from the cathode of the first PUT to the anode of the 
second PUT, that’s not going to work, because the second PUT is already oscil- 
lating nicely between low and high voltage, about 1,000 times each second. 
Add more voltage, and you will disrupt the balance that enables oscillation. 


However, remember that the voltage on the gate of a PUT affects its threshold 
for conducting electricity. Maybe if we connect the output from Q1 to the gate 
of Q2, we'll be able to adjust that threshold automatically. The voltage still has 
to be in a range that the PUT finds acceptable, though. We can try various re- 
sistors to see which one works well. 


This sounds like trial and error—and that's exactly what it is. Doing the math 
to predict the behavior of a circuit like this is far too complicated—for me, any- 
way. | just looked at the manufacturer's data sheet, saw the range of resistor 
values that the PUT would tolerate, and chose one that seemed as if it should 
work. 


If you remove the LED and substitute R10 as shown in the breadboard diagram 
in Figure 2-113, you'll find that the fluctuating output from Q1 makes Q2 emit 
a two-tone signal. This is more interesting, but still not what | want. I’m think- 
ing that if | make the pulses out of Q1 less abrupt, the result could be better, 
and the way to smooth a pulsing output is to hook up another capacitor that 
will charge at the beginning of each pulse and then release its charge at the 
end of each pulse. This is the function of C3 in Figure 2-114, and it completes 
the circuit so that it makes a whooping sound almost like a “real” alarm. 


If you don't get any audio output, check your wiring very carefully. It’s easy to 
make a wrong connection on the breadboard, especially between the three 
legs of each transistor. Use your meter, set to DC volts, to check that each sec- 
tion of the circuit has a positive voltage relative to the negative side of the 
power supply. 


Figure 2-115 shows how your circuit should actually look on the breadboard. 
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Figure 2-113. R10 connects the slow-running oscillator at the top of the breadboard to the Figure 2-114. This schematic shows the 
gate of Q2, the PUT in the middle of the breadboard. This modulates the audio oscillator, same circuit as in Figure 2-113: 
with addition of a smoothing capacitor. RIO: 10K 


C3: 2.2 UF 


Figure 2-115. This photograph shows the complete alarm-audio circuit on a breadboard. 


Switching Basics and More 91 


if Q 2 is made of silicon. 

22 Now, calculate the values of R1,R2, 
and R 3 for this circuit. The process is similar 
to the one you used before, but you must 
expand it to deal with the second transistor. 
This is similar to the steps you used In 
problem 8. Follow these steps to calculate R 1 
, R2, and R 3: 


1. Determine the load current | C2 

2. Determine B for Q2. Call this B 2. 

3. Calculate 1B2 for Q 2. Use | B2 = | C2 /B 
2 

4. Calculate R 3 to provide this base current. 


Use R3 = VS /I B2 

5. R 3 ts also the load for Q 1 when Q1 is 
ON. Therefore, the collector current for Q 1 (I 
C1 ) has the same value as the base current 
for Q 2, as calculated in step 3. 

6. Determine B1, the B for Ql. 

7. Calculate the base current for Q 1. Use | 


Bl = ICI /ß 1. 
8. Find R 1. Use R 1 = Vs/I Bl 
9. Choose R 2. For convenience, let R2 = R 
La 

Continue to work with the same circuit 
shown in Figure 4.18 . Use the following 
values: 


Figure 4.18 
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Tweaking it 


There's still a lot of room for creativity here: 


Adjust the frequency of the sound: Use a smaller or larger capacitor in- 
stead of C2 (half or twice the current value). Use a smaller or larger value 
for R5. 


Adjust the pulsing feature: Use a smaller or larger capacitor instead of C1 
(half or twice the current value). Use a smaller or larger value for R2. 


General performance adjustments: try a larger value for R1. Try smaller or 
larger values for C3. 


Try running the circuit at 7.5 volts, 10 volts, and 12 volts. 


The circuits in this book are suggested as only a starting point. You should 
always try to tweak them to make them your own. As long as you follow the 
general rule of protecting transistors and LEDs with resistors, and respecting 
their requirements for positive and negative voltage, you're unlikely to burn 
them out. Of course, accidents will happen—- myself tend to be careless, and 
fried a couple of LEDs while working on this circuit, just because | connected 
them the wrong way around. 


Step 5: Enhancements 


A noisemaking circuit is just the output of an alarm. You would need several 
enhancements to make it useful: 


L 


Some kind of an intrusion sensor. Maybe magnetic switches for windows 
and doors? 


A way to start the sound if any one of the sensors is triggered. The way 
this is usually done is to run a very small but constant current through 
all of the switches in series. If any one switch opens, or if the wire itself is 
broken, this interrupts the current, which starts the alarm. You could make 
this happen with a double-throw relay, keeping the relay energized all the 
time until the circuit is broken, at which point, the relay relaxes, opening 
one pair of contacts and closing the other pair, which can send power to 
the noisemaker. 


The trouble is that a relay draws significant power while it's energized, and 
it also tends to get hot. | want my alarm system to draw very little current 
while it’s in “ready” mode, so that it can be powered by a battery. Alarm 
systems should never depend entirely on AC house current. 


If we don't use a relay, can we use a transistor to switch on the rest of the 
circuit when the power is interrupted? Absolutely; in fact, one transistor 
will do it. 


But how do we arm the alarm in the first place? Really, we need a three- 
step procedure. First, check a little light that comes on when all the doors 
and windows are closed. Second, press a button that starts a 30-second 
countdown, giving you time to leave, if that's what you want to do. And 
third, after 30 seconds, the alarm arms itself. 
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4. If the alarm is triggered, what then? If someone forces open a window, 
should the alarm stop sounding as soon as the window is closed again? 
No, the alarm should lock itself on, until you turn it off. 


5. How do you turn it off? Some kind of secret-code keypad would be good. 


6. But to avoid driving everyone crazy if the alarm is triggered when you're 
not there, it should eventually stop itself, perhaps after about 10 minutes. 
At that point it should remain quiet but should light an LED to tell you 
what happened. You can then press a reset button to switch off the LED. 


Implementing the Wish List 


I’ve compiled a wish list that seems likely to make the project at least five times 
as complicated as it is already. Well, that's what tends to happen when you go 
beyond little demo circuits and try to design something that will be useful in 
everyday life. Suddenly you find yourself having to accommodate all kinds of 
circumstances and situations. 


Actually, | can and will show you how to take care of all the enhancements on 
the wish list, but I’m thinking that they will require us to get a little more seri- 
ous about electronics projects in general first. If you're going to build some- 
thing ambitious, you'll want to make it more permanent, and probably more 
compact, than a breadboard with components pushed into it. 


You will need to know how to connect everything permanently with solder, on 
a piece of perforated board that you can install in a neat little project box with 
switches and lights on the outside. 


lm going to deal with soldering and packaging in the next chapter. After that, 
we'll get back to the alarm project. 


Switching Basics and More 


Experiment 11: A Modular Project 
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Getting Somewhat 
More Serious 


| don’t know how far you'll want to delve into electronics, but | do know that 
I’ve shown you about as much as | can with just a handful of components, 
some wires, a breadboard, and a few tools. To continue, you'll need: 


e Some more tools and supplies 
e Basic soldering skills 
e Additional knowledge about: 
- Integrated circuits 
- Digital electronics 
- Microcontrollers 
- Motors 


The tools are not particularly exotic or expensive, and the soldering skills are 
easily acquired. Learning to join wires with solder is far easier than mastering 
high-level crafts such as jewelry making or welding. 


As for additional areas of knowledge about electronics, they are no more chal- 
lenging than those that | have covered already. 


By the end of this section, you should be able to transplant components from 
a breadboard onto perforated board, where you will solder everything togeth- 
er, and then mount the board in a little box with switches and warning lights 
on the front, for everyday use. 


Shopping List: Experiments 12 Through 15 


Tools 


Each of the following tools is rated Essential, Recommended, or Optional. The 
Essential tools will take you through this chapter of the book. If you supple- 
ment them with the Recommended tools, they should be sufficient to get you 
to the end of the book. The Optional tools will make your work easier, but 
whether they’re worth the money is for you to decide. Remember that URLs 
for manufacturers and sources of supply are all listed in the appendix. 


IN THIS CHAPTER 


Shopping List: Experiments 12 Through 15 
Experiment 12: Joining Two Wires Together 
Experiment 13: Broil an LED 

Experiment 14: A Pulsing Glow 


Experiment 15: Intrusion Alarm Revisited 
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lam assuming that you already have some commonly used workshop basics, 
such as an electric drill. 


Essential: Pencil-type 15-watt soldering iron 
Examples are RadioShack part 64-2051, McMaster-Carr catalog item 
7016A34, or Xytronic model 252. See Figure 3-1. Soldering irons rated at 
15 watts are less common than those that deliver 25 watts or more. Still, 
the 15-watt size is desirable for the small-scale work you'll be doing, and 
greatly reduces the risk of damaging components by inflicting excess 
heat. 


Figure 3-1. The low wattage of this pencil- When comparing prices, remember that a plated tip, which costs a little 
style soldering iron enables you to use it more, will last longer, will be easier to keep clean, and will conduct heat 
safely on sensitive components, and the bit lai w Eth f , esti 
sharp tip helps to apply heat selectively. more relia yt an a plain copper tip. tl e manu acturer's specification 

doesn't mention a plated tip, the soldering iron probably doesn't have 
one. 


Essential: General-duty soldering iron, 30 to 40 watts 
Although most of the projects in this book entail small, heat-sensitive 
components and thin wire, at some point you're likely to want to make a 
solder joint with larger components and/or thicker wire. A 15-watt solder- 
ing iron will be unable to deliver enough heat. You should consider having 
a larger soldering iron in reserve, especially because they are relatively 
inexpensive. 


Personally, | like the Weller Therma-Boost, shown in Figure 3-2, because 
Figure 3-2. This higher-wattage soldering it has an extra button that delivers more heat on demand. This is useful 
iron delivers the additional heat necessary when you want the iron to get hot quickly, or if you are trying to solder 


for thicker wire or larger components. The . 
discoloration quickly occurs as a result very thick wire, which absorbs a lot of heat. 


E A o ie If you can't find or don't like the Weller, almost any 30-watt or 40-watt sol- 
capability of the iron, as long as the tip of 


it is clean. dering iron will do. Check eBay or your local hardware store. 


Essential: Helping hand 

The so-called “helping hand” (or “third hand”) has two alligator clips that 
hold components or pieces of wire precisely in position while you join 
them with solder. Some versions of the “helping hand” also feature a mag- 
nifying lens, a wire spiral in which you can rest your soldering iron, and a 
little soonge that you use to clean the tip of your iron when it becomes 
dirty. These additional features are desirable. Helping hands are available 
from all electronics hobby sources. Examples are the catalog item HH55 
from Elenco or model 64-2991 from RadioShack. See Figure 3-3. 


ae pi TA >” = Essential: Magnifying lens 
Se ee No matter how good your eyes are, a small, handheld, powerful magnify- 
Figure 3-3. The helping hand is fitted with ing lens is essential when you are checking solder joints on perforated 


del la is pel de yes i board. The three-lens set in Figure 3-4 is designed to be held close to your 
oA Pe rat le eye, and is more powerful than the large lens on a “helping hand.” The 
wipe ¡ts tip. folding lens in Figure 3-5 stands on your workbench for hands-free opera- 


tion. Both are available from RadioShack and similar items are stocked by 
art supply stores and hobby shops. Plastic lenses are quite acceptable if 
you treat them carefully. 
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Figure 3-4. As long as you treat it carefully, Figure 3-S. This kind of folding magni- 


a cheap set of plastic magnifying lenses is fier can stand on your desktop and is 
perfectly acceptable. Handheld magnifica- useful for checking part numbers on tiny 
tion is essential for inspecting the solder components. 


joints that you make on perforated board. 


Essential: Clip-on meter test leads 
The probes that came with your multimeter require you to hold them in 
contact while you make a reading. This requires both hands, preventing 
you from doing anything else at the same time. 


When you use a pair of “minigrabber” probes with little spring-loaded 
clips at the end, you can attach the Common (negative) lead from your 
meter to the negative side of your circuit and leave it there, while you 
touch or attach the positive probe elsewhere. 


The Pomona model 6244-48-0 (shown in Figure 3-6) from Meter Superstore 
and some other suppliers is what you need. If you have trouble finding it 
or you object to the cost, you may consider making your own by buying a 
couple of “banana plugs” (such as RadioShack part 274-721) that will fit the 
sockets on your meter, and then use 16-gauge or thicker stranded wire to 
connect the plugs with IC test clips, such as Kobiconn 131C331 or RadioShack 
“mini hook clips,’ part number 270-372C. See Figures 3-7 and 3-8. 


Figure 3-8. These “minigrabber” add-ons for Figure 3-7. To make your own minigrabber Figure 3-8. Then screw a collar over the 
meter leads make it much easier to measure meter leads, first attach a banana plug to protruding piece of wire, and screw on the 
voltage or current. Push the spring-loaded a wire by sliding the wire through the cap, cap. The other end of the wire is soldered to 
button, and a little copper hook slides out. into the plug, and out through a hole in a probe. 

Attach it to a wire, release the button, and the side. 

you have your hands free for other tasks. It’s 

a mystery that meters are not supplied with 

these grabbers as standard equipment. 
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Essential: Heat gun 

After you join two wires with solder, you often need to insulate them. 
Electrical tape, sometimes called insulating tape, is messy and tends to 
come unstuck. You'll be using heat-shrink tube, which forms a safe, per- 
manent sheath around a bare-metal joint. To make the tube shrink, use a 
heat gun, which is like a very powerful hair dryer. They're available from 
any hardware supply source, and | suggest you buy the cheapest one you 
can find. See Figure 3-9, 


e mN ara Essential: Solder pump 
Figure 3-3. LIKe an OVerpowere alr aryer, ej A _ 
the heat gun is used with heat-shrink This little gadget sucks up hot, melted solder when you are trying to re 


tubing to create a snug, insulated sheath move a solder joint that you made in the wrong place. Available from All 
around bare wire. Electronics (catalog item SSR-1) or RadioShack 64-2086. See Figure 3-10. 


Essential: Desoldering wick 
Also known as desoldering braid. See Figure 3-11. You use this to soak up 
solder, in conjunction with the Solder Pump. Available from All Electronics 
(catalog item SWK) or RadioShack (part 64-2090). 


Essential: Miniature screwdriver set 
Dinky little electronic parts often have dinky little screws in them, and if 
you try to use the wrong size of screwdriver, you'll tend to mash the heads 
of the screws. | like the Stanley precision set, part number 66-052, shown 
in Figure 3-12. But any set will do as long as it has both small Phillips and 
straight-blade screwdrivers. 


Recommended: Soldering stand 
Like a holster for a gun, you rest your soldering iron in this stand when 
the iron is hot but not on use. Examples are catalog item 50B-205 from All 
Electronics, RadioShack model 64-2078, or check eBay. See Figure 3-13. 
This item may be built into the helping hand, but you need an extra one 
for your second soldering iron. 


Figure 3-10. Jo remove a Figure 3-11. An additional op- Figure 3-12. A set of small Figure 3-13. A safe and simple 
solder joint, you can heat the tion for removing liquid solder screwdrivers is essential. additional stand for a hot 
solder until it’s liquid, then is to soak it up in this copper soldering iron. 

suck it up into this squeezable braid. 

rubber bulb. 


98 Chapter 3 


Shopping List: Experiments 12 Through 15 


Recommended: Miniature hand saw 
| assume that you will want to mount a finished electronics project in a de- 
cent-looking enclosure. Consequently, you are likely to need tools to cut, 
shape, and trim thin plastic. For example, you may want to cut a square 
hole so that you can mount a square power switch in it. 


Power tools are not suitable for this kind of delicate work. A miniature 
handsaw (a.k.a. a “hobby saw”) is ideal for trimming things to fit. X-Acto 
makes a range of tiny saw blades. | suggest the #15 blade, plus the handle 
that it fits in, shown in Figure 3-14. Available online from Tower Hobbies, 
Hobbylinc, ArtCity, and many other arts/crafts sources. Also look for the 
larger X-Acto saw blade, #234 or #239, which you can use for cutting per- 
forated board. 


Figure 3-14. X-Acto makes a range of 

Pe a O TA small saw blades that are ideal for cutting 
ER square holes to mount components in 

A miniature vise can do things that the helping hand cannot. | use mine plastic panels. 

when l'm sawing small pieces of plastic and as a dead weight to anchor a 


piece of perforated board while I’m working on it. See Figure 3-15. 


Look for a cast-iron vise that is listed as being 1 inch or slightly larger, avail- 
able from Megahobby, eBay, and other arts/crafts sources. Also consider 
the PanaVise, which has a tilting head to allow you to turn your work to 
any angle. 


Recommended: Deburring tool 

A deburring tool instantly smoothes and bevels any rough edge (when you 
have sawn or drilled a piece of plastic, for instance) and also can enlarge 
holes slightly. This may be necessary because some components are manu- 
factured to metric sizes, which don't fit in the holes that you drill with Ameri- 
can bits. Your small local hardware store may not stock deburring tools, but Figure 3-15. This one-inch vise is available 
they are very inexpensively available from Sears, McMaster-Carr, KVM Tools, from the McMaster-Carr catalog. 

or Amazon. See Figure 3-16. 


Optional: Hand-cranked countersink 
You need a countersink to bevel the edges of screw holes to accept flat- 
headed screws. If you use a countersink bit in an electric drill, it won't give 
you precise control when you're working with thin, soft plastic. 


Handheld countersinks that you grasp and turn like a screwdriver are easy 
to find, but McMaster-Carr (catalog item 28775A61) is the only source I've 
found for a hand-cranked tool that is much quicker to use. It comes with a 
set of bits, as shown in Figure 3-17. 


Optional: Pick and hook set 
Made by Stanley, part number 82-115, available from Amazon and hard- 
ware stores. You can find imported imitations for a few dollars less. See 
Figure 3-18. 


Figure 3-18. This cunning little blade, 
safety-tipped with a round bump on the 
These may seem like a luxury, but are useful for measuring the external ena, removes rough edges from saw cuts 


diameter of a round object (such as the screw thread on a switch or a po- with a single stroke, and can enlarge holes 


Optional: Calipers 


tentiometer) or the internal diameter of a hole (into which you may want that are almost big enough—but not quite. 


a switch or potentiometer to fit). 
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I like Mitutoyo calipers, and the low-end model 505-611 (shown in Figure 
3-19) does everything | need. You can find cheaper brands, but economiz- 
ing on precision measuring tools may not be a wise policy in the long 
term. The manufacturer's site will show you all their available models, af- 
ter which you can Google “Mitutoyo” to find retail sources. 


Figure 3-17. You spin this countersink tool Figure 3-18. This pick-and-hook set is use- Figure 3-18. Calipers can be digital (which 

like a hand crank to add just the right ful in many unexpected ways. automatically convert from millimeters to 

amount of bevel to a hole, so that it will 1/64 inch to 1/1,000 inch), or analog like 

accommodate a flat-head screw. these (so you never need to worry about a 
dead battery). 


Supplies 


Solder 
This is the stuff that you will melt to join components together on a per- 
manent (we hope) basis. You need some very thin solder, size 0.022 inches, 
for very small components, and thicker solder, 0.05 inches, for heavier items. 
Avoid buying solder that is intended for plumbers, or for craft purposes such 
as creating jewelry. A range of solder thicknesses is shown in Figure 3-20. You 
want to make sure to get lead-free solder. 


Electronics solder has a nonacidic rosin core that is appropriate for elec- 
tronic components. Rolls of solder are available from all hobby-electronics 
sources including All Electronics, RadioShack, and Jameco, or search for 
“electronic solder” on Amazon. 


Wire 
You'll need some stranded wire to make flexible external connections 


with the circuit that you'll be building. Look for 22-gauge stranded hook- 
up wire, in red, black, and green, 10 feet (minimum) of each. 


a 

TE 

= 
— 
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Figure 3-20. Spools of solder in various 
thicknesses. 


If you want to install the intrusion alarm after completing that project in 


Experiment 15, you'll need white-insulated two-conductor wire of the 
type sold for doorbells or furnace controls. This is available by the foot 
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from Lowe's, Home Depot, Ace Hardware, and similar stores. You'll decide 
how much to buy after you measure the distances between the magnetic 
sensor switches that you decide to install. 


Heat-shrink tube 
For use in conjunction with your heat gun, described previously. You'll 
need a range of sizes in any colors of your choice. See Figure 3-21. Check 
RadioShack part 278-1627, other electronics suppliers, or your local hard- 
ware store. Prices will vary widely. You can buy the cheapest. 


Copper alligator clips 
These absorb heat when you are soldering delicate components. The 
Mueller BU-30C is a full-size solid copper alligator clip for maximum heat 
absorption. RadioShack sells smaller clips (part number 270-373, shown 
in Figure 3-22) that are suitable for tiny components. 


Figure 3-21. Slide heat-shrink tubing over a Figure 3-22. These small clips absorb 


bare joint and apply heat from a heat gun heat to protect components when you're 
to make a tight insulating seal around the soldering them. 

joint. 

Perforated board 


When you're ready to move your circuit from a breadboard to a more per- 
manent location, you'll want to solder it to a piece of perforated board, 
often known as “prototyping board” but also called “perfboard” 


You need the type that has copper strips etched onto the back, in ex- 
actly the same “breadboard layout” as the conductors hidden inside a 
breadboard, so that you can retain the same layout of your components 
when you solder them into place. Examples are RadioShack part 276-150 
(shown in Figure 3-23) for small projects and part 276-170 (in Figure 3-24) 
for larger projects, such as Experiment 15. 


For very small projects in which you will connect components using their 
wires alone, you need perfboard that isn't etched with copper strips con- 
necting the holes. | like the Twin Industries 7100 range (available from 
Mouser.com) or Vectorboard from Newark Electronics, shown in Figure Figure 3-23. This perforated board has a 
3-25. You use a saw to cut out as small a piece as you need. Cheaper op- pattern of copper traces similar to the 
tions are RadioShack part 276-147 (shown in Figure 3-26), or PC-1 from All Pattern inside a breadboard, so that you 

e . can lay out the components with minimal 
Electronics. These have little copper circles around each hole that are not 


; risk of wiring errors, when you're ready to 
necessary for our purposes, but not a problem, either. create a permanently soldered version of 


your project. 
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q; y Lamp 


A 1A 


+ ; 
L0 V =———— Q 
| 

A 10-volt lamp that draws 1 ampere; 

therefore VS = 10 volts, |C2 = 1 A. 

B 2 = 20, B 1 = 100 

Ignore any voltage drops across the 
transistors. 
Questions 
Calculate the following: 
A. Find | B2 as in step 3. 
I B? = č 
B. Find R 3 as in step 4. 
R3 = — ç 
C. Calculate the load current for Q 1 when it 


is ON, as shown in Step 5. 

ICI = — —— 

D. Find the base current for Q 1. 
I BI = č 

E. Find R 1 as in step 8. 

RI = — 


F. Choose a suitable value for R2. R2 
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Figure 3-24. A larger example of perforated Figure 3-25. Plain perforated board (with Figure 3-28. A small piece of perforated 
board with breadboard geometry. no copper traces) can be used for mount- board with individual copper solder pads 
ing components when you want to do to assist you in mounting components. 


point-to-point wiring. 


Plywood 
When you use a soldering iron, hot drops of solder tend to fall onto your 
table or workbench. The solder solidifies almost instantly, can be difficult 
to remove, and will leave a scar. Consider using a 2-foot square of half-inch 
plywood to provide disposable protection. You can buy it precut at Home 
Depot or Lowe's. 


Machine screws 
To mount components behind a panel, you need small machine screws 
(or “bolts”). They look nice if they have flat heads that fit flush against the 
panel. | suggest stainless-steel machine screws, #4 size, in 1/2-, 5/8-, 3/4-, 
and 1-inch lengths, 100 of each, plus 400 washers and 400 #4 locknuts 
of the type that have nylon inserts, so that they won't work loose. Check 
McMaster-Carr for a large and reasonably priced selection. 


Project boxes 
A project box is just a small box (usually plastic) with a removable lid. You 
mount your switches, potentiometers, and LEDs in holes that you drill 
through the box, and you attach your circuit on a perforated board that 
goes inside the box. Search All Electronics for “project box” or RadioShack 
for “project enclosure.’ 


You need a box measuring approximately 6 inches long, 3 inches wide, 
and 2 inches high, such as RadioShack part 270-1805. Anything similar 
will do. | suggest you buy a couple other sizes as well, as they will be use- 
ful in the future. 
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Components 
Power plugs, sockets, and binding posts 


After you finish a project and put it in a box, you'll need a convenient way 
to supply it with power. Buy yourself a pair of insulated binding posts, such 
as RadioShack part 274-661, shown in Figure 3-27. Also obtain a panel- 
mounted power jack, size N, such as RadioShack part 274-1583, and DC 
power plug, size N, such as RadioShack 274-1573. The plug-and-socket 
pair is pictured in Figure 3-28. 

Finally, you will need interconnects that are sized to fit a perforated board 
that is drilled at intervals of 1/10 inch. Sometimes known as “single inline 
sockets and headers,’ but also known as “boardmount sockets and pin- 
strip headers,’ they come in strips of 36 or more, and you can snip off as 
many as you need. Examples are Mill-Max part numbers 800-10-064-10- 
001000 and 801-93-050-10-001000, or 3M part numbers 929974-01-36- 
RK and 929834-01-36-RK. You can buy them from the usual electronics 
suppliers. Figure 3-29 shows headers before and after being snapped into 
small sections. Make sure that the interconnects have a terminal spacing 
of 0.1 inch. 


Battery 


After you complete Experiment 15 at the end of this section of the book, 
if you want to use the project on a practical basis, you'll need a 12-volt 
battery. Search online for “12v battery” and you'll find many sealed, re- 
chargeable lead-acid batteries that are designed for alarm systems, some 
measuring as small as 1x2x3-inch and costing under $10. You need a 
charger with it, which will probably cost you about $10. 


Switches and relays 


You will need the same DPDT relay and the same SPDT toggle switch that 
were mentioned in Chapter 2 shopping list. 


For Experiment 15, you'll need magnetic switches that you can apply to 
doors or windows, such as the Directed model 8601, available from doz- 
ens of sources online. 

Also you will need a DPDT pushbutton switch, ON-(ON) type, with 
solder terminals. Examples are model MPG206R04 by Tyco or model 
MB2061SS1W01-RO by NKK (with optional cap). Or search eBay for “DPDT 
pushbutton.” 


Diodes 


Buy at least half-a-dozen red 5 mm LEDs rated for approximately 2 volts, 
such as the Optek part number OVLFR3C7, Lumex part number SSL-LX- 
5093 IT, or Avago part HLMP-D155. Buy half-a-dozen similar green LEDs at 
the same time. 


In addition, you'll need a signal diode, type 1N4001 (any brand will do). 
Figure 3-30 shows an example, highly magnified. They’re cheap, and likely 
to be useful in the future, so buy 10 of them. 
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Figure 3-27. These terminals, also known 
as binding posts, enable a solderless con- 
nection with wires that have stripped ends. 
Also available in black. 


Figure 3-28. The socket on the right can be 
mounted in a project box to receive power 
from the plug on the left. 
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Figure 3-28. Single inline sockets (top) and 
headers (middle) allow you to make very 
compact plug-and-socket connections 

to a PC board. They can be sawn, cut, or 
snapped into smaller sections (bottom). 
The terminals are 0.1 inch apart. 


Figure 3-30. This 1N4001 diode is about 
1/4 inch long and can handle up to 50 
volts. 
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Soldering Irons Get Hot! 
Please take these basic precautions: 


Use a proper stand (such as the one 
incorporated in your helping hands) 
to hold your soldering iron. Don't 
leave it lying on a workbench. 


If you have infants or pets, remember 


that they may play with, grab, or 
snag the wire to your soldering iron. 


They could injure themselves (or you). 


Be careful never to rest the hot tip 

of the iron on the power cord that 
supplies electricity to the iron. It can 
melt the plastic in seconds and cause 
a dramatic short circuit. 


Ifyou drop a soldering iron, don't be 
a hero and try to catch it. Most likely 
you will grab the hot part, which 
hurts. (I speak from experience.) 
When you burn your hand, you will 
instinctively let go of the iron, so you 
may as well let it drop freely without 
the intermediate step of burning 
yourself while it’s on its way to the 
floor. Naturally, you should pick it 
up quickly after it does hit the floor, 
but by then you will have gained the 
necessary time in which to make a 
sensible decision to grab it by the 
cool end. 


Always bear in mind that others in 


your home are more at risk of hurting 


themselves on a soldering iron than 
you are, because they won't know 
that it’s hot. Most soldering irons 
have no warning lights to tell you 
that they're plugged in. As a general 
rule, always assume that a soldering 
iron is hot, even if it’s unplugged. It 
may retain sufficient heat to burn 
you for longer than you expect. 
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Loudspeaker 
To complete the project in Experiment 15, you'll need a loudspeaker small 
enough to fit inside your project box but louder than the 1-inch speaker 
that you used previously. It should be 2 inches or 2.5 inches (50 to 60 mm) 
in diameter. If you can find a 1000 speaker, it will give you more output, 
but an 80 speaker will be acceptable. 


Experiment 12: Joining Two Wires Together 


Your adventure into soldering begins with the prosaic task of joining one wire 
to another, but will lead quickly to creating a full electronic circuit on perfo- 
rated board. So let's get started! 


You will need: 
e 30-watt or 40-watt soldering iron 
e 15-watt pencil-type soldering iron 
e Thin solder (0.022 inches or similar) 
e Medium solder (0.05 inches or similar) 
e Wire strippers and cutters 
e “Helping hand” gadget to hold your work 
« Shrink-wrap tubing, assorted 
e Heat gun 


e Something to protect your work area from drops of solder 


Your First Solder Joint 


We'll start with your general-duty soldering iron—the one rated for 30 or 40 
watts. Plug it in, leave it safely in its holder, and find something else to do for 
five minutes. If you try to use a soldering iron without giving it time to get fully 
hot, you will not make good joints. 


Strip the insulation from the ends of two pieces of 22-gauge solid wire and 
clamp them in your helping hand so that they cross each other and touch each 
other, as shown in Figure 3-31. 


To make sure that the iron is ready, try to melt the end of a thin piece of solder 
on the tip of the iron. The solder should melt instantly. If it melts slowly, the 
iron isn't hot enough yet. 
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Now follow these steps (shown in Figures 3-32 through 3-36): 


1. 


Figure 3-32 


Make sure the tip of the soldering iron is clean (wipe it on the moist- 
ened sponge in the base of your helping hand if necessary), then touch 
it against the intersection of the wires steadily for three seconds to heat 
them. If you have hard tap water, use distilled water to wet the sponge to 
avoid a buildup of mineral deposits on the tip of your soldering iron. 


. While maintaining the iron in this position, feed a little solder onto the in- 


tersection of the wires, also touching the tip of the soldering iron. Thus, the 
two wires, the solder, and the tip of the iron should all come together at one 
point. The solder should spread over the wires within another two seconds. 


. Remove the iron and the solder. Blow on the joint to cool it. Within 10 


seconds, it should be cool enough to touch. 


Unclamp the wires and try to tug them apart. Tug hard! If they defeat 
your best attempts to separate them, the wires are electrically joined and 
should stay joined. If you didn't make a good joint, you will be able to 
separate the wires relatively easily, probably because you didn't apply 
enough heat or enough solder to connect them. 


The reason l asked you to begin by using the higher-powered soldering iron is 
that it delivers more heat, which makes it easier to use. 


Experiment 12: Joining Two Wires Together 


Figure 3-31. A helping hand work aid is 
shown here holding two wires with their 
stripped ends touching. The magnifying 
glass has been hinged out of the way. 


Figure 3-35. This and the preceding three Figure 3-38. The completed joint should be 
figures illustrate four steps to making a shiny, uniform, and rounded in shape. 


solder joint: apply heat to the wires, bring 
in the solder while maintaining the heat, 
wait for the solder to start to melt, and 
wait amoment longer for it to form a com- 
pletely molten bead. The whole process 
should take between 4 and 6 seconds. 
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Soldering myths 


Myth #1: Soldering is very difficult. 
Millions of people have learned how to do it, and statis- 
tically, you are unlikely to be less coordinated than all 
of them. | have a lifelong problem with a tremor in my 
hands that makes it difficult for me to hold small things 
steadily. | also get impatient with repetitive detail work. 
If | can solder components, almost anyone should be 
able to. 


Myth #2: Soldering involves poisonous chemicals. 
Modern solder contains no lead. You should avoid 
inhaling the fumes for prolonged periods, but that also 
applies to everyday products such as bleach and paint. 
If soldering was a significant health hazard, we should 
have seen a high death rate among electronics hobby- 
ists decades ago. 


Soldering alternatives 


As recently as the 1950s, connections inside electronic ap- 
pliances such as radio sets were still being hand-soldered by 
workers on production lines. But the growth of telephone 
exchanges created a need for a faster way to make large 
numbers of rapid, reliable point-to-point wiring connec- 
tions, and “wire wrap” became a viable alternative. 


In a wire-wrapped electronics project, components are 
mounted on a circuit board that has long, gold-plated, 
sharp-cornered square pins sticking out of the rear. Special 
silver-plated wire is used, with an inch of insulation stripped 
from its ends. A manual or power-driven wire-wrap tool 
twirls the end of a wire around one of the pins, applying 
sufficient tension to “cold-weld” the soft silver plating of 

the wire to the pin. The wrapping process exerts sufficient 
pressure to make a very reliable joint, especially as 7 to 9 
turns of wire are applied, each turn touching all four corners 
of the pin. 


During the 1970s and 1980s, this system was adopted by 
hobbyists who built their own home computers. A wire- 
wrapped circuit board from a hand-built computer is shown 
in Figure 3-37. The technique was used by NASA to wire the 
computer in the Apollo spacecraft that went to the moon, 
but today, wire-wrapping has few commercial applications. 


The widespread industrial use of “through-hole” compo- 
nents, such as the chips on early desktop computers, en- 
couraged development of wave soldering, in which a wave 
or waterfall of molten solder is applied to the underside of a 
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Myth #3: Soldering is hazardous. 
A soldering iron is less hazardous than the kind of iron 
that you might use to iron a shirt, because it delivers 
less heat. In fact, in my experience, soldering is safer 
than most activities in a typical home or basement 
workshop. That doesn't mean you can be careless! 


preheated circuit board where chips have been inserted. A 
masking technique prevents the solder from sticking where 
it isn’t wanted. 


Today, surface-mount components (which are significantly 
smaller than their through-hole counterparts) are glued to 
a circuit board with a solder paste, and the entire assembly 
is then heated, melting the paste to create a permanent 
connection. 


Figure 3-37. This picture shows some of the wire-wrapping in 
Steve Chamberlin’s custom-built, retro 8-bit CPU and com- 
puter. “Back in the day,” connecting such a network of wires 
with solder joints would have been unduly time-consuming and 
prone to faults. Photo credit: Steve Chamberlin. 


y 


Eight most common soldering errors 


1. 


Not enough heat. 


The joint looks OK, but because you didn't apply quite 
enough heat, the solder didn't melt sufficiently to 
realign its internal molecular structure. It remained 
granular instead of becoming a solid, uniform blob, 
and you end up with a “dry joint,’ also known as a “cold 
joint,’ which will come apart when you pull the wires 
away from each other. Reheat the joint thoroughly and 
apply new solder. 


A leading cause of underheated solder is the tempta- 
tion to use the soldering iron to carry solder to the 
joint. This results in the cold wires reducing the tem- 
perature of the solder. What you should do is touch the 
soldering iron to heat the wires first, and then apply 
the solder. This way, the wires are hot and help to melt 
the solder, which wants to stick to them. 


Because this is such a universal problem, I'll repeat 
myself: Never melt solder on the tip of the iron and then 
use it to carry the solder to the joint. 


You don't want to put hot solder on cold wires. You 
want to put cold solder on hot wires. 


Too much heat. 


This may not hurt the joint, but can damage everything 
around it. Vinyl insulation will melt, exposing the wire 
and raising the risk of short circuits. You can easily dam- 
age semiconductors, and may even melt the internal 
plastic components of switches and connectors. 


Damaged components must be desoldered and re- 
placed, which will take time and tends to be a big hassle 
(see “Tools: Desoldering” on page 109 for advice). 


Not enough solder. 


A thin connection between two conductors may not be 
strong enough. When joining two wires, always check 
the underside of the joint to see whether the solder 
penetrated completely. 


Moving the joint before the solder solidifies. 


You may create a fracture that you won't necessarily 
see. It may not stop your circuit from working, but at 
some point in the future, as a result of vibration or 
thermal stresses, the fracture can separate just enough 
to break electrical contact. Tracking it down will then 
be a chore. If you clamp components before you join 
them, or use perforated board to hold the components 
steady, you can avoid this problem. 
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5. Dirtor grease. 


Electrical solder contains rosin that cleans the metal 
that you're working with, but contaminants can still 
prevent solder from sticking. If any component looks 
dirty, clean it with fine sandpaper before joining it. 


Carbon on the tip of your soldering iron. 


The iron gradually accumulates flecks of black car- 
bon during use, and they can act as a barrier to heat 
transfer. Wipe the tip of the iron on the little soonge 
mounted in the base of your soldering iron stand or 
your helping hand. 


7. Inappropriate materials. 
Electronic solder is designed for electronic compo- 


nents. It will not work with aluminum, stainless steel, or 


various other metals. You may be able to make it stick 
to chrome-plated items, but only with difficulty. 


Failure to test the joint. 


Don't just assume that it’s OK. Always test it, by apply- 
ing manual force if you can (see Figures 3-38 and 3-39 
for the ideal protocol) or, if you can't get a grip on the 
joint, slip a screwdriver blade under it and flex it just 

a little, or use small pliers to try to pull it apart. Don't 
be concerned about ruining your work. If your joint 
doesn't survive rough treatment, it wasn't a good joint. 


Of the eight errors, dry/cold joints are by far the worst, 
because they are easy to make and can look OK. 


(OR 
¿ CA 


Figure 


Figure 3-38. Test result of 
a bad solder joint. 


3-38. Test result of a good 
solder joint. 
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Your Second Solder Joint 


Time now to try your pencil-style soldering iron. Once again, you must leave it 
plugged in for a good five minutes to make sure it's hot enough. In the mean- 
time, don't forget to unplug your other soldering iron, and put it somewhere 
safe while it cools. 


This time I'd like you to align the wires parallel with each other. Joining them 
this way is a little more difficult than joining them when they cross each other, 
but it’s a necessary skill. Otherwise, you won't be able to slide heat-shrink tub- 
ing over the finished joint to insulate it. 


Figures 3-40 through 3-44 show a successful joint of this type. The two wires 
do not have to make perfect contact with each other; the solder will fill any 
small gaps. But the wires must be hot enough for the solder to flow, and this 
can take an extra few seconds when you use the low-wattage pencil-style iron. 


Be sure to feed the solder in as shown in the pictures. Remember: don't try 
to carry the solder to the joint on the tip of the iron. Heat the wires first, and 
then touch the solder to the wires and the tip of the iron, while keeping it in 
contact with the wires. Wait until the solder liquifies, and you will see it run- 
ning eagerly into the joint. If this doesn't happen, be more patient and apply 
the heat for a little longer. 


Figure 3-43. This and the preceding three Figure 3-44. The finished joint has enough 
figures show how Joining two wires that solder for strength, but not so much solder 
are parallel is more difficult, and the that it will prevent heat-shrink tubing from 


low-wattage, pencil-type soldering iron will sliding over it. 
require longer to heat them sufficiently for 
a good joint. Thinner solder can be used. 
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THEORY 


Soldering theory 


The better you understand the process of soldering, the easier it should be for 
you to make good solder joints. 


The tip of the soldering iron is hot, and you want to transfer that heat into the 
joint that you are trying to make. In this situation, you can think of the heat as 
being like a fluid. The larger the connection is between the soldering iron and 


the joint, the greater the quantity of heat, per second, that can flow through it. 


For this reason, you should adjust the angle of the soldering iron so that it 
makes the widest possible contact. If it touches the wires only at a tiny point, 
you'll limit the amount of heat flow. Figures 3-45 and 3-46 illustrate this con- 


cept. Once the solder starts to melt, it broadens the area of contact, which helps 


to transfer more heat, so the process accelerates naturally. Initiating it is the 
tricky part. 


The other aspect of heat flow that you should consider is that it can suck heat 
away from the places where you want it, and deliver it to places where you 
don't want it. If you're trying to solder a very heavy piece of copper wire, the 
joint may never get hot enough to melt the solder, because the heavy wire 
conducts heat away from the joint. You may find that even a 40-watt iron isn't 
powerful enough to overcome this problem, and if you are doing heavy work, 
you may need a more powerful iron. 


As a general rule, if you can't complete a solder joint in 10 seconds, you aren't 
applying enough heat. 


Figure 3-45. With only a small surface Figure 3-48. A larger area of contact 


area of contact between the iron and between the soldering iron and its target 


the working surface, an insufficient will greatly increase the heat transfer. 
amount of heat is transferred. 
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Desoldering 


Desoldering is much, much harder 
than soldering. Two simple tools 
are available: 


e Suction pump. First, you apply 
the soldering iron to make the 
solder liquid. Then you use 
this simple gadget to try to 
suck up as much of the liquid 
as possible. Usually it won't re- 
move enough metal to allow 
you to pull the joint apart, and 
you will have to try the next 
tool. Refer back to Figure 3-10. 


Desoldering wick or braid. 
Desoldering wick, also known 
as braid, is designed to soak 
up the solder from a joint, but 
again, it won't clean the joint 
entirely, and you will be in the 
awkward position of trying to 
use both hands to pull com- 
ponents apart while simulta- 
neously applying heat to stop 
the solder from solidifying. 
Refer back to Figure 3-11. 


| don't have much advice about 
desoldering. It's a frustrating experi- 
ence (at least, | think so) and can 
damage components irrevocably. 
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Figure 3-48. Slip the tubing over your wire 
joint. 


Heat Guns Get Hot, Too! 


Notice the chromed steel tube at the 
business end of your heat gun. Steel 
costs more than plastic, so the manu- 
facturer must have put it there fora 
good reason—and the reason is that 
the air flowing through it becomes so 
hot that it would melt a plastic tube. 


The metal tube stays hot enough to 
burn you for several minutes after 
you've used it. And, as in the case of 
soldering irons, other people (and 
pets) are vulnerable, because they 
won't necessarily know that the heat 
gun is hot. Most of all, make sure that 
no one in your home ever makes the 
mistake of using a heat gun as a hair 
dryer (Figure 3-47). 


This tool is just a little more hazard- 
ous than it appears. 
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Adding Insulation 


After you've succeeded in making a good inline solder connection between 
two wires, it’s time for the easy part. Choose some heat-shrink tubing that is 
just big enough to slide over the joint with a little bit of room to spare. 


ON 


l 


Figure 3-47. Other members of your family should understand that although a heat gun 
looks like a hair dryer, appearances may be deceptive. 


Slide the tubing along until the joint is centered under it, hold it in front of 
your heat gun, and switch on the gun (keeping your fingers away from the 
blast of superheated air). Turn the wire so that you heat both sides. The tubing 
should shrink tight around the joint within half a minute. If you overheat the 
tubing, it may shrink so much that it splits, at which point you must remove 
it and start over. As soon as the tubing is tight around the wire, your job is 
done, and there's no point in making it any hotter. Figures 3-48 through 3-50 
show the desired result. | used white tubing because it shows up well in photo- 
graphs. Different colors of heat-shrink tubing all perform the same way. 


: — 
Figure 3-50. Leave the heat on the tubing 
until it shrinks to firmly cover the joint. 
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| suggest you next practice your soldering skills on a couple of practical proj- 
ects. In the first one, you can add color-coded, solid-core wires to your AC 
adapter, and in the second one, you can shorten the power cord for a laptop 
power supply. You can use your larger soldering iron for both of these tasks, 
because neither of them involves any heat-sensitive components. 


Modifying an AC Adapter 


In the previous chapter, | mentioned the irritation of being unable to push the 
wires from your AC adapter into the holes of your breadboard. So, let's fix this 
right now: 


1. Cut two pieces of solid-conductor 22-gauge wire—one of them red, the 
other black or blue. Each should be about 2 inches long. Strip a quarter- 
inch of insulation from both ends of each piece of wire. 


2. Trim the wire from your AC adapter. You need to expose some fresh, clean 
copper to maximize your chance of getting the solder to stick. 


| suggest that you make one conductor longer than the other to minimize 
the chance of the bare ends touching and creating a short circuit. Use 
your meter, set to DC volts, if you have any doubt about which conductor 
is positive. 


Solder the wires and add heat-shrink tubing as you did in the practice session. 
The result should look like Figure 3-51. 


Figure 3-51. Solid-core color-coded wires, soldered onto the wires from an AC adapter, pro- 
vide a convenient way to feed power to a breadboard. Note that the wires are of differing 
lengths to reduce the risk of them touching each other. 


Shortening a Power Cord 


When | travel, | like to minimize everything. It always annoys me that the pow- 
er cord for the power supply of my laptop is 4 feet long. The thinner wire that 
connects the power supply to the computer is also 4 feet long, and | just don't 
need that much wire. 
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Choose the Right Tubing 


If you use heat-shrink tubing on 110v 
AC cord, as is being done in this ex- 
periment, make sure you use tubing 
that’s been rated for 110v use. 
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Answers 


The following answers correspond to the 
steps. 
A. 
1. | C2 is given as 1 ampere. 
2. B 2 = 20 (given). This is a typical value 
for a transistor that would handle 1 ampere. 
3. l ampere 
lao = punta sa = 50mA 
20 
B. 
4. 10 volts mas 
R, = —— = 2001) 
50 mA 


Note that the 0.7 volt base-emitter drop has 
been ignored. 


C. 
5. LCI = | B2 = 50 mA 
D. 
6. B1 = 100 
7 50mA © | 

ES = —— = 0.5mA 

100 

E. 
8. 10 volts ` 

SAA SO 

0.5 mA 

Again, the 0.7-volt drop is ignored. 
F, 
9. For convenience, choose a value for R 2 


that is the same as R1, or 20 kQ. This 
reduces the number of different components 
in the circuit. The fewer different components 
you have in a circuit, the less components 
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After searching exhaustively | couldn't find any laptop power cables shorter 
than 3 feet, so | decided to shorten one myself. If you feel no need to do this, 
you should try the following procedure on an old extension cord, just as an 
exercise. You do need to go through these steps to acquire some practice in 
soldering heavier, stranded wire and using heat-shrink tubing: 


1. Use your wire cutters to chop the wire, and then a utility knife to split the 
two conductors, with one shorter than the other. When splicing a pow- 
er cord or similar cable containing two or more conductors, it's good to 
avoid having the joints opposite each other. They fit more snugly if they 
are offset, and there's less risk of a short circuit if a joint fails. 


2. Strip off a minimal amount of insulation. One-eighth of an inch (3 mm) is 
sufficient. The automatic wire strippers that | mentioned in the shopping 
list in Chapter 1 are especially convenient, but regular wire strippers will 
do the job. 


a o, 3. Cuttwo pi f heat-shri i i i i 
My | ; pieces of heat-shrink tubing, each 1 inch long, big enough to slide 
—. A over the separate conductors in your cable. Cut a separate 2-inch piece of 
larger tubing that will slide over the entire joint when it's done. The steps 
described so far are illustrated in Figures 3-52 through 3-58. 


o es 4. Now for the most difficult part: activating your human memory. You have 
Figure 3-58. Figures 3-52 through 3-58 . . : 
illustrate the sequence of steps to prepare to remember to slide the tubing onto the wire before you make your sol- 
for making a shortened power cord for a der joint, because the plugs on the ends of the wires will prevent you from 
laptop computer power supply. adding any heat-shrink tubing later. If you're as impatient as | am, it’s very 
difficult to remember to do this every time. 
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5. Use your helping hand to align the first joint. Push the two pieces of wire 
together so that the strands intermingle, and then squeeze them tight 
between finger and thumb, so that there are no little bits sticking out. A 
Stray strand of wire can puncture heat-shrink tubing when the tubing is 
hot and soft and is shrinking around the joint. 


6. The wire that you're joining is much heavier than the 22-gauge wire that 
you worked with previously, so it will suck up more heat, and you must 
touch the soldering iron to it for a longer time. Make sure that the solder 
flows all the way into the joint, and check the underside after the joint 
is cool. Most likely you'll find some bare copper strands there. The joint 
should become a nice solid, rounded, shiny blob. Keep the heat-shrink 
tubing as far away from the joint as possible while you're using the solder- 
ing iron, so that heat from the iron doesn't shrink the tubing prematurely, 
preventing you from sliding it over the joint later. 


Figure 3-51 


Figure 3-52 


7. When the joint has cooled, slide the heat-shrink tubing over it, and apply 
the heat gun. Now repeat the process with the other conductor. Finally, 
slide the larger piece of tubing over the joint. You did remember to put 
the large tubing onto the wire at the beginning, didn't you? 


Figures 3-59 through 3-65 show the steps all the way through to the end. 


If you have completed the soldering exercises so far, you now have sufficient 
basic skills to solder your first electronic circuit. But first, | want you to verify 
the vulnerability of components to heat. 


Figure 3-85. Completion of the shortened 
power cord for a laptop power supply. 
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Figure 3-88. By literally hooking together 
the leads from a resistor and a white-light 
LED, we minimize pathways for heat to 
escape during the subsequent test. 


Figure 3-87. Applying heat with a 15-watt 
soldering iron. A typical LED should 
withstand this treatment for two or three 
minutes, but if you substitute a 30-watt 
soldering iron, the LED is likely to burn out 
in under 15 seconds. 
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In Chapter 1, you saw how an LED can be damaged if too much current flows 
through it. The electricity caused heat, which melted the LED. Unsurprisingly, 
you Can just as easily melt it by applying too much heat to one of its leads with 
a soldering iron. The question is: how much heat is too much? Let's find out. 


You will need: 
e 30-watt or 40-watt soldering iron 
e 15-watt pencil-type soldering iron 
e A couple of LEDs (that are expendable) 
e 6800 resistor 
e Wire cutters and sharp-nosed pliers 
e “Helping hand” gadget to hold your work 


| don't want you to use alligator clips to join the LED to a power supply, be- 
cause the alligator clip will divert and absorb some of the heat from your sol- 
dering iron. Instead, please use some sharp-nosed pliers to bend each of the 
leads from an LED into little hooks, and do the same thing with the wires ona 
6800 load resistor. Finally bend the new wires on your AC adapter so that they, 
too, are tiny hooks. Now you can put the hooks together like links in a chain, 
as shown in Figure 3-66. 


Grip the plastic body of the LED in your helping hand. Plastic is not a good 
thermal conductor, so the helping hand shouldn't siphon too much heat away 
from our target. The resistor can dangle from one of the leads on the LED, and 
the wire from the AC adapter can hang from that, a little farther down. Gravity 
should be sufficient to make this work. Set your AC adapter to deliver 12 volts 
as before, plug it in, and your LED should be shining brightly. | used a white 
LED in this experiment, because it's easier to photograph. 


Make sure your two soldering irons are really hot. They should have been 
plugged in for at least five minutes. Now take the pencil-style iron and hold its 
tip firmly against one of the leads on your glowing LED, while you check the 
time with a watch. Figure 3-67 shows the setup. 


lm betting that you can sustain this contact for a full three minutes without 
burning out the LED. This is why you use a 15-watt soldering iron for delicate 
electronics work—it doesn't endanger the components. 


Allow your LED wire to cool, and then apply your more powerful soldering iron 
to the same piece of wire as before. Again, make sure it is completely hot, and 
| think you'll find that the LED will go dark after as little as 10 seconds (note, 
some LEDs can survive higher temperatures than others). This is why you don't 
use a 30-watt soldering iron for delicate electronics work. 


The large iron doesn't necessarily reach a higher temperature than the small 
one. It just has a larger heat capacity. In other words, a greater quantity of heat 
can flow out of it, at a faster rate. 


Chapter 3 


Throw away your burned-out LED. Substitute a new one, connected as before, 
but add a full-size copper alligator clip to one of the leads up near the body of 
the LED, as shown in Figure 3-68. Press the tip of your 30-watt or 40-watt sol- 
dering iron against the lead just below the alligator clip. This time, you should 
be able to hold the powerful soldering iron in place for a full two minutes 
without burning out the LED. 


Imagine the heat flowing out through the tip of your soldering iron, into the 
wire that leads to the LED—except that the heat meets the alligator clip along 
the way, as shown in Figure 3-69. The clip is like an empty vessel waiting to 
be filled. It offers much less resistance to heat than the remainder of the wire 
leading to the LED, so the heat prefers to flow into the copper clip, leaving the 
LED unharmed. At the end of your experiment, if you touch the clip, you'll find 
that it’s hot, while the LED remains relatively cooler. 


The alligator clip is known as a heat sink, and it should be made of copper, 
because copper is one of the best conductors of heat. 


Because the 15-watt soldering iron failed to harm the LED, you may conclude 
that the 15-watt iron is completely safe, eliminating all need for a heat sink. 
Well, this may be true. The problem is, you don't really know whether some 
semiconductors may be more heat-sensitive than LEDs. Because the con- 
sequences of burning out a component are so exasperating, | suggest you 
should play it safe and use a heat sink in these circumstances: 


e If you apply 15-watt iron extremely close to a semiconductor for 20 sec- 
onds or more. 


e If you apply a 30-watt iron near resistors or capacitors for 10 seconds or 
more. (Never use it near semiconductors.) 


e Ifyou apply a 30-watt iron near anything meltable for 20 seconds or more. 
Meltable items include insulation on wires, plastic connectors, and plastic 
components inside switches. 


Rules for Heat Sinking 
1. Full-size copper alligator clips do work better. 


2. Clamp the alligator clip as close as possible to the component and as far 
as possible from the joint. (You don't want to suck too much heat away 
from the joint.) 


3. Make sure there is a metal-to-metal connection between the alligator clip 
and the wire to promote good heat transfer. 
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Figure 3-58. When a copper alligator clip is 
used as a heat sink, you should be able to 
apply a 30-watt soldering iron (below the 

clip) without damaging the LED. 


Heat Flow 


Figure 3-58. The heat sink intercepts the 
heat, sucks it up, and protects the LED 
from damage. 
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All about perforated board 


For the remainder of this book, you'll be using perforated 
board whenever you want to create permanent, soldered 
circuits. There are three ways to do this: 


1. Point-to-point wiring. You use perforated board that 
has no connections behind the holes. Either the board 
has no copper traces on it at all, as in Figure 3-70, or 
you will find a little circular copper circle around each 
hole, as in Figure 3-71. These circles are not connected 
with each other and are used only to stabilize the com- 
ponents that you assemble. 


Point-to-point wiring allows you to place the com- 
ponents in a convenient, compact layout that can be 
very similar to a schematic. Under the board you bend 
the wires to link the components, and solder them 
together, adding extra lengths of wire if necessary. The 
advantage of this system is that it can be extremely 
compact. The disadvantage is that the layout can be 
confusing, leading to errors. 


Figure 3-71. Either this type of perforated board or the type in Fig- 
ure 3-70 can be used for point-to-point wiring in Experiment 14. 
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2. Breadboard-style wiring. Use perforated board that is 


printed with copper traces in exactly the same pattern 
as the conductors inside a breadboard. Once your 
circuit works on the breadboard, you move the com- 
ponents over to the perfboard one by one, maintain- 
ing their exact same positions relative to each other. 
You solder the “legs” of the components to the copper 
traces, which complete the circuit. Then you trim off 
the surplus wire. The advantage of this procedure is 
that it's quick, requires very little planning, and mini- 
mizes the possibility for errors. The disadvantage is that 
it tends to waste space. A cheap example is shown in 
Figure 3-72. 


You can etch your own circuit board with customized 
copper traces that link your components in a point- 
to-point layout. This is the most professional way to 
complete a project, but it requires more time, trouble, 
and equipment than is practical in this book. 
Point-to-point wiring is like working with alligator clips, 
on a much smaller scale. The first soldered project will 
use this procedure. 


4 
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gure 3-72. Perforated board etched with copper in variants of 
a breadboard layout. This example is appropriate for Experi- 
ment 15. 


Experiment 14: A Pulsing Glow 
You will need: 
e Breadboard 
e 15-watt pencil-type soldering iron 
« Thin solder (0.022 inches or similar) 
e Wire strippers and cutters 
e Plain perforated board (no copper etching necessary) 
e Small vise or clamp to hold your perforated board 
e Resistors, various 
e Capacitors, electrolytic, 100 uF and 220 uF, one of each 
e Red LED, 5 mm, rated for 2 volts approximately 
e 2N6027 programmable unijunction transistor 


Your first circuit using a PUT was a slow-speed oscillator that made an LED 
flash about twice each second. The flashes looked very “electronic,” by which 
| mean that the LED blinked on and off without a gradual transition between 
each state. I’m wondering if we can modify this circuit to make the LED pulse 
in a more gentle, interesting way, like the warning light on an Apple MacBook 
when it’s in “sleep” mode. I’m thinking that something of this sort might be 
wearable as an ornament, if it’s small enough and elegant enough. 


lm also thinking that this first soldering project will serve three purposes. It 
will test and refine your skill at joining wires together, will teach you point-to- 
point wiring with perfboard, and will give you some additional insight into the 
way that capacitors can be used to adjust timing. 


Look back at the original schematic in Experiment 11, on page 82. Refresh your 
memory about the way it worked. The capacitor charges through a resistor un- 
til it has enough voltage to overcome the internal resistance in the PUT. Then 
the capacitor discharges through the PUT and flashes the LED. 


If you drew a graph of the light coming out of the LED, it would be a thin, square- 
shaped pulse, as shown in Figure 3-73. How can we fill it out to make it more like 
the curve in Figure 3-74, so that the LED fades gently on and off, like a heartbeat? 


One thing is obvious: the LED is going to be emitting a greater total amount of 
light in each cycle. Therefore, it's going to need more power. This means that 
C1, in Figure 3-75, must be a larger capacitor. 


When we have a larger capacitor, it takes longer to charge. To keep the flashes 
reasonably frequent, we'll need a lower-value resistor for R1 to charge the ca- 
pacitor quickly enough. In addition, reducing the values of R2 and R3 will pro- 
gram the PUT to allow a longer pulse. 


Most important, | want to discharge the capacitor through a resistor to make 
the onset of the pulse gradual instead of sudden. Remember, when you have 
a resistor in series with a capacitor, the capacitor not only charges more slowly, 
but discharges more slowly. 
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Figure 3-74. The original PUT oscillator 
circuit in Experiment 11 made the LED 


emit sharp, short flashes. The upper graph 
shows what we might find if we measured 
light output over time. The second graph 


shows a gentler onset to each flash, fol- 


lowed by a slow fade-out. Capacitors can 


be used to create this effect. 
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Figure 3-75. The first step toward creating 
a gentler flashing effect is to use a larger 
capacitor for C1 and discharge it through 
a resistor, R4. Lower-value resistors are 
necessary to charge the capacitor rapidly 
enough. 


RIOR 

R2: 1K 

R3: 1K 

R4: 1K 

C1: 100 uF electrolytic 
Q1: 2N6027 


Figure 3-78. The second step toward a 
gentler flashing effect is to add another 
capacitor, C2, which charges quickly with 
each pulse and then discharges slowly 
through R5 and the LED below it. 


Same components as before, plus: 
RI: S300 

C2: 220 uF electrolytic 

Power supply increased to 9 volts 
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Figure 3-75 shows these features. Compare it with Figure 2-103 on page 85. R1 
is now 33K instead of 470K. R2 and R3 are reduced to 1K. R4 also is 1K, to so 
that the capacitor takes longer to discharge through it. And C1 is now 100 uF 
instead of 2.2 uF. 


Assemble this circuit on a breadboard, and compare the results when you in- 
clude R4 or bypass it with a plain piece of jumper wire. It softens the pulse a 
bit, but we can work on it some more. On the output side of the PUT, we can 
add another capacitor. This will charge itself when the pulse comes out of the 
PUT, and then discharge itself gradually through another resistor, so that the 
light from the LED dies away more slowly. 


Figure 3-76 shows the setup. C2 is large—220 uF—so it sucks up the pulse that 
comes out of the PUT, and then gradually releases it through 3300 resistor R5 
and the LED. You'll see that the LED behaves differently now, fading out inside 
of blinking off. But the resistances that I’ve added have dimmed the LED, and 
to brighten it, you should increase the power supply from 6 volts to 9 volts. 


Remember that a capacitor imposes a smoothing effect only if one side of it 
is grounded to the negative side of the power supply. The presence of the 
negative charge on that side of the capacitor attracts the positive pulse to the 
other side. 


| like the look of this heartbeat effect. | can imagine a piece of wearable elec- 
tronic jewelry that pulses in this sensual way, very different from the hard- 
edged, sharp-on-and-off of a simple oscillator circuit. The only question is 
whether we can squeeze the components into a package that is small enough 
to wear. 


R5 


Figure 3-77. On a dark night in a rural area, the 
heartbeat flasher may be attractive in unexpected 
ways. 
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Resizing the Circuit 


The first step is to look at the physical components and imagine how to fit them 
into a small space. Figure 3-78 shows a 3D view of a compact arrangement. Check 
this carefully, tracing all the paths through the circuit, and you'll see that it’s the 
same as the schematic. The trouble is that if we solder the components together 
like this, they won't have much strength. All the little wires can bend easily, and 
there's no easy way to mount the circuit in something or on something. 


Figure 3-78. This layout of components replicates their connections in the schematic 
diagram while squeezing them into a minimal amount of space. 


The answer is to put it on a substrate, which is one of those terms that people in 
the electronics field like to use, perhaps because it sounds more technical than 
“oerfboard.” But perforated board is what we need, and Figure 3-79 shows the 
components transferred onto a piece of board measuring just 1 inch by 0.8 inch. 


The center version of this diagram uses dotted lines to show how the compo- 
nents will be connected with each other underneath the board. Mostly the 
leads that stick out from underneath the components will be long enough to 
make these connections. 


Finally, the bottom version of the perfboard diagram shows the perfboard 
flipped left-to-right (notice the L and the R have been transposed to remind 
you, and I've used a darker color to indicate the underside of the board). 
Orange circles indicate where solder joints will be needed. 


The LED should be unpluggable, because we may want to run it at some dis- 
tance from the circuit. Likewise the power source should be unpluggable. For- 
tunately we can buy miniature connectors that fit right into the perforated 
board. You may have to go to large online retail suppliers such as Mouser.com 
for these. Some manufacturers call them “single inline sockets and headers,’ 
while others call them “boardmount sockets and pinstrip headers.” Refer back 


to Figure 3-29 and check the shopping list for more details. 


This is a very compact design that will require careful work with your pencil- 
style soldering iron. Because a piece of perforated board as small as this will 
tend to skitter around, | suggest that you apply your miniature vise to one end 
to anchor it with some weight while still allowing you to turn it easily. 
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Figure 3-78. Perforated board can be used 
to support the layout of components. Their 
leads are soldered together under the 
board to create the circuit. The middle dia- 
gram shows the wires under the board as 
dashed lines. The bottom diagram shows 
the board from underneath, flipped left to 
right. Orange circles indicate where solder 
Joints will be necessary. 


119 


Experiment 14: A Pulsing Glow 


Figure 3-80. Components mounted on a 
piece of perforated board. 


Figure 3-81. The assembly seen from 
below. The copper circles around the holes 
are not necessary for this project. Some of 
them have picked up some solder, but this 
is irrelevant as long as no unintentional 
short circuits are created. 
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When I’m working on this kind of project, | like to place it (with the vise at- 
tached) on a soft piece of polyurethane foam—the kind of slab that is nor- 
mally used to make a chair cushion. The foam protects the components from 
damage when the board is upside-down, and again helps to prevent the work 
from sliding around unpredictably. 


Step by Step 
Here’s the specific procedure for building this circuit: 


1. Cut the small piece of perfboard out of a sheet that has no copper traces 
on it. You can cut the section using your miniature hobby saw, or you may 
be able to snap the board along its lines of holes, if you're careful. Alter- 
natively, use a small ready-cut piece of perfboard with copper circles on it 
that are not connected to one another. You'll ignore the copper circles in 
this project. (In the next experiment, you'll deal with the additional chal- 
lenge of making connections between components and copper traces on 
perforated board.) 


2. Gather all the components and carefully insert them through holes in the 
board, counting the holes to make sure everything is in the right place. 
Flip the board over and bend the wires from the components to anchor 
them to the board and create connections as shown. If any of the wires 
isn't long enough, you'll have to supplement it with an extra piece of 
22-gauge wire from your supply. You can remove all the insulation, as we'll 
be mounting the perfboard on a piece of insulating plastic. 


3. Trim the wires approximately with your wire cutters. 


4. Make the joints with your pencil soldering iron. Note that in this circuit, 
you are just joining wires to each other. The components are so close to- 
gether that they'll prevent each other from wiggling around too much. If 
you are using board with copper pads (as | did), and some solder connects 
with them, that’s OK—as long as it doesn’t creep across to the neighbor- 
ing component and create a short circuit. 


5. Check each joint using a close-up magnifying glass, and wiggle it with 
pointed-nosed pliers. If there isn’t enough solder for a really secure joint, 
reheat it and add more. If solder has created a connection that shouldn't 
be there, use a utility knife to make two parallel cuts in the solder, and 
scrape away the little section between them. 


Generally, | insert three or four components, trim the wires approximately, sol- 
der them, trim their wires finally, then pause to check the joints and the place- 
ment. If | solder too many components in succession, there's a greater risk of 
missing a bad joint, and if | make an error in placing a component, undoing 
it will be much more problematic if | have already added a whole lot more 
components around it. 


Figures 3-80 and 3-81 show the version of this project that | constructed, be- 
fore | trimmed the board to the minimum size. 
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Flying Wire Segments 


The jaws of your wire cutters exert a powerful force that peaks and then is suddenly 
released when they cut through wire. This force can be translated into sudden mo- 
tion of the snipped wire segment. Some wires are relatively soft, and don't pose a 
risk, but harder wires can fly in unpredictable directions at high speed, and may hit 
you in the eye. The leads of transistors are especially hazardous in this respect. 
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I think it's a good idea to wear safety glasses when trimming wires. 


Finishing the Job 


| always use bright illumination. This is not a luxury; it is a necessity. Buy a 
cheap desk lamp if you don't already have one. | use a daylight-spectrum fluo- 
rescent desk lamp, because it helps me identify the colored bands on resistors 
more reliably. Note that this type of fluorescent lamp emits quite a lot of ultra- 
violet light, which is not good for the lens in your eye. Avoid looking closely 
and directly at the tube in the lamp, and if you wear glasses, they will provide 
additional protection. 


No matter how good your close-up vision is, you need to examine each joint 
with that close-up magnifier. You'll be surprised how imperfect some of them 
are. Hold the magnifier as close as possible to your eye, then pick up the thing 
that you want to examine and bring it closer until it comes into focus. 


Finally, you should end up with a working circuit. You can insert the wires from 
your power supply into two of the tiny power sockets, and plug a red LED into 
the remaining two sockets. Remember that the two center sockets are nega- 
tive, and the two outer sockets are positive, because it was easier to wire the 
circuit this way. You should color-code them to avoid mistakes. 


So now you have a tiny circuit that pulses like a heartbeat. Or does it? If you 
have difficulty making it work, retrace every connection and compare it with the 
schematic. If you don't find an error, apply power to the circuit, attach the black 
lead from your meter to the negative side, and then go around the circuit with 
the red lead, checking the presence of voltage. Every part of this circuit should 
show at least some voltage while it’s working. If you find a dead connection, 
you may have made a bad solder joint, or missed one entirely. 


When you're done, now what? Well, now you can stop being an electronics 
hobbyist and become a crafts hobbyist. You can try to figure out a way to make 
this thing wearable. 


First you have to consider the power supply. Because of the components that | 
used, we really need 9 volts to make this work well. How are you going to make 
this 9-volt circuit wearable, with a bulky 9-volt battery? 


| can think of three answers: 
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you must keep in your parts bin. You could, 
of course, choose any value between 1 kQ 
and 1 MQ. 

23 Following the same procedure, and 
using the same circuit shown in Figure 4.18 , 
work through this example. Assume that you 
are using a 28-volt lamp that draws 560 mA, 
and that B 2 = 10 and fB1 = 100. 


Questions 

Calculate the following: 

A. 1B2 = | 

B, R3 = 

C. ICI s č — 

D. IBI 5s č 

E RIs | 

FF R2 = | 

Answers 

A. 56 mA 

B. 500 ohms 

C. 56 mA 

D. 0.56 mA 

E. 50 kQ 

F. 50 kQ by choice 

The Three-Transistor Switch 
24 The circuit shown in Figure 4.19 uses 


three transistors to switch a load on and off. 
In this circuit, Q 1 is used to turn Q2 ON 
and OFF, and Q2 is used to turn Q3 ON 
and OFF. The calculations are similar to those 
you performed in the last few problems, but 
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1. You can put the battery in a pocket, and mount the flasher on the outside 
of the pocket, with a thin wire penetrating the fabric. Note that the tiny 
power connector on the perforated board will accept two 22-gauge wires 
if they are solid core, or if they are stranded (like the wires from a 9-volt 
battery connector) but have been thinly coated with solder. 


2. You could mount the battery inside the crown of a baseball cap, with the 
flasher on the front. 


3. You can put together three 3-volt button batteries in a stack, held in some 
kind of plastic clip. If you try this option, it may not be a good idea to try 
to solder wire to a battery. You will heat the liquid stuff inside the battery, 
which may not be good for it, and may not be good for you if the liquid 
starts boiling and the battery bursts open. Also, solder doesn't stick easily 
to the metallic finish on most battery terminals. 


Most LEDs create a sharply defined beam of light, which you may want to dif- 
fuse to make it look nicer. One way to do this is to use a piece of transparent 
acrylic plastic, at least 1/4 inch thick, as shown in Figure 3-82. Sandpaper the 
front of the acrylic, ideally using an orbital sander that won't make an obvious 
pattern. Sanding will make the acrylic translucent rather than transparent. 


Drill a hole slightly larger than the LED in the back of the acrylic. Don't drill all 
the way through the plastic. Remove all fragments and dust from the hole by 
blasting some compressed air into it, or by washing it if you don't have an air 
compressor. After the cavity is completely dry, get some transparent silicone 
caulking or mix some clear five-minute epoxy and put a drop in the bottom of 
the hole. Then insert the LED, pushing it in so that it forces the epoxy to ooze 
around it, making a tight seal. See Figure 3-82. 


Figure 3-82. This cross-sectional view shows a sheet of transparent acrylic in which a hole 
has been drilled part of the way from the back toward the front. Because a drill bit creates 
a hole with a conical shape at the bottom, and because the LED has rounded contours, 
transparent epoxy or silicone caulking can be injected into the hole before mounting the 
LED. 


Try illuminating the LED, and sand the acrylic some more if necessary. Finally, 
you can decide whether to mount the circuit on the back of the acrylic, or 
whether you want to run a wire to it elsewhere. 
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Because the LED will flash at about the speed of a human heart while the per- 
son is resting, it may look as if it’s measuring your pulse, especially if you mount 
it on the center of your chest or in a strap around your wrist. If you enjoy hoax- 
ing people, you can suggest that you're in such amazingly good shape, your 
pulse rate remains constant even when you're taking strenuous exercises. 


To make a good-looking enclosure for the circuit, | can think of options rang- 
ing from embedding the whole thing in clear epoxy to finding a Victorian-style 
locket. l'Il leave you to consider alternatives, because this is a book about elec- 
tronics rather than handicrafts. 


However, | will address one final issue: how long will this gadget continue 
flashing? 


If you check the following section “Essentials: Battery life,” you'll find that a reg- 
ular alkaline 9-volt battery should keep the LED flashing for about 50 hours. 


ESSENTIALS 


Battery life 


Any time you finish a circuit that you intend to run from a battery, you'll want 
to calculate the likely battery life. This is easily done, because manufacturers 
rate their batteries according to the “ampere hours” they can deliver. Keep the 
following in mind: 


e The abbreviation for amp-hours is Ah, sometimes printed as AH. Milliampere- 
hours are abbreviated mAh. 


e The rating of a battery in amp-hours is equal to the current, in amps, multi- 
plied by the number of hours that the battery can deliver it. 


Thus, in theory 1 amp-hour can mean 1 amp for 1 hour, or 0.1 amp for 10 hours, 
or 0.01 amp for 100 hours—and so on. In reality, it's not as simple as this, be- 
cause the chemicals inside a battery become depleted more quickly when you 
draw a heavy current, especially if the battery gets hot. You have to stay within 
limits that are appropriate to the size of the battery. 


For instance, if a small battery is rated for 0.5 amp-hours, you can't expect to 
draw 30 amperes from it for 1 minute. But you should be able to get 0.005 amps 
(i.e., 5 milliamps) for 100 hours without any trouble. Remember, though, that 
the voltage delivered by a battery will be greater than its rated voltage when 
the battery is fresh, and will diminish below its rated voltage while the battery is 
delivering power. 


According to some test data that | trust (I think they are a little more realistic 
than the estimates supplied by battery manufacturers), here are some numbers 
for typical batteries: 

Typical 9 volt alkaline battery: 0.3 amp-hours, while delivering 100 mA. 


Typical AA size, 1.5-volt alkaline battery: 2.2 amp-hours, while delivering 
100 mA. 


Rechargeable nickel-metal hydride battery: about twice the endurance of a 
comparably sized alkaline battery. 


Lithium battery: maybe three times the endurance of an alkaline battery. 
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Maddened by measurement 


Throughout most of this book, I’ve mostly used measurements in inches, 
although sometimes I've digressed into the metric system, as when referring to 
“5-mm LEDs.’ This isn't inconsistency on my part; it reflects the conflicted state 
of the electronics industry, where you'll find inches and millimeters both in daily 
use, often in the very same data sheet. 


The United States is the only major nation still using the old system of units 
that originated in England. (The other two holdouts are Liberia and Myanmar, 
according to the CIA's World Factbook.) Still, the United States has led many 
advances in electronics, especially the development of silicon chips, which have 
contacts spaced 1/10 inch apart. These standards became firmly established, 
and show no sign of disappearing. 


To complicate matters further, even in the United States, you can encounter two 
incompatible systems for expressing fractions of an inch. Drill bits, for instance, 
are measured in multiples of 1/64 inch, while metal thicknesses may be mea- 
sured in decimals such as 0.06 inch (which is approximately 1/16 inch). 


The metric system is not necessarily more rational than the U.S. system. Origi- 
nally, when the metric system was formally introduced in 1875, the meter was 
defined as being 1/10,000,000 of the distance between the North Pole and the 
equator, along a line passing through Paris—a quixotic, Francocentric conceit. 
Since then, the meter has been redefined three times, in a series of efforts to 
achieve greater accuracy in scientific applications. 


As for the usefulness of a 10-based system, moving a decimal point is certainly 
simpler than doing calculations in 64ths of an inch, but the only reason we 
count in tens is because we happen to have evolved with that number of digits 
on our hands. A 12-based system would really be more convenient, as numbers 
would be evenly divisible by 2 and 3. 


As we're stuck with the whimsical aspects of length measurement, I've created 
the charts in Figures 3-83 and 3-84 to assist you in going from one system to 
another. From these you will see that when you need to drill a hole for a 5 mm 
LED, a 3/16-inch drill bit is about right. (In fact, it results in a better, tighter fit 
than if you drill an actual 5 mm hole.) 
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Figure 3-83. Because units of measurement are not standardized in electronics, conversion is often necessary. The chart on the right is a 
5x magnification of the bottom section of the chart on the left. 
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Figure 3-84. This chart allows conversion between hundredths of an inch, conventional U. S. fractions of an inch, and fractions expressed 
in thousandths of an inch. 
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Experiment 15: Intrusion Alarm Revisited 


Time now to add some of the enhancements to the intrusion alarm that | dis- 
cussed at the end of Experiment 11. l'm going to show you how the alarm 
can be triggered if you install various detectors on windows and doors in your 
home. I'll also show how the alarm can be wired so that it locks itself on and 
continues to make noise even after a door or window is reclosed. 


This experiment will demonstrate the procedure for transferring a project from 
a breadboard to a piece of perforated board that has copper connections laid 
out identically to the ones inside the breadboard, as shown earlier in Figure 
3-72. And you'll mount the finished circuit in a project box with switches and 
connectors on the front. 


When all is said and done, you'll be ready for wholesale circuit building. The 
explanations in the rest of this book will get gradually briefer, and the pace 
will increase. 


You will need: 
e 15-watt pencil-type soldering iron 
« Thin solder (0.022 inches or similar) 
e Wire strippers and cutters 
e Perforated board etched with copper in a breadboard layout 
e Small vise or clamp to hold your perforated board 
e The same components that you used in Experiment 11, plus: 
- 2N2222 NPN transistor. Quantity: 1. 
- DPDT relay. Quantity: 1. 
- SPDT toggle switch. Quantity: 1. 
- 1N4001 diode. Quantity: 1. 
- Red and green 5mm LEDs. Quantity: 1 each. 
- Project box, 6 x 3 x 2 inches. 
- Power jack, type N, and matching power socket, type N. 
- Binding posts. 
- Stranded 22-gauge wire, three different colors. 
- Magnetic sensor switches, sufficient for your home. 


- Alarm network wiring, sufficient for your home. 
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Figure 3-85. In this simple alarm sensor 
switch, the lower module contains a mag- 
net, which opens and closes a reed switch 
sealed into the upper module. 
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Magnetic Sensor Switches 


A typical alarm sensor switch consists of two modules: the magnetic mod- 
ule and the switch module, as shown in Figures 3-85 and 3-86. The magnetic 
module contains a permanent magnet, and nothing else. The switch module 
contains a “reed switch,’ which makes or breaks a connection (like a contact in- 
side a relay) under the influence of the magnet. When you bring the magnetic 
module close to the switch module, you may faintly hear the reed switch click 
as it flips from one state to the other. 


Like all switches, reed switches can be normally open or normally closed. For 
this project, you want the kind of switch that is normally open, and closes 
when the magnetic module is close to it. 


Attach the magnetic module to the moving part of a door or window, and at- 
tach the switch module to the window frame or door frame. When the window 
or door is closed, the magnetic module is almost touching the switch module. 
The magnet keeps the switch closed until the door or window is opened, at 
which point the switch opens. 


The only question is: how do we use this component to trigger our alarm? As 
long as a small current flows through all our magnetic sensor switches, the 
alarm should be off, but ifthe flow of current stops, the alarm should switch on. 


We could use a relay that is “always on” while the alarm is armed. When the cir- 
cuit is interrupted, the relay relaxes and its other pair of contacts closes, which 
could power up the alarm noisemaker. 


But | don't like this idea. Relays take significant power, and they can get hot. 


Most of them are not designed to be kept “always-on.” I'd prefer to handle the 
task using a transistor. 


Figure 3-88. This cutaway diagram shows a reed switch (bottom) and the magnet that 
activates it (top), inside an alarm sensor. The switch contains two flexible magnetized 
strips, the upper one with ¡ts south pole adjacent to an electrical contact, the lower one 
with ¡ts north pole adjacent to an electrical contact. When the south pole of the magnet 
approaches the switch, the magnetic force (shown as dashed lines) repels the south 
contact and attracts the north contact, causing them to snap together. Two screws on the 
outside of the casing are connected with the strips inside. 
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A Break-to-Make Transistor Circuit 


First, recall how an NPN transistor works. When the base is not sufficiently posi- 
tive, the transistor blocks current between its collector and emitter, but when 
the base is relatively positive, the transistor passes current. 


Take a look at the schematic in Figure 3-87, which is built around our old friend 
the 2N2222 NPN transistor. When the switch is closed, it connects the base of 
the transistor to the negative side of the power supply through a 1K resistor. 
At the same time, the base is connected with the positive side of the power 
supply through a 10K resistor. Because of the difference in resistances and the 
relatively high turn-on voltage for the LED, the base is forced below its turn-on 
threshold, and as a result, the transistor will not pass much current. The LED 
will glow dimly at best. 


Now what happens when the switch is opened? The base of the transistor 
loses its negative power supply and has only its positive power supply. It be- 
comes much more positive, above the turn-on threshold for the transistor, 
which tells the transistor to lower its resistance and pass more current. The LED 
now glows brightly. Thus, when the switch is turned off and breaks the con- 
nection, the LED is turned on. 


This seems to be what we want. Imagine a whole series of switches instead 
of just one switch, as shown in Figure 3-88. The circuit will still work the same 
way, even if the switches are scattered all over your home, because the resis- 
tance in the wires connecting the switches will be trivial compared with the 
resistance of the 1K resistor. 


12V 
DC 


680 


Q1 


Switches 
activated 
by opened 
doors or 
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Figure 3-88. A network of switches, wired in series, can be substituted for the single switch 
in Figure 3-87. Now any one switch will break continuity and trigger the transistor. 
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Figure 3-87. In this demonstration circuit, 
when the switch is opened, it interrupts 
negative voltage to the base of the transis- 
tor, causing the transistor to lower its 
resistance, allowing current to reach the 
LED. Thus, when the switch is turned off, it 
turns on the LED. 
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| have shown the switches open, because that's the way the schematic for a 
switch is drawn, but imagine them all closed. The base of the transistor will 
now be supplied through the long piece of wire connecting all the closed 
switches, and the LED will stay dark. Now if just one switch is opened, or if 
anyone tampers with the wire linking them, the base of the transistor loses its 
connection to negative power, at which point the transistor conducts power 
and the LED lights up. 


While all the switches remain closed, the circuit is drawing very little current— 
probably about 1.1 mA. So you could run it from a typical 12-volt alarm battery. 


Now suppose we swap out the LED and put a relay in there instead, as shown 
in Figure 3-89. | don't mind using a relay in this location, because the relay will 
not be “always on.’ It will normally be off, and will draw power only when the 
alarm is triggered. 
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DC 
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Figure 3-88. If the LED and 6800 resistor shown in are removed, and a relay takes their 
place, the relay will be activated when any switch in the sensor network is opened. 


Try one of the 12-volt relays that you used previously. You should find that 
when you open the switch, the relay is energized. When you close the switch, 
the relay goes back to sleep. Note that | eliminated the 6800 resistor from the 
circuit, because the relay doesn’t need any protection from the 12-volt power 


supply. 
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Self-Locking Relay 


There's only one remaining problem: we want the alarm to continue making 
noise even after someone who has opened a door or window closes it again 
quickly. In other words, when the relay is activated, it must lock itself on. 


One way to do this would be by using a latching relay. The only problem is that 
we would then need another piece of circuitry to unlatch it. | prefer to show 
you how you can make any relay keep itself switched on after it has received 
just one jolt of power. This idea will be useful to you later in the book as well. 


The secret is to supply power to the relay coil through the two contacts inside 
the relay that are normally open. (Note that this is exactly opposite to the relay 
oscillator, which supplied power to its coil through the contacts that were nor- 
mally closed. That setup caused the relay to switch itself off almost as soon as 
it switched itself on. This setup causes the relay to keep itself switched on, as 
soon as it has been activated.) 


In Figure 3-90, the four schematics illustrate this. You can imagine them as be- 
ing like frames in a movie, photographed microseconds apart. In the first pic- 
ture, the switch is open, the relay is not energized, and nothing is happening. 
In the second, the switch has been closed to energize the coil. In the third, the 
coil has pulled the contact inside the relay, so that power now reaches the coil 
via two paths. In the fourth, the switch has been opened, but the relay is still 
powering its own coil through its contacts. It will remain locked in this state 
until the power is disconnected. 


12V 12V 12V 12V 
DC DC DC DC 


Figure 3-80. This sequence of schematics shows the events that occur when a relay is 
energized. Initially, the switch is open. Then the switch is closed, activating the relay. The 
relay then powers itself through its own internal contacts. The relay remains energized 
even after the switch is opened again. Power switched by the relay can be taken from the 
circuit at point A. 


All we need to do, to make use of this idea, is to substitute the transistor for the 
on/off switch, and tap into the circuit at point A, running a wire from there to 
the noisemaking module. 


Figure 3-91 shows how that would work. When the transistor is activated by 
any of the network of sensor switches, as previously explained, the transistor 
conducts power to the relay. The relay locks itself on, and the transistor be- 
comes irrelevant. 
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a few additional steps are required to deal 


with the third transistor. Use the circuit 
diagram in Figure 4.19 to determine the 
answers to the following questions. 

Figure 4.19 


! (Lamp) 


Questions 

Assume that the switch is in position A. 

A. ls Q 1 ON or OFF? 

B. Is Q 2 ON or OFF? 

C. Where is current through R 4 flowing? 


D. Is Q 3 ON or OFF? 


Answers 
A. ON 
B. OFF 
C. Into the base of Q 3 
D. ON 
25 Now use the same circuit as in problem 
24, 


Questions 
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Figure 3-82. This block diagram previously 
shown in Figure 2-112 on page 90 has been 
updated to include the magnetic-switch 
network and locking-relay control system. 
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Figure 3-81. The self-locking relay depicted in has been incorporated in the alarm circuit, 
so that if any switch in the network is opened, the relay will continue to power the noise 
maker even if the switch is closed again. 


Because l've been adding pieces to the original alarm noisemaker circuit, I've 
updated the block diagram from Figure 2-112 to show that we can still break 
this down into modules with simple functions. The revised diagram is shown 
in Figure 3-92. 


Blocking Bad Voltage 


One little problem remains: in the new version of the circuit, if the transistor 
goes off while the relay is still on, current from the relay can flow back up the 
wire to the emitter of the transistor, where it will try to flow backward through 
the transistor to the base, which is “more negative,’ as it is linked through all 
the magnetic switches and the 1K resistor to the negative side of the power 


supply. 


Applying power backward through a transistor is not a nice thing to do. There- 
fore the final schematic in this series shows one more component, which you 
have not seen before: a diode, labeled D1. See Figure 3-93. The diode looks like 
the heart of an LED, and indeed, that’s pretty much what it is, although some 
diodes are much more robust. It allows electricity to flow in only one direction, 
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from positive to negative, as shown by its arrow symbol. If current tries to flow 
in the opposite direction, the diode blocks it. The only price you pay for this 
service is that the diode imposes a small voltage drop on electricity flowing in 
the “OK” direction. 


So now, positive flow can pass from the transistor, through the diode, to the 
relay coil, to get things started. The relay then supplies itself with power, but 
the diode prevents the positive voltage from getting back into the transistor 
the wrong way. 


Perhaps a more elegant solution to the problem is to connect the NO leg of 
the relay via a 10k resistor to the base connection. When the relay is not ener- 
gized, the NO leg is inert and simply behaves as a parasitic capacitance on the 
node. When the relay becomes energized, the NO leg shunts +12V through 
the common terminal via a 10k resistor into the base of the transistor. In this 
circuit configuration, the transistor is never exposed to a potentially harmful 
voltage and you are not depending on leakage currents of non-ideal elements 
to protect devices. 


However, | needed an opportunity to introduce you to the concept of diodes. 
You can check the following section “Essentials: All about diodes” to learn 
more. 
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Figure 3-83. Diode D1 has been added to protect the emitter of Q1 from positive voltage 
when the relay is energized. 
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All about diodes 


A diode is a very early type of semiconductor. It allows electricity to flow in one 
direction, but blocks it in the opposite direction. (A light-emitting diode is a 
much more recent invention.) Like an LED, a diode can be damaged by revers- 
ing the voltage and applying excessive power, but most diodes generally have 
a much greater tolerance for this than LEDs. The end of the diode that blocks 
positive voltage is always marked, usually with a circular band, while the other 
end remains unmarked. Diodes are especially useful in logic circuits, and can 
also convert alternating current (AC) into direct current (DC). 


A Zener diode is a special type that we won't be using in this book. It blocks cur- 
rent completely in one direction, and also blocks it in the other direction until a 
threshold voltage is reached—much like a PUT. 


Signal diodes are available for various different voltages and wattages. The 
1N4001 diode that | recommend for the alarm activation circuit is capable of 
handling a much greater load at a much higher voltage, but | used it because it 
has a low internal resistance. | wanted the diode to impose a minimal voltage 
drop, so that the relay would receive as much voltage as possible. 


It's good practice to use diodes at less than their rated capacity. Like any semi- 
conductor, they can overheat and burn out if they are subjected to mistreatment. 


The schematic symbol for a diode has only one significant variant: sometimes 
the triangle is outlined instead of filled solid black (see Figure 3-94). 


Figure 3-34. Either of these schematic symbols may be used to represent a diode, 
but the one on the right is more common than the one on the left. 
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Completing the Breadboard Alarm Circuit 


It's time now to breadboard the control circuit for your alarm noisemaker. Fig- 
ure 3-95 shows how this can be done. | am assuming that you still have the 
noisemaker, which functions as before. l'm assuming that you still have its rel- 
evant components mounted on the top half of the breadboard. To save space, 
lm just going to show the additional components mounted on the bottom 
half of the same breadboard. 


It's important to remember that you are not supplying power directly to the 
left and right “rails” on the breadboard anymore; you are supplying power to 
the relay-transistor section, and when the relay closes its contacts, the relay 
supplies power to the rails. These then feed the power up to the top half of the 
breadboard. So disconnect your power supply from the breadboard rails and 
reconnect it as shown in Figure 3-95. 
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Figure 3-85. The schematic that was developed in the previous pages can be emulated 
with components on a breadboard, as shown here. S1 is a DPDT relay. Wires to the sensor 
switch network and to the power supply must be added where shown. 


Because it's a double-pole relay, | am using it to switch negative as well as 
positive. This means that when the relay contacts are open, the noisemaking 
section of the circuit is completely isolated from the rest of the world. 
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The breadboarded relay circuit is exactly the same as the schematic in Figure 
3-93. The components have just been rearranged and squeezed together so 
that they will fit alongside the relay. Two wires at the lower-left corner go to 
the network of magnetic sensor switches that will trip the alarm; for testing 
purposes, you can just hold the stripped ends of these two wires together to 
simulate all the switches being closed, and separate the wires to simulate a 
switch opening. 


Two more wires bring power to the breadboard on either side of the relay. This 
is where you should connect your power supply during testing. The output 
from the relay, through its top pair of contacts, is connected with the rails of 
the breadboard by a little jumper wire at top left, and another at top right. 
Don't forget to include them! One more little wire at the lower-left corner (eas- 
ily overlooked) connects the lefthand side rail to the lefthand coil terminal of 
the relay, so that when the relay is powering the noisemaker circuit, it powers 
itself as well. 


When you mount the diode, remember that the end of it that is marked with a 
band around it is the end that blocks positive current. In this circuit, that's the 
lower end of the diode. 


Try it to make sure that it works. Short the sensor wires together and then ap- 
ply power. The alarm should remain silent. You can use your meter to check 
that no voltage exists between the side rails. Now separate the sensor wires, 
and the relay should click, supplying power to the side rails, which activates 
the noisemaker. Even if you bring the sensor wires back together, the relay 
should remain locked on. The only way to unlock it is to disconnect the power 


supply. 


When the circuit is active, the transistor followed by the diode drops the volt- 
age slightly, but the 12-volt relay should still work. 


In my test circuit, trying three different relays, they drew between 27 and 40 
milliamps at 9.6 volts. Some current still leaked through the transistor when it 
was in its “off” mode, but only a couple of milliamps at 0.5 volts. This low volt- 
age was far below the threshold required to trip the relay. 


Ready for Perfboarding 


If the circuit works, the next step is to immortalize it on perforated board. 
Use the type of board that has a breadboard contact pattern etched on it 
in copper, as shown in Figure 3-72 on page 116. Check the following section, 
“Essentials: Perfboard procedure,’ for guidance on the best way to make this 
particular kind of solder joint—and the subsequent section for the most com- 
mon problems. 
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Perfboard soldering procedure 


Carefully note the position of a component on your bread- 
board, and then move it to the same relative position on the 
perfboard, poking its wires through the little holes. 


Turn the perfboard upside down, make sure that it's stable, 
and examine the hole where the wire is poking through, as 
shown in Figure 3-96. A copper trace surrounds this hole 
and links it with others. Your task is to melt solder so that 

it sticks to the copper and also to the wire, forming a solid, 
reliable connection between the two of them. 


Take your pencil-style soldering iron in one hand and some 
solder in your other hand. Hold the tip of the iron against 
the wire and the copper, and feed some thin solder to their 
intersection. After two to four seconds, the solder should 
start flowing. 


Figure 3-88. To establish a connection between a section of wire 
and a copper trace on perforated board, the wire is pushed 
through the hole, and solder (shown in pure white for illustra- 
tive purposes) completes the connection. The wire can then be 
snipped short. 
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Allow enough solder to form a rounded bump sealing the 
wire and the copper, as shown in Figure 3-97. Wait for the 
solder to harden thoroughly, and then grab the wire with 
pointed-nosed pliers and wiggle it to make sure you have 
a strong connection. If all is well, snip the protruding wire 
with your cutters. See Figure 3-98. 


Because solder joints are difficult to photograph, I’m using 
drawings to show the wire before and after making a rea- 
sonably good joint, which is shown in pure white, outlined 
with a black line. 


Actual soldered perfboard is shown in the photographs in 
Figures 3-99 and 3-100. 


Figure 3-88. This photograph was taken during the process 
of transferring components from breadboard to perforated 
board. Two or three components at a time are inserted from 
the other side of the board, and their leads are bent over to 
prevent them from falling out. 


Figure 3-100. After soldering, the leads are snipped short and 
the joints are inspected under a magnifying glass. Another two 
or three components can now be inserted, and the process can 
be repeated. 
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Four most common perfboarding errors 


1. Too much solder 
Before you know it, solder creeps across the board, 
touches the next copper trace, and sticks to it, as de- 
picted in Figure 3-101. When this happens, you have to 
wait for it to cool, and then cut it with a utility knife. You 
can also try to remove it with a rubber bulb and solder 
wick, but some of it will tend to remain. 


Even a microscopic trace of solder is enough to create 
a short circuit. Check the wiring under a magnifying 
glass while turning the perfboard so that the light 
strikes it from different angles (or use your solder wick 
to suck it away). 


Figure 3-102. Too little solder (or insufficient heat) can allow 
a soldered wire to remain separate from the soldered copper 
on the perforated board. Even a hair-thin gap is sufficient to 
prevent an electrical connection. 


3. Components incorrectly placed 
It's very easy to put a component one hole away from 
the position where it should be. It's also easy to forget 
to make a connection. 


| suggest that you print a copy of the schematic, and 
each time you make a connection on the perforated 
board, you eliminate that wire on your hardcopy, using 
a highlighter. 


Figure 3-101. If too much solder is used, it makes a mess and 4. Debris 


can create an unwanted connection with another conductor. When you're trimming wires, the little fragments that 


you cut don't disappear. They start to clutter your work 
area, and one of them can easily get trapped under 
your perforated board, creating an electrical connec- 
tion where you don't want it. 


2. Not enough solder 
If the joint is thin, the wire can break free from the 
solder as it cools. Even a microscopic crack is sufficient 
to stop the circuit from working. In extreme cases, the 


solder sticks to the wire, and sticks to the copper trace This is another reason for working with something soft, 

around the wire, yet doesn’t make a solid bridge con- such as polyurethane foam, under your project. It tends 

necting the two, leaving the wire encircled by solder to absorb or hold little pieces of debris, reducing the 

yet untouched by it, as shown in Figure 3-102. You risk of you picking them up in your wiring. 

may find this undetectable unless you observe it with Clean the underside of your board with an old (dry) 

magnification. toothbrush before you apply power to it, and keep your 

You can add more solder to any joint that may have work area as neat as possible. The more meticulous you 

insufficient solder, but be sure to reheat the joint are, the fewer problems you'll have later. 

thoroughly. Once again, be sure to check every joint with a magni- 
fying glass. 
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Transferring components from the breadboard to the perforated board should 
be fairly simple, as long as you don't try to move too many at once. Follow the 
suggestions described in previous section “Essentials: Perfboard procedure,’ 
and pause frequently to check your connections. Impatience is almost always 


the cause of errors in this kind of work. 


Figure 3-103 shows the noisemaker section of the circuit on perfboard, with 
the components positioned to minimize wasted space. Figure 3-104 shows 
the perfboard with the relay and its associated components added. The two 
black wires will go to the loudspeaker, the black-and-red pair of wires will 
bring power to the board, and the green wires will go to the magnetic sensor 
switches. Each wire penetrates the board, and its stripped end is soldered to 
the copper beneath. 


Test it now, in the same way that you tested the same circuit on the bread- 
board. If it doesn't work, check the following section, “Essentials: Real-world 
fault tracing.” If it does work, you're ready to trim the board and mount it in a 
project box. 


ESSENTIALS 


Real-world fault tracing 


Here's a real-life description of the procedure for tracing a fault. 


After | assembled the perfboard version of the combined noisemaker and relay 
circuit, | checked my work, applied power—and although the relay clicked, no 
sound came out of the loudspeaker. Of course, everything had worked fine on 
the breadboard. 


First | looked at component placement, because this is the easiest thing to 
verify. | found no errors. Then | flexed the board gently while applying power— 
and the loudspeaker made a brief “beep.” Any time this happens, you can be 
virtually certain that a solder joint has a tiny crack in it. 


The next step was to anchor the black lead of my meter to the negative side 

of the power supply, and then switch on the power and go through the circuit 
point by point, from top to bottom, checking the voltage at each point with the 
red lead of the meter. In a simple circuit like this, every part should show at least 
some voltage. 


But when | got to the second 2N2222 transistor, which powers the loudspeaker, 
its output was completely dead. Either | had melted the transistor while solder- 
ing it (unlikely), or there was a bad joint. | checked the perfboard beneath the 
transistor with the magnifying glass, and found that solder had flowed around 
one of the leads of the transistor without actually sticking to it. The gap must 
have been less than one-thousandth of an inch, but still, that was enough. 
Probably, the problem had been caused by dirt or grease. 


This is the kind of patient inquiry you need to follow when a circuit doesn't 
work. Check whether your components are placed correctly, check your power 
supply, check the power on the board, check the voltage at each stage, and if 
you are persistent, you'll find the fault. 
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Figure 3-103. The noisemaker circuit has 
been transplanted from breadboard to 
perforated board, with no additions or 
changes. 


Figure 3-104. The relay-transistor control 
circuit has been added. Wires to external 
devices have been stripped and poked 
into the perforated board, where they are 
soldered in place. The green wires connect 
with the sensor network, the black wires 
go to the loudspeaker, and the red-and- 
black wires supply power. 
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Figure 3-105. The final block diagram for 
this phase of the project shows where user 
controls fit in the series of functions. 
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Switches and Inputs for the Alarm 


Now you need to make the system easy to use. The block diagram in Figure 
3-105 shows one additional box near the top of the sequence: User Controls. 
These will consist of switches, LEDs, and connections to the outside world. To 
plan this part of the job, first | have to summarize the way in which our alarm 
system works at this point in its evolution. 


A full-featured home alarm system normally has two modes: in-home and 
away-from-home: 


e Using the in-home mode, you switch on the alarm while you are at home 
so that it will alert you if an intruder opens a door or window. 


e Using the away-from-home mode, typically you enter a code number, af- 
ter which you have 30 seconds to leave and close the door behind you. 
When you return, you trigger the alarm by opening the door, but now you 
have 30 seconds to go to the control panel and enter your code number 
again to stop the alarm from sounding. 


So far, the alarm system that you've been building has only an in-home mode. 
Still, many people find this function useful and reassuring. Later in the book I'll 
suggest a way in which you can modify it to incorporate an away-from-home 
mode, but for now, making it practical for in-home use is enough of a challenge. 


Consider how it should be used on an everyday basis. It should have an on/ 
off switch, naturally. When it's on, any of the magnetic sensor switches should 
trigger the alarm. But what if you switch it on without realizing that you've left 
a window open? At that time it won't be appropriate for the alarm to sound. 
What you really need is a circuit-test feature, to tell you if all the doors and 
windows are closed. Then you can switch on the alarm. 


| think a pushbutton would be useful to test the alarm circuit. When you press it, 
a green LED should light up to indicate that the circuit is good. After you see the 
green light, you let go of the pushbutton and turn on the power switch, which 
illuminates a red LED, to remind you that the alarm is now armed and ready. 


One additional feature would be useful: an alarm noisemaker test feature, so 
that you can be sure that the system is capable of sounding its alert when 
required to do so. 


The circuit shown in Figure 3-106 incorporates all of these features. S1 is a 
SPDT switch; S2 is a DPDT momentary pushbutton of ON-(ON) type. The sche- 
matic shows it in its “relaxed” mode, when the button is not being pressed. 


D1 is a red LED, D2 is a green LED, J1 is a power input jack (to be connected 
with an external 12-volt supply), and R1 is a 6800 resistor to protect the LEDs. 
Note that J1 follows the usual practice of supplying positive voltage in its cen- 
ter contact, and negative in the circular shell around the center. 
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When S1 is in its Off position, it still supplies positive power through its up- 
per contact to S2, the pushbutton. When the pushbutton is pressed, so that it 
goes into its “Test” position, the pole of S2 connects with the power and sends 
it out through the sensor switches on doors and windows. The wires to these 
switches will be attached via a couple of binding posts, shown here as two 
circles. If the sensor switches are all closed, power returns through the second 
binding post, passes through the lower set of contacts in S2, and lights D2, the 
green LED. Because S1 is not supplying power to the alarm circuit board, the 
alarm does not sound at this time. 


S1 


To Circuit 
Board 
Relay 
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(green 
wires) 


l To/From 
! Sensor 
i Switches 


Red Black 
To Circuit Board Power Input 


Figure 3-108. This schematic suggests a convenient way to add an on/off switch, a conti- 
nuity testing feature, and a noisemaker testing feature to the alarm. 


Now if S1 is turned to its On position, it sends power to the components on 
the perforated board. The transistor circuit sends power out along the green 
wires to S2, and as long as the button is not being pressed, the power goes out 
through the switch network and back through S2, to the transistor, keeping its 
base relatively negative. So the alarm remains silent. But as soon as a sensor 
switch is opened, the circuit is broken and the alarm sounds. The only way to 
stop it will be by switching S1 into its Off position. 


Finally, if you press S2, the pushbutton, while S1 is in its On mode, you inter- 
rupt the network of switches and activate the noisemaker. In this way, S2 does 
dual duty: when S1 is off, pushbutton S2 tests the sensor switches for continu- 
ity. When S1 is on, S2 tests the noisemaker to make sure it creates a noise. | 
think this is the simplest possible way to implement these features. 
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Assume that the switch is in position B. 

A. ls Q 1 ON or OFF? 

B. Is Q 2 ON or OFF? | 

C. Where is the current through R 4 flowing? 


Is Q 3 ON or OFF? | 
E. Which switch position turns on the lamp? 
F. How do the ON/OFF positions for the 
switch in the three-transistor switch differ from 
the ON/OFF positions for the switch in the 
two-transistor switch circuit? 


Answers 

A. OFF. 

B. ON. 

C. Through Q 2 to ground. 

D. OFF. 

E. Position A. 

F. The positions are opposite. Therefore, f a 
circuit controls lamps with two transistors and 
another circuit controls lamps with three 
transistors, flipping the switch that controls 


both circuits would change which lamps (or 
which other loads) are on. 

26 Work through this example using the 
same equations you used for the 
two-transistor switch in problem 22. The steps 
are similar but with a few added steps, as 
Shown here: 

1. Find the load current. This is often given. 
2. Determine the current gain of Q 3. This is 
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Figure 3-107. A printed layout for the 
switches, LEDs, and other components 
has been taped to the underside of the 
lid of the project box. An awl is pressed 
through the paper to mark the center of 
each hole to be drilled in the lid. 


Figure 3-108. The exterior of the panel after 
drilling. A small handheld cordless drill 
can create a neat result if the holes were 
marked carefully. 


142 


Installing the Switches 


If you bought a project box from RadioShack, it may have come with two op- 
tional top panels: one made of metal, the other made of plastic. l'Il assume that 
you'll use the plastic one, as you'll have more trouble drilling holes in metal. 
The type of plastic used by RadioShack is ABS, which is very easy to shape with 
the tools that | have recommended. 


You have to choose a layout for the switches and other components that will 
share the top panel of the project box. | like a layout to be neat, so | take the 
trouble to draw it using illustration software, but a full-size pencil sketch is 
almost as good. Just make sure there’s room for the components to fit to- 
gether, and try to place them similarly to the schematic, to minimize the risk 
of confusion. 


Tape your sketch to the inside of the top panel, as shown in Figure 3-107, and 
then use a sharp pointed tool, such as a pick, to press through and mark the 
plastic at the center of each hole. The indentations will help to center your bit 
when you drill the holes. Remember that you'll need to make multiple holes to 
vent the sound from the loudspeaker, which will be beneath the top panel of 
the box. The result is shown in Figure 3-108. 


| placed all the components on the top panel, with the exception of the power 
input jack, which | positioned at one end of the box. Naturally, each hole has to 
be sized to fit its component, and if you have calipers, they'll be very useful for 
taking measurements and selecting the right drill bit. Otherwise, make your 
best guess, too small being better than too large. A deburring tool is ideal for 
slightly enlarging a hole so that a component fits snugly. This may be neces- 
sary if you drill 3/16-inch holes for your 5-inch mm LEDs. Fractionally enlarge 
each hole, and the LEDs should push in very snugly. 


If your loudspeaker lacks mounting holes, you'll have to glue it in place. | used 
five-minute epoxy to do this. Be careful not to use too much. You don't want 
any of the glue to touch the speaker cone. 


Drilling large holes in the thin, soft plastic of a project box can be a problem. 
The drill bit tends to dig in and create a mess. You can approach this problem 
in one of three ways: 


1. Use a Forstner drill bit if you have one. It creates a very clean hole. 
2. Drill a series of holes of increasing size. 
3. Drill a smaller hole than you need, and enlarge it with a deburring tool. 


Regardless of which approach you use, you'll need to clamp or hold the top 
panel of the project box with its outside surface face-down on a piece of scrap 
wood. Then drill from the inside, so that your bit will pass through the plastic 
and into the wood. 


Finally, mount the components in the panel, as shown in Figure 3-109, and 
turn your attention to the underneath part of the box. 
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The circuit board will sit on the bottom, held in place with four #4-size ma- 
chine screws (bolts) with washers and nylon-insert locknuts. You need to use 
locknuts to eliminate the risk of a nut working loose and falling among com- 
ponents where it can cause a short circuit. 


You'll have to cut the perfboard to fit, taking care not to damage any of the 
components on it. Also check the underside the board for loose fragments of 
copper traces after you finish cutting. 


Drill bolt holes in the board, if necessary, taking care again not to damage any 
components. Then mark through the holes to the plastic bottom of the box, 
and drill the box. Countersink the holes (i.e., bevel the edges of a hole so that 
a flat-headed screw will fit into it flush with the surrounding surface), push 
the little bolts up from underneath, and install the circuit board. Be extremely 
careful not to attach the circuit board too tightly to the project box. This can 
impose bending stresses, which may break a joint or a copper trace on the 
board. 


| like to include a soft piece of plastic under the board to absorb any stresses. 
Because you're using locknuts, which will not loosen, there's no need to make 
them especially tight. 


Test the circuit again after mounting the circuit board, just in case. 


Soldering the Switches 


Figure 3-110 shows how the physical switches should be wired together. Re- 
member that S1 is a toggle switch and $2 is a DPDT pushbutton. Your first step 
is to decide which way up they should be. Use your meter to find out which 
terminals are connected when the switch is flipped, and when the button is 
pressed. You'll probably want the switch to be on when the toggle is flipped 
upward. Be especially careful with the orientation of the pushbutton, because 
if you wire it upside-down, it will constantly have the alarm in “test” mode, 
which is not what you want. 


Remember, the center terminal of any double-throw switch is almost always 
the pole of the switch, connecting with the terminals immediately above it 
and below it. 


Stranded wire is appropriate to connect the circuit board with the compo- 
nents in the top panel, because the strands flex easily and impose less stress 
on solder joints. Twisting each pair of wires together helps to minimize the 
mess. 


Remember to install the LEDs with their short, negative wires connected with 
the resistor. This will entail some wire-to-wire soldering. You may want to pro- 
tect some of these bare leads and joints with thin heat-shrink tubing, to mini- 
mize the risk of short circuits when you push all the parts into the box. 


When you connect wires or components with the lugs on the switches, your 
pencil-style soldering iron probably won't deliver enough heat to make good 
joints. You can use your higher-powered soldering iron in these locations, but 
you absolutely must apply a good heat sink to protect the LEDs when you 


Getting Somewhat More Serious 


Experiment 15: Intrusion Alarm Revisited 


Figure 3-108. Components have been 
added to the control panel of the project 
box (seen from the underside). The loud- 
speaker has been glued in place. Spare 
glue was dabbed onto the LEDs, just in 
case. The SPDT on/off switch is at the top 
right, the DPDT pushbutton ts at top left, 
and the binding posts, which will con- 
nect with the network of magnetic sensor 
switches, are at the bottom. 
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Experiment 15: Intrusion Alarm Revisited 


attach them, and don't allow the iron to remain in contact with anything for 
more than 10 seconds. It will quickly melt insulation, and may even damage 
the internal parts of the switches. 


In projects that are more complex than this one, it would be good practice 
to link the top panel with the circuit board more neatly. Multicolored ribbon 
cable is ideal for this purpose, with plug-and-socket connectors that attach to 
the board. For this introductory project, | didn’t bother. The wires just straggle 
around, as shown in Figure 3-111. 


Normally Closed 


To Circuit 
Board 


|__| 

L 

NS 
Normally Open 


(push to 


Power to 
Circuit 
Board 
J $ (0) 
To/From 
Sensor Power In 
Switches 12V DC 


Figure 3-110. The components can be wired together like this to 
replicate the circuit shown in The red and green circles are LEDs. 
Small, solid black circles indicate wire-to-wire solder joints. 
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Figure 3-111. The circuit board has been installed in the 

base of the project box, and the power input jack has been 
screwed into the end of the box. Twisted wire-pairs have 
been connected on a point-to-point basis, without much 
concern over neatness, as this is a relatively small project. 
The white insulation at the top-right corner of the front 
panel is heat-shrink tube that encloses a solder joint and the 
6800 load resistor. Soldering wires to the pushbutton switch 
requires care and precision, as the contacts are closely 
spaced. 


Final Test 


When you've completed the circuit, test it! If you don't have your network of 
magnetic sensor switches set up yet, you can just use a piece of wire to con- 
nect the two binding posts. Make sure that S1 is in its Off position, then solder 
the appropriate plug to your 12-volt power source, and plug it into the power 
jack. When you press the button, the green LED should light up to show con- 
tinuity between the two binding posts. Now disconnect the wire between the 
binding posts, press the button again, and the green LED should remain dark. 


Reconnect the binding posts, flip S1 to its On position, and the red LED should 
light up. Press the button, and the alarm should start. Reset it by turning S1 
off and then on again; then disconnect the wire between the binding posts. 
Again, the alarm should start, and it should continue even if you reconnect 
the wire. 


If everything works the way it should, it's time to screw the top of the box in 
place, pushing the wires inside. Because you're using a large box, you should 
have no risk of metal parts touching each other accidentally, but still, proceed 
carefully. 


Alarm Installation 


Before you install your magnetic sensor switches, you should test each one by 
moving the magnetic module near the switch module and then away from it, 
while you use your meter to test continuity between the switch terminals. The 
switch should close when it's next to the magnet, and open when the magnet 
is removed. 


Now draw a sketch of how you'll wire your switches together. Always remem- 
ber that they have to be in series, not in parallel! Figure 3-112 shows the con- 
cept in theory. The two terminals are the binding posts on top of your control 
box (which is shown in green), and the dark red rectangles are the magnetic 
sensor switches on windows and doors. Because the wire for this kind of instal- 
lation usually has two conductors, you can lay it as I’ve indicated but cut and 
solder it to create branches. The solder joints are shown as orange dots. Note 
how current flows through all the switches in series before it gets back to the 
control box. 


Figure 3-113 shows the same network as you might actually install it in a situ- 
ation where you have two windows and a door. The blue rectangles are the 
magnetic modules that activate the switch modules. 


You'll need a large quantity of wire, obviously. The type of white, stranded 
wire that is sold for doorbells or furnace thermostats is good. Typically, it is 
20-gauge or larger. 


After you install all the switches, clip your meter leads to the wires that would 
normally attach to the alarm box. Set your meter to test continuity, and open 
each window or door, one at a time, to check whether you're breaking the 
continuity. If everything is OK, attach the alarm wires to the binding posts on 
your project box. 


Getting Somewhat More Serious 


Experiment 15: Intrusion Alarm Revisited 


Figure 3-112. Dual-conductor, white 
insulated wire can be used to connect the 
terminals on the alarm contro! box with 
magnetic sensors (shown in dark red). 
Because the sensors must be in series, the 
wire is cut and joined at positions marked 
with orange dots. 
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Figure 3-113. In an installation involving two 
windows and a door, the magnetic com- 
ponents of the sensors (blue rectangles) 
could be placed as shown, while the 
switches (dark red) are located alongside 
them. 


145 


Experiment 15: Intrusion Alarm Revisited 


Figure 3-114. The intrusion alarm com- 
pleted and in its project box. 
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Now deal with the power supply. Use your AC adapter, set to 12 volts, hooked 
up to your type N power plug, or attach the power plug to a 12-volt alarm 
battery. 


If you use a battery, be especially careful that the wire leading to the center 
terminal of your power plug is positive! A 12-volt battery can deliver substan- 
tial current, which can fry your components if you connect it the wrong way 
around. It would be a shame to destroy your entire project at the very last step. 


The only remaining task is to label the switch, button, power socket, and bind- 
ing posts on the alarm box. You know that the switch turns the power on and 
off, and the button tests the circuit and the noisemaker, but no one else knows, 
and you might want to allow a guest to use your alarm while you're away. For 
that matter, months or years from now, you may forget some details. Will you 
remember that the power source for this unit should be 12 volts? 


Labeling really is a good idea. But as you can see in Figure 3-114, | haven't quite 
gotten around to it for the box that | built. 


Conclusion 


The alarm project has taken you through the basic steps that you will usually 
follow any time you develop something: 


1. Draw a schematic and make sure that you understand it. 

Modify it to fit the pattern of conductors on a breadboard. 

Install components on the breadboard and test the basic functions. 
Modify or enhance the circuit, and retest. 


Transfer to perforated board, test, and trace faults if necessary. 
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Add switches, buttons, power jack, and plugs or sockets to connect the 
circuit with the outside world. 


7. Mount everything in a box (and add labeling). 


While going through this sequence, | hope you've learned the basics of elec- 
tricity, along with some simple electrical theory, and fundamentals about 
electronic components. This knowledge should enable you to move on to the 
much more powerful realm of integrated circuit—which I'll cover in Chapter 4. 


Chapter 3 


Before | get into the fascinating topic of integrated circuit (IC) chips, | have to 
make a confession: some of the things | asked you to do in Chapter 3 could 
have been done a bit more simply. Does this mean you have been wasting 
your time? No, | firmly believe that by building circuits with old-fashioned 
components—capacitors, resistors, and transistors—you acquire the best 
possible understanding of the principles of electronics. Still, you are going to 
find that integrated circuit chips, containing dozens, hundreds, or even thou- 
sands of transistor junctions, will enable some shortcuts. 
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Tools 


The only new tool that | recommend using in conjunction with chips is a logic 
probe. This tells you whether a single pin on a chip has a high or low voltage, 
which can be helpful in figuring out what your circuit is doing. The probe has 
a memory function so that it will light its LED, and keep it lit, in response to a 
pulse that may have been too quick for the eye to see. 


Search online and buy the cheapest logic probe you can find. | don't have any 
specific brand recommendations. The one shown in Figure 4-1 is fairly typical. 


Supplies 


Integrated circuit chips 
If you buy everything on this shopping list, and you bought basic parts 
such as resistors and capacitors that were listed previously, you should 
have everything you need for all the projects in this chapter. 


As chips are quite cheap (currently around 50 cents apiece), | suggest you 
buy extras. This way, if you damage one, you'll have some in reserve. You'll 
also have a stock for future projects. 


Please read the next section, “Fundamentals: Choosing chips,” before you 
begin chip-shopping. Chips should be easily obtainable from all the major 
electronics retail suppliers, and sometimes are found on eBay shops. Look 
in the appendix for a complete list of URLs. 


IN THIS CHAPTER 
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Experiment 16: Emitting a Pulse 
Experiment 17: Set Your Tone 
Experiment 18: Reaction Timer 
Experiment 19: Learning Logic 
Experiment 20: A Powerful Combination 
Experiment 21: Race to Place 
Experiment 22: Flipping and Bouncing 
Experiment 23: Nice Dice 


Experiment 24: Intrusion Alarm 
Completed 


Figure 4-1. A logic probe detects the high or 
low voltage on each pin of a chip, and re- 

veals pulses that may occur too quickly for 
you to perceive them with the unaided eye. 
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Choosing chips 


Figure 4-2 shows what is often referred to as an integrated 
circuit (IC). The circuit is actually etched onto a tiny wafer or 
“chip” of silicon, embedded in a black plastic body, which is 
properly referred to as the “package”. Tiny wires inside the 
package link the circuit with the two rows of pins on either 
side. Throughout this book, | will use the word “chip” to refer 
to the whole object, including its pins, as this is the most 
common usage. 


Figure 4-2. An integrated circuit chip in Plastic Dual-Inline Pin 
package, abbreviated PDIP or, more often, DIP 


The pins are mounted at intervals of 1/10 inch in two rows 
spaced 3/10 inch apart. This format is known as a Plastic 
Dual Inline Package, abbreviated PDIP, or, more often, just 
DIP. The chip in the photograph has four pins in each row; 
others may have many more. The first thing you need to 
know, when shopping for chips, is that you'll only be using 
the DIP package. This book will not be featuring the more 
modern type, known as “surface-mount,” because they're 
much smaller, more difficult to handle, and require special 
tools that are relatively expensive. Figure 4-3 shows a size 
comparison between a 14-pin DIP package and a 14-pin 
surface-mount package. Many surface-mount chips are 
even smaller than the one shown. 


Just about every chip has a part number printed on it. In 
Figure 4-2, the part number is KA555. In Figure 4-3, the DIP 
chip's part number is M74HC00B1, and the surface-mount 
chip is a 74LVCO7AD. You can ignore the second line of 
numbers and/or letters on each chip, as they are not part of 
the part number. 


Notice in Figure 4-3 that even though the chips look quite 
different from each other, they both have “74” in their part 
numbers. This is because both of them are members of the 
“7400” family of logic chips, which originally had part numbers 
from 7400 and upward (7400, 7401, 7402, 7403, and so on). 
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FUNDAMENTALS 


Often they are now referred to as”74xx" chips, where “xx” 
includes all the members of the family. l'Il be using this fam- 
ily a lot, so you need to know how to buy them. l'Il give you 
some advice on that without going into details yet about 
what the chips actually do. 


Figure 4-3. The DIP chip, at the rear, has pins spaced 1/10 
inch apart, suitable for insertion in a breadboard or perfo- 
rated board. It can be soldered without special tools. The 
small-outline integrated circuit (SOIC) surface-mount chip 
(foreground) has solder tabs spaced at 1/20 inch. Other 
surface-mount chips have pins spaced at 1/40 inch or even 
less (these dimensions are often expressed in millimeters). 
Surface-mount chips are designed primarily for automated 
assembly and are difficult to work with manually. In this photo, 
the yellow lines are 1 inch apart to give you an idea of the scale. 


Take a look at Figure 4-4, which shows how to interpret a 
typical part number in a 74xx family member. The initial 
letters identify the manufacturer (which you can ignore, 

as it really makes no difference for our purposes). Skip the 
letters until you get to the “74.” After that, you find two more 
letters, which are important. The 74xx family has evolved 
through many generations, and the letter(s) inserted after 
the “74” tell you which generation you're dealing with. Some 
generations have included: 


e 74L 

e 74LS 

e 74C 

e 74HC 

e 74AHC 
And there are more. Generally speaking, subsequent gen- 
erations tend to be faster or more versatile than previous 


generations. In this book, for reasons l'Il explain later, we are 
mostly using the HC generation. 
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FUNDAMENTALS 


Choosing chips (continued) 


After the letters identifying the generation, you'll find two (sometimes more) 
numerals. These identify the specific function of the chip. You can ignore any 
remaining letters and numerals. Looking back at Figure 4-3, the DIP chip part 
number, M74HC00B 1 tells you that it is a chip in the 74xx family, HC generation, 
with its function identified by numerals 00. The surface-mount chip number, 
74LVCO7AD, tells you that it is in the 74xx family, LVC generation, with function 
identified by numerals 07. For convenience we could refer to the first chip as a 
“74HC00” and the second chip as a“74HCO7” because, regardless of their differ- 
ent manufacturers and package sizes, the fundamental behavior of the circuit 
inside remains the same. 


The purpose of this long explanation is to enable you to interpret catalog list- 
ings when you go chip shopping. You can search for“74HC00” and the online 
vendors are usually smart enough to show you appropriate chips from multiple 
manufacturers, even though there are letters preceding and following the term 
that you're searched for. 


Suppose a circuit requires a 74HC04 chip. If you search for “74HC04” on the 
website of a parts supplier, you may find versions such as the CD74HC04M96 by 
Texas Instruments, the 74HCO4N by NXP Semiconductors, or MM74HCOAN by 
Fairchild Semiconductor. Because they all have “74HC04”in the middle, any of 
them will work. 


Just be careful that you buy the larger DIP-style package, not the surface-mount 
package. If the part number has an “N” on the end, you can be sure that it's a DIP 
package. If there is no “N” on the end, it may or may not be a DIP package, and 
you will have to check a photo or additional description to make sure. If the part 
number begins with SS, SO, or TSS, it’s absolutely definitely surface-mount, and 
you don't want it. Many catalogs show photographs of the chips to assist you in 
buying the right package style. 


Type of chip 
7400 NAND gate 


Sane oon 


Manufacturer eal of chip Package format 
Texas Instruments High Speed CMOS Dual in-line pin 


Figure 4-4. Look for the chip family (74xx, in this case) with the correct generation 
(HC, in this case) embedded in the number. Make sure you buy the DIP version, not 
the surface-mount version. The manufacturer is unimportant. 
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Here's your chip list: 


e 555 Timer. STMicroelectronics SA555N, Fairchild NE555D, RadioShack 
TLC555, or similar. Do not get the “CMOS” version of this chip, or any fancy 
versions such as those of high precision. Buy the cheapest you can find. 
Quantity: 10. The chip in Figure 4-2 is a 555 timer. 


e Logicchipstypes74HC00, 74HC02, 74HC04, 74HC08, 74HC32, and 74HC86. 
Actual part numbers could be M74HC00B1,M74HC02B1,M74HC04B1,and 
so on, by STMicroelectronics, or SN74HCOON, SN74HCO2N, SN74HCOAN, 
and so on, by Texas Instruments. Any other manufacturers are acceptable. 


e Remember, each part number should have “HC” in the middle of it, and 
you want the DIP or PDIP package, not surface-mount. Quantity of each: 


Figure 4-5. When you're soldering a circuit 
a y E At least 4. 


onto perforated board, sockets eliminate 


the risk of overheating integrated circuit : ; g 
osea reduce Me niskor zapping en e 4026 Decade Counter (a chip that counts in tens). Texas Instruments CD 


with static electricity, and enable easy 4026BE or similar. Quantity: 4 (you'll need 3, but because this is a CMOS 
replacement. chip sensitive to static electricity, you should have at least one in reserve). 
Any chip with “4026” in its part number should be OK. 


e 741592 counter chip, 74LS06 open-collector inverter chip, and 74LS27 
triple-input NOR chip. Quantity: 2 of each. Note the “LS” in these part 
numbers! There will be one experiment in which | want you to use the LS 
generation instead of the HC generation. 


IC sockets 
| suggest that you avoid soldering chips directly onto perforated board. If 
you damage them, they're difficult to remove. Buy some DIP sockets, solder 
the sockets onto the board, and then plug the chips into the sockets. You 
oido ener on nie can use the cheapest sockets you can find (you don't need gold-plated con- 
inadequate to drive a typical 5mm LED tacts for our purposes). You will need 8-pin, 14-pin, and 16-pin DIP sockets, 
(right), which is rated for 20mA forward such as parts 276-1995, 276-1999, and 276-1998 from RadioShack. See Fig- 


current. Miniature, low-current LEDs (left) ure 4-5. Quantity of each: 5 minimum. 
will use as little as IMA in series with a 


suitable resistor, and are ideal for test cir- Low-power LEDs 
cuits in which you want to see the output The logic chips that you'll be using are not designed to deliver significant 
with a minimum of hassle. i f . i f 

power. You'll need to add transistors to amplify their output if you want to 
drive bright LEDs or relays. Because adding transistors is a hassle, | suggest 
an alternative: Special low-power LEDs that will draw as little as 1mA, such 
as the Everlight model T-100 Low Current Red, part number HLMPK150. 
Figure 4-6 shows a size comparison with a regular 5mm LED. Quantity: 10 
(at a minimum). 


Figure 4-5. An HC series logic chip is rated 


LED numeric displays 
In at least one of our projects, you'll want to illuminate some seven-segment 
LED numerals. You'll need either three individual numerals, or one package 
containing three numerals, such as the Kingbright High Efficiency Red Dif- 
fused, part number BC56-11EWA, which will be specifically referred to in 
schematics in this book. If you buy a different seven-segment display, it must 
be an LED with a “common cathode” (Don't buy liquid-crystal LCD numer- 


Figure 4-7. Seven-segment displays are the 
simplest way to show a numeric output 
and can be driven directly by some CMOS als; they require different electronics to drive them.) If you have a choice of 


chips. For finished projects, they are power consumption, buy whichever product consumes the least current. 


typically mounted behind transparent red 


acrylic plastic panels. See Figure 4-7. 
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Latching relays 


You're going to need a 5-volt latching relay that has two coils, instead of 
one. The first coil flips the relay one way; the second coil flips it back. The 
relay consumes no additional power while remaining passively in each 
state. | suggest the Panasonic DS2E-SL2-DC5V relay. If you buy a different 
relay, it must be dual-coil latching to run off 5 volts DC, switching at least 
1 amp, in a“2 form C” package, to fit your breadboard. 


Potentiometers 


You'll need 5K, 10K, and 100K linear potentiometers (one of each). Also, a 
10K trimmer potentiometer (which you may find described just as a “trim- 
mer”). The manufacturer is unimportant. 


Voltage regulators 


Because many logic chips require precisely 5 volts DC, you need a voltage 
regulator to deliver this. The LM7805 does the job. Here again, the chip 
number will be preceded or followed with an abbreviation identifying the 
manufacturer and package style, as in the LM7805CT from Fairchild. Any 
manufacturer will do, but the package should look like the one in Figure 
4-8, and if you have a choice, buy a regulator that can deliver at least 1 
amp. 


Tactile switches 


These are SPST pushbuttons (momentary switches), usually with four legs. 
Look for the ALPS part number SKHHAKA0O10 or any similar item that has 
pins to fit your breadboard or perforated board. See Figure 4-9. 


12-key numeric keypad 


Velleman “12 keys keyboard with common output” (no part number, but 
has been available through All Electronics under catalog code KP-12). 
Quantity: 1. 


This type of keypad has the same layout as an old-fashioned touchtone 
phone. It should have at least 13 pins or contacts, 12 of which connect 
with individual pushbuttons, the thirteenth connecting with the other 
side of all the pushbuttons. In other words, the last pin is “common” to all 
of them, and this type of keypad is often described as having a “common 
output.’ The type of keypad that you don't want is “matrix-encoded,’ with 
fewer than 13 contacts, requiring additional external circuitry. See Figures 
4-10 and 4-11. If you can't find the Velleman keypad that | suggest, look 
carefully at keypad descriptions and photographs to make sure that the 
one you buy is not matrix-encoded and has a common terminal. 


Alternatively, you may substitute 12 cheap SPST NO pushbuttons and 
mount them in a small project box. 


Chips, Ahoy! 
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Figure 4-8. Many integrated circuit chips 
require a controlled power supply of 

5 volts, which can be delivered by this 
regulator when you apply 7.5 to 9 volts to 
it. The lefthand pin is for positive input, 

the center pin is a common ground, and 
the righthand pin is the 5V output. For cur- 
rents exceeding 250mA, you should bolt 
the regulator to a metal heat sink using 
the hole at the top. 


Figure 4-8. A tactile switch delivers tactile 
feedback through your fingertip when you 
press it. They are almost always SPST 
pushbuttons designed for mounting in 
circuit boards with standard 1/10-inch 
hole spacing. 
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B 3 and usually it is a given value. 

3. Calculate I| B3 . Use | B3 = |1C3 /B 3. 
4. Calculate R4. Use R4 = VS /I B3 

5. Assume | C2 = | B3 

6. Find B 2. Again this is a given value. 

7. Calculate | B2 . Use |B2 = | C2 /B 2. 
8. Calculate R 3. Use R3 = VS /I B2 

9. Assume I| C1 = | B2 

10. Find B1. 

11. Calculate | B1 . Use |I B1 = ICl /B 1. 


12. Calculate R 1 . Use R 1 = Vs/l Bl 
13. Choose R2. 

For this example, use a 10-volt lamp that 
draws 10 amperes. Assume that the fs of 
the transistors are given in the manufacturer's 
data sheets as B 1 = 100, B 2 = 50, and 6 3 
= 20. Now, work through the steps, checking 
the answers for each step as you complete 
it. 


Questions 

Calculate the following: 
A. |B3 = č č 

B, R4 = 

C. 1 B2 = 

D. R3 = 

E. I BI s =< 

FF RIs __ 

G R2 = 
Answers 


The answers here correspond to the steps. 
A. 
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Figure 4-10. When shopping for a numeric Figure 4-11. This keypad has insufficient 
keypad, it should have 12 keys in “touch- pins and will not work in the circuit in this 
tone phone” layout, and should have at book. 


least 13 contacts for input/output. The 
contacts are visible here along the front 
edge. 


How chips came to be 


The concept of integrating solid-state components into one In the late 1960s, medium-scale integration chips emerged, 
little package originated with British radar scientist Geoffrey each containing hundreds of transistors. Large-scale inte- 
W. A. Dummer, who talked about it for years before he at- gration enabled tens of thousands of transistors on one chip 
tempted, unsuccessfully, to build one in 1956. The first true by the mid-1970s, and today’s chips can contain as many as 
integrated circuit wasn't fabricated until 1958 by Jack Kilby, several billion transistors. 

working at Texas Instruments. Kilby’s version used germa- 
nium, as this element was already in use as a semiconduc- 
tor. (You'll encounter a germanium diode when | deal with 
crystal radios in the next chapter of this book.) But Robert 
Noyce, pictured in Figure 4-12, had a better idea. 


Robert Noyce eventually cofounded Intel with Gordon 
Moore, but died unexpectedly of a heart attack in 1990. You 
can learn more about the fascinating early history of chip de- 
sign and fabrication at http://www.siliconvalleyhistorical.org. 
Born in 1927 in lowa, in the 1950s Noyce moved to Cali- — 
fornia, where he found a job working for William Shockley. 

This was shortly after Shockley had set up a business based 

around the transistor, which he had coinvented at Bell Labs. 


Noyce was one of eight employees who became frustrated 
with Shockley’s management and left to establish Fairchild 
Semiconductor. While he was the general manager of 
Fairchild, Noyce invented a silicon-based integrated circuit 
that avoided the manufacturing problems associated with 
germanium. He is generally credited as the man who made 
integrated circuits possible. 


Early applications were for military use, as Minuteman d Jh 

missiles required small, light components in their guidance e. 
systems. These applications consumed almost all chips pro- 
duced from 1960 through 1963, during which time the unit from the Wikimedia Commons. 
price fell from around $1,000 to $25 each, in 1963 dollars. 


Figure 4-12. This picture of Robert Noyce, late in his career, is 
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lm going to introduce you to the most successful chip ever made: the 555 
timer. As you can find numerous guides to it online, you might question the 
need to discuss it here, but | have three reasons for doing so: 


1. It's unavoidable. You simply have to know about this chip. Some sources 
estimate that more than 1 billion are still being manufactured annually. 
It will be used in one way or another in most of the remaining circuits in 
this book. 


2. It provides a perfect introduction to integrated circuits, because it's ro- 
bust, versatile, and illustrates two functions that we'll be dealing with 
later: comparators and a flip-flop. 


3. After reading all the guides to the 555 that | could find, beginning with the 
original Fairchild Semiconductor data sheet and making my way through 
various hobby texts, | concluded that its inner workings are seldom ex- 
plained very clearly. | want to give you a graphic understanding of what's 
happening inside it, because if you don't have this, you won't be in a good 
position to use the chip creatively. 


You will need: 
¢ 9-volt power supply. 


e Breadboard, jumper wires, and multimeter. Negative 
(ground) 
¢ 5K linear potentiometer. Quantity: 1. 


e 555 timer chip. Quantity: 1. Trigger 


e Assorted resistors and capacitors. 
Output 


e SPST tactile switches. Quantity: 2. 


e LED (any type). Quantity: 1. Reset 


Procedure 


The 555 chip is very robust, but still, in theory, you can zap it with a jolt of static 
electricity and kill it. Therefore, to be on the safe side, you should ground 
yourself before handling it. See the“Grounding yourself” warning on page 172 
for details. Although this warning primarily refers to the type of chips known 
as CMOS, which are especially vulnerable, grounding yourself is always a sen- 
sible precaution. 


Look for a small circular indentation, called the dimple, molded into the body 
of the chip, and turn the chip so that the indentation is at the top-left corner 
with the pins pointing down. Alternatively, if your chip is of the type with a 
notch at one end, turn the chip so that the notch is at the top. 


The pins on chips are always numbered counterclockwise, starting from the 
top-left pin (next to the dimple). See Figure 4-13, which also shows the names 
of the pins on the 555 timer, although you don’t need to know most of them 
just yet. 
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Notch 


Dimple 


Positive 


Discharge 


Threshold 


Control 


| 


Pins 


Figure 4-13. The 555 timer chip, seen from 
above. Pins on chips are always numbered 
counterclockwise, from the top-left corner, 
with a notch in the body of the chip upper- 
most, or a circular indentation at top-left, 
to remind you which end is up. 
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Insert the chip in your breadboard so that its pins straddle the channel down 
the center. Now you can easily feed voltages to the pins on either side, and 
read signals out of them. See Figure 4-14 for a precise guide to placement, in 
the first project. The timer is identified as “IC1,’ because “IC” is the customary 
abbreviation for “Integrated Circuit.” 


Figure 4-14. This circuit allows you to explore the behavior of the 555 timer chip. Use your 
meter to monitor the voltage on pin 2 as shown. There are no resistors labeled R1, R2, 

or R3 and no capacitors labeled C1 or C2, because they'll be added in a later schematic. 
Component values in this schematic: 


R4: 100K 

Ro ake 

R6: 10K 

RZ: 1K 

R8: 5K linear potentiometer 
C3: 100 uF electrolytic 

C4: 47 uF electrolytic 

C5: 0.1 uF ceramic 

IC1: 555 timer 

S1, S2: SPST tactile switches (pushbuttons) 
D1: Generic LED 


R5 holds the trigger (pin 2) positive until S1 is pressed, which lowers the voltage depend- 
ing on the setting of potentiometer R8. When the trigger voltage falls below 1/3 of the 
power supply, the chip's output (pin 3) goes high for a period determined by the values 
of R4 and C4. S2 resets (zeros) the timer, by reducing the voltage to pin 4, the Reset. C3 
smoothes the power supply, and C5 isolates pin 5, the control, so that it won't interfere 
with the functioning of this test circuit. (We'll use the control pin in a future experiment.) 


All integrated circuit chips require a power supply. The 555 is powered with 
negative voltage applied to pin 1 and positive to pin 8. If you reverse the volt- 
age accidentally, this can permanently damage the chip, so place your jumper 
wires carefully. 
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Set your power supply to deliver 9 volts. It will be convenient for this experiment 
if you supply positive down the righthand side and negative down the lefthand 
side of the breadboard, as suggested in Figure 4-14. C3 is a large capacitor, at 
least 100 uF, which is placed across the power supply to smooth it out and pro- 
vide a local store of charge to fuel fast-switching circuits, as well as to guard 
against other transient dips in voltage. Although the 555 isn't especially fast- 
switching, other chips are, and you should get into the habit of protecting them. 


Begin with the potentiometer turned all the way counterclockwise to maxi- 
mize the resistance between the two terminals that we're using, and when you 
apply the probe from your meter to pin 2, you should measure about 6 volts 
when you press S1. 


Now rotate the potentiometer clockwise and press S1 again. If the LED doesn't 
light up, keep turning the potentiometer and pressing and releasing the but- 
ton. When you've turned the potentiometer about two-thirds of the way, you 
should see the LED light up for just over 5 seconds when you press and release 
the button. Here are some facts that you should check for yourself: 


e The LED will keep glowing after you release the button. 


e You can press the button for any length of time (less than the timer's cycle 
time) and the LED always emits the same length of pulse. 


e The timer is triggered by a fall in voltage on pin 2. You can verify this with 
your meter. 


e The LED is either fully on or fully off. You can't see a faint glow when it's off, 
and the transition from off to on and on to off is very clean and precise. 


Check Figure 4-16 to see how the components should look on your bread- 
board, and then look at the schematic in Figure 4-15 to understand what's 
happening. | will be adding more components later, which | will be labeling R1, 
R2, C1, and C2 to be consistent with data sheets that you may see for the 555 
timer. Therefore, in this initial circuit the resistors are labeled R4 and up, and 
capacitors C3 and up. 


When S1 (the tactile switch) is open, pin 2 of the 555 timer receives positive 
power through R5, which is 2K2. Because the input resistance of the timer is 
very high, the voltage on pin 2 is almost the full 9 volts. 


When you press the button, it connects negative voltage through R8, the 5K 
potentiometer to pin 2. Thus, R8 and R5 form a voltage divider with pin 2 in 
the middle. You may remember this concept from when you were testing tran- 
sistors. The voltage between the resistances will change, depending on the 
values of the resistances. 


If R8 is turned up about halfway, it is approximately equal to R5, so the mid- 
point, connected to pin 2, has about half the 9-volt power supply. But when 
you turn the potentiometer so that its resistance falls farther, the negative volt- 
age outweighs the positive voltage, so the voltage on pin 2 gradually drops. 


If you have clips on your meter leads, you can hook them onto the nearest 
jumper wires and then watch the meter while you turn the potentiometer up 
and down and press the button. 
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S2 


Figure 4-15. A schematic view of the circuit 
shown in Figure 4-14. Throughout this 
chapter, the schematics will be laid out 

to emulate the most likely placement of 
components on a breadboard. This is not 
always the simplest layout, but will be 
easiest for you to build. Refer to Figure 
4-14 for the values of the components. 


» Fi j 
1 ‘+ FF T. 
E y i 


Figure 4-18. This is how the components 
look when installed on the breadboard. 
The alligator clips are attached to a patch 
cord that links the 100 uF capacitor to the 
potentiometer. The power supply input is 
not shown. 
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The graphs in Figure 4-17 illustrate what is happening. The upper graph shows 
the voltage applied to pin 2 by random button-presses, with the potentiometer 
turned to various values. The lower graph shows that the 555 is triggered if, 
and only if, the voltage on pin 2 actively drops from above 3 volts to below 3 
volts. What's so special about 3 volts? It’s one-third of our 9-volt power supply. 


Here's the take-home message: 


e The output of the 555 (pin 3) emits a positive pulse when the trigger (pin 
2) drops below one-third of the supply voltage. 


e The555 delivers the same duration of positive pulse every time (so long as 
you don't supply a prolonged low voltage on pin 2). 


¢ Alarger value for R4 or for C4 will lengthen the pulse. 


e When the output (pin 3) is high, the voltage is almost equal to the supply 
voltage. When the output goes low, it's almost zero. 


The 555 converts the imperfect world around it into a precise and dependable 
output. It doesn't switch on and off absolutely instantly, but is fast enough to 
appear instant. 


Now here's another thing to try. Trigger the timer so that the LED lights up. 
While it is illuminated, press S2, the second button, which grounds pin 4, the 
reset. The LED should go out immediately. 


When the reset voltage is pulled low, the output goes low, regardless of what 
voltage you apply to the trigger. 


There's one other thing | want you to notice before we start using the timer for 
more interesting purposes. | included R5 and R6 so that when you first switch 
on the timer, it is not emitting a pulse—but is ready to do so. These resistors 
apply a positive voltage to the trigger and the reset pin, to make sure that the 
555 timer is ready to run when you first apply power to it. 


As long as the trigger voltage is high, the timer will not emit a pulse. (It emits a 
pulse when the trigger voltage drops.) 


As long as the reset voltage is high, the timer is able to emit a pulse. (It shuts 
down when the reset voltage drops.) 


R5 and R6 are known as “pull-up resistors” because they pull the voltage up. 
You can easily overwhelm them by adding a direct connection to the negative 
side of the power supply. A typical pull-up resistor for the 555 timer is 10K. 
With a 9-volt power supply, it only passes 0.9mA (by Ohm's Law). 


Finally, you may be wondering about the purpose of C5, attached to pin 5. This 
pin is known the “control” pin, which means that if you apply a voltage to it, 
you can control the sensitivity of the timer. l'Il get to this in more detail a little 
later. Because we are not using this function right now, it's good practice to 
put a capacitor on pin 5 to protect it from voltage fluctuations and prevent it 
from interfering with normal functioning. 


Make sure you become familiar with the basic functioning of the 555 timer 
before you continue. 
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Pressing and releasing the button for varying intervals 
while adjusting the voltage with the potentiometer 


Trigger 
Voltage 
Pin 2 


Output 
Voltage 
Pin 3 


pulse width remains 
fixed at 5.2 seconds 


Figure 4-17. The top graph shows voltage on the trigger (pin 2) when the pushbutton is 
pressed, for different intervals, at different settings of the potentiometer. The lower graph 
shows the output (pin 3), which rises until it is almost equal to the power supply, when the 


voltage on pin 2 drops below 1/3 the full supply voltage. 


FUNDAMENTALS 


The following table shows 555 pulse duration in monos- 
table mode: 
e Duration is in seconds, rounded to two figures. 


e The horizontal scale shows common resistor values 
between pin 7 and positive supply voltage. 


+ The vertical scale shows common capacitor values 
between pin 6 and negative supply voltage. 


To calculate a different pulse duration, multiply resistance x 
capacitance x 0.0011 where resistance is in kilohms, capaci- 
tance is in microfarads, and duration is in seconds. 


220K 
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Inside the 555 timer: monostable mode 


The plastic body of the 555 timer contains a wafer of silicon on which are 
etched dozens of transistor junctions in a pattern that is far too complex to be 
explained here. However, | can summarize their function by dividing them into 
groups, as shown in Figure 4-18. An external resistor and two external capaci- 
tors are also shown, labeled the same way as in Figure 4-15. 


The negative and positive symbols inside the chip are power sources which ac- 
tually come from pins 1 and 8, respectively. | omitted the internal connections 
to those pins for the sake of clarity. 


The two yellow triangles are “comparators.” Each comparator compares two 
inputs (at the base of the triangle) and delivers an output (from the apex of the 
triangle) depending on whether the inputs are similar or different. We'll be us- 
ing comparators for other purposes later in this book. 


Figure 4-18. Inside the 555 timer. White lines indicate connections inside the chip. 

A and B are comparators. FF is a flip-flop which can rest in one state or the other, 
like a double-throw switch. A drop in voltage on pin 2 is detected by comparator A, 
which triggers the flip-flop into its “down” position and sends a positive pulse out of 
pin 3. When C4 charges to 2/3 of supply voltage, this is detected by comparator B, 
which resets the flip-flop to its “up” position. This discharges C4 through pin 7 
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Inside the 555 timer: monostable mode (continued) 


The green rectangle, identified as “FF,” is a “flip-flop.” | have depicted it as a 
DPDT switch, because that’s how it functions here, although of course it is 
really solid-state. 


Initially when you power up the chip, the flip-flop is in its “up” position which 
delivers low voltage through the output, pin 3. If the flip-flop receives a signal 
from comparator A, it flips to its “down” state, and flops there. When it receives a 
signal from comparator B, it flips back to its “up” state, and flops there. The “UP” 
and “DOWN” labels on the comparators will remind you what each one does 
when it is activated. 


Flip-flops are a fundamental concept in digital electronics. Computers couldn't 
function without them. 


Notice the external wire that connects pin 7 with capacitor C4. As long as the 
flip-flop is “up,” it sinks the positive voltage coming through R4 and prevents the 
capacitor from charging positively. 


If the voltage on pin 2 drops to 1/3 of the supply, comparator A notices this, and 
flips the flip-flop. This sends a positive pulse out of pin 3, and also disconnects 
the negative power through pin 7. So now C4 can start charging through R4. 
While this is happening, the positive output from the timer continues. 


As the voltage increases on the capacitor, comparator B monitors it through pin 
6, known as the threshold. When the capacitor accumulates 2/3 of the supply 
voltage, comparator B sends a pulse to the flip-flop, flipping it back into its 
original state. This discharges the capacitor through pin 7, appropriately known 
as the discharge pin. Also, the flip-flop ends the positive output through pin 3 
and replaces it with a negative voltage. This way, the 555 returns to its original 
state. 


I'll sum up this sequence of events very simply: 


. Initially, the flip-flop grounds the capacitor and grounds the output (pin 3). 


. A drop in voltage on pin 2 to 1/3 the supply voltage or less makes the out- 
put (pin 3) positive and allows capacitor C4 to start charging through R4. 


. When the capacitor reaches 2/3 of supply voltage, the chip discharges the 
capacitor, and the output at pin 3 goes low again. 


In this mode, the 555 timer is “monostable,’ meaning that it just gives one pulse, 
and you have to trigger it again to get another. 


You adjust the length of each pulse by changing the values of R4 and C4. How 
do you know which values to choose? Check the table on page 157, which gives an 
approximate idea and also includes a formula so that you can calculate values 
of your own. 


| didn’t bother to include pulses shorter than 0.01 second in the table, because 
a single pulse of this length is usually not very useful. Also | rounded the num- 
bers in the table to 2 significant figures, because capacitor values are seldom 
more accurate than that. 
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How the timer was born 


Back in 1970, when barely a half-dozen corporate seedlings had taken root 

in the fertile ground of Silicon Valley, a company named Signetics bought an 
idea from an engineer named Hans Camenzind. It wasn't a huge breakthrough 
concept—just 23 transistors and a bunch of resistors that would function as a 
programmable timer. The timer would be versatile, stable, and simple, but these 
virtues paled in comparison to its primary selling point. Using the emerging 
technology of integrated circuits, Signetics could reproduce the whole thing on 
a silicon chip. 


This entailed some trial and error. Camenzind worked alone, building the whole 
thing initially on a large scale, using off-the-shelf transistors, resistors, and di- 
odes on a breadboard. It worked, so then he started substituting slightly differ- 
ent values for the various components to see whether the circuit would tolerate 
variations during production and other factors such as changes in temperature 
when the chip was in use. He made at least 10 different versions of the circuit. It 
took months. 


Next came the crafts work. Camenzind sat at a drafting table and used a 
specially mounted X-Acto knife to scribe his circuit into a large sheet of plastic. 
Signetics then reduced this image photographically by a ratio of about 300:1. 
They etched it into tiny wafers, and embedded each of them in a half-inch 
rectangle of black plastic with the product number printed on top. Thus, the 
555 timer was born. 


It turned out to be the most 
successful chip in history, both 

in the number of units sold (tens 
of billions and counting) and the 
longevity of its design (unchanged 
in almost 40 years). The 555 has 
been used in everything from toys 
to spacecraft. It can make lights 
flash, activate alarm systems, put 
spaces between beeps, and create 
the beeps themselves. 


Today, chips are designed by large 

teams and tested by simulating 

their behavior using computer soft- 

ware. Thus, chips inside a computer 

enable the design of more chips. 

The heyday of solo designers such 

as Hans Camenzind is long gone, 

but his genius lives inside every 555 y 

timer that emerges from a fabrica- Figure 4-18. Hans Camenzind, inventor 
tion facility. (If you'd like to know and developer of the 555 timer chip for 
more about chip history, see http:// SI8gnetics. 
www.semiconductormuseum.com/ 

Museum_Index.htm.) 
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Why the 555 is useful 


In its monostable mode (which is what you just saw), the 
555 will emit a single pulse of fixed (but programmable) 
length. Can you imagine some applications? Think in terms 
of the pulse from the 555 controlling some other compo- 
nent. A motion sensor on an outdoor light, perhaps. When 
an infra-red detector “sees” something moving, the light 
comes on for a specific period—which can be controlled by 
a 555. 


Another application could be a toaster. When someone low- 
ers a slice of bread, a switch will close that triggers the toast- 
ing cycle. To change the length of the cycle, you could use 

a potentiometer instead of R4 and attach it to the external 
lever that determines how dark you want your toast. At the 
end of the toasting cycle, the output from the 555 would 
pass through a power transistor, to activate a solenoid 
(which is like a relay, except that it has no switch contacts) 
to release the toast. 


Intermittent windshield wipers could be controlled by a 555 
timer—and on earlier models of cars, they actually were. 


Beware of Pin-Shuffling! 


a chip so that pin 1 isn't necessarily shown adjacent to pin 2. 


be using here. 


— ee hh Crd 


In all of the schematics in this book, l'Il show chips as you'd see them 9V 
from above, with pin 1 at top left. Other schematics that you may 
see, on websites or in other books, may do things differently. For 
convenience in drawing circuits, people shuffle the pin numbers on 


Look at the schematic in Figure 4-20 and compare it with the one 
in Figure 4-15. The connections are the same, but the one in Figure 
4-20 groups pins to reduce the apparent complexity of the wiring. 


“Pin shuffling” is common because circuit-drawing software tends 
to do it, and on larger chips, it is necessary for functional clarity of 
the schematic (i.e., logical groupings of pin names versus physical 
groupings on memory chips, for example). When your're first learn- 
ing to use chips, I think it’s easier to understand a schematic that 

shows the pins in their actual positions. So that's the practice I will 


Figure 4-20. Many people draw schematics in which the pin numbers on a chip are shuffled around to make the schematic 
smaller or simpler. This is not helpful when you try to build the circuit. The schematic here is for the same circuit as in Figure 
4-15. This version would be harder to recreate on a breadboard. 
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And what about the burglar alarm that was described at the 
end of Chapter 3? One of the features that | listed, which has 
not been implemented yet, is that it should shut itself off 
after a fixed interval. We can use the change of output from 
a 555 timer to do that. 


The experiment that you just performed seemed trivial, but 
really it implies all kinds of possibilities. 


555 timer limits 


1. The timer can run from a stable voltage source ranging 
from 5 to 15 volts. 


2. Most manufacturers recommend a range from 1K to 
1M for the resistor attached to pin 7. 


3. The capacitor value can go as high as you like, if you 
want to time really long intervals, but the accuracy of 
the timer will diminish. 

4. The output can deliver as much as 100mA at 9 volts. 
This is sufficient for a small relay or miniature loud- 
speaker, as you'll see in the next experiment. 


S2 
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1. The load current is given as 10 amperes. 
2. B 3 is given as 20. 


3. 
B: 20 
4 10 volts 
= = 20 ohms 
500 mA 
C: 
=F les =In3 = 500mA 
6. B 2 is given as 50. 
7. lc,  500mA 
ln, = == = 10mA 
Ba 
D. 
8. 10 volt 
R,= 2 =IkO 
; I0mA 
9, ley — lga = 10mA 
10. B 1 is given as 100. 
11. I 10mA 
hs. = (IA 
B, 100 
F 
12. 10 volt 
= = 1000 
O.lmA 
13. R 2 can be chosen to be 100 kQ also. 
27 Determine the values in the same 
circuit for a  75-volt lamp that draws 6 


amperes. Assume that B 3 = 30, B 2 = 100, 
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Experiment 17: Set Your Tone 
lm going to show you two other ways in which the 555 timer can be used. 
You will need the same items as in Experiment 16, plus: 

e Additional 555 timer chip. Quantity: 1. 

e Miniature loudspeaker. Quantity: 1. 


e 100K linear potentiometer. Quantity: 1. 


Procedure 


Leave the components from Experiment 16 where they are on the bread- 
board, and add the next section below them, as shown in Figures 4-21 and 
4-22. Resistor R2 is inserted between pins 6 and 7, instead of the jumper wire 
that shorted the pins together in the previous circuit, and there's no external 
input to pin 2 anymore. Instead, pin 2 is connected via a jumper wire to pin 
6. The easiest way to do this is by running the wire across the top of the chip. 


| have omitted the smoothing capacitor from the schematic in Figure 4-22, 
because l'm assuming that you're running this circuit on the same breadboard 
as the first, where the previous smoothing capacitor is still active. 


A loudspeaker in series with a 1000 resistor (R3) has been substituted for the 
LED to show the output from the chip. Pin 4, the reset, is disabled by connect- 
ing it to the positive voltage supply, as I’m not expecting to use the reset func- 
tion in this circuit. 


Now what happens when you apply power? Immediately, you should hear 
noise through the loudspeaker. If you don’t hear anything, you almost cer- 
tainly made a wiring error. 


Notice that you don't have to trigger the chip with a pushbutton anymore. 
The reason is that when C1 charges and discharges, its fluctuating voltage is 
connected via a jumper wire across the top of the chip to pin 2, the trigger. In 
this way, the 555 timer now triggers itself. I'll describe this in more detail in the 
next section “Theory: Inside the 555 timer: astable mode,’ if you want to see 
exactly what is going on. 


In this mode, the chip is “astable;’ meaning that it is not stable, because it flips 
to and fro endlessly, sending a stream of pulses for as long as the power is 
connected. The pulses are so rapid that the loudspeaker reproduces them as 
noise. 


In fact, with the component values that | specified for R1, R2, and C1, the 555 
chip is emitting about 1,500 pulses per second. In other words, it creates a 1.5 
KHz tone. 


Check the table on page 166 to see how different values for R2 and C1 can create 
different pulse frequencies with the chip in this astable mode. Note that the 
table assumes a fixed value of 1K for R1! 
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Figure 4-21. These components should be 
added on the same breadboard below the 
components shown in Figure 4-14. Use the 
following values to test the 555 timer in ¡ts 
astable mode: 


R1: 1K 

ne. 10K 

R3: 1000 

C1: 0.047 uF ceramic or electrolytic 
C2: 0.1 uF ceramic 

IC2: 555 timer 


Figure 4-22. This is the schematic version 
of the circuit shown in Figure 4-21. The 
component values are the same. 
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Inside the 555 timer: astable mode 


Here's what is happening now, illustrated in Figure 4-23. 
Initially, the flip-flop grounds C1 as before. But now the low 
voltage on the capacitor is connected from pin 7 to pin 2 
through an external wire. The low voltage tells the chip to 
trigger itself. The flip-flop obediently flips to its “on” position 
and sends a positive pulse to the loudspeaker, while remov- 
ing the negative voltage from pin 7. 


Figure 4-23. When the 555 timer is used in astable mode, resis- 
tor R2 is placed between pin 6 and pin 7 and pin 6 is connected 
via an external wire to pin 2, so that the timer triggers itself. 


Now C1 starts charging, as it did when the timer was in 
monostable mode, except that it is being charged through 
R1 + R2 in series. Because the resistors have low values, and 
C1 is also small, C1 charges quickly. When it reaches 2/3 full 
voltage, comparator B takes action as before, discharging 
the capacitor and ending the output pulse from pin 3. 
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The capacitor takes longer to discharge than before, 
because R2 has been inserted between it and pin 7, the 
discharge pin. While the capacitor is discharging, its voltage 
diminishes, and is still linked to pin 2. When the voltage 
drops to 1/3 of full power or less, comparator A kicks in and 
sends another pulse to the flip-flop, starting the process all 
over again. 


Summing up: 


1. In astable mode, as soon as power is connected, the 
flip-flop pulls down the voltage on pin 2, triggering 
comparator A, which flips the flip-flop to its “down” 
position. 

2. Pin 3, the output, goes high. The capacitor charges 
through R1 and R2 in series. 


3. When the capacitor reaches 2/3 of supply voltage, the 
flip-flop goes “up” and the output at pin 3 goes low. The 
capacitor starts to discharge through R2. 


4. When the charge on the capacitor diminishes to 1/3 of 
full voltage, the pull-down on pin 2 flips the flip-flop 
again and the cycle repeats. 


Unequal on/off cycles 


When the timer is running in astable mode, C1 charges 
through R1 and R2 in series. But when C1 discharges, it 
dumps its voltage through R2 only. This means that the 
capacitor charges more slowly than it discharges. While it is 
charging, the output on pin 3 is high; while it is discharging, 
the output on pin 3 is low. Consequently the “on” cycle is 
always longer than the “off” cycle. Figure 4-24 shows this as 
a simple graph. 


If you want the on and off cycles to be equal, or if you want 
to adjust the on and off cycles independently (for example, 
because you want to send a very brief pulse to another chip, 
followed by a longer gap until the next pulse), all you need 
to do is add a diode, as shown in Figure 4-25. 


Now when C1 charges, the electricity flows through R1 as be- 
fore but takes a shortcut around R2, through diode D1. When 
C1 discharges, the diode blocks the flow of electricity in that 
direction, and so the discharge goes back through R2. 
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Inside the 555 timer: astable mode (continued) 


R1 now controls the charge time on its own, while R2 controls the discharge 
time. The formula for calculating the frequency is now: 


Frequency = 1440 / ((R1 + R2) x C1) 


If you set R1 = R2, you should get almost equal on/off cycles (“almost” because 
the diode itself imposes a small internal voltage drop of about 0.6V). The exact 
value depends primarily on the manufacturing process used to make the diode. 


Duration of each 
On cycle is 
proportionate to 
R1+R2 


Pp] 


9v — 


Output gy — 
Voltage 
Pin3 3v— 


Ov — 


LA 


Duration of each 
Off cycle is 
proportionate to 
R2 only 


Figure 4-24. In its usual astable configuration, the timer charges a capacitor through 
R1+R2 and discharges the capacitor through R2 only. Therefore its output on cycles 
are longer than its output off cycles. 


9V 
DC 


Figure 4-25. This is a modification of the schematic shown in Figure 4-22. By adding 
a diode to a 555 timer running in astable mode, we eliminate R2 from the charging 
cycle of capacitor C1. Now we can adjust the output on cycle with the value of R1, 
and the output off cycle with the value of R2, so that the on and off durations are 
independent of each other. 
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FUNDAMENTALS 


The following table shows 555 timer frequency in astable To calculate a different frequency: double R2, add the prod- 
mode: 
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Frequency is in pulses per second, rounded to two 


figures. 


uct to R1, multiply the sum by C1, and divide the result into 
1440. Like this: 


Frequency = 1440 / ((R1 + 2R2) x C1) cycles per second 


The horizontal scale shows common resistor values for In this formula, R1 and R2 are in kilohms, C1 is in microfarads, 


R2. 


and the frequency is in hertz (cycles per second). Note that 


The vertical scale shows common capacitor values for the frequency is measured from the start of one pulse to 


C1. Resistor R1 is assumed to be 1K. 
Resistor R1 is assumed to be 1K. 


the start of the next. The duration of each pulse is not the 
same as the length of time between each pulse. This issue is 
discussed in the previous section. 


220K 470K 


Astable Modifications 


In the circuits shown in Figures 4-22 or 4-25, if you substitute a 100K potenti- 
ometer for R2, you can adjust the frequency up and down by turning the shaft. 


Another option is to “tune” the timer by using pin 5, the control, as shown in 
the Figure 4-26. Disconnect the capacitor that was attached to that pin and 
substitute the series of resistors shown. R9 and R11 are both 1K resistors, either 
side of R10, which is a 100K potentiometer. They ensure that pin 5 always has 
at least 1K between it and the positive and negative sides of the power supply. 
Connecting it directly to the power supply won't damage the timer, but will 
prevent it from generating audible tones. As you turn the potentiometer to 
and fro, the frequency will vary over a wide range. If you want to generate a 
very specific frequency, a trimmer potentiometer can be used instead. 
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A primary advantage of using pin 5 to adjust frequency is that you can control 
it remotely. Take the output from pin 3 of another 555 timer running slowly in 
astable mode, and pipe it through a 2K2 resistor to pin 5. Now you get a two- 
tone siren effect, as one timer controls the other. If, in addition, you add a 100 
UF capacitor between pin 5 and ground, the charging and discharging of the 
capacitor will make the tone slide up and down instead of switching abruptly. 
l'Il describe this in more detail shortly. This leads me to the whole topic of one 
chip controlling another chip, which will be our last variation on this experiment. 


Chaining Chips 


Generally speaking, chips are designed so that they can talk to each other. The 
555 couldn't be easier in this respect: 


e Pin 3, the output, from one 555 can be connected directly to pin 2, the 
trigger, of a second 555. 


e Alternatively, the output can be sufficient to provide power to pin 8 of a 
second 555. 


e The output is appropriate to control or power other types of chips too. 
Figure 4-27 shows these options. 


When the output from the first 555 goes high, it is about 70 to 80% of its sup- 
ply voltage. In other words, when you're using a 9V supply, the high output 
voltage is at least 6 volts. This is still above the minimum of 5V that the second 
chip needs to trigger its comparator, so there's no problem. 


2 7 
3 IC1 6 
4 5 
That's still 
high enough to 1 8 Now you 
2 7 power me! 2 7 can control 
me! 
3 1C2 6 3 1C2 6 
4 5 4 5 


Figure 4-27. Three ways to chain 555 timers together. The output of IC1 can power a sec- 
ond timer, or adjust its control voltage, or activate its trigger pin. 


You can chain together the two 555 timers that you already have on your 
breadboard. Figure 4-28 shows how to connect the two circuits that were 
shown previously in Figures 4-15 and 4-22. Run a wire from pin 3 (the output) 
of the first chip to pin 8 (the positive power supply) of the second chip, and 
disconnect the existing wire connecting pin 8 to your power supply. The new 
wire is shown in red. Now when you press the button to activate the first chip, 
its output powers the second chip. 
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9V 
DC 


Figure 4-28. The control (pin 5) is seldom 
used but can be useful. Varying the voltage 
on it will adjust the speed of the timer. This 
circuit enables you to test the behavior of 
it. Component values: 


R1: 1K 

R2: 10K 

R3: 100 ohms 

R9, R11: 1K 

R10: 100K linear potentiometer 
Gi? 0047 uF 


That's low 
enough to 
trigger me! 


a O N © 
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Figure 4-28. You can combine the two cir- 
cuits shown in Figures 4-15 and 4-22 sim- 
ply by disconnecting the wire that provides 
power to pin & of the second timer, and 
running a substitute wire (shown in red). 


Figure 4-28. Four 555 timers, chained to- 
gether in a circle, can flash a series of four 
sets of LEDs in sequence, like Christmas 
lights or a movie marquee. 
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You can also use the output from one chip to trigger another (i.e., you can con- 
nect pin 3 from the first chip to pin 2 of the second). When the output from the 
first chip is low, it’s less than half a volt. This is well below the threshold that 
the second chip requires to be activated. Why would you want to do this? Well, 
you might want to have both timers running in monostable mode, so that the 
end of a high pulse from the first one triggers the start of a high pulse in the 
second one. In fact, you could chain together as many timers as you like in this 
way, with the last one feeding back and triggering the first one, and they could 
flash a series of LEDs in sequence, like Christmas lights. Figure 4-29 shows how 
four timers could be linked this way, in a configuration that would occupy min- 
imal space (and would be wired point-to-point on perforated board, not on 
breadboard-format board). Each of the outputs numbered 1 through 4 would 
have about enough power to run maybe 10 LEDs, if you used relatively high 
load resistors to limit their current. 


Incidentally, you can reduce the chip count (the number of chips) by using two 
556 timers instead of four 555 timers. The 556 contains a pair of 555 timers in 
one package. But because you have to make the same number of external con- 
nections (other than the power supply), | haven't bothered to use this variant. 


You can even get a 558 timer that contains four 555 circuits, all preset to func- 
tion in astable mode. | decided not to use this chip, because its output behaves 
differently from a normal 555 timer. But you can buy a 558 timer and play with 
it if you wish. It is ideal for doing the “chain of four timers” that | suggested 
previously. The data sheet even suggests this. 


Lastly, going back to the idea of modifying the frequency of a 555 timer in 
astable mode, you can chain two timers, as shown in Figure 4-30. The red wire 
shows the connection from the output of the first timer to the control pin of 
the second. The first timer has now been rewired in astable mode, so that it 
creates an oscillating on/off output around four times per second. This out- 
put flashes the LED (to give you a visual check of what’s going on) and feeds 
through R7 to the control pin of the second timer. 


But C2 is a large capacitor, which takes time to charge through R7. While this 
happens, the voltage detected by pin 5 slowly rises, so that the tone gener- 
ated by IC2 gradually rises in pitch. Then IC1 reaches the end of its on cycle 
and switches itself off, at which point C2 discharges and the pitch of the sound 
generated by IC2 falls again. 


You can tweak this circuit to create all kinds of sounds, much more controllably 
then when you were using PUT transistors to do the same kind of thing. Here 
are some options to try: 


e Double or halve the value of C2. 
e Omit C2 completely, and experiment with the value of R7. 


e Substitute a 10K potentiometer for R7. 


Change C4 to increase or decrease the cycle time of IC1. 
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e Halve the value of R5 while doubling the value of C4, so that the cycle 
time of IC1 stays about the same, but the On time becomes significantly 
longer than the Off time. 


e Change the supply voltage in the circuit from 9 volts to 6 volts or 12 volts. 


Remember, you can't damage a 555 timer by making changes of this kind. Just 
make sure that the negative side of your power supply goes to pin 1 and the 
positive side to pin 8. 


9V 
DC 


| Bene 
XA H al 


el | | 


Figure 4-30. When both timers are astable, but IC1 runs much more slowly than 1C2, the 
output from IC1 can be used to modulate the tone generated by IC2. Note that as this is 
a substantial modification to the previous schematics, several components have been 
relabeled. To avoid errors, you may need to remove the old circuit from your breadboard 


and build this version from scratch. Try these values initially: 


R1, R4, R6, RZ: 1K 
R2: R5: 10K 

R3: 100 ohms 

Cl: 0.047 UF 

G2, C3: 100 UF 
C4: 68 UF 

Ge, 0.1 UE 
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Figure 4-31. After putting a 1K resistor 
between the common cathode of the 
display and the negative supply voltage, 
you can use the positive supply voltage to 
illuminate each segment in turn. 


Figure 4-32. The most basic and common 
digital numeral consists of seven LED seg- 
ments identified by letters, as shown here, 
plus an optional decimal point. 
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Because the 555 can easily run at thousands of cycles per second, we can use it 
to measure human reactions. You can compete with friends to see who has the 
fastest response—and note how your response changes depending on your 
mood, the time of day, or how much sleep you got last night. 


Before going any further, | have to warn you that this circuit will have more 
connections than others you've tackled so far. It’s not conceptually difficult, 
but requires a lot of wiring, and will only just fit on a breadboard that has 63 
rows of holes. Still, we can build it in a series of phases, which should help you 
to detect any wiring errors as you go. 


You will need: 


e 4026 chip. Quantity: 4 (really you need only 3, but get another one in case 
you damage the others). 


e 555 timers. Quantity: 3. 
e Tactile switches (SPST momentary switches). Quantity: 3. 


e Three numeric LEDs, or one 3-digit LED display (see the shopping list at 
the beginning of this chapter). Quantity: 1. 


e Breadboard, resistors, capacitors, and meter, as usual. 


Step 1: Display 


You can use three separate LED numerals for this project, but | suggest that 
you buy the Kingbright BC56-11EWA on the shopping list at the beginning of 
this chapter. It contains three numerals in one big package. 


You should be able to plug it into your breadboard, straddling the center 
channel. Put it all the way down at the bottom of the breadboard, as shown in 
Figure 4-31. Don’t put any other components on the breadboard yet. 


Now set your power supply to 9 volts, and apply the negative side of it to the 
row of holes running up the breadboard on the righthand side. Insert a 1K 
resistor between that negative supply and each of pins 18, 19, and 26 of the 
Kingbright display, which are the “common cathode,’ meaning the negative 
connection shared by each set of LED segments in the display. (The pin num- 
bers of the chip are shown in Figure 4-33. If you’re using another model of 
display, you'll have to consult a data sheet to find which pin(s) are designed to 
receive negative voltage.) 


Switch on the power supply and touch the free end of the positive wire to each 
row of holes serving the display on its left and right sides. You should see each 
segment light up, as shown in Figure 4-31. 


Each numeral from 0 to 9 is represented by a group of these segments. The 
segments are always identified with lowercase letters a through g, as shown in 
Figure 4-32. In addition, there is often a decimal point, and although we won't 
be using it, I’ve identified it with the letter h. 
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Check Figure 4-33 showing the Kingbright display, and you'll see | have an- 
notated each pin with its function. You can step down the display with the 
positive wire from your power supply, making sure that each pin lights an ap- 
propriate segment. 


Incidentally, this display has two pins, numbered 3 and 26, both labeled to 
receive negative voltage for the first of the digits. Why two pins instead of one? 
| don't know. You need to use only one, and as this is a passive chip, it doesn't 
matter if you leave the unused one unconnected. Just take care not to apply 
positive voltage to it, which would create a short circuit. 


A numeric display has no power or intelligence of its own. It's just a bunch of 
light-emitting diodes. It's not much use, really, until we can figure out a way to 
illuminate the LEDs in appropriate groups—which will be the next step. 


Step 2: Counting 


Fortunately, we have a chip known as the 4026, which receives pulses, counts 
them, and creates an output designed to work with a seven-segment display so 
that it shows numbers 0-9. The only problem is that this is a rather old-fashioned 
CMOS chip (meaning, Complementary Metal Oxide Semiconductor) and is thus 
sensitive to static electricity. Check the caution on page 172 before continuing. 


Switch off your power supply and connect its wires to the top of the breadboard, 
noting that for this experiment, we're going to need positive and negative pow- 
er on both sides. See Figure 4-34 for details. If your breadboard does not already 
have the columns of holes color-coded, | suggest you use Sharpie markers to 
identify them, to avoid polarity errors that can fry your components. 


The 4026 counter chip is barely powerful enough to drive the LEDs in our dis- 
play when powered by 9 volts. Make sure you have the chip the right way up, 
and insert it into the breadboard immediately above your three-digit display, 
leaving just one row of holes between them empty. 


The schematic in Figure 4-35 shows how the pins of the 4026 chip should be con- 
nected. The arrows tell you which pins on the display should be connected with 
pins on the counter. 


Figure 4-36 shows the “pinouts” (i.e., the functions of each pin) of a 4026 coun- 
ter chip. You should compare this with the schematic in Figure 4-35. 


Include a tactile switch between the positive supply and pin 1 of the 4026 
counter, with a 10K resistor to keep the input to the 4026 counter negative un- 
til the button is pressed. Make sure all your positives and negatives are correct, 
and turn on the power. You should find that when you tap the tactile switch 
lightly, the counter advances the numeric display from 0 through 9 and then 
begins all over again from 0. You may also find that the chip sometimes misin- 
terprets your button-presses, and counts two or even three digits at a time. I'll 
deal with this problem a little further on. 


The LED segments will not be glowing very brightly, because the 1K series 
resistors deprive of them of the power they would really like to receive. Those 
resistors are necessary to avoid overloading the outputs from the counter. 
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Figure 4-33. This Kingbright unit incor- 
porates three seven-segment numeric 
displays in one package, and can be driven 
by three chained 4026 decade counters. 
The pin numbers are shown close to the 
chip. Segments a through g of numeral 1 
are identified as la through lg. Segments 
a through g of numeral 2 are identified as 
2a through 2g. Segments a through g of 
numeral 3 are identified as 3a through 3g. 


Ov 


ewe 


EE! 


Figure 4-34. When building circuits around 
chips, it’s convenient to have a positive 
and negative power supply down each 
side of your breadboard. For the reaction 
timer circuit, a 9V supply with a 100 pF 
smoothing capacitor can be set up like 
this. If your breadboard doesn't color-code 
the columns of holes on the left and right 
sides, | suggest you do that yourself with a 
permanent marker. 
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Grounding Yourself 


embedded in it until you are ready to use them. 


another pin. 


Grounding the tip of your soldering iron is a good idea. 


can unplug the chip and plug in another. 


o a | 


Figure 4-35. /C3 is a 4026 
counter. IC4 is a triple 
seven-segment display chip. 
The arrows tell you which 
pins on the LED display 
should be connected to the 
pins on the counter. 
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Never solder a CMOS chip while there is power applied to it. 


To avoid the frustration that occurs when you power up a circuit and nothing happens, be sure to take these precautions when you 
use the older generation of CMOS chips (which often have part numbers from 4000 upward, such as 4002, 4020, and so on): 


Chips are often shipped with their legs embedded in black foam. This is electrically conductive foam, and you should keep the chips 


If the chips are supplied to you in plastic tubes, you can take them out and poke their legs into pieces of conductive foam or, if you 
don't have any, use aluminum foil. The idea is to avoid one pin on a chip acquiring an electric potential that is much higher than 


While handling CMOS components, grounding yourself is important. I find that in dry weather, | accumulate a static charge merely 
by walking across a plastic floor-protecting mat in socks that contain some synthetic fibers. You can buy a wrist strap to keep your- 
self grounded, or simply touch a large metal object, such as a file cabinet, before you touch your circuit board. Iam in the habit of 
working with my socked foot touching a file cabinet, which takes care of the problem. 


Better still, don't solder CMOS chips at all. When you're ready to immortalize a project by moving it from a breadboard into perfo- 
rated board, solder a socket into your perforated board, then push the chip into the socket. If there’s a problem in the future, you 


Use a grounded, conductive surface on your workbench. The cheapest way to do this is to unroll some aluminum foil and ground 
it (with an alligator clip and a length of wire) to a radiator, a water pipe, or a large steel object. | like to use an area of conductive 
foam to cover my workbench—the same type of foam that is used for packaging chips. However, this foam is quite expensive. 
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Disable clock 


Enable display 114 | Not-2 output 
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Figure 4-38. The 4026 decade counter is a CMOS chip that accepts 
clock pulses on pin 1, maintains a running total from O to 9, and out- 
puts this total via pins designed to interface with a seven-segment 
LED numeric display. 
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FUNDAMENTALS 


Counters and seven-segment displays 


Most counters accept a stream of pulses and distribute 
them to a series of pins in sequence. The 4026 decade 
counter is unusual in that it applies power to its output pins 
in a pattern that is just right to illuminate the segments of a 
7-segment numeric display. 


Some counters create positive outputs (they “source” 
current) while others create negative outputs (they “sink” 
current). Some seven-segment displays require positive 
input to light up the numbers. These are known as “common 
cathode” displays. Others require negative input and are 
known as “common anode’ displays. The 4026 delivers posi- 
tive outputs and requires a common cathode display. 


Check the data sheet for any counter chip to find out how 
much power it requires, and how much it can deliver. CMOS 
chips are becoming dated, but they are very useful to hob- 
byists, because they will tolerate a wide range of supply 
voltage—from 5 to 15 volts in the case of the 4026. Other 
types of chips are much more limited. 


Most counters can source or sink only a few milliamps of 
output power. When the 4026 is running on a 9-volt power 
supply, it can source about 4mA of power from each pin. 
This is barely enough to drive a seven-segment display. 


You can insert a series resistor between each output pin of 
the counter and each input pin of the numeric display, but 
a simpler, quicker option is to use just one series resistor 

for each numeral, between the negative-power pin and 
ground. The experiment that l'm describing uses this short- 
cut. Its disadvantage is that digits that require only a couple 
of segments (such as numeral 1) will appear brighter than 
those that use many segments (such as numeral 8). 


If you want your display to look bright and professional, 
you really need a transistor to drive each segment of each 
numeral. An alternative is to use a chip containing multiple 
“op amps’ to amplify the current. 


When a decade counter reaches 9 and rolls over to O, it 
emits a pulse from its “carry” pin. This can drive another 
counter that will keep track of tens. The carry pin on that 
counter can be chained to a third counter that keeps track 
of hundreds, and so on. In addition to decade counters, 
there are hexadecimal counters (which count in 16s), octal 
counters (in 8s), and so on. 


Why would you need to count in anything other than tens? 
Consider that the four numerals on a digital clock each count 
differently. The rightmost digit rolls over when it reaches 

10. The next digit to the left counts in sixes. The first hours 
digit counts to 10, gives a carry signal, counts to 2, and gives 
another carry signal. The leftmost hours digit is either blank 
or 1, when displaying time in 12-hour format. Naturally there 
are counters specifically designed to do all this. 


Counters have control pins such as “clock disable,’ which 
tells the counter to ignore its input pulses and freeze the 
display, “enable display,’ which enables the output from the 
chip, and “reset,” which resets the count to zero. 


The 4026 requires a positive input to activate each control pin. 
When the pins are grounded, their features are suppressed. 


To make the 4026 count and display its running total you 
must ground the “clock disable” and “reset” pins (to suppress 
their function) and apply positive voltage to the “enable 
display” pin (to activate the output). See Figure 4-36 to see 
these pins identified. 


Assuming that you succeed in getting your counter to drive the numeric dis- 
play, you're ready to add two more counters, which will control the remaining 
two numerals. The first counter will count in ones, the second in tens, and the 


third in hundreds. 


In Figure 4-37, I've continued to use arrows and numbers to tell you which pins 
of the counters should be connected to which pins of the numeric display. Oth- 
erwise, the schematic would be a confusing tangle of wires crossing each other. 


At this point, you can give up in dismay at the number of connections—but 
really, using a breadboard, it shouldn't take you more than half an hour to 
complete this phase of the project. | suggest you give it a try, because there's 
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Figure 4-37. This test circuit, laid out as you 
would be likely to place it on a breadboard, 
allows you to trigger a counter manually 

to verify that the display increments from 
000 upward to 999. 


Component values: 


All resistors are IK. 

S1, S2, S3: SPST tactile switches, normally 
open 

IC1, IC2, IC3: 4026 decade counter chips 
ICA: Kingbright 3-digit common-cathode 
display 

C1: 100 uF (minimum) smoothing capacitor 
Wire the output pins on IC1, IC2, and IC3 
to the pins on !C4, according to the num- 
bers preceded by arrows. The actual wires 
have been omitted for clarity. Check for 
the pinouts of IC4. 
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something magical about seeing a display count from 000 through 999 “all by 
itself and | chose this project because it also has a lot of instructional value. 


S1 is attached to the “clock disable” pin of IC1, so that when you hold down this 
button, it should stop that counter from counting. Because IC1 controls IC2, 
and IC2 controls 1C3, if you freeze IC1, the other two will have to wait for it to 
resume. Therefore you won't need to make use of their“clock disable” features. 


S2 is connected to the “reset” pins of all three counters, so that when you hold 
down this button, it should set them all to zero. 


S3 sends positive pulses manually to the “clock input” pin of the first counter. 


S1, S2, and S3 are all wired in parallel with 1K resistors connected to the nega- 
tive side of the power supply. The idea is that when the buttons are not being 
pressed, the“pull-down’ resistors keep the pins near ground (zero) voltage. When 
you press one of the buttons, it connects positive voltage directly to the chip, 
and easily overwhelms the negative voltage. This way, the pins remain either in 
a definitely positive or definitely negative state. If you disconnect one of these 
pull-down resistors you are likely to see the numeric display “flutter” erratically. 
(The numeric display chip has some unconnected pins, but this won't cause any 
problem, because it is a passive chip that is just a collection of LED segments.) 


l l 
ı Always connect input pins of a CMOS chip so that they are either positive or nega- l 
i tive. See the “No Floating Pins” warning on the next page. i 


| suggest that you connect all the wires shown in the schematic first. Then cut 
lengths of 22-gauge wire to join the remaining pins of the sockets from IC1, 
IC2, and IC3 to IC4. 


Switch on the power and press S2. You'll see three zeros in your numeric display. 


Each time you press $3, the count should advance by 1. If you press S2, the 
count should reset to three zeros. If you hold down S1 while you press S3 re- 
peatedly, the counters should remain frozen, ignoring the pulses from S3. 


FUNDAMENTALS 


Switch bounce 


When you hit $3, I think you'll find that the count sometimes increases by more 
than 1. This does not mean that there's something wrong with your circuit or your 
components; you are just observing a phenomenon known as “switch bounce.’ 


On a microscopic level, the contacts inside a pushbutton switch do not close 
smoothly, firmly, and decisively. They vibrate for a few microseconds before set- 
tling; the counter chip detects this vibration as a series of pulses, not just one. 


Various circuits are available to “debounce” a switch. The simplest option is to 
put a small capacitor in parallel with the switch, to absorb the fluctuations; but 
this is less than ideal. I'll come back to the topic of debouncing later in the book. 
Switch bounce is not a concern in this circuit, because we're about to get rid of 
S3 and substitute a 555 timer that generates nice clean bounceless pulses. 
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Pulse Generation 


A 555 timer is ideal for driving a counter chip. You've already seen how to wire 
a 555 to create a stream of pulses that made noise through a loudspeaker. I’m 
reproducing the same circuit in Figure 4-38 in simplified form, using the posi- 
tive and negative supply configuration in the current project. Also I’m show- 
ing the connection between pins 2 and 6 in the way that you're most likely to 
make it, via a wire that loops over the top of the chip. 


For the current experiment, I’m suggesting initial component values that will 
generate only four pulses per second. Any faster than that, and you won't be 
able to verify that your counters are counting properly. 


Install IC5 and its associated components on your breadboard immediately 
above IC1. Don't leave any gap between the chips. Disconnect S3 and R3 and 
connect a wire directly between pin 3 (output) of IC5 and pin 1 (clock) of IC1, 
the topmost counter. Power up again, and you should see the digits advancing 
rapidly in a smooth, regular fashion. Press $1, and while you hold it, the count 
should freeze. Release 51 and the count will resume. Press S2 and the counter 
should reset, even if you are pressing S1 at the same time. 
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To Pin 1 
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Figure 4-38. A basic astable circuit to drive the decade counter in the previous schematic. 
Output is approximately 4 pulses per second. 


R7: 1K 

R8: 2K2 

C2: 68 uF 

Ca OL UP 
IC5: 555 timer 
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No Floating Pins! 


A CMOS chip is hypersensitive. Any 
pin that is not wired either to the 
supply voltage or to ground is said 
to be “floating” and may act like an 
antenna, sensitive to the smallest 
fluctuations in the world around it. 


The 4026 counter chip has a pin 
labeled “clock disable.” The manu- 
facturer's data sheet helpfully tells 
you that if you give this pin a positive 
voltage, the chip stops counting and 
freezes its display. As you don’t want 
to do that, you may just ignore that 
pin and leave it unconnected, at least 
while you test the chip. This is a very 
bad idea! 


What the data sheet doesn’t bother 
to tell you (presumably because 
“everyone knows” such things) is that 
if you want the clock to run normally, 
the clock-disable feature itself has to 
be disabled, by wiring it to negative 
(ground) voltage. If you leave the pin 
floating (and | speak from experi- 
ence), the chip will behave erratically 
and uselessly. 


All input pins must be either 
positively or negatively wired, unless 
otherwise specified. 
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Refinements 


Now it's time to remember that what we really want this circuit to do is test a 
person's reflexes. When the user starts it, we want an initial delay, followed by a 
signal—probably an LED that comes on. The user responds to the signal by press- 
ing a button as quickly as possible. During the time it takes for the person to re- 
spond, the counter will count milliseconds. When the person presses the button, 
the counter will stop. The display then remains frozen indefinitely, displaying the 
number of pulses that were counted before the person was able to react. 


How to arrange this? | think we need a flip-flop. When the flip-flop gets a sig- 
nal, it starts the counter running—and keeps it running. When the flip-flop 
gets another signal (from the user pressing a button), it stops the counter run- 
ning, and keeps it stopped. 


How do we build this flip-flop? Believe it or not, we can use yet another 555 
timer, in anew manner known as bistable mode. 


-UNDAMENTALS 


The bistable 555 timer 


Figure 4-39 shows the internal layout of a 555 timer, as 
before, but the external components on the righthand side 
have been eliminated. Instead, l'm applying a constant 
negative voltage to pin 6. Can you see the consequences? 
Suppose you apply a negative pulse to the trigger (pin 2). 
Normally when you do this and the 555 starts running, it 
generates a positive output while charging a capacitor at- 
tached to pin 6. When the capacitor reaches 2/3 of the full 
supply voltage, this tells the 555 to ends its positive output, 
and it flips back to negative. 


Well, if there’s no capacitor, there’s nothing to stop the timer. 
Its positive output will just continue indefinitely. However, 
pin 4 (the reset) can still override everything, so if you apply 
negative voltage to pin 4, it flips the output to negative. 
After that, the output will stay negative indefinitely, as it 
usually does, until you trigger the timer by dropping the 
voltage to pin 2 again. This will flip the timer back to gener- 
ating its positive output. 


Here's a quick summary of the bistable configuration: 


A negative pulse to pin 2 turns the output positive. 


A ASNO pulse m pin Urn nE Upa ASN Figure 4-38. In the bistable configuration, pin 6 of a 555 timer 
The timer is stable in each of these states. Its run-time is perpetually negative, so the timer cycle never ends, unless 
has become infinite. you force it to do so by applying a negative pulse to pin 4 (the 


; reset). 
It's OK to leave pins 5 and 7 of the timer unconnected, ) 


because we're pushing it into extreme states where any 
random signals from those pins will be ignored. 
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In bistable mode, the 555 has turned into one big flip-flop. To avoid any un- 
certainty, we keep pins 2 and 4 normally positive via pull-up resistors, but 
negative pulses on those pins can overwhelm them when we want to flip the 
555 into its opposite state. The schematic for running a 555 timer in bistable 
mode, controlled by two pushbuttons, is shown in Figure 4-40. You can add 
this above your existing circuit. Because you're going to attach the output 
from IC6 to pin 2 of IC1, the topmost counter, you can disconnect S1 and R1 
from that pin. See Figure 4-41. 


Now, power up the circuit again. You should find that it counts in the same way 
as before, but when you press $4, it freezes. This is because your bistable 555 
timer is sending its positive output to the “clock disable” pin on the counter. 
The counter is still receiving a stream of pulses from the astable 555 timer, 
but as long as pin 2 is positive on the counter, the counter simply ignores the 
pulses. 


Now press S5, which flips your bistable 555 back to delivering a negative out- 
put, at which point the count resumes. 


We're getting close to a final working circuit here. We can reset the count to 
zero (with S3), start the count (with S5), and wait for the user to stop the count 
(with S4). The only thing missing is a way to start the count unexpectedly. 


+ + 


R10 


| To Pin 2 
of 4026 
Counter 


S5 IC1 


Figure 4-40. Adding a bistable 555 timer to the reflex tester will stop the counter with a 
touch of a button, and keep it stopped. 


R9, R10: 1K 
IC6: 555 timer 
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Figure 4-41. The completed control section 
of the circuit, to be added above these 
timers. 


RZ R9, R10, R12: 1K 

R8: 2K2 

R11: 330K 

C1: 100 pF 

C2: 68 UF 

05,062,060 uF 

CoO UF 

S1, S2, S3: tactile switches 
IC5, IC6, IC7: 555 timers 
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The Delay 


Suppose we set up yet another 555 in monostable mode. Trigger its pin 2 with 
a negative pulse, and the timer delivers a positive output that lasts for, say, 4 
seconds. At the end of that time, its output goes back to being negative. Maybe 
we can hook that positive-to-negative transition to pin 4 of IC6. We can use this 
instead of switch S5, which you were pressing previously to start the count. 


Check the new schematic in Figure 4-41 which adds another 555 timer, IC7 
above IC6. When the output from IC7 goes from positive to negative, it will 
trigger the reset of IC6, flipping its output negative, which allows the count to 
begin. So IC7 has taken the place of the start switch, $4. You can get rid of S4, 
but keep the pull-up resistor, R9, so that the reset of IC6 remains positive the 
rest of the time. 


This arrangement works because | have used a capacitor, C4, to connect the 
output of IC7 to the reset of IC6. The capacitor communicates the sudden 
change from positive to negative, but the rest of the time it blocks the steady 
voltage from IC7 so that it won't interfere with IC6. 


The final schematic in Figure 4-41 shows the three 555 timers all linked together, 
as you should insert them above the topmost counter, IC1. I also added an LED to 
signal the user. Figure 4-42 is a photograph of my working model of the circuit. 


A 


Figure 4- 


2. The complete reaction-timer circuit barely fits on a 63-row breadboard. 


Because this circuit is complicated, l'Il summarize the sequence of events 
when it's working. Refer to Figure 4-41 while following these steps: 


1. User presses Start Delay button S4, which triggers IC7. 

IC7 output goes high for a few seconds while C5 charges. 

IC7 output drops back low. 

IC7 communicates a pulse of low voltage through C4 to IC6, pin 4. 
IC 6 output flips to low and flops there. 

Low output from IC6 sinks current through LED and lights it. 


De e wW N 


Low output from IC6 also goes to pin 2 of IC1. 
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8. Low voltage on pin 2 of IC1 allows IC1 to start counting. 


9. User presses S3, the “stop” button. 
10. S3 connects pin 2 of IC6 to ground. 


11. IC6 output flips to high and flops there. 

12. High output from IC6 turns off the LED. E] 

13. High output from IC6 also goes to pin 2 of IC1. y 

14. High voltage on pin 2 of IC1 stops it from counting. | | => a => | 
15. After assessing the result, user presses S2. | 
16. S2 applies positive voltage to pin 15 of IC1, IC2, IC3. y 


17. Positive voltage resets counters to zero. 
18. The user can now try again. 
19. Meanwhile, IC5 is running continuously throughout. 


In case you find a block diagram easier to understand, I’ve included that, too, 
in Figure 4-43. 


Using the Reflex Tester 


At this point, you should be able to test the circuit fully. When you first switch 
it on, it will start counting, which is slightly annoying, but easily fixed. Press S3 
to stop the count. Press S2 to reset to zero. 


4 
-E 
Figure 4-43. The functions of the reflex 
tester, summarized as a block diagram. 
Now press S4. Nothing seems to happen—but that’s the whole idea. The delay 
cycle has begun in stealth mode. After a few seconds, the delay cycle ends, 
and the LED lights up. Simultaneously, the count begins. As quickly as pos- 


sible, the user presses S3 to stop the count. The numerals freeze, showing how 
much time elapsed. 


There's only one problem—the system has not yet been calibrated. It is still 
running in slow-motion mode. You need to change the resistor and capacitor 
attached to IC5 to make it generate 1,000 pulses per second instead of just 
three or four. 


Substitute a 10K trimmer potentiometer for R8 and a 1 uF capacitor for C2. 
This combination will generate about 690 pulses per second when the trim- 
mer is presenting maximum resistance. When you turn the trimmer down to 
decrease its resistance, somewhere around its halfway mark the timer will be 
running at 1,000 pulses per second. 


How will you know exactly where this point is? Ideally, you would attach an 
oscilloscope probe to the output from IC5. But, most likely, you don't have an 
oscilloscope, so here are a couple other suggestions. 
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First remove the 1 uF capacitor at C2 and substitute a 10 uF capacitor. Because 
you are multiplying the capacitance by 10, you will reduce the speed by 10. 
The leftmost digit in your display should now count in seconds, reaching 9 and 
rolling over to 0 every 10 seconds. You can adjust your trimmer potentiometer 
while timing the display with a stopwatch. When you have it right, remove the 
10 uF capacitor and replace the 1 uF capacitor at C2. 


The only problem is, the values of capacitors may be off by as much as 10%. If 
you want to fine-tune your reflex timer, you can proceed as follows. 


Disconnect the wire from pin 5 of IC3, and substitute an LED with a 1K series 
resistor between pin 5 and ground. Pin 5 is the “carry” pin, which will emit a 
positive pulse whenever IC3 counts up to 9 and rolls over to start at O again. 
Because IC3 is counting tenths of a second, you want its carry output to occur 
once per second. 


Now run the circuit for a full minute, using your stopwatch to see if the flashing 
LED drifts gradually faster or slower than once per second. If you have a camcord- 
er that has a time display in its viewfinder, you can use that to observe the LED. 


If the LED flashes too briefly to be easily visible, you can run a wire from pin 5 to 
another 555 timer that is set up in monostable mode to create an output lasting 
for around 1/10 of a second. The output from that timer can drive an LED. 


Enhancements 


It goes without saying that anytime you finish a project, you see some oppor- 
tunities to improve it. Here are some suggestions: 


1. No counting at power-up. It would be nice if the circuit begins in its 
“ready” state, rather than already counting. To achieve this you need to 
send a negative pulse to pin 2 of IC6, and maybe a positive pulse to pin 15 
of IC1. Maybe an extra 555 timer could do this. I’m going to leave you to 
experiment with it. 


2. Audible feedback when pressing the Start button. Currently, there's no 
confirmation that the Start button has done anything. All you need to do 
is buy a piezoelectric beeper and wire it between the righthand side of 
the Start button and the positive side of the power supply. 


3. Arandom delay interval before the count begins. Making electronic com- 
ponents behave randomly is very difficult, but one way to do it would be 
to require the user to hold his finger on a couple of metal contacts. The 
skin resistance of the finger would substitute for R11. Because the finger 
pressure would not be exactly the same each time, the delay would vary. 
You'd have to adjust the value of C5. 
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Summing Up 


This project demonstrated how a counter chip can be controlled, how counter 
chips can be chained together, and three different functions for 555 timers. It 
also showed you how chips can communicate with each other, and introduced 
you to the business of calibrating a circuit after you've finished building it. 


Naturally, if you want to get some practical use from the circuit, you should 
build it into an enclosure with heavier-duty pushbuttons—especially the but- 
ton that stops the count. You'll find that when people's reflexes are being test- 
ed, they are liable to hit the stop button quite hard. 


Because this was a major project, l'Il follow it up here with some quicker, easier 
ones as we move into the fascinating world of another kind of integrated circuit: 
logic chips. 


Experiment 19: Learning Logic 
You will need: 
e Assorted resistors and capacitors. 


e 74HC00 quad 2-input NAND chip, 74HC08 quad 2-input AND chip, and 
LM7805 voltage regulator. Quantity: 1 of each. 


« Signal diode, 1N4148 or similar. Quantity: 1. 
e Low-current LED. Quantity: 1. 
e SPST tactile switches. Quantity: 2. 


You're going to be entering the realm of pure digital electronics, using “logic 
gates” that are fundamental in every electronic computing device. When you 
deal with them individually, they're extremely easy to understand. When you 
start chaining them together, they can seem intimidatingly complex. So let’s 
start with them one at a time. 


Logic gates are much fussier than the 555 timer or the 4026 counter that you 
used previously. They demand an absolutely precise 5 volts DC, with no fluc- 
tuations or “spikes” in the flow of current. Fortunately, this is easy to achieve: 
just set up your breadboard with an LM7805 voltage regulator, as shown in 
the schematic in Figure 4-44 and the photograph in Figure 4-45. The regula- 
tor receives 9 volts from your usual voltage supply, and reduces it to 5 volts, 
with the help of a couple of capacitors. You apply the 9 volts to the regulator, 
and distribute the 5 volts down the sides of your breadboard instead of the 
unregulated voltage that you used previously. Use your meter to verify the 
voltage, and make sure you have the polarity clearly marked. 


After installing your regulator, take a couple of tactile switches, two 10K resis- 
tors, a low-current LED, and a 1K resistor, and set them around a 74HC00 logic 
chip as shown in Figure 4-46. You may notice that many of the pins of the chip 
are shorted together and connected to the negative side of the power supply. 
I'll explain that in a moment. 
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9v DC 


LM7805 


Figure 4-44. This simple circuit is essential 
to provide a regulated 5V DC supply for 
logic chips. 


Figure 4-45. The voltage regulator and its 
two capacitors can fit snugly at the top of 
a breadboard. Remember to apply the 9V 
input voltage at the left pin of the regula- 
tor, and distribute the 5V output down the 
sides of the breadboard. 
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Why couldn't a simple ON-OFF switch with 
only two terminals have been used with these 
examples? 
Answer 

An ON-OFF switch is either open or closed, 


and cannot switch between position A and 
position B, as shown earlier in Figure 4.19 

29 If you connect R1, R2, and a switch 
together, as shown in Figure 4.20 , you can 
use a simple ON-OFF switch with only two 
terminals. (This is a single-pole, single-throw 
switch.) 
Figure 4.20 


Questions 
A. When the switch is open, is Q1 ON or 
OFF? 
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P FUNDAMENTALS 


Voltage regulators 


The simplest versions of these 
little semiconductors accept a 
higher DC voltage on one pin 

and deliver a lower DC voltage 

on another pin, with a third pin 
(usually in the middle) serving as 
a common negative, or ground. 
You should also attach a couple of 
capacitors to smooth the current, 
as shown in Figure 4-46. 


Typically you can put a 7.5-volt or 
9-volt supply on the “input” side of 
a 5-volt regular, and draw a precise 
5 volts from the “output” side. If 
you're wondering where the extra 
voltage goes, the answer is, the 
regulator turns the electricity into 
heat. For this reason, small regula- 
tors (such as the one in Figure 4-8) 
often have a metal back with a 
hole in the top. Its purpose is to 
radiate heat, which it will do more 
effectively if you bolt it to a piece 
of aluminum, since aluminum 
conducts heat very effectively. The 
aluminum is known as a heat sink, 
and you can buy fancy ones that 
have multiple cooling fins. 


For our purposes, we won't be 
drawing enough current to require 
a heat sink. 
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Figure 4-45. By observing the LED when you press either, both, or neither of the buttons, 
you can easily figure out the logical function of the NAND gate. 


When you connect power, the LED should light up. Press one of the tactile 
switches, and the LED remains illuminated. Press the other tactile switch, and 
again the LED stays on. Now press both switches, and the light should go out. 


Pins 1 and 2 are logic inputs for the 74HC00 chip. Initially they were held at 
negative voltage, being connected to the negative side of the power supply 
through 10K resistors. But each pushbutton overrides its pull-down resistor 
and forces the input pin to go positive. 


The logic output from the chip, as you saw, is normally positive—but not if 
the first input and the second input are positive. Because the chip does a“Not 
AND” operation, it's known as a NAND logic gate. You can see the breadboard 
layout in Figure 4-47. Figure 4-48 is a simplified version of the circuit. The U- 
shaped thing with a circle at the bottom is the logic symbol for a NAND gate. 
No power supply is shown for it, but in fact all logic chips require a power sup- 
ply, which enables them to put out more current than they take in. Anytime 
you see a symbol for a logic chip, try to remember that it has to have power 
to function. 


Figure 4-47. This breadboard layout is 
exactly equivalent to the schematic in 
Figure 4-46. 
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The 74HC00 actually contains four NAND gates, each with two logical inputs 
and one output. They are arrayed as shown in Figure 4-49. Because only one 
gate was needed for the simple test, the input pins of the unused gates were 
shorted to the negative side of the power supply. 


Pin 14 supplies positive power for the chip; pin 7 is its ground pin. Almost 
all the 7400 family of logic chips use the same pins for positive and negative 
power, so you can swap them easily. 


In fact, let's do that right now. First, disconnect the power. Carefully pull out 
the 74HC00 and put it away with its legs embedded in conductive foam. Sub- 
stitute a 74HC08 chip, which is an AND chip. Make sure you have it the right 
way up, with its notch at the top. Reconnect the power and use the pushbut- 
tons as you did before. This time, you should find that the LED comes on if 
the first input AND the second input are both positive, but it remains dark 
otherwise. Thus, the AND chip functions exactly opposite to the NAND chip. 
Its pinouts are shown in Figure 4-50. 


You may be wondering why these things are useful. Soon you'll see that we 
can put logic gates together to do things such as create an electronic com- 
bination lock, or a pair of electronic dice, or a computerized version of a TV 
quiz show where users compete to answer a question. And if you were really 
insanely ambitious, you could build an entire computer out of logic gates. 


Figure 4-48. The pinouts of the logic gates in a /AHCOOchip. 
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Figure 4-48. The structure and function of 
the NAND gate is easier to visualize with 
this simplified schematic that omits the 
power supply for the chip and doesn't 
attempt to place the wires to fit a bread- 
board layout. 
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From Boole to Shannon 


George Boole was a British mathematician, born in 1815, who did something 
that few people are ever lucky enough or smart enough to do: he invented an 
entirely new branch of mathematics. 


Interestingly, it was not based on numbers. Boole had a relentlessly logical 
mind, and he wanted to reduce the world to a series of true-or-false statements 
which could overlap in interesting ways. For instance, suppose there is a couple 
named Ann and Bob who have so little money, they only own one hat. Clearly, 
if you happen to run into Ann and Bob walking down the street, there are four 
possibilities: neither of them may be wearing a hat, Ann may be wearing it, or 
Bob may be wearing it, but they cannot both be wearing it. 


The diagram in Figure 4-51 illustrates this. All the states are possible except the 
one where the circles overlap. (This is known as a Venn diagram. | leave it to you 
to search for this term if it interests you and you'd like to learn more.) Boole took 
this concept much further, and showed how to create and simplify extremely 
complex arrays of logic. 


Figure 4-51. This slightly frivolous Venn diagram illustrates the various possibilities 
for two people, Ann and Bob, who own only one hat. 


Another way to summarize the hat-wearing situation is to make the “truth table” 
shown in Figure 4-52. The rightmost column shows whether each combination 
of propositions can be true. Now check the table in Figure 4-53. It’s the same 
table but uses different labels, which describe the pattern you have seen while 
using the NAND gate. 


Boole published his treatise on logic in 1854, long before it could be applied 

to electrical or electronic devices. In fact, during his lifetime, his work seemed 
to have no practical applications at all. But a man named Claude Shannon 
encountered Boolean logic while studying at MIT in the 1930s, and in 1938 he 
published a paper describing how Boolean analysis could be applied to circuits 
using relays. This had immediate practical applications, as telephone networks 
were growing rapidly, creating complicated switching problems. 
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From Boole to Shannon (continued) 


A very simple telephone problem could be expressed like 
this. Suppose two customers in a rural area share one tele- 
phone line. If one of them wants to use the line, or the other 
wants to use it, or neither of them wants to use it, there's 

no problem. But they cannot both use it at once. You may 
notice that this is exactly the same as the hat-wearing situa- 
tion for Ann and Bob. 


We can easily draw a circuit using two normally closed 

relays that creates the desired outcome (see Figure 4-54), 
but if you imagine a telephone exchange serving many 
thousands of customers, the situation becomes very compli- 
cated indeed. In fact, in Shannon's time, no logical process 
existed to find the best solution and verify that it used fewer 


Figure 4-52. The hat-wearing possibilities can be expressed in a components than some other solution. 
“truth table.” 


Shannon saw that Boolean analysis could be used for this 
Inout A Inout B purpose. Also, if you used an “on” condition to represent 
p p Output numeral 1 and an “off” condition to represent numeral 0, 
you could build a system of relays that could count. And if it 
ON could count, it could do arithmetic. 


ON When vacuum tubes were substituted for relays, the first 
practical digital computers were built. Transistors took the 
place of vacuum tubes, and integrated circuit chips replaced 


ON transistors, leading to the desktop computers that we now 

take for granted today. But deep down, at the lowest levels 

OFF of these incredibly complex devices, they still use the laws 

of logic discovered by George Boole. Today, when you use 
Figure 4-53. The truth-table from can be relabeled to describe a search engine online, if you use the words AND and OR to 
the inputs and outputs of a NAND gate. refine your search, you're actually using Boolean operators. 


Figure 4-54. This relay circuit could illustrate the desired logic for two telephone customers wanting to share one line, and its 
behavior is almost identical to that of the NAND schematic shown in Figure 4-48. 


Chips, Ahoy! 185 


Experiment 19: Learning Logic 
ESSENTIALS 


Logic gate basics 


The NAND gate is the most fundamental building block of digital computers, 
because (for reasons which | don't have space to explain here) it enables digital 
addition. If you want to explore more try searching online for topics such as 
“binary arithmetic” and “half-adder.’ 


Generally, there are seven types of logic gates: 


e XOR e NOT 
«e NAND e XNOR 


Of the six two-input gates, the XNOR is hardly ever used. The NOT gate has a 
single input, and simply gives a negative output when the input is positive or a 
positive output when the input is negative. The NOT is more often referred to as 
an “Inverter.” The symbols for all seven gates are shown in Figure 4-56. 


Figure 4-55. Ann and Bob attempt to over- 
come the limitations of Boolean logic. 


Logical Inputs 


AA 


Logical Outputs 


Figure 4-58. American symbols for the six types of two-input logic gates, and the 
single-input inverter. 


I've shown the American symbols. 
Other symbols have been adopted in 
Europe, but the traditional symbols 
shown here are the ones that you will 
usually find, even being used by Eu- 
ropeans. | also show the truth tables, 
in Figure 4-57, illustrating the logical 
output (high or low) for each pair of 
inputs of each type of gate. 
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Figure 4-57. Inputs and corresponding outputs for the six types of logic gates (note 
that the XNOR gate is seldom used). The minus signs indicate low voltage, close 
to ground potential. The plus signs indicate higher voltage, close to the positive 
potential of the power supply in the circuit. The exact voltages will vary depending 
on other components that may be actively connected. 
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Logic gate basics (continued) 


If you have difficulty visualizing logic gates, a mechanical comparison may 
help. You can think of them as being like sliding plates with holes in them, in a 
bubblegum machine. Two people, A and B, can push the plates. These people 
are the two inputs, which are considered positive when they are doing some- 
thing. (Negative logic systems also exist, but are uncommon, so l'm only going 
to talk about positive systems here.) 


The flow of bubblegum represents a flow of positive current. The full set of pos- 
sibilities is shown in Figures 4-58 through 4-63. 


g LNdNI 
V LAdNI 


= 


NO YES| No | 
YES NO | NO | 
= {| | | 
H a, "y 


a En 


g€ LNdNI 
V LNdNI 


E 
No No [YES 
YES YES] NO | 


Chips, Ahoy! 187 


Experiment 19: Learning Logic 


ESSENTIALS 


Logic gate basics (continued) 
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Logic gate basics (continued) 
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The confusing world of TTL and CMOS 


Back in the 1960s, the first logic gates were built with 
Transistor-Transistor Logic, abbreviated TTL, meaning that tiny 
bipolar transistors were etched into a single wafer of silicon. 
Soon, these were followed by Complementary Metal Oxide 
Semiconductors, abbreviated CMOS. Each of these chips was 
a collection of metal-oxide field-effect transistors (known as 
MOSFETs). The 4026 chip that you used earlier is an old CMOS. 


You may remember that bipolar transistors amplify current. 
TTL circuits are similar: they are sensitive to current, rather 
than voltage. Thus they require a significant flow of electricity, 
to function. But CMOS chips are like the programmable uni- 
junction transistor that | featured previously. They are voltage- 
sensitive, enabling them to draw hardly any current while they 
are waiting for a signal, or pausing after emitting a signal. 


The two families named TTL and CMOS still exist today. The 
table in Figure 4-64 summarizes their basic advantages and 
disadvantages. The CMOS series, with part numbers from 
4000 upward, were easily damaged by static electricity but 
were valuable because of their meager power consumption. 
The TTL series, with part numbers from 7400 upward, used 
much more power but were less sensitive and very fast. So, 
if you wanted to build a computer, you used the TTL family, 
but if you wanted to build a little gizmo that would run for 
weeks on a small battery, you used the CMOS family. 


From this point on everything became extremely confusing, 
because CMOS manufacturers wanted to grab market share 
by emulating the advantages of TTL chips. Newer genera- 
tions of CMOS chips even changed their part numbers to 
begin with “74” to emphasize their compatibility, and the 
functions of pins on CMOS chips were swapped around to 
match the functions of pins on TTL chips. Consequently, the 
pinouts of CMOS and TTL chips are usually now identical, 
but the meaning of “high” and “low” states changed in each 
new generation, and the maximum supply voltages for CMOS 
chips were revised downward. Note | have included question 
marks beside two categories in the CMOS column, as modern 
CMOS chips have overcome those disadvantages—at least to 
some extent. 


Here's a quick summary, which will be useful to you if you 
look at a circuit that you find online, and you wonder about 
the chips that have been specified. 


Where you see a letter “x,” it means that various numbers 
may appear in that location. Thus “74xx” includes the 7400 
NAND gate, the 7402 NOR gate, the 74150 16-bit data selec- 
tor, and so on. A combination of letters preceding the “74” 
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identifies the chip manufacturer, while letters following the 
part number may identify the style of package, may indicate 
whether it contains heavy metals that are environmentally 
toxic, and other details. 


TTL CMOS 
Part 
number 7400 4000 
aes (Later adopted 
7400 numbering) 
Vulnerable 
to static Less More? 
electricity 
Speed Faster Slower? 
P s 
ios Higher Very Low 
Power Narrow Wider 
Supply Range 5v 3V-6v 
Input : 
Impedance AMWW- Low Very High 


Figure 4-64. The basic differences between the two families of 
logic chips. In successive generations, these differences have 
gradually diminished. 


TTL family: 


7AXX 
The old original generation, now obsolete. 


74SXX 
Higher speed “Schottky” series, now obsolete. 


74LSXx 
Lower power Schottky series, still used occasionally. 


74ALSXX 
Advanced low-power Schottky. 


74FXX 
Faster than the ALS series. 
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CMOS family: 


40XX 
The old original generation, now obsolete. 


40xxB 
The 4000B series was improved but still susceptible to 
damage from static electricity. Many hobby circuits still 
use these chips because they will run from relatively 
high voltages and can power LEDs and even small 
relays directly. 


74HCxx 
Higher-speed CMOS, with part numbers matching the 
TTL family, and pinouts matching the TTL family, but 
input and output voltages not quite the same as the 
TTL family. I've used this generation extensively in this 
book, because it’s widely available, and the circuits 
here have no need for greater speed or power. 


74HCTXx 
Like the HC series but matching the TTL voltages. 


74ACXX 
Advanced version of HC series. Faster, with higher 
output capacity. 


74ACTXX 
Like the AC series but with the same pin functions and 
voltages as TTL. 


74AHCxx 
Advanced higher-speed CMOS. 


74AHCTXx 
Like the AHC series but with the same pin functions 
and voltages as TTL. 


74L VXx 
Lower voltage (3.3v) versions, including LV, LVC, LVT, 
and ALVC series. 


As you can see, these days you have to interpret part num- 


bers very carefully. But which family and generation of chips 


should you use? Well, that depends! Following are some 
guidelines. 


What you don't need: 


1. Speed differences are irrelevant from our point of view, 
as were not going to be building circuits running at 
millions of cycles per second. 


2. Price differences are so small as to be inconsequential. 


3. Lower-voltage (LV) CMOS chips are not very interesting 
for our small experimental circuits. 


4. Try to avoid mixing different families, and different 
generations of the same family, in the same circuit. 
They may not be compatible. 


5. Some modern chip varieties may be only available in 
the surface-mount package format. Because they're so 
much more difficult to deal with, and their only major 
advantage is miniaturization, | don't recommend them. 


6. Inthe TTL family, the LS and ALS series cannot handle 
as much output current as the S series and the F series. 
You don't need them. 


What you should use: 


1. The old 74LSxx series of TTL chips was so popular, 
you'll still find schematics that specify these chips. You 
should still be able to buy them from sources online, 
but if not, you can substitute the 74HCTxx chips, which 
are designed to function identically. 


2. The old 4000B series of CMOS chips are still used by 
hobbyists because their willingness to tolerate high 
voltages is convenient. While TTL or TTL-compatible 
chips require a carefully regulated 5 volts, the 4000B 
chips would handle 15 volts—and also delivered 
enough power to energize LEDs or even very small re- 
lays. Some hobbyists also have a nostalgic affection for 
the 74Cxx series of chips, which had the same pin con- 
nections as the TTL chips but could still tolerate higher 
voltages and higher output current. The trouble is, 
some of the 74Cxx chips are almost extinct, and while 
the 4000B chips are still available, they are considered 
almost obsolete. 
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B. When the switch is closed, is the lamp ON 
or Off? 


Answers 
A. OFF 
B. ON 


30 When the switch is closed, current flows 
through R 1. However, at point A in Figure 
4.20 , the current divides’ into two paths. One 


path is the base current |B, and the other is 
marked 12. 
Question 
How could you calculate the total current 11? 
Answer 
L= l¿ + l, 
31 The problem now is to choose the 


values of both R 1 and R 2 so that when the 
current divides, there is sufficient base current 
to turn Q 1 ON. 


Question 
Consider this simple example. Assume the 
load is a 10-volt lamp that needs 100 mA of 
current and @ = 100. Calculate the base 
current required. 
l. 1B= — < č 
Answer 
100 mA 
BS =1mA 
100 
32 After the current |1 flows through R1, 
it must divide, and 1mA of it becomes | B 


The remainder of the current is 12. The 


Experiment 19: Learning Logic 


The confusing world of TTL and CMOS (continued) 


Bottom line: | suggest you use the 4000B chips only if you want to replicate an 
old circuit, or if a modern equivalent is unavailable (which is why | specified the 
4026B chip for the reaction timer—- could not find a modern equivalent that 
will drive seven-segment numeric displays directly, and | didn't want you to 
have to deal with more parts than necessary). 


If you check online suppliers such as Mouser.com you'll find that the HC family is 
by far the most popular right now. They are all available in through-hole format 
(to fit your breadboard and perforated board). They have the high input imped- 
ance of CMOS (which is useful) and they have the same pin identities as the old 
74LSxx series. 


Abbreviations 


When looking at data sheets, you are likely to encounter some or all of these 
abbreviations: 


VOH min: Minimum output voltage in high state 

VOL max: Maximum output voltage in low state 

VIH min: Minimum input voltage to be recognized as high 
VIL max: Maximum input voltage recognized as low 


Logic gate origins 


The 7400 family of integrated circuits was introduced by shows just one of the handmade circuit boards that Bill as- 
Texas Instruments, beginning with the 7400 NAND gate in sembled to run his computer. 

1962. Other companies had sold logic chips previously, but 

the 7400 series came to dominate the market. The Apollo 

lunar missions used a computer built with 7400 chips, and | ui tapa nt pepp mare 

they were a mainstay of minicomputers during the 1970s. ia 


E, MR DEA A a 
RCA introduced its 4000 series of logic chips in 1968, built F AA 
around CMOS transistors; Texas Instruments had chosen f= ae 


TTL. The CMOS chips used less power, thus generating much ; ap st mes if promote Rag A ae 


I ki pepr" Pija TAP LP 
= n | 


& 


less heat and enabling flexible circuit design, as each chip SCE AA. A = 
could power many others. CMOS was also tolerant of wide EEE a Tar E EE 
voltage ranges (from 3 to 15 volts) but prohibited switching 
speeds faster than around 1MHz. TTL was 10 times faster. 


- Lr 7 hi y Ar à r = T 
; : ty i Se Pra! a 
' A Ee i i i i O g a A | 
= š "A e > m n | l 
— — Pa TH rai carta a 
x ! tl tt oo 
= : 1] : 
à f -i n . i 
4 à 1 
A = 


Design tweaks gradually eradicated the speed penalty for A Be a 
CMOS, and TTL chips have become relatively rare. Still, some Figure 4-85. Hobbyist Bill Buzbee built himself a web server 


entirely from 7400 series logic chips, the oldest of which was 
that went to the moon.’ A hardcore enthusiast named Bill fabricated back ” 1303. Ine web a pe round ante a 

f http://magic-1.org, displaying pictures of itself and details of 
Buzbee has built an entire web server from TTL-type 7400 its construction. The picture here that Bill took shows just one 
chips, currently online at http://magic-1.org. Figure 4-65 of the circuit boards of this remarkable project. 


people retain a special nostalgic loyalty to “the logic gates 
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Common part numbers 


Each 14-pin chip can contain four 2-input gates, three Figures 4-66 through 4-74 
3-input gates, two 4-input gates, one 8-input gate, or six show the internal connec- +) 
single-input inverters, as shown in the following table. tions of the logic chips that 


you are most likely to use. 
Note that the 7402 NOR 
gate has its logical inputs 
and outputs arranged dif- 
ferently from all the other 
chips. 


Figure 4-88. Figures 4-66 
through 4-74 show pinouts 

for some of the most widely 
used logic chips. Note that the 
inputs of the 7402 are reversed a 
compared with the other chips. 
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Rules for connecting logic gates 


Permitted: The output from the timer can then deliver 100mA, 

- You can connect the input of a gate directly to your easily enough for half-a-dozen LEDs or a small relay. 
regulated power supply, either positive side or nega- e Low input doesn't have to be zero. A 74HCxx logic gate 
tive side. will recognize any voltage up to 1 volt as “low.” 

- You can connect the output from one gate directly to «High input doesn't have to be 5 volts. A 74HCxx logic 
the input of another gate. gate will recognize any voltage above 3.5 volts as 


e The output from one gate can power the inputs of "high" 
many other gates (this is known as“fanout”). The exact See Figures 4-75 and 4-76 for a comparison of permit- 
ratio depends on the chip, but you can always power at ted voltages on the input and output side of 74HCxx and 
least ten inputs with one logic output. The output from  74LSxx chips. 
a logic chip can drive the trigger (pin 3) of a 555 timer. 


Acceptable input Acceptable input 
signal range signal range 
Low High Low High 
= co= Max power = Max power 
© m5 consumption = E consumption 
5 <5 at each pin: = > = at each pin: 
= = € = 
3 3 {uA (sink) 3 Z 20uA (sink) 
2 1uA (source) = 3 400uA (source) 
< < 


5V 5V 
DC DC 
E Max power E Max power 
3 output 3 output 
7 at each pin: D at each pin: 
= = 
a 4mA (source) P 0.4mA (source) 
< 4mA (sink) < 4.0mA (sink) 
Low High Low High 
Guaranteed output Guaranteed output 
signal range signal range 
Figure 4-75. Each family of logic chips, and each generation Figure 4-78. Because the ES generation of the TTL family has 
in each family, has different standards for input and output such different tolerances for input voltages and different 
minimum and maximum voltages. This diagram shows the standards for output voltages, the LS generation of TTL chips 
standards used by the HC generation of the CMOS family, should not be mixed in the same circuit as the HC generation 
which was chosen for most of the projects in this book. Note of CMOS chips, unless pull-up resistors are used to bring the 
that the current required for input is minimal compared with LS chips into conformance with standards expected by the HC 
the current available for output. The power supply to the chip chips. See Experiment 21 for a case study in using LS chips. 


makes up the difference. 
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Rules for connecting logic gates (continued) 


Not permitted: 


e No floating-input pins! On CMOS chips such as the HC 
family, you must always connect all input pins with a 
known voltage, even if they supply a gate on the chip 
that you're not using. When you use a SPST switch to 
control an input, remember that in its “off” position, it 


leaves the input unconnected. Use a pull-up or pull- = _ mie _ 

down resistor to prevent this situation. See Figure 4-77. O . ; P © j 1 P 
- Don't use an unregulated power supply, or more than 5 € P 7 P 

volts, to power 74HCxx or 74LSxx logic gates. Good o o Good o o 


e Be careful when using the output from a logic gate to 
power even a low-current LED. Check how many mil- 
liamps are being drawn. Also be careful when “sharing” 
the output from a logic gate with the input of another 
gate, at the same time that it is driving an LED. The LED O— —; 2 ©— — — a 
may pull down the output voltage, to a point where 


O O 0 O 

the other gate won't recognize it. Always check cur- 

“eo. . : . Not O O Not O O 
rents and voltages when modifying a circuit or design- good good 
ing a new one. 

e Never apply a significant voltage or current to the 

output pin of a logic gate. In other words, don't force Figure 4-77. Because a CMOS chip is so sensitive to input 
an input into an output. fluctuations, a logical input should never be left “floating,” or 


unattached to a defined voltage source. This means that any 


e Never link the outputs from two or more logic gates. If single-throw switch or pushbutton should be used with a pull- 


they must share a common output wire, use diodes to up or pull-down resistor, so that when the contacts are open, 
protect them from each other. See Figure 4-78. the input is still defined. 
Not Good Good 
Good 


Figure 4-78. The output from one logic gate must not be allowed to feed back into the output from another logic gate. Diodes can 
be used to isolate them, or they can be linked via another gate. 
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5VDC Regulated 
VW 
74HC08 
AND ° 
DT gate 


Figure 4-78. Using a diode, the logical 
output from a gate can be allowed to feed 
back to one of its inputs, so that the gate 
latches after receiving a brief logical input 


pulse. 
F 
x 


Figure 4-80. The breadboard-format sche- 
matic in is simplified here to show more 
clearly the way in which a gate can latch 
itself after receiving an input pulse. 
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In the 74HCxx logic family, each input of a logic gate consumes just a micro- 
amp, while the output can source 4 milliamps. This seems paradoxical: how 
can the chip give out more than it takes in? The answer is that it also consumes 
power from the power supply attached to pins 7 and 14. That’s where the ad- 
ditional electricity comes from. 


Because the logical output from a chip can be greater than the logical input, 
we can put the chip in a state where it keeps itself “switched on” in a way which 
is similar to the way the relay in the alarm project was wired to lock itself on. 
The simplest way to do this in a logic chip is by feeding some of the output 
back to one of the inputs. 


Figure 4-79 shows an AND gate with one of its inputs wired to positive and its 
other input held low by a pull-down resistor, with a pushbutton that can make 
the input high. A signal diode connects the output of the chip back to the 
pushbutton-controlled input. Remember that the diode has a mark on it indi- 
cating the end which should be connected to the negative side of the power 
supply, which in this case will be the end of the 10K resistor. 


The schematic in Figure 4-79 shows how the circuit should look in breadboard 
format. Figure 4-80 shows it in a simpler format. 


From this point on, | won't bother to show the power regulator and the capacitors 
associated with it. Just remember to include them every time you see the power sup- 
ply labeled as “5V DC Regulated.” 


When you switch on the power, the LED is dark, as before. The AND gate needs 
a positive voltage on both of its logical inputs, to create a positive output, but 
it now has positive voltage only on one of its inputs, while the other input 
is pulled down by the 10K resistor. Now touch the pushbutton, and the LED 
comes on. Let go of the pushbutton, and the LED stays on, because the posi- 
tive output from the AND gate circulates back through the diode and is high 
enough to overcome the negative voltage coming through the pull-down 
resistor. 


The output from the AND gate is powering its own input, so the LED will stay 
on until we disconnect it. This arrangement is a simple kind of “latch,” and can 
be very useful when we want an output that continues after the user presses 
and releases a button. 


You can't just connect the output from the gate to one of its inputs using an 
ordinary piece of wire, because this would allow positive voltage from the tac- 
tile switch to flow around and interfere with the output signal. Remember, you 
must never apply voltage to the output pin of a logic gate. The diode prevents 
this from happening. 


If you've grasped the basics of logic gates, you're ready now to continue to our 
first real project, which will use all the information that l've set out so far. 
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Experiment 20: A Powerful Combination -- MA ------------ , 


Suppose you want to prevent other people from using your computer. | can 
think of two ways to do this: using software, or using hardware. The software 
would be some kind of startup program that intercepts the normal boot se- 
quence and requests a password. You could certainly do it that way, but I think 
it would be more fun (and more relevant to this book) to do it with hardware. 
What I’m imagining is a numeric keypad requiring the user to enter a secret 
combination before the computer can be switched on. 


The Warranty Issue 


Ifyou follow this project all the way 
to its conclusion, you'll open your 
desktop computer, cut a wire, and 
saw a hole in the cabinet. Without a 
doubt, this will void your warranty. 
If this makes you nervous, here are 


l three options: 
You will need: 
1. Breadboard the circuit for fun, and 


e Numeric keypad. As specified in the shopping list at the beginning of this leave it at that. 
chapter, it must have a “common terminal” or “common output.’ The sche- 
matic in Figure 4-82 shows what I mean. Inside the keypad, one conductor 
(which I have colored red to distinguish it from the others) connects with 
one side of every pushbutton. This conductor is “common” to all of them. 
It emerges from the keypad on an edge connector or set of pins at the 


bottom, which I've colored yellow. 


2. Use the numeric keypad on some 
other device. 


3. Use it on an old computer. 


= — EE EB BR EB EB BK EK EK EK EK EK KL 


= = = = 3 
= = = 
= = == 
= = = E 
Figure 4-81. Caution: This just might void 
your warranty. 
o DOC o 00 C 


Figure 4-82. A keypad of the type required for Experiment 20 incorporates a common 
terminal connected to one side of each of the 12 pushbuttons. The wire from the common 
terminal is shown red, here, to make it more easily identifiable. 


e Keypads that use “matrix encoding” won't work with the circuit that I’m 
going to describe. If the Velleman keypad, which | recommend, is unavail- 
able, and you can't find another like it, you can use 12 separate SPST push- 
buttons. Of course, that will cost a little more. 


e 74HC08 logic chip containing four AND gates. Quantity: 1. 
e 74HC04 logic chip containing six inverters. Quantity: 1. 
e 555 timer chip. Quantity: 1. 
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e Latching relay, 5 volt, DPST or DPDT, “2 form C” package, Panasonic DS2E- 
SL2-DC5V or similar. Must have two separate coils (one to latch, one to 
unlatch) with separate inputs. Quantity: 1. 


e LEDs, 5mm generic, your choice of colors. Quantity: 3. 


e Ribbon cable, with six conductors minimum, if you want to do a really 
neat job. You can use a cable of the type sold for hard drives, and split off 
the six conductors that you need, or shop around on eBay. 


e Tools to open your computer, drill four holes, and make saw cuts between 
the holes, to create a rectangular opening for the keypad (if you want to 
take this project to its conclusion). Also, four small bolts to attach the key- 
pad to the computer cabinet after you create the opening for it. 


The Schematic 


This time l'd like you to study the schematic before building anything. Let's 
start with the simplified version, shown in Figure 4-83. 


5VDC 
Regulated AA 
IN sE Logic gate 
x IND power input pins 
AZ 
i O = 


8 0 
T O Â *—y y> Computer 
em —e > 0n switch 
A A, 


o 9 
a # 
AA 


Figure 4-83. A simplified schematic showing the basic structure of the combination lock 
circuit. 
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| want this to be a battery-powered circuit, so that you don't have to run a 
separate power supply to it or (worse) try to tap into your computer's 5-volt 
bus. Battery power means that the circuit has to be “off” most of the time, to 
prevent the battery from running down. Because the keypad has two spare 
buttons (the asterisk and the pound sign), l'm going to use the asterisk as the 
“power on” button. When you press it, the LED at the top of the schematic 
lights up to confirm that everything's working, and the button sends power to 
the two logic chips and the 555 timer. You have to hold down the asterisk but- 
ton while you punch in a three-digit code to unlock the computer. 


Arbitrarily, I've chosen 1-4-7 as the three-digit code. Let's track what happens 
when you enter this sequence. (Naturally, if you build the circuit, you can wire 
it to choose any three digits you prefer.) 


Pressing the 1 button sends positive power to one logical input of the first 
AND gate. The other logical input of this gate is also positive, because an in- 
verter is supplying it, and the input of the inverter is being held negative by 
a pull-down resistor. When an inverter has a negative input, it gives a positive 
output, so pressing the 1 button activates the AND gate, and makes its output 
positive. The AND gate locks itself on, as its output cycles back to its switched 
input via a diode. So the gate output remains high even after you let go of the 
1 button. 


The output from the first AND gate also supplies one logical input of the sec- 
ond AND gate. When you press the 4 button, you send positive voltage to the 
other logical input of this AND gate, so its output goes high, and it locks itself 
on, just as the first gate did. 


The second AND gate feeds the third AND gate, so when you press the 7 
button, the third AND gate changes its output from low to high. This passes 
through an inverter, so the output from the inverter goes from high to low. 
This in turn goes to the trigger of a 555 timer wired in monostable mode. 


When the trigger of a 555 timer goes from high to low, the timer emits a posi- 
tive pulse through its output, pin 3. This runs down to the upper coil of the 
latching relay, and also flashes an LED to confirm that the code has been ac- 
cepted and the relay has been activated. 


Two of the contacts in the relay are wired into the power-up button of your 
computer. A little later in this description l'Il explain why this should be safe 
with any modern computer. 


Because we're using a latching relay, it flips into its “on” state and remains there, 
even when the power pulse from the timer ends. So now you can let go of the 
asterisk button to disconnect the battery power to your combination lock, and 
press the power-up button that switches on your computer. 


At the end of your work session, you shut down your computer as usual, then 
press the pound button on your keypad, which flips the relay into its other 
position, reactivating the combination lock. 
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Incorrect Inputs 


What happens if you enter the wrong code? If you press any button other than 
1, 4, or 7, it sends positive voltage to the inverter near the top of the sche- 
matic. The positive voltage overwhelms the negative voltage being applied to 
the inverter through a pull-down resistor, and causes the inverter to output a 
negative voltage, which it applies to one of the logical inputs of the first AND 
gate. If the AND gate was locked on, the negative input will switch it off. If it 
was supplying the second AND gate, it'll switch that one off too. 


Thus, any error when entering the first, second, or third digit of the secret code 
will reset the AND gates, forcing you to begin the sequence all over again. 


What if you enter 1, 4, and 7 out of their correct sequence? The circuit won't 
respond. The third AND gate needs a high input supplied by the second AND 
gate, and the second AND gate needs a high input supplied by the first AND 
gate. So you have to activate the AND gates in the correct sequence. 


Questions 


Why did | use a 555 timer to deliver the pulse to the relay? Because the logical 
output from an AND gate cannot deliver sufficient power. | could have passed 
it through a transistor, but | liked the idea of a pulse of a fixed length to flip the 
relay and illuminate an LED for about 1 second, regardless of how briefly the user 
presses the 7 button. 


Why do | need three LEDs? Because when you're punching buttons to un- 
lock your computer, you need to know what's going on. The Power On LED 
reassures you that your battery isn’t dead. The Relay Active LED tells you that 
the system is now unlocked, in case you are unable to hear the relay click. The 
System Relocked LED reassures you that you have secured your computer. 


Because all the LEDs are driven either directly from the 5-volt supply or from 
the output of the 555 timer, they don't have to be low-current LEDs and can be 
used with 3300 series resistors, so they'll be nice and bright. 


How do you connect the keypad with the circuit? That’s where your ribbon 
cable comes in. You carefully strip insulation from each of the conductors, 
and solder them to the contact strip or edge connector on your keypad. Push 
the conductors on the other end of the cable into your breadboard (when 
you're test-building the circuit) or solder them into perforated board (when 
you're building it permanently). Find a convenient spot inside your computer 
case where you can attach the perforated board, with double-sided adhesive 
or small bolts or whatever is convenient. Include a 9-volt battery carrier, and 
don't forget your power regulator to step the voltage down to 5 volts. 


Breadboarding 


No doubt you have realized by now that breadboards are very convenient as a 
quick way to push in some components and create connections, but the layout 
of their conductors forces you to put components in unintuitive configurations. 
Still, if you carefully compare the breadboard schematic in Figure 4-83 with the 
simplified schematic in Figure 4-84, you'll find that the connections are the same. 
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To help it make sense, I’ve shown the logic gates that exist inside the chips. I’ve 
also colored the power supply wires, as before, to reduce the risk of confusion. 
The positive side of the supply goes only to the common terminal on your 
keypad, and you have to press the asterisk key to send the power back down 
the ribbon cable, to supply the chips. 


Note that the “wrong” numbers on the keypad are all shorted together. This 
will create some inconvenience if you want to change the combination in the 
future. l'Il suggest a different option in the “enhancements” section that fol- 
lows. For now, ideally, you should run a wire from every contact on your key- 
pad, down to your circuit on its breadboard, and short the “wrong” keypad 
numbers together with jumper wires on the breadboard. 


Also note that if you use a meter to test the inputs to the AND gates, and you 
touch your finger against the meter probe while doing so, this can be suffi- 
cient to trigger the sensitive CMOS inputs and give a false positive. 


5VDC Regulated = 
(from 9V battery) 


yo Computer 
ay > Power-up 
å val switch 


Figure 4-84. The combination lock schematic redrawn to show how the components can 
be laid out on a breadboard. 
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If you build the circuit and you can't 
understand why everything's dead, 
it’s most likely because you forgot to 
hold down the asterisk button. 
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difficulty at this point is that there Is no 
unique value for either I1 or I2. Iin other 
words, you could = assign them almost any 
value. The only restriction is that both must 
permit 1mA of current to flow into the base 
of Ql. 

You must make an arbitrary choice for 


these two values. Based on practical 
experience, it is common to set |2 to be 10 
times greater than IB . This split makes the 
circuits work reliably and keeps the 
calculations easy: 

I,= 10], 

L=1l1l, 
Question 
In problem 31 you determined that IB = 1 
mA. What is the value of 12?  —__ 
Answer 
I2 = 10 mA 


33 Now you can calculate the value of R 2 
The voltage across R2 is the same as the 
voltage drop across the base-emitter junction 
of Q 1. Assume that the circuit uses a silicon 
transistor, so this voltage is 0.7 volt. 
Questions 
A. What is the value of R2? 
B. What is the value R 1? 
Answers 


A. R. = 0.7 volt 
10 mA 


= 70 ohms 


de 
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One Little Detail: The Computer Interface 


Old computers used to have a big switch at the back, attached to the heavy 
metal box inside the computer, that transformed house current to regulated 
voltages that the computer needs. Most modern computers are not designed 
this way; you leave the computer plugged in, and you touch a little button on 
the box (if it’s a Windows machine) or the keyboard (if it’s a Mac), which sends 
a low-voltage pulse to the motherboard. 


This is ideal from our point of view, because we don't have to mess with high 
voltages. Don't even think of opening that metal box with the fan mounted in 
it, containing the computer power supply. Just look for the wire (usually con- 
taining two conductors, on a Windows machine) that runs from the “power up” 
button to the motherboard. 


To check that you found the right one, make sure that your computer is un- 
plugged, ground yourself (because computers contain CMOS chips that are 
sensitive to static electricity) and very carefully snip just one of the two con- 
ductors in the wire. Now plug in your computer and try to use the “power up” 
button. If nothing happens, you've probably cut the right wire. Even if you cut 
the wrong wire, it still prevented your computer from booting, which is what 
you want, so you can use it anyway. Remember, we are not going to introduce 
any voltage to this wire. We're just going to use the relay as a switch to recon- 
nect the conductor that you cut. You should have no problem if you maintain 
a cool and calm demeanor, and look for that single wire that starts everything. 
Check online for the maintenance manual for your computer if you're really 
concerned about making an error. 


After you find the wire and cut just one of its conductors, unplug your com- 
puter again, and keep it unplugged during the next steps. 


Find where the wire attaches to the motherboard. Usually there's a small un- 
pluggable connector. First, mark it so that you know how to plug it back in the 
right way around, and then disconnect it while you follow the next couple of 
steps. 


Strip insulation from the two ends of the wire that you cut, and solder an ad- 
ditional piece of two-conductor wire, as shown in Figure 4-85, with heat-shrink 
tube to protect the solder joints. (This is very important!) 


Run your new piece of wire to the latching relay, making sure you attach it to 
the pair of contacts which close, inside the relay, when it is energized by the 
unlocking operation. You don't want to make the mistake of unlocking your 
computer when you think you're locking it, and vice versa. 


Reconnect the connector that you disconnected from your motherboard, plug 
in your computer, and try to power it up. If nothing happens, this is probably 
good! Now enter the secret combination on your keypad (while holding down 
the asterisk button to provide battery power) and listen for the click as the re- 
lay latches. Now try the “power up” button again, and everything should work. 
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Figure 4-85. The combination lock project can be interfaced with a typical desktop com- 
puter by cutting one conductor in the wire from the “power up” pushbutton, soldering an 
extension, and covering the joints with heat-shrink tube. 


Enhancements 
At the end of any project, there's always more you can do. 


To make this setup more secure, you could remove the usual screws that secure 
the case of the computer, and replace them with tamper-proof screws. Check any 
online source for “tamper-proof screws,’ such as http://www.mcmaster.com. Natu- 
rally, you will also need the special tool that fits the screws, so that you can install 
them (or remove them, if your security system malfunctions for any reason). 
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Figure 4-88. For those who are absolutely, 
positively, totally paranoid: a meltdown/ 
self-destruct system controlled by a secret 
key combination provides enhanced 
protection against data theft or intrusions 
by RIAA investigators asking annoying 
questions about file sharing. 
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Another enhancement could be an additional 555 timer that is activated by 
the asterisk button, and delivers power to the other chips for, say, a limited 
period of 30 seconds, allowing you that much time to unlock the system. This 
would eliminate the need to hold down the asterisk button while you enter 
the unlocking code. A 555 timer can supply power to all the other chips, be- 
cause they don't use very much. | omitted this feature for the sake of simplicity. 


Yet another enhancement, if you are security-crazed, is to go for a four-button 
code. After all, the 74HC08 chip still has one unused AND gate. You could in- 
sert that into the chain of the existing AND gates and wire it to another keypad 
button of your choice. 


Still another enhancement would be a way to change the code without unsol- 
dering and resoldering wires. You can use the miniature sockets that | suggest- 
ed in the heartbeat flasher project. These should enable you to swap around 
the ends of your wires from the keypad. 


And for those who are absolutely, positively, totally paranoid, you could fix 
things so that entering a wrong code flips a second high-amperage relay 
which supplies a massive power overload, melting your CPU and sending a 
big pulse through a magnetic coil clamped to your hard drive, instantly turn- 
ing the data to garbage (Figure 4-86). Really, if you want to protect informa- 
tion, messing up the hardware has major advantages compared with trying 
to erase data using software. It's faster, difficult to stop, and tends to be per- 
manent. So, when the Record Industry Association of America comes to your 
home and asks to switch on your computer so that they can search for illegal 
file sharing, just accidentally give them an incorrect unlocking code, sit back, 
and wait for the pungent smell of melting insulation. 


If you pursue this option, | definitely take no responsibility for the consequences. 


On a more realistic level, no system is totally secure. The value of a hardware 
locking device is that if someone does defeat it (for instance, by figuring out 
how to unscrew your tamper-proof screws, or simply ripping your keypad out 
of the computer case with metal shears), at least you'll know that something 
happened—especially if you put little dabs of paint over the screws to re- 
veal whether they've been messed with. By comparison, if you use password- 
protection software and someone defeats it, you may never know that your 
system has been compromised. 
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Experiment 21: Race to Place 


The next project is going to get us deeper into the concept of feedback, where 
the output is piped back to affect the input— in this case, blocking it. It’s a small 
project, but quite subtle, and the concepts will be useful to you in the future. 


You will need: 
e 74HC32 chip containing four OR gates. Quantity: 1. 
e 555 timers. Quantity: 2. 
e SPDT switch. Quantity: 1. 
e SPST tactile switches. Quantity: 2. 
e Various resistors. 


e 5V supply using power regulator as before. 


The Goal 


On quiz shows such as Jeopardy, contestants race to answer each question. 
The first person who hits his answer button automatically locks out the other 
contestants, so that their buttons become inactive. How can we make a circuit 
that will do the same thing? 


If you search online, you'll find several hobby sites where other people have 
suggested circuits to work this way, but they lack some features that | think are 
necessary. The approach I’m going to use here is both simpler and more elabo- 
rate. It's simpler because it has a very low chip count, but it’s more elaborate in 
that it incorporates “quizmaster control” to make a more realistic game. 


I'll suggest some initial ideas for a two-player version. After | develop that idea, 
I'll show how it could be expanded to four or even more players. 


A Conceptual Experiment 


| want to show how this kind of project grows from an idea to the finished 
version. By going through the steps of developing a circuit, l'm hoping | may 
inspire you to develop ideas of your own in the future, which is much more 
valuable than just replicating someone else's work. So join me in a conceptual 


experiment, thinking our way from a problem to a solution. Button Button 
Blocker Blocker 


First consider the basic concept: two people have two buttons, and whoever 
goes first locks out the other person. | always find it helps me to visualize this 
kind of thing if | draw a sketch, so that's where l'Il begin. In Figure 4-87, the 
signal from each button passes through a component that l'Il call a “button 
blocker,’ activated by the other person's button. I’m not exactly sure what the 
button blocker will be or how it will work, yet. 


Now that I’m looking at it, | see a problem here. If | want to expand this to three Figure 4-87. The basic concept of the quiz 
players, it will get complicated, because each player must activate the “button project is that the output from one button 


" : F : : should feed back to intercept the output 
blockers” of two opponents. Figure 4-88 shows this. And if | have four players, ra buon Aileen 


it's going to get even more complicated. which the “button blocker” circuit works 


‘ ae . f h t fi t. 
Anytime I see this kind of complexity, I think there has to be a better way. eon ee eee 
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Also, there's another problem. After a player lets his finger off the button, the 
other players' buttons will be unblocked again. | need a latch to hold the signal 
from the first player's button and continue to block the other players. 


—S —$ —G 


Button Button Button 


Blocker Blocker Blocker 


Figure 4-88. The quiz concept becomes more complicated when an additional pushbutton 
is added. Now each button must block two other buttons. If a fourth button is added, the 
circuit will become unmanageably complex. There has to be a better way. 


This now sounds even more complicated. But wait a minute, if | have a latch 
which allows the winning player to take his finger off his button, | don't care if 
any of the buttons are being pressed anymore— including the button of the 
winning player. As soon as his signal is latched, all the buttons can be blocked. 
This makes things much simpler. | can summarize it as a sequence of events: 


1. First player presses his button. 
2. The signal is latched. 
3. The latched signal feeds back and blocks all the buttons. 


The new sketch in Figure 4-89 shows this. Now the configuration is modular, 
and can be expanded to almost any number of players, just by adding more 
modules. 


There's something important missing, though: a reset switch, to put the sys- 
tem back to its starting mode after the players have had time to press their 
buttons and see who won. Also, | need a way to prevent players from pressing 
their buttons too soon, before the quizmaster has finished asking the ques- 
tion. Maybe | can combine this function in just one switch, which will be under 
the quizmaster's control. In its Reset position, the switch can reset the system 
and remove power to the buttons. In its Play position, the switch stops hold- 
ing the system in reset mode, and provides power to the buttons. Figure 4-90 
shows this. I’ve gone back to showing just two players, to minimize the clutter 
of lines and boxes, but the concept is still easily expandable. 
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Play 


Blocker 
Button Button Button 


Blocker Blocker Blocker —o._ 


Reset 
F F F 


Figure 4-88. Ifa latch is added below each button, it can Figure 4-88. A quizmaster switch will be needed to 
retain one input and then block all inputs from all buttons. activate the buttons initially and then reset the circuit 
This simplifies the concept. after a winning input has been recorded. 


Now I have to deal with a logic problem in the diagram. The way I’ve drawn 
it, after the output from the lefthand latch goes up to the “button blockers,” it 
can also run down the wire to the other half of the circuit (against the direc- 
tion to the arrows), because everything is joined together. In other words, if 
the lefthand LED lights up, the righthand LED will light up, too. How can I stop 
this from happening? 


Well, | could put diodes in the “up” wires to block current from running down 
them. But | have a more elegant idea: I'll add an OR gate, because the inputs to 
an OR gate are separated from each other electrically. Figure 4-91 shows this. 


Usually an OR gate has only two logical inputs. Will this prevent me from adding 
more players? No, because you can actually buy an OR that has eight inputs. If 
any one of them is high, the output is high. For fewer than eight players, | can 
short the unused inputs to ground, and ignore them. 


Looking again at Figure 4-91, l'm getting a clearer idea of what the thing I’ve 
called a “button blocker” should actually be. | think it should be another logic 
gate. It should say, “If there's only one input, from a button, I'll let it through. 
But if there is a second input from the OR gate, | won't let it through.’ 


That sounds like a NAND gate, but before | start choosing chips, | have to de- 
cide what the latch will be. | can buy an off-the-shelf flip-flop, which flips “on” if 
it gets one signal and “off” if it gets another, but the trouble is, chips containing 
flip-flops tend to have more features than | need for a simple circuit like this. 
Therefore I’m going to use 555 timers again, in flip-flop mode. They require 
very few connections, work very simply, and can deliver a good amount of cur- 
rent. The only problem with them is that they require a negative input at the 


Figure 4-81. Jo prevent the output from one 
latch feeding back around the circuit to the 
output from another latch, the outputs can 
trigger pin to create a positive output. But | think | can work with that. be combined in an OR gate. 
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> +E 


R2 R3 


Figure 4-82. Now that the basic concept 

of the quiz circuit has been roughed out, 
specific components can be inserted, with 
compatible inputs and outputs. 


So now, finally, here’s a simplified schematic, in Figure 4-92. I like to show the 
pins of the 555 timers in their correct positions, so | had to move the compo- 
nents around a little to minimize wire crossovers, but you can see that logi- 
cally, it’s the same basic idea. 


Before you try to build it, just run through the theory of it, because that’s the 
final step, to make sure there are no mistakes. The important thing to bear in 
mind is that because the 555 needs a negative input on its trigger pin to create 
its output, when any of the players presses a button, the button has to create a 
negative “flow” through the circuit. This is a bit counterintuitive, so l'm includ- 
ing a three-step visualization in Figure 4-93, showing how it will work. 


In Step 1, the quizmaster has asked a question and flipped his switch to the 
right, to supply (negative) power to the players’ buttons. So long as no one 
presses a button, the pull-up resistors supply positive voltage to OR2 and OR3. 
An OR gate has a positive output if it has any positive input, so OR2 and OR3 
keep the trigger inputs of the 555 timers positive. Their outputs remain low, 
and nothing is happening yet. 


In Step 2, the lefthand player has pressed his button. Now OR2 has two nega- 
tive inputs, so its output has gone low. But IC1 hasn't reacted yet. 


In Step 3, just a microsecond later, IC1 has sensed the low voltage on its trig- 
ger, so its output from pin 3 has gone high, lighting the LED. Remember, this 
555 timer is in flip-flop mode, so it locks itself into this state immediately. 
Meanwhile its high output also feeds back to OR1. Because OR1 is an OR gate, 
just one high input is enough to make a high output, so it feeds this back to 
OR2 and OR3. And now that they have high inputs, their outputs also go high, 
and will stay high, regardless of any future button-presses. 
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Figure 4-83. These three schematics show the prevalence of higher and lower voltages 
(red and blue lines) through the quiz circuit when a pushbutton is pressed. 


Because OR2 and OR3 now have high inputs and outputs, IC1 and IC2 cannot be 
triggered. But IC1 is still locked into its “on” state, keeping the LED illuminated. 
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The only way to change IC1 is if the quizmaster flips his switch back to the left. 
That applies negative power to the reset pins of both the timers. Consequently 
their outputs go low, the LED goes out, and the circuit goes back into the same 
State as where it started. Having reset it, the quizmaster can ask another ques- 
tion, but the players’ buttons are not activated until the quizmaster flips the 
switch back to the right again. 


There's only one situation that | haven't addressed: what if both players press 
their buttons absolutely simultaneously? In the world of digital electronics, 
this is highly unlikely. Even a difference of a microsecond should be enough 
time for the circuit to react and block the second button. But if somehow both 
buttons are pressed at the same instant, both of the timers should react, and 
both of the LEDs will light up, showing that there has been a tie. 


In case you feel a little uncertain about the way in which a two-player circuit 
can be upgraded to handle extra players, I've included a simplified three-player 
schematic in Figure 4-94. 


Breadboarding It 


Now it's time to create a schematic that's as close to the breadboard layout 
as possible, so that you can build this thing easily. The schematic is shown in 
Figure 4-95 and the actual components on a breadboard are in Figure 4-96. 
Because the only logic gates that I've used are OR gates, and there are only three da pearl 
of them, | just need one logic chip: the 74HC32, which contains four 2-input OR nba wiped od nave 
gates. (I've grounded the inputs to the fourth). The two OR gates on the left version, as shown here, provided the first 
side of the chip have the same functions as OR2 and OR3 in my simplified OR gate can handle three inputs. 
schematic, and the OR gate at the bottom-right side of the chip works as OR1, 

receiving input from pin 3 of each 555 timer. If you have all the components, 

you should be able to put this together and test it quite quickly. 


You may notice that I’ve made one modification of the previous schematic. A 
0.01 uF capacitor has been added between pin 2 of each 555 timer (the Input) 
and negative ground. Why? Because when | tested the circuit without the ca- 
pacitors, sometimes | found that one or both of the 555 timers would be trig- 
gered simply by flipping S1, the quizmaster switch, without anyone pressing 
a button. 


At first this puzzled me. How were the timers getting triggered, without any- 
one doing anything? Maybe they were responding to “bounce” in the quiz- 
master switch. Sure enough, the small capacitors solved the problem. They 
may also slow the response of the 555 timers fractionally, but not enough to 
interfere with slow human reflexes. 


As for the buttons, it doesn’t matter if they “bounce,” because each timer locks 
itself on at the very first impulse and ignores any hesitations that follow. 


You can experiment building the circuit, disconnecting the 0.01 UF capacitors, 
and flipping S1 to and fro a dozen times. If you have a high-quality switch, you 
may not experience any problem. If you have a lower-quality switch, you may 
see a number of “false positives.’ l'm going to explain more about “bounce,” 
and how to get rid of it, in the next experiment. 


Chips, Ahoy! 209 


Experiment 21: Race to Place 


Figure 4-85. Applying the simplified schematic to a breadboard inevitably entails 
a wiring layout that is less intuitively obvious and appears more complex. The 


connections are the same, though. 


Figure 4-87. Although a four-input OR gate 
is not manufactured, its functionality can 
be achieved easily by linking three 2-input 
OR gates together. 
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Figure 4-88. The quiz schematic applied to a 
breadboard, to test the concept prior to full-scale 
implementation. 


Enhancements 


After you breadboard the circuit, if you proceed to build a permanent version, 
| suggest that you expand it so that at least four players can participate. This 
will require an OR gate capable of receiving four inputs. The 74HC4078 is the 
obvious choice, as it allows up to eight. Just connect any unused inputs to 
negative ground. 


Alternatively, if you already have a couple of 74HC32 chips and you don't want 
to bother ordering a 74HC4078, you can gang together three of the gates in- 
side a single 74HC32 so that they function like a four-input OR. Look at the 
simple logic diagram in Figure 4-97 showing three ORs, and remember that 
the output from each OR will go high if at least one input is high. 


And while you're thinking about this, see if you can figure out the inputs and 
output of three ANDs in the same configuration. 


For a four-player game, you'll also need two additional 555 timers, of course, 
and two more LEDs, and two more pushbuttons. 


As for creating a schematic for the four-player game—I'm going to leave that 
to you. Begin by sketching a simplified version, just showing the logic symbols. 
Then convert that to a breadboard layout. And here's a suggestion: pencil, pa- 
per, and an eraser can still be quicker, initially, than circuit-design software or 
graphic-design software, in my opinion. 
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| mentioned in the previous experiment that “bounce” from the buttons in the 
circuit wouldn't be a problem, because the buttons were activating 555 tim- 
ers that were wired in bistable, flip-flop mode. As soon as the timer receives 
the very first pulse, it flips into its new state and flops there, ignoring any ad- 
ditional noise in the circuit. So can we debounce a switch or a button using a 
flip-flop? And as some 74HCxx chips are available containing flip-flops, can we 
use them? 


The answers are yes, and yes, although it's not quite as simple as it sounds. 
You will need: 


e 74HC02 logic chip containing 4 NOR gates. 74HC00 logic chip containing 
4 NAND gates. Quantity: 1 of each. 


e SPDT switch. Quantity: 1. 
e LEDs, low-current. Quantity: 2. 
e 10K resistors and 1K resistors. Quantity: 2 of each. 


Assemble the components on your breadboard, following the schematic 
shown in Figure 4-98. When you apply power (through your regulated 5-volt 
supply), one of the LEDs should be lit. 


5V DC Regulated 


Figure 4-88. A simple circuit to test the behavior of two NOR gates wired as a simple flip- 
flop that retains its state after an input pulse ceases. 


Now | want you to do something odd. Please disconnect the SPDT switch by 
taking hold of the wire that connects the positive power supply to the pole of 
the switch, and pulling the end of the wire out of the breadboard. When you 
do this, you may be surprised to find that the LED remains lit. 


Push the wire back into the breadboard, flip the switch, and the first LED 
should go out, while the other LED should become lit. Once again, pull out the 
wire, and once again, the LED should remain lit. 


Here's the take-home message: 
e A flip-flop requires only an initial pulse. 


e After that, it ignores its input. 
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10 volts—0.7 volt) 9.3 volt 
R,= = YOS = 8000hms (approximately) 
11mA 11mA 
You can ignore the 0.7 volt in this case, 


which would give R 1 = 910 ohms. 

34 The resistor values you calculated In 
problem 33 ensure that the transistor turns 
ON and that the 100 mA current (I C ) you 
need to illuminate the lamp flows through the 


lamp and the transistor. Figure 4.21 shows 
the labeled circuit. 

Figure 4.21 

IO V 


I =11 mA le = 100 mA 


2 R, =910 C2 


 B=100 


lg = | mA 


l= 10 mA 
S R,=702 


Questions 

For each of the following lamps, perform the 
same calculations you used in the last few 
problems to find the values of R 1 and R2. 
A. A 28-volt lamp that draws 56 mA. B 
100 —_—— 

B. A 12-volt lamp that draws 140 mA. R = 
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How It Works 


Two NOR gates or two NAND gates can function as a flip-flop: 
e Use NOR gates when you have a positive input from a double-throw switch. 


e Use NAND gates when you have a negative input from a double-throw 
switch. 


Either way, you have to use a double-throw switch. 


I’ve mentioned the double-throw switch three times (actually, four times if you 
count this sentence!) because for some strange reason, most introductory books 
fail to emphasize this point. When | first started learning electronics, | went crazy 
trying to understand how two NORs or two NANDs could debounce a simple 
SPST pushbutton—until finally | realized that they can’t. The reason is that 
when you power up the circuit, the NOR gates (or NAND gates) need to be 
told in which state they should begin. They need an initial orientation, which 
comes from the switch being in one state or the other. So it has to be a double- 
throw switch. (Now I've mentioned it five times.) 


l'm using another simplified multiple-step schematic, Figure 4-99, to show the 
changes that occur as the switch flips to and fro with two NOR gates. To refresh 
your memory, I’ve also included a truth table showing the logical outputs from 
NOR gates for each combination of inputs. 


Figure 4-88. Using two NOR gates in conjunction with a positive input through a SPDT 
switch, this sequence of four diagrams shows how a flip-flop circuit responds. 


Suppose that the switch is turned to the left. It sends positive current to the 
lefthand side of the circuit, overwhelming the negative supply from the pull- 
down resistor, so we can be sure that the NOR gate on the left has one posi- 
tive logical input. Because any positive logical input will make the NOR give 
a negative output (as shown in the truth table), the negative output crosses 
over to the righthand NOR, so that it now has two negative inputs, which make 
it give a positive output. This crosses back to the lefthand NOR gate. So, in this 
configuration everything is stable. 


Now comes the clever part. Suppose that you move the switch so that it 
doesn't touch either of its contacts. (Or suppose that the switch contacts are 
bouncing, and failing to make a good contact. Or suppose you disconnect the 
switch entirely.) Without a positive supply from the switch, the lefthand input 
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of the left NOR gate goes from positive to negative, as a result of the pull- 
down resistor. But the righthand input of this gate is still positive, and one 
positive is all it takes to make the NOR maintain its negative output, so nothing 
changes. In other words, the circuit has “flopped” in this state. 


Now if the switch turns fully to the right and supplies positive power to the 
righthand pin of the right NOR gate, quick as a flash, that NOR recognizes that 
it now has a positive logical input, so it changes its logical output to negative. 
That goes across to the other NOR gate, which now has two negative inputs, 
so its output goes positive, and runs back to the right NOR. 


In this way, the output states of the two NOR gates change places. They flip, 
and then flop there, even if the switch breaks contact or is disconnected again. 
The second set of drawings in Figure 4-100 shows exactly the same logic, using 
a negatively powered switch and two NAND gates. You can use your 74HC00 
chip, specified in the parts list for this experiment, to test this yourself. 
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Figure 4-100. The schematic from Figure 4-99 can be rewired with NAND gates and a 
negative switched input. 


Both of these configurations are examples of a jam-type flip-flop, so called be- 
cause the switch forces it to respond immediately, and jams it into that state. 
You can use this circuit anytime you need to debounce a switch (as long as it's 
a double-throw switch). 


A more sophisticated version is a clocked flip-flop, which requires you to set 
the state of each input first and then supply a clock pulse to make the flip-flop 
respond. The pulse has to be clean and precise, which means that if you supply 
it from a switch, the switch must be debounced—probably by using another 
jam-type flip-flop! Considerations of this type have made me reluctant to use 
clocked flip-flops in this book. They add a layer of complexity, which | prefer to 
avoid in an introductory text. 


What if you want to debounce a single-throw button or switch? Well, you have 
a problem! One solution is to buy a special-purpose chip such as the 4490 
“bounce eliminator” which contains digital delay circuitry. A specific part 
number is the MC14490PG from On Semiconductor. This contains six circuits 
for six separate inputs, each with an internal pull-up resistor. It’s relatively ex- 
pensive, however—more than 10 times the price of a 74HC02 containing NOR 
gates. Really, it may be simpler to use double-throw switches that are easily 
debounced as described previously. 
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This is the one experiment where | want you to use the 74LSxx generation of 
the TTL logic family, instead of the 74HCxx family of CMOS. Two reasons: first, 
| need to use the 7492 counter, which is unavailable in the HC family. And sec- 
ond, you should know the basic facts about the LS series of TTL chips, as they 
still crop up in circuits that you'll find in electronics books and online. 


In addition, you'll learn about “open collector” TTL chips such as the 74LS06 
inverter, which can be a convenient substitute for transistors when you want 
to deliver as much as 40mA of current. 


The idea of this circuit is simple enough: run a 555 timer sending very fast 
pulses to a counter that counts in sixes, driving LEDs that are placed to imitate 
the spots on a die. (Note that the word “die” is the singular of “dice.”) The coun- 
ter runs so fast, the die-spots become a blur. When the user presses a button, 
the counter stops arbitrarily, displaying an unpredictable spot pattern. 


Dice simulations have been around for many, many years, and you can even 
buy kits online. But this one will do something more: it will also demonstrate 
the principles of binary code. 


So, if you're ready for the triple threat of TTL chips, open collectors, and binary, 
let's begin. 


You will need: 


e 74LS92 counter such as SN74LS92N by Texas Instruments. Quantity: 1 if 
you want to create one die, 2 to make two dice. 


e 74LS27 three-input NOR gate such as SN74LS27N by Texas Instruments. 
Quantity: 1. 


e 555 timers. Quantity: 1 if you want to make one die, 2 to make two dice. 


e Signal diodes, 1N4148 or similar. Quantity: 4, or 8 to make two dice. 


Seeing Binary 


The counter that we dealt with before was unusual, in that its outputs were de- 
signed to drive seven-segment numerals. A more common type has outputs 
that count in binary code. 


The 74LS92 pinouts are shown in Figure 4-101. Plug the chip into your bread- 
board and make connections as shown in Figure 4-102. Initially, the 555 timer 
will drive the counter in slow-motion, at around 1 step per second. Figure 
4-103 shows the actual components on a breadboard. 


Note that the counter has unusual power inputs, on pins 5 and 10 instead of 
at the corners. Also four of its pins are completely unused, and do not connect 
with anything inside the chip. Therefore, you don’t need to attach any wire to 
them on the outside. 
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Figure 4-101. The unusual pin assignments include four that have no connection of any 


kind inside the chip, and can be left unattached. 
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Figure 4-102. This simple circuit uses a 555 timer running 
slowly to control the 74LS92 binary counter and display the 
succession of high states from its outputs. 
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Figure 4-103. The breadboard version of the schematic 
in Figure 4-102 to display the outputs from a 74LS92 
counter. 
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Now we come to the first new and difficult fact about the 74LSxx generation 
of TTL chips that makes them less desirable, for our purposes, than the 74HCxx 
generation of CMOS chips that | have recommended in previous projects. The 
modern and civilized HC chips will source 4mA or sink 4mA at each logical 
output, but the older LS generation is fussier. It will sink around 8mA into each 
output pin from a positive source, but when its output is high, it hardly gives 
you anything at all. This is a very basic principle: 


e Outputs from TTL logic chips are designed to sink current. 
e They are not designed to source significant current. 


In fact, the 74LS92 is rated to deliver less than half a milliamp. This is quite 
acceptable when you're just connecting it with another logic chip, but if you 
want to drive an external device, it doesn't provide much to work with. 


The proper solution is to say to the chip, “All right, we'll do it your way,’ and set 
things up with a positive source that flows through a load resistor to the LED 
that you want to use, and from there into the output from the chip. This is the 
“better” option shown in Figure 4-104. 


VW VW 
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Figure 4-104. Most TTL chips, including those in the LS generation, are unable to source 
much current from their logical output pins (left) and should usually be wired to sink cur- 
rent from a positive source (right). 


The only problem is that now the LED lights up when the counter's output is 
low. But the counter is designed to display its output in high pulses. So your 
LED is now off when it should be on, and on when it should be off. 


You can fix this by passing the signal through an inverter, but already I’m get- 
ting impatient with this inconvenience. My way around the problem, at least 
for demo purposes, is to use the “Not so good” option in Figure 4-104 and 
make it work by connecting a very-low-current LED with a large 4K7 load resis- 
tor. This will enable us to “see” the output from the counter without asking it to 
give more than its rated limit, and if you want to create a more visibly powerful 
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display for a finished version of the dice circuit, I'll deal with that later. Accord- O 000 000 
ing to my meter, the 4K7 resistor holds the current between 0.3mA and 0.4mA, 
which is the counter's rated maximum. 


Set up your initial version of the circuit as shown in Figures 4-102 and 4-103. Be 1... 001 
careful when you wire the positive and negative power supply to the counter 
chip, with its nonstandard pin assignments. 204.00 010 
The 555 will run in astable mode, at about 1 pulse per second. This becomes 
the clock signal for the counter. The first three binary outputs from the counter 
then drive the three LEDs. 3 © © ọ 011 
The counter advances when the input signal goes from high to low. So when 
the LED beside the 555 timer goes out, that's when the counter advances. 4 © ọọ 100 


If you stare at the pattern generated by the outputs for long enough, you may 
be able to see the logic to it, bearing in mind that its zero state is when they are 50090 101 
all off, and it counts up through five more steps before it repeats. The diagram 
in Figure 4-105 shows this sequence. If you want to know why the pattern 
works this way, check the following section, “Theory: Binary arithmetic.” 


Figure 4-105. The three output pins of the 
74LS92 counter have high states shown by 
the red circles as the counter steps from 
000 to 101 in binary notation. 


THEORY 000090 

i 10090909 
Binary arithmetic >. 0.00 
The rule for binary counting is just a variation of the rule that we normally use 
for everyday counting, probably without thinking much about it. In a 10-based 30090 O 
system, we count from O to 9, then carry 1 over to the next position on the left, 
and go from 0 to 9 again in the right-most position. We repeat this procedure 4009090 
until we get to 99, then carry a 1 over to a new position to make 100, and con- 
tinue counting. 500090 
In binary we do the same thing, except that we restrict ourselves to digits O and 60000 
1 only. So begin with 0 in the rightmost position, and count up to 1. As 1 is our 70000 
limit, to continue counting we carry 1 over to the next place on the left, and 
start again from 0 in the right-most position. Count up to 1, then add 1 to the 28.009 9 
next place on the left—but, it already has a 1 init, so it can't count any higher. 
So, carry 1 from there one space further, to the next place beside that—and so on. 9009090 
If a glowing LED represents a 1, and a dark LED represents a 0, the diagram in 10 0090.90 
Figure 4-105 shows how the 741592 counts up from 0 to (decimal) 6 or (binary) 
101 in its inimitable fashion. I’ve also included a diagram in Figure 4-106 show- 11 © © © © 
ing how a counter with four binary outputs would display decimal numbers 
from 0 through 15, again using the LEDs to represent 1s and Os. 1206000 
Here's a question for you: how many LEDs would you need to represent the 13000090 
decimal number 1024 in binary? And how many for 1023? 14 000 0 
Obviously binary code is ideally suited to a machine full of logic components 15 00090 
that either have a high or a low state. So it is that all digital computers use 
binary arithmetic (which they convert to decimal, just to please us). Figure 4-108. A hexadecimal (16-based) 


binary counter would generate this suc- 
cession of high states from its four output 
pins as it counts from O through 15 in 
decimal notation. 
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Figure 4-107. A simpli- 
fied schematic shows 
how outputs from the 
74LS92 counter can 
be combined, with 
signal diodes and a 
single three-input 
NOR gate, to generate 
the spot patterns on 

a die. The wire colors 


have no special mean- 


ing and are used just 
to distinguish them 
from each other. 
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Getting back to our project: | want to take the three binary outputs and make 
them create patterns like the spots on a die. How can | do this? Quite easily, as 
it turns out. 


lm assuming that l'Il use seven LEDs to simulate the patterns of spots on a 
die. These patterns can be broken down into groups, which | have assigned to 
the three outputs from the counter in Figure 4-108. The first output (farthest 
to the right) can drive an LED representing the dot at the center of the die 
face. The second (middle) output can drive two more diagonal LEDs. The third 
output must switch on all four corner LEDs. 


This will work for patterns 1 through 5, but won't display the die pattern for a 
6. Suppose | tap into all three outputs from the counter with a three-input NOR 
gate. It has an output that goes high only when all three of its inputs are low, 
so it will only give a high output when the counter is beginning with all-low 
outputs. | can take advantage of this to make a 6 pattern. 


Note that it’s bad practice to mix the LS generation of TTL chips with the HC 
generation of CMOS chips, as their input and output ranges are different; so, 
the NOR chip has to be a 74LS27, not a 74HC27. 


We're ready now for a simple schematic. In Figure 4-107 I've colored some of 
the wires just to make it easier for you to distinguish them. The colors have no 
other significance. 
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Figure 4-168. Binary outputs from the 74LS92 
counter can be used to power LEDs arrayed 
in groups to simulate the pattern of spots on 
a die. 
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Each of the LEDs is grounded through a separate 4K7 load resistor. Unfortu- 
nately, this means that when they are displaying the pattern for a 6, all of them 
are running in parallel from the output of the NOR gate, which overloads it. 
As long as you don't leave the display in this mode for very long periods, it 
shouldn't cause a problem. You could compensate by increasing the load re- 
sistors, or by running pairs of the LEDs through one resistor, but this will make 
them so dim that they'll be difficult to see, as they're so close to their lower 
limit for current already. 


Notice how | have added four signal diodes, D1 through D4. When Output C 
goes high, it has to illuminate all four corner LEDs, and so its power goes into 
the brown wire as well as the gray wire. But we must never allow one output 
to feed back into another, so D4 is needed to protect Output B when Output 
C is high. 


Because there is now a connection between B and C, we need D2 to protect 
Output C when Output B is high. And because Output B must only feed two 
of the corner LEDs, we also need D3 to stop it from illuminating the other two. 
And, we have to protect the output from the NOR gate when either Output C 
or Output B is high. This requires D1. 


Figure 4-109 shows everything that l've described so far assembled in bread- 
board format, while Figure 4-110 shows the test version that | built. Note that 
the unused logical inputs on the 74LS27 chip are shorted together and con- 
nected to the positive side of the power supply. Here's the rule: 


e When using CMOS chips (such as the HC series), connect unused logical 
inputs to the negative side of the power supply. 


e When using TTL chips (such as the LS series), connect unused logical in- 
puts to the positive side of the power supply. 


| assume that you have had enough fun watching the LEDs count slowly, so 
I’ve changed the capacitor and resistor values for the 555 to increase its speed 
from approximately 1 pulse per second to about 50,000 pulses per second. 
The counter could run much faster than this, but | just want it to cycle fast 
enough so that when the user presses and releases a button, the count will 
stop at an unforeseeable number. 


The button starts and stops the 555 timer by applying and releasing power 
to the timing circuit only. This is the equivalent of shaking and then throwing 
the die. 


While the counter is running fast, the LEDs are flashing so fast that all of them 
will seem to be on at once. At the same time, the circuit charges a new 68 UF 
capacitor, which | have added between the pushbutton and ground. When 
you release the button, this capacitor discharges itself through the 1K timing 
resistor. As the charge dissipates, the timing capacitor will take longer and 
longer to charge, and discharge, and the frequency of the 555 will gradually 
diminish. Consequently the LED display will also flash slower, like the reel on a 
Las Vegas slot machine gradually coming to a stop. This increases the tension 
as players can see the die display counting to the number that they’re hoping 
for—and maybe going one step beyond it. 
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Figure 4-108. With some extra compo- 


nents, the schematics from Figures 4-102 
and 4-107 can be combined to make the 


working dice simulation. 
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Figure 4-110. The electronic dice schematic 
applied to a breadboard, with a pushbut- 
ton at the top to start and stop the coun- 
ter, and 7 LEDs at the bottom to display 
the output. 
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Note that to maximize this effect, the button has to be held down for a full 
second or more, so that the 68 uF capacitor becomes fully charged before the 
button is released. 


So, this circuit now fulfills the original goal. But can it be better? Of course 
it can. 


Enhancements 


The main thing | want to improve is the brightness of the LEDs. | could add a 
transistor to amplify the current to each one, but there's a simpler alternative: 
a TTL“open collector” inverter. 


| want to use an inverter because in the world of TTL, as | mentioned earlier, we 
can sink much more power into the output pin of a chip than we can source 
from it. So, l'm going to turn each LED the other way around and connect their 
load resistors to the positive side of the power supply. This way, they'll sink 
their power into the outputs of the inverter. 


And the great advantage of an “open collector” version of the inverter chip is 
that it is designed to sink much more current than a normal TTL logic chip. It is 
rated for 40mA per pin. The only disadvantage is that it cannot source any cur- 
rent at all; instead of its output going high, it just behaves like an open switch. 
But that’s OK for this circuit. 


So the next and final schematic, in Figure 4-111, includes the 74LS06 invert- 
er, which has also been added to the breadboarded version shown in Figure 
4-112. | suggest that you put aside the little low-current LEDs and substitute 
some normal-size ones. Using Kingbright “standard” WP15031D 5mm LEDs, | 
find that each draws almost exactly 20mA with a voltage drop of about 2V 
with a 120 ohm series resistor. Because each output pin from the 74LS06 in- 
verter powers no more than two LEDs at a time, this is exactly within its speci- 
fication. | suggest that if you build this circuit, you check the consumption of 
your particular choice of LEDs and adjust the resistors if necessary. 


Remember: to measure the voltage drop across an LED, simply touch the 
probes of your meter across it while it is illuminated. To measure the current, 
disconnect one side of the LED and insert the meter, in milliamp mode, be- 
tween the leg of the LED and the contact that it normally makes in the circuit. 


For a really dramatic display, you can get some 1 cm diameter LEDs (Figure 
4-113). Check the specification, and you should find that many of these don't 
use more power than the usual 5 mm type. But whatever kind you use, don't 
forget to turn them around so that their negative sides face toward the in- 
verter, and their positive sides face the resistors, which are connected to the 
positive side of the power supply. 


One last detail: | had to add two 10K resistors to this version of the circuit. Can 
you see why? Diodes D1 through D4 are designed to transmit positive voltage 
through to the inverter when appropriate, but they prevent the inputs of the 
inverter from “seeing” the negative side of the power supply when the counter 
outputs are low. These inverter inputs require pull-down resistors to prevent 
them from “floating” and producing erroneous results. 
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Figure 4-111. Ifopen-collector inverters are added to the dice Figure 4-112. The completed circuit using an open-collector 
schematic, it can drive full-size LEDs with up to 40mA, as long as inverter to drive full-size LEDs. 


the LEDs are turned around to sink current into the TTL output 
stage instead of trying to source current from it. 
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Answers 
A. 56mA | 
= ——— =0.56mÀA 
100 
L =5.6mAÁ 
0.7 volt 
2, = ——— =1250hms 
5.6mA 
28 volts 
B. R; =250hms 
R, =4000hms 
35 The arbitrary decision to make the 
value of 12 10 times the value of IB is 
obviously subject to considerable discussion, 
doubt, and disagreement. Transistors are not 
exact devices; they are not carbon copies of 
each other. 
In general, any transistor of the same type 


has a different PB from any other because of 
the variance in tolerances found in component 
manufacturing. This leads to a degree of 
inexactness In designing and analyzing 
transistor circuits. The truth is that if you 
follow exact mathematical procedures, it can 
complicate your life. In practice, a few “rules 
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The final enhancements are up to you. Most obviously, you can add a second 
die, as many games require two dice. The 74LS27 chip still has a couple of 
spare NOR gates in it, one of which you can make use of, but you will need 
an additional 555 timer, running at a significantly different speed to ensure 
randomness, and it will have to drive a second counter. 


After you get your dice up and running, you may want to test them for ran- 
domness. Because the pulses from a 555 timer are of equal length, every num- 
ber has an equal chance of coming up; but the longer you hold down the Start 
button, the better your odds are of interrupting the counting process at a truly 
random moment. Anyone using your electronic dice should be told that “shak- 
ing” them for a full second is mandatory. 


Of course, | could have simulated dice more easily by writing a few lines of 
software to generate random numbers on a screen, but even a fancy screen 
image cannot have the same appeal as a well-made piece of hardware. Figure 
4-113 shows white 1 cm LEDs mounted in a sanded polycarbonate enclosure 
for dramatic effect. 


Most of all, | derived satisfaction from using simple, dedicated chips that dem- 
onstrate the binary arithmetic that is fundamental in every computer. 


Figure 4-113. The open-collector inverter chip in the dice circuit is sufficiently powerful to 
drive 1-cm white LEDs that draw about 20mA each, using a potential of 2V. In this finished 
version, the LEDs were embedded in cavities drilled from the underside of half-inch poly- 
carbonate, which has been treated with an orbital sander to create a translucent finish. 
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Experiment 24: Intrusion Alarm Completed 


Now let me suggest how you can apply the knowledge from this chapter of 
the book to upgrade the burglar alarm project that was last modified in Ex- 
periment 15. You'll probably need to check Chapters 2 and 3 to refamiliarize 
yourself with some features of the alarm. 


Upgrade 1: Delayed Activation 


The biggest flaw in the alarm was that as soon as it was activated, it would im- 
mediately respond to any signal from the door and window sensors. It needed 
a feature to delay activation to give you a chance to exit from the building 
before the alarm armed itself. A 555 timer can provide this functionality, prob- 
ably in conjunction with a relay. The power to the alarm should pass through 
the contacts of the relay, which are normally closed. When you press a button 
on the timer, it sends a positive pulse to the relay lasting for around 30 sec- 
onds, holding the relay open for that period. You could mount the timer in its 
own little box with a button on it, which you press when you're ready to leave 
the building. The 12-volt power supply to the burglar alarm passes through 
the box containing the delay circuit. For 30 seconds, the 555 interrupts power 
to the alarm, and then restores it, ready for action. 


Upgrade 2: Keypad Deactivation 


This is now really simple. You can substitute a latching relay instead of the 
switch, S1, on the alarm box (shown in Figure 3-110), and use a keypad to set 
and reset the relay in exactly the same way as in the combination lock in Ex- 
periment 20. You'll have to run an additional three wires from the relay, out 
of the alarm box, to the keypad (one supplying power to the “on” relay coil, 
another supplying power to the “off” coil, the third being a common ground). 
You can either use a 9-volt battery to power the electronics in association with 
the keypad, or run an additional fourth wire from the alarm box, to carry posi- 
tive power to the logic chips, bearing in mind that you have to insert a voltage 
regulator at some point, to drop the 12 volts that the alarm uses to the 5 volts 
that the logic gates require. As the gates consume so little power, the 12-to- 
5 drop should be OK for the voltage regulator; it won't have to dissipate too 
much heat. 


With this additional feature, you can use the alarm like this: 


n 


e Press the pound key on the keypad to flip the latching relay into its “on 
mode, so that it passes power to the alarm box, which is now armed. 


e If you want to leave the house, push the button on the delay unit to give 
you 30 seconds in which to do so. 


e Ifthe alarm is triggered, enter your secret code on the keypad to deacti- 
vate it by flipping the latching relay to its “off” position and cutting power 
to the alarm box. 
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Experiment 24: Intrusion Alarm Completed 


These modifications are so simple that | think the block diagram in Figure 
4-114 should be all you need. | don't think | need to give you any schematics. 
The only change you have to make to the existing alarm is to substitute the 
latching relay for the on/off switch. 


But, there is still one obvious necessary enhancement needed: how can you 
get back into the house without instantly triggering the alarm? 


Alarm Box 


Door and Window 
Magnetic Switches 


AO 


Keypad and 
5V Logic Circuit 


12V DC 
Power 


Supply 


Figure 4-114. This block diagram shows the relative placement of the old and new compo- 
nents. The pushbutton power interrupt (which allows you to leave the house before the 
alarm switches itself back on) goes between the power supply and everything else. 

The latching relay substitutes for the DPDT switch on the previous version of the alarm. 
The transistor and self-locking relay, connected with the door and window magnetic 
switches, remain unchanged. The new delay circuit is inserted between the self-locking 
relay and the noisemaker. The test button is wired with the latching relay in the same way 
that it was wired previously with the DPDT switch. 
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Upgrade 3: Delay Before Deactivation 


Typically, alarms include another delay feature. When you open a door on your 
way into the building and it triggers the alarm, you have 30 seconds to deacti- 
vate it, before it starts making a noise. 


How can we implement this delay feature? If | try to use another 555 timer 
to generate a pulse to inhibit the noise, that won't work, because the output 
from either the transistor or the relay can continue indefinitely. The relay locks 
itself on, and the transistor can continue passing voltage for as long as some- 
one leaves a door open. If either of these signals activates a timer in mono- 
stable mode, the pulse from the timer will never end, and it will suppress the 
alarm indefinitely. 


| think what | have to do is use a resistor and a capacitor to create a delay. 
I'll power them through the existing relay, so that | can be sure that they'll 
receive the full voltage of the power supply, after beginning from zero. Gradu- 
ally the capacitor will acquire voltage—but | can't connect this directly to the 
noisemaker, because the noisemaker will gradually get louder as the voltage 
increases. 


| have to insert a device that will be triggered to give full voltage when the 
input rises past a certain point. To do this, I'll use a 555 timer that's wired in 
bistable mode. This kind of modification is generally known as a “kludge,” be- 
cause it's not elegant, uses too many components, and does not use them 
appropriately. What | really need is a comparator, but | don't have space to get 
into that topic. So, using the knowledge that you have so far, the schematic in 
Figure 4-115 shows how a delay can be added to the alarm—not elegantly, 
but reliably. 


The only problem is that if you power up a 555 timer in bistable mode, there's 
a 50-50 chance that the timer starts itself with its output high or low. So | need 
to pull the voltage low on the reset pin (to start the timer with its output inhib- 
ited) and gradually let it become positive (to permit the output). At the same 
time, | want to start with the voltage high on the trigger pin and gradually 
lower it, until it falls below 1/3 of the power supply and triggers the output. 


So there are two timing circuits. The one for the reset pin works faster than the 
one on the trigger pin, so that at the point when the timer is triggered, the 
reset won't stop it. 


The schematic shows component values that will do this. The 10 uF capacitor 
starts low but is charged through the 10K resistor in a couple of seconds. The 
timer is now ready to be triggered. But the 68 uF capacitor starts high (being 
connected with the positive side of the power supply) and takes a full minute 
to be pulled down to 1/3 of supply voltage through the 1M resistor. At that 
point, its voltage is low enough to trigger the 555. The timer output goes high 
and supplies the noisemaker. 


You should be able to insert this little delay module in your alarm box, be- 
tween the output from the relay and the input to the noisemaker without too 
much trouble. And if you want to adjust the delay, just use a higher or lower 
value resistor than 1M. 
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Figure 4-115. This addition to the original alarm circuit imposes a one-minute delay before 
the alarm sounds. The 555 timer (wired in bistable mode) receives power through relay 
R1. The lower timing circuit initially applies negative voltage to the reset, ensuring that 

the 555 powers up with its output suppressed. This voltage quickly rises. Meanwhile the 
upper timing circuit applies a voltage to the trigger that gradually diminishes as the 68 

uF capacitor equalizes its charge through the 1M resistor. When the voltage diminishes to 
1/3 of the supply, the timer’s output goes high and starts the noisemaker. If the power to 
the circuit is interrupted at any time before this, the relay relaxes, the capacitors gradually 
discharge, and the alarm does not sound. 


The Wrap-Up 


If you add these three enhancements, your alarm will have all the features on 
my original wish list. Of course, if | were designing it from scratch, with all the 
information that has been added in this chapter of the book, it could be more 
elegant. But the modifications have not entailed making destructive changes 
to our original project, and all the design goals have been met. 


Chapter 4 


At this point, we can branch out in numerous directions. Here are some 
possibilities: 


Audio electronics 
This is a field in itself, including hobby projects, such as simple amplifiers 
and “stomp boxes,’ to modify guitar sound. 


Radio-frequency devices 
Anything that receives or transmits radio waves, from an ultra-simple AM 
radio to remote controllers. 


Motors 
The field of robotics has encouraged the growth of many online sites sell- 
ing stepper motors, gear motors, synchronous motors, servo motors, and 
more. 


Programmable microcontrollers 

These are tiny computers on a single chip. You write a little program on 
your desktop computer, which will tell the chip to follow a series of pro- 
cedures, such as receiving input from a sensor, waiting for a fixed period, 
and sending output to a motor. Then you download your program onto 
the chip, which stores it in nonvolatile memory. Popular controllers in- 
clude the PICAXE, BASIC Stamp, Arduino, and many more. The cheapest 
ones retail for a mere $5 each. 


Obviously, | don't have space to develop all of these topics fully, so what I’m 
going to do is introduce you to them by describing just one or two projects in 
each category. You can decide which interests you the most, and then proceed 
beyond this book by reading other guides that specialize in that interest. 


lm also going to make some suggestions about setting up a productive work 
area, reading relevant books, catalogs, and other printed sources, and gener- 
ally proceeding further into hobby electronics. 


IN THIS CHAPTER 


Shopping List: Experiments 25 Through 36 
Customizing Your Work Area 

Reference Sources 

Experiment 25: Magnetism 

Experiment 26: Tabletop Power Generation 
Experiment 27: Loudspeaker Destruction 
Experiment 28: Making a Coil React 
Experiment 29: Filtering Frequencies 
Experiment 30: Fuzz 


Experiment 31: One Radio, No Solder, 
No Power 


Experiment 32: A Little Robot Cart 
Experiment 33: Moving in Steps 
Experiment 34: Hardware Meets Software 
Experiment 35: Checking the Real World 
Experiment 36: The Lock, Revisited 


In Closing 
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Shopping List: Experiments 25 Through 36 


Tools 


You won't need any new tools for this section of the book. 


Supplies and Components 


As we have progressed to the point where you may want to pick and choose 
which projects you attempt, | will list the supplies and components at the be- 
ginning of each experiment. 


Customizing Your Work Area 


At this point, if you're getting hooked on the fun of creating hardware but 
haven't allocated a permanent corner to your new hobby, | have some sug- 
gestions. Having tried many different options over the years, my main piece of 
advice is this: don't build a workbench! 


Many hobby electronics books want you to go shopping for 2x4s and ply- 
wood, as if a workbench has to be custom-fabricated to satisfy strict criteria 
about size and shape. | find this puzzling. To me, the exact size and shape of a 
bench is not very important. | think the most important issue is storage. 


| want tools and parts to be easily accessible, whether they're tiny transistors 
or big spools of wire. | certainly don't want to go digging around on shelves 
that require me to get up and walk across the room. 


Figure 5-1. The ideal work area: surrounded by storage. Never again will you need to get 
out of your chair! 


Chapter 5 


This leads me to two conclusions: 
1. You need storage above the workbench. 
2. You need storage below the workbench. 


Many DIY workbench projects allow little or no storage underneath. Or, they 
suggest open shelves, which will be vulnerable to dust. My minimum configu- 
ration would be a pair of two-drawer file cabinets with a slab of 3/4-inch ply- 
wood or a Formica-clad kitchen countertop placed across them. File cabinets 
are ideal for storing all kinds of objects, not just files. 


Of all the workbenches I’ve used, the one | liked best was an old-fashioned 
steel office desk—the kind of monster that dates back to the 1950s. They're 
difficult to move (because of their weight) and don't look beautiful, but you 
can buy them cheaply from used office furniture dealers, they're generous in 
size, they withstand abuse, and they last forever. The drawers are deep and 
usually slide in and out smoothly, like good file-cabinet drawers. Best of all, 
the desk has so much steel in it that you can use it to ground yourself before 
touching components that are sensitive to static electricity. If you use an anti- 
Static wrist strap, you can simply attach it to a sheet-metal screw that you drive 
into one corner of the desk. 


What will you put in the deep drawers of your desk or file cabinets? Some 
paperwork may be useful, perhaps including the following documents: 


e Product data sheets 
e Parts catalogs 
e Sketches and plans that you draw yourself 


The remaining capacity of each drawer can be filled with plastic storage box- 
es. The boxes can contain tools that you don't use so often (such as a heat 
gun or a high-capacity soldering iron), and larger-sized components (such as 
loudspeakers, AC adapters, project boxes, and circuit boards). You should look 
for storage boxes that measure around 11 inches long, 8 inches wide, and 5 
inches deep, with straight sides. Boxes that you can buy at Wal-Mart will be 
cheaper, but they often have tapering sides (which are not space-efficient). 


The boxes that | like best are Akro-Grids, made by Akro-Mils (see Figures 5-2 and 
5-3). These are very rugged, straight-sided, with optional transparent snap-on 
lids. You can download the full Akro-Mills catalog from http://www.akro-mils.com 
and then search online for retail suppliers. You'll find that Akro-Mils also sells 
an incredible variety of parts bins, but | don't like open bins because their con- 
tents are vulnerable to dust and dirt. 


For medium-size components, such as potentiometers, power connectors, con- 
trol knobs, and toggle switches, | like storage containers measuring about 11 
inches long, 8 inches wide, and 2 inches deep , divided into four to six sections. 
You can buy these from Michaels (the craft store), but | prefer to shop online for 
the Plano brand, asthey seem more durably constructed. The Plano products that 
are most suitable for medium-size electronic parts are classified as fishing-tackle 
boxes, and you'll see them at http://www.planomolding.com/tackle/products.asp. 


What Next? 


Customizing Your Work Area 


Figure 5-2. Akro-Grid boxes contain 
grooves allowing them to be partitioned 
into numerous compartments for conve- 
nient parts storage. 


Figure 5-3. Lids are sold separately for 
Akro-Grid boxes to keep the contents 
dust-free. The height of the box in Figure 
5-2 allows three to be stacked in a typical 
file-cabinet drawer. The box shown here 
allows two to be stacked. 
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Customizing Your Work Area 


Figure 5-4. This Plano brand box is 
undivided, making it useful for storing 
spools of wire or medium-size tools. When 
stacked upright on its long edge, three will 
fit precisely in a file-cabinet drawer. 


Figure S-S. Darice Mini-Storage boxes are 


ideal for components such as resistors, ca- 


pacitors, and semiconductors. The boxes 


can be stacked stably or stored on shelves, 


with their ends labeled. The brand sticker 
is easily removed after being warmed with 
a heat gun. 


230 


For undivided, flat-format storage boxes, the Prolatch 23600-00 is ideally sized 
to fit a file-cabinet drawer, and the latches are sufficiently secure that you 
could stack a series of them on their long edges. See Figure 5-4. 


Plano also sells some really nicely designed toolboxes, one of which you can 
place on your desktop. It will have small drawers for easy access to screwdriv- 
ers, pliers, and other basics. Because you need a work area that’s only about 
three feet square for most electronics projects, surrendering some desk space 
to a toolbox is not a big sacrifice. 


If you have a steel desk with relatively shallow drawers, one of them can be al- 
located for printed catalogs. Don’t underrate the usefulness of hard copy, just 
because you can buy everything online. The Mouser catalog, for instance, has 
an index, which is better in some ways than their online search feature, and 
the catalog is divided into helpful categories. Many times I’ve found useful 
parts that | never knew existed, just by browsing, which is much quicker than 
flipping through PDF pages online, even with a broadband connection. Cur- 
rently, Mouser is still quite generous about sending out their catalogs, which 
contain over 2,000 pages. McMaster-Carr will also send you a catalog, but only 
after you've ordered from them, and only once a year. 


Now, the big question: how to store all those dinky little parts, such as resistors, 
capacitors, and chips? I've tried various solutions to this problem. The most ob- 
vious is to buy a case of small drawers, each of which is removable, so you can 
place it on your desk while you access its contents. But | don't like this system, 
for two reasons. First, for very small components, you need to subdivide the 
drawers, and the dividers are never secure. And second, the removability of 
the drawers creates the risk of accidentally emptying the contents on the floor. 
Maybe you're too careful to allow this to happen, but I’m not! 


My personal preference is to use Darice Mini-Storage boxes, shown in Figure 
5-5. You can find these at Michaels in small quantities, or buy them more eco- 
nomically in bulk online from suppliers such as http://www.craftamerica.com. 
The blue boxes are subdivided into five compartments that are exactly the 
right size and shape for resistors. The yellow boxes are subdivided into ten 
compartments, which are ideal for semiconductors. The purple boxes aren't 
divided at all, and the red boxes have a mix of divisions. 


The dividers are molded into the boxes, so you don't have the annoyance asso- 
ciated with removable dividers that slip out of position, allowing components 
to mix together. The box lids fit tightly, so that even if you drop one of the 
boxes, it probably won't open. The lids have metal hinges, and a ridge around 
the edge that makes the boxes securely stackable. 


| keep my little storage boxes on a set of shelves above the desk, with a gap of 
3 inches between one shelf and the next, allowing two boxes to be stacked on 
each shelf. If | want to work with a particular subset of boxes, | shift them onto 
the desktop and stack them there. 


Chapter 5 


Labeling 


No matter which way you choose to store your parts, labeling them is essential. 
Any ink-jet printer will produce neat-looking labels, and if you use peelable 
(nonpermanent) labels, you'll be able to reorganize your parts in the future, as 
always seems to become necessary. | use color-coded labels for my collection 
of resistors, so that | can compare the stripes on a resistor with the code on the 
label, and see immediately if the resistor has been put in the wrong place. See 
Figure 5-6. 


Even more important: you need to place a second (non-adhesive) label inside 
each compartment with the components. This label tells you the manufac- 
turer's part number and the source, so that reordering is easy. | buy a lot of 
items from Mouser, and whenever | open their little plastic bags of parts, | snip 
out the section of the bag that has the identifying label on it, and slide it into 
the compartment of my parts box before | put the parts on top of it. This saves 
frustration later. 


If | were really well organized, | would also keep a database on my computer 
listing everything that | buy, including the date, the source, the type of com- 
ponent, and the quantity. But I’m not that well organized. 


On the Bench 


Some items are so essential that they should sit on the bench or desktop on 
a permanent basis. These include your soldering iron(s), helping hands with 
magnifier, desk lamp, breadboard, power strip, and power supply. For a desk 
lamp, | prefer the type that has a daylight-spectrum fluorescent bulb, because 
it soreads a uniform light and helps me to distinguish colors of adjacent stripes 
on resistors. 


The power supply is a matter of personal preference. If you're serious about 
electronics, you can buy a unit that delivers properly smoothed current at a 
variety of properly regulated and calibrated voltages. Your little wall-plug unit 
from RadioShack cannot do any of these things, and its output may vary de- 
pending on how heavily you load it. Still, as you've seen, it is sufficient for basic 
experiments, and when you're working with logic chips, you need to mount a 
5-volt regulator on your breadboard anyway. Overall, | consider a good power 
supply optional. 


Another optional item is an oscilloscope. This will show you, graphically, the 
electrical fluctuations inside your wires and components, and by applying 
probes at different points, you can track down errors in your circuit. It’s a neat 
gadget to own, but it will cost a few hundred dollars, and for our tasks so far, it 
has not been necessary. If you plan to get seriously into audio circuits, an oscil- 
loscope becomes far more important, because you'll want to see the shapes of 
the waveforms that you generate. 


You can try to economize on an oscilloscope by buying a unit that plugs into 
the USB port of your computer and uses your computer monitor to display the 
signal. | have tried one of these, and was not entirely happy with the results. It 
worked, but did not seem accurate or reliable for low-frequency signals. May- 
be | was unlucky; | decided not to try any other brands. 


What Next? 


Customizing Your Work Area 


Figure 5-8. To check that resistors are not 
placed in the wrong compartments, print 


the color code on each label. 
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of thumb” have been developed to help you 


make the necessary assumptions. These rules 
lead to simple equations that provide workable 
values for components that you can use in 
designing circuits. 

The choice of I2 = 10I B is one such rule 


of thumb. Is it the only choice that works? Of 
course not. Almost any value of I2 that is at 
least 5 times larger than I B can work. 
Choosing 10 times the value is a good option 
for three reasons: 

It is a good practical choice. It always 

works. 

It makes the arithmetic easy. 


It's not overly complicated and doesn't 
involve unnecessary calculations. 

Question 

In the example from problem 32, IB = 1 mA 
and 12 = 10 mA. Which of the following 
values can also work efficiently for I2 ? 

A. 5 MA 

B. 8 mA 

C. 175 mA 

D. 6.738 mA 

E. 1 mA 

Answers 


Choices A, B, and D. Value C is too high to 
be a sensible choice, and E is too low. 

36 Before you continue with this chapter, 
answer the following review questions. 
Questions 


Customizing Your Work Area 


Figure 5-7. An old steel office desk can be 
as good as, if not better than, a conven- 
tional workbench when building small 
electronics projects. It provides a large 
work area and ample storage, and has 
sufficient mass for you to ground yourself 
when dealing with components that are 
sensitive to static electricity. 
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The surface of your desk or workbench will undoubtedly become scarred by ran- 
dom scuffs, cut marks, and drops of molten solder. | use a piece of half-inch ply- 
wood, two feet square, to protect my primary work area, and I clamp a miniature 
vise to its edge. To reduce the risk of static electricity when working with sensitive 
components, | cover the plywood with a square of conductive foam. This is not 
cheap, but offers advantages in addition to protecting chips from being zapped. 
Instead of scattering stray components, | can stick them into the foam, like plants 
growing in a garden. And like a garden, | can divide it into sections, with resistors 
on one side, capacitors on the other, and chips straight ahead. 


Inevitably, during your work you'll create a mess. Little pieces of bent wire, stray 
screws, fasteners, and fragments of stripped insulation tend to accumulate, and 
can be a liability. If metal parts or fragments get into a project that you're build- 
ing, they can cause short circuits. So you need a trash container. But it has to be 
easy to use. | use a full-size garbage pail, because it's so big that | can't miss it 
when | throw something toward it, and | can never forget that it’s there. 


Last, but most essential: a computer. Now that all data sheets are available 
online, and all components can be ordered online, and many sample circuits 
are placed online by hobbyists and educators, | don't think anyone can work 
efficiently without quick Internet access. To avoid wasting space, | suggest you 
use a small, cheap laptop that has a minimal footprint. A possible workbench 
configuration, using a steel desk, is shown in Figure 5-7. 


—<—— Tool box 


desk lamp Helping 
hands 


A Soldering 
mputer iron 
computer 
Anti-static | Vise 
foam | 


Plywood 
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Reference Sources 


Online 


My favorite educational and reference site is Doctronics (http://www.doctronics. 
co.uk). | like the way they draw their schematics, and | like the way they include 
many illustrations of circuits on breadboards (which most sites don't bother to 
do). They also sell kits, if you're willing to pay and wait for shipping from the UK. 
Part of a page from the doctronics website is reproduced in Figure 5-8. 
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Figure 5-8. A sample page from http://4www.doctronics.co.uk shows their detailed instruc- 
tional approach. This is a valuable free online resource. 


My next favorite hobby site is also British-based: the Electronics Club (http:// 
www.kpsec.freeuk.com). It's not as comprehensive as Doctronics, but very 
friendly and easy to understand. 


For a more theory-based approach, try http://www.electronics-tutorials.ws. This 
will go a little farther than the theory sections I’ve included here. 


For an idiosyncratic selection of electronics topics, try Don Lancaster's Guru's 
Lair (http://www.tinaja.com). Lancaster wrote The TTL Cookbook more than 30 
years ago, which opened up electronics to at least two generations of hob- 
byists and experimenters. He knows what he's talking about, and isn't afraid 
of getting into some fairly ambitious areas such as writing his own PostScript 
drivers and creating his own serial-port connections. You'll find a lot of ideas 
there. 


What Next? 


Reference Sources 
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Books 


Yes, you do need books. As you're already reading this one, | won't recommend 
other beginners' guides. Instead, in keeping with the orientation of this chap- 
ter, l'Il suggest some titles that will take you farther in various directions, and 
can be used for reference. | own all of these myself, and find them valuable: 


Practical Electronics for Inventors, by Paul Scherz (McGraw-Hill, Second Edition, 

2007) 
This is a massive, comprehensive book, well worth the $40 cover price. 
Despite its title, you won't need to invent anything to find it useful. It’s my 
primary reference source, covering a wide range of concepts, from the 
basic properties of resistors and capacitors all the way to some fairly high- 
end math. If you buy only one book (in addition to this one, of course!), 
this would be my recommendation. 


Getting Started with Arduino, by Massimo Banzi (Make: Books, 2009) 
If you enjoy the simplicity and convenience of the PICAXE programmable 
microcontroller that | describe later in this chapter, you'll find that the 
Arduino can do a lot more. Getting Started is the simplest introduction 
around, and will help to familiarize you with the Processing language 
used in Arduino (similar to the C language, not much like the version of 
BASIC used by the PICAXE). 


Making Things Talk, by Tom Igoe (Make: Books, 2007) 
This ambitious and comprehensive volume shows how to make the most 
of the Arduino’s ability to communicate with its environment, even get- 
ting it to access sites on the Internet. 


TTL Cookbook, by Don Lancaster (Howard W. Sams & Co, 1974) 
The 1974 copyright date is not a misprint! You may be able to find some 
later editions, but whichever one you buy, it will be secondhand and pos- 
sibly expensive, as this title now has collectible value. Lancaster wrote his 
guide before the 7400 series of chips was emulated on a pin-for-pin basis 
by CMOS versions, but it’s still a good reference, because the concepts and 
part numbers haven't changed, and his writing is so accurate and concise. 


CMOS Sourcebook, by Newton C. Braga (Sams Technical Publishing, 2001) 

This book is entirely devoted to the 4000 series of CMOS chips, not the 
74HCO0 series that I've dealt with primarily here. The 4000 series is older 
and must be handled more carefully, because it’s more vulnerable to stat- 
ic electricity than the generations that came later. Still, the chips remain 
widely available, and their great advantage is their willingness to tolerate 
a wide voltage range, typically from 5 to 15 volts. This means you can set 
up a 12-volt circuit that drives a 555 timer, and use output from the timer 
to go straight into CMOS chips (for example). The book is well organized 
in three sections: CMOS basics, functional diagrams (showing pinouts for 
all the main chips), and simple circuits showing how to make the chips 
perform basic functions. 
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Reference Sources 


The Encyclopedia of Electronic Circuits, by Rudolf F. Graf (Tab Books, 1985) 

A totally miscellaneous collection of schematics, with minimal explana- 
tions. This is a useful book to have around if you have an idea and want 
to see how someone else approached the problem. Examples are often 
more valuable than general explanations, and this book is a massive com- 
pendium of examples. Many additional volumes in the series have been 
published, but start with this one, and you may find it has everything you 
need. 


The Circuit Designers Companion, by Tim Williams (Newnes, Second Edition, 
2005) 
Much useful information about making things work in practical applica- 
tions, but the style is dry and fairly technical. May be useful if you're inter- 
ested in moving your electronics projects into the real world. 


The Art of Electronics, by Paul Horowitz and Winfield Hill (Cambridge University 

Press, Second Edition, 1989) 
The fact that this book has been through 20 printings tells you two things: 
(1) Many people regard itas afundamental resource; (2) Secondhand cop- 
ies should be widely available, which is an important consideration, as the 
list price is over $100. It's written by two academics, and has a more tech- 
nical approach than Practical Electronics for Inventors, but | find it useful 
when I’m looking for backup information. 


Getting Started in Electronics, by Forrest M. Mims III (Master Publishing, Fourth 

Edition, 2007) 
Although the original dates back to 1983, this is still a fun book to have. | 
think | have covered many of its topics here, but you may benefit by read- 
ing explanations and advice from a completely different source, and it 
goes a little farther than | have into some electrical theory, on an easy-to- 
understand basis, with cute drawings. Be warned that it's a brief book with 
eclectic coverage. Don't expect it to have all the answers. 


Figure 5-8. These books from MAKE provide Figure 5-10. A sun-damaged copy of the Don Lancaster's 
guidance if you want to go beyond basic micro- classic TTL Cookbook, a 2,000-page catalog from the 
controllers into the more exotic realms of the Mouser Electronics supply company, and two com- 
Arduino chip. prehensive reference books that can provide years of 


additional guidance in all areas of electronics. 
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Experiment 25: Magnetism 


P | FUNDAMENTALS 


A two-way relationship 


Every electric motor that was ever 
made uses some aspect of the 
relationship between electricity 
and magnetism. It’s absolutely 
fundamental in the world around 
us. Remember that electricity can 
create magnetism: 


When electricity flows through a 
wire, it creates a magnetic force 
around the wire. 


The principle works in reverse: mag- 
netism can create electricity. 


When a wire moves through a 
magnetic field, it creates a flow of 
electricity in the wire. 


This second principle is used in 
power generation. A diesel engine, 
or a water-powered turbine, or a 
windmill, or some other source of 
energy either turns coils of wire 
through a powerful magnetic 
field, or turns magnets amid some 
massive coils of wire. Electricity is 
induced in the coils. In the next 
experiment, you'll see a dramatic 
mini-demo of this effect. 


Figure 5-11. Anyone who somehow missed 


this most basic childhood demo of electro- 


magnetism should try it just for the fun of 
proving that a single AA battery can move 
a paper clip. 
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Experiment 25: Magnetism 


This experiment should be a part of any school science class, but even if you 
remember doing it, | suggest that you do it again, because setting it up takes 
only a matter of moments, and it’s going to be our entry point to a whole new 
topic: the relationship between electricity and magnetism. Quickly this will 
lead us into audio reproduction and radio, and I'll describe the fundamentals 
of self-inductance, which is the third and final basic property of passive com- 
ponents (resistance and capacitance being the other two). | left self-inductance 
until last because it's not very relevant to the experiments that you've done 
so far. But as soon as we start dealing with analog signals that fluctuate, it 
becomes essential. 


You will need: 
e Large screwdriver. 
e 22-gauge wire (or thinner). Quantity: 6 feet. 
e AA battery. 


Procedure 


This couldn't be simpler. Wind the wire around the shaft of the screwdriver, 
near its tip. The turns should be neat and tight and closely spaced, and you'll 
need to make 100 of them, within a distance of no more than 2 inches. To fit 
them into this space, you'll have to make turns on top of previous turns. If the 
final turn tends to unwind itself (which will happen if you’re using stranded 
wire), secure it with a piece of tape. See Figure 5-11. 


Now apply a battery, as shown in Figure 5-12. At first sight, this looks like a 
very bad idea, because you're going to short out your battery just as you did in 
Experiment 2. But by passing the current through a wire that's coiled instead 
of straight, we'll get some work out of it before the battery expires. 


Put a small paper clip near the screwdriver blade, on a soft, smooth surface 
that will not present much friction. A tissue works well. Because many screw- 
drivers are already magnetic, you may find that the paper clip is naturally 
attracted to the tip of the blade. If this happens, move the clip just outside 
the range of attraction. Now apply the 1.5 volts to the circuit, and the clip 
should jump to the tip of the screwdriver. Congratulations: you just made an 
electromagnet. 


Figure 5-12. A schematic can't get much simpler than this. 
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y THEORY 


Inductance 

When electricity flows through a wire, it creates a magnetic Here's an approximated formula showing the relationship 
field around the wire. Because the electricity “induces” this between the diameter of the coil, the width of the coil from 
effect, it is known as inductance. The effect is illustrated in end to end, the number of turns, and its inductance. The 
Figure 5-13. letter L is the symbol for inductance, even though the unit 


is the Henry, named after an American electrical pioneer 
named Joseph Henry: 


L (in microHenrys) = 
[(D x D) x (N x N)] /[(18 x D) + (40 x W)] 
(Approximately) 


In this formula, D is the diameter of the coil, N is the number 
of turns, and W is the width of the coil from end to end. See 
Figure 5-15. Here are three simple conclusions from this 
formula: 


e Inductance increases with the diameter of the coil. 


Figure 5-13. When the flow of electricity is from left to right e Inductance increases with the square of the number of 


along this conductor, itinduces a magnetic force shown by the turns. (In other words, three times as many turns create 
green arrows. nine times the inductance.) 


e Ifthe number of turns remains the same, inductance is 
lower if you wind the coil so that it’s slender and long, 
but is higher if you wind it so that it’s fat and short. 


N=Number 
of turns of 


The field around a straight wire is very weak, but if we bend 
the wire into a circle, the magnetic force starts to accumu- 
late, pointing through the center of the circle, as shown in 
Figure 5-14. If we add more circles, to form a coil, the force 
accumulates even more. And if we put a magnetic object 
(such as a screwdriver) in the center of the coil, the effective- 
ness increases further. 


D=Diameter 
of coil 


Figure 5-15. The inductance of a coil increases with its diameter 
and with the square of its number of turns. If all other param- 
eters remain the same, reducing the width (the distance from 
end to end) by packing the turns more tightly will increase the 
inductance. 


Figure 5-14. When the conductor is bent to form a circle, the cu- 
mulative magnetic force acts through the center of the circle, 
as shown by the large arrow. 
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P | FUNDAMENTALS 


Coil schematics and 
basics 


Check the schematic symbols for 
coils in Figure 5-16. Note that if a 
coil has an iron core, this is shown 
with an extra couple of lines 
(sometimes only one line). If it has 
a ferrite core, the line is sometimes 
shown with dashes. 


An iron core will add to the 
inductance of a coil, because it 
increases the magnetic effect. 


A coil in isolation does not gener- 
ally have any polarity. You can con- 
nect it either way around, but the 
magnetic force will be reversed ac- 
cordingly (coils that interact with 
stuff—such as in transformers and 
solenoids—do have polarity). 


Perhaps the most widespread 
application of coils is in transform- 
ers, where alternating current 

in one coil induces alternating 
current in another, often sharing 
the same iron core. If the primary 
(input) coil has half as many turns 
as the secondary (output) coil, the 
voltage will be doubled, at half 
the current—assuming hypotheti- 
cally that the transformer is 100% 
efficient. 


Figure 5-18. Schematic diagrams 
represent coils. At far right is the 
older style. The third and fourth 
symbols indicate that the coil is 
wound around a Solid or powdered 
magnetic core, respectively. 
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Joseph Henry 


Born in 1797, Joseph Henry was the first to develop and demonstrate powerful 
electromagnets. He also originated the concept of “self-inductance,” meaning 
the “electrical inertia” that is a property of a coil of wire. 


Henry started out as the son of a day laborer in Albany, New York. He worked in 
a general store before being apprenticed to a watchmaker, and was interested 
in becoming an actor. Friends persuaded him to enroll at the Albany Academy, 
where he turned out to have an aptitude for science. In 1826, he was appointed 
Professor of Mathematics and Natural Philosophy at the Academy, even though 
he was not a college graduate and described himself as being “principally self- 
educated.” Michael Faraday was doing similar work in England, but Henry was 
unaware of it. 


Henry was appointed to Princeton in 1832, where he received $1,000 per year 
and a free house. When Morse attempted to patent the telegraph, Henry testi- 
fied that he was already aware of its concept, and indeed had rigged a system 
on similar principles to signal his wife, at home, when he was working in his 
laboratory at the Philosophical Hall. 


Henry taught chemistry, astronomy, and architecture, in addition to physical 
science, and because science was not divided into strict specialties as it is now, 
he investigated phenomena such as phosphorescence, sound, capillary action, 
and ballistics. In 1846, he headed the newly founded Smithsonian Institution as 
its secretary. 


Figure S-17. Joseph Henry was an American experimenter who pioneered the inves- 
tigation of electromagnetism. This photograph is archived in Wikimedia Commons. 
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Experiment 26: Tabletop Power Generation 


If you have just three components, you can see magnetism generating elec- 
tricity right in front of you, right now. 


You will need: 


e Cylindrical neodymium magnet, 3/4-inch diameter, axially magnetized. 
Quantity: 1. (Obtainable online at sites such as http://www.kjmagnetics.com.) 


e Spool of hookup wire, 26-gauge, 100 feet. Quantity: 1. 


e Spool of magnet wire, quarter-pound, 26-gauge, about 350 feet. Quan- 
tity: 1. (Search online for sources for “magnet wire.”) 


e Generic LED. Quantity: 1. 
e 100 uF electrolytic capacitor. Quantity: 1. 
« Signal diode, 2N4001 or similar. Quantity: 1. 


e Jumper wires with alligator clips on the ends. Quantity: 2. 


Procedure 


You may be able to make this experiment work with the spool of hookup wire, 
depending on the size of the spool relative to the size of your magnet, but as 
the results are more likely to be better with the magnet wire, l'Il assume that 
you're using that—initially, at least. The advantage of the magnet wire is that 
its very thin insulation allows the coils to be closely packed, increasing their 
inductance. 


First peek into the hollow center of the spool to see if the inner end of the 
wire has been left accessible, as is visible in Figures 5-18 and 5-19. If it hasn't, 
you have to unwind the wire onto any large-diameter cylindrical object, then Figure 5-18. An everyday 100-foot spool of 


rewind it back onto the spool, this time taking care to leave the inner end stick-  hookup wire is capable of demonstrating 
ing out. the inductive power of a coil. 


Scrape the transparent insulation off each end of the magnet wire with a utility 
knife or sandpaper, until bare copper is revealed. To check, attach your meter, 
set to measure ohms, to the free ends of the wire. If you make a good contact, 
you should measure a resistance of 30 ohms or less. 


Place the spool on a nonmagnetic, nonconductive surface such as a wooden, 
plastic, or glass-topped table. Attach the LED between the ends of the wire 
using jumper wires. The polarity is not important. Now take a cylindrical neo- 
dymium magnet of the type shown in Figure 5-20 and push it quickly down 
into the hollow core, then pull it quickly back out. See Figure 5-21. You should 
see the LED blink, either on the down stroke or the up stroke. 


The same thing may or may not happen if you use 100 feet of 26-gauge hook- 
up wire. Ideally, your cylindrical magnet should fit fairly closely in the hollow 
center of the spool. If there’s a big air gap, this will greatly reduce the effect Of Figure 5-13. Magnet wire has thinner 

the magnet. Note that if you use a weaker, old-fashioned iron magnet instead insulation than hookup wire, allowing the 


of aneodymium magnet, you may get no result at all. turns to be more densely packed, inducing 
a more powerful magnetic field. 
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Blood Blisters and Dead Media 


Neodymium magnets can be 
hazardous. They're brittle and can 
shatter if they slam against a piece of 
magnetic metal (or another magnet). 
For this reason, many manufacturers 
advise you to wear eye protection. 


Because a magnet pulls with increas- 
ing force as the distance between it 
and another object gets smaller, it 
closes the final gap very suddenly 
and powerfully. You can easily pinch 
your skin and get blood blisters. 


If there's an object made of iron or 
steel anywhere near a neodymium 
magnet, the magnet will find it and 
grab it, with results that may be 
unpleasant, especially if the object 
has sharp edges and your hands are 
in the vicinity. When using a magnet, 
create a clear area on a nonmagnetic 
surface, and watch out for magnetic 
objects underneath the surface. My 
magnet sensed a steel screw embed- 
ded in the underside of a kitchen 
countertop, and slammed itself 

into contact with the countertop 
unexpectedly. 


Be aware that magnets create mag- 
nets. When a magnetic field passes 
across aniron or steel object, the 
object picks up some magnetism of 
its own. Be careful not to magnetize 
your watch! 


Don't use magnets anywhere near a 
computer, a disk drive, credit cards 
with magnetic stripes, cassettes of 
any type, and other media. Also keep 
magnets well away from TV screens 
and video monitors (especially 
cathode-ray tubes). Last but not 
least, powerful magnets can interfere 
with the normal operation of cardiac 
pacemakers. 
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Figure 5-20. Three neodymium magnets, 
1/4-, 1/2-, and 3/4-inch in diameter. | 
would have preferred to photograph them 
standing half-an-inch apart, but they 
refused to permit it. 


Figure 5-21. By moving a magnet vigor- 
ously up and down through the center of a 
coil, you generate enough power to make 
the LED flash brightly. 


Here's another thing to try. Disconnect the LED and connect a 100 uF elec- 
trolytic capacitor in series with signal diode, as shown in Figure 5-23. Attach 
your meter, measuring volts, across the capacitor. If your meter has a manual 
setting for its range, set it to 20V DC. Make sure the positive (unmarked) side 
of the diode is attached to the negative (marked) side of the capacitor, so that 
positive voltage will pass through the capacitor and then through the diode. 


Now move the magnet vigorously up and down in the coil. The meter should 
show that the capacitor is accumulating charge, up to about 10 volts. When 
you stop moving the magnet, the voltage reading will gradually decline, most- 
ly because the capacitor discharges itself through the internal resistance of 
your meter. 


This experiment is more important than it looks. Bear in mind that when you 
push the magnet into the coil, it induces current in one direction, and when 
you pull it back out again, it induces current in the opposite direction. You are 
actually generating alternating current. 


The diode only allows current to flow one way through the circuit. It blocks 
the opposite flow, which is how the capacitor accumulates its charge. If you 
jump to the conclusion that diodes can be used to change alternating current 
to direct current, you're absolutely correct. We say that the diode is “rectifying” 
the AC power. 


Experiment 24 showed that voltage can create a magnet. Experiment 25 has 
shown that a magnet can create voltage. We're now ready to apply these con- 
cepts to the detection and reproduction of sound. 
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Figure 5-22. Because inductance increases with the diameter of a coil and with the square 
of the number of turns, your power output from moving a magnet through the coil can 
increase dramatically with scale. Those wishing to live “off the grid” may consider this 
steam-powered configuration, suitable for powering a three-bedroom home. 


Long Wire 
(positive) 


Figure 5-23. Using a diode in series with a capacitor, you can charge the capacitor with the 
pulses of current that you generate by moving the magnet through the center of the coil. 
This demo illustrates the principle of rectifying alternating current. 
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A. Which switches faster, the transistor or the 
mechanical switch? ——__ 
B. Which can be more accurately controlled? 


C. Which is the easiest to operate remotely? 
D. Which is the most reliable? 
E. Which has the longest life? 
Answers 
The transistor is much faster. 
The transistor. 


The transistor. 
Because transistors have no moving parts, 


A 

B 

C. The transistor. 

D 

= 

they have a much longer operating lifetime 


than a mechanical switch. A mechanical switch 
will fail after several thousand operations, 
whereas transistors can be operated several 


million times a second and can last for years. 
Switching the JFET 


37 The use of the — junction field effect 
transistor (J FET) as a switch is discussed In 
the next few problems. You may want to 
review problems 28 through 31 tn Chapter 3 
where this book introduced the JFET. 

The JFET Is considered a “normally on 
device, which means that with O volts applied 
to the input terminal (called the gate ), it is 
ON, and current can flow through the 
transistor. When you apply a voltage to the 
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y 
Figure 5-24. A 2-inch loudspeaker can be 
instructively destroyed with a utility knife 
or X-Acto blade. 


Figure 5-25. Loudspeaker ready for creative 
destruction. 


242 


Experiment 27: Loudspeaker Destruction 


I'd like you to sacrifice a 2-inch loudspeaker, even though it means wasting the 
$5 or so that it probably costs. Actually, | don’t consider this a waste, because 
if you want to learn how a component works, there's no substitute for actually 
seeing inside it. You might also have such a speaker already, part of a piece of 
cast-off personal electronics or toy you have in your basement. 


You will need: 


e Cheapest possible 2-inch loudspeaker. Quantity: 1. Figure 5-24 shows a 
typical example. 


Procedure 


Turn the loudspeaker face-up (as shown in Figure 5-25) and cut around the 
edge of its cone with a sharp utility knife or X-Acto blade. Then cut around 
the circular center and remove the ring of black paper that you've created. 
The result should look like Figure 5-26: you should see the flexible neck of the 
loudspeaker, which is usually made from a yellow weave. If you cut around its 
edge, you should be able to pull up the hidden paper cylinder, which has the 
copper coil of the loudspeaker wound around it. In Figure 5-27, I've turned it 
over so that it is easily visible. The two ends of this copper coil normally re- 
ceive power through two terminals at the back of the speaker. When it sits in 
the groove visible between the inner magnet and the outer magnet, the coil 
reacts to voltage fluctuations by exerting an up-and-down force in reaction 
to the magnetic field. This vibrates the cone of the loudspeaker and creates 
sound waves. 


Large loudspeakers in your stereo system work exactly the same way. They just 
have bigger magnets and coils that can handle more power (typically, as much 
as 100 watts). 


Whenever | open up a small component like this, I’m impressed by the preci- 
sion and delicacy of its parts, and the way it can be mass-produced for such a 
low cost. | imagine how astonished the pioneers of electrical theory (such as 
Faraday and Henry) would be, if they could see the components that we take 
for granted today. Henry spent days and weeks winding coils by hand to create 
electromagnets that were far less efficient than this cheap little loudspeaker. 


Figure 5-28. The cone has been removed. Figure S-27. The neck of the cone has been 
pulled out. Note the coil of copper wire, 
which fits precisely in the groove between 
two magnets in the base of the speaker. 
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Origins of loudspeakers 


Loudspeakers utilize the fact that if you run a varying electrical current through 
a coil situated in a magnetic field, the coil will move in response to the current. 
This idea was introduced in 1874 by Ernst Siemens, a prolific German inven- 
tor. (He also built the world's first electrically powered elevator in 1880.) Today, 
Siemens AG is one of the largest electronics companies in the world. 


When Alexander Graham Bell patented the telephone in 1876, he used Siemen's 
concept to create audible frequencies in the earpiece. From that point on, 
sound-reproduction devices gradually increased in quality and power, until 
Chester Rice and Edward Kellogg at General Electric published a paper in 1925 
establishing basic principles that are still used in loudspeaker design today. 


At http://www.radiolaguy.com/Showcase/Gallery-HornSpkr.htm you'll find 
photographs of very beautiful early loudspeakers, which used a horn design 

to maximize efficiency. As sound amplifiers became more powerful, speaker 
efficiency became less important compared with quality reproduction and low 
manufacturing costs. Today's loudspeakers convert only about 1% of electrical 
energy into acoustical energy. 


Amplion small horn 
radio speakor 
model AR-114 


RadlolaGuy.com 


Figure 5-28. This beautiful Amplion AR-114x illustrates the efforts of early design- 
ers to maximize efficiency in an era when the power of audio amplifiers was very 
limited. Photos by “Sonny, the RadiolaGuy.” Many early speakers are illustrated at 
www.radiolaguy.com. Some are for sale. 
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y THEORY 


Sound, electricity, and sound 


Time now to establish a clear idea of how sound is transformed into electricity 
and back into sound again. 


Suppose someone bangs a gong with a stick. The flat metal face of the gong 
vibrates in and out, creating sound waves. A sound wave is a peak of higher air 
pressure, followed by a trough of lower air pressure. 


The wavelength of the sound is the distance (usually ranging from meters to 
millimeters) between one peak of pressure and the next peak. 


The frequency of the sound is the number of waves per second, usually ex- 
pressed as hertz. 


Suppose we put a very sensitive little membrane of thin plastic in the path of 
the pressure waves. The plastic will flutter in response to the waves, like a leaf 
fluttering in the wind. Suppose we attach a tiny coil of very thin wire to the 
back of the membrane so that it moves with the membrane, and let's posi- 

tion a stationary magnet inside the coil of wire. This configuration is like a tiny, 
ultra-sensitive loudspeaker, except that instead of electricity producing sound, 
itis configured so that sound produces electricity. Sound pressure waves make 
the membrane move to and fro along the axis of the magnet, and the magnetic 
field creates a fluctuating voltage in the wire. 


This is known as a moving-coil microphone. There are other ways to build a 
microphone, but this is the configuration that is easiest to understand. Of 


course, the voltage that it generates is very small, but we can amplify it using 
a transistor, or a series of transistors. Then we can feed the output through the 
coil around the neck of a loudspeaker, and the loudspeaker will recreate the 
pressure waves in the air. Figures 5-29 through 5-32 illustrate this sequence. 


Waves 
of air 
pressure 
traveling 
at the 
speed of 
sound 


PRESSURE 


TIME =~ 


Figure 5-28. Step 1 in the process of converting sound to electricity, and back again. 
When the hammer hits the gong, the face of the gong vibrates, creating pressure 
waves that travel through the air. 
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Sound, electricity, and sound (continued) 


Somewhere along the way, we may want to record the sound and then replay 
it. But the principle remains the same. The hard part is designing the micro- 
phone, the amplifier, and the loudspeaker so that they reproduce the waveforms 
accurately at each step. It's a significant challenge, which is why accurate sound 
reproduction can be elusive. 


Time now to think about what happens inside the wire when it generates a 
magnetic field. Obviously, some of the power in the wire is being transformed 
into magnetic force. But just what exactly is going on? 


go m. E E ® 
VOLTAGE 


MOVING-COIL 
MICROPHONE 


Figure 5-30. Step 2: the pressure waves penetrate the perforated shell of a micro- 
phone and cause a diaphragm to vibrate in sympathy. The diaphragm has a coil 
attached to it. When the coil vibrates to and fro, a magnet at its center induces 
alternating current. 


VOLTAGE 


j lo A 


AMPLIFIER 


Figure 5-31. Step 3: the tiny signals from the microphone pass through an amplifier, 
which enlarges their amplitude while retaining their frequency and the shape of 
their waveform. 


Waves 
of air 
| pressure 
— traveling 
at the 
speed of 
LOUDSPEAKER sound 


Figure 5-32. Step 4: the amplified electrical signal is passed through a coil around 
the neck of a loudspeaker cone. The magnetic field induced by the current causes 
the cone to vibrate, reproducing the original sound. 


VOLTAGE 
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Experiment 28: Making a Coil React 


12V 


220 


de 


Figure 5-33. In this demonstration of self- 
inductance, D1 and D2 are light-emitting 
diodes. When the switch is closed, D1 
flashes briefly because the coil obstructs 
the initial flow of electricity. When the 
switch is opened, D2 flashes as the col- 
lapsing magnetic field induced by the coil 
releases another short burst of current. 


246 


Experiment 28: Making a Coil React 


A capacitor will absorb some DC current until it is fully charged, at which point 
it blocks the flow. There’s another phenomenon that | haven’t mentioned so 
far, which is the exact opposite of capacitance. It's known as self-inductance, 
and you find it in any coil of wire. Initially it blocks DC current (it reacts against 
it), but then its opposition gradually disappears. Here are a few definitions: 


Resistance 
Constrains current flow and drops voltage. 


Capacitance 
Allows current to flow initially and then blocks it. This behavior is properly 
known as capacitive reactance. 


Self-Inductance 
Blocks the flow of current initially and then allows it. This is also often re- 
ferred to as inductive reactance. In fact, you may find the term “reactance” 
used as if it means the same thing, but since self-inductance is the correct 
term, l'Il be using it here. 


In this experiment, you'll see self-inductance in action. 
You will need: 
e LEDs, low-current type. Quantity: 2. 
e Spool of hookup wire, 26-gauge, 100 feet. Quantity: 1. 
e Resistor, 2200, rated 1/4 watt or higher. Quantity: 1. 
e Capacitor, electrolytic, 2,000 uF or larger. Quantity: 1. 
e SPST tactile switch. Quantity: 1. 


Procedure 


Take a look at the schematic in Figure 5-33. At first it may not make much 
sense. The curly symbol is a coil of wire—nothing more than that. So appar- 
ently the voltage will pass through the 2200 resistor, and then through the 
coil, ignoring the two LEDs, because the coil obviously has a much lower resis- 
tance than either of them (and one of them is upside-down anyway). 


Is that what will happen? Let’s find out. The coil can be a spool of 100 feet of 
26-gauge (or smaller) hookup wire, although the spool of magnet wire listed 
in Experiment 25 will work better, if you have that. Once again, you will need 
access to both ends of the wire, and if the inner end is inaccessible, you'll need 
to rewind the coil, leaving the end sticking out. 


Now that you have a coil, you can hook it up on your breadboard as shown in 
Figure 5-34, where the green circle is a tactile switch and the two circular red 
objects are LEDs. Make sure that you use low-current LEDs (otherwise, you 
may not see anything) and make sure that one of them is negative-side-up, 
positive-side-down and the other is positive-side-up, negative-side-down. 
Also, the 2200 resistor should be rated at 1/4 watt or higher, if possible (see 
the following caution). 
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Figure 5-34. The breadboarded version of the schematic in Figure 5-33 shows a simple 
way to set it up for a quick demo. The green button is a tactile switch. The two red LEDs 
should be placed so that the polarity of one is opposite to the polarity of the other. 


When you press the button, one LED should flash briefly. When you release the 
button, the other LED should flash. 


What's happening here? The coil possesses self-inductance, which means that 
it reacts against any sudden change in the flow of electricity. First it fights it, 
and during that brief moment, it blocks most of the current. Consequently, the 
current looks for an alternative path and flows through D1, the lefthand LED 
in the schematic. (D2 doesn’t respond, because it can pass current only in the 
opposite direction.) 


Meanwhile, the voltage pressure overcomes the coil's self-inductance. When 
the self-inductance disappears, the resistance of the coil is no more than 10 
ohms—so now the electricity flows mostly through the coil, and because the 
LED receives so little, it goes dark. 


When you disconnect the power, the coil reacts again. It fights any sudden 
changes. After the flow of electricity stops, the coil stubbornly sustains it for a 
moment, because as the magnetic field collapses, it is turned back into elec- 
tricity. This residual flow of current depletes itself through D2, the LED on the 
right. 


In other words, the coil stores some energy in its magnetic field. This is similar 
to the way a capacitor stores energy between two metal plates, except that 
the coil blocks the current initially and then lets it build up, whereas the ca- 
pacitor sucks up current initially, and then blocks it. 


The more turns of wire you have in your coil, the more self-inductance the coil 
will have, causing your LEDs to flash more brightly. 


What Next? 


i | 


Experiment 28: Making a Coil React 


Hot Resistors 


You'll be passing about 50mA 
through the 2200 resistor, while 
the current is flowing. At 12 volts, 
this works out at 0.6 watts. If you 
use a 1/8-watt resistor, you will be 
overloading it, and it will get quite 
hot and may burn out. If you use a 
1/4-watt resistor, it will still get hot, 


but is unlikely to burn out, as long as 


you don't press the button for more 
than a second or two. 


Don't run the circuit without the coil 
of wire; you'll be trying to pass more 
than 50mA through the LEDs. 
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Here's one last variation on this experiment to test your understanding of elec- 
trical fundamentals. Remove the 2200 resistor, and substitute a 1K resistor (to 
protect your LED from sustained current). Remove the coil, and substitute a 
very large capacitor—ideally, about 4,700 uF. (Be careful to get its polarity the 
right way around.) What will you see when you press the button? Note that 
you will have to hold it down for a couple of seconds to get a result. And what 
will you see when you release the button? Remember: the behavior of capaci- 
tance is opposite to the behavior of self-inductance. 


THEORY 


Alternating current concepts 


Here's a simple thought experiment. Suppose you set up a 555 timer to send a 
stream of pulses through a coil. This is a primitive form of alternating current. 


We might imagine that the self-inductance of the coil will interfere with the 
stream of pulses, depending how long each pulse is, and how much inductance 
the coil has. If the pulses are too short, the self-inductance of the coil will tend 
to block them. Maybe if we can time the pulses exactly right, they'll synchronize 
with the time constant of the coil. In this way, we can “tune” a coil to allow a 
“frequency”to pass through it. 


What happens if we substitute a capacitor? If the pulses are too long, compared 
with the time constant of the capacitor, it will tend to block them, because it 
will have enough time to become fully charged. But if the pulses are shorter, the 
capacitor can charge and discharge in rhythm with the pulses, and will seem to 
allow them through. 


| don't have space in this book to get deeply into alternating current. It's a vast 
and complicated field where electricity behaves in strange and wonderful ways, 
and the mathematics that describe it can become quite challenging, involving 
differential equations and imaginary numbers. However, we can easily demon- 
strate the audio filtering effects of a loudspeaker and a coil. 
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Experiment 29: Filtering Frequencies 


In this experiment, you'll see how self-inductance and capacitance can be 
used to filter audio frequencies. You're going to build a crossover network: a 
simple circuit that sends low frequencies to one place and high frequencies 
to another. 


You will need: 


Loudspeaker, 80, 5 inches in diameter. Quantity: 1. Figure 5-35 shows a 
typical example. 


Audio amplifier, STMicroelectronics TEA2025B or similar. Quantity: 1. See 
Figure 5-36. 
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Figure 5-35. Jo hear the effects of audio 
filters using coils and capacitors, you'll 
need a loudspeaker capable of reproduc- 
ing lower frequencies. This 5-inch model is 


Figure 5-38. This single chip contains a 
stereo amplifier capable of delivering a 
total of 5 watts into an 8N speaker when 
the two channels are combined. 


the minimum required. 


Nonpolarized electrolytic capacitors (also known as bipolar). 47 uF. Quan- 
tity: 2. A sample is shown in Figure 5-37. They should have “NP” or “BP” 
printed on them to indicate “nonpolarized” or “bipolar. 


Nonpolarized electrolytic capacitors (also known as bipolar). 100 uF. 
Quantity: 5. (Because you'll be working with audio signals that alternate 
between positive and negative, you can't use the usual polarized electro- 
lytic capacitors. If you want to avoid the trouble and expense of ordering 
nonpolarized capacitors, you can substitute two regular electrolytics in 
series, facing in opposite directions, with their negative sides joined in the 
middle. Just remember that when you put capacitors in series, their to- 
tal capacitance is half that of each individual component. Therefore, you 
would need two 220 uF electrolytics in series to create 110 uF of capaci- 
tance. See Figure 5-38.) 


Potentiometer, with audio taper if possible. 100K. Quantity: 1. 


Coil, for crossover network. Quantity: 1. You can search a source such 
as eBay for keywords “crossover” and “coil,” but if you can't find one at a 
reasonable price, you can make do with a spool of 100 feet of 20-gauge 
hookup wire. 


Plastic shoebox. Quantity: 1. 
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Figure S-37. A nonpolarized electrolytic 
capacitor, also known as a bipolar capaci- 
tor, looks just like an electrolytic capaci- 
tor, except that it will have “NP” or “BP” 
printed on it. 


JOE 
4H 


100uF 


Figure 5-38. You can make a nonpolar- 

ized electrolytic capacitor by putting two 
regular electrolytics in series. (In fact, 
that's what you'd find if you opened a real 
nonpolarized capacitor.) The symbol at the 
bottom is roughly equivalent to the pair of 
symbols at the top; bear in mind that two 
capacitors in series have a total capaci- 
tance that is half that of each of them. 
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Figure 5-38. A resonant enclosure is neces- 
sary if you want to hear some bass (lower 
frequencies) from your speaker. A cheap 
plastic shoebox is sufficient for demo 
purposes. 


Figure 5-40. Drill some half-inch holes 

in the bottom of the box, then bolt the 
speaker in place, running a wire out 
through a hole in one end. Snap on the lid, 
and you're ready for not-quite-high-fidelity 
audio. 
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Procedure 


The purpose of the audio amplifier chip is to provide enough power to get 
a decent amount of sound out of your loudspeaker. The purpose of using a 
5-inch speaker is to enable you to hear lower-frequency sounds than the baby 
speakers that we have used previously. Bass notes have long wavelengths that 
small speakers are not able to generate effectively. 


Maybe you remember from building the intrusion alarm that a soeaker makes 
much more noise if you prevent the sound waves from the back of the cone 
from cancelling the sound waves from the front of the cone. The obvious way 
to achieve this is by enclosing the speaker in a box. | suggest a plastic box, 
because they're cheap, and we don't care too much about sound quality as 
long as we can hear at least some of the low frequencies. Figure 5-39 shows 
the speaker bolted into the bottom of a plastic box, and Figure 5-40 shows the 
box turned upside-down after snapping its lid into place. 


Normally, a speaker should be mounted in a cabinet of heavy, thick material 
that has a very low resonant frequency—below the limits of human hearing. 
To minimize the resonance of the shoebox, you can put some soft, heavy fab- 
ric inside it before you snap the lid on. A hand towel or some socks should be 
sufficient to absorb some of the vibration. 


Adding an Amplifier 


Back in the 1950s, you needed vacuum tubes, transformers, and other power- 
hungry heavyweight components to build an audio amplifier. Today, you can 
buy a chip for about $1 that will do the job, if you add a few capacitors around 
it, and a volume control. The TEA2025B that l'm recommending is intended for 
use in cheap portable cassette players and CD players, and can work in stereo 
or mono mode, from a power supply ranging from 3 to 9 volts. With 9 volts 
and the two sides of the chip bridged together to drive one 80 speaker, it can 
generate 5 watts of audio power. That doesn’t sound much compared with a 
typical home theater system rated at 100 watts per channel, but because loud- 
ness is a logarithmic scale, 5 watts will be quite enough to irritate any family 
members in the same room—and possibly even in other rooms. 


If you can't find the TEA2025B chip, you can use any alternative listed as an 
audio amplifier. Try to find one that is designed to drive an 80 speaker with up 
to 5 watts in mono mode. Check the manufacturer's data sheet to see where 
you attach capacitors around it. Note carefully whether some of the capacitors 
have no polarity marked, even though they have fairly high values, such as 100 
uF. These capacitors must function regardless of which way the alternating 
current is flowing, and l've marked them “NP” in my schematic in Figure 5-41, 
meaning “nonpolarized.” (You may find them identified as “bipolar” or “BP” in 
parts catalogs.) As noted in the shopping list, you can put two 220 uF capaci- 
tors in series, negative-to-negative, to get the same effect as a single 100 uF 
nonpolarized capacitor. 


For this project, it’s essential to include the regular 100 uF electrolytic smooth- 
ing capacitor across the power supply. Otherwise, the amplifier will pick up 
and—yes, amplify—small voltage spikes in the circuit. 
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Figure 5-41. The audio amplifier chip should be wired with capacitors around it as shown, 
“NP” denoting the ones that are not polarized. The acronym"BP” meaning bipolar, is also 
often used to mean the same thing. The output from pins 2 and 15 of the chip can be 
passed through a coil or a 10 uF capacitor to demonstrate audio filtering. 


The input shown in the schematic can receive a signal from a typical media 
player, such as a portable MP3 player, CD player, or cassette player. To connect 
its headphone jack to the breadboard, you can use an adapter that converts 
it to a pair of RCA-type audio jacks, and then stick a wire into one of them as 
shown in Figure 5-42. The wire will connect to the 33K resistor on the bread- 
board circuit. The chromed neck of the RCA jack (which is sometimes gold- 
plated, or at least gold-colored) must be connected with the negative side of 
your power supply on the breadboard; otherwise, you won't hear anything. 
You can ignore the second output on the adapter, because we're working in 
mono, here, not stereo. 
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Figure 5-42. lo sample the output from the 
headphone socket of a music player, you 
can use this adapter and push the stripped 
end of a piece of hookup wire into one of 
the sockets. Then use alligator clips on a 
jumper wire to connect the audio to your 
breadboarded circuit. Don't forget to use 
an additional jumper wire to connect the 
outside of the socket to the negative side 
of the power supply on the breadboard. 
Because we re only using one speaker, the 
amplifier is connected to only one of the 
stereo outputs from your player. The other 
is ignored. 
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gate, the device conducts less current 
because the resistance of the drain to the 


source channel increases. At some point, as 
the voltage increases, the value of the 
resistance in the channel becomes so high 


that the device “cuts off” the flow of current. 

Questions 

A. What are the three terminals for a JFET 
called, and which one controls the operation 
of the device? | 

B. What turns the JFET ON and OFF? 
Answers 


A. Drain, source, and gate, with the gate 
acting as the control. 
B. When the gate voltage is zero (at the 
same potential as the source), the JFET IS 
ON. When the gate to source voltage 
difference is high, the JFET is OFF. 
Project 4.2: The JFET 

Objective 
The objective of this project is to determine 
the drain current that flows when a JFET is 
fully ON, and the gate voltage needed to fully 
shut the JFET OFF, using the circuit shown In 
Figure 4.22 
Figure 4.22 
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Figure 5-43. The red and black alligator 
clips, lying on top of the shoebox, should 
connect with the output from your ampli- 
fier chip. The red jumper wire passes the 
signal through a coil of hookup wire on its 
way to the speaker. Note the change in 
sound when you short out the coil. 
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The 33K resistor is necessary to protect the amplifier from being overdriven. If 
you don't get enough volume using your music player, decrease the 33K value. 
If the music is too loud and distorted, increase the value. You can also try omit- 
ting or increasing the 10K resistor next to it, which is included in an effort to 
reduce background hum noise. 


I've shown two switches at the top of the schematic: one to bypass a coil, the 
other to bypass a capacitor. You can use alligator clips instead, as long as you 
can easily compare the sound when each of the components is inserted into 
the circuit. 


Figure 5-43 shows a coil consisting of a spool of hookup wire being used. The 
red and black alligator clips resting loose on top of the shoebox will go to the 
output from the chip (on pins 2 and 15). There is no polarity; it doesn’t matter 
which clip goes to which pin. 


Begin by turning the volume control on your music source all the way down 
before you apply power. Don't be surprised if you hear humming or crackling 
noises when you activate the amplifier; it will pick up any stray voltages, be- 
cause in this simple experiment, | haven't suggested that you should shield 
the input, and the amplifier circuit can pick up noise, as its wires can act like 
antennas. 


Note that you may also get additional unwanted sound if you use the ampli- 
fier on a conductive desktop surface. Remove any aluminum foil or conductive 
foam for this project. 


Make sure that your player is playing music, and slowly turn up its volume 
control until you hear it. If you don't hear anything, you'll have to check for 
circuit errors. 


Now comes the interesting part. Insert the 100-foot spool of hookup wire be- 
tween one output from the amplifier, and one input of the speaker (it doesn't 
matter which one), or if you used switches, open the switch that bypasses the 
coil. You should find that the music loses all its high-end response. By compari- 
son, ifyou disconnect the coil and substitute a 10 uF capacitor, you should find 
that the music sounds “tinny,’ meaning that it loses all its low range, leaving 
only the high frequencies. 


You've just tested two very simple filters. Here's what they are doing: 


e The coil is a low-pass filter. It passes low frequencies but blocks high fre- 
quencies, because brief audio cycles don't have time to overcome the coil’s 
self-inductance. A bigger coil eliminates a wider range of frequencies. 


e The capacitor is a high-pass filter. It passes high frequencies and blocks 
low frequencies because longer audio cycles can fill the capacitance, at 
which point the capacitor stops passing current. A smaller capacitor elimi- 
nates a wider ranger of frequencies. 


You can go a lot farther into filter design, using complex combinations of coils 
and capacitors to block frequencies at any point in the audible spectrum. 
Search online for audio filter schematics—you'll find hundreds of them. 
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Crossover Networks 


In a traditional audio system, each speaker cabinet contains two drivers—one 
of them a small speaker called a tweeter, which reproduces high frequencies, 
the other a large speaker known as a woofer, which reproduces low frequen- 
cies. (Modern systems often remove the woofer and place it in a separate box 
of its own that can be positioned almost anywhere, because the human ear 
has difficulty sensing the direction of low-frequency sounds.) 


The schematic that you just looked at and may have constructed is known as 
a “crossover network,’ and truly hardcore audiophiles have been known make 
their own (especially for use in car systems) to go with speakers of their choice 
in cabinets that they design and build themselves. 


If you want to make a crossover network, you should use high-quality poly- 
ester capacitors (which have no polarity, last longer than electrolytics, and are 
better made) and a coil that has the right number of turns of wire and is the 
right size to cut high frequencies at the appropriate point. Figure 5-44 shows 
a polyester capacitor. 


Figure 5-45 shows an audio crossover coil that | bought on eBay for $6. | was 
curious to find out what was inside it, so | bought two of them, and took one 
apart. 


First | peeled away the black vinyl tape that enclosed the coil. Inside was some 
typical magnet wire—copper wire thinly coated with shellac or semitransparent 
plastic, as shown in Figure 5-46. | unwound the wire and counted the number 
of turns. Then | measured the length of the wire, and finally used a micrometer 
to measure the diameter of the wire, after which | checked online to find a con- 
version from the diameter in mils (1/1,000 of an inch) to American wire gauge. 


As for the spool, it was plain plastic with an air core—no iron or ferrite rod in 
the center. Figure 5-47 shows the spool and the wire. 


Figure S-44. Some nonelec- Figure 5-45. What exotic Figure 5-48. The black tape is Figure 5-47. The audio crossover coil 
trolytic capacitors have components may we find removed, revealing a coil of consists of a plastic spool and some 
no polarity, such as this inside this high-end audio magnet wire. wire. Nothing more. 


high-quality polyester film component that's used with 
capacitor. However, they tend a subwoofer to block high 
to be much more expensive, frequencies? 

and are hard to find in values 

higher than 10 pF. 
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So here's the specification for this particular coil in an audio crossover network. 
Forty feet of 20-gauge copper magnet wire, wrapped in 200 turns around a 
spool of 1/16-inch-thick plastic with a hub measuring 7/8 inch in length be- 
tween the flanges and 1/2-inch external diameter. Total retail cost of materials 
if purchased separately: probably about $1, assuming you can find or make a 
spool of the appropriate size. 


Conclusion: there's a lot of mystique attached to audio components. They are 
frequently overpriced, and you can make your own coil if you start with these 
parameters and adjust them to suit yourself. 


Suppose you want to put some thumping bass speakers into your car. Could 
you build your own filter so that they only reproduce the low frequencies? 
Absolutely—you just need to wind a coil, adding more turns until it cuts as 
much of the high frequencies as you choose. Just make sure the wire is heavy 
enough so that it won't overheat when you push 100 or more audio watts 
through it. 


Here's another project to think about: a color organ. You can tap into the out- 
put from your stereo and use filters to divide audio frequencies into three sec- 
tions, each of which drives a separate set of colored LEDs. The red LEDs will 
flash in response to bass tones, yellow LEDs in response to the mid-range, and 
green LEDs in response to high frequencies (or whatever colors you prefer). 
You can put signal diodes in series with the LEDs to rectify the alternating cur- 
rent, and series resistors to limit the voltage across the LEDs to, say, 2.5 volts 
(when the music volume is turned all the way up). You'll use your meter to 
check the current passing through each resistor, and multiply that number 
by the voltage drop across the resistor, to find the wattage that it’s handling, 
to make sure the resistor is capable of dissipating that much power without 
burning out. 


Audio is a field offering all kinds of possibilities if you enjoy designing and 
building your own electronics. 
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Waveforms 


If you blow across the top of a bottle, the mellow sound 
that you hear is caused by the air vibrating inside the bottle, 
and if you could see the pressure waves, they would have a 
distinctive profile. 


If you could slow down time and draw a graph of the alter- 
nating voltage in any power outlet in your house, it would 
have the same profile. 


If you could measure the speed of a pendulum swinging 
slowly to and fro in a vacuum, and draw a graph of the speed 
relative to time, once again it would have the same profile. 


That profile is a sine wave, so called because you can derive 
it from basic trigonometry. In a right-angled triangle, the 
sine of an angle is found by dividing the length of the side 
opposite the angle by the length of the hypoteneuse (the 
sloping side of the triangle). 


To make this simpler, imagine a ball on a string rotating 
around a center point, as shown in Figure 5-48. Ignore the 
force of gravity, the resistance of air, and other annoying 
variables. Just measure the vertical height of the ball and di- 
vide it by the length of the string, at regular instants of time, 
as the ball moves around the circular path at a constant 
speed. Plot the result as a graph, and there’s your sine wave, 
shown in Figure 5-49. Note that when the ball circles below 
its horizontal starting line, we consider its distance negative, 
so the sine wave becomes negative, too. 


Why should this particular curve turn up in so many places 
and so many ways in nature? There are reasons for this 
rooted in physics, but l'Il leave you to dig into that topic if it 
interests you. Getting back to the subject of audio reproduc- 
tion, what matters is this: 


e Any sound can be broken down into a mixture of sine 
waves of varying frequency and amplitude. 


Or, conversely: 


e If you put together the right mix of audio sine waves, 
you can create any sound at all. 


Suppose that there are two sounds playing simultaneously. 
Figure 5-50 shows one sound as a red curve, and the other 
as pale blue. When the two sounds travel either as pressure 
waves through air or as alternating electric currents through 
a wire, the amplitudes of the waves are added together to 
make the more complex curve, which is shown in black. 
Now try to imagine dozens or even hundreds of different 
frequencies being added together, and you have an idea of 
the complex waveform of a piece of music. 
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Start 


Figure 5-48. If a weight on the end of a string (length b, in 

the diagram) follows a circular path at a steady speed, the 
distance of the weight from a horizontal center line (length a, 
in the diagram) can be plotted as a graph relative to time. The 
graph will be a sine wave, so called because in basic trigonom- 
etry, the ratio of a/b is the sine of the angle between line b and 
the horizontal baseline, measured at the center of rotation. 
Sinewaves occur naturally in the world around us, especially in 
audio reproduction and alternating current. 


Time —> 


Ratio of a/b 


Figure 5-48. This is what a “pure” sinewave looks like. 


Figure 5-50. When two sinewaves are generated at the same 
time (for instance, by two musicians, each playing a flute), 

the combined sound creates a compound curve. The blue 
sinewave is twice the frequency of the red sinewave. The 
compound curve (black line) is the sum of the distances of the 
sinewaves from the baseline of the graph. 
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Waveforms (continued) 


You can create your own waveform as an input for your au- 
dio amplifier with the basic astable 555 timer circuit shown 
in Figure 5-51. You have to be careful, though, not to over- 
load the amplifier input. Note the 680K series resistor on the 
output pin of the timer. Also note the 5000 potentiometer. 


To input of 
audio amplifier 


Figure 5-51. A 555 timer is wired in astable mode using the 
component values shown here to generate a wide range of 
audible frequencies when the 100K potentiometer is adjusted. 
After the output is reduced in power, it can feed into the ampli- 
fier chip that was used previously. 


Disconnect your music player and connect the output from 
the 555 circuit to the input point (the 33K resistor) in the 
amplifier circuit shown earlier in Figure 5-41. You don't have 
to worry about a separate connection on the negative side 
as long as the 555 timer shares the same breadboard and 
the negative side of its power supply. 


Make sure that the 5000 potentiometer is turned all the 
way to short the output from the timer to the negative side 
of the power supply. This functions as your volume control. 
Also make sure the 100K potentiometer is in the middle of 
its range. Switch on the power and slowly turn up the 5000 
potentiometer until you hear a tone. 
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Now adjust the 100K potentiometer to create a low-pitched 
note. You'll find that it doesn't have a “pure” sound. There 
are some buzzing overtones. This is because the 555 timer 
is generating square waves such as those shown in Figure 
5-52, not sine waves, and a square wave is actually a sum 

of many different sine waves, some of which have a high 
frequency. Your ear hears these harmonics, even though 
they are not obvious when you look at a square-shaped 
waveform. 


Route one of the connections to your loudspeaker through 
your spool of hookup wire, and now you should hear a 
much purer tone, as the buzzing high frequencies are 
blocked by the self-inductance of the coil. Remove the coil 
and substitute the 10 uF capacitor, and now you hear more 
buzzing and less bass. 


You've just taken a small step toward sound synthesis. If this 
subject interests you, you can go online and search for oscil- 
lator circuits. For a thorough understanding of the relation- 
ship between waveforms and the sounds you hear, you'll 
really need an oscilloscope, which will show you the shape 
of each waveform that you generate and modify. 


Voltage 


Time —> 


Figure 5-52. The output from a 555 timer is either “on” or “off,” 
with a very fast transition between those two states. The result 
is an almost perfect square wave. Theoretically, this can be 
disassembled into a complex set of sine waves that have many 
different frequencies. The human ear hears the high frequen- 
cies as harsh overtones. 
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Let's try one more variation on the circuit in Experiment 28. This will demon- 
strate another fundamental audio attribute: distortion. 


You will need: 


One more 100K potentiometer. 


Generic NPN transistors: 2N2222 or similar. Quantity: 2. 


Various resistors and capacitors. 


Clipping 


In the early days of “hi-fi” sound, engineers labored mightily 
to perfect the process of sound reproduction. They wanted 
the waveform at the output end of the amplifier to look 
identical with the waveform at the input end, the only dif- 
ference being that it should be bigger, so that it would be 
powerful enough to drive loudspeakers. Even a very slight 
distortion of the waveform was unacceptable. 


Little did they realize that their beautifully designed tube 
amplifiers would be abused by a new generation of rock 
guitarists whose intention was to create as much distortion 
as possible. 


The most common form of waveform abuse is techni- 

cally known as “clipping.” If you push a vacuum tube or a 
transistor to amplify a sine wave beyond the component's 
capabilities, it “clips” the top and bottom of the curve. This 
makes it look more like a square wave, and as | explained in 
the section on waveforms, a square wave has a harsh, buzz- 
ing quality. For rock guitarists trying to add an edge to their 
music, the harshness is actually a desirable feature. 


Figure 5-53. This Vox Wow-Fuzz pedal was one of the early 
stomp boxes, which deliberately induced the kind of distortion 
that audio engineers had been trying to get rid of for decades. 
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The first gadget to offer this on a commercial basis was 
known as a “fuzz box,’ which deliberately clipped the input 
signal. An early fuzz box is shown in Figure 5-53. The clip- 
ping of a sine wave is shown in Figure 5-54. 


Figure S-S4. When a sinewave (top) is passed through an 
amplifier which is turned up beyond the limit of its components 
(shown as dashed lines, center), the amplifier chops the wave 
(bottom) in a process known as “clipping.” The result is close 
to a square wave and is the basic principle of a fuzz box com- 
monly used to create a harsh guitar sound. 
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Schematic 


The output from the 555 timer is a square wave, so it already sounds quite 
“fuzzy, but we can make it more intense to demonstrate the clipping princi- 
ple. I've redrawn the whole circuit in Figure 5-55, as several components have 
changed. The principal alteration is the addition of two NPN transistors. 


If you assemble this circuit on your breadboard, note carefully that the 33K 
and 10K resistors at the bottom of the amplifier chip have been removed, and 
there's now just an 8200 resistor in that location. The bottom of the adjacent 
0.22 uF capacitor is still the input point for the amplifier, and if you follow the 
connection around to the middle of the schematic, you'll find it leading to a 
100K potentiometer. This is your “fuzz adjuster.’ 


The two NPN transistors are arranged so that the one on the left receives out- 
put from the 555 timer. This signal controls the flow of electricity through the 
transistor from a 33K resistor. This flow, in turn, controls the base of the right- 
hand transistor, and the flow of current through that is what ultimately con- 
trols the amplifier. 


When you power up the circuit, use the 100K potentiometer attached to the 
555 timer to adjust the frequency (as before) and crank the “fuzz adjuster” po- 
tentiometer to hear how it adds increasing “bite” to the sound until ultimately 
it becomes pure noise. 


The two transistors act as amplifiers. Of course, we didn't need them for that 
purpose—the input level for the amplifier chip was already more than ade- 
quate. The purpose of the lefthand transistor is simply to overload the right- 
hand transistor, to create the “fuzz” effect. And when you turn up the output 
from the transistors with the “fuzz adjuster,’ eventually they overload the input 
of the amplifier chip, creating even more distortion. 


If you want to tweak the output, try substituting different values for the 1K 
resistor and the 1 uF capacitor that are positioned between the emitter of the 
righthand transistor and the negative side of the power supply. A larger resis- 
tor should overload the transistor less. Different capacitor values should make 
the sound more or less harsh. 


You can find literally thousands of schematics online for gadgets to modify 
guitar sound. The circuit I’ve included here is one of the most primitive. If you 
want something more versatile, you should search for “stomp box schematics” 
and see what you can find. 
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Figure 5-55. For a quick demo of clipping, insert a couple of transistors between the output 
from the 555 timer and the input of the amplifier chip. One transistor overdrives the 

other, so that when you adjust the potentiometer at the center of the circuit, you hear an 
increasingly harsh, distorted sound. 
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Stomp-box origins 


The Ventures recorded the first single to use a fuzz box, Wireless World. In his fuzz circuit, he uses a very high-gain 
titled “The 2,000 Pound Bee,’ in 1962. Truly one of the most amplifier consisting of three field-effect transistors (FETs), 
awful instrumentals ever made, it used distortion merely which closely imitate the rounded square-wave typical of an 
as a gimmick and must have discouraged other musicians overdriven tube amp. 


from taking the concept seriously. ; l PRN 
9 p y Dellepiane offers dozens more schematics on his site, devel- 


Ray Davies of the Kinks was the first to embody distortion oped and tested with a dual-trace oscilloscope, low-distortion 
as an integral part of his music. Davies did it initially by plug- sinewave oscillator (so that he can give audio devices a “clean” 
ging the output from one amp into the input of another, input), distortion meter, and precision audio volt meter. 
supposedly during the recording of his hit “You Really Got This last item, and the oscillator, were built from his own 
Me.’ This overloaded the input and created clipping—the designs, and he gives away their schematics, too. Thus his 
basic fuzz concept. From there it was a short step to Keith site provides one-stop shopping for home-audio electronics 
Richards using a Gibson Maestro Fuzz-Tone when the Roll- hobbyists in search of a self-administered education. 


ing Stones recorded “(I Can't Get No) Satisfaction” in 1965. 
J l ) Before fuzz, there was tremolo. A lot of people confuse this 


Today, you can find thousands of advocates promoting with vibrato, so let's clarify that distinction right now: 
as many different mythologies about “ideal” distortion. In 
Figure 5-56, l've included a schematic from Flavio Dellepi- 
ane, a circuit designer in Italy who gives away his work (with 
a little help from Google AdSense) at http://www.redcircuits. 
com. Dellepiane is self-taught, having gained much of his 
knowledge from electronics magazines such as the British 


uF 
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e Vibrato applied to a note makes the frequency waver 
up and down, as if a guitarist is bending the strings. 

e Tremolo applied to a note makes its volume fluctuate, 
as if someone is turning the volume control of a guitar 
up and down very quickly. 
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Figure 5-58. This circuit designed by Flavio Dellepiane uses three transistors to simulate the kind of distortion that used to be cre- 
ated by overloading the input of a tube amplifier. 
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Stomp-box origins (continued) 


Harry DeArmond sold the first tremolo box, which he 
named the Trem-Trol. It looked like an antique portable 
radio, with two dials on the front and a carrying handle on 
top. Perhaps in an effort to cut costs, DeArmond didn't use 
any electronic components. His steam-punkish Trem-Trol 
contained a motor fitted with a tapered shaft, with a rubber 
wheel pressing against it. The speed of the wheel varied 
when you turned a knob to reposition the wheel up and 
down the shaft. The wheel, in turn, cranked a little capsule 
of “hydro-fluid,’ in which two wires were immersed, carrying 
the audio signal. As the capsule rocked to and fro, the fluid 
sloshed from side to side, and the resistance between the 
electrodes fluctuated. This modulated the audio output. 


Today, Trem-Trols are an antique collectible. When industrial 
designer Dan Formosa acquired one, he put pictures online 
at http://www.danformosa.com/dearmond.html. And Johann 
Burkard has posted an MP3 of his DeArmond Trem-Trol so 
you can actually hear it: http://johannburkard.de/blog/music/ 
effects/DeArmond-Tremolo-Control-clip.html. 


The idea of a mechanical source for electronic sound mods 
didn't end there. The original Hammond organs derived 
their unique, rich sound from a set of toothed wheels 
turned by a motor. Each wheel created a fluctuating induc- 
tance in a sensor like the record head from a cassette player. 


It’s easy to think of other possibilities for motor-driven 
stomp boxes. Going back to tremolo: imagine a transpar- 
ent disc masked with black paint, except for a circular stripe 
that tapers at each end. While the disc rotates, if you shine 
a bright LED through the transparent stripe toward a light- 
dependent resistor, you would have the basis for a tremolo 
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Figure 5-57. Although electromechanical audio devices are 
obsolete now, some unexplored possibilities still exist. This 
design could create various tremolo effects, if anyone had the 
patience to build it. 
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device. You could even create never-before-heard tremolo 
effects by swapping discs with different stripe patterns. 
Figures 5-57 and 5-58 show the kind of thing | have in mind. 
For a real fabrication challenge, how about an automatic 
disc changer? 


Today's guitarists can choose from a smorgasbord of effects, 
all of which can be home-built using plans available online. 
For reference, try these special-interest books: 


e Analog Man's Guide to Vintage Effects by Tom Hughes 
(For Musicians Only Publishing, 2004). This is a guide to 
every vintage stomp box and pedal you can imagine. 


e How to Modify Effect Pedals for Guitar and Bass by Brian 
Wampler (Custom Books Publishing, 2007). This is an 
extremely detailed guide for beginners with little or 
no prior knowledge. Currently it is available only by 
download, from sites such as http://www.openlibrary. 
org, but you may be able to find the previous printed 
edition from secondhand sellers, if you search for the 
title and the author. 


Of course, you can always take a shortcut by laying down a 
couple hundred dollars for an off-the-shelf item such as a 
Boss ME-20, which uses digital processing to emulate distor- 
tion, metal, fuzz, chorus, phaser, flanger, tremolo, delay, 
reverb, and several more, all in one convenient multi-pedal 
package. Purists, of course, will claim that it “doesn’t sound 
the same,’ but maybe that’s not the point. Some of us simply 
can't get no satisfaction until we build our own stomp box 
and then tweak it, in search of a sound that doesn't come 
off-the-shelf and is wholly our own. 


Figure 5-58. Different stripe patterns could be used in conjunc- 
tion with the imaginary electromechanical device in Figure 
5-57 to create various tremolo effects. 
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General Instructions 

After the circuit is set up, change the gate 
voltage (V GS ) by adjusting the 
potentiometer. Measure the drain current (ID 
) for each V GS value. As you work through 
the project, observe how the drain current 
drops toward zero aS you increase V GS 

When the JFET is OFF, ID is at zero; when 
the JFET is fully ON, ID is at its maximum 

(called | DSS ). 


Parts List 
You need the following equipment and 
supplies: 


One 6-volt battery pack (4 AA batteries) 
One 12-volt battery pack (8 AA batteries) 
One multimeter set to mA 

One multimeter set to measure DC voltage 
One 10 k & potentiometer 

One breadboard 

Two terminal blocks 

One 2N3819 JFET ( Figure 4.23 shows the 
pinout for the 2N3819.) 

Figure 4.23 
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Figure 5-58. Just add wire and a coil, and 
this is all you need to receive AM radio 
signals. The black disc becomes the 
tuning dial, after it is screwed onto the 
variable capacitor (right). This is actually 
an optional extra. A germanium diode 
(center) rectifies the radio signal. The 
high-impedance earphone (top) creates a 
barely audible sound. 


Figure 5-80. A large, 3-inch diameter empty 
vitamin bottle makes an ideal core for a 
crystal radio coil. The drilled holes will 
anchor wire wrapped around the bottle. 
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Time now to go back one more time to inductance and capacitance, and dem- 
onstrate an application which also makes use of the way that waveforms can 
be added to each other. | want to show you how a simple circuit with no power 
supply at all can receive AM radio signals and make them audible. This is of- 
ten known as a crystal radio, because the circuit includes a germanium diode, 
which has a crystal inside it. The idea dates back to the dawn of radio, but if 
you've never tried it, you've missed an experience that is truly magical. 


You will need: 
e Rigid cylindrical object, such as a vitamin bottle. Quantity: 1. 
e 22-gauge hookup wire, solid-core. Quantity: 60 feet. 
e 16-gauge wire, stranded. Quantity: 100 feet. 
e Polypropylene rope (“poly rope”) or nylon rope. Quantity: 10 feet. 
e Germanium diode. Quantity: 1. 
e High-impedance headphone. Quantity: 1. 


The diode and headphone can be ordered from http://www.scitoyscatalog.com. 
You cannot use a modern headphone of the type you wear with an MP3 player. 


Some of these items are shown in Figure 5-59. 


First, you need to make a coil. It should be about 3 inches in diameter, and you 
can wind it around any empty glass or plastic container of that size, so long 
as it's rigid. A soda bottle or water bottle isn't suitable, because the cumula- 
tive squeezing force of the turns of wire can deform the bottle so that it isn’t 
circular anymore. 


| chose a vitamin bottle that just happened to be exactly the right size. To re- 
move the label, | softened its adhesive with a heat gun (lightly, to avoid melt- 
ing the bottle) and then just peeled it off. The adhesive left a residue, which 
| removed with Xylol (also known as Xylene). This is a handy solvent to have 
around, as it can remove “permanent” marker stains as well as sticky residues, 
but you should always use latex or nitrile gloves to avoid getting it on your 
skin, and minimize your exposure the fumes. Because Xylol will dissolve some 
plastics, clearly it’s not good for your lungs. 


After you prepare a clean, rigid bottle, drill two pairs of holes in it, as shown in 
Figure 5-60. You'll use them to anchor the ends of the coil. 


Now you need about 60 feet of 22-gauge solid-core wire. If you use magnet 
wire, its thin insulation will allow the turns of the coil to be more closely spaced, 
and the coil may be slightly more efficient. But everyday vinyl-insulated wire 
will do the job, and is much easier to work with. 


Begin by stripping the first 6 inches of insulation from the end of the wire. 
Now measure 50 inches along the insulated remainder and apply your wire 
strippers at that point, just enough to cut the insulation without cutting the 
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wire. Use your two thumb nails to pull the insulation apart, revealing about a 
half-inch of bare wire, as shown in Figure 5-61. Bend it at the center point and 
twist it into a loop, as shown in Figure 5-62. 


You just made a “tap,” meaning a point where you will be able to tap into the 
coil after you wind it. You'll need another 11 of these taps, all of them spaced 
50 inches apart. (If the diameter of the bottle that you'll be using as the core 
of your coil is not 3 inches, multiply its diameter by 16 to get the approximate 
desired spacing of taps.) 


After you have made 12 taps, cut the wire and strip 6 inches off that end. Now 
bend the end into a U shape about a half-inch in diameter, so that you can 
hook it through the pair of holes that you drilled at one end of the bottle. Pull 
the wire through, then loop it around again to make a secure anchor point. 


Now wind the rest of the wire around the bottle, pulling it tightly so that 
the coils stay close together. When you get to the end of the wire, thread it 
through the remaining pair of holes to anchor it as shown in Figure 5-63. The 
completed coil is shown in Figure 5-64. 


e | 
Figure 5-682. Each exposed section of wire 
is twisted into a loop using sharp-nosed 
pliers. 


Figure 5-83. The stripped end of the wire 
is secured through the holes drilled in the 
bottle. 


Your next step is to set up an antenna. If you live in a house with a yard outside, 
this is easy: just open a window, toss out a reel of 16-gauge wire while holding 
the free end, then go outside and string up your antenna by using polypro- 
pylene rope (“poly rope”) or nylon rope, available from any hardware store, 
to hang the wire from any available trees, gutters, or poles. The total length 
of the wire should be about 100 feet. Where it comes in through the window, 
suspend it on another length of poly rope. The idea is to keep your antenna 
wire as far away from the ground or from any grounded objects as possible. 


If you live in an apartment where you don't have access to a yard outside, you 
can try stringing your antenna around the room, hanging the wire from more 
pieces of poly rope. The antenna should still be about 100 feet long, but obvi- 
ously it won't be in a straight line. 


Hook the free end of your antenna to one end of your coil. Atthis point, you also 
need to add a germanium diode, which functions like a silicon-based diode but 
is better suited to the tiny voltages and currents that we'll be dealing with. The 
other end of the diode attaches to one of the wires leading to a high-impedance 
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Figure S-S1. Wire strippers expose the solid 
conductor at intervals along a 22-gauge 
wire. 


Figure 5-84. The completed coil, wrapped 


tightly around the bottle. 
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High Voltage! 


The world around us is full of electric- 
ity. Normally we're unaware of it, but 
a thunderstorm is a sudden reminder 
that there’s a huge electrical poten- 
tial between the ground below and 
the clouds above. 


If you put up an outdoor antenna, 
never use it if there is any chance of a 
lightning strike. This can be extreme- 
ly dangerous. Disconnect the indoor 
end of your antenna, drag it outside, 
and push the end of the wire into the 
ground to make it safe. 
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earphone. A normal modern earphone or headphone will not work in this circuit. 
The return wire from the headphone is connected to a jumper wire, the other 
end of which can be clipped to any of the taps in your coil. 


One last modification, and you'll be ready to tune in. You have to ground the 
jumper wire. By this | mean connect it to something that literally goes into 
the ground. A cold-water pipe is the most commonly mentioned option, but 
(duh!) this will work only if the pipe is made of metal. Because a lot of plumb- 
ing these days is plastic, check under the sink to see if you have copper pipes 
before you try using a faucet for your ground. 


Another option is to attach the wire to the screw in the cover plate of an elec- 
trical outlet, as the electrical system in your house is ultimately grounded. But 
the sure-fire way to get a good ground connection is to go outside and ham- 
mer a 4-foot copper-clad grounding stake into reasonably moist earth. Any 
wholesale electrical supply house should be able to sell you a stake. They're 
commonly used to ground welding equipment. 


Figure 5-85. The simple pleasure of picking up a radio signal with ultra-simple components 
and no additional power. 
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Figures 5-66 and 5-67 show the completed radio. 


If you've managed to follow these instructions (one way or another), it’s time 
to tune your radio to the nearest station. Move the alligator clip at the end of 
your patch cord from one tap to another on your coil. Depending on where 
you live, you may pick up just one station, or several, some of them playing 
simultaneously. 


It may seem that you're getting something for nothing here, as the earphone 
is making noise without any source of power. Really, though, there is a source 
of power: the transmitter located at the radio station. A large amplifier pumps 
power into the broadcasting tower, modulating a fixed frequency. When the 
combination of your coil and antenna resonates with that frequency, you're 
sucking in just enough voltage and current to energize a high-impedance 
headphone. 


The reason you had to make a good ground connection is that the radio sta- 
tion broadcasts its signal at a voltage relative to ground. The earth completes 
the circuit between you and the transmitter. For more information on this and 
other concepts relating to radio, see the upcoming section “Theory: How radio 
works.” 


Enhancements 


The higher your antenna is, the better it should work. In my location, this is a 
major problem, as | live in a desert area without any trees. Still, just stringing 
the wire out of my window and tethering it (with rope) to the front bumper of 
my car enabled me to pick up a faint radio signal. 


To improve the selectivity of your radio, you can add a variable capacitor, as 
shown in the following section. This allows you to “tune” the resonance of your 
circuit more precisely. Variable capacitors are uncommon today, but you can 
find one at the same specialty source that | recommended for the earphone and 
the germanium diode: the Scitoys Catalog (http://www.scitoyscatalog.com). 


This source is affiliated with a smart man named Simon Quellan Field, whose 
site suggests many fun projects that you can pursue at home. One of his clever 
ideas is to remove the germanium diode from your radio circuit and substi- 
tute a low-power LED in series with a 1.5-volt battery. This didn’t work for me, 
because | live 40 miles from the nearest AM broadcaster. If you're closer to a 
transmitter, you may be able to see the LED varying in intensity as the broad- 
cast power runs through it. 
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Figure 5-58. A signal from the antenna 
can pass through the coil to ground. If the 
jumper wire is attached to an appropriate 
tap on the coil, it resonates with the radio 
signal, just powerfully enough to energize 
the earphone which is wired in series with 
a diode. 
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Figure 5-87. The real-life version of Figure 
5-60. 
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How radio works 


When electrical frequencies are very high, the radiation 
they create has enough energy to travel for miles. This is the 
principle of radio transmission: A high-frequency voltage is 
applied to a broadcasting antenna, relative to the ground. 


When I say “ground” in this instance, | literally mean the 
planet beneath us. If you set up a receiving antenna, it 

can pick up a faint trace of the transmission relative to the 
ground—as if the earth is one huge conductor. Actually 

the earth is so large and contains so many electrons, it can 
function as a common sink, like a gigantic version of the file 
cabinet that | suggested you should touch to get rid of static 
electricity in your body before touching a CMOS logic chip. 


To make a radio transmitter, | could use a 555 timer chip run- 
ning at, say, 850 kHz (850,000 cycles per second), and pass 
this stream of pulses through an amplifier to a transmission 
tower; if you had some way to block out all the other elec- 
tromagnetic activity in the air, you could detect my signal 
and reamplify it. 


This was more or less what Marconi (shown in Figure 5-68) 
was doing in 1901, after he had purchased rights to Edison's 
wireless telegraphy patent, although he had to use a primi- 
tive spark gap, rather than a 555 timer, to create the oscil- 
lations. His transmissions were of limited use, because they 
had only two states: on or off. You could send Morse code 
messages, and that was all. 


Figure 5-88. Marconi, the great pioneer of radio (photograph 
from Wikimedia Commons). 
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Five years later, the first true audio signal was transmitted 
by imposing lower audio frequencies on the high-frequency 
carrier wave. In other words, the audio signal was “added” to 
the carrier frequency, so that the power of the carrier varied 
with the peaks and valleys of the audio. 


At the receiving end, a very simple combination of a capaci- 
tor and a coil detected the carrier frequency out of all the 
other noise in the electromagnetic spectrum. The values of 
the capacitor and the coil were chosen so that their circuit 
would “resonate” at the same frequency as the carrier wave. 
Figures 5-69 and 5-70 illustrate these concepts. 
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Amplitude modulation 


Figure 5-88. When an audio signal (middle) is combined elec- 
tronically with a high carrer frequency (top), the result looks 
something like the compound signal at the bottom. In actual- 
ity, the carrier frequency would be much higher compared with 
the audio frequency, by a radio of perhaps 1,000:1. 


Amplitude 
modulation 
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Figure 5-70. When the compound signal is passed through a 
diode, only the upper half remains. An earphone cannot react 
fast enough to reproduce the high carrier frequency, so it 
“rides” the peaks and thus reproduces the audio frequency. 


Audible earphone 
response 


The schematic in Figure 5-71 shows the simple circuit that 
you built by wrapping a coil around an empty vitamin 
bottle. When a positive pulse was received by the antenna, 
it resonated with the antenna and the coil, provided that 
the antenna was long enough and the coil was tapped at 
the appropriate number of turns. 
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How radio works (continued) 


Figure 5-71. An antenna at the top of the schematic picks up faint 
electromagnetic radiation from a distant transmitter. The coil 

at the left side is tapped at intervals so that its resonance can 

be adjusted to match the carrier frequency of the radio signal. 
Other frequencies are grounded (at the bottom of the sche- 
matic). The diode passes the “top half” of the signal to the ear- 
phone at the right, which Is incapable of responding fast enough 
to reproduce the carrier frequency, and thus filters it out, leaving 
only the audio frequencies that were superimposed on it. 


By adding a capacitor, you can tune the circuit. Now an 
incoming pulse from the transmitter is initially blocked by 
the self-inductance of the coil, while it charges the capacitor. 
If an equally negative pulse is received after an interval that 
is properly synchronized with the values of the coil and the 
capacitor, it coincides with the capacitor discharging and the 
coil conducting. In this way, the right frequency of carrier 
wave makes the circuit resonate in sympathy. At the same 
time, audio-frequency fluctuations in the strength of the 
signal are translated into fluctuations in voltage in the circuit. 


What happens to other frequencies pulled in by the an- 
tenna? The lower ones pass through the coil to ground; the 
higher ones pass through the capacitor to ground. They are 
just “thrown away.’ 


The righthand half of the circuit samples the signal by pass- 
ing it through a germanium diode and an earphone. The 
power from the transmitter is just sufficient to vibrate the 
diaphragm in the earphone, after the diode has subtracted 
the negative half of the signal. 


Look back at the diagram of the amplitude-modulated 
signal. You'll see that it fluctuates up and down so rapidly, 
the earphone cannot possibly keep up with the positive- 
negative variations—hence the need for the diode. It will 
remain hesitating at the midpoint between the highs and 
lows, producing no sound at all. The diode solves this prob- 
lem by subtracting the lower half of the “audio envelope,” 
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leaving just the positive spikes of voltage. Although these 
are still very small and rapid, they are now all pushing the 
diaphragm of the earphone in the same direction, so that 
it averages them out, approximately reconstructing the 
Original sound wave. 


Figure 5-72 shows how the circuit can be enhanced with a 
variable capacitor, to tune it without needing to tap the coil 
at intervals. 


Figure S-72. By adding a capacitor to the circuit, its resonance 
can be tuned more precisely. The diagonal arrow indicates that 
a variable capacitor is used. 


The radio can pull in the stations on the AM (amplitude- 
modulated) waveband that happen to be most powerful in 
your area. The waveband ranges from 300 kHz to 3 MHz. If 
you find yourself interested in radio, your next step could 
be to build a powered radio using a couple of transistors. 
Alternatively you could build your own (legal) low-power 
AM transmitter. There's an ultra-simple kit available from 
http://www.scitoys.com consisting of just two principal 
components: a crystal oscillator, and a transformer, shown 
in Figure 5-73. That's all it takes. 


Figure 5-73. An AM radio transmitter can be made from just 
two components: a transformer (left) and a crystal oscillator 
(right), available from http://www.scitoys.com. 
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Figure S-74. A microswitch has a small 
button (at the front, righthand side in this 
picture) that is often actuated by a pivoted 
metal lever. The switch can respond to a 
very light pressure, but can handle rela- 
tively high currents. 
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Figure 5-75. For the Little Robot Cart, | 
found this 5-volt motor, which is supplied 
with a disc that fits its output shaft. The 
combination cost less than $10. 
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Robotics is another application of electronics that deserves a book in itself— 
or several books. So, once again, I'm going to give you an introduction fol- 
lowed by some points that you can follow if you want to go further. As always, 
| will start with the simplest possible device, which in the world of robotics is a 
cart that finds its way around your living room. 


You will need: 


e SPST or SPDT microswitches requiring minimal pressure to activate them. 
A force between 0.02 and 0.1 newtons would be ideal. Quantity: 2. See 
Figure 5-74. 


e DC gear-motor, rated for any voltage between 5 and 12, drawing a maxi- 
mum of 100mA in its free-running state, output shaft turning between 30 
and 60 RPM. Quantity: 1. A motor is shown in Figure 5-75. 


e Disc or arm that fits securely onto your motor shaft. Quantity: 1. 
e 555 timer. Quantity: 1. 


e DPDT nonlatching relay rated for the same voltage as your motor. 
Quantity: 1. 


e 1/4-inch plywood or plastic, one piece about 2 feet square. 

* #4sheet-metal screws, 5/8 inch or 3/4 inch long. Quantity: 2 dozen. 

« #6 bolts, 3/4 inch long, with nylon-insert lock nuts. Quantity: 2 dozen. 

e 1/4-inch bolts, 1 inch long, with nuts, to mount the wheels. Quantity: 4. 


lm not specifying one particular motor, because if | did, it might not be avail- 
able by the time you read this. Motors aren't like logic chips, which have re- 
tained their basic function throughout various improvements over a period 
of several decades. Motors come and go, and many that you may run across 
will be surplus parts that will never been seen again. Search online for “gear- 
motor” or “gearhead motor” and find one as close as possible to the specifica- 
tion that | have provided. The mechanical power output of the motor shouldn't 
be important, because we won't be requiring it to do much work. 


The important consideration when you buy your motor is that you should also 
obtain something that fits onto its output shaft. Typically, this will be a disk or 
arm that can be screwed into place. To this you can then add a larger wheel of 
your own, which you can cut with a hole saw or make from the screw-on lid of 
a jar, or anything else circular that you may find in the house. 


A larger wheel will make your cart move faster than a smaller wheel, but will 
reduce its torque, thus limiting its power to overcome obstacles. 


This brings me to my next topic: fabrication. Although this is an electronics 
book, motors are electromechanical devices, and you have to be able to install 
them in some kind of a machine to get any interesting results. You can use 
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plywood to complete the two little robotics projects here (ideally, the kind of 
thin, high-quality plywood sold by hobby stores) but | recommend something 
that looks better and is easier to work with: ABS plastic. Before you start on the 
robotic cart, you may want to check the section “Fundamentals: All about ABS.” 


FUNDAMENTALS 


All about ABS 


Unless you think the steampunk movement isn't going back far enough, you 
probably don't want your autonomous robot cart to resemble a relic from 
before the 1800s. Therefore, wood may not be the best construction material. 
Metal can look nice, but is not easy to work with. For quick results that have a 
twentieth-century look (maybe even a 21st-century look), plastic is the obvious 
choice, and | feel that ABS is the best type of plastic to use, because it provides 
such quick, easy results. ABS stands for “acrylonitrile butadiene styrene.” Lego? 
blocks are made of ABS. Car-stereo installers and model-railroad buffs use it. 
You can use it, too. You can saw it, drill it, sand it, whittle it, and drive screws into 
it, and it won't warp, split, or splinter. It's washable, doesn't need to be painted, 
and will last almost forever. 


Delrin is another type of plastic, but tends to cost more and is a little tougher 

to drill and cut. It’s a matter of personal preference. ABS machines fairly well, 
but when you drill it, for example, it can “catch” on the bit and the piece will 
spin with the bit due to the way that plastic chips off with the bit. Delrin is self- 
lubricating and has better melting properties under the heat of machining, so it 
drills and cuts much more cleanly and easily than ABS. 


Where to find ABS 


Pieces of ABS a couple of feet square are available from online sources such as 
http://hobbylinc.com or estreetplastics (an eBay store), but you'll save money if 
you can truck on down to your nearest plastic supply house and buy it like ply- 
wood, in sheets measuring 4 by 8 feet. To discover whether you have a nearby 
plastic supply house, search for “plastic supply” in your yellow pages or Google 
Local. 


Piedmont Regal Plastics has many supply centers around the nation, but you'll 
have to collect it yourself, and they may not be willing to cut small pieces. You 
can check online at http://www.piedmontplastics.com for their locations. 


Stock colors of ABS include black, white, and “natural,” which is beige. Sheets 
usually are textured on one side, which is the side that should face outward, as 
it is more scratch-resistant than the smooth side. 


Because you won't be adding paint or other finishes, you'll have to be careful 
not to scuff the plastic or scratch it while working. Clean your bench thoroughly 
before you begin, taking special care to remove any metal particles, which tend 
to become embedded in the plastic. Use wooden shims in the jaws of your vise, 
and avoid resting the plastic accidentally on any sharp tools or screws. Working 
with ABS requires a clean environment and a very gentle touch. 
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Cut with Care 


You can saw ABS, but if you use a table saw, the plastic will tend to melt and stick to 
the blade. These smears will get warm and sticky when you feed the next piece of 
plastic into the saw, and the result will be extremely unpleasant. The whirling blade 
will grab the plastic and hurl it at you powerfully enough to break bones. This is 
known as “kickback” and is a very serious risk when sawing plastic. 


If you have extensive experience using a table saw, you are actually more vulnerable, 
because the reflexes and cautions you have developed while dealing with wood will 
not be adequate for working with plastic. Please take this warning seriously! 


Your first and most obvious precaution is to use a plastic-cutting blade, which has 

a larger number of thicker teeth to absorb the heat. The blade | have used is a Freud 
80T, but there are others. If you use a blade that is not suitable, you will see it starting 
to accumulate sticky smears. This is the only warning you will get. Clean that blade 
with a solvent such as acetone, and never use it for ABS again. 


Regardless of other precautions, always wear gloves and eye protection when using 
a table saw, and stand to one side when feeding materials into it. Personally, after 
one episode of kickback that I thought had broken my arm, I prefer not to use a table 
saw on plastic at all. 


For long, straight cuts, the alternatives include: 


« Panel saw (big and expensive, but safe and accurate). 


e Miniature handheld circular saw with a blade around 4 inches in diameter, 
guided with a straight edge clamped to the sheet. 


« Hand saw. This is my old-school preference. My favorite is a Japanese pull-to-cut 
saw, which makes very clean cuts: the Vaughan Extra-Fine Cross-Cut Bear Saw, 
9-1/2 inches, 17 tpi (teeth per inch). If you use one of these, be careful to keep your 
free hand out of the way, as the saw can easily jump out of the cut. Because it is 
designed to cut hard materials such as wood, it has no difficulty cutting soft flesh. 
Gloves are strongly recommended. 


Figure 5-78. The perils of kickback. Plastic easily sticks to the blade of a table saw, 
which will hurl it at you unexpectedly. Use other tools to cut plastic. 
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Curving Cuts 


Curving cuts involve relatively little danger, although eye protection and 
gloves are still advisable. My preferred tools: 


e Band saw with a 3/8- or 1/4-inch blade designed for thin wood or plywood. 


e Jigsaw. | have a special liking for the DeWalt XRP using Bosch blades that 
are designed for hardwood or plastic. This will cut complex curves in ABS 
as easily as scissors cutting paper. 


No matter what type of saw you use, you'll have to clean ragged bits of plas- 
tic off the cut afterward, and the absolutely necessary item for this purpose 
is a deburring tool, available from http://www.mcmaster.com and most other 
online hardware sources. A belt sander or disc sander is ideal for rounding 
corners, and a metal file can be used to remove bumps from edges that are 
supposed to be straight. 


Figures 5-77 through 5-80 show various cutting tools. Figure 5-81 shows a de- 
burring tool, and Figure 5-82 shows a disc sander. 
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Figure 5-77. A band saw is an ideal tool for 
cutting complex shapes out of ABS plastic. 
You can often find them secondhand for 
under $200. 


Figure 5-78. This Japanese-style saw cuts 
when you pull it, rather than when you 
push it. After some practice, you can use 
= it to make very accurate cuts. Because 
Figure 5-78. A handheld circular saw, run- ABS is so soft, minimal muscle-power is 
ning along a straight-edge, is much safer required. 
than a table saw for cutting plastic, and 
can produce comparable results. 


ail 
Figure S-80. This DeWalt jigsaw can run at Figure S-81. A deburring tool will clean and Figure 5-82. A belt sander or disc sander 
very Slow speeds, enabling precise and bevel the sawn edge of a piece of plastic in is the ideal tool for rounding corners when 
careful work with plastic. just a couple of quick strokes. working with ABS plastic. 
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Source Drain 
Gate 
Step-by-Step Instructions 

Set up the circuit shown in Figure 4.22 . If 
you have some experience in building circuits, 
this schematic (along with the previous parts 
list) should provide all the information you 
need to build the circuit. If you need a bit 
more help building the circuit, look at the 
photos of the completed circuit In the 


“Expected Results” section. 

Carefully check your circuit against the 
diagram, especially the orientation oof the JFET 
to ensure that the drain, gate, and source 
leads are connected correctly. One unusual 
aspect of this circuit you may want to check 
is that the +V bus of the 6-volt battery pack 
Should be connected to the ground bus of 
the 12-volt battery pack. 

After you check your circuit, follow these 
steps, and record your measurements in the 
blank table following the steps: 

1. Adjust the potentiometer to set V GS at 0 
volts. (Your multimeter may indicate a few 
tenths of a millivolt; that's close enough.) 

2. Measure and record V GS and ID. 

3. Adjust the potentiometer Slightly to give a 
higher value of V GS 
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Figure S-83. A Forstner drill bit makes 
clean, precise holes; a large regular drill bit 
will chew up ABS plastic and make a mess. 


Figure 5-84. By drilling holes at any 
location where two bends intersect, you 
reduce the risk of the plastic fissuring. 


Figure 5-85. Making clean, precise bends 
in ABS is simply a matter of resting the 
plastic over a bender that consists of an 
electric heating element. 
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Making Plans 


| like to use drawing software to create plans, and | try to print them at actual 
scale. | tape them to the smooth side of a piece of white or natural-color ABS, 
then use an awl to prick through the plan into the soft surface beneath. | re- 
move the paper and connect the awl marks by drawing onto the plastic using 
a pencil or a fine-point water-soluble pen. Its lines can be wiped away later 
with a damp cloth. Don’t use a permanent marker, as the solvents that you will 
need to clean it may dissolve the plastic. 


Because ABS will tend to open a fissure when you bend it at any inside corner 
where you don't have a smooth radius, you need to drill holes at these loca- 
tions, as shown in the cart plans in Figure 5-92 on page 275. 


A regular half-inch drill bit is too aggressive; it will tend to jam itself into the 
plastic within one turn of the drill. Use Forstner bits (shown in Figures 5-83 and 
5-84) to cut nice smooth circles. 


Note that the heat from bending will tend to make any marks on the plastic 
permanent. 


Bending It 


A big advantage of plastic over wood is that you can make complex shapes by 
bending them, instead of cutting separate pieces and joining them with nails, 
screws, or glue. Unfortunately, bending does require an appropriate bender: an 
electric heating element mounted in a long, thin metal enclosure that you place 
on your workbench. The bender | use is made by FTM, a company that offers all 
kinds of neat gadgets for working with plastic. Their cheapest bender, shown in 
Figure 5-85, is just over $200 with a 2-foot element. You can get a 4-foot model 
for about $50 more. Check them out at http://thefabricatorssource.com. 


Avoid Burns While Bending 


A plastic bender will inflict serious burns if you happen to rest your hand on it ac- 
cidentally, and because it has no warning light, you can easily forget that you have 
left it plugged in. Use gloves! 


To bend plastic, lay it over the hot element of a plastic bender for a brief time 
(25 to 30 seconds for 1/8-inch ABS, 40 to 45 seconds for 3/16-inch, and up toa 
minute for 1/4-inch). If you overheat the plastic, you'll smell it, and when you 
turn it over you'll find it looks like brown melted cheese. Naturally you should 
learn to intervene before the plastic reaches that point. 


ABS is ready to bend when it yields to gentle pressure. Take it off the bender 
and bend it away from the side that you heated. If you bend it toward the hot 
side, the softened plastic will bunch up inside the bend, which doesn't look 
nice. 
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You can work with it for about half a minute, and when you have it the way 
you want it, spray or sponge water onto it to make it set quickly. Alternatively, 
if you need more time, you can reheat it. The amount of force necessary to 
bend the sheet increases in proportion with the length of the bend, so a long 
bend can be difficult, and | usually insert it into a loose vise, push it a bit, move 
it along to the next spot, and push it again. 


Because plastic bending is very similar to making shapes in origami, it’s agood 
idea to model your projects in paper before you commit yourself to ABS. 


If you decide that you don't want to spend money on a bender, don't aban- 
don plastic just yet—you can use screws to assemble separate sections with 
greater ease and convenience than if you were working with wood. 


Making 90-Degree Joints 


Driving screws into the edge of a piece of plywood will almost always separate 
its layers, but ABS has no layers (or grain, either), and never splits or shatters. 
This means that you can easily join two pieces at 90° using small screws (#4 
size, 5/8-inch long). 


Figures 5-86 through 5-90 show the procedure for joining 1/8-inch (or thicker) 
ABS to 1/4-inch ABS, which | regard as the minimum thickness when you're 
inserting screws into its edge: 


1. Mark a guideline on the thinner piece of plastic, 1/8 inch from its edge. 
For #4 screws, drill holes using a 7/64-inch bit. If you're using flat-headed 
screws, countersink the holes very gently. 


Figure 5-88 


2. Hold or clamp the pieces in place and poke a pen or pencil through the 
holes to mark the edge of the 1/4-inch plastic beneath. 


3. Remove the thin plastic, clamp the 1/4-inch plastic in a vise, and drill 
guide holes for the screws at each mark, centered within the thickness of 
the plastic. Because ABS does not compress like wood, the holes must be 
larger than you may expect; otherwise, the plastic will swell around the 
screw. A 3/32-inch bit is just right for a #4 screw. 


4. Assemble the parts. Be careful not to overtighten the screws; it's easy to 
strip the threads that they cut in the soft plastic. 
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Figure 5-88 


Figure 5-81. If you have 3D rendering 
software, it can be a great way to test the 
feasibility of a construction project before 
you start cutting materials and trying to 
fit pieces together. This rendering was a 
proof-of-concept for the Little Robot Cart. 
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Figure 5-88. Figures 5-86 through 5-89 Figure 5-80. Three #4 screws driven into 
illustrate four steps to join two pieces of the edge of ABS, using a 1/16-inch guide 
ABS using #4 sheet-metal screws. Cut hole, a 5/64-inch guide hole, and a 3/32- 
//64-inch holes on a line 1/8 inch from the inch guide hole. respectively Because the 
edge of the first piece, then mark through first two guides holes were too small, the 
the holes to the edge of the second piece. plastic swelled around the screw (but did 
Drill 3/32-inch holes that are precisely not break). 


centered in the edge, then screw the 
pieces together. 


Framing Your Cart 


For reasons that will soon be apparent, I’ve chosen an unusual diamond- 
shaped configuration of wheels. In the rendering shown in Figure 5-91, the 
front wheel (at the far end of the cart) applies power, the rear wheel (at the 
near end of the cart) steers the cart when backing up, and the side wheels 
prevent it from falling over. 


Depending on the type of motor that you buy, you'll have to improvise a way 
to mount it in the front section of the cart. Don’t be afraid to use kludges such 
as cable ties, duct tape, or even rubber bands to attach the motor to the frame. 
We're making a rough prototype, here, not a thing of beauty (although if you 
decide you like the cart, you can always rebuild it beautifully later). 


The plan in Figure 5-92 shows the pieces that you will need. Part A is the body 
of the cart. If you're going to bend it from ABS, you should drill half-inch holes, 
with a forstner bit, at the four inside corners, so that these corners have round- 
ed edges. If you simply saw the plastic to make sharp 90° corners, the plastic 
may develop fissures at the corners when you bend it. If you don't have a plas- 
tic bender and don't feel inclined to buy one, you can make Part A from three 
separate rectangles and then screw them together. 


Chapter 5 


2 1/01 


ge N | 

a 
9" Drill half-inch 7 
holes to make 0 
¡Q 

| 

| 


rounded inside 
corners 


D 


3" 


four 
wheels 


Figure 5-82. These sections of 1/4-inch plastic can be assembled to create the simple cart 
described in Experiment 31. 


Part B is a wheel, of which you will need four. | cut them using a 3-inch hole 
saw. The front wheel is screwed to whatever disc or arm you obtained to mate 
with the shaft of your motor. See Figure 5-93. 


Parts C, D, and E assemble to form a yoke in which the rear wheel is mounted. | 
used a 2-inch hinge to pivot the yoke. The hinge is mounted on Part F, which is 
a partition located midway in the frame of the cart. The photographs in Figures 
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Figure 5-83. A 3-inch wheel is screwed to 
the disc that mates with the drive shaft of 
the motor. 
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Figure 5-34. The assembled body of the 
cart, before adding control electronics. 
The wheel at the righthand end will pull the 
cart from left to right. The hinged trailing 
wheel will allow the cart to move in a rela- 
tively straight line when it moves forward, 
but will tend to turn it when it backs up. 


Figure 5-85. A closeup of the hinged trailing 
wheel, which rotates freely and can flip 
from side to side with minimal friction. 
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5-94 and 5-95 will help to make this clear. Initially, when you install Part F, use 
only two screws, one each side, so that you can adjust its angle a little. This will 
be necessary to optimize the contact of the wheels with the floor. 


The side wheels and rear wheel must spin freely, but on the other hand, they 
shouldn't wobble. | simply tightened the nuts on the bolts that serve as axles 
for the wheels, until there was maybe half a millimeter of clearance. | added a 
drop of Loctite to stop the nuts from getting loose. 


The plans don't show precisely where to drill holes for the axle bolts, because 
the location will depend on the size of your wheels. You can figure this out as 
you go along. Just make sure that the side wheels aren't mounted too low. We 
don’t want them to lift the front wheel or the rear wheel off the floor. If the 
side wheels are a fraction higher off the ground than the front and rear wheels, 
that's good. 


If you have tile or wood floors, your cart may acquire better traction if you 
wrap a thick rubber band around each disc that you use for the drive wheel 
and the steering wheel. 


The most important aspect of the construction is to place microswitches 
where they'll be triggered when the cart runs into something. | placed mine 
at the front corners, as shown in Figures 5-96 and 5-97. And that brings me to 
the electronics. 


Figure 5-87. Two microswitches with metal 
arms are mounted on each side of the 
cart, where they will sense any obstacle. 


The Circuit 


The schematic is very, very simple, with only four principal components: two 
microswitches that sense obstacles in front of the cart, one relay, and one 555 
timer. You will also need a small power switch, a battery or battery pack, and 
a resistor, and capacitors to go with the timer. A trimmer potentiometer will 
allow you to adjust the “on” time of the 555 timer, which will determine how 
long the cart takes to back up. See Figure 5-98. 
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Figure 5-88. This ultrasimple schematic is all the cart needs to enable it to back up when it 
hits an obstacle. 


The motor | chose requires 5 volts, so | had to use a voltage regulator with a 
9-volt battery. If your motor uses 6 volts, you can wire four AA batteries to it 
directly. If you have a 12-volt motor, you can use two 9-volt batteries in series, 
supplying power through a 12-volt voltage regulator. 


Assemble the components, mount them on the cart, and switch it on, and it 
should move forward slowly in a more-or-less straight line. If it moves back- 
ward, reverse your connection to the terminals on the motor. 


When the cart bumps into something, either of the microswitches will con- 
nect negative voltage to the input pin of the 555 timer. This triggers the timer, 
which runs in monostable mode, generating a single pulse lasting about 5 
seconds, which closes the relay, which is wired so that it reverses the voltage 
to the motor. 


When the voltage is reversed to a simple DC motor, it runs backward. So the 
cart backs up. Because the rear wheel is mounted in a yoke that pivots, the 
yoke will tend to flip one way or the other, causing the cart to describe an 
arc as it moves backward. At the end of the timer cycle, the relay relaxes and 
the cart starts moving forward again. In forward mode, the rear wheel just 
follows along without applying any steering force, so the cart tends to follow 
a straight line—until it hits another obstacle, at which point it backs up, and 
tries another path. 


What Next? 


Experiment 32: A Little Robot Cart 


277 


Experiment 32: A Little Robot Cart 


A FUNDAMENTALS 


All about limit switches 


The most obvious enhancement for your cart would be a better steering 
mechanism. You could use another motor to take care of this, with a pair of limit 
switches. Because limit switches are a basic, important idea in conjunction with 
motors, I'll explain them in detail. 


Figure 5-99 shows three successive views of a motor with an arm attached to it, 
which can press either a lower pushbutton or an upper pushbutton. Both of the 
pushbuttons are normally closed, but will open when pressed by the motor arm. 
These buttons are the limit switches. Typically you would use microswitches for 
this purpose, just like the ones that | suggested as barrier-sensors at the front of 
the cart. 


In addition, there's a DPDT relay that is activated by a simple on/off switch at 
the righthand side. On the cart, the 555 timer takes the place of the on/off 
switch, by feeding power to the relay. 


Suppose that the motor begins with the arm pointing downward, as shown 

in the top view in Figure 5-99, and the motor is wired so that when it receives 
negative voltage at its lower terminal and positive at its upper terminal, it 
rotates counter-clockwise. This is what happens when the on/off switch closes 
and sends power to the DPDT relay. Positive voltage from the relay contacts 
cannot pass through the upper diode, but can pass through the upper limit 
switch, which is closed. Negative voltage cannot pass through the lower limit 
switch, because it's open, but can pass through the lower diode. So, the motor 
starts to turn counterclockwise. During the midpoint of its arc, it receives power 
through both of the limit switches. 


Finally, the motor arm reaches the upper switch, and opens it. This prevents 
positive voltage from reaching the motor through that switch, and the positive 
voltage is also blocked by the upper diode. So, at this time, the motor stops. 


Now suppose that the on/off switch is opened, as in the top view in Figure 
5-100. The relay loses its power, so its contacts relax. The voltage to the motor is 
now reversed. Negative voltage passes through the upper diode, while positive 
voltage reaches the motor through the lower limit switch. The motor starts 
running clockwise, until its arm hits the lower switch, opening it and cutting off 
power to the motor. 


Limit switches are necessary, because if you continue to apply voltage to a 
simple DC motor that is unable to turn, the motor sucks more current, gets hot, 
and may burn out. 


You can easily see how this kind of system could be used to control the cart's 
steering. Even though the motor has only two positions, these are sufficient to 
make the cart turn when going backward, and proceed straight ahead when 
going forward. 


To reduce power consumption, the DPDT relay could be replaced with a two- 
coil latching relay. The circuit would then have to be revised so that the relay is 
flipped to and fro by a pulse to each of its coils. 
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Figure 5-88. The three diagrams, from top to bottom, show Figure 5-100. When the on/off switch at bottom-right opens, 
three snapshots of a motor controlled by a DPDT relay and the relay connects ¡ts upper contacts. This causes the motor 
two limit switches. When the on/off switch at bottom-right to run clockwise until its arm opens the lower limit switch. 
sends power to the relay, the lower relay contacts cause the Limit switches avoid the overheating and possible damage 
motor to run counterclockwise until it stops itself as its arm that are likely when power is delivered to a motor that is 
opens the upper limit switch. prevented from turning. 
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All about motors 


Brushed DC motor 
This is the oldest, simplest design for an electric motor, 
shown in very simplified form in Figure 5-101. Coils are 
attached to a shaft where they can interact with sta- 
tionary magnets around them. The magnetic attraction 
turns the shaft a little, at which point the next coil on 
the shaft is energized to turn the shaft a little more, and 
then the next coil—and so on. To make this happen, 
electricity has to be fed into the coils by “brushes,” often 
consisting of soft carbon pads that conduct power to 
a hub, known as a commutator, divided into sections, 
each of which is connected to a separate coil. 


This basic design has several advantages if we want to 
build a small motorized gadget, such as a miniature 
robot or even a model airplane: 


e Widely available 

e Low cost 

e Simple 

e Reliable 

e Will run in reverse when voltage reverses 


In addition, brushed motors are often sold with reduc- 
tion gearing built in. Such units are known as gearhead 
motors or gear motors. They free you from the need to 
use your own gears or belts to adjust the output speed 
yourself. You simply choose the motor that fits your 
specification. 


DC stepper motor 
This requires a controller, consisting of some electron- 
ics to tell the motor to rotate its shaft in small, discrete 
steps. The advantages of a stepper motor are: 


e Precise positioning of the shaft 
e Precise speed adjustment 


Stepper motors are ideal for devices such as computer 
printers, where the paper has to roll up by a precise 
distance and the print head has to move laterally by 

an equally precise distance, but they are also useful in 
robots. If the motor is small enough to draw less than 
200mA and will run on 12 volts or less, you can control 
it with pulses from a 555 timer. l'Il describe stepper mo- 
tors in more detail in Experiment 33. 
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Servo motor 
This is generally used in conjunction with a program- 
mable microcontroller, which sends instructors to 
rotate the motor shaft to a specific position and then 
hold it there. I'll mention servo motors when | intro- 
duce you to microcontrollers, but we won't be dealing 
with them in detail. 


Other types of motors exist, including brushless DC motors 
(which require a different type of controller and are found 
in computer disk drives and CD players), and AC motors 
(including synchronous motors, which synchronize their 
rotation with the frequency of AC voltage, and were used 
extensively in clocks, before clocks mostly became digital). 


In this book, I'll be talking mostly about brushed DC motors 
and DC stepper motors. 


Coil 


Val Magnet 


Commutator 


Brushes 


Figure 5-101. The basic principle of a simple DC motor. The 
commutator passes electricity through a coil, creating a mag- 
netic field that interacts with a magnet around the motor. The 
coil turns, and the commutator turns with it, until the electric 
field through the coil is reversed. This causes the process to re- 
peat. In reality, a motor is likely to have a commutator formed 
from multiple segments, connected with multiple coils. The 
principle, however, remains the same. 


Take-home messages from this experiment include the following: 


e You can buy simple DC motors with reduction gearing built in, providing 
your choice of RPM. Literally hundreds of websites will sell you small mo- 
tors for robotics projects. 


e When you reverse the voltage to a DC motor, the motor runs in reverse. 


e A DPDT relay can be wired so that when it closes its contacts, it reverses a 
power supply to a motor. 


e You can use two limit switches and a pair of diodes to stop a motor at two 
positions. In each of its stopping positions, the motor consumes no power 
and you won't have the risk of it burning out. 


What other projects can you imagine using this simple set of techniques? 


Mechanical Power 


In the United States, the turning force, or torque, of a motor is usually mea- 
sured in pound-feet or ounce-inches. In Europe, the metric system is used to 
measure torque in dynes. 


A pound-foot is easy to understand. Imagine a lever pivoted at one end, as 
shown in Figure 5-102. If the lever is one foot long, and you hang a one-pound 
weight at the end of it, the turning force is one pound-foot. 


A A 


Rotational 
force 
(torque) 
of one 
pound-foot 


1 lb. weight 


Figure 5-102. The rotational force created by a motor is known as “torque,” and in the 
United States it is measured in pound-feet (or ounce-inches, for small motors). In the 
metric system, torque is measured in dynes. Note that the torque created by a motor will 
vary according to the speed at which the motor is running. 
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4. Measure and record the new values of V 
GS and ID. 
5. Repeat steps 3 and 4 until I D drops to 0 
MA. 

V GS (Volts) 1D (mA) 


6. Graph the points recorded in the table, 
using the blank graph in Figure 4.24 . Draw a 
curve through the points. Your curve should 
look like the one in Figure 4.22 . 
Figure 4.24 
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Wire gauges 


If you're going to power larger motors, or 
other components that take more current than 
LEDs or small relays, you really need to know 
about wire gauges. In particular, what's the 
relationship between wire thickness and AWG 
(American Wire Gauge)? And what gauge of 
wire should you use for any given current? 


You can find numerous charts and tables if you 
go online, but many of these sources con- 
tradict each other, especially on the topic of 
how much current is safe to run through each 
gauge of wire. 


After making several comparisons (and testing 
some wire samples myself), I’ve compiled the 
table in Figure 5-103, which | recommend as a 
compromise. Note the following: 


e This table applies to solid-core copper 
wire. 


For stranded wire, or copper that has 
been tinned (giving it a silver appear- 
ance), the number of ohms per foot will 
increase, the number of feet per ohm will 
decrease, and the maximum amperage 
will decrease, probably by around 20%. 


The maximum amperage assumes that the 
wire is insulated, preventing it from radiating 
heat as effectively as a bare conductor. | am 
also assuming that the wire is likely to be at 
least partially enclosed, inside a box or cabi- 
net. At the amperages listed for each gauge of 
wire, you should expect the wire to become 
noticeably warm, and personally | would tend 
to use thicker wire instead of the maximums 
indicated in the table. 


Most tables of this type only tell you the resis- 
tance of each gauge of wire in ohms per 1,000 
feet. | have included that number but have 
also expressed the function the other way 
around, as the number of feet per ohm, as this 
doesn't require you to do so much arithmetic 
with decimals. 


AWG 


0000 


30 


Figure 5-103. American wire gauges (AWG) and their properties. 
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Diameter 


in 
inches 


0.46 


0.41 


0.365 


0.325 


0.289 


0.258 
0.229 
0.204 
0.182 
0.162 
0.144 
0.128 
0.102 
0.081 
0.064 
0.051 
0.04 

0.032 
0.025 
0.02 

0.016 
0.013 
0.010 


Ohms 
per 


1,000 ft 


0.049 


0.062 


0.078 


0.098 


0.124 


0.156 


0.197 
0.249 
0.313 
0.395 
0.498 
0.628 
0.999 
1.59 
2.53 
4.02 
6.39 
10.2 
16.1 
23-7 
40.1 
64.9 
103.2 


Feet 
per 
ohm 


20,400 


16,200 


12,800 


10,200 


8,070 
6,400 
5,080 
4,020 
3,190 
2,010 
2,010 
1,590 
1,000 
630 
396 
249 
157 
99 

62 

39 

25 

15 

10 


Maximum 


amps 


(insulated) 


225 


200 


175 


150 


125 


100 


90 
80 
70 
60 
51 
44 
32 
23 
17 
13 
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Calculating voltage drop 


Another fact that you often need to know is how much of 

a voltage drop a particular length of wire will introduce in 

a circuit. If you want to get maximum power from a motor, 
you don't want to lose too much voltage in the wires that go 
to and from the motor. 


Voltage drop is tricky, because it depends not only on the 
wire, but also on how heavily the circuit is loaded. Suppose 
that you are using 100 feet of 22-gauge wire, which has a 
resistance of about 1.5 ohms. If you attach it to a 12-volt 
battery and drive an LED and a series resistor offering a total 
effective resistance of about 1,200 ohms, the resistance of 
the wire is trivial by comparison. According to Ohm's Law: 


amps = volts / ohms 
so the current through the circuit is only about 10mA. 
Again, by Ohm's Law: 

volts = ohms x amps 


so the wire with resistance of 1.5 ohms imposes a voltage 
drop of 1.5 x 0.01 = 0.015 volts. 


Now suppose you're running a motor. The coils in the mo- 
tor create impedance, rather than resistance, but still if we 
measure how much current is going through the circuit, we 
can establish its effective resistance. Suppose the current is 
1 amp. Repeating the second calculation: 


volts = ohms x amps 


So the voltage drop in the wire is now 1.5 x 1 = 1.5 volts! 
This is illustrated in Figure 5-104. 


Bearing these factors in mind, | have compiled a table for 
you. I’ve rounded the numbers to just two digits, as varia- 
tions in the wire that you use make any pretense of greater 
accuracy unrealistic. 


To use this table, you need to know how much current is 
passing through your circuit. You can calculate it (by adding 
up all the resistances and dividing it into the voltage that 
you are applying) or you can simply measure the current 
with a meter. Just make sure that your units are consistent 
(all in ohms, amps, and volts, or milliohms, milliamps, and 
millivolts). 


In the table, | have arbitrarily assumed a length of 10 feet 
of wire. Naturally you will have to make allowances for the 
actual length of wire in your circuit. The shorter the wire, 
the less the loss will be. A circuit with only 5 feet of wire, 
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and the same amperage and voltage, will suffer half of the 
percentage loss shown in the table. A circuit with 15 feet 
of wire, and the same amperage and voltage, will suffer 1.5 
times the percentage loss. So, to use the table: 


1. Divide your length of wire by 10. (Make sure that you 

measure the length in feet.) 

2. Use the result to multiply the number in the table. 
The table also arbitrarily assumes that you have a 12-volt 
supply. Again, you will have to make allowances if you are 
using a different voltage. So, to use the table: 

1. Divide 12 by the actual voltage of your power supply. 

2. Use the result to multiply the number in the table. 


| can summarize those two steps like this: 
Percent voltage lost =P x (12 /V) x (L / 10) 


where P is the number from the table, V is your power- 
supply voltage, and L is the length of your wire. 


Effective 
resistance 
10.5 ohms 


Effective 
resistance 
1200 ohms 


22 gauge wire 
1.5 ohms 
22 gauge wire 
1.5 ohms 


12 volt 12 volt 


battery battery 


Approx. 10 mA current 
15mV voltage drop 


Approx. 1A current 
1.5 volts voltage drop 


Figure S-104. The voltage drop imposed by wiring will depend 
on the current and the resistance in the circuit. The drop will 
be greatest when the resistance of the circuit is low and the 
amperage is high. 
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Calculating voltage drop (continued) 


This table shows the percent voltage lost in a circuit with 10-foot wire at 12 volts. 


Wire 


Amperes 


Remember, though, that the wire resistance will be higher if you are using stranded copper wire or tinned copper wire, and 
this will increase the percentage of voltage lost. 
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Time now to build something more sophisticated: a cart that orients itself to- 
ward a light source. I’m going to tell you all you need to get started on this 
project, but this time | won't go all the way to the end in exhaustive detail. | 
want you to get into the habit of figuring out the details, improving on plans, 
and eventually inventing things for yourself. 


You will need: 


555 timers. Quantity: 8. 
Trimmer potentiometer, 2K linear. Quantity: 2. 


LEDs. Quantity: 4. If you get tired of using series resistors to protect LEDs in 
a 12-volt circuit, consider buying 12-volt LEDs such as Chicago Miniature 
606-4302H1-12V, which contain their own resistors built in. However, the 
schematic in Figure 5-108 assumes that you will use regular 2V or 2.5V LEDs. 


Stepper motor: Unipolar, four-phase, 12-volt. Parallax 27964 or similar, 
consuming 100mA maximum. Quantity: 2. 


Photoresistors, ideally 500 to 3,0000 range. Quantity: 2. 
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e ULN2001A or ULN2003A Darlington arrays by STMicroelectronics. 
Quantity: 2. 


e (CMOS octal or decade counter. Quantity: 2. 


e Various resistors and capacitors. 


Exploring Your Motor 


l've specified a unipolar, four-phase, 12-volt motor because this is a very com- 
mon type. A typical sample is shown in Figure 5-105. If you can't easily find 
the one that I've listed, you should feel safe in buying any other that has the 
same generic description. “Unipolar” means that you don't have to switch the 
power supply from positive to negative and back to positive again, to run the 
motor. Four-phase means that the pulses that run the motor must be applied 
in sequence to four separate wires. Because you will be running your motor 
directly from 555 timers, the lower its power consumption, the better. 


First, though, we can apply voltage to the motor without using any other com- 
ponents at all. Most likely it will have five wires already attached, with the ends 
stripped and tinned, so that you can easily insert them into holes in a bread- 
board, as shown in Figure 5-106. Check the data sheet for your motor; you 
should find that four of the wires are used to energize the motor and turn it in 
steps, while the fifth is the common connection. In many cases, the common 
connection should be hooked to the positive side of your power supply, while 
you apply negative voltage to the other four wires in sequence, one step at a 
time. 


The data sheet will tell you in what sequence to apply power to the wires. You 
can figure this out by trial and error if necessary. One thing to bear in mind: a 
stepper motor is very tolerant. As long as you apply the correct voltage to it, 
you can't burn it out. 


To see exactly what the motor is doing, stick a piece of duct tape to the end of 
the shaft. Then apply voltage to wires, one at a time, by moving your negative 
power connection from one to the next. You should see the shaft turning in 
little steps. 


Inside the motor are coils and magnets, but they function differently from 
those in a DC motor. You can begin by imagining the configuration as being 
like the diagram in Figure 5-107. Each time you apply voltage to a different 
coil, the black quadrant of the shaft turns to face that coil. In reality, of course, 
the motor turns less than 90° from one coil to the next, but this simplified 
model is a good way to get a rough idea of what’s happening. For a more pre- 
cise explanation, see the upcoming section “Theory: Inside a stepper motor.’ 


Bear in mind that as long as any of the wires of the motor are connected, it 
is constantly drawing power, even while sitting and doing nothing. Unlike a 
regular DC motor, a stepper motor is designed to do nothing for much of the 
time. When you apply voltage to a different wire, it steps to that position and 
then resumes doing nothing. 
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Figure 5-105. A typical stepper motor. The 
Shaft rotates in steps when negative pulses 
are applied to four of the wires in sequence, 
the fifth wire being common-positive. 


12V DC 


Figure 5-108. The simplest test of a step- 
per motor is to apply voltage manually 

to each of its four control wires, while a 
piece of duct tape, attached to the output 
Shaft, makes it easy to see how the motor 
responds. 
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Figure 5-107. This greatly simplified 
diagram helps in visualizing the way in 
which a stepper motor works. In reality, 
almost all motors rotate by less than 90° in 
response to each pulse. 
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The coil inside the motor is holding the shaft in position, and the power that 
the motor draws will be dissipated as heat. It's quite normal for the motor to get 
warm while you're using it. The trouble is, if you use a battery to power it, and you 
forget that you have it connected, the battery will not hold its charge for long. 


Quick Demo 


Now that you've proved that your motor is functional, how can you actually 
run it? You need to send a pulse to each of the four wires in turn, in a rapidly 
repeating sequence. If you can also adjust the speed of the pulses, so much 
the better. I’m thinking that for a quick and simple demo, you can handle the 
challenge simply by using four 555 timers, all of them in monostable mode, 
with each one triggering the next. 


The schematic in Figure 5-108 shows what | have in mind. It looks more com- 
plex than it really is. Each timer has the same pattern of components around it, 
so after you create the first module, you just make three copies of it. 
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circuit to contro! a stepper motor uses 
four 555 timers, each in monostable 
mode, triggering each other in a 
repeating sequence. 
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I've used a 10K resistor to pull up the input to each 555, so that the timers are 
naturally in their quiescent state. A 0.01 uF capacitor links the output from one 
timer to the input of the next so that they are electrically isolated from each 
other, and the capacitor just conveys a “spike” of voltage when one timer fin- 
ishes its “on” cycle, and its output goes low, which triggers the next. 


On the righthand side, I’ve used 10K resistors and 22 uF capacitors to generate 
a cycle of about a quarter of a second—except that the topmost timer has a 
8K2 timing resistor. The reason for this is that when power is first applied, the 
timers will all be waiting for each other to begin, and timers 2 and 4 or 1 and 
3 may fire together. By giving one timer a shorter cycle than the others, | mini- 
mize this problem. 


The LEDs are included just to give you some visual verification of what’s hap- 
pening. Without them, if you make a wiring error, the motor may turn to and 
fro erratically, and you won't know why. Initially you can run your circuit with 
only the LEDs connected, just to make sure it works. Figure 5-109 shows the 
breadboarded circuit before the motor is plugged in. Then add the motor by 
plugging its wires into the breadboard, where you'll make connection with the 
outputs (pins 3) of the timers. See Figure 5-110. 


Apply power, and you should see the motor turning in steps, in sequence with 
the LEDs. If the LED sequence isn't stable: 


1. Connect a wire directly from the input (pin 2) of the topmost timer to the 
positive side of the voltage supply, and wait for the timers to calm down. 


2. Restart the sequence by disconnecting the free end of this wire, or (if nec- 
essary) touch the free end of it briefly to the negative side of the supply, 
to trigger the first timer. 


One thing you may have noticed, if you're paying very close attention: the 
common terminal of the motor is connected to positive. Therefore, when each 
timer flashes positive, that positive signal isn’t actually powering the motor. 
The low outputs from the three timers that are not firing at any given moment 
are sinking current from the motor. It seems quite happy with this arrange- 
ment. You'll need some theory to understand why. 
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Figure 5-108. Jo test the control circuit for 
errors, four LEDs show the outputs from 
the four 555 timers. The loose yellow wire 
at the righthand side connects to pin 2 

of the first timer. Touch the free end of 

this wire to the positive side of the power 
supply to reset the timers, and then, if nec- 
essary, make a brief negative connection 
with the free end of the wire to restart their 
sequence. 


Figure 5-110. After the circuit has been 
tested, the motor can be added by hook- 
ing its control wires to the outputs of the 
four 555 timers. 
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Inside a stepper motor 


If you check the Wikipedia entry for stepper motors, you 
may see a very nice 3D rendering showing a toothed rotor 
and four coils arrayed around it. Maybe stepper motors 
used to be manufactured like this once upon a time, but not 
anymore. 


Imagine two horizontal rows of coils. In the space between 
them is a series of little magnets, like a freight train, that 
can move left or right, as shown in Figures 5-111 and 
5-112. Each coil has two windings, in opposite directions, 
so that current through one winding will create an upward 
magnetic force while current through the other will create 
a downward force. Each row of windings is connected in 
parallel, so that they switch on and off simultaneously. 


In Step 1, the negative connection energizes the upper 
windings of the upper coils, which creates an upward mag- 
netic force. I've shown this force using blue-green arrows so 
that you won't mistake it for a flow of electricity. It so hap- 
pens that this force attracts the north poles of the magnets 
and repels the south poles, so if the magnets begin in the 
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position shown in Step 1, they will want to move one step 
to the right. 


This brings them to the position shown in Step 2. Now the 
upper windings of the lower coils are energized, and again, 
this produces an upward force, which again attracts the 
north poles and repels the south poles. 


This advances the magnets to their location in Step 3. 

Now the lower windings of the upper coils are energized, 
producing a downward force. This repels the north poles of 
the magnets and attracts their south poles. So the magnets 
keep moving. 


They reach the position shown in Step 4. The lower wind- 
ings of the lower coils are energized, producing a downward 
force which continues to attract the south poles while 
repelling the north poles. So the magnets move a final step 
to the right—which leaves them in the same orientation 
shown in Step 1. And the process can repeat all over again. 


Figure 5-111. This sequence shows the first two steps as the rotor 


of a stepper motor (shown as a series of north-south magnets) 
moves in response to pulses through electromagnets. 
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Figure 5-112. After taking another two steps, the motor will be 
back where it started at Step 1 in Figure 5-111. 


y 


Inside a stepper motor (continued) 


In reality, the magnets are not separate from each other. 
The edge of a rotor is magnetized in zones that alternate 
between south and north polarity. And instead of multiple 
coils, there are just four windings that go around all the 
magnetic cores. But the principle is exactly the same. The 3D 
rendering gives a general idea, and the photograph shows 
what | found when | cracked open a typical stepper motor. 


Now bear in mind that when this device is driven by a set of 
555 timers, we don't just connect negative to one wire ata 
time on the left, leaving the others floating. In reality, at any 
given moment, three of the timers have a negative output 
and the fourth has a positive output. The last diagram in 
Figure 5-112 shows this situation. 


Suppose the top wire is positive while the other three are 
negative, as shown in Figure 5-113.The positive output 
does nothing, because it is balanced by the positive power 
on the other end of the coils. The two negatives attached to 
the bottom set of coils create equal and opposite forces that 
cancel each other out (while wasting some power). So the 
net result is the same as in Step 3. 


In fact, you should find that you can disconnect the com- 
mon wire completely while using the stepper motor with 
555 timers, and the motor will still turn, because one of 

the timers is providing positive power while the others are 
negative. In fact, you'll be running them more efficiently this 
way. 


Figure 5-113. When the motor is driven by four 555 timers, they 
are activating it by sinking positive voltage from it. The interior 
workings of the motor look something like this. It’s not the 
most efficient way to do the job. 
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Figures 5-114 and 5-115 may help to give you a clearer idea 
of what the motor actually looks like inside. 


Figure S-114. This 3D rendering gives a better idea of what a 
typical stepper motor looks like inside. The copper coils and 
gray cylinders are stationary, while the black disc rotates 
between them. 
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Figure 5-115. When a stepper motor is broken open, this is 
what you're likely to find. On the left, the rotor of the motor, 
which has a magnetized band around its circumference, is still 
attached to the lower half of the casing. On the right, the upper 
half of the casing has been opened, and the coil has been re- 
moved (actually the winding you can see consists of two coils, 
wound in opposite directions). The spikes are the magnetic 
cores that exert force on the rotor. 
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Speed Control 


If you are a truly exceptionally observant, you may have noticed that | left pin 5 of 
each of the timers unconnected in the schematic for driving the stepper motor in 
Figure 5-108. Normally, pin 5 should be grounded through a capacitor to prevent 
it from picking up stray voltages which can affect the accuracy of the chip. 


| left the pins unconnected because | had a plan for them. In fact, changing the 
timing of the chip is exactly what we want to do now, as a way to change the 
speed of the stepper motor. 


If you tie pin 5 of all four timers together, as shown in Figure 5-116, and put 
a 2K trimmer potentiometer (shown in Figure 5-117) between them and the 
negative side of the power supply, you'll find that as you turn the trimmer 
to reduce its resistance, the timers start to run faster. Figure 5-118 shows the 
breadboard layout. Eventually, when the resistance goes below around 150 
ohms, everything stops. The LEDs go dark, because you've reduced the volt- 
age on pin 5 below the threshold level that the 555 timer finds acceptable. 
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Figure S-117. Close-up of a trimmer potentiometer 
with pins spaced at 1/10 inch for insertion in a 


ae IE breadboard or perforated board. The brass screw, 
pee at top-left, turns a worm gear inside the unit, al- 
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Figure 5-118. To adjust the speed of the sequence of 555 timers, their control pins (pin 
5 on each timer) are linked together and attached to a trimmer potentiometer that Figure S-118. The trimmer potentiometer has been 
adjusts the resistance between the pins and the negative side of the power supply. added to the circuit, allowing motor speed control. 
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Initially | suggested a step time of 1/4 second just so that you could see what 
was happening. When you're actually using this circuit, you'll never need it to 
run as slowly as that. So you can increase the entire range of speeds. Remove 
the 22 uF timing capacitors and substitute, say, 4.7 uF capacitors, or smaller. 
Now when you adjust the potentiometer, you'll get a useful range of speed. 


Adding Autonomy 


Currently, the circuit simply does what you tell it to do. The next step is to 
make it autonomous—in other words, give it the illusion of making up its own 
mind. I’m thinking that instead of a trimmer potentiometer, we could substi- 
tute a photocell, properly known as a photoresistor. Typically, the resistance of 
a cadmium sulfide photo resistor is highest in the dark, and lowest when light 
shines on it. 


One problem with photoresistors is that they’re not as widely available as 
many other types of electronic components. If you search Mouser.com, for 
instance, you'll find virtually nothing. Partly this is because the online search 
function at Mouser is the weakest feature of the site, and partly it’s because 
Mouser is not oriented toward hobbyists. What you need to do is conduct a 
“product search.’ Go to http://www.google.com/products, enter the search terms 
“CdS” and “photocell,” and you'll find a bunch of cheap cadmium sulfide com- 
ponents from places you may never have heard of. 


Because photoresistors seem to come and go as erratically as DC motors, I am 
not offering any part numbers. You can buy any product that has an appropri- 
ate minimum resistance (in bright light) and maximum resistance (in the dark). 
If you find a component that ranges from 500 to 3,000Q, that would be a good 
choice. If the only ones you can find have a higher minimum than 5000, you 
could consider putting a couple of them in parallel. 


Setting Up Your Light Seeking Robot 


Why would you want to control the speed of a stepper motor by using a photo 
resistor? Because the original objective was to build a robot that is attracted 
to light. 


The idea is simple enough: use two stepper motors, each controlling the 
speed of one wheel of the cart. Use two photoresistors, each controlling the 
speed of the opposite stepper motor. When the righthand photoresistor picks 
up more light, its resistance lowers, causing the lefthand set of timers to run 
faster, which will make the lefthand wheel run faster. Thus, the cart will turn 
toward the light. Figure 5-119 illustrates the concept. 


Before you start wiring more 555 timers, though, you might consider doing 
the job with a more appropriate component. The ULN2001A and ULN2003A 
are chips containing Darlington amplifiers specifically designed to deliver cur- 
rent to inductive loads such as solenoids, relays, and (you guessed it) motors. 
Each chip has seven inputs that require very little current, and seven outputs 
that can deliver 500mA each. The inputs are TTL and CMOS compatible (the 
2001A has a wider tolerance for voltages than the 2003A) and each channel of 
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Figure 5-118. If two photoresistors control 


the speed of two 555-timer arrays, the 
difference in speed between one wheel 


and the other can turn the cart toward a 


light source. 
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Figure 5-120. A more efficient way to drive 
the motors Is to use just one timer to set 
the speed of each, with a counter and 
amplifier (such as a Darlington array chip) 
sending the pulses down the wires. The 
principle is still the same, though. 


Figure 5-121. This 3D rendering shows a 
possible configuration of the light-seeking 
cart, with two photoresistors enclosed in 
small tubes to restrict their response to 
light. 


292 


the chip functions as an inverter, so that when the input goes high, the output 
goes low and sinks current. This is of course just what we need for our stepper 
motor that has a common positive connection. 


The ULN2001A is only an amplification device, so you have to precede it with 
a counter that runs from 1 to 4 and then repeats. You can stick with your 555 
timers, as you've already assembled them, or substitute almost any CMOS oc- 
tal or decade counter that sends its output pulses to a series of pins. Just use 
the output from the fifth pin as the “carry” output to restart the counting se- 
quence. | suggest a CMOS counter simply because it will run on 12 volts, so 
you can use the same power supply that suits your stepper motors. 


If you switch to CMOS counters, you will still need a pair of 555 timers send- 
ing pulses to the counters. The timers will be free-running in astable mode, 
and your photoresistors will control their speed. Figure 5-120 shows the 
configuration. 


One last item: you'll need a 12-volt battery. You can of course put eight AA cells 
together, but | think you should consider a rechargeable pack from a source 
such as http://www.all-battery.com, which has a section entirely devoted to”ro- 
bot batteries.’ 


If you put it all together, you should find that when you place your robot cart in 
a very dimly lit room, it will turn toward the beam from a bright, well-focused 
flashlight. To get reliable results, you may have to recess each of the photo- 
resistors in little tubes, so that they receive much more light when they face 
your flashlight than when they face away from it. Figure 5-121 is a 3D render- 
ing of the concept. 


Another idea is to rewire your cart so that it actually runs away from the light. 
Can you imagine how this might be done? 


Just one more thought: if you use infrared photoresistors, you can control your 
cart with beams from infrared LEDs, in normal room lighting. If you and a cou- 
ple of friends all have infrared transmitters, you can get your cart to run from 
one of you to the next, like an obedient dog. 


This takes us about as far as I’m going to go into robotics. | urge you to check 
out the sites online if you want to pursue the topic further. You can also buy a 
wide variety of robot kits, although of course | feel that it’s more fun to invent 
or develop things for yourself. 


All that's left now is to perform one last introduction: to a device that should 
make your life much easier, even though the device is much more complicated 
than anything we have dealt with so far. 


Chapter 5 


Experiment 34: Hardware Meets Software 


Throughout this book, in accordance with the goal of learning by discovery, | 
have asked you to do an experiment first, after which I’ve suggested the gen- 
eral principles and ideas that we can learn from it. | now have to change that 
policy, because the next experiment involves so much setup that it's only fair 
to tell you what to expect before you begin the preparations. 


We are about to enter the realm of controller chips, often known as MCUs, 
which is an acronym for micro controller unit. An MCU contains some flash 
memory, which stores a program that you write yourself. The flash memory is 
like the memory in a portable media player, or the memory card that you use 
in a digital camera. It needs no electricity to power it. In addition, the chip has 
a processor which carries out the instructions in your program. It has RAM to 
store the values of variables on a temporary basis, and ROM, which tells it how 
to perform tasks such as sensing a varying voltage input and converting it into 
digital form for internal use. It also contains an accurate oscillator, so that it 
can keep track of time. Put it all together, and it’s a tiny computer that you can 
buy for under $5. 


Let's suppose that you have a greenhouse where the temperature must never 
fall below freezing. You set up a temperature sensor, and you have two dif- 
ferent heaters. You want to switch on the first heater if the temperature falls 
below 38° Fahrenheit. But if, for some reason, that heater is broken, you want 
to switch on the second, backup heater when the temperature goes below 36° 
Fahrenheit. 


Programming a MCU to take care of this can be very simple indeed. You could 
even add extra features, such as a second temperature sensor, just in case the 
first one fails, and you could tell the chip to use whichever sensor gives a lower 
reading. 


Another application for a MCU would be in a fairly elaborate security system. 
The chip could monitor the status of various intrusion sensors, and can take 
various preprogrammed steps, depending on the sensors’ status. You could 
include delay intervals, too. 


Many MCUs have additional useful features built in, such as the ability to con- 
trol servo motors that turn to a specific angle in response to a stream of pulses. 
Servos are widely used in radio-controlled model boats, airplanes, and hobby 
robotics. 


Perhaps you are now wondering why, if MCUs can do all this, haven’t we been 
using them all along? Why did | spend so much time describing the develop- 
ment of an alarm system using discrete components, if one chip could have 
done everything? 
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There are three answers: 


1. MCUs cannot do everything. They need other components to help them 
interact with the world, such as transistors, relays, sensors, and amplifiers. 
You need to know how those things work, so that you can make intel- 
ligent use of them. 


2. MCUs can introduce their own kinds of problems and errors, associated 
with using software in addition to hardware. I'll have more to say about 
this later. 


3. MCUs have limits and restrictions, most obviously their requirement for a 
5-volt regulated power supply, and their inability to source or sink much 
current from each pin. They also demand that you learn a programming 
language (which differs from one brand of MCU to the next). And to get 
the program into the chip, you have to be able to plug it into a computer 
and do a download, which is not always convenient. 


In this experiment, you'll learn how to write a program for a small and simple 
MCU, and you'll transfer the program into it and see how it works. 


Origins of programmable chips 


In factories and laboratories, many procedures are repetitive. A flow sensor may 
have to control a heating element. A motion sensor may have to adjust the 
speed of a motor. Microcontrollers are perfect for this kind of routine task. 


A company named General Instrument introduced an early line of MCUs in 1976, 
and called them PICs, meaning Programmable Intelligent Computer—or Pro- 
grammable Interface Controller, depending which source you believe. General 
Instrument sold the brand to another company named Microchip Technology, 
which owns it today. 


“PIC” is trademarked, but is sometimes used as if it’s a generic term, like Scotch 
tape. In this book, I've chosen a range of controllers based on the PIC architec- 
ture. They are licensed by a British company named Revolution Education Ltd., 
which calls its range of chips the PICAXE, for no apparent logical reason other 
than that it sounds cool. 


| like these microcontrollers because they were developed originally as an edu- 

cational tool and because they are very easy to use. They're cheap, and some of 
them are quite powerful. Despite their odd name, | think they're the best way to 
get acquainted with the core concepts of MCUs. 


After you play with the PICAXE, if you want to go farther into MCUs, | suggest 
the BASIC Stamp (which uses a very similar language, but with additional pow- 
erful commands) and the very popular Arduino (which is a more recent design, 
packed with powerful features, but requires you to learn a variant of C language 
to program it). I'll say more about these chips later. 


If you search for “picaxe” on Wikipedia, you'll find an excellent introduction to 
all the various features. In fact, | think it’s a clearer overview than you'll get from 
the PICAXE website. 
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Supplies 


Figure 5-122 shows some of the chips in the PICAXE range. l'Il be telling you 
how to use the smallest—the 08M—which costs less than $5 and is cheaper 
than any other MCU that I've found. It has only 256 bytes of memory to store a 
program (not gigabytes, megabytes, or kilobytes, just 256 bytes!), but you'll be 
surprised how many possibilities this amount allows for. Figure 5-123 shows 
a closeup of the 08M with its legs safely embedded in a piece of conductive 
foam. 


In the United States, there are three distributors of this chip: 
« http://www.advancedmicrocircuits.com 
« http://www.phanderson.com/picaxe 
« http://www.sparkfun.com 


I like P. H. Anderson for its grass-roots hobbyist approach, and they have good 
prices if you want to buy multiple chips. But SparkFun Electronics offers other 
associated products that you may find interesting. 


All the distributors will want to sell you “starter kits,” such as the one in Figure 
5-124, perhaps because the PICAXE itself is so cheap that it doesn't offer much 
of a profit margin. Still, for our purposes, you should buy the chip as a stand- 
alone item. And buy two of them, just in case you damage one (for example, 
by connecting voltage to it incorrectly). 
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Figure 5-123. When supplied by one of ¡ts 
American distributors, a PICAXE OSM 
arrives embedded in a little square of 
conductive foam. The chip is the same size 
as a 555 timer but has the power of a tiny 
computer. 


Figure S-124. A typical PICAXE kit includes 
a printed circuit board, which you may not 
really need, and some other not-entirely- 
essential items. But the 3.5-mm stereo 
jack socket (top, center) is absolutely 
necessary. 


To download your programming instructions into the chip, first you'll type the 
instructions on a computer, and then you'll feed them through a cable into 
the PICAXE memory. So you'll need to buy a cable, and you'll need software to 
help you to write the program. 
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Figure 5-122. A page from the PICAXE cata- 
log lists only some of the chips that are 
available. What began as an educational 
aid has become a useful prototyping tool. 
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Figure 5-125. The USB download cable 
made for use with the PICAXE terminates 
in a 3.5-mm audio plug. This should not be 
inserted in any audio device. It establishes 
a serial connection with a computer, allow- 
ing program code to be downloaded into 
the chip. 
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Figure 5-128. Closeup of the 3.5-mm stereo 
socket that is used with the USB download 
cable. 
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You can use the PICAXE with a serial cable, but | don't recommend it. The old RS- 
232 serial communications standard on PCs is pretty much obsolete, and PICAXE 
has recognized this by offering a USB cable (which contains a serial converter 
inside its plug). The USB cable is a little more expensive, but is also simpler and 
compatible with Apple computers. From any of the U.S. distributors, buy USB 
cable part AXE027, also sold as part PGM-08312 by http://www.sparkfun.com 
(quantity: 1). The cable is shown in Figure 5-125. 


To write your software and send it down the wire to the chip, the PICAXE 
Programming Editor is the tool of choice. It comes in only a Windows ver- 
sion. For those who prefer Mac OS or Linux, you can get a free download of 
another piece of software known as AXEpad, which has fewer features, but 
will do the job. All the downloadable software is freely available from http:// 
www.rev-ed.co.uk/picaxe/software.htm. 


Finally, you need a 3.5-mm stereo audio socket with solder connections. The 
reason for this is that the manufacturers of the PICAXE have used a stereo au- 
dio plug on the free end of their USB cable, and you have to be able to plug 
it into something. The PICAXE breadboard adapter, SparkFun stock number 
DEV-08331, contains the necessary stereo socket in addition to a few other 
little items. Quantity: 1. See Figure 5-126. 


Oddly enough, the USB cable is the most expensive item on the list, because 
of the electronics hidden inside it. 


Software Installation and Setup 


Now you have to go through a setup procedure. There is no way around this. 
Here is what you will be doing: 


1. Install a driver so that your computer will recognize the special USB cable. 


2. Install the Programming Editor software (or AXEpad for Mac/Linux) so 
that your computer will help you to write programs and then download 
them into the chip. 


3. Mount the PICAXE on your breadboard and add the socket to receive 
downloads. 


These steps are explained in the following sections. 


The USB driver 


Fair warning: If you go to the PICAXE website and try to use its search function, 
it probably won't find what you want. Search for “USB Driver,’ for instance, and 
it will pretend it has never heard of such a thing. 


The PICAXE home page also has irritating drop-down menus that tend to dis- 
appear just when you're about to click on them, but at the time of writing, you 
can bypass these issues by going straight to the Software Downloads section 
at http://www.rev-ed.co.uk/picaxe/software.htm. 
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Scroll down past all the software until you get to Additional Resources. Look 
for the AXE027 PICAXE USB Download Cable. At first glance, it looks as if they 
want to sell you a cable, but in fact this is the list of drivers. Double-click the 
one appropriate to your computer, and choose a destination on your com- 
puter for the download—a place where you will find it easily, such as your 
desktop. 


The download will leave you with a zipped file folder. You will have to unzip it. 
On Windows XP, right-click the folder and choose “Extract all” View the extract- 
ed files and you will find a PDF installation guide. Linux and Mac users can find 
instructions currently stashed at http://www.rev-ed.co.uk/docs/AXE027.pdf. 


When installing the driver on a Windows platform, here are a few tips to mini- 
mize your exasperation level: 


1. Remember, the special USB cable contains some electronics. It is not just 
a cable, but a device designed for interacting with a PICAXE chip. Don’t try 
to use it for anything else! 


2. You have to plug the cable into a USB port before you install the driver, be- 
cause your computer will need to verify that the driver matches the cable. 


3. You must not attach the PICAXE to the other end of the cable until after 
you have installed the driver. 


4. Every USB port on your computer has a separate identity. Whichever one 
you choose when you first plug in the cable, you should use that port 
every time in the future. Otherwise, you will have to repeat the process of 
telling your computer what the cable is. 


5. Bearing in mind Tip #4, you should avoid using the cable in a standalone 
USB hub. 


6. The cable is fooling the PICAXE into thinking that it’s talking to a serial 
port on your computer. Those “communication” ports are known as COM1, 
COM2, COM3, or COM4. When you install the driver, the installer will 
choose one of those COM ports for you, and later you will have to know 
which one it is. The PDF guide should help you through this procedure. 
Unfortunately, you cannot skip it. 


The Programming Editor software 


If you have come this far, you're ready for the next big step, which is much 
easier. You need the PICAXE Programming Editor, available for free on the Soft- 
ware Downloads web page where you found the USB driver. (If you are using a 
Mac or Linux, you will need AXEpad, which is on the same web page.) 


Downloading and installing the Programming Editor should be simple and 
painless. Once you have done that, you should find that it has placed a shortcut 
on your desktop. Double-click it, go to View— Options, and in the window that 
opens (shown in Figure 5-127), click the Serial Port tab. You should see a dialog 
box like the one in Figure 5-128. Now make sure that the Programming Editor is 
looking at the same COM port that was chosen by the USB driver. Otherwise, the 
Programming Editor won't know where to find your PICAXE chip. 
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Be careful not to download the driver | 
for the USBO10 USB-Serial adapter 
by mistake. The USB-Serial adapter is | 
something else entirely. j 
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In the Programming Editor, go to View—Options and click the Mode tab, then 
click the button to select the 08M chip. 


Figure S-127. This screenshot shows the options win- Figure S-128. Another screenshot of the options window 
dow of the PICAXE Program Editor, which you must use shows the second essential choice that you must 

to select the type of chip that you intend to program (in make: selection of the COM port that the installer 

our case, the OSM). chose on your computer. 


Are we having fun yet? Obviously not, but you're through with software has- 
100uF sles for the time being. The last step before you're ready to use the PICAXE is to 
mount it, and its socket, on your breadboard. 


Setting up the hardware 


The PICAXE 08M looks like a 555 timer. (Other chips in the PICAXE range have 
more pins and more features.) It requires a properly regulated 5 volts, just like 
the logic chips you dealt with previously. In fact, the PICAXE people are rather 
emphatic about protecting it from voltage spikes. They want you to use two 
capacitors (one 100 uF, one 0.1 uF) on either side of an LM7805 regulator. This 


9V DC input 
(unregulated) 


a seems like overkill, but the PICAXE is more inconvenient to replace than a 555 
Figure S-128. PICAXE documentation timer. You certainly can t run down to RadioShack to buy one. So let's do what 
specifies a 100 uF and 0.1 uF capacitor the manufacturer says, just in case, and set up a breadboard as shown in Fig- 


on the input side of a 5-volt regulator, and ures 5-129 and 5-130. 
a similar pair of capacitors on its output 
side. On a breadboard, they can be ar- Now for the chip itself. Note that the pins for positive and negative power are 


rayed like this. exactly opposite to those for the 555 timer, so be careful! 


Set up your breadboard following the schematic shown in Figure 5-131. Note 
that | am showing the stereo socket on its underside, because | think that’s 
how you'll have to use it with the breadboard. If you try to stick its pins into the 
holes in the board, they will fit, but when you insert the plug into the socket, 
the thickness of the plug will tend to raise the socket up so that it loses con- 
tact. | really think the way to go is to solder wires to the pins on the socket and 
push the wires into the breadboard. See Figure 5-133. 


Figure 5-130. The actual components for 
power regulation, applied to a breadboard, 
delivering 5 volts (positive and negative) 
down each side. 
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Figure 5-131. The schematic of a test circuit for the PICAXE OSM shows the underside of 
the stereo socket, the essential 10K and 22K resistors on the input pin, and an LED to 
show an output from the chip. 


Be aware that the PICAXE manual shows things differently (although | have 
retained their labeling convention for the parts of the socket and the parts of 
the plug, identified as a, b, and c). 


One little detail about the socket that is commonly supplied for use with the 
PICAXE: typically it has two pairs of contacts for the connections labeled b and 
c in the manual, and in my diagram. When you solder a connection, your sol- 
der joint should include both of the contacts in each pair, as shown in Figure 
5-132. 


Remember that the PICAXE must have 5 volts DC, and remember that your 
voltage regular will deliver this voltage reliably only if you give it extra voltage 
on its input side. If you provide it with 9 volts, that will provide a good amount 
of headroom. 


The 22K and 10K resistors are essential for using the chip; see the following 
warning note for an explanation. My schematic also includes an LED and 
a 3300 resistor, but they are needed only for the test that we'll be making 
momentarily. 
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Pin 2 Pull-Down 


Always include the 22K resistor and 
the 10K resistor in the configura- 

tion shown in Figure 5-131. These 
resistors apply correct voltage to the 
serial connection, and when you're 
using the PICAXE on its own, they pull 
down the voltage on pin 2. 


If pin 2 is left unconnected (floating), 
it may pick up random voltages, 
which the chip can misinterpret as a 
new program or other instructions, 
with unpredictable and undesirable 
results. 


The 22K and 10K resistors should be 
regarded as permanent items ac- 
companying your PICAXE regardless 
of whether you have it attached to 
your computer. 
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nie Negative 
ut to Power 
In from 

Computer computer | a We e 
Figure 5-132. Correct wiring of the socket is essential. When soldering wires to Figure S-133. The breadboard version of the test 
the lower terminals, make sure that you attach the wires to both of the terminals schematic, with the plug of the USB download 
in each pair. cable inserted in the socket on the board. The 


PICAXE chip can now receive a downloaded pro- 
gram, and will immediately start to execute it. 


Verifying the Connection 


Follow these steps carefully every time you want to program or reprogram 
your PICAXE chip: 


. Insert the USB plug of your PICAXE cable into the same USB port that you 
used before. 


. Start the Programming Editor (or AXEpad if you are using a Mac OS or 
Linux). 


. Inthe Programming Editor, select View— Options to verify that the editor 
is using the right COM port and is expecting the 08M PICAXE chip. 


. Plug the stereo plug on the free end of the USB cable into the stereo sock- 
et that is now wired into your breadboard. See Figures 5-133 and 5-134. 


Figure 5-134. After the program has been 5. Check your wiring, and then connect your power supply to the breadboard. 
downloaded, the plug can be removed, 

and the program will continue to run, 6. Click the button labeled “program” in the Program Editor window to tell 
causing the LED to continue flashing. the software to look for the PICAXE. 


What If It Doesn't Work? 


The first thing to do is pull out the plug of the USB cable from the PICAXE 
breadboard, leaving the other end of the cable attached to your computer. Set 
your multimeter to measure DC volts, and attach its probes to sections b and c 
of the plug. See Figure 5-135. Now click the “program” button again, and your 
meter should show 5 volts briefly coming out of your computer to the plug on 
the end of the cable. 
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If you detect the voltage, the software is installed and working properly. In 
that case, there's a problem on your breadboard, either in the chip or in the 
wiring around it. 


If you cannot detect any voltage, the software probably wasn't installed prop- 
erly, oris looking for the wrong serial port. Try uninstalling it and reinstalling it. 


Your First Program 


Finally you're ready to create your first program. Type the following code into 
the Programming Editor window: 
main: 

high 1 

pause 1000 

low 1 

pause 1000 

goto main 


Be sure to include the colon after the word “main” on the first line. See Figure 
5-136 for a screenshot. The indents are created by pressing the Tab key. Their 
only purpose is to make program listings more legible. The software ignores 
them. 


Figure 5-138. This screenshot shows the first test program as it should be displayed by the 
Programming Editor (on a Windows computer). 


Click the Program button in the Programming Editor to download this program 
into the chip. As soon as the download is complete, the chip should start flash- 
ing the LED, lighting it for 1 second and then switching it off for 1 second. Figure 
5-137 shows the steps that you should have followed to program the chip. 


Now for the interesting part: disconnect the USB cable from the breadboard. 
The chip should continue flashing. 


Disconnect the power supply from the breadboard and wait a minute or two 
for the capacitors to lose their charge. Reconnect the power, and the chip will 
start flashing again. 


The program that you downloaded to the chip will remain in the memory in- 
side the chip and will begin running every time power is applied to the chip. 
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<— a: To computer 
<—b: From computer 
<=—c: Negative power 


Figure 5-135. The stereo plug on the end of 
the USB download cable can be used for 
fault tracing. A multimeter set to measure 
DC volts can be attached to sections b and 
cof the plug to establish whether the Pro- 
gramming Editor is sending data through 
the serial connection. 


Type a program 
using the 


Program Editor 


Click the 
PROGRAM button 
to download it 


The PICAXE 


starts running 
the program 


You can now 
unplug the 
stereo plug 


Figure 5-137. Four steps to create and run a 
program on the PICAXE controller chip. 
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The program doesn't use the usual 
pin numbers on the chip. It uses 
what | will call “logic pin numbers.” 
Figure 5-138 shows how they are 
numbered. Figure 5-139 shows their 
multiple functions. | have put Logic 
Pin 0 in parentheses because its main 
purpose is to send data to the com- 
puter through the USB cable. It can 
do double duty as a digital output, 
but you have to disconnect it from 
the USB cable first. It’s easy to forget 
to do this. It’s a hassle that | prefer to 
avoid. 


eee 


Decoding the Code 


Let's take a look at the little program that you typed in. The first line identifies 
a section of the program. This program only has one section, and we're calling 
it “main.” Any word with a colon after it is the name of a section of a program: 


malin: 
The second line tells the chip to send a high output from Logic Pin 1: 
high 1 
The third line of the program tells the chip to wait for 1,000 milliseconds. This 
of course is the same as one second: 
pause 1000 
The fourth line tells the chip to change Logic Pin 1 back to its low state: 
low 1 
The fifth line tells the chip to wait for another 1,000 milliseconds: 
pause 1000 
The last line tells the chip to go back to the beginning of the “main” section: 


O—: ~ a—@ 


goto main 


—e2 X /e— (Logic Pin 0) 
<S 
Logic Pin 4 —+3 29 6e— Logic Pin 1 
Logic Pin 3 ——e4 9 e— Logic Pin 2 


Figure 5-138. The conventional pin numbers of the PICAXE chip are incompatible with the 
numbering system that is used in the PICAXE programming language. To minimize confu- 
sion, this guide refers to “Logic Pins” when using the numbering system that is required 
for programming the chip. 


ZH 
1 8 Out to Computer 
In from Computer Lu Digital Output PinO 
~? <s — Infra-Red Output 
< 
Digital Output Pin4 AL Digital Output Pin1 
Digital Input Pin4 4 5 Digital Input Pin1 
Analog-Digital Converter Pin4 S \ Analog-Digital Converter Pin1 
Digital Input Pin3 Digital Output Pin2 
Infra-Red Input Digital Input Pin2 
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Analog-Digital Converter Pin2 
Motor Power Output Pin2 
Tune Output 


Figure 5-138. Many of the pins on the PICAXE O8M have multiple functions, which can be 
selected by appropriate program instructions. 
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Editing 

What if you want to change the program? No problem! Use the Programming 
Editor to change one of the lines in the program. Substitute 100 instead of 
1000 milliseconds, for instance. (The pause command can be followed by any 


number up to 65535.) In your program, don't use a thousands comma in any 
of the numbers that you specify. 


Plug the USB cable into the breadboard again, hit the Program button on the 
screen, and the new version of the program will be automatically downloaded 
to the chip, overwriting the old version. 


What if you want to save the program for future use? Just go to the File menu 
in the Programming Editor and save the program onto your computer's hard 
drive. Because the PICAXE uses a variant of the BASIC computer language, it 
adds a .bas filename extension. 


Simulation 


If you make a simple typing error, the Programming Editor will find it and stop 
you from downloading your program. It will leave you to figure out how to fix 
the line that contains the error. 


0 You'll need to check the second 0 
part of the PICAXE documentation, ] 
ı which contains all the programming  : 
Even if all the statements in your program are correctly typed, it's a good idea 0 statements and their correct syntax. 1 
to run a simulation of what they'll do, before you download them. This is easily | de th e ber E | 
done: click the “simulate” button on the menu bar of the Programming Editor. | e manual2ipdk. l | 
A new window will open, displaying a diagrammatic view of the PICAXE chip  ' A 
and showing you the states of its pins. (Note that if you use very short pause 

commands, the simulation won't run fast enough to display the time accu- 

rately.) A simulation screenshot is shown in Figure 5-140. 


A] 


The >> button at the bottom-right corner of the simulation window will open 
up a list of all the variables in your program. So far, it doesn't have any vari- 
ables, but it soon will. All the zeros on the righthand side are binary numbers, 
which you can ignore for now. 


pais DO 
gets main 


A do il 


Figure 5-140. This screenshot shows the simulation window that 
can be opened in the Program Editor to test program code before it 
is downloaded to the chip. The values of variables are shown in the 
section on the right. The pin states are shown on the left. 


What Next? 303 


Experiment 34: Hardware Meets Software 


Figure 5-141. To understand how a program 
works, visualize a variable as being like a 
“memory box” with its name on the out- 
side and a number stored on the inside. 
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Loops 


Here's another thing I’d like you to try. Rewrite your program code as shown 
here and download it onto the PICAXE: 
main: 
for bo = 1 to 5 
high 1 
pause 200 
low 1 
pause 200 
next 
wait 2 
goto main 


Note that bo is letter b followed by a zero, not letter b followed by letter O. The 
extra indents once again are added to make the listing easier to understand. 
The four lines beginning “high 1” and ending “pause 200” will be executed re- 
peatedly. It’s helpful to see them as a block. 


Watch the light and see what happens. It should flash five times quickly, then 
wait for two seconds, and then repeat. You just added a loop to your program. 
You can use a loop if you want something to happen more than once. 


b0 is known as a variable. Think of it as being like a little “memory box” with its 
name, bO, on a label on the outside. Figure 5-141 illustrates this concept. This 
particular memory box can contain any number from O through 255. The loop 
begins by telling the computer to put number 1 in the box, then process the 
remaining statements, until the word “next” sends the processor back to the 
first line, at which point it adds 1 to the contents of bO. If the value of b0 is 5 or 
less, the loop repeats. If the value is 6, the loop has run five times, so it's over, 
and the PICAXE skips down to the “wait 2” statement after “next.” See Figure 
5-142 for an annotated version of the program listing. 


“Wait” is a PICAXE command that is measured in whole seconds, so “wait 2” 
waits for 2 seconds. Then “goto main” begins the procedure all over again. 


If your flashing-light demo worked out as planned, it’s time to take the next 
step and make the chip do something more useful. 


Label identifying 
this piece of the program. 


Use bO to count main: 
==] 
from 1 to 5. em for bO 


Has b0 reached 6 yet? high 1 


1 to 5 


If so, skip down beyond Obey these pause 200 
the "next" statement. instructions == i 1 
five times. OW 
a ee pause 200 
O back to line 
and add 1 tobo. ~> next 
Walt 2 
goto main 


Go back to the beginning 
and start all over again. 


Figure 5-142. The blue annotations explain what the program, on the right, is telling the 
PICAXE to do. 
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Basic PICAXE parameters 


Here are some of the most useful parameters of the PICAXE: 


e The PICAXE requires 5 volts DC, regulated. 

e The inputs and outputs of the PICAXE are compatible 
with 5-volt logic chips. You can attach them directly. 

e Each PICAXE pin can sink or source up to 20mA. The 
whole chip can deliver up to 90mA. This means that 
you can run LEDs directly from the pins, or a piezo 
noisemaker (which draws very little current), or a 
transistor. 

¢ You can use a chip such as the ULN2001A Darlington 
array (mentioned in the previous experiment) to am- 
plify the output from the PICAXE and drive something 
such as a relay or a motor. 

e The chip executes each line of your program in about 
0.1 milliseconds. 

e The 08M chip has enough flash memory for about 80 
lines of program code. Other PICAXE chips have more 
memory. 

e ThePICAXE provides 14 variables named bO through 
b13.The“b” stands for “byte,” as each variable occupies 
a single byte. Each can hold a value ranging from 0 
through 255. 

e No negative or fractional values are allowed in 
variables. 

e You also have 7 double-byte variables, named wọ 
through w6. The “w” stands for “word.” Each can hold a 
value ranging from O through 65535. 

e The“b’ variables share the same memory space as the 
“w” variables. Thus: 

e b0 and b1 use the same bytes as w0. 

e b2 and b3 use the same bytes as w1. 

e b3 and b4 use the same bytes as w2. 

e b5 and b6 use the same bytes as w3. 

e b7 and b8 use the same bytes as w4. 

e b9andb10 use the same bytes as w5. 

e b11 and b12 use the same bytes as w6. 

e b13 and b14 use the same bytes as w7. 

Therefore, if you use w0 as a variable, do not use bO or 


b1. If you use b6 as a variable, do not use w3, and so on. 
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FUNDAMENTALS 


Variable values are stored in RAM, and disappear when 
the power is switched off. 


e The program is stored in nonvolatile memory, and 
remains intact when the power is off. 


The manufacturer's specification claims that the 
nonvolatile memory is rewritable up to about 100,000 
times. 


If you want to attach a switch or pushbutton to a pin 
and use it as an input, you should add a 10K pull-down 
resistor between the pin and the negative side of the 
power supply to hold the pin in a low state when the 
switch is open. Figure 5-143 shows how pull-down 
resistors should be used in conjunction with a SPST 
switch or a pushbutton. 


On the 08M chip, if you apply a varying resistance 
between Logic Pins 1, 2, or 4, and the negative side of 
the power supply, the chip can measure it and “decide” 
what to do. This is the “Analog-Digital Conversion” 
feature—which leads to our next experiment. 


VW 
O] 80 
2 W 7 
O 25 O 
3 00 6 
© a O 


O 4 5 


10K 10K 


Figure 5-143. The PICAXE can respond to the state of a switch 
or button attached to any of its input-capable pins. A 10K resis- 
tor must be used to pull down the state of the pin when the 
contact of the switch or button is open. Otherwise, you may 
get unpredictable results. 
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Experiment 35: Checking the Real World 


Often we want a microcontroller to measure something and respond in an 
appropriate way. For instance, it can measure a low temperature and sound an 
alarm, as | suggested in the example that | gave earlier. 


The PICAXE has three analog-to-digital converters (ADCs) built in, accessible 
via logic pins 1, 2, and 4, as shown in Figure 5-139. The best way to use them is 
by applying a potential somewhere between 0 and 5 volts. In this experiment, 
I'll show you how to calibrate the response of the chip. 


You will need: 
¢ Trimmer potentiometer, 2K. Quantity: 1. 


e PICAXE 08M chip and associated USB cable and socket. Quantity: 1 of 
each. 


Procedure 


Take the same trimmer potentiometer that you used in Experiment 32 and 
wire its center terminal to Logic Pin 2 of the PICAXE (which is hardware pin 
5). The other two terminals of the 2K trimmer go to positive and to negative, 
respectively. So depending how you set the trimmer, the pin of the PICAXE is 
directly connected to positive (at one end of the scale), or directly connected 
to negative (at the other end of the scale), or somewhere in between. See Fig- 
ure 5-144 for the revised schematic, and Figure 5-145 for a photograph of the 
breadboarded circuit. 


Figure 5-144. This schematic, drawn in a layout suitable Figure 5-145. The trimmer potentiometer added to the previ- 
for breadboarding, shows how a 2K potentiometer can be ously breadboarded circuit. 

used to apply a varying voltage to one of the pins of the 

PICAXE that is capable of converting an analog signal to a 

digital value. 
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Now we need a program to tell the chip what to do. Using the Programming 
Editor, start a new document. The code should look like this: 
main: 
readadc 2,b0 
debug bo 
goto main 


The command “readadc 2,b0” means “read the analog input on Logic Pin 2, 
convert from analog to digital, and store the result in b0.” 


The command “debug b0” tells the chip to go into program debugging mode, 
in which it uses its USB cable to tell the Programming Editor the values of all 
the variables while the program is running. The variables are displayed in a 
debugging window. 


Download the program, and as the program starts to execute, the debugging 
window should open. Start adjusting the trimmer while looking at the value of 
bO, and you'll see bO change its value. 


You can make a table and draw a graph showing the relationship between the 
resistance between Logic Pin 2 and ground, and the value of bO. Just pull the 
trimmer off the breadboard, measure its resistance with a meter, then increase 
its resistance by, say, 2000, put it back into the breadboard, and look at the 
value of b0 again. 


This is laborious, but calibrating equipment is always laborious—and in any 
case, | decided to do it for you. The graph is shown in Figure 5-146. You can 
also see the raw data numbers in the following table. | was pleased to find that 
the PICAXE gives a very precise, linear response to the input voltage. In other 
words, the graph is a straight line. 


2000 
EIA A A O 
WA AAN NN AA 
CORA A A 
DAA AA 
1500 MIMO A 
as 
B 


Resistance in Ohms Between Pin and Negative Ground 
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Figure 5-145. When an ADC input pin is hooked up to a 2K po- 
tentiometer, which is connected across the same voltage that 
powers the chip, you should find that the resistance between 
the input pin and the negative side of the power supply gener- 


= = ates the series of digital values shown on the graph. Note that 
eae the potentiometer must have a 2K value, and the power supply 
Equivalent Value Created by PICAXE Analog-Decimal Converter is assumed to be precisely 5 volts. 
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This table shows measurements made with PICAXE 08M controller. 


Resistance (in ohms) Equivalent digital 
between the ADC value 
pin and the negative 
supply 

2000 255 
o O 243 
o wo) | 230, 
ee mol 218 
wo, 205 
a s0 192 
o moo} 179 
o pol 166. 
o wo} 154. 
o O 141 
o wo} 128 
ee Tr 115 
a so) 102. 
o mo} 90 
|G Ct 77 
oe ST 64 
ee wo) 51 
o 0o 38 
a 26 
Paan 100 TS 13 
A es ee 7 


Now we can modify the program to make it do something with the informa- 
tion that it’s taking in: 
main: 
readadc 2,b0 
let w1 = 5 * bọ 
high 1 
pause w1 
low 1 
pause w1 
goto main 
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Notice what's happening here. First we get a value in bO, and then on the next 
line, we do some arithmetic with it. The asterisk means “multiply.” So the state- 
ment says, “Take whatever value is in b0, multiply by 5, and transfer it to an- 
other variable, w1.’We have to use a w variable, because when we multiply the 
value of bO by 5, we may get a number that is bigger than 255—too big to fit 
into a byte variable. 


Finally, we take variable w1 and use it with a “pause” statement instead of a 
fixed number value. We're saying to the PICAXE, “pause for whatever number 
of microseconds you get by checking the value of w1” 


So the software checks a variable resistance, turns it into a number, and ap- 
plies that number to adjust the flashing speed of the LED. 


Think back to the need of the cart powered by stepper motors. It was supposed 
to check two photoresistors, and adjust the speed of each motor accordingly. 
Well, this PICAXE program is a step in that direction. It can measure voltage on 
a pin and change the output frequency on another pin. If you had two PICAXE 
chips, you could wire each of them to a photoresistor and a motor. Then you 
could adjust the behavior of your cart by editing the second line in the pro- 
gram, where it converts the value of bO to the value of w1 which will be used in 
the “pause” command to determine the number of pulses per second. Instead 
of multiplying by 5 you could multiply by 7 or whatever number gives you the 
result you need. This leads to an important conclusion: a big advantage of a 
programmable chip is that you can make adjustments in software. 


Because the PICAXE 08M actually has more than one ADC input, and has three 
pins that can be used for output, you might wonder whether you could use 
just the one chip to control both motors in response to inputs from two sen- 
sors. The problem is that the three output pins on the 08M also function as the 
three ADC input pins. You'd do better to buy one of the more advanced PICAXE 
chips, such as the 18M, which has more pins to choose from. It uses the same 
basic set of programming instructions, and doesn't cost much more money. 


n 


Also, you should read the PICAXE documentation and look up the “pwmout 
command, which is short for “pulse-width modulation output,” but you can 
think of as meaning “power motor output.” This is specifically intended to run 
stepper motors. It establishes an output frequency of pulses that will continue 
while the chip obeys other instructions in its program. 
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Extra features 


A complete guide to the 08M would fill a book of its own, and of course such 
books already exist (just search the books section of Amazon.com for keyword 
“picaxe”). But I'll finish my introduction to the controller by listing some of its 
extra capabilities, leaving you to look them up and explore them. Then I’m go- 
ing to suggest one last experiment. 


Interrupts 
The PICAXE 08M allows you to set one “interrupt.” This feature tells the chip 
to make a mental note that if a particular event occurs—such as a switch 
applying voltage to one pin— it should stop doing whatever else it was 
doing, and respond to the interruption. 


Infrared 
One pin on the PICAXE 08M can be used to receive infrared signals from 
a TV-style remote that you can buy from the same suppliers that sell the 
PICAXE itself. With an infrared sensor attached to the chip, you can issue 
commands remotely. If you want to build a remote-controlled robot, the 
chip is specifically designed with this in mind. 


Servo motors 
Every PICAXE chip has at least one pin that can send a stream of pulses to 
control a typical servo motor. On the 08M chip, it’s Logic Pin 2. The width of 
each pulse tells the motor how far to rotate from its center position before 
stopping. A 555 timer can send this stream, but the PICAXE makes it easier. 
You can search online for more information about servo motors, which are 
especially useful for applications such as steering model vehicles, adjusting 
the flaps on model airplanes, and actuating robots. 


Music 
The PICAXE has an onboard tone generator that can be programmed with 
a“tune” command to play tunes that you write using a simple code. 


Alphanumeric input/output 
The “kbin” programming command is available in the PICAXE models 20X2, 
28X1 and 28X2, and 40X1 and 40X2. You can plug a standard computer 
keyboard into the chip, and it will read the keypresses. You can also attach 
alphanumeric displays, but these procedures are nontrivial. For instance, 
when your're trying to figure out which key someone has pressed on a key- 
board, your program has to contain a list of the special hexadecimal codes 
that the keyboard creates. 


Pseudorandom number generation 
All PICAXE models can generate pseudorandom numbers using a built-in al- 
gorithm. If you initialize the number generator by asking the user to press a 
button, and you measure the arbitrary time that this takes, you can seed the 
pseudorandom number generator with the result, and the pseudorandom 
number generator will have a less repeatable sequence. 


Visit http://www.rev-ed.co.uk/docs/picaxe_manual1.pdf to learn more. 
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Experiment 36: The Lock, Revisited 


The combination lock that | described in Experiment 20 is especially appro- 
priate for a microcontroller, because it requires a series of operations that 
resemble a computer program. l'm going to show how this project can be re- 
designed using a PICAXE 08M, and then leave it to you to consider how some 
of the other projects in this book could be converted. 


You will need: 
e The same type of keypad and relay recommended in Experiment 20. 


e A transistor or Darlington array to amplify the output from the PICAXE so 
that it can drive the relay. 


Getting the User Input 


Any of the input pins on the PICAXE can sense a switch closing. The trouble 
is that we only have three pins capable of doing this, and even the most ad- 
vanced PICAXE chip has fewer than 10 such pins. So how can we attach a 10- 
key keypad to the 08M? 


| have a suggestion: attach various resistors to the keypad, so that each key 
applies a different voltage to one of the ADC pins. Then use the ADC feature to 
convert the voltage to a number, and use a table of possible numbers to figure 
out which key is being pressed. This may not be the most elegant solution, but 
it works! 


The keypad can be wired as shown in Figure 5-147. The asterisk key is still be- 
ing used to supply power, as in the original experiment, while the pound key 
resets the relay at the end of your computing session, as before. 


Current flows through a series of resistors, beginning with one that has a value 
of 5000. Because this is not a standard value, you will either have to make it by 
combining other resistors in series, or by presetting a trimmer potentiometer. 
After that, each button is separated from the next button by a 1000 resistor. 
Finally, at the end of the chain, a 6000 resistor separates the last button from 
the negative side of the power supply. Again, this is not a standard value, and 
you may have to use a trimmer. 


Add up all the resistances and you have 2K, which is the range that the PICAXE 
wants us to use. When you press a button, you tap into the chain of resistances. 
Button 9 puts 6000 between the PICAXE ADC pin and ground. Button 6 is 7000, 
button 3 is 8000, and so on. (You may prefer to lay out the buttons so that the 
resistance progresses in a more logical fashion. That's up to you. | chose to lay 
them out in the way that would be easiest to visualize on a keypad.) 


Now look back at the ADC values that | supplied in the table on page 308. These 
are the values that you should get when you press various keypad buttons— 
but you cannot count on them being absolutely precise, because they may 
vary if your resistor values are not quite accurate, or if your power supply isn't 
exactly 5 volts. It’s not safe to say, for example, that the PICAXE will deliver an 
ADC conversion value of precisely 77 when the resistance is 6000. It's safer to 


What Next? 


Experiment 36: The Lock, Revisited 


gil 


To multimeter To multimeter 
set to mA set to volts 


lp 
12-volt 10 kQ 6-volt 
battery pack potentiometer battery pack 
Compare your measurements with the ones 


shown in the following table. You should see 
a similar trend in the measured values, not 
exactly the same values. 
V GS (Volts) 1D (mA) 


o 12.7 
0.4 10.7 
0.6 9.8 
0.8 8.9 
1.0 8.1 
1.3 6.8 
1.5 6.0 
1.8 4.9 
2.0 4.1 


2.3 3.1 
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say that the value will be between 71 and 83. If we specify a range as shown in 
the following table, we have a much better chance of interpreting each button 
correctly. 


Button number 


9 600 11-83 
ee sp) m0) 84-96. 
A o so) 97-108 
A: op wo 109-121 
A: gs) oof 122-134 
OS sp nol 135-147. 
A > 0) 148-160 
OS Tho Bol 161-172 
A 4) oof 173-185 
Sn po 1500) 191-198 


Suppose you attach the common pin of your keypad to ADC Logic Pin 2 of the 
PICAXE. You can now use the Program Editor to write a program that looks like 


this: 

getkey: 
readadc 2,b0 
let b1 = 9 
if bo < 84 then finish 
let b1 = 6 
if bo < 97 then finish 
let b1 = 3 
if bo < 109 then finish 
let b1 = 0 
if bo < 122 then finish 
let b1 = 8 
if bo < 135 then finish 
let b1 = 5 
if bo < 148 then finish 
let b1 = 2 
if bo < 161 then finish 
let b1 = 7 
if bo < 173 then finish 
let b1 = 4 
if bo < 186 then finish 
let b1 = 2 

finish: 
return 


What does the word “return” mean at the end? I'll get to that in a second. | want 
to explain the rest of the routine first. 
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bO receives the value supplied by the analog-digital converter when it looks at 
the keypad. After storing the number in bO, the routine has to figure out which 
keypad key it matches. The key identity (0 through 9) will be stored in another 
variable, b1. 


The program starts by assigning value 9 to b1. Then it checks to see wheth- 
er bO < 84. This means “if bO is less than 84.” If it is, then the routine tells the 
PICAXE to “finish” which means “jump to the finish: label.” But if bO is not less 
than 84, by default the PICAXE continues on to the next line, which makes a 
second attempt at guessing which key has been pressed. It assigns number 6 
to b1. Now there's another if-then test—and so on. This process of reassigning 
values to b1 stops only when it gets to the point where bO is greater than a 
number in the table. 


If you're familiar with other dialects of BASIC, this may seem a bit laborious to 
you. You may wonder why we can't use a statement such as this: 


if bO > 70 and bo < 84 then bi = 9 


The answer is that PICAXE BASIC isn’t sufficiently sophisticated to allow this. 
An if-then statement has to result in a jump to another section of the program. 
That's the only permitted outcome. 


If you don't have any prior programming experience, the routine may still 
seem laborious to you, and perhaps a bit puzzling, too. This is understandable, 
because you're getting a crash course in software design without any formal 
preparation. Still, the PICAXE Programming Editor can be a big help, because 
it has its simulation feature. Before you can use this, though, you have to pre- 
cede the routine that | just supplied with a control routine that you must type 
above it. The screenshot in Figure 5-148 shows you how it should look. 


PICAXE power supply 


PICAXE 
ADC pin 


100 


100 


== ES 


-——> Reset 
| 0 | relay 
* # 


Figure 5-147. A quick and simple way of attaching a keypad to provide numeric input to the 
PICAXE uses a chain of resistors totalling 2,0000. When a button is pressed, it connects the 
ADC input pin to a point in the chain. The resistance detected by the input pin can then be 
converted by the program in the chip to determine which key has been pressed. 
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| have chosen an arbitrary combination of 7-4-1 for our combination lock. Us- 
ing these numbers, the main section of the program looks like this: 
main: 
low 1 
gosub getkey 
if b1<>7 then main 
gosub getkey 
if b1<>4 then main 
gosub getkey 
if b1<>1 then main 
high 1 
end 
| should explain that the <> pair of symbols mean “is not equal to” So the 
fourth line of the program means, “if b1 is not equal to 7. 


The value of b1 is supposed to be 7 if the user is putting in the correct com- 
bination. So if it's not 7, the user has entered the wrong value, and the if-then 
statement sends the PICAXE back to the beginning. In fact anytime the user 
inputs a number that is not in the correct 7-4-1 sequence, the program sends 
the PICAXE back to the beginning. This is the way the pure-hardware version 
of this experiment was set up. 


But what is this word “gosub”? It means “go to a subroutine.’ A subroutine is 
any sequence of program statements that ends with the instruction to”return;” 
So “gosub getkey” tells the PICAXE to mark its current place in the program 
while it skips to the getkey: section of code, which it obeys, until it finds the 
word “return,’ which returns it to the place from where it came. 


The PICAXE continues in this fashion until it reaches the word “end” I had to in- 
sert the word “end” because otherwise the PICAXE will continue executing the 
program and will fall into the subroutine. “End” stops it from doing so. Figure 
5-148 shows a screenshot of the complete listing. 


So—is that all? Yes, that's it. If you enter the code into the Programming Editor 
exactly as | have supplied it, you should be able to run it in simulation mode, 
and in the simulation window, click the right-arrow beside Logical Pin A2 to 
increase its value in steps. Each time you pass one of the values in the getkey: 
subroutine, you should see the value for variable b1 change in the display. 


This is really all you need to perform the functions of the combination lock. 
When the PICAXE runs this program, it waits for the correct combination. If it 
receives the combination, it sends the output from logical pin 1 high; other- 
wise, logical pin 1 stays low. 


The only additional item you need is a transistor or CMOS gate between logi- 
cal pin 1 and the relay that unlocks the computer, because the PICAXE cannot 
deliver enough current to operate the relay by itself. 


Putting this procedure into a controller chip not only simplifies the circuit, but 
offers another advantage: you can change the combination simply by rewrit- 
ing the program and downloading the new version into the chip. 
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Figure 5-148. This screenshot shows the complete 
listing of a program to read a sequence of three 
keypresses in conjunction with a combination lock. 
If the sequence is correct, the PICAXE sends a high 
output from one of its pins. If the sequence is incor- 
rect, the program loops back to the beginning. 
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Limitations of MCUs 


The PICAXE does have some disadvantages. Its voltage 
requirements alone restrict you from using it with the kind 
of freedom of a 555 timer. 


Also, although | can get an instant result by plugging a 555 
timer into a breadboard and adding a couple of resistors 
and a couple of capacitors, the PICAXE requires me to add 
a download socket, hook it up to my computer, write a 
program in the Programming Editor, and download the 
program. 


Some people don't like writing software, or they have dif- 
ficulty thinking in the relentlessly left-brain way that com- 
puter programming requires. They may prefer the hands-on 
process of assembling hardware. 


Other people may have the opposite preference. This of 
course is a matter of taste, but one thing we know beyond 
all doubt is that computer programs often contain errors 
that may not reveal themselves until weeks or months later. 


The PICAXE, for instance, doesn't protect you if a number 
is assigned to a variable that exceeds the limit for that type 
of variable. Suppose b1=200 and b2=60 and your program 
tells the PICAXE: 


let b3 = b1 + b2 


The result should be 260, but byte-size variables can only 
count up to 255. What happens? You will find that b3 ac- 
quires a value of 4, without any warning or explanation. This 
is known as an “overflow error,’ which can be very difficult 
to predict, because it happens at runtime, when external 
factors are in control. The code looks perfectly good; the 
Programming Editor doesn't find any syntax errors; the 
simulation behaves properly. But in the real world, days or 
even months later, an unexpected set of circumstances re- 
sults in an input that causes the overflow, and because the 
code is residing inside the chip at this point, you may have a 
hard time figuring out what on earth went wrong. 


Software has its problems. Hardware has its advantages. 


What Next? 315 


Experiment 36: The Lock, Revisited 


y FUNDAMENTALS 


Unexplored territory 


If you've taken the time to complete most of the projects in this book with your 
own hands, you have gained a very rapid introduction to the most fundamental 
areas of electronics. 


What have you missed along the way? Here are some topics that remain wide 
open for you to explore. Naturally you should search online if they interest you. 


The informal, learning-by-discovery approach that | have used in this book 
tends to be light on theory. I've avoided most of the math that you'd be expect- 
ed to learn in a more rigorous course on the subject. If you have mathematical 
aptitude, you can use it to gain a much deeper insight into the way in which 
circuits work. 


| didn't deal much with computer architecture, either. We didn't go very far into 
binary code, and you didn't build a half-adder, which is a great way to learn how 
computers function on the most fundamental level. Perhaps you should think 
about assembling one. 


| avoided going deeply into the fascinating and mysterious properties of 
alternating current. Here again, some math is involved, but just the behavior of 
current at high frequencies is an interesting topic in itself. 


For reasons already stated, | avoided surface-mount components—but you 
can still go into this area yourself for a relatively small investment, if you 

like the idea of creating fascinatingly tiny devices. This may be the future of 
hobby electronics, so if you stick with it, you'll probably end up in the world of 
surface-mount. 


Vacuum tubes were not mentioned, because at this point, they are mainly of 
historical interest. But there’s something very special and beautiful about tubes, 
especially if you can enclose them in fancy cabinetwork. In the hands of a 
skilled craftsperson, tube amplifiers and radios become art objects. 


| didn’t show you how to etch your own printed circuit boards. This is a task that 
appeals to only certain people, and the preparation for it requires you to make 
very neat drawings or use computer software for that purpose. If you happen to 
have those resources, you might want to do your own etching. It could be a first 
step toward mass-producing your own devices. 


| didn't cover static electricity at all. High-voltage sparks don't have any practi- 
cal applications, and they entail some safety issues—but they are stunningly 
impressive, and you can easily obtain the necessary information to build the 
equipment. Maybe you should try. 
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Other Controllers 


If you want something more powerful, a BASIC Stamp is the logical next step 
after a PICAXE. the BASIC Stamp is so called because it originally looked like a 
postage stamp. The BASIC Stamp has a larger vocabulary of commands and a 
bigger range of add-on devices (including displays with graphical capability, 
and a little keyboard that is specifically designed for use with the controller). 
The BASIC Stamp is shown in Figure 5-149. 


On the downside, you'll find that everything associated with the BASIC Stamp 
is a bit more expensive than in the PICAXE world, and the download procedure 
isn't quite as simple. 


One of the more recent developments in the world of MCUs is the Arduino, 
which is both sophisticated and powerful. It does require programming in 
the C language. This language is a little more difficult to understand, and has 
only the vaguest similarity to the syntax that is used in the PICAXE and BASIC 
Stamp. On the other hand, because C dominates the larger world of comput- 
ing, learning it might not be such a bad idea—and the Arduino offers some 
truly amazing capabilities. Because it is so popular, there are also many soft- 
ware tools, documentation, user forums, and many enthusatic hobbyists to 
help you. Two other Make: Books titles that | mentioned previously, Getting 
Started with Arduino and Making Things Talk, provide a great introduction. 


In Closing 


| believe that the purpose of an introductory book is to give you a taste of a 
wide range of possibilities, leaving you to decide for yourself what you want to 
explore next. Electronics is ideal for those of us who like to do things ourselves, 
because almost any application—from robotics, to radio-controlled aircraft, to 
telecommunications, to computing hardware—allows opportunities that we 
can explore at home, with limited resources. 


As you delve deeper into the areas of electronics that interest you most, | trust 
you'll have a satisfying learning experience. But most of all, | hope you have 
lots of fun along the way. 
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In Closing 


Figure 5-148. The BASIC Stamp controller 
consists of surface-mounted compo- 
nents on a platform that has pins spaced 
at 1/10-inch intervals, for insertion in a 
breadboard or perforated board. This 
component uses a version of BASIC that 
is similar to the programming language of 
the PICAXE, but has many more exten- 
sions. The BASIC Stamp is available 

for use with a wide range of peripheral 
devices, including many alphanumeric 
dot-matrix displays. 
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Online Retail Sources and 
Manufacturers 


This appendix contains URLs for companies mentioned as retail sources or 
manufacturers, along with the commonly used name of the source and the 
company name. 


Colloquially used Actual corporate or company name | URL 

3M Minnesota Mining and Manufacturing Co. http://solutions.3m.com/en_US/ 

Ace Hardware = sd Ace Hardware Corporation http//www.acehardwarecom sss 
“Advanced Micro Circuits =| Advanced Micro Circuits Corp. http://www.advancedmicrocircuits.com = 
‘Akos = «SS Myers Industries, Inc. http//wwwakro-mil.com 
‘Aloswitth = sd Division of Tyco Electronics Corporation == ss http://www.tycoelectronics.com/catalog/menu/en/18025 
All Electronics = All Electronics Corporation http//www.allelectronics.com 
- All Spectrum Electronics =| All Spectrum Electronics, http:/wwwallspecrum.com sss 
‘AllBatterycom O Tenergy Corporation o http//wwwall-battery.com 
“Alpha potentiometers =  (. Alpha Products Inc. http:/wwwalphapotentiometersnet = 
ALPS pushbutton = ALPS Electric Co, Ltd. = tt tst~<S~S*YS http://www.alpscom 
Amazon Amazon.com, Ine = sts—~=~S*YS http://www.amazon.com 
‘Ampobe o A AmprobeTestTools 0 http://www.amprobe.com = ss—S 
Arduino sO No corporate identity = |, http://www.arduino.ce  ssstststs—sS 
Atty SY Aty http://www.artcity.com 
AutoZone = s*SYSY AutoZone, Ine http://www.autozone.com sssS 
Wago o Avago Technologies 0 http//www.avagotechcom SS 
BASICStamp. = CSC BrandownedbyParallax,In. = CS http//wwwparallaxcom 
-BlTechnologies = Cd Bl Technologies Corporation | http//www.bitechnologies.com 
BkPredsion = Sd B&K Precision Corp. http://www.bkprecision.com SS 
Bussmann fuses A Cooper Bussman, Inc. http:/www.cooperbussmann.com 
cakswith = CoActive Technologies, Ine = U http://www.ck-components.com 
Chicagolighting | CML Innovative Technologies 0 U http://www.cml-itcom 
—CraftAmerica. CS i Cardinal Enterprises = tttsts*é=~S*YSY http//www.craftamerica.com 
‘Dae 0 Daricelne http://www.daricecom sss 


Colloquially used Actual corporate or company name |URL 


name 

DeWalt DeWalt Industrial Tool Company http://www.dewalt.com 

DigiKey = (stitsésé«s@CCd Digi-Key Corporation = |y http/wwwdigikey.com 
‘Directed switches = Directed Electronics Inc. http://www.directedcom sss 
‘Doctronics = Cd Doctronics Educational Publishing = | http//www.doctronics.co.uk 
Bl eBaylne http://www.ebay.com sss 
Eleno = ttts~=«C*CdSd Elenco Electronics Inc. http//wwwelencocom sss 
‘Everight = Sd Everlight Electronic Co. Ltd. http//wwweverlightcom 
Eteh sd Extech Instruments Corporation = ss stSs«iSYS http//wwwextech.com 
Fairchild Fairchild Semiconductor Incorporated | http://www.fairchildsemicom 
Moo FTM Incorporated http://thefabricatorssource.com 
Fujitsu Fujitsu America, Inc. http//www.tujitsu.com/us/ 
GB wirestrippers = sd Gardner Bender Ine. http//www.gardnerbender.com ss 
Hobbylinc = Sd Hobbylinc Hobbies = Sd http//wwwhobbylinccom 
‘HomeDept = HomerTLG, Ine = SY http://www.homedepotcom SS 
“Ideal wire strippers | Ideal Industries Inc. http://www.idealindustries.com 
Jameo | Jameco Electronis 0 http://www.jameco.com ssts—SsSsS 
-K8J Magnetis = sd KE Magnetic Ine. http//www.kimagnetis.com 
‘Kingbright = Kingbright Corporation http//wwwkingbrightusacom 
‘Kobicom «Sd No web page found; use mousercom 000 
KVMTools = Sd KUM Tools Ine http//wwwkvmtool.com 
-Lowe' hardware ll EUC a http//wwwlowes.com 
lume lumexing = SYS http//wwwlumexcom 
_MeMaster=Carr sO McMaster-Carr Supply Company. http//www.memaste.com 
“Megahobby = sd Megahobbycom = ss tttsti<isCSY http//www.megahobby.com sss 
Meter Superstore || Division of SRS Market Solutions Ine. | http://www.metersuperstore.com 
- Michaels craftstores || Michaels Stores, Inc. http://www.michaelscrafts.com 
Mil-Max Mill-Max Manufacturing Corp. = SY http://www.mill-maxcom 
Mitutoyo = SY Mitutoyo America Corporation http://www.mitutoyo.com 
Motorola Motorola, Ine http://www.motorola.com/us sss 
-Mouser electronics || Mouser Electronics, Inc. http//www.mousercom 
“Muelleralligatorcip = Mueller Electric Company. http//www.muellerelectric.com 
Newark Subsidiary of Premier Famnellplc = Li http//www.newark.com 
NKKswitches = Sd Nihon Kaiheiki Industry Co. Ltd. = sd http//www.nkkswitches.com 
“NXP semiconductors || NXP Semiconductors 0 http://www.nxp.com 
Omon o Omron Corporation = (a st tststs=sS*YSY http//wwwomron.com 
On Semiconductor = si Semiconductor Components Industries, LLC = http//wwwonsemicon 
pte Subsidiary ofTT Electronics ple | http://www.optekinccom 
Panasonic Panasonic Electric Works Corporation. | http//pewapanasonic.com  ==ssts—s—S 
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Colloquially used Actual corporate or company name |URL 

name 

PanaVise Panavise Products, Inc. http://www.panavise.com 
Paralax = s«SdS Parallax, Ine http://www.parallaxcom 
Pep Boys = i(aiaiti(istés*@C*C PepBoys-Manny,MoeandJak = = |, http//wwwpepboys.com sss 
‘Philips = sd Koninklijke Philips Electronics NV. = http//wwwusaphilips.com 
‘PANE = ttsti~i«*«C@*iC Revolution Education ltd. = Cd http//wwwiev-ed.couk == 
“Piedmont Plastics = | Piedmont Plastics, Inc. http://www.piedmontplastics.com 
Plano storagesboxes || PlanoMoldingCompany = = |, http://wwwplanomoldingcom sss 
- Pomona test equipment >| | Pomona Electronics Inc. http://wwwpomonaelectronics.com 
RadioShack = (ts RadioShack Corporation. http//wwwradioshack.com 
Seas Sears Brands, LLC ttttsti‘is~s*‘*@CY http://www.searscom 
“SparkFun Electronics f: Sparkfun Electronis A http//wwwsparkfun.com 
Stanley tools ls The Stanley Works A http//www.stanleytools.com 
—STMicroelectronics |: STMicroelectronics Group http/wwwstcom 
Texas Instruments = Texas Instruments Incorporated «= Cd http/wwwticom 
Tower Hobbies = sd Tower Hobbies = a tsti(‘<itsis*™SY http//www.towerhobbies.com 
Twin Industries = Twin Industries = ~S=«*@UY http//wwwtwinindcom 
yo | Tyco Electronics Corporation A http//www.tycoelectronics.com 
Vaughan = ttt:*«S@C:S Vaughan & Bushnell Mfg. = «CC http://hammernet.com/vaughan/ SS 
‘Velleman keyboards f Velemany http//wwwvellemaneu 
Vishay = st™*=«S@CYS Vishay ntertechnologyin. = «dG http//wwwvishay.com 
Wal-Mart Wal-Mart Stores, Inc. http//wwwwalmartcom 
Weller = ( ttttsts*«C@CdSC Division of Cooper Industries, LC = Cd http://www.cooperhandtools.com/brands/weller/ 
Yeh o Division of Elmer' Products, Inc. http//wwwxacto.com 
Xcelite = s«*@CSC Division of Cooper Industries, LC = Cd http://www.cooperhandtools.com/brands/xcelite/ 
tronie = SY Xytronic Industries Ltd. = CSCS http://www.xytronic-usacom SS 
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2.5 2.5 

2.7 1.9 

3.0 1.1 

3.3 0.5 

3.5 0.2 

3.7 0.1 

4.0 0 

Figure 4.27 is the V-I curve generated using 
the measurements shown in the — preceding 
table. This graph is called the transfer curve 
for the JFET. 

Figure 4.27 

-Vas 

With the potentiometer set to Oohms (point A 
in Figure 4.22 ), the voltage from the gate to 
the source is zero (V GS = 0). The current 
that flows between the drain and source 
terminals of the JFET at this time is at its 
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Flipping and Bouncing) 
74HCOO quad 2-input NAND chip 
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(see also Experiment 20: A 
Powerful Combination) 
74HC08 quad 2-input AND chip (see 
Experiments 19 and 20) 
74HC32 chip (see Experiment 21: 
Race to Place) 
74HCTxx chip, 191 


74HCxx chip, 191 
741506 open-collector inverter chip, 
150 
741527 chip (see Experiment 23: 
Nice Dice) 
741527 triple-input NOR chip, 150 
741592 chip, 216 
741592 chip (see Experiment 23: 
Nice Dice) 
741592 counter chip, 150 
74LVxx chip, 191 
555 timer chip, 150 
alternating current, 248 
astable mode, 164-165 
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bistable configuration, 176-177 
frequency in astable mode, 166 
history, 160 
limits, 161 
monostable mode, 158-159 
powering up in bistable mode, 225 
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reset voltage, 156 
square wave, 258 
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(see also Experiments 16-24, 29, 
32-33) 
4026 chip, 150 
clock disable, 175 
(see also Experiment 18: Reaction 
Timer) 
7400 family of integrated circuits, 
192 
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cutting, 270 
(see also Experiment 32: A Little 
Robot Cart) 
AC adapter, 39 
modifying, 111 
AC adapter plugs, 55-56 
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Ace Hardware, 319 
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Advanced Micro Circuits, 319 
Akro-Grids, 229 
Akro-Mils, 229, 319 
alarms 
installation, 145-146 
intrusion (see Experiments 11, 15, 
and 24) 
magnetic sensor switches, 128 
Alcoswitch, 319 
pushbutton, 42 
All-Battery.com, 319 
All Electronics, xii, 42, 319 
12-key numeric keypad, 151 
alligator clips, 4 
battery holders and connectors, 4 
desoldering wick, 98 
jumper wire assortment, 41 
patch cords, 41 
project boxes, 102 
solder, 100 
soldering stand, 98 
solder pump, 98 
switches, 42 
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alligator clips, 4 
copper, 101 
All Spectrum Electronics, 319 
LEDs, 4 
Alpha potentiometers, 4, 319 
ALPS pushbutton, 319 
alternating current, 12, 248 
Amazon, 319 
deburring tool, 99 
electronic solder, 100 
GB Automatic Wire Strippers, 40 
pick and hook set, 99 
amperage, 10 
Ampere, André-Marie, 13 
amperes, 36 
basics, 11 
amplification, 87 
amplifiers, 49 
Amprobe, 319 
amps, 11 
Arduino, 319 
microcontrollers, 227 
ArtCity, 319 
miniature hand saw, 99 
The Art of Electronics, 235 
audio amplifier (see Experiment 29: 
Filtering Frequencies) 


audio distortion (see Experiment 30: 


Fuzz) 
audio electronics, 227 
AutoZone, 319 
fuses, 4 
Avago, 319 
diodes, 103 
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Early switching systems, 49 

Father of electromagnetism, 13 

From Boole to Shannon, 184-185 

How chips came to be, 152 

How much voltage does a wire 
consume?, 27 

How the timer was born, 160 

Inventor of the battery, 12 

Joseph Henry, 238 

Logic gate origins, 192 
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Maddened by measurement, 124 
Michael Faraday and capacitors, 64 
Mounting a loudspeaker, 87 
Origins of loudspeakers, 243 
Origins of programmable chips, 
294 
Positive and negative, 35 
Soldering myths, 106 
Stomp-box origins, 260-261 
The confusing world of TTL and 
CMOS, 190-192 
The man who discovered 
resistance, 8 
The origins of wattage, 28 
Transistor origins, 78 
Why didn't your tongue get hot?, 
10 
banana plugs, 97 
Bardeen, John, 78 
BASIC Stamp microcontrollers, 227, 
294, 317,319 
batteries, 3, 103 
9-volt, 5 
abusing (see Experiment 2: Let's 
Abuse a Battery!) 
amperage, 10 
ampere basics, 11 
current, direct and alternating, 12 
heat, 10 
inventor, 12 
lithium, 9, 30 
making (see Experiment 5: Let's 
Make a Battery) 
schematics, 53 
voltage, 10 
volt basics, 11 
(see also Experiment 1: Taste the 
Power!) 
battery holders and connectors, 3 
battery life, 123 
Bell, Alexander Graham, 243 
benders, plastic, 272 
binary arithmetic, 217 
binary code, 214-220 
Bl Technologies, 319 
potentiometers, 4 
BK Precision, 319 
multimeter, 2 
boardmount sockets and pinstrip 
headers, 103 


book sources, 234-235 
Boolean logic, 184, 186 
Boole, George, 184 
Brattain, Walter, 78 
breadboard alarm circuit, 135-136 
breadboards, 39, 65-67 
(see also Experiments 8, 20, and 21) 
break-to-make transistor circuit, 
129-130 
brushed DC motor, 280 
Burkard, Johann, 261 
Bussmann fuses, 319 
Buzbee, Bill, 192 
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calipers, 99 
Camenzind, Hans, 160 
capacitance, 3, 39, 64, 86, 133, 157, 
180, 236, 246-248, 249, 252, 
262 
farad, 61 
capacitors, 42, 61 
basics, 62-63 
diodes, 241 
Faraday, Michael, 64 
getting zapped by, 62 
nonpolarized electrolytic 
capacitors, 249 
polarity, 63 
time and (see Experiment 9: Time 
and Capacitors) 
time constant, 71-72 
(see also Experiment 8: A Relay 
Oscillator) 
ceramic capacitors, 43 
Chicago lighting, 319 
chips, 147 
74HCOO quad 2-input NAND chip 
(see Experiment 19: Learning 
Logic) 
74HCOO (see Experiment 22: 
Flipping and Bouncing) 
74HC02 (see Experiment 22: 
Flipping and Bouncing) 
74HC04 (see Experiment 20: A 
Powerful Combination) 
74HC08 quad 2-input AND chip 
(see Experiments 19 and 20) 
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74HC32 (see Experiment 21: Race 
to Place) 
741506 open-collector inverter 
chip, 150 
741527 (see Experiment 23: Nice 
Dice) 
741527 triple-input NOR chip, 150 
741592 counter chip, 150 
741592 (see Experiment 23: Nice 
Dice) 
555 timer (see 555 timer chip) 
4026, 150 
(see also Experiment 18: Reaction 
Timer) 
choosing, 148-149 
common part numbers, 193 
floating pins, 175 
history, 152 
logic chips, 150 
power supplies, 154 
programmable chips, origins, 294 
Churchill, Sir Winston, 29 
circuit chips (see chips) 
The Circuit Designer's Companion, 
235 
C&K 
pushbutton, 42 
switch, 319 
clip-on meter test leads, 97 
clipping, 257 
CMOS chips, floating pins, 175 
CMOS Sourcebook, 234 
coil schematics, 238 
coil voltage, 58 
cold-weld, 106 
combination lock circuit schematic, 
198, 201 
Common (COM) socket, 5, 6 
Complementary metal-oxide 
semiconductor (CMOS), 
190-192 
computers, 232 
magnets, 240 
conductor, 6 
control knobs, 229 
controller chips 
limitations, 315 
programmable chips, origins, 294 
(see also Experiment 34: Hardware 
Meets Software) 


coulomb, 36 
countersink, hand-cranked, 99 
CraftAmerica, 319 
crossover networks, 253-257 
current 
alternating, 248 
checking flow, 21-25 
direct and alternating, 12 
transistors and, 80-81 
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Darice, 319 
Darice Mini-Storage boxes, 230 
Davies, Ray, 260 
DC (direct current), 12 
DC power plug, 103 
DC stepper motor, 280 
DeArmond, Harry, 261 
deburring tool, 99, 271 
decimals, 29 
Dellepiane, Flavio, 260 
desoldering wick, 98 
DeWalt, 320 
DeWalt XRP jigsaw, 271 
diesel engine, 236 
Digi-Key, xi, 320 

patch cords, 41 
diodes, 103, 134 

Capacitors, 241 

schematics, 134 
direct current, 12 
Directed switches, 320 
distortion (see Experiment 30: Fuzz) 
Doctronics, 233, 320 
Doing the math on your tongue, 30 
double-throw switch, 42, 46 
DPDT relay, 103 
Dummer, Geoffrey W. A., 152 
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eBay, xii, 320 
electrical potential, 36 
electricity 
magnetism, relationship, 236 
nature of, 33 
sound into, 244-245 
electrolytic capacitors, 42, 61 
electromagnetism, father of, 13 
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electronic solder, 100 
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The Encyclopedia of Electronic 
Circuits, 235 
Essentials 
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Battery life, 123 
Logic gate basics, 186-189 
Perfboard soldering procedure, 
137 
Real-world fault tracing, 139 
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low-power LEDs, 150 
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cleanup and recycling, 9 
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procedure, 7 
tools, 5 
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9-13 
cleanup and recycling, 13 
procedure, 9-12 
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13-17 
cleanup and recycling, 17 
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setup, 13-15 
Experiment 4: Varying the Voltage, 
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setting up hardware, 298-300 
USB driver, 296-297 
troubleshooting, 300-301 
verifying connection, 300 
Experiment 35: Checking the Real 
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Henry, Joseph, 237, 238 
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high voltage, 263 
Hobbylinc, 320 
miniature hand saw, 99 
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microcontrollers, 227 
PICAXE (see PICAXE) 

microfarads, 61 

Mill-Max, 320 
single inline sockets and headers, 

103 

miniature hand saw, 99 

miniature screwdriver set, 98 

miniature vise, 99 

Mitutoyo, 320 
calipers, 100 

Motorola, 320 
transistor, 42 

motors, 227, 280 
stepper (see Experiment 33: 

Moving in Steps) 

Mouser Electronics, xi, 320 
battery holders and connectors, 3 
potentiometers, 4 

moving-coil microphone, 244 

Mueller alligator clips, 101, 320 

multimeter, 2 

mutual repulsion, 33 


N 


NAND gates (see Experiments 19-24) 
nanofarads, 61 

negative charge, 35 

neodymium magnet, 240 

Newark, xii, 320 


Index 


Newark Electronics 
Vectorboard, 101 
newtons, 36 
NKK switches, 320 
noisemaking circuit, 92 
nonpolarized electrolytic capacitors, 
249 
nonpolarized relays, 58 
NOR gates, 212 
Noyce, Robert, 152 
NPN and PNP transistors, 76-77, 79, 
258 
numeric keypads 
(see Experiment 20: A Powerful 
Combination) 
NXP semiconductors, 320 


O 


Ohm, Georg Simon, 8 
ohms, 6 
Ohm's Law, 25, 26, 30, 283 
Omron, 320 
relays, 42 
online sources, 233 
On Semiconductor, 320 
transistor, 42 
open-collector inverter chip, 150, 
222 
operating current, 58 
Optek, 320 
diodes, 103 
oscillator, relay (see Experiment 8: A 
Relay Oscillator) 
oscilloscope, 231 


P 


Panasonic, 320 
PanaVise, 321 
panel-mounted power jack, 103 
Parallax, 321 
patch cords, 41 
pencil-type 15-watt soldering iron, 96 
Pep Boys, 321 
perforated boards, 101, 116, 136- 
139 
common errors, 138 
soldering procedure, 137 


P. H. Anderson, 295 
Philips, 321 
photoresistors (see Experiment 33: 
Moving in Steps) 
PICAXE, 227, 321 
alphanumeric input/output, 310 
infrared, 310 
interrupts, 310 
limitations, 315 
origins of programmable chips, 294 
pseudorandom numbers, 310 
servo motor, 310 
tone generator, 310 
(see also Experiments 34-36) 
pick and hook set, 99 
picofarads, 61 
Piedmont Plastics, 321 
pin-shuffling, 161 
Plano, 229 
Plano storages boxes, 321 
plastic benders, 272 
pliers, 1 
plywood, 102 
PNP transistors (see NPN and PNP 
transistors) 
point-to-point wiring connections, 
106 
Pomona 
clip-on meter test leads, 97 
test equipment, 321 
positive charge, 35 
potentiometers, 4, 42, 151, 229, 249 
schematics, 53 
(see also Experiments 4, 32, and 35) 
power assessments, 31 
power connectors, 229 
power cords, shortening, 111-113 
power outlet, 12 
power supplies, 39, 231 
chips, 154 
Practical Electronics for Inventors, 
234 
programmable chips, origins, 294 
Programmable Intelligent Computer 
(PIC), 294 
Programmable Interface Controller 
(PIC), 294 
programmable microcontrollers, 227 


Index 


project boxes, 102 
Prolatch, 230 
prototyping board, 101 
PSP breadboard, 39 
pushbuttons, 42 
options for toggle switches and 
pushbuttons, 47 
PUTs (programmable unijunction 
transistors) 
2N6027 (see Experiment 14: A 
Pulsing Glow) 
schematics, 83 


(see also Experiments 11 and 14) 


R 


radio-frequency devices, 227 

radio, how it works, 266-267 

RadioShack, xi, 103, 321 
alligator clips, 4, 101 


battery holders and connectors, 


breadboard, 39 

clip-on meter test leads, 97 

desoldering wick, 98 

fuses, 4 

heat-shrink tube, 101 

helping hand, 96 

hookup wire, 41 

IC sockets, 150 

insulated binding posts, 103 

integrated circuit chips, 150 

Kronus Automatic Wire Strippers 

LEDs, 4 

loudspeaker, 43 

magnifying lens, 96 

panel-mounted power jack, 103 

perforated board, 101 

pliers, 1 

potentiometer, 42 

power supply/universal AC 
adapter, 39 

project boxes, 102 

resistors, 4 

solder, 100 

soldering iron, 96 

soldering stand, 98 

transistor, 42 

wire cutters, 2 


3 


, 40 


351 


maximum value and is called the saturation 
current (I DSS ). 

Note One property of the saturation current is 
that when V GS is set at zero, and the 
transistor is fully ON, the current doesn't drop 
as long as the value of V DS is above a few 
volts. If you have an adjustable power 

supply, you can determine the value of V DS 
at which 1D starts to drop by starting with 
the power supply set at 12 volts. Watch the 
value of |D as you lower the power supply 
voltage until you see |D start to decrease. 

38 Refer to the transfer curve shown In 
Figure 4.28 to answer the following questions. 
Figure 4.28 

ln 


loss 
10 
5 mA 
6 
A 


Vas 


Questions 
Using the transfer curve shown in Figure 4.28 


reactance, 246 
reference sources, 233-235 
books, 234-235 
online, 233 
relay-driven LEDs (see Experiment 7: 
Relay-Driven LEDs) 
relay oscillator (see Experiment 8: A 
Relay Oscillator) 
relays, 42, 56-58 
coil voltage, 58 
inside, 58 
latching, 151 
nonpolarized, 58 
self-locking relay, 131-132 
set voltage, 58 
switching capacity, 58 
transistors and, 79 
reset voltage, 156 
resistance, 25, 246 
discovery of, 8 
larger, 10 
measuring, 6 
(see also Experiment 1: Taste the 
Power!) 
resistors, 4, 43 
decoding, 14-15 


hot, 247 
in parallel, 25 
in series, 25 


power assessments, 31 
schematics, 52 
(see also Experiment 3: Your First 
Current) 
Rice, Chester, 243 
Richards, Keith, 260 
robotics, 227 
(see Experiments 32 and 33) 
Rolling Stones, 260 


S 


saw, miniature, 99 
schematics, 50-54 
4026 chip, 171 
batteries, 53 
coil, 238 
combination lock circuit, 198, 201 
diodes, 134 
dots, 51 


IL 


Experiment 20: A Powerful 
Combination, 198-199 
Experiment 30: Fuzz, 258 
incandescent lightbulb, 53 
LEDs, 53, 54 
potentiometer, 53 
PUTs, 83 
resistors, 52 
switches, 51 
symbols, 51 
wires, 52 
Scitoys Catalog, 265 
screwdriver set, miniature, 98 
screws, 102 
tamper-proof, 203 
Scribner, Charles E., 49 
Sears, 321 
deburring tool, 99 
self-inductance, 246 
self-locking relay, 131-132 
servo motor, 280 
PICAXE, 310 
set voltage, 58 
Shannon, Claude, 184 
Shockley, William, 78, 152 
short circuits, 9 
Siemens, Ernst, 243 
signal diodes, 134 
sine wave, 255 
single inline sockets and headers, 
103 
single-pole, double-throw switch 
(SPDT), 46 
single-pole, single-throw switch 
(SPST), 46 
single-pole switch, 42 
single-throw switches, 46 
sockets, 49 
solder, 100 
soldering 
alternatives, 106 
desoldering, 109 


soldering irons, 96 
warning, 104 
soldering stand, 98 
solder pump, 98 
sound into electricity, 244-245 
SparkFun Electronics, 321 
sparking, 48 
SPDT toggle switch, 103 
square wave, 258 
Stanley, 321 
pick and hook set, 99 
wire cutters, 2 
stepper motors 
inside, 288-289 
(see also Experiment 33: Moving in 
Steps) 
STMicroelectronics, 321 
integrated circuit chips, 150 
logic chips, 150 
transistor, 42 
stomp-box origins, 260-261 
storage containers, 229 
switch bounce, 174 
switches, 42, 46-48 
checking, 48 
double-pole switches, 46 
double-throw switch, 46 
early systems, 49 
installing for alarm, 142-143 
limit, 278 
magnetic sensor switches, 128 
options for toggle switches and 
pushbuttons, 47 
relays and, 103 
schematics, 51 
simple (see Experiment 6: Very 
Simple Switching) 
single-pole, double-throw switch 
(SPDT), 46 
single-pole, single-throw switch 
(SPST), 46 
single-throw switches, 46 


errors, 107 soldering, 143-144 
myths, 106 sparking, 48 
switches, 143-144 tactile, 151 
theory, 109 switching capacity, 58 
(see also Experiment 12: Joining switching transistors (see 
Two Wires Together) Experiment 10: Transistor 
Switching) 
Index 


T 


tactile switches, 151 
tamper-proof screws, 203 
tantalum capacitor, 63 
Texas Instruments, 321 
4026 Decade Counter, 150 
logic chips, 150 
Theory 
Alternating current concepts, 248 
Basic measurements, 36 
Binary arithmetic, 217 
Calculating voltage drop, 283-284 
Doing the math on your tongue, 30 
How radio works, 266-267 
Inductance, 237 
Inside a stepper motor, 288-289 
Inside the 555 timer: astable mode, 
164-165 
Inside the 555 timer: monostable 
mode, 158-159 
Power assessments, 31 
See the current, 80-81 
Soldering theory, 109 
Sound, electricity, and sound, 
244-245 
The nature of electricity, 33 
The time constant, 71-72 
Waveforms, 255-256 
third hand, 96 
Thomson, J. J., 35 
time constant, 71-72 
toggle switches, 42, 229 
options for toggle switches and 
pushbuttons, 47 
Tools 
Desoldering, 109 
Eight most common soldering 
errors, 107 
Four most common perfboarding 
errors, 138 
torque, 281 
Tower Hobbies, 321 
miniature hand saw, 99 
tracing a fault, 139 
transistors, 42 
2N 2222 (see Experiments 11 and 15) 
2N6027 programmable unijunction 
transistor (see Experiment 14: 
A Pulsing Glow) 


basics, 77 
beta value, 80 
break-to-make transistor circuit, 
129-130 
getting a better understanding, 
80-81 
NPN and PNP 76-77 
origins, 78 
relays and, 79 
switching (see Experiment 10: 
Transistor Switching) 
unijunction, 82-84 
Transistor-Transistor Logic (TTL), 
190-192 
tremolo box, 261 
Trem-Trol, 261 
trigger voltage, 156 
TTL Cookbook, 234 
tweeter, 253 
Twin Industries, 321 
perforated board, 101 
Tyco, 321 
relays, 42 


U 


unijunction transistors, 82-84 


V 


Vaughan, 321 

Vectorboard, 101 

Velleman keyboards, 321 

Ventures, 260 

VIH min, 192 

VIL max, 192 

vise, Miniature, 99 

Vishay, 321 

VOH min, 192 

VOL max, 192 

Volta, Alessandro, 12 

voltage, 10 
blocking bad voltage, 132-134 
calculating drop, 283-284 
high, 263 
how much wire consumes, 27 
measuring, 6 


Index 


voltage regulators, 151, 182 
LM7805 (see Experiment 19: 
Learning Logic) 
volts, 36 
basics, 11 
Vox wow-fuzz pedal, 257 


W 


Wal-Mart, 229, 321 
Warnings 
Avoid Burns While Bending, 272 
Beware of Pin-Shuffling!, 161 
Blood Blisters and Dead Media, 240 
Capacitor Polarity, 63 
Cut with Care, 270 
Flying Wire Segments, 121 
Getting Zapped by Capacitors, 62 
Grounding Yourself, 172 
Heat Guns Get Hot, Too!, 110, 111 
High Voltage!, 263 
Hot Resistors, 247 
Never Use Two Hands, 74 
No Floating Pins!, 175 
No More Than 9 Volts, 5 
Pin 2 Pull-Down, 299 
Short Circuits, 9 
Soldering Irons Get Hot!, 104 
The Warranty Issue, 197 
water-powered turbine, 236 
wattage, history, 28 
Watt, James, 28 
watts, 36 
basics, 31 
waveforms, 255-256 
clipping, 257 
wavelength of the sound, 244 
Weller, 321 
Weller Therma-Boost, 96 
windmill, 236 
wire cutters, 2 
warning, 121 
wire gauges, 282 
wires, 100 
point-to-point wiring connections, 
106 
schematics, 52 
soldering (see also Experiment 12: 
Joining Two Wires Together) 
voltage consumed by, 27 
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wire strippers, 40 
wire wrap, 106 
woofer, 253 
work area, customizing, 228-232 
bench, 231 
computer, 232 
labeling, 231 
oscilloscope, 231 
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X 


X-Acto, 321 

miniature hand saw, 99 
Xcelite, 321 

pliers, 1 
Xytronic, 321 

soldering iron, 96 


Index 
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Zener diode, 134 
zinc electrode, 33 
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, answer the following: 
A. With V GS = 0 what is the value of the 
drain current? ——__ 

B. Why is this value called the drain 
Saturation current? ———__ 

C. What is the gate to source cutoff voltage 
for the curve shown? —— 

D. Why is this called a cutoff voltage? 


Answers 

A. 12mA on the graph. 

B. The word “saturation” is used to indicate 
that the current is at its maximum. 

C. Approximately -4.2 V on the graph. 

D. It is termed a “cutoff voltage” because at 
this value, the drain current goes to 0 
ampere. 


39 Now, look at the circuit shown in Figure 
4.29 . Assume that the JFET has the transfer 
characteristic shown by the curve in problem 


38. 


Figure 4.29 


Vpp = +20 Y 


SR D 


Veg = -5 VO 


When the gate is connected to ground, the 
drain current will be at 12 mA. Assuming that 
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PATENT OFFICE. 


‘HERMANN: PLAUSON, oF. HAMBURG, GERMANY. 


CONVERSIÓN. OF ATMOSPHERIC ELECTRIC ENERGY. 


“Application filed Ji anuary as 1921. 


h T 0 aio it may concern: 


E sthonian subject, residing in Hamburg, 
Germany, have: invented certain new and 
useful Improvements in ‘he Conversion of: 
_ Atmospheric Electric: Energy, of which | the — 


Be it known that J, HERMANN DTN, 


following is a specification.” 


10 


- ready. kñown. . 


15 


: 20 


30 


"faces. E 
~ (by Radio active means: and. the like may 
be easily applied internally. or externally ;- 
whereby the ionization is considerably 1n- 


40. 


failure. 


Methods: of obtaining atmospheric As 


tricity by means of metallic nettings set with 


spikes which are held by, means of ‘ordinary 
- or anchored kite balloons made of fabrics: 
“and filled with hydrogen, are in theory al- - 
_ Atmospheric electricity ob- 
tained in this way has been suggested to be’ 
used in the form of direct current. for the 
` charging: of accumulators. | 

‘however is at present only theoretical as the 
- conversion in practice has hitherto been a 
No mans are known of protecting - 
the apparatus from destruction by lightning. 
~ The balloons used for ‘collecting the charge: 
’ must also be made of very large size in order- 
to be able to support: the weight of the:me-. 


- tallic netting ane the heavy. cable” connec: 


- This knowledge 


tions. on 


Instead ofti using. heavy metalli¢ netting: 26 
. collectors attached: to single: air. balloons of | 
. . non-conducting materials ‘which are liable to. 
‘be torn’ andare permeable to the gas, it is 
proposed to use metallic balloon Collectors - 
which have: the following us eee advan- E 


tages— | 


- (a) The metallic cases, are. “impenetr able- 
to helium'and hydrogen; the 7 


large metallic” weather- -přoof 


creased and therewith also. the quantity of 


. atmospherj ic electricity capable of being col- 
: lected. | 


45 


(e) Such balloon ¿ollectors of light metal 
_. do not require to be of large size as they | 
-intő mechanical energy, or finally converted - 
~ by special machines into alternating current 
_ of low frequency or even into direct curr ent te 


have to carry only their own moderate 


weight, and that of the conducting. cable or 


pe wire. 


50 


(d) The entire system therefore offers it. . 
“tle surface for the action of storm and wind ry e. 
“scribed with reference to the Accompanying | 


ae and i is resistant and stable. | 
diagrams in which :-— 


(e) Each balloon can bé easily raised and 


TE lowered by means of a winch so that all re- 
` pairs, recharging and the like can be.carried 


“put; without danger dun ing the o 


frequency vibrations. 


also represent 
collecting | SUr- - 


‘Serial No, 437, 107, 


Tt i is s further bed a usea » collectinirá 


heer network of several separate collectors 
spread out in the air.above the earth, which _ | 
collectors are - interconnected, by electrical * oe ae 
conductors.. > 
-According to: this: invention: char ges: -of a TE 
-mospheric. electricity. are not directly: con- 
verted into mechanical. energy, | “and this; :> 
forms the main difference from’ previous in- =... 
ventions, but the static electricity which rung: 
to earth through aerial. conductors. in the 65: . 


form of direct current: of very high. ‘voltage 


BS pos 


and low current strength ‘is converted into“, :./ 
-electro-dynamic energy in the form ofthigh = 
. Many advantages are * 

thereby . obtained | and. al disadvantages. 


70: Ya f 
.avolded. tee 


The very" eh voltage of static ceci = 


of a low ¿yrrent. strength can be' converted... 
by this invention to voltages more suitable") 
for technical purposes and of greater ‘cur- 75 . 
rent strength. . By- the use of-closed oscilla- °° 


tory circuits it is possible to obtain. electro: - 


“magnetic waves of various amplitude and- T 
-= thereby to increase the degree of resonance: _ 


o of such current. Such resonance allows ya- 80 | 


rious * values . of inductance’ to be chosen ` 


whereby again the. governing of the starting": 

and stopping of machines driven thereby by 
simply tuning the resonance between coils. 
of the machine and the: transformer circuit. Š 
forming the resonance can easily be ob- >>. 
tained. Further, such’ currents have the. - 
property of being directly available for va- 
rious uses, even without employing them for © 
- driving motors, of which-thére may be par- 


ticularly. mentioned, lighting, » production of dE E 


heat and use in electro- chemistry... a 
+ Further, with such currents a series of ap- ian 
paratus may be fed without ‘direct current - . 
supply through conductors - and” also the- 9: 
` electro-magnetic. high - frequency: currents 
may be converted by 1 méans of special motors © 


adapted for. electro-magnetic - oscillations 


of high potential. . 


: 100 


The: invention is more ‘partic ularly de- o 


Figure 1 isan explanatory figure. 


| Figure 2 18 ‘a. diagrammatic view. of the E eS 
simplest one | i ee oe 


105 , 


ar 


10 


15 


40 


l electr: ode enclosed ‘in a vacuum chamber. 


2 


Figure 3 shows a method of converting 


atmospheric electrical energy for use with 


motors. 

Figure 4 is a diagram showing the use of 
protective means. 

Figure 5 ig a diagram of an arrangement 
for converting large ‘current strengths. 

Figure 6 is a diagram of an arr angement 
including controlling means, 


Figure 7 shows means wher 'eby the spark 


gap length can be adjusted. 

Figure 8 shows a TUDOM: connection for 
the motor. 

Figure 9 shows à weak coupled system 
suitable for use with small power motors. 

Figures 10, 11 and 12 show modified ar- 
rangements. 

Figure 13 shows a form of inductive cou- 


pling for the motor circuit. 


Figure 14 is a modified form of Figure 13 
with “inductive coupling. ` 

Figure 15 is an arrangement with non- 
inductive motor. 

Figure 16 is an arr angement with. cou- 
pling by condenser. 

Figures 17, 18 and 19 are diagrams sof fur- 
ther modifications. 


Figure 20 shows a saple form in which 


the aerial network is combined: with ido 
collectors. 

Figure 21 shows a an ar- 
rangement suitable for collecting large 
quantities of energy. 

Figure 22 is a modified arr angement hav- 
ing two rings of collectors. | 


Figure 23 shows the connections for three; 


rings sof collectors. 

Figure 24. shows a collecting balloon and 
diagram of its connection of condenser bat- 
teries. 

Figures 25 and 26 show modified col: ector 
balloon ar rangements. 

Figure 27 shows a second method a con- 
necting conductor for the balloon aerials. - 

Figure 28 shows an auto- transformer 
method of connection. | 

Figure 29 shows the simplest form of con- 
struction with incandescent: cathode. 

Figure 30 shows a form with cigar shaped 


| balloon. 


- Figure 31 is a modified arrangement. 
_ Figure 32 shows a form with ‘cathode and 


Figure 33 is a modified form of Figure 32, 
Figure 34 shows an arc light collector. 
Figure 35 shows such an arrangement for 


alternating current. 


60 . 


Figure 36 shows ai maient collector | 


with Nernst lamp. 
Figure 37 shows a form with a gas flame. 
Figure 1 illustrates a simple diagr am for 
converting static electricity into “dynamic 
energy of a high number of oscillations. 


For the sake of clearness i in the drawings an 


influence machine 1 is assumed to be employed 


1,540,998 


and not an aerial ‘antenna. ~18-and 14 are 


combs for collecting the static electricity of 


the influence machine. 7 and 8 are spark 
discharging electrodes, 6 and 5 condensers, 
9 an inductive primafy coil, 10 secondary 
coil, 11 and 12 ends of conductors of the sec- 


“ondary coil 10. When the disc of the static 


influence machine is rotated by mechanical 
means, the combs collect the electric charges 


- one the positive and the other the negative, | 
and charge the condensers 5 and 6 until such 


a high potential is formed across the spark 
gap 1—8, that the spark gap is jumped. As 


the spark gap 1—8 forms a closed circuit 
with condensers 6 and 5, and inductive re- 


sistance 9, as is well known, waves of high 
frequency electromagnetic oscillations will 


pass in this circuit. z 
The high frequency. of the oscillations 


produced in the primary circuit induces 
waves ‘of the same periodicity in the sec- 
ondary circuit. Thus in the primary cir- 
cuit electromagnetic oscillations are formed 
by the passage of the spark over the spark 
gap and these waves are maintained by fresh 


charges of static electricity. 
By suitably selecting the ratio between the. 


number of the coils in the primary and sec- 
ondary circuits with regard to a correct ap- 


plication of the co-efficients of resonance 


(capacity, inductance, and resistance) the 
high voltage of the primary circuit may be 
sultably converted into low. voltage and high 
current strength. 

When the ii dischar ‘ges in the pri- 
mary circuit becomes weaker or entirely 
cease, the condensers are charged again by 
the static electricity until the accumulated 
charge again breaks down the spark gap. 


All this is repeated as long as electricity is 


produced by the static machine by employ- 
ing mechanical energy. 

‘An elementary form of -the invention 15 
shown in Figure 2 in which two spark gaps 
in parallel are used one of which may be 


_ termed the working gap 7 in Figure 2, whilst. 


the second serves as a safety device for ex- 
cess voltage and consists of a larger number 
of spark gaps than the working section, 
which gaps are arranged in series and are 
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110. 


br idged by very small capacities as is illus- | 


trated in a,, b,, ¢,, Figure 2 which allow of 


- uniform sparking in the safety section. 


In- Figure 2 A is the aerial antenna. for 
collecting charges of atmospheric electricity, 
13 is the earth connection of the second part 
of the spark gap, 5 and 6 are-condensers, 9 a 
primary coil. Now when through the aerial 


. A the positive atmospheric electricity seeks 


to combine with the negative charge to earth, 
this is prevented by (the air gap between) 
the spark gaps. The resistance of the spark. 
gap T is, as shown in the drawings, lower 
than that of the other safety section which 
consists-of three - aes gaps connected in 


eN series, aid consequentl Y 
` alr peste is offere 


Dae 


ES 


a 
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a RT ea greater 
by the latter. 
So Jong’ thereforé, as the. resistance of 


‘the spark gap 7 is not overloaded, so that . 
_ the other spark gaps have an equal resist- ` 
-ance with it the discharges take place only: 
-. over spark gap. 7. Should however the' 
voltage be increased. by ‘any influences so >, 
that" it might be dangerous for charging © 
the condensers 5 and 6 or for: the coil in- 
_ «sulation 9 and 10 in. consequence of break’ 
down, by a correct regulation of this spark 


gp the second spark gap can discharge free 


rom inductive effects direct to earth with-. 


out endangering the machine. > 
o Without this second spark gap, arranged 


¿in parallel having a: higher resistance than 
“the working spark gap it is impossible to . 


collect .and render available large quantities: - 
. charges .will- for the sake of. simplicity. be 


. diagrammatically indicated by two semi- 
circles 1::and 2 and the. rotor of the motor |: 
by a ring M. (Figure 3.) A is a vertical — 

aerial or áerial network. 
choke” or electromagnet with coil O as may: 
be seen is connected with the aerial A. Ad- 
jacent the electromagnet: S the aerial con- 
ductor is divided into three. circuits, the 
circuit: 8 giving the safety spark gap, the 


of electrical energy. | 
- The action ‘of this’ closed oscillation cir- 
it consisting “of spark’ gap.7, two condens- 


ers $ and 6, primary coil 9, and also sec-_ 
_ ondary , coil. 40 is exactly the. same as the 
one described in Figure 1 with the arrange- 
ment of the static induction machine with 
the, only difference: that here the second” 


spark gap is provided. The electromagnetic 


high frequency alternating current obtained | 
can be tapped off from the conductors 11. 
. and 12 for e and heating. purposes. 
Special kinds of motors adapted for work- 
. Ing with: these peculiar: electrical charges | 
«may be connected at 14 and 15 which can. 
work with static electricity charges or with 
high frequency oscillations, | 
+ In addition ‘to the: use of. spark gaps + 

in ‘parallel a second measure of security is 


also necessary for taking off the current. 


-This precaution. consists according to: this : 
- invention, in the introduction of and method . 


«of connecting certain protective electro- 


e 
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i A 
: 


transformer. 


_ “magnets or choking coils in the aenal cir- 


` cwt as shown by S-in Figure”3. 
45 


A single electromagnet only having a; core 


of the thinnest possible separate laminations: 


is connected with the aerial.. 


‘In the case of high voltages in the aerial. 
“network or at places where there ‘are fre- 
` quent. thunder storms,- several such magnets 


may however be connected in series. . . 


In the case of large units or plants sev- 
eral electromagnets can be employed: in par- ' 
* oscillations. . 


allel or in series parallel. - 
_Thé windings of © these -electtomagnets 


- may be simply connected in series’ with the 
aerials. In this case the winding’ preferably 
consists of several thin parallel wires, which, 


make up together, the necessary section. 
The winding. may be made of primary 
and secondary. windings in the form of a 
-The primary ‘winding will be 
then cónnécted in series with the aerial net- 


work, and the secondary. winding more. or.’ 
less short-cit remited ¢ over a a regulating resist- 


ance -or an induction coil. 
case it'is, possible to regulate to, a certain , 


«surfaces. 


extent the effect of the choking” coils. ` In 


In des Jattor E 


q 


the further. description, of the connecting ~— 


and constructional. diagrams the aerial eleo- i 


tromagnet choke coil is indicated byt 


simple ring S. 


Figure. 3 shows the simplest way ‘of con- Ey 


verting atmospheric electricity into electro- ' 


‘magnetic wave energy by the use of special 75 . 


motors adapted for high. oscillatory cur- -` 


rents or ‘static charges of electrical energy. 


Recent. improvements in motors for work- : 
ing with static charges and motors working 
- by resonance, that is to say, having groups 
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of tuned electromagnetic cooperating cir- — 


circuit 7 with the working spark gap, and 
then a-circuit including the stator terminal 


A, the rotor and stator terminal 2 at which. | 
~The - ' 
two spark gaps. are also connected metal- | 
lically with the earth wire. 
working these diagrams is as follows: 


a connection is made to the earth wire: 
“The. method of 


The positive atmospheric ‘electric. shards, 


collected tends to combine with the negative | 
electricity (or earth electricity) connected. o 


with the earth wire: It--travels along the 


Fur ther, its 


“S the. safety 


cuits render: this possible. but such . do not 
form part of the. present invention. 
A motor. adapted to operate with. static 
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aerial A- through the electromagnet S with- A 
out being checked as it flows in the same di- | 
-rection as the direct current. 
“progress is: arrested by. two ‘sparks gaps 
placed' in the way: and the stator. condenser 110 — 
The stator condenser surfaces are" | 
charged until the: charge is. greater than. 
the resistance of the spark | gap a whereupon a 
a spark springs over the:spark gap.7 andan 

oscillatory: charge -is obtained -as by means 1 
“of the motor M, “stator surfaces 1 and-2, and - 
spark gap 7, a closed oscillation circuit is 
obtained for producing. the electromagnetic | 
-The motor here forms the ca- - 
pacity and the necessary inductance and re~ 
sistance, which, as is well known, are neces-' 


sary. for converting: static electricity into. 7 


electromagnetic wave energy. 


: The discharges formed are conver ted o 

«mechanical ener gy in special motors and:can ' 
not reach the aerial network by reason of. 
‘the electromagnet or choke. m 
when a spark: springs over the spark gap Ts 


Tf, however, 0 


a greater quantity of atmospheric dletirioity o 


tends to flow to. earth, a counter: voltage ise 


the drain to source resistance is negligible, 
you can calculate the required value for R D 
using the following formula: 

ES Vop 

Rp = 
Loss 

If you know the drain to source voltage, 
then you can include it in the calculation. 


Vop— Vos) 
R= | pp— Vps) 


[pss 
Question 


What should the value of RD be for the | 
DSS shown at point A in the curve? 
Answer 


20 volts 
A in 
l2mA 
40 For the JFET circuit shown in Figure 
4.29 , assume that V DS = 1 volt when the | 
D is at saturation. 
Questions 


A. What is the required value of RD? 
B. What is the effective drain to source 
resistance (r DS ) in this situation? 


Answers 
A. (20volts 1volt) 
Ku = =15830hms 
B V e 
| a vo 
los = — = = 830hms 
Ibss I2mA 


Note You can see from this calculation that R 
D is 19 times greater than r DS . Thus, 


induced in the electromagnet, which is 


flow of current direct to the earth is. 


greater the more rapidly and strongly e 
y 


- the formation of this opposing voltage a 


10 


15 


20 


sufficiently high resistance is offered to the 


flow of atmospheric electricity direct to 
earth to prevent a short circuit with the’ 


earth. - 
The circuit containing spark gap 8 having 
a different wave length “which is not in reso- 
nance with the natural frequency of the 
motor, does not endanger the motor 
ser ves as security ag ainst excess voltage, 
which, as practical experiments have shown, 
may still arise in certain cases, but can be 
conducted direct to earth thr ough this spark 
gap. | 
In the diagram illustr ated in Figure 4 the 
spark gap Ti is shunted across condensers 5 
and 6 from the motor M. This construction 
affords mainly a better insulation of the 


- motor against excess voltage and a uniform 


25 
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excitation through the spark gap 7. 

In Figure 5 a diagram is illustrated for 
transforming large current strengths which 
may be employed direct without motors, for 


example, for lighting or heating purposes. 


The main difference is that here the spark 
gap consists of a star shaped disc 7 which 
can rotate on its own axis and is rotated by 
a motor opposite similarly fitted electrodes 
7*, When separate points of stars face one 
another, discharges take place, thus forming 
an oscillation circuit over condensers 5 and 
6 and inductance 9 for oscillatory discharges. 
It is evident that a motor may also be “di- 
rectly connected to the ends of the spiral 9. 

The construction of the diagram shown 
in Figure 6 permits of the oscillation circuit 
of the motor being connected. with an in- 
duction coil. Here a regulating inductive 


resistance is introduced. for counter- acting 


excess voltages in the motor. By cutting the 
separate coils 9 (coupled inductively to the 


5. aerial) in or out the inductive action on the 


motor may be more or less increased or 
variable aerial action may be exerted on the 
oscillation circuit. ` 


- In Figure 7 the oscillation circuit is don 


The spark 


through” the earth (E and E,). 
gap 7 may be prolonged or shortened by 
more or fewer spark gaps being successively 
connected by means of a contact arm 7. 
- Diagram 8 shows a unipolar connection of 
the motor with the aerial network.’ Here 
two oscillation circuits are closed through 
the same motor. The first oscillation circuit 


passes from acrial A through electromagnet 


S, point x, inductance. 9? to the earth con- 
denser 6 and further, over spark. gap 7 to 


the aerial condenser 5 and back to æ. The 


second oscillation circuit starts from the 
aerial condenser 5 at the point æt over the 
inductance 9 to the earth condenser 6 at the 
point xv and through the condenser 6 over 


and. 


nections of the motor. 
rectly metallically connected with the oscil- 
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the spark gap 7 back to æt. The motor itself 
is inserted between the two points of the 
spark gap 7. From this arrangement slight- 
ly damped oscillation wave cur rents are pro- 
duced. 
In the diagram illustrated in Figure 9 a 


loosely coupled system of connections is il- | 


lustrated which is assumed to be for small 


motors for measuring purposes. A indi- 
cates the aerial conductor, S the electromag- 
net in the aerial conductor, 9 the inductance, 
7 the spark gap, 5 and 6 condensers, E the 
earth, M the motor, and 1 and 2 stator con- 
The «motor is di- 


lation circuit. 

In Figure 10 a purely inductive coupling 
ls employed for the motor circuit. The mo- 
tor is connected with the secondary wire 10 
as may be seen in Figure 11 in a somewhat 
modified diagram connection. The same 
applies to the diagram of Figure 12. 


The diagrams hitherto described prefer- 


ably. allow of motors of small and medium 
strength to be operated. For large aggre- 
gates, however, they are too inconvenient as 


a 
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tha construction of two or more oscillation . 


circuits for large amounts of energy is diffi- 
cult; the governing is still more difficult and 


the danger 3 in ‘switching on or off is greater. 9 


A means of overcoming such difficulties is 
shown in Figure 13. The oscillation circuit 
here runs starting from the point æ over con- 


T and the two segments (3* and 4°) form- 
ing arms of a Wheatstone bridge, back to a. 


If the motor is connected by brushes 3 and 


4 transversely to the two arms of the bridge 


‘denser 5, variable inductance 9, spark gap- 


100 


as shown in the drawings, electromagnetic * 


oscillations of equal sign are induced in the 
stator surfaces 1 and 2 and the motor does 
not revolve. 
4 are moved in common with the conduct- 


If however, the brushes 3 and’ 


ing wires 1 and 2 which connect the brushes | 


with the stator poles a certain alteration or 


displacement of the polarity is obtained and 
the motor commences to revolve. 


110 


The maximum action will result if one E 
brush 3 comes on the central sparking con- : 


tact 7 and. the other brush 4 on the part a. 


They are however, usually in practice not 
brought.on to the central contact 7 but only 


held in the path of the bridge segments 4° 
and 3* in order not to connect the spark gaps 
with the motor oscillation circuit. 


As however, the entire oscillation energy 


.can thereby not act on the motor it is better 


to carry out the same system according to the 
diagram 14. The diagram 14 differs from 
the foregoing only by. the motor not being 
directly metallically connected with the seg- 


ments of the. commutator, but only a pri- 
_ mary coil 9 which induces in a secondary 


coil 10, current which feeds the motor M 
and takes the place of the rotor. 


By this 


120 


10 


arrangement a good transforming action is 
obtained, a loose coupling and also añ os- 


to. 
CN 
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cillation circuit without a spark gap... = 


-In Figure 15 the motor is not purely -in-- 
ductively as in 14, but. directly metallically 


branched off from the primary coil (at. x 
and æ*) after the principle of the auto-trans- 


In Figure 16 instead of an inductance a. 
condenser. 6 is in similar manner, “and for 
- the same object inserted between’ the. seg- — 
ments 3* and 4%. 
“that the segments 3* and 4* need not bea 
of solid metal but may-consist. of spiral coils: 
whereby a more exact regulation is possible . 
- and further motors of | 
be employed. : -* 0... > es 
The arrangements of Figures 17, 18 and 
_ 19 may be employed for use with resonance. 
20 and particularly with induction. condenser 
+. motors; between the large. stator induction 
_ condenser surfaces, small reversing pole con- : 
` densers are connected, which, as may be seen. 
from Figures 17, 18 and 19 are led together 
to earth. Such reversing poles have. the. 
advantage that with large quantities of ' 
electrical energy the spark. formation: be- 
tween the separate oscillation circuits ceases. 
' Figure 19 shows a further method. which: 
prevents electromagnetic oscillations of high 


This has the: advantage 


number of alternations formed in the oscil- 


lation circuit striking. back to the aerial con-. 
ductor. It is based on the well, known prin- 


ciple that a mercury lamp, one électrode of 


which is formed of mercury, the other of 
solid metal. such as steel allows an electric. 


_ charge to pass in only one direction from 


tlie mercury to the steel and not vice versa. 


œ The mercury electrode of the vacuum tube 


40 


charges can pass only from the aerial 
through the vacuum tube to the oscillation. 
circuit, but not vice versa. „Oscillations 
‘which are formed on being transformed in’ 
the oscillation circuit cannot pass to the- 


- danger of lightning. A 
_ As regards the use of spark gaps, all 
arrangements as used for wireless teleg- 


ox 
ve 


N -is therefore connected with the aerial ` 
conductor and the steel electrode with the 


oscillation circuit. * From this it results that 


aerial conductor. — a, a 
In practice these vacuum tubes must be 


connected behind an electromagnet as the ' 


latter alone affords no 


` a fe 


protection against; the 


raphy may be used. Of course the spark. 


gaps in large machines must have. a suffi- 
_ ciently large surface. In very large stations 


they are cooled in liquid carbonic acid or 


better still in liquid nitrogen or hydrogen ; 


60. 
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In most cases the cooling mav also take 


. place by means of liquefied low homologues 


65 


of the"metal series or by means of hydro- 
carbons the freezing point of which liés at 
between: —90° C. and —40° C. The spark 
gap casing must also be insulated and be of 


; sufficient strength to be able 
pressure which may arise: Any undesirable -. 


jade 


high inductance. may 


: conductor: action.’ 


effect is substantially increased. 
In practice however, very high towers: 


must be automatically let off, I have em- 


ployed with very good results mercury elec- 


walls. ~> 


+ Figúre 20 is one of the simplest forms of 


. pez 


nections rùn. © ~ -0 a Sh 


to resist any. 


? ‘oo = 
4 


z €xcess super-pressure which may be formed _ 


10 


“trodes which were frozen. in liquid carbonic +` a 
acid, the cooling being maintained during oe 
the operation from. the outside through the © >. 


15 


construction. of an-aerial network in com- ``- 
—<Bination with collectors, transformers and ` 
the like illustrated diagrammatically. E is. 
here the earth wire, 8'the-safety spark gap, - 
T the working spark gap, 1 and 2 the stator 
„surfaces of the motor, 5'a condenser battery, 
-S the protective magnet which is connected — 
with the coil in the aerial conductor, Al to: . . 
A” aerial antenne, with-collecting balloons, | 

-N horizontal collecting or connecting wires 


80. 
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The- “actual. collectors “consist of | metal = 


. sheaths preferably made of an aluminium - 
Magnesium alloy, and are filled with hydro- 


gen or helium and are attached to copper 


the balloon aluminium spikes, made ' and 


gilded in a special manner hereinafter de-.- 


scribed, are arranged in order to produce a 
; . Small quantities of 
radium. preparations,’ more _ particularly 


-polonium-ionium or mesothorium prepara- 
tions considerably increase the 1lonization, — 

and therewith the action of these collectors. ` 
«In addition to’ metal balloons, fabric bal- 


loons which are superficially metal coated 


according to Schoop’s metal spraying proc- 
ess, may however also be employed. A 
metallic surface may also be produced ‘by ` 


lacquering with metallic bronze powders in 
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‘plated ‘steel wires. The size of the balloon ' 
is. selected, so that the actual wéight of the - 

“balloon “and the weight of the conducting i 
wire is supported thereby. On the top of 


05 a 
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lacquering with metallic bronzes, preferably. 
according to Schoop’s spraying process or 


two electrical series of widely different. 


metals, because thereby 


the collecting effect 


is considerably increased. — 


. Instead of the ordinary round balloons, 
elongated cigar shaped ones may be em- 


ployed. . In order also to utilize the fric- 


tional energy of the wind, patches or strips 


of non-conducting. substances which pro- 


duce electricity by friction, may be attached 
to the metallized balloon surfaces. ' The 


115 
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wind will impart a portion of its energy in | 


the form .of frictional electricity, to. the 
balloon casing, and thereby the collecting 


(up to 300 metres is fully admissible) may 
be employed ‘as antennæ. In these towers 


copper tubes rise freely further above the' 


top of the tower. A gas lamp secured, 
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against the wind is then lit at ie point of 


the copper tube and a netting is secured to 


-. the copper tube over the flame of this lamp 


20 
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nected with a horizontal conductor. 


to form a collector. The gas is conveyed 


through the interior of the tube up to the 


summit. The copper tube must be abso- 
lutely protected from moisture at the place 
at which-it enters the tower and also rain 
must be prevented running down the walls 
of the tower which might lead to a bad 
catastrophe. This is done by bell shaped en- 
largements which expand downwards, being 
arranged in the tower in the form of high 
voltage insulators of Siamese pagodas.. 


Special attention must be devoted to the 


foundations of such towers. They must be 
well insulated from the ground, which may 
be obtained by first embedding a layer of 
concrete in a box form to a sufficient depth 
in the ground and inserting in this an 
asphalt lining and then glass bricks cast 
about 1 or 2 metres in thickness. Over this 
in turn there is a ferro-concrete layer in 
which alone the metal foot of the tube is 
secured. This concrete block must be at 
least 2 metres from the ground and be fully 


protected at the sides by a wooden covering, 


from moisture. In the lower part of the 
tower a wood or glass house for the large 
condenser batteries or for the motors may 


be constructed. In'order to lead the earth 


connection to the ground water, a well in- 
sulated pit constructed of vitreous bricks, 
must be provided. Several such towers are 
erected at equal distances apart and con- 
The 


` horizontal connecting wires may either run 
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directly from tower to tower or be carried 
on bell shaped insulators similar to those in 
use for high voltage conductors. The width 


of the network may be of any suitable size. 


and the connection of the motors can take 
place at any suitable places. 


In order to collect large quantities of: 


electricity with few aerials it is well to pro- 
vide the aerial conductor with batteries of 
condensers as shown in two methods of con- 
struction in Figures 21 and 22. In Figure 
21 the batteries of condensers 5 are con- 


nected on the one hand with the aerial elec-. 
tricity collectors Z by the aerial conductor 
_ A, and on the other hand interconnected in 


serles with an annular conductor from 
which horizontal conductors run to the con- 
necting points C to which the earth wire is 
connected. 

Figure 22 shows a similar arrangement. 
Should two such series of antenne rings be 
shown by a voltmeter to have a large ` dif- 
ference of potential (for example, one in the 


"mountains and one in the plain) or evén of 


different polarity these differences may be 
compensated for by connecting sufficiently 
large condenser batteries (5, 53, 5 5) by means 
of Maji star conductors D and Dt. In Fig- 


poles directly to the aerial conductors. 
improved diagram of the connections for 


«work, 


curr ent up to and beyond 500 volts. 
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ure 23 a connection of three such rings of 


collectors to form a triangle with a central 
condenser battery is illustr ated. 


The condenser batteries of such large = 
stallations must be embedded in liquefied T 


gases or in liquids freezing at very low 
temperatures. 
the atmospheric energy must be employed 
for liquefying these gases. It is also-prefer- 
able to employ pressure. By this means the 
condenser surfaces may be diminished, and 
still allow for large quantities of energy to 
be stored, secure against breakdown. For 
smaller installations the immers' ng of the 
condensers in well insulated oil or the like, 
suffices. Solid substances on the other hand 
cannot be employed as insulators. 

The arrangement in the diagrams hitherto 
described was always such ‘that the con- 
denser batteries were connected with both 


An 


= 


In such cases a portion of . 


obtaining ‘atmospheric electricity. for the — 


condenser batteries has however, been found 


to be very advantageous, this arrangement 
consists in that they are connected by only 
one pole (unipolar) to the collecting, net- 
Such a method of arrangement is 
very important, as by means of it a constant 
current and an increase of the normal work- 
ing pressure or voltage is obtained. If for 


‘example a collecting balloon aerial which is 


allowed to rise to a height of 300 metres, 
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shows 40,000 volts above earth voltage, in . 


practice it has been found that the wor king 


voltage (with a withdrawal of the power 


according to the method hereinbefore de- 


scribed. by means of oscillating spark gaps 
and the'like) is only about 400 volts. If 
however, the capacity of the condenser sur- 
faces be increased, which capacity in the 
above mentioned case was equal to that of 
the collecting surface of the balloon aerials, 
to double the amount, by connecting the 
condenser batteries with only one pole, the 
voltage rises under an equal withdrawal of 
This 
can only be ascribed to the favourable action 
of the connecting method. 

In addition to this substantial im prove- 
ment it has also been found prefer aie to 
insert double inductances with electromag- 
nets and to place the capacities prefer ably 
between two such electromagnets. Jt has 
also been found that the useful action of 
such condensers can be further increased if 
an induction coil be connected as inductive 
resistance to the unconnected pole of the 
condenser, or still better if the: condenser 
itself be made as an induction condenser. 
Such a condenser may be compared with a 
spring which when compressed carries in 
itself accumulated force, which it again 
gives off when released. In charging, a 
char ge with reversed sign is farmad at the 


- conductor network, which in fact charges 
_ with opposite signs to that at the freé con- 

| The new induced charges havé. 1 
of course the same sign as the collector net- . 
work, . The whole voltage. energy in the: 
aerial is thereby however increased. In the 
-~ “same space of time. larger quantit: es of | 
- energy are accumulated -than is the case 
without such inserted condenser batteries. |” 
Tn. Figures 24 and 25 two: different dia- 

- grams’ of connections are more exactly 1llus-. 
trated, Figure 24 shows a collecting balloon: + 
“and the diagram of- the connections to earth. ` 
Figure 25 four collecting balloons and the. 
parallel connection of. the condenser’ bat- : 
teries, belonging thereto. ` 
A is the collecting balloon: cade! oF an 


Pa _ denser pole.’ 


10 
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os . ‘ilies fis eee pole, and if thr otigh ù the. 
spark gap a short circuit. results, the accu- 


mulated. energy is again given back since 
now new quantities. of energy are induced 
at: the condenser pole connected with the 


- aluminium magnesium alloy (electron metal, 


2° 
Sr. 


—magnalium) of a specific gravity of 1.8 and 
a thickness of plate .0.1 to 0.2 mm. -Inside : 


there are eight strong vertical- ribs. of T 


oU 


ribs. 


r + 
ea 
Le 
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_ external surface is obtained. 
or coppered aluminium plated steel wir esrun 
from each rib to the fastening ring 2. | Fur- 
the coppered steel ha, wser L pr efer ably 


_- dotted lines in Figure 24) and which rust» 
ae be. long enough to allow the-balloon to rise . 
in the desired height, leads to.a metal roller. 


60 


elasticity. 


“0 well insulated from the earth. | | 
this winch, the balloon, which i is filled with 
hydrogen, or helium, can be allowed to rise 
to a suitable. height (300 to: 5 
and brought to the ground for recharging A 


shaped section about 10 to 20 mm. in height 


and about 3 mm..in thickness with:the pro- 
jecting part directed inwards (indicated by. : 
a,b,c, d and so forth) they are riveted to- 
géther to form a firm skeleton and are stiff-... 
ened in a horizontal direction. by two cross 
The ribs are further connected with — 


one another internally and transversely by 


means of thin steel wires, “hereby: the bal- 
loon obtains. great power of resistance and 
Rolled plates df 0.1 to 0,2 mm. in .. 
-tiickness made of magnalium alloy are then’: 
either soldered: or riveted. on this skeleton 


so that a fuly metallic casing: with smooth 


t! Er, 
twisted out of separate thin wires (shown i in 


or, pulley 3 and from thence to a winch W, 


000 metres) 


or repairs. 
The actual current is ee aes 


through a friction contact from the metal 
roller 3 or from the wire, or even from the 
: winch or simultaneously from. all three by 
means of brushes (3, 3? and 3°). 


Beyond 
the brushes the ‘conductor is. divided; the 
paths being -—firstly over 12 to the safety 
spark gap 8, from thence to the‘earth con- 


ductor “Ex, and secondly over electromagnet 
2 $1, point 13, to a second loose electromagnet 


- ductor. EZ; - 


21,3 


ductor than would. otherwise be the case. 
< has also been found that such a back a 


Well sil vered 


trated. by 1i); 


By means af p 


of light metal. 


7 


a an ai coil DS da to the. | 


spark. gap Y and to the. second. earth con- 
‘The actual working «circuit ‘is: 
formed through.the spark gap. me condensers’ - 
53 and 6, and. through: the. primary coil 9; 
here the static electricity formed by. oscil. i 
latory discharges is accumulated and. con- ~ 


erted into high frequency electromagnetic. 


oscillations. 
and S? at the crossins point 13, four con- 


Between the electromagnets a 


15 


denser batteries are: introduced: which: are 


Two of 


‘only. indicated diagrammatically in the — 

-drawings-each by one condenser. 
these batteries. (16 and 18) are made as plate 
- condensers and prolonged by regulating im- 
duction. coils.or spirals‘17 and 19 while the 
‘two others (21 and 23) are induction «on- 
~densers. As may he seen from the dra wings | 
eath of the: four. condenser batteries 1€, ÍS, ie 
23:is connected only by one pole. to the € 


E aerial. or to: the . collector conductor. -The e 


second -póles 17, 19; 22, 24 are. open. In the, -- 


resistance an induction coll is inserted.’ 


` case of plate’ condensers haying no inductive ` 


The- 
ae 


object of such a ‘spiral or coil is the displace- a 
ment of phase of the induction current by 14. | 


collector aerial the back inductive. action. of 
maintained. in the aerial | collecting 
action 


wear of the contacts. 


periods, whilst’ the charging current of the a 
condenser poles which lie free in: the air, 0°: 
works back to.the collector. aerial, 
“sequence of this is that in discharges in the . 


The. eoh- > 
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-the free poles allows a higher voltage to be h 
COn- 


It 


100. | 


has an extremely favourable effect. on the 
Of course the indue- > - 
tive effect may be regulated at will within - 
the limits of the size “ot. the induction coil, ` 
the length of the coil in action being: ad: <] 


justable by. means of wire connection. with- ome 


‘out induction. (see Fig. 24, No. 20). : 


-S* and:S? may also be pr ovided with sich: 
regulating devices in the case of S? (illus- — 


able apparatus, 
be dangerous for the other apparatus. 


The action of these condenser batteri ies hi as 115 
alr eady been hereinbefore described. 


Tt excess voltage be formed 
itis. conducted. to earth thr ough the wire 12- 
and spark gap 8 or through any other sitit- 
since this. formation would | 


The small circles‘on the collector halon = 


indicate places at which zinc amalgam. or - 


gold amalgam or other photoelectric acting — 


metals in the f form of small patches in ex- 


tremely thin layers (.01 to .05 mm. in 


129 _ 


thickness) are applied to-the balloon casing | 


Stich metallic patches may 3 


also be applied to the entire balloon as'well 
as in greater thicknéss to the conducting 12: 


netw ork. 


The greatest. possible effect in col- 
lecting may be obtained by polonium amal- 
gams “and the like. * 


On the surface of the 


The capacity of the collector is | 
thereby considerably strengthened at the 
surface.. 


19 


ID 
. © 


ro 
Ut 


have a rough surface. 


8 


collector, balloon metal points or spikes are, 


also fixed along the ribs, which spikes serve 
particularly for collecting the collector 
charge. Since it is well known that the re- 
sistance of the spikes is less the sharper the 
spike is, for this purpose it is therefore ex- 
tremely important to -employ as sharp 
spikes as possible. Experiments made as 
regards. these have-shown that the forma- 
tion of the body of the spike or point also 
plays a large part. for example, spikes made 
of bars or rollers with smooth surfaces, 
have a many times greater point resistance 
as collector accumulatot spikes than those 
with rough surfaces. Various kinds of 
spike bodies have been experimented with 
for the collector balloons hereinbefore men- 
tioned. The best results were given by 
spikes which were made in the following 
wav. Fine points made of steel, copper, 
nickel, or copper and nickel alloys, were fas- 
tened ‘together in bundles and then placed 
as anode with the points in a suitable elec- 
trolyte (preferably in hydrochloric acid or 
muriate of iron solutions) and so treated 
with weak current at 2 to 3 


ness of the spikes or pins the points become 
extremely sharp and the bodies of the spikes 
The bundle can then 
be removed and the acid washed off with 
water. The spikes are then placed as 
cathode in a bath consisting of solution of 
gold, platinum, iridium, paladium or wolf- 


ram salts or their compounds and coated- 


- at the cathode galvanically with a thin layer 


a0 
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of precious metal, which must however be 
sufficiently firm to protect. them from at- 
mospheric oxidation. _ 

Such spikes act at a 20 fold lower voltage 
alinost as well as the best and finest points 
made by mechanical means. 


forming the protective layer or coating. 


Such pins have a low resistance at their 
points and even at one volt and still lower 


pressures have an excellent collector action. 
In Figure 24 the three unconnected poles 


are not connected with one another in par- 
That is quite possible in practice 


allel. 
withont altering the principle of the free 
pole. It is also preferable to interconnect 


in parallel to a common collector network, 


a series of collecting aerials. 
Figure 25 shows a diagram for such an 
installation. Az A? A3, As are four metal 


collector balloons with. gold or platinum. 


coated spikes which are electrolytically 
made in the presence of polonium emana- 
tions or radium salts, which spikes or nee- 
dles are connected over four electro-magnets 
S1, 52, S$, S*, through an annular conductor 
R. 
run over four further electromagnets -S°, 


Ə volts pressure. 


After 2 to 3 hours according to the thick- injured. 


Still better re- 
sults are obtained if polonium or ‘radium 
salts are added to the galvanic bath when: 


From this annular conductor four wires 
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Th ere 


SP, § se Sa, to the cameti point 13. 


the conductor i is divided, one branch passing 
over 12 and the safety ‘spark gap 8 to the. 


earth at Et, the other over inductive resist- 
ance J and working spark gap 7 to the earth 
at E? The working circuit, consisting of 
the condenser 5 5 and 6 
motor or a condenser motor M, such as here- 
inbefore described, is connected in prox- 
imity round the sparking gap section 7. 
Instead of directly connecting the con- 


denser motor of course the primary circuit 


for high frequency oscillatory current’ may. 
also be inserted. 
The condenser batteriés are connected by 


one pole to the annular conductor R and can 


be either, inductionless (16 and 18) or made 
as induction condensers as shown by 21 
and 23. . The free poles of the inductionless 


-condensers are indicated by 17 and 19, those 


of the induction condensers by 22 and 24, 


ine a resonance 


we 
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As may be seen from the drawings all these - 


poles 17, 22, 19, 24 may be interconnected 
in parallel through. a second annular con- 
ductor without any fear that thereby the 
principle of the free pole connection will be 


already set forth the parallel connection 


also allows of an equalization of the work-. 


ing pressure in the entire collector network. 
Suitably constructed and calculated induc- 
tion coils 25 and 26 may also be inserted in 
the annular conductor of the free poles, by 
means of which a cirenit may be formed 
in the secondary coils 27 and 28 which al- 
lows current produced in this annular con- 


ductor. by fluctuations of the charges or the. 


like appearances to be measured or other- 
wise utilized. 

` According to what has been hereinbefore 
stated separate collector balloons may be 
connected at equidistant stations distributed 
over the entire country, either connected di- 
rectly with one another metallically or by 


‘means of intermediate suitably connected 


condenser batteries through high voltage 
conductors insulated from earth. The 
static electricity is converted through a 
spark gap into dynamic energy of a ‘high 
number of oscillations and may in such form 
be coupled as a source of energy by means 
of a suitable method of connecting, various 
precautions being observed, and with spe- 
cial regulations. The wires. leadine from 


the collector balloons have hitherte been 


connected through an annular conductor 
without this endless connection, which can 
be regarded as an endless induction coil, be- 
ing able to exert any action on the whole 
conductor system. 

It has now been found that if the network 
conductor connecting the aerial collector bal- 
loons with one another is not made as a 
simple annular conductor, but preferably 


‘short circuited in the form oe coils over a 


In addition to the advantages. 


og 
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a 


10 


sca 
_ balloons, 5, 6, 7, 8 their metallic aerial con- 
. ductors and I the actual collector network. 
This consists of five coils and is mounted on 


20. 


25 


30 


35 
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| condenser battery or spark gap or through | 


thermionic tubes or valves or audions, then 


the total collecting network exhibits quite 


new properties. The collection of atmos- 


_pheric electricity is thereby not only in- 
creased but an alternating field may be eas- 


ily produced in the collector network. 


Further, the atmospheriéelectrical forces. 


showing themselves in-the higher regions 
may also be directly obtained by induction. 
In Figures 26 and 28 a form of construction 


- As shown on the basis of which. the further 
. foundations of the method will be: more par-. 


ticularly explained. Bo Ba BE cee S 
_ In Figure 26 1, 2, 3, 4 are metal collector 


high voltage insulators in the ‘air, on high 


voltage masts (or with a suitable construc- 
tion of cable embedded in the earth). One. 


coil has a diameter of 1 to 100 km. or more. 


S and S? are two protective electromagnets, 
F- the second safety section against excess 
voltage, E its earth conductor and E the 


earth conductor. of the working section. 


. When an absorption of static atmospheric 


electricity is effected through the four bal- 
loon collectors, the current in order to reach 


the earth connection E* must flow spirally. 


through the collector. network over the elec- 


tromagnet S, primary induction coil 9, con- 

_ ductor 14, anode A of the audion tube, in- 
candescent cathode. K, as the way over the. | r distance. VW 1th | 
| | of the spiral it is ‘possible to connect large 

surfaces and thereby to take up also. large 


electromagnet and.safety spark gap F offers 


considerably ‘greater resistance. Owing to. 


the fact that the accumulated current flows 


40 


45 


_ points on' the balloon and the surrounding ~ 
atmosphere are ‘produced. The. result ‘of. 
this is a considerably increased collector ef- rou 
| A spopthern lights are constantly present, large - 

A second effect which could not be ob- 
tained otherwise is obtained by the electro- 
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In one direction, an electromagnetic alter- 
nating field is produced, ini the interior of- 


the collector network coil, whereby the whole 


free electrons are directed more or less into. 


the interior ‘of the coil. “An increased ioni- 


zation of the atmosphere is therefore pro- 
- duced. ` In consequence. of this the points 


mounted on the collector balloon show a 
considerably. reduced resistance and there- 
fore increased ‘static: charges between the 


fect. 


magnetic alternating field which running 
parallel to the earth surface, acts more or 


less with a diminishing or. increasing éffect: 
on the earth magnetic field, whereby in the’ 
case of fluctuations in the current a return 
induction current of reversed sign is always 


produced in the collector coil by earth mag- 


_ netism. - Now if, however, a constantly pul- 


sating continuous alternating field is pro- 


duced as stated in the above collector net- 


work I, an alternating current: of the same 


periodicity is produced also in the collecting 


network coil. As the same alternating field 
is further transmitted to the aerial balloon, 
ponte is thereby. con-~ 
ilst the collector ac- — 


the resistance of its 
siderably reduced,. w | "ac: 
tion is cónsiderably increased. A- further 


advantage is that positive electrons which 
collect on the metal surfaces during the con- * 
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version into dynamic current produce a so- — 


called. drop of potential: of the collector 


area. As an alternating field is present, the 


76 


negative ions surrounding the collector sur- | 


` faces, when discharge of the collector. sur- 


faces takes place produce by the law of in- 


duction, an induction of reversed sign on | 


the collector: surface and so forth (that is 


to say again a positive charge). In addi- 
‘tion to the advantages hereinbefore set forth 
the construction of connecting conductors in 


3 


coil form when. of sufficiently large diam- 


eter, allows of a utilization of energy aris- g: 
Ing in higher regions also in the simplest 
way. „As is well known electric discharges. 


frequently take place'at very great eleva- 


tions. which may be observed, such as St. 


Elmo’s fires, or: northern lights. These 


energy quantities have not been able to be 


80 


utilized up to now. By this invention all . 


these kinds of energy, as they are of an 
electromagnetic. nature and the direction of 


the axis of the-edllector: coils stands at- right- 
angles to'the earth’s surface, can be more or 


95 


less absorbed in-the same way as A receiver | 
1n wireless telegraphy absorbs waves coming — 
from a far distance. With a large diameter 


quantities of energy. 
+ It is well 


tions in* the summer months, and also in 
the tropics are very frequently unable to 


receive the signals in consequence of inter- 


ruptions which are caused by atmospheric 


100 


known that large wireless sta- 
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. electricity, and this takes place with vertical 


coils of enly 40 to 100 m. diameter. If on > 


the contrary horizontal coils of 1 to 100 km. 
diameter be employed very strong currents 


tter: in the polar regions where the 


with ‘several 
ngs 1 - In similar 
manner any alteration of the earth mag- 
netism should act inductively on such a coil. 


It is not at all unlikely that earthquakes 


and spots on the ‘sun will also produce an 
induction in such collector coils of sufficient 
size. In similar manner this collector. con- 


-ductor will react on earth currents more _ | 
cd when they are near the surface _ 


of the earth or.even embedded in the earth. 
By combining the previous kind of current 


collectors so far as they are adapted for 1 
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may be obtained through discharges which _ 
are constantly ‘taking place in the atmos- 
pee | eed in the tropics or still 
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“quantities of energy may probably be ob- 
tained in this way. A. coil 
‘windings should act ‘the best. 
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_ the improved system with the improved pos- 


sibilities of obtaining current the quanti- 
ties of free natural energy which are to be 
obtained in the form of electricity are con- 
siderably increased. — .. . a ih 

In order to produce in the improved col- 
lector coil uniform current oscillations of 
an undamped nature so-called audion high 


vacuum or thermionic tubes of suitable con- 


nection are employed instead of the. pre- 


viously known spark gaps (Fig. 26, Nos. - 


9-18). The main aerial current flows 
through electromagnet S (which in the case 
of a high number of alternations is not con- 


nected here but in the earth conductor -E*) 


and may be conveyed over the primary coils 


in thé induction winding through wire 14 
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to the anode A of the high vacuum grid 
tube.. Parallel with the induction resistance 


9 a regulating capacity of suitable size, such . 


as condenser 11 is inserted. In the lower 
part of: the vacuum grid tube is arranged 
the incandescent filament or the cathode K 
which is fed through a battery B. From 


the battery. B two branches run, one to the- 


earth conductor E* and the other through 
battery B* and secondary coil 10 to the grid 
anode g in the vacuum tube. By the method 
of connections shown in dotted lines, a -de- 
sired voltage at the grid electrode g .may 
also be produced through the wire 17 which 
is branched off from the main, current con- 
ductor through switches 16 and some small 


._ condensers (a, b, c, d) connected in series, 
2 and conductor 18, without the battery Bt 


being required. | 


The action of the entire system is some-. 
what as follows :— ya A 


On the connecting conductor. of the aerial 
collector network being short circuited to 


- earth, the condenser pole 11 is charged and 


slightly damped oscillations are formed in 
the short circuited existing oscillation cir- 


cuit formed of the condenser 11 and self 


inductance 9. In consequence of the cou- 
pling through coil-10, fluctuations of voltage 
take: place in the grid circuit 15 with the 
same frequency, which, fluctuations in turn 


influence the strength of the electrode cur-: 
rent passing through the high vacuum am-. 


plyfying tube and thus produce current fluc- 


tuations of the same frequency in the anode 
circuit. A permanent supply of energy to the- 


oscillation circuits 9 and 10 consequently 


takes place, until a condition of balance is — 


set up, in which the consumed oscillation 
energy is equal to that. absorbed. Thereby 
constant undamped oscillations are now pro- 
duced in the oscillation circuits 9-11. 

For regular working of such oscillation 
producers high vacuum strengthening tubes 
are necessary and it is also necessary that 
the grid and anode voltages shall have a 


phase difference of 180° so'that if the grid 
is negatively charged, then the anode is 
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positively charged and vice versa. This 


necessary. difference of phase may be ob-. 


tained by “most varied connections, for ex- 
ample, by placing the oscillation circuit in 


- the grid circuit or by separating the oscil- 
latión circuit and inductive coupling from 
_the anodes and the grid circuit and so forth. 


A second important factor in this way of 
converting static atmospheric electricity into 
undamped oscillations 1s that care must be 
taken that the grid and anode voltages have 
a certain relation to one another; the latter 
may be obtained by altering the coupling 


and. a suitable selection.of the self induction 


in the grid circuit, or as shown by dotted 


lines 18, 17, 16 by means of a larger or 


smaller number of condensers of suitable 
size connected in series; in this case the 


able selection of the grid potential a glow 
discharge takes place between the grid g 
and the anode A, and accordingly at the 
grid there is a cathode drop and a dark 


space is formed. The size of this cathode 


drop is influenced by the ions which .are 
emitted in the lower space in consequence 
of shock ionization of the incandescent 
cathodes K and pass through the grid in 
the upper space. On the other hand the 
number of the ions passing through the grid 
is dependent on the voltage between the grid 
and the cathode. Thus if the grid voltage 


undergos periodic fluctuations (as in the 


present case) the amount of the cathode 
drop at the grid fluctuates and consequently 


‘the internal resistance of the tube corre- 


spondingly fluctuates, so that when a back 


- coupling of the feed circuit with. the: grid 


circuit takes place, the necessary means are 
afforded. for producing undamped oscilla- 


tions and of taking current, according to re- 


quirements from the collecting conductor. 

-The frequency of the undamped oscilla- 
tions produced is with a suitably loose cou- 
pling equal to the self frequency of the 
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battery Bt may be'omitted.. With a suit- | 
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oscillation circuits 9 and 10. By a suitable ~ 


selection of the self induction of the coil 9 
and capacity 11 it 1s possible to extend from 


frequencies which produce electromagnetic 


oscillations of only a few metres wave 
length down to the lowest practical alter- 
nating current frequency. For large instal- 
lations a suitable number of frequency pro- 
ducing tubes in the form of the well known 

igh vacuum transmission tubes of .5 to 2 
kw. in size may be connected in parallel so 
that in this respect no difficulty exists. 

The use of such tubes for producing un- 
damped oscillations, and also the construc- 
tion and method of inserting such trans» 


mission tubes in an accumulator or dynamo 


circuit is known and also that such oscilla- 
tion producing tubes only work. well at-volt- 
ages of 1,000 up to 4,000 volts, so that on 
the contrary their use at lower voltages is 
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considerably more difficult. By- the use of 


_ high voltage static electricity this method 
_ of producing .undamped oscillations as com- 


pared with that through spark gaps must 


be regarded, as an ideal solution particu- - 
larly for small installations of outputs of. 


- from 1 to 100 kw. 


“15 
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By the .application of safety spark gaps, 


with interpolation of electro-magnets, not 


only is short circuiting avoided but also 
the taking up of current is regulated.. Os- 


cillation producers inserted in the above way 


form a constantly acting electromagnetic © 
alternating field in the collector coil, where- 


by as already stated, a considerable accumu- 


lating effect takes place. The withdrawal | 
wire or working wire is connected at 12 and > 


13, but current may ‘be taken by means of 
a secondary coil which is firmly or movably 


mounted in any suitable way inside the large 
collector coil, i. e. in its: electromagnetic 
alternating field, so long as the direction. of - 
its axis runs parallel with that of the main. 


current collecting coil: _ 
In producing undamped 
high frequency (50,000. per second and 


more) in the oscillation circuits 9 and 11, 


electromagnets S and Si must be inserted if 


the high frequency oscillations are not to 
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penetrate the collector coil, between .the os- 
cillation producers and the collector coil. 


In all other cases they are connected shortly 


before the earthing (ás in Figs. 27 and 28). 


loon aerials is illustrated in the form of a 
coil.: The main difference consists: in that 
in addition to the connecting conductor I 


another annular conductor: II is inserted l 
parallel ‘to the former on the high voltage. 
masts in the air (or embedded as a cable in - 
the earth) but both in the form of a coil. ° 
~ The connecting wire of the balloon aerials 
-. is Indicated as a primary conductor and also. 


as a current producing network; the other 
is the consumption network and is not in 


= unipolar connection with . the current, pro- 
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ducing network. 2 | 
In. Figure 27 the current roducing net- 
work I is shown with three balloon collec- 


tors 1, 2, 3 and aerial conductors 4, 5, 6; it is 
short circuited through: condenser 19 and 


inductance 9. The oscillation forming cir- 
cuit consists in this diagram of spark gap 
f, inductance 10, and condenser 11; the 
earth wire E, is connected to earth over 
electromagnet St. F is the safety spark gap 


which is also connected to earth through a 


second electromagnet S at E. On connect- 


ing up the condenser circuit 11 this is. 


charged over the spark gap f whereby an 
oscillatory discharge is ‘formed. This dis- 


charging: current acts through inductance 
10 on the inductively coupled secondary 9, 
whereby. in the producing network a modi- 


but it is advisable to insert a 


oscillations of a ' 


fication of the potential of the condenser 19 | 


is produced. The consequence of this is 


that ‘oscillations arise in: the coil shaped 


producer network. These oscillations in- 


duce a current in the secondary circuit II, ' 


which has a smaller number of windings 


and a less resistance, the voltage of which, 
according to the ‘proportion of the number 
of windings and of the ohmic resistance, 


is considerably lower whilst the current 


Strength is greater. a | | 
In order to convert the current. thus ob- 


ce 


tained into current of an undamped char- 


acter, and to tune its wave lengths, a suffi- 
ciently large regúlatable capacity 20 is in- 
serted between the ends 12 and 13 of the 


secondary conductor II. Here. also: current 


T : 
e 


may be taken without an earth conductor, 


gap E* ‘and to connect this 
over an electromagnet S2. — 


The producer network may be connected 
with the working network IT over an induc- 
_tionless condenser 21 or over an induction. 


condenser 22, 23. In this case the secondary 


conductor is unipolarly connected with the 
energy conductor. = = © 7 
- In Figure 28 the connecting conductor be- 
tween the separate accumulator balloons is 
carried out according to ‘the - autotrans- ` 
‘former principle. The collecting coil con- 
pects four aerial balloons-1,2,-3,4, the wind- 
| ings of which are not made side by side but 
In Figure 27 a second method of construc- | 
tion of the connecting conductor of the bal- 


one above the other. In Figure 28 the-col- 


lector coil I is shown with a thin line, the - 
metallically connected prolongation coils II 


with a thick line. Between the ends I! and 


II" of the energy network I a regulating | 


capacity 19 is inserted. The wire I! is.con- 
ected with the output wire and with the 
spark gap F. ess cas | 


safety spark - 
with the earth $ 


As transformer of the atmospheric elec- . 
tricity an arrangement is employed which - 
consists in-using rotary pairs of condensers 
in which the one stator surface B is con- 
nected with the main current, whilst. the 
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other A is connected with the earth nole. _ 


the alternating current formed in ‘the rotor 


can act, in this improved method of con- 
‘nection described in this invention, through — 
coils 10 on the inductance. 9, an increase or: 
diminution of the feed current in I can be 


obtained according to the direction of the 


Between these pairs of short circuited: con- ` 
densers are caused to rotate from which the , 
converted current can be taken by means of ` 
_two collector rings and brushes, in the form 

of an alternating current, the frequency of 
which is dependent on the number of bal- 
loons and the revolutions of the rotor. As. 


current by back induction. . Current oscil- 


lations of uniform rhythm thereby result in 


the coil shaped windings of the producer : 


net-work, - , 7 
As the ends of this conductor are short cir- 
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cuited through the regulatable condenser 19 
these rhythms produce short circuited: un- 


damped oscillations in the energy conductor, 


the periodicity and wave lengths of which 
oscillations can be adjusted according to 
desire by altering the capacity 19 to a given 
wave length and therewith also to a given 
frequency. These currents may also be em- 
ployed insthis form directly as working cur- 


‘rent. through the conductors -IF and LI. 


By. inserting the condenser 20 a connection 
between these conductors may also be made, 


By this means 
quite new effects as regards current distribu- 
tion are obtained. The withdrawal of cur- 
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tions distributed over the entire country or: 


may be connected by interpolation of suit- 
able condenser batteries by means of high 


voltage conductors. The static electricity 1s 


energy of a high number of oscillations, and | 


whereby harmonic oscillations of desired 
wave length are’ formed. 


rent can even take place without direct wire 


connection if, at a suitable point in the in- 


terior of the producing network {quite 1m- : 


materially whether this has a diameter of 
1 or 100 km.) a coil tuned to these wave 


lengths and of the desired capacity is firmly | 


or movably mounted in the aerial conductor 


in such a way that its axial direction is 1n 


parallel with that of the collector coil. In 
this case a current is induced in the produc- 
ing network, the size of which is depend- 
ent on the total capacity and resistance and 


also on the periodicity employed. A possi- 
bility is thereby afforded in future, of tak- 


ing energy from the producer network by 
wireless means. As thereby in addition to 
atmospheric electricity also magnetic earth 
currents and the energy from the higher at- 
mosphere (at least partially) may be simul- 
taneously ‘obtained, this last system for col- 
lecting the atmospheric energy is of particu- 
lar importance for the future. | 
. Of course everywhere instead of spark 
gaps suitable grid vacuum tubes may be em- 
ployed as producers for undamped oscilla- 
tions. The separate coils of the producer 
net-work with large diameters may be con- 
nected with one another through separate 
conductors all in parallel or all in series or 
in groups in series: By regulating the num- 
ber of oscillations and also the extent of the 
voltage more or less large colleetor coils of 
this kind may be employed. The coils may 
also be divided spirally over the entire sec- 
tion. The coils may be carried out in annu- 
Tar form or also in triangular, quadrangular, 
hexagonal or octagonal form. e 
Of course wires may be carried from a suit- 
able place to the centre or also laterally 
which serve the current waves as guides. 
This is necessary when the currents have to 
be conducted over mountains and valleys 
and so forth. In all these cases the current 
must be converted into a current of suitable 
periodicity. 
As already 
rate collecting balloons may be directly me- 


hereinbefore mentioned sepa-. 


converted through a spark gap into dynamic 


could then ‘in such form, with a suitable 
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arrangement: of the connections, observing - 
various measures of precaution, be employed | 


as source of energy after separate or special 


regulation. 


- According to this invention in order to in- 
erease the collecting effect of the balloon in- 


the aerial collector conductor or in the earth 
wire, radiating collectors are employed. 


These consist either of incandescent metal 


or oxide electrodes in the form of vacuum 


grid tubes, or electric arcs (mercury and the 


like electrodes) Nernst lamps, .or finally 
flames of various kinds may -be simply con- 


nected with the respective conductor. 


-T 
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It is well known that energy can be drawn - 


off from a cathode consisting of an incan- 
descent body opposite an anode charged 
with positive electricity (vacuum grid tube). 
Hitherto however, a cathode was always first 
directly placed opposite an anode, and sec- 
ondly the system always consisted of s 
closed circuit. _ Ea 

Now if we dispense with the ordinary 


ideas in forming light or flame arcs in which - 


a cathode must always stand directly oppo- 
site an anode, and if we place an incandescent 
cathode opposite an anode charged to a high 
potential or another body freely floating in 
the air, or regard the incandescent cathode 


‘only as a source of unipolar discharge 


(which represent group and. point dis- 
charges in electro-static machines similar to 


unipolar discharges) >it may be ascertained 


that incandescent cathodes and Jess perfect- 
ly all incandescent radiators, flames and the 
like admit of relatively large current densi- 
ties-and allow large quantities of electric 
energy to radiate into the open space in the 


form of electron streams as transmitters. 


The object of this invention is as described 
below, if such incandescent oxide electrodes 
or other incandescent radiators or flames are 
not freely suspended in space but connected 
metallically with the earth so that they can 
be charged with negative terrestrial elec- 


tricity, these radiators possess the property 


of absorbing -the free positive electrical 
charges contained in the air space surround- 
ing them (that is to.say of collecting them 


‘and conducting them to earth). They can 


therefore, serve as collectors and have, in 
comparison to the action of the spikes, or 
points, a very large radius of action R; the 
effective capacity of these collector is much 
greater than the geometrical capacity (Ro-) 


| í calculated in an electro-static sense. | 
tallically interconnected at equidistant ‘sta- | 


Now as our earth 15 surrounded as is well 
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_ known, with an electro-static field and the 
-. difference of potential © S 


of the earth. field according to- the latest 


investigations, is in summer about 60 to 


100 volts and in winter 300 to 500 volts per 


metre of difference in height (34), a simple 


calculation gives the result that when such a 


radiation collector or. flame collector 18 ar- 


_ ranged for example on the ground; and a 


second one is mounted vertically over it at 


a distance of 2,000 metres and both are con- 
nected by a conducting cable, there is a dif- 


_ ference of potential in summer of about 


2,000,000 volts and in winter even of 6,000,- 


000 volts and more. ` 
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_ ing space a periodic fall of potential 8V jt 
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an electric total work of 
10% kilowatt years. 


radiation, t 


coe to Stefan Boltzmann’s law of 


e quantity of energy which an 


incandescent surface’ (temperature T) of 1. ES 
Sq. cm. radiates in a unit of time into the E O O He a 
| | From this it must be concluded that if the — 

(Tz). sinks, the total 


the following formula: es | 
-S=8 (IT) watt/sq. em. 


and’ the universal radiation constant 6. is 


open air (temperature T,) As expressed by 


_., according to the latest researches of Ferry 
4, (Annales de Chimie et-de physique 17 Page. 


` 


267 (1909) ) equal to 6:30 102 watt/sq. cm. - 


Now if án-incandescent surface of 1 sq. 


cm. shows, as compared with:the surround- 


radiates (independent of the current direc- 


tion, that is to say of the nen) in accord- 
_ ance with the above formula, for 


a temperature of 3725° 


Now as carbon electrodes at the temperature 


of the electric. arc support on the current 
basis a current density up to from 60 to 65 
amperes per sq. cm. no difficulties will result 
in this direction in émploying radiating col- -t 
| in the atmospheré as technology requires; 
the radius of action of the flame collectors 


lectors as accumulators. ON 
If the earth be regarded as a cosmically 


insulated condenser in the sense of geometri- . 


cal electro-statics œ there results from the 
geometric (compare Ewald Rasch, “das 


elektrische Bogenlicht”- (The electric are 
light) page 169) capacity 


cording to Chwolson: — 


For negative charging 1.810% Coulomb | 


For negative potential V—10X108 volts. 
From this there results however, EJT==24.7 
X10% watt/Sec. Now if it is desired to 
make a theoretic short circuit through an 
earthed flame collector this would represent 
about 79,500 


regarded as a rotating mechanism which is 
thermo - dynamically, — electromagnetically, 


- and also kinematically coupled with the sun 


and stars system by cosmic radiations and 


case as the earth 


earth. temperature 


_. The -incandescent 


earth electricity 
example at 
C. an energy of 1.6. 
Kw.. per sq. cm. per second. As. for. the 

radiation the same value can be: calculated 
for the collection of energy, but reversed. 


of the:earth ac- 
aon _ the atmosphere: 


As the earth must be’ 


e 


€nergy of the earth field is not to be feared. 


The energies which the incandescent col- 


l _lectors would withdraw from the earth field. - 


can only cause by the withdrawal of motor. 


work a lowering of the earth temperature 


{temperature 1,300) and reduce this to 
that of the world space (T=O) by using 
the entire energy. | 
does not represent a cos- 
mically entirely insulated system. On the 


radiation from the sun an energy of 18,500 


gravitation a dimimition of the electric. 


(DN 


This is however not the. 
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contrary there is conveyed_to-the same ace. 
cording to the recent value corrected by | 
Ferry for the solar constants through the 


so 


X10% kw. Accordingly any- lowering of — 


the earth temperature ( Ts) without a simul- 


taneous .lowering of the sun's temperature 


(Ts) would contradict; Stefan Boltzmann’s _ 


law of radiation. 

| ce S-6 (TAT), 

radiation S absorbed by the earth increases, 
and further. also that the secular speed of 
on that of 
nected most closely: with these. 


may, according to this ‘invention, be em- 


ployed for collecting atmospheric electricity | 
if they (1) are charged with the negative. 
(that is to say when they - 


are directly connected by means of-a metal- 


‘lic conductor with the earth) and (2) if | 
S „(metal surfaces) charged | 
with- electricity are mounted -Opposite them 
As positive poles in the air. 


large capacities 


This is regard- 
ed as the main feature of the present in- 
vention as without ‘these inventive ideas it 
would not be possible to collect with an in- 
candescent collector, 
tities of the electrical charges ` contained 


would also be. too small, especially if it be 
considered that the very small surface den- 
sity (energy density) (6 about=2X7 . 10° 

t. E. per sq. em.) does not allow of large 
quantities of charge'being absorbed from 


w) Calculated according to Poisson's cal- 
culations = a? pt | 
AV=—4n8; as here the alteration of the 
potential or potential gradients only takes 


cooling of the earth is directly dependent : E 
on th the sun and the other radiators | 

cosmically coupled with the sun and is con- 
radiation - collectors - 
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sufficiently large quan- _ 
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120. 


place in the direction of the normal, this 


calculation assumes the simple form 
E TA 


Tt has indeed already been: 


mospheric electricity and it is known that 


roposed to 
employ flame collectors for co ecting at- | 
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ignoring V DS and assuming that r DS = 0 
does not greatly affect the value of RD. The 
1.67 kQ value is only about 5 percent higher 
than the 1583 ohm value for RD. 

41 Now, turn the JFET OFF. From the 
curve shown in Figure 4.28 , you can see 
that a cutoff value of -4.2 volts is required. 
Use a gate to source value of -5 volts to 
ensure that the JFET is in the “hard OFF” 
State. The purpose of resistor RG is to 
ensure that the gate is connected to ground 
while you flip the switch between terminals, 
changing the gate voltage from one level to 
the other. Use a large value of 1 MQ here to 
avoid drawing any appreciable current from 
the gate supply. 

Question 
When the gate is at the -5 V potential, what 
is the drain current and the resultant output 


voltage? _—_—_— 

Answer 

ID = O ampere and V out = V DS = 20 
volts, which is V DD 

Summary 

In this chapter, you learned about the 
transistor switch and how to calculate the 


resistor values required to use it in a circuit. 
You worked with a lamp as the load 
example because this provides an easy 
visual demonstration of the switching action. 
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their collecting effect is substantially great- 
er opposite the points. It is however, not 
known that the quantities of current which 
could hitherto be obtained are too small for 
technical purposes. 
periments the reason for this is to be found 
in the too small capacities of the collector 
conductor poles. If such flame or radiat- 
ing collectors have no or only small posi- 


tive surfaces, their’ radius of action for 
large technical purposes is too small. If 


the incandescent collectors be constantly 


kept in movement in the air they may co!- 


lect more according to the speed of the 


movement, but this is again not capable of 


being carried out in practice. | 

By this invention the collector effect is 
considerably increased by a body charged 
with a positive potential and of the best 
possible capacity being also held floating 
(without direct earth connection) opposite 
such an incandescent collector which 1s held 
floating in the air at a desired height. 11 
for example, a collecting balloon of sheet 
metal or of metalized balloon fabric be 
caused to mount to 300 up to 3,000 metres 
in the air and as positive pole it is brought 
opposite such a radiating collector con- 
nected by a conductor to earth, quite differ- 
ent results are obtained. a 

The metallic balloon shell (with a large 
surface) is charged to a high potential by 
the atmospheric electricity. This potential 
is greater the higher the collecting balloon 


5 is above the incandescent collector. The 


positive electricity acts concentratedly on 


the anode floating in the air as it is attracted, 
through the radiation shock ionization, pro-' 
ceeding from the incandescent cathode. 
The consequence of this is that the radius 


of action of the incandescent cathode col- 
lector is considerably increased and thereby 


also the collecting effect of the collecting 
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balloon . surface. Further the large ca- 
pacity of the anode floating in the air plays 
therefore an important part because it al- 
lows of the taking of large charges, and 


thereby a more uniform current is obtained 
even “when there is a large consumption: 


this cannot be the case with small surfaces. 


In the present case the metallic collect- 


ing balloon is a pos'tive anode floating in 
the air and the end of the earth conductor 
of this balloon serves as positive pole sur- 
face opposite the surface of ‘the radiating 


incandescent cathode, which in turn is: 
charged with negative earth electricity be- 


ing conductingly connected to earth. 
The process may- be carried out by two 


such contacts (negative incandescent cath- 


ode and anode end of a capacity floating in 
the air) a condenser and an inductive re- 


sistance being switched on in parallel, 


whereby simultaneously undamped oscilla- 
tions may be formed. 


According to my ex- 


collectmg effect. 
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In very large installations it is advisable 
to connect two such radiating collectors in 
series. Thus an -arc light incandescent 
cathode may be placed below on the open 
ground and an incandescent cathode which 
is heated by special electro-magnetic currents 
be located high in the air. Of course for 
this the special vacuum Liebig tubes with or 
without grids may also be employed. An 
ordinary arc lamp with oxide electrodes may 
be introduced on the ground and the posi- 


tive pole is not directly connected with the. 


collecting balloon, but through the upper: 
incandescent. cathode or over a condenser. 
The metho1 of connecting the incandescent 
cathode floating in the air may be seen in 
Figs. 29-38. © 7 | 

B is the air balloon, K a Cardan ring 
(connection with the hawser) C the bal- 


loon, L a good conducting cable, P a posi- *: 


tive pole, N negative incandescent cathode, 
and E earth conductor. | . 
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Fig. 29 represents the simplest form of 7 


construction. If electric oscillations are 


produced below on the ground by means of ‘ 


a carbon arc lamp or in other suitable way 
a considerably greater electric resistance is 
opposed to that in the direct way by in- 
serting an electrical inductive resistance 9. 


pane aie between P and N a voltage is 
3 


formed, and as, over N and P only an induc- 
tionless ohmic resistance is present, a spark 
‘will spring over-so long as the separate in- 
duction co-efficients and the like are cor- 
rectly calculated. The consequence of this 
is that the oxide electrode (carbon or the 
like) is rendered incandescent and then 
shows as incandescent cathode an increased: 
The positive poles must 
be substantially. larger than the negative in 
order that they may not also become incan- 


. descent. As they are further connected with 


the large balloon area which has a large 
capacity and is charged at high voltage, 
an incandescent body which is held floating 
in the air and a positive pole which can col- 
lect large capacities is thereby obtained in, 
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the simplest way. The incandescent cathode — 


is first caused to: become incandescent by 
means of separate energy produced on the 
earth, and then maintained by the energy 
collected from the atmosphere. . | 


` Fig. 30 only shows the difference that in- ` 


stead of a round balloon a cigar shaped one 
(of metal or metalized fabric) may be em- 
ployed and also a condenser 5 is inserted 
between the incandescent cathode and the 
earth. conductor so that a. short circuited 
oscillation circuit over P. N 5 and 9 is ob- 
tained. This has the advantage that quite 
small quantities of electricity cause the 
cathode to become incandescent and much 


larger cathode bodies may be rendered in- 


candescent. 
In this form of construction both the in- 
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candescent cathode and also the positive 


electrode -may be enclosed in -a` vacuum 


e 


= 
—_ 
— 


. metallic positive pole of the 
. g with the incandescent 
- electrode) N is 


=- employed. As in such collectors only small - 


` chamber as may be seen in Fig. 32. A cable 
L is carried well insulated through the 
cover of a vessel and ends in a condenser. 


disc 5.. The cover is arched in order to 
keep off the rain. The vessel 1s entirely or 


partially made of magnetic metal and. well’ 
Opposite the. 
this again a 7 
vacuum tube 
cathode (oxide 
| is arranged. The negative. 
electrode is on the one hand connected with 
the earth conductor E, and on the other 
: hand with the inductive. resistance 9 which’ 
- 18 also connected with the cable L with the 
positive pole and wound round the vessel in 
coils.: The action: is exactly the same as 


insulated inside and outside. 
disc 5 another disc 6 and -on 


that in Fig. 29 only instead of an Open .in- 
candescent cathode one enclosed in vacuo is 


- bodies can be brought to incandescence in 


30 


_to one another. 


large installations a plurality. of such 


vacuum tubes must be inserted in- proximity - 
According to the previous 


constructions Figs. 31 and 33 are quite self 
evident without further explanations. — 


Figs. 34-37 represent further. diagrams 


of connections over radiating and flame col- 


lectors, and in fact, how they are to be ar- 


. ranged on the ground. 


35 


40 


50 


Fig. 34 shows an arc light collector with ` 
oxide electrodes for direct,current. and- its 
connection; Fig. 35 a similar one for alter- 


nating current, Fig. 36 an incandescent col- 
lector with a Nernst lamp and Fig. 37 a 


similar one with a gas flame. | 
The positive pole 1 of the radiating col- 


lectors is always directly connected to the : 


aerial collecting conductor A.. In Fig. 34 


this is further connected over the condenser - 


battery 5 with'a second positive. electrode 
3. The direct current dynamo b produces 


- current which flows over between the elec- 


trodes 3. and 2 as an are light. On the for- 
mation of an arc the negative incandescent 


electrode 2 absorbs electricity from the posi-: 


tive poles standing opposite it and highly 
charged with atmospheric. electricity. and 


conveys the-same to the working: circuit. 


60 


The spark gap 7, inductive resistance 9 and 


induction coil 10 are like the ones previous- 


_ ly described: The protective electromagnet 
55 8 
cuiting, the safety spark gap 8 from ex- 


guards. the installation against earth cir- 


cess voltage or overcharging. na | 
. In Fig. 35 the connection is so far altered 
that the alternating current’ dynamo feeds 


the exciting coil 11 of the induction: con- 


denser. 12 is its negative and 13 its posi- 
tive pole; if the coil 3 on the magnet core 
of the dynamo is correctly calculated and 
the periodicity of the alternating current is 


sufficiently high an arc light can be formed 


way as in Fig. 34; the working spark 


15 


between the two poles 1 and 2. As the - 
cathode 2 is connected with the negatively. 


Charged earth, and therefore always acts:as. 


a negative pole, a form of rectification of .- 


the alternating current produced by thé 
dynamo 3 is' obtained, the second half of- 
the period is always suppressed. The work- 


ing circuit may be carried out in the same 


may however be dispensed with, and in- 
stead thereof between the points 7 and m a 


-condenser 5 and an induction resistance 9 
may be inserted from which the current is 


taken inductively. __ in, | of, p 
Fig. 36 represents a form of construction 


an arc lamp a Nernst incandescent body 


gap 


T5 o 


80 
similar to Fig. 34 only that here instead of. 


is employed.. The Nernst lamp is fed - 


through the battery 3. . The working section 
is connected: with the negative pole, the 
safety spark gap with the -+ poles. The 
working spark gap 7 may also be dispensed : 


with and the current for it taken at 12 


over the oscillation circuit 5, 11 (shown in. 
‘dotted lines). — ` | eae 
_ Flame collectors (Fig. 37) may also be 
employed according to this invention, The. 


-i 


00 


wire network 1 is connected with the aerial — 


collector conductor A and the burner with 
the earth. “At the upper end of the latter, ' 


long points are provided which project into e 
the flame. The positive electrode is connect- 


ed with the negative over à condenser 5 and 


-the induction cvil 9 with the earth. . 


The novelty in this invention is firstly, 


100 


the uše of incandescent cathodes opposite ` 


_ positive poles which are connected with _ 
‘large metallic capacities as automatic col- - 


lecting surfaces, (2) the connection. of the 


incandescent cathodes with the earth where- r 
_by, in addition to the electricity conveyed 
to them from the battery or machine which 
causes, the incandescing, | 
charge of the earth potential is conveyed, 


and (3) the connection of the positive and 
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also the negative — 


negative poles of the radiating collectors - 


over a condenser circuit alone or with the 


introduction. of a suitable inductive resist- l 
ance, whereby simultaneously an oscillatory 


oscillation circuit may be obtained. The ` 
collecting effect is by these methods quite 


considerably increased. 


I declare that what I claim is:— OR ee 


1. An electrical energy generating system, 


comprising a conducting surface: for stati 
charges, means to support same at a distance _ 


above the earth, a conductor leading to the 


earth level; a spark gap associated with said 
conductor to convert electrostatic charges . 


into electromagnetic high frequency oscilla- 
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tions means to supply said electromagnetic — 


energy to a net work, and a spark gap of 
greatly increased relative resistance in paral- 
lel therewith. 


- 2. An electrical energy geners tio systern ? 
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comprising.a conductor, means to support 
same above the earth level, an inductance 
therein, a spark gap associated with said 


conductor, a second spark gap of much 


higher relative resistance in parallel there- 
with and an energy receiving circuit coupled 
with the spark gap of lesser resistance. 

“3. An electrical energy generating system 
comprising a collecting surface, means to 
support same above the earth level, a con- 
ductor connecting said ‘collecting surface 
with the earth level, a choke in said con- 
ductor, an electromagnetic resistance con- 
verting electrostatic energy to electromag- 


netic energy, a safety higher resistance in 


parallel therewith and a net work coupled 


-with the conversion resistance of lesser | 


value. | | 
4. An electrical energy generating system 


comprising electric conductors spaced above - 


the earth to form electromagnetic oscillat- 


‘ing circuits, conductors connecting to earth 


level, electrostatic to electromagnetic energy 
conversion means therein, a safety high elec- 
trostatic resistance in parallel therewith and 


‘means to alter the electromagnetic charac- 


teristic of the circuits. | | 
5. An electrical energy generating system 


comprising in combination a static collect- 


ing surface arranged above the earth, con- 
ductors connecting to earth level, a pair of 


1,540,998 


spark gaps in parallel of different electro- 
static resistance, a utilization net work 
shunted across the spark gap of lesser re- 
sistance and an electromagnetic choke in said 
conductors. E 


6. An electrical energy generating system 


35 


comprising an open circuit energy collecting 


aerial, a pair of sparking gaps in parallel 


of widely different resistance, connected 


thereto and a closed electric oscillation cir- 
cuit in shunt across the gap of lesser re- 
sistance. a | | 

7. An electrical energy generating system 


aerial. 

In witness whereof, I -have hereunto 
signed my name this 30 day of Dec., 1920, 
in the presence of two subscribing witnesses. 


HERMANN PLAUSON. 


Witnesses: | 
H. F. ARMSTRONG, 
W. H. BEESTON. 


40 


45 


5L 


55 


A Practical Guide to ‘Free Energy’ Devices 


Part PatD8: Last updated: 28th January 2006 Author: Patrick J. Kelly 


Please note that this is a re-worded excerpt from this patent. It describes in considerable detail, different methods for 
abstracting useable electrical power from passive aerial systems. He describes a system with 100 kilowatt output as a 
“small” system. 


US Patent 1,540,998 9th June 1925 Inventor: Hermann Plauson 


CONVERSION OF ATMOSPHERIC ELECTRIC ENERGY 


Be it known that |, Hermann Plauson, Estonian subject, residing in Hamburg, Germany, have invented certain new and 
useful improvements in the Conversion of atmospheric Electric Energy, of which the following is a specification. 


According to this invention, charges of atmospheric electricity are not directly converted into mechanical energy, and this 
forms the main difference from previous inventions, but the static electricity which runs to earth through aerial conductors 
in the form of direct current of very high voltage and low current strength is converted into electro-dynamic energy in the 
form of high frequency vibrations. Many advantages are thereby obtained and all disadvantages avoided. 


The very high voltage of static electricity of a low current strength can be converted by this invention to voltages more 
suitable for technical purposes and of greater current strength. By the use of closed oscillatory circuits it is possible to 
obtain electromagnetic waves of various amplitudes and thereby to increase the degree of resonance of such current. 
Such resonance allows various values of inductance to be chosen which, by tuning the resonance between a motor and 
the transformer circuit, allows the control of machines driven by this system. Further, such currents have the property of 
being directly available for various uses, other than driving motors, including lighting, heating and use in electro- 
chemistry. 


Further, with such currents, a series of apparatus may be fed without a direct current supply through conductors and the 


electro-magnetic high frequency currents may be converted by means of special motors, adapted for electro-magnetic 
oscillations, into alternating current of low frequency or even into high voltage direct current. 


DESCRIPTION OF THE DRAWINGS 


Fig.1 is an explanatory figure 
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Fig.2 is a diagrammatic view of the most simple form. 
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Fig.3 shows a method of converting atmospheric electrical energy into a form suitable for use with motors. 
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Fig.4 is a diagram showing the protective circuitry. 


Fig.5 is a diagram of an arrangement for providing control 
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Fig.6 is an arrangement including a method of control 


Fig.7 shows how the spark gap can be adjusted 


Fig.8 shows a unipolar connection for the motor 
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Fig.9 shows a weak coupled system suitable for use with small power motors 


Fig.13 shows a form of inductive coupling for the motor circuit 


Fig.17, Fig.18 and Fig.19 are diagrams showing further modifications 


Fig.20 shows a simple form in which the aerial network is combined with special collectors 


Fig. 21. Etg. 22. 
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Fig.21 shows diagramatically, an arrangement suitable for collecting large quantities of energy. 
Fig.22 is a modified arrangement having two rings of collectors 


Fig.23 shows the connections for three rings of collectors 


Fig.24 shows a collecting balloon and diagram of its battery of capacitors 


All the circuits shown in this chapter work 
when you build them on a breadboard, and 
the voltage and current measurements are 
close to those shown in the text. 

You have not yet learned all there is to 
transistor switching. For example, you 
haven't found out how much current a 
transistor can conduct before it burns out, 
what maximum voltage a transistor can 
sustain, or how fast a transistor can switch 
ON and OFF. You can learn these things 
from the data sheet for each transistor 
model, so these things are not covered 
here. 

When you use the JFET as a switch, it does 
not switch as fast as a BJT, but tt does 


have certain advantages relating to its large 
input resistance. The JFET does not draw 
any current from the control circuit to 
operate. Conversely, a BJT will draw current 


from the control circuit because of its lower 
input resistance. 


Self-Test 
These questions test your understanding of 
the concepts introduced in this chapter. Use a 


separate sheet of paper for your diagrams or 
calculations. Compare your answers with the 
answers provided. 

For the first three questions, use the circuit 
shown in Figure 4.30 . The objective is to find 


Fig.25 and Fig.26 show modified collector balloon arrangements. 
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Fig.27 shows a second method of connecting conductors for the balloon aerials 
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Fig.28 shows an auto-transformer method of connection. 
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Fig.29 shows the simplest form of construction with incandescent cathode. 
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Fig.31 is a modified arrangement. 
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Fig.33 is a modified form of Fig.32 
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Fig.35 shows such an arrangement for alternating current 


Fig.36 shows an incandescent collector with Nernst lamp 
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Fig.37 shows a form with a gas flame. 
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Fig.1 illustrates a simple diagram for converting static electricity into dynamic energy of a high number of oscillations. For 
the sake of clarity, a Wimshurst machine is assumed to be employed and not an aerial antenna. Items 13 and 14 are 
combs for collecting the static electricity of the influence machine. Items 7 and 8 are spark-discharging electrodes. Items 
5 and 6 are capacitors, 9 is the primary winding of an inductive coil, 10 is the secondary winding whose ends are 11 and 
12. When the disc of the static influence machine is rotated by mechanical means, the combs collect the electric 
charges, one being positive and one negative and these charge the capacitors 5 and 6 until such a high voltage is 
developed across the spark gap 7-- 8 that the spark gap is jumped. As the spark gap forms a closed circuit with 
Capacitors 5 and 6, and inductive resistance 9, as is well known, waves of high frequency electromagnetic oscillations will 
pass in this circuit. 


The high frequency of the oscillations produced in the primary circuit induces waves of the same frequency in the 
secondary circuit. Thus, in the primary circuit, electromagnetic oscillations are formed by the spark and these oscillations 
are maintained by fresh charges of static electricity. 


By suitably selecting the ratio between the number of turns in the primary and secondary windings, with regard to a 
correct application of the coefficients of resonance (capacitance, inductance and resistance) the high voltage of the 
primary circuit may be suitably converted into a low voltage high current output. 


When the oscillatory discharges in the primary circuit become weaker or cease entirely, the capacitors are charged again 


by the static electricity until the accumulated charge again breaks down across the spark gap. All this is repeated as long 
as electricity is produced by the static machine through the application of mechanical energy to it. 
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Fig. 2. 


An elementary form of the invention is shown in Fig.2 in which two spark gaps in parallel are used, one of which may be 
termed the working gap 7 while the second serves as a safety device for excess voltage and consists of a larger number 
of spark gaps than the working section, the gaps being arranged in series and which are bridged by very small capacitors 
a1, by, C1, which allow uniform sparking in the safety section. 


1 is the aerial antenna for collecting charges of atmospheric electricity, 13 is the earth connection of the second part of 
the spark gap, 5 and 6 are capacitors and 9 is the primary coil winding. When the positive atmospheric electricity seeks 
to combine with the negative earth charge via aerial 1, this is prevented by the air gap between the spark gaps. The 
resistance of spark gap 7 is lower than that of the safety spark gap set of three spark gaps connected in series a which 
consequently has three times greater air resistance. 


Therefore, so long as the resistance of spark gap 7 is not overloaded, discharges take place only through it. However, if 
the voltage is increased by any influence to such a level that it might be dangerous for charging the capacitors 5 and 6, or 
for the coil insulation of windings 9 and 10, the safety spark gap set will, if correctly set, discharge the voltage directly to 
earth without endangering the machine. Without this second spark gap arrangement, it is impossible to collect and 
render available large quantities of electrical energy. 


The action of this closed oscillation circuit consisting of spark gap 7, two capacitors 5 and 6, primary coil 9 and secondary 
coil 10, is exactly the same as that of Fig.1 which uses a Wimshurst machine, the only difference being the provision of 
the safety spark gap. The high frequency electromagnetic alternating current can be tapped off through the conductors 
11 and 12 for lighting and heating purposes. Special motors adapted for working with static electricity or high frequency 
oscillations may be connected at 14 and 15. 


: hig. 3. 


0 
1 
eL 
Je 
EF 
aie E e7 0 
EF 
2 


iF 


In addition to the use of spark gaps in parallel, a second measure of security is also necessary for taking the current from 
this circuit. This is the introduction of protective electromagnets or choking coils in the aerial circuit as shown by S in 
Fig.3. A single electromagnet having a core of the thinnest possible separate laminations is connected with the aerial. In 
the case of high voltages in the aerial network or at places where there are frequent thunderstorms, several such 
magnets may be connected in series. 


In the case of large units, several such magnets can be employed in parallel or in series parallel. The windings of these 
electromagnets may be simply connected in series with the aerials. In this case, the winding preferably consists of 
several thin parallel wires, which together, make up the necessary cross-sectional area of wire. The winding may be 
made of primary and secondary windings in the form of a transformer. The primary winding will then be connected in 
series with the aerial network, and the secondary winding more or less short-circuited through a regulating resistor or an 
induction coil. In the latter case it is possible to regulate, to a certain extent, the effect of the choking coils. In the 
following circuit and constructional diagrams , the aerial electromagnet choke coil is indicated by a simple ring S. 


Fig.3 shows the most simple way of converting atmospheric electricity into electromagnetic wave energy by the use of 
special motors adapted for high oscillatory currents or static charges of electrical energy. Recent improvements in 
motors for working with static energy and motors working by resonance, that is to say, having groups of tuned 
electromagnetic co-operating circuits render this possible but such do not form part of the present invention. 


A motor adapted to operate with static charges, will for the sake of simplicity, be shown in the diagrams as two semi- 
circles 1 and 2 and the rotor of the motor by a ring M (Fig.3). A is a vertical aerial or aerial network. S is the safety 
choke or electromagnet with coil O as may be seen is connected with the aerial A. Adjacent to the electromagnet S, the 
aerial conductor is divided into three circuits, circuit 8 containing the safety spark gap, circuit 7 containing the working 
spark gap, and then a circuit containing the stator terminal 1, the rotor and stator terminal 2 at which a connection is 
made to the earth wire. The two spark gaps are also connected metallically with the earth wire. The method of working 
in these diagrams is as follows: 


The positive atmospheric electric charge collected tends to combine with the negative electricity (or earth electricity) 
connected via the earth wire. It travels along the aerial A through the electromagnet S without being checked as it flows 
in the same direction as the direct current. Further, its progress is arrested by two spark gaps placed in the way and the 
stator capacitors. These capacitors charge until their voltage exceeds that needed to jump the spark gap 7 when a spark 
occurs and an oscillatory charge is obtained via the closed oscillation circuit containing motor M. The motor here forms 
the capacity and the necessary inductance and resistance, which as is well known, are necessary for converting static 
electricity into electromagnetic wave energy. 


The discharges are converted into mechanical energy in special motors and cannot reach the aerial network because of 
the electromagnet or choke. If, however, when a spark occurs at spark gap 7, a greater quantity of atmospheric 
electricity tends to flow to earth, then a counter voltage is induced in the electromagnet, which is greater the more rapidly 
and strongly the flow of current direct to earth is. This opposing voltage causes the circuit to exhibit a sufficiently high 
resistance to prevent a short circuit between the atmospheric electricity and the earth. 


The circuit containing spark gap 8, having a different wave length which is not in resonance with the natural frequency of 
the motor, does not endanger the motor and serves as security against excess voltage, which, as practical experiments 


have shown, may still arise in certain cases. 
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In Fig.4, spark gap 7 is shunted across capacitors 5 and 6 from the motor M. This arrangement provides improved over- 
voltage protection for the motor and it gives a uniform excitation through the spark gap 7. 
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Fig.5 shows an arrangement for producing large currents which can be used direct without motors, to provide heating 
and lighting. The main difference here is that the spark gap consists of a star-shaped disc 7 which can rotate on its own 
axis and is rotated by a motor opposite similarly fitted electrodes 7a. When separate points of starts face one another, 
discharges take place, thus forming an oscillation circuit with capacitors 5 and 6 and inductor 9. It is evident that a motor 


may also be connected directly to the ends of inductor 9. 
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Fig.6 shows how the oscillation circuit may have a motor connected via a variable inductor which opposes any excess 


voltages which might be applied to the motor. By cutting the separate coils 9 (coupled inductively to the aerial) in or out, 
the inductive action on the motor may be more or less increased, or variable aerial action may be exerted on the 


oscillation circuit. 


the value of R B that turns the transistor ON. 


As you may know, resistors are 
manufactured with “standard values.” After 
you have calculated an exact value, choose 
the nearest standard resistor value from 
Appendix OD, “Standard Resistor Values.” 
Figure 4.30 
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For questions 4-6, use the circuit shown In 
Figure 4.31 . Find the values of R3, R2, 
and R 1 that ensure that Q 2 is ON or OFF 
when the switch is in the corresponding 
position. Calculate the resistors in the order 
given. After you find the exact values, again 


In Fig.7 the oscillation circuit is closed through the earth (E and E,). The spark gap 7 may be increased or reduced by 


means of a contact arm 7b. 
> 


Fig.8 shows a unipolar connection of the motor with the aerial network. Here, two oscillation circuits are closed through 
the same motor. The first oscillation circuit passes from aerial A through electromagnet S, point x, inductance Ya to the 
earth capacitor 6, across spark gap 7 to the aerial capacitor 5 and back to point x. The second oscillation circuit starts 
from the aerial 5 at the point x1 through inductor 9 to the earth capacitor 6 at the point x3, through capacitor 6, across 
spark gap 7 back to point x1. The motor itself, is inserted between the two points of spark gap 7. This arrangement 
produces slightly dampened oscillation wave currents. 
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Fig.9 shows a loosely coupled system intended for small motors for measuring purposes. A is the serial, S is the 
electromagnet or aerial inductor, 9 the inductor, 7 the spark gap, 5 and 6 capacitors, E the earth, M the motor, and 1 and 
2 the stator connections of the motor which is directly connected to the oscillator circuit. 


Fig.10 shows a motor circuit with purely inductive coupling. The motor is connected with the secondary wire 10 as may 
be seen in Fig.11 in a somewhat modified circuit. The same applies to the circuit of Fig.12. 


The circuit diagrams shown so far, allow motors of small to medium strength to be operated. For large aggregates, 
however, they are too inconvenient as the construction of two or more oscillation circuits for large amounts of energy is 
difficult; the governing is still more difficult and the danger in switching on or off is greater. 


A means for overcoming such difficulties is shown in Fig.13. The oscillation circuit shown here, runs from point x over 
capacitor 5, variable inductor 9, spark gap 7 and the two segments 3a and 3b forming arms of a Wheatstone bridge, back 
to x. If the motor is connected by brushes 3 and 4 transversely to the two arms of the bridge as shown in the drawing, 
electromagnetic oscillations of equal sign are induced in the stator surfaces 1 and 2 and the motor does not revolve. If 
however, the brushes 3 and 4 are moved in common with the conducting wires 1 and 2 which connect the brushes with 
the stator poles, a certain alteration or displacement of the polarity is obtained and the motor commences to revolve. 


The maximum action will result if one brush 3 comes on the central sparking contact 7 and the other brush 4 on the part 
Xx. In practice however, they are usually brought on to the central contact 7 but only held in the path of the bridge 
segments 4a and 3a in order to avoid connecting the spark gaps with the motor oscillation circuit. 


As this prevents the whole of the oscillation energy acting on the motor, it is better to adopt the modification shown in 
Fig.14. The only difference here is that the motor is not wired directly to the segments of the commutator, but instead it is 


wired to secondary coil 10 which receives induced current from primary coil 9. This arrangement provides a good 
transforming action, a loose coupling and an oscillation circuit without a spark gap. 


In Fig.15, the motor is wired directly to the primary coil at x and x1 after the principle of the auto-transformer. In Fig.16, 
instead of an inductor, capacitor 6 replaces the inductance and is inserted between the segments 3a and 4a. This has 
the advantage that the segments 3a and 4a need not be made of solid metal, but may consist of spiral coils which allow a 
more exact regulation, and high inductance motors may be used. 


The circuits shown in Fig.17, Fig.18 and Fig.19 may be used with resonance and particularly with induction capacitor 
motors; between the large stator induction capacitor surfaces, small reversing pole capacitors are connected which are 
lead together to earth. Such reversing poles have the advantage that, with large quantities of electrical energy, the spark 
formation between the separate oscillation circuits ceases. 


Fig.19 shows another method which prevents high frequency electromagnetic oscillations formed in the oscillation circuit, 
feeding back to the aerial. It is based on the well known principle that a mercury lamp, one electrode of which is formed 
of mercury, the other of solid metal such as steel, allows an electric charge to pass in only one direction: from the 
mercury to the steel and not vice versa. The mercury electrode of the vacuum tube N is therefore connected with the 
aerial conductor and the steel electrode with the oscillation circuit. Charges can then only pass from the aerial through 
the vacuum tube to the oscillation circuit and no flow occurs in the opposite direction. In practice, these vacuum tubes 
must be connected behind an electromagnet as the latter alone provides no protection against the danger of lightning. 


As regards the use of spark gaps, all arrangements as used for wireless telegraphy may be used. Of course, the spark 
gaps in large machines must have a sufficiently large surface. In very large stations they are cooled in liquid carbonic 
acid or better still, in liquid nitrogen or hydrogen; in most cases the cooling may also take place by means of liquefied low 
homologues of the metal series or by means of hydrocarbons, the freezing point of which lies between -90°C and -40°C. 
The spark gap casing must also be insulated and be of sufficient strength to be able to resist any pressure which may 
arise. Any undesirable excess super-pressure which may be formed must be let off automatically. | have employed with 
very good results, mercury electrodes which were frozen in liquid carbonic acid, the cooling being maintained during the 
operation from the outside, through the walls. 


Fig.20 shows one of the most simple forms of construction of an aerial network in combination with collectors, 
transformers and the like. E is the earth wire, 8 the safety spark gap, 7 the working spark gap, 1 and 2 the stator 
surfaces of the motor, 5 a capacitor battery, S the protective magnet which is connected with the coil in the aerial 


1 10 
conductor, A” to A” aerial antennae with collecting balloons, N horizontal collecting or connecting wires, from which, a 
number of connections run to the centre. 


The actual collectors consist of metal sheaths, preferably made of an aluminium magnesium alloy, and are filled with 
hydrogen or helium, and are attached to copper-plated steel wires. The size of the balloon is selected so that the actual 
weight of the balloon and its conducting wire is supported by it. Aluminium spikes, made and gilded as described below, 
are arranged on top of the balloons in order to produce a conductor action. Small quantities of radium preparations, more 
particularly, polonium-ionium or mesothorium preparations, considerably increase the ionisation, and the performance of 
these collectors. 


In addition to metal balloons, fabric balloons which are sprayed with a metallic coating according to Schoop’s metal- 
spraying process may also be used. A metallic surface may also be produced by lacquering with metallic bronzes, 
preferably according to Schoop’s spraying process, or lacquering with metallic bronze powders in two electrical series of 
widely different metals, because this produces a considerably increased collecting effect. 


Instead of the ordinary round balloons, elongated cigar-shaped ones may be employed. In order also to utilise the 
frictional energy of the wind, patches or strips of non-conducting substances which produce electricity by friction, may be 
attached to the metallised balloon surfaces. The wind will impart a portion of its energy in the form of frictional electricity, 
to the balloon casing, thus substantially increasing the collection effect. 


In practice however, very high towers of up to 300 metres may be employed as antennae. In these towers, copper tubes 
rise freely further above the top of the tower. A gas lamp secured against the wind is then lit at the point of the copper 
tube and a netting is secured to the copper tube over the flame of this lamp to form a collector. The gas is conveyed 
through the interior of the tube, up to the summit. The copper tube must be absolutely protected from moisture at the 
place where it enters the tower, and rain must be prevented from running down the walls of the tower, which might lead to 
a bad catastrophe. This is done by bell-shaped enlargements which expand downwards, being arranged in the tower in 
the form of high voltage insulators of Siamese pagodas. 


Special attention must be devoted to the foundations of such towers. They must be well insulated from the ground, which 
may be achieved by first embedding a layer of concrete in a box form to a sufficient depth in the ground, and inserting in 
this, an asphalt lining and then glass bricks cast about 1 or 2 metres in thickness. Over this in turn, there is a ferro- 
concrete layer in which alone the metal foot of the tube is secured. This concrete block must be at least 2 metres from 
the ground and at the sides, be fully protected from moisture by a wooden covering. In the lower part of the tower, a 
wood or glass housing should be constructed to protect the capacitors and/or motors. In order to ensure that the ground 
lead connects to the water-table, a well insulated pit lined with vitreous bricks must be provided. Several such towers are 
erected at equal distances apart and connected with a horizontal conductor. The horizontal connecting wires may either 
run directly from tower to tower or be carried on bell-shaped insulators similar to those in use for high voltage electricity 
transmission lines. The width of the aerial tower network may be of any suitable size and the connection of the motors 
can take place at any convenient location. 
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In order to collect large quantities of electricity with few aerials, it is as well to provide the aerial conductor with sets of 
capacitors as shown in the two methods of construction illustrated in Fig.21 and Fig.22. In Fig.21 the set of capacitors 5 
is connected between the aerials Z via lead A and an annular conductor from which horizontal run to the connecting 
points C to which the earth wire is connected. Fig.22 shows a similar arrangement. 


Should two such series of antenna rings be shown by a voltmeter to have a large voltage difference (for example, one in 
the mountains and one on the plain) or even of a different polarity, these differences may be compensated for by 
connecting sufficiently large capacitor sets (5, 5a, 5b) by means of Maji star conductors D and Dİ. Fig.23, shows a 
connection of three such rings of collectors are positioned in a triangle with a central set of capacitors. 


The capacitor sets of such large installations must be embedded in liquefied gasses or in liquids freezing at very low 
temperatures. In such cases, a portion of the atmospheric energy must be employed for liquefying these gasses. Itis 
also preferable to employ pressure. By this means, the capacitor surfaces may be reduced in area and still allow the 
storage of large quantities of energy to be stored, secure against breakdown. For the smaller installations, the immersing 
of the capacitors in well insulated oil or the like, is sufficient. Solid substances, on the other hand, cannot be employed as 
insulators. 


The arrangement in the diagrams shown earlier has always shown both poles of the capacitors connected to the aerial 
conductors. An improved method of connection has been found to be very advantageous. In this method, only one pole 
of each capacitor is connected to the collecting network. Such a method of connection is very important, as by means of 
it, a constant current and an increase in the normal working voltage is obtained. If, for example, a collecting balloon 
aerial which is allowed to rise to a height of 300 metres, shows 40,000 volts above earth voltage, in practice it has been 
found that the working voltage (with a withdrawal of the power as described earlier by means of oscillating spark gaps 
and the like) is only about 400 volts. If however, the capacity of the capacitor surfaces be increased, which capacity in 
the above mentioned case was equal to that of the collecting surface of the balloon aerials, to double the amount, by 
connecting the capacitors with only one pole, the voltage rises under an equal withdrawal of current up to and beyond 
500 volts. This can only be ascribed to the favourable action of the connecting method. 


In addition to this substantial improvement it has also been found preferable to insert double inductances with 
electromagnets and to place the capacitors preferably between two such electromagnets. It has also been found that the 
useful action of such capacitors can be further increased if an induction coil is connected as an inductive resistance to the 
unconnected pole of the capacitor, or still better if the capacitor itself be made as an induction capacitor. Such a 
capacitor may be compared to a spring, which when compressed, carries in itself accumulated force, which it gives off 


again when released. In charging, a charge with reversed sign is formed at the other free capacitor pole, and if a short 
circuit occurs through the spark gap, the accumulated energy is again given back since now new quantities of energy are 
induced at the capacitor pole connected to the conductor network, which in fact, charges with opposite sign to that at the 
free capacitor pole. The new induced charges have of course, the same sign as the collector network. The whole 
voltage energy in the aerial is thereby increased. In the same time interval, larger quantities of energy are accumulated 
than is the case without such capacitor sets being inserted. 
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In Fig.24 and Fig.25, two different connection diagrams are illustrated in more detail. Fig.24 shows a collecting balloon 
along with its earth connections. Fig.25 shows four collecting balloons and the parallel connection of their capacitor sets. 


A is the collecting balloon made of an aluminium magnesium alloy (electron metal magnalium) of a specific gravity of 1.8 
and a plate thickness of 0.1 mm to 0.2 mm. Inside, there are eight strong vertical ribs of T-shaped section of about 10 
mm to 20 mm in height and about 3 mm in thickness, with the projecting part directed inwards (indicated by a, b, c, d and 
so forth). They are riveted together to form a firm skeleton and are stiffened in a horizontal direction by two cross ribs. 
The ribs are further connected to one another internally and transversely by means of thin steel wires, whereby the 
balloon obtains great strength and elasticity. Rolled plates of 0.1 mm to 0.2 mm in thickness made of magnalium alloy 
are then either soldered or riveted on to this skeleton so that a fully metallic casing with a smooth external surface is 
created. Well silvered or coppered aluminium plated steel wires run from each rib to the fastening ring 2. Further, the 
coppered steel hawser L, preferably twisted out of separate thin wires (shown as dotted lines in Fig.24) and which must 
be long enough to allow the balloon to rise to the desired height, leads to a metal roller or pulley 3 and on to a winch W, 
which must be well insulated from the earth. By means of this winch, the balloon which is filled with hydrogen or helium, 
can be allowed to rise to a suitable height of 300 to 5,000 metres, and brought to the ground for recharging or repairs. 


The actual current is taken directly through a friction contact from the metal roller 3 or from the wire or even from the 
winch, or simultaneously from all three by means of brushes (3, 3a and 3b). Beyond the brushes, the conductor is 
divided, the paths being:- firstly, over 12 to the safety spark gap 8, on to the earth conductor Et, and secondly over 
electromagnet S*, point 13, to a second loose electromagnet having an adjustable coil S*, then to the spark gap 7 and to 
the second earth conductor E*. The actual working circuit is formed through the spark gap 7, capacitors 5 and 6, and 
through the primary coil 9; here the static electricity formed by oscillatory discharges is accumulated and converted into 
high frequency electromagnetic oscillations. Between the electromagnets S* and S° at the crossing point 13, four 
Capacitor sets are introduced which are only indicated diagramatically in the drawings by a single capacitor. Two of these 


sets of capacitors (16 and 18) are made as plate capacitors and prolonged by regulating induction coils or spirals 17 and 
19 while the two others (21 and 23) are induction capacitors. As may be seen from the drawings, each of the four 
capacitor sets, 16, 18, 21 and 23 is connected by only one pole to either the aerial or to the collector conductor. The 
second poles 17, 19, 22 and 24 are open. In the case of plate capacitors having no inductive resistance, an induction coil 
is inserted. The object of such a spiral or coil is the displacement of phase of the induction current by Ja periods, whilst 
the charging current of the capacitor poles which lie free in the air, works back to the collector aerial. The consequence 
of this is that in discharges in the collector aerial, the back-inductive action of the free poles allows a higher voltage to be 
maintained in the aerial collecting conductor than would otherwise be the case. It has also been found that such a back 
action has an extremely favourable effect on the wear of the contacts. Of course, the inductive effect may be regulated at 
will within the limits of the size of the induction coil, the length of the coil in action being adjustable by means of wire 
connection without induction (see Fig.24 No. 20). 


S* and s” may also be provided with such regulating devices, in the case of S* illustrated by 11. If excess voltage be 
formed, it is conducted to earth through wire 12 and spark gap 8, or through any other suitable apparatus, since this 
voltage would be dangerous for the other components. The action of these capacitor sets has already been described. 


The small circles on the collector balloon indicate places where small patches of extremely thin layers (0.01 to 0.05 mm 
thick) of zinc amalgam, gold amalgam or other photoelectric acting metals, are applied to the balloon casing of light 
metal. Such metallic patches may also be applied to the entire balloon as well as in greater thickness to the conducting 
network. The capacity of the collector is thereby considerably strengthened at the surface. The greatest possible effect 
in collecting may be obtained by polonium amalgams and the like. On the surface of the collector balloon, metal points or 
spikes are also fixed along the ribs. These spikes enhance the charge collection operation. Since it is well known that 
the sharper the spikes, the less the resistance of the spikes, it is therefore extremely important to use spikes which are as 
sharp as possible. Experiments have shown that the formation of the body of the spike or point also play a large part, for 
example, spikes made of bars or rollers with smooth surfaces, have point resistance many times greater than those with 
rough surfaces. Various kinds of spike bodies have been experimented with for the collector balloons and the best 
results were given with spikes which were made in the following way: Fine points made of steel, copper, nickel or copper 
and nickel alloys, were fastened together in bundles and then placed as anode with the points placed in a suitable 
electrolyte (preferably in hydrochloric acid or muriate of iron solutions) and so treated with weak current driven by 2 to 3 
volts. After 2 to 3 hours, according to the thickness of the spikes, the points become extremely sharp and the bodies of 
the spikes have a rough surface. The bundle can then be removed and the acid washed off with water. The spikes are 
then placed as cathode in a bath containing a solution of gold, platinum, iridium, palladium or wolfram salts or their 
compounds, and coated at the cathode galvanically with a thin layer of precious metal, which mush however be 
sufficiently firm to protect them from atmospheric oxidation. 


Such spikes act at a 20 fold lower voltage almost as well as the best and finest points made by mechanical means. Still 
better results are obtained if polonium or radium salts are added to the galvanic bath when forming the protective layer or 
coating. Such pins have low resistance at their points and have excellent collector action even at one volt or lower. 


In Fig.24, the three unconnected poles are not connected with one another in parallel. That is quite possible in practice 
without altering the principle of the free pole. It is also preferable to interconnect a series of collecting aerials in parallel to 


a common collector network. Fig.25 shows such an arrangement. At, Af, A’, A? are four metal collector balloons with 
gold or platinum coated spikes which are electrolytically mad in the presence of polonium emanations or radium salts, the 


spikes being connected over four electromagnets st, Ss”, s?, sÍ, through an annular conductor R. From this annular 
conductor, four wires run over four further electromagnets e Ss” Ss” st to the connecting point 13. There, the 
conductor is divided, one branch passing over 12 and the safety spark gap 7 to the earth at E! the other over inductive 


resistance J and working spark gap 7 to the earth at E”. The working circuit, consisting of the capacitors 5 and 6 and a 
resonance motor or a capacitor motor M, such as already described, is connected in proximity around the sparking gap 
section 7. Of course, instead of connecting the capacitor motor directly, the primary circuit for high frequency oscillatory 
current may also be inserted. 


The capacitor sets are connected by one pole to the annular conductor R and can be either inductionless (16 and 18) or 
made as induction capacitors as shown by 21 and 23. The free poles of the inductionless capacitors are indicated by 17 
and 19, and those of the induction capacitors by 22 and 24. As may be seen from the drawings, all of these poles 17, 22, 
19 and 24 may be interconnected in parallel through a second annular conductor without any fear that thereby the 
principle of the free pole connection will be lost. In addition to the advantages already mentioned, the parallel connection 
also allows an equalisation of the working voltage in the entire collector network. Suitably calculated and constructed 
induction coils 25 and 26 may also be inserted in the annular conductor of the free poles, by means of which, a circuit 
may be formed in the secondary coils 27 and 28 which allows current produced in this annular conductor by fluctuations 
of the charges, to be measured or otherwise utilised. 


According to what has already been stated, separate collector balloons may be connected at equidistant stations 
distributed over the whole country, either connected directly with one another metallically or by means of intermediate 
suitably connected capacitor sets through high voltage conductors insulated from earth. The static electricity is converted 
through a spark gap, into high frequency dynamic electricity which may be utilised as a source of energy by means of a 
suitable connection method, various precautions being observed, and with special regulations. The wires leading from 


the collector balloons, have up to now been connected through an annular conductor without this endless connection, 
which can be regarded as an endless induction coil, being able to exert any action on the whole conductor system. 


It has now been found that if the network conductor connecting the aerial collector balloons with one another, is not made 
as a simple annular conductor, but preferably short-circuited in the form of coils over a capacitor set or spark gap or 
through thermionic valves, then the total collecting network exhibits quite new properties. The collection of atmospheric 
electricity is thereby not only increased but an alternating field may easily be produced in the collector network. Further, 
the atmospheric electrical forces showing themselves in the higher regions, may also be obtained directly by induction. In 
Fig.26 and Fig.28, a form of construction is shown, on the basis of which, the further foundations of the method will be 
explained in more detail. 
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In Fig.26, 1,2,3 and 4 are metallic collector balloons, with 5, 6, 7 and 8 their metallic aerial conductors and | the actual 
collector network. This consists of five coils and is mounted on high voltage insulators in the air, on high voltage masts 
(or with a suitable construction of cable, embedded in the earth). One coil has a diameter of 1 to 100 km. or more. S and 


S! are two protective electromagnets, F is the second safety section against excess voltage, E its earth conductor and E! 
the earth conductor of the working section. When an absorption of static atmospheric electricity is effected through the 


four balloon collectors, in order to reach the earth connection E! the current must flow spirally through the collector 
network, over the electromagnet S, primary induction coil 9, conductor 14, anode A of the audion tube, incandescent 
cathode K, as the way over the electromagnet and safety spark gap F offers considerably greater resistance. Owing to 
the fact that the accumulated current flows in one direction, an electromagnetic alternating field is produced in the interior 
of the collector network coil, whereby all of the free electrons are directed more or less into the interior of the coil. An 
increased ionisation of the atmosphere is therefore produced. Consequently, the points mounted on the collector balloon, 
show a considerably reduced resistance and therefore increased static charges are produced between the points on the 
balloon and the surrounding atmosphere. This results in a considerably increased collector effect. 


A second effect, which could not be achieved in any other way, is obtained by the alternating electromagnetic field 
running parallel to the earth's surface, which acts more or less with a diminishing or increasing effect on the earth's 
magnetic field, whereby in the case of fluctuations in the current, a return induction current of reversed sign is always 
produced in the collector coil by earth magnetism. Now if a constantly pulsating, continuous alternating field is produced 
as stated in the collector network I, an alternating current of the same frequency is also produced in the collecting 
network coil. As the same alternating field is further transmitted to the aerial balloon, the resistance of its points is 


thereby considerably reduced, while the collector action is considerably increased. A further advantage is that positive 
charges which collect on the metal surfaces during the conversion into dynamic current, produce a so-called voltage 
drop in the collector area. As an alternating field is present, when discharge of the collector surfaces takes place, the 
negative ions surrounding the collector surfaces produce, by the law of induction, an induction of reversed sign on the 
collector surface - that is, a positive charge. In addition to the advantages already stated, the construction of connecting 
conductors in coil form, when of sufficiently large diameter, allows a utilisation of energy arising in higher regions, also in 
the most simple way. As is well known, electric discharges frequently take place at very great elevations which may be 
observed, such as ‘St. Elmo’s fires’ or ‘northern lights’. These energy quantities have not been able to have been utilised 
before now. By this invention, all of these kinds of energy, as they are of electromagnetic nature and since the axis of the 
collector coils is at right angles to the earth’s surface, can be absorbed in the same way as a radio absorbs distant radio 
signals. With a large diameter of the spiral, it is possible to connect large surfaces and thereby take up large quantities of 
energy. 


It is well Known that in the summer months and in the tropics, large radio stations are very frequently unable to receive 
signals due to interruptions caused by atmospheric electricity, and this takes place with vertical coils of only 40 to 100 
metres in diameter. If, on the contrary, horizontal coils of 1 to 100 kilometres in diameter are used, very strong currents 
may be obtained through discharges which are constantly taking place in the atmosphere. Particularly in the tropics, or 
still better in the polar regions where the northern lights are constantly present, large quantities of energy may probably 
be obtained in this way. A coil with several windings should perform the best. In a similar manner, any alteration of the 
earth’s magnetic field should act inductively on such a coil. 


It is not at all unlikely that earthquakes and sunspots will also produce an induction in collector coils of that size. In 
similar manner, this collector conductor will react to earth currents more particularly when they are near the surface of the 
earth or even embedded in the earth. By combining the previous kind of current collectors, so far as they are adapted for 
the improved system with the improved possibilities of obtaining current, the quantities of free natural energy which are to 
be obtained in the form of electricity are considerably increased. 


In order to produce uniform undamped current oscillations in the improved collector coil, so-called audion high vacuum or 
thermionic valves are used instead of the previous described spark gaps (Fig.26, 9-18). The main aerial current flows 
through electromagnet S (which in the case of a high number of alternations is not connected here but in the earth 


conductor E!) and may be conveyed over the primary coils in the induction winding through wire 14 to the anode A of the 
high vacuum grid valve. Parallel with the induction resistance 9, a regulating capacity of suitable size, such as capacitor 
11, is inserted. In the lower part of the vacuum grid valve is the incandescent filament cathode K which is fed through a 


battery B. From the battery, two branches run, one to the earth conductor E* and the other through battery BÍ and 
secondary coil 10 to the grid anode g of the vacuum tube. By the method of connections shown in dotted lines, a desired 
voltage may also be produced at the grid electrode g through wire 17 which is branched off from the main current 
conductor through switches 16 and some small capacitors (a, b, c, d) connected in series, and conductor 18, without the 


battery B! being required. The action of the whole system is somewhat as follows:- 


On the connecting conductor of the aerial collector network being short-circuited to earth, the capacitor pole 11 is 
charged, and slightly dampened oscillations are formed in the short-circuited oscillation circuit formed by capacitor 11 and 
self inductance 9. Because of the coupling through coil 10, voltage fluctuations of the same frequency take place in the 
grid circuit 15 and in turn, these fluctuations influence the strength of the electrode current passing through the high 
vacuum amplifying valve and thus produce current fluctuations of the same frequency in the anode circuit. A permanent 
supply of energy. Consequently, a permanent supply of energy is supplied to the oscillation circuits 9 and 10 takes place, 
until a balance is achieved where the oscillation energy consumed exactly matches the energy absorbed. This produces 
constant undamped oscillations in the oscillation circuits 9 - 11. 


For regular working of such oscillation producers, high vacuum strengthening tubes are necessary and it is also 
necessary that the grid and anode voltages shall have a phase difference of 180° so that if the grid is negatively charged, 
then the anode is positively charged and vice versa. This necessary difference of phase may be obtained by most varied 
connections, for example, by placing the oscillating circuit in the grid circuit or by separating the oscillation circuit and 
inductive coupling from the anodes and the grid circuit, and so forth. 


A second important factor is that care must be taken that the grid and anode voltages have a certain relation to one 
another; the latter may be obtained by altering the coupling and a suitable selection of the self induction in the grid circuit, 
or as shown by the dotted lines 18, 17, 16 by means of a larger or smaller number of capacitors of suitable size 


connected in series; in this case, the battery B! may be omitted. With a suitable selection of the grid potential, a glow 
discharge takes place between the grid g and the anode A, and accordingly at the grid there is a cathode drop and a dark 
space is formed. The size of this cathode drop is influenced by the ions which are emitted in the lower space in 
consequence of shock ionisation of the incandescent cathodes K and pass through the grid in the upper space. On the 
other hand, the number of the ions passing through the grid is dependent on the voltage between the grid and the 
cathode. Thus, if the grid voltage undergoes periodic fluctuations (as in the present case), the amount of the cathode 
drop at the grid fluctuates, and consequently, the internal resistance of the valve fluctuates correspondingly, so that when 
a back-coupling of the feed circuit with the grid circuit takes place, the necessary means are in place for producing 
undamped oscillations and of taking current as required, from the collecting conductor. 


With a suitably loose coupling, the frequency of the undamped oscillations produced is equal to the self-frequency of the 
oscillation circuits 9 and 10. By selecting a suitable self-induction for coil 9 and capacitor 11, it is possible to extend 
operation from frequencies which produce electromagnetic oscillations with a wavelength of only a few metres, down to 
the lowest practical alternating current frequency. For large installations, a suitable number of frequency producing tubes 
in the form of the well known high vacuum transmission tubes of 0.5 kW to 2 kW in size may be connected in parallel so 
that in this respect, no difficulty exists. 


The use of such tubes for producing undamped oscillations, and the construction and method of inserting such 
transmission tubes in an accumulator or dynamo circuit is known, also, such oscillation producing tubes only work well at 
voltages of 1,000 volts up to 4,000 volts, so that on the contrary, their use at lower voltages is considerably more difficult. 
By the use of high voltage static electricity, this method of producing undamped oscillations as compared with that 
through spark gaps, must be regarded as an ideal solution, particularly for small installations with outputs from 1 kW to 
100 kW. 


By the application of safety spark gaps, with interpolation of electromagnets, not only is short-circuiting avoided but also 
the taking up of current is regulated. Oscillation producers inserted in the above way, form a constantly acting alternating 
electromagnetic field in the collector coil, whereby, as already stated, a considerable accumulating effect takes place. 
The withdrawal or ‘working’ wire is connected at 12 and 13, but current may be taken by means of a secondary coil which 
is firmly or moveably mounted in any suitable way inside the large collector coil, i.e. in its alternating electromagnetic field, 
so long as the direction of its axis is parallel to that of the main current collecting coil. 


In producing undamped oscillations of a high frequency (50 KHz and more) in the oscillation circuits 9 and 11, 
electromagnets S and S* must be inserted if the high frequency oscillations are not to penetrate the collector coil, 
between the oscillation producers and the collector coil. In all other cases they are connected shortly before the earthing 
(as in Fig.27 and Fig.28). 
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In Fig.27 a second method of construction of the connecting conductor of the balloon aerials is illustrated in the form of a 
coil. The main difference is that in addition to the connecting conductor I another annular conductor II is inserted parallel 
to the former on the high voltage masts in the air (or embedded as a cable in the earth) but both in the form of a coil. The 
connecting wire of the balloon aerials is both a primary conductor and a current producing network while the coil is the 
consumption network and is not in unipolar connection with the current producing network. 


In Fig.27 the current producing network I is shown with three balloon collectors 1, 2, 3 and aerial conductors 4, 5, 6; it is 
short-circuited through capacitor 19 and inductor 9. The oscillation forming circuit consists of spark gap f, inductor 10 
and capacitor 11. The earth wire E is connected to earth through electromagnet st. F; is the safety spark gap which is 
also connected to earth through a second electromagnet Sj at Ey. On connecting up the capacitor circuit 11 it is charged 
over the spark gap f and an oscillatory discharge is formed. This discharging current acts through inductor 10 on the 
inductively coupled secondary 9, which causes a change in the producing network, by modifying the voltage on capacitor 
19. This causes oscillations in the coil-shaped producer network. These oscillations induce a current in the secondary 


choose the nearest standard resistor values. 
Figure 4.31 
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Note Rounding off throughout a problem, or 
rounding off the final answer, could produce 
Slightly different results. 


4. R4 = 100 ohms, B 1 = 100, B2 = 20. 
R3 = — 

RI = — 

R2 = č 

5 R4 = 10 ohms, B1 = 50, B2 = 20 
R3 = — 

RI = — 

R2 = č 

6. R4 = 250 ohms, B1 = 75, B2 = 75 
R3 = — 

RI = — 

R2 = 


For questions 7-9, find the values of the 
resistors in the circuit shown in Figure 4.32 


circuit Il, which has a smaller number of windings and lower resistance, consequently, this produces a lower voltage and 
higher current in it. 


In order to convert the current thus obtained, into current of an undamped character, and to tune its wavelengths, a 
sufficiently large regulatable capacitor 20 is inserted between the ends 12 and 13 of the secondary conductor Il. Here 
also, current may be taken without an earth conductor, but it is advisable to insert a safety spark gap E* and to connect 
this with the earth via electromagnet S°. The producer network may be connected with the working network II over an 


inductionless capacitor 21 or over an induction capacitor 22, 23. In this case, the secondary conductor is unipolarly 
connected with the energy conductor. 
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In Fig.28, the connecting conductor between the separate collecting balloons is carried out according to the 
autotransformer principle. The collecting coil connects four aerial balloons 1, 2, 3, 4, the windings of which are not made 
side-by-side but one above the other. In Fig.28, the collector coil I is shown with a thin line and the metallically 


connected prolongation coils II with a thick line. Between the ends É and I’ of the energy network I, a regulating 
capacitor 19 is inserted. The wire I" is connected with the output wire and with the spark gap F. 


As transformer of the atmospheric electricity, an arrangement is employed which consists of using rotary pairs of 
Capacitors in which the stator surface B is connected with the main current, while the other A is connected to the earth 
pole. These pairs of short-circuited capacitors are caused to rotate and the converted current can be taken from them via 
two collector rings and brushes. This current is alternating current with a frequency dependent on the number of balloons 
and the rate of revolutions of the rotor. As the alternating current formed in the rotor can act through coils 10 on the 
inductor 9, an increase or decrease of the feed current in | can be obtained according to the direction of the current by 
back-induction. Current oscillations of uniform rhythm are produced in the coil-shaped windings of the producer network. 


As the ends of this conductor are short-circuited through the regulatable capacitor 19, these rhythms produce short- 
circuited undamped oscillations in the energy conductor. The frequency of these oscillations can be altered at will by 
adjusting the capacitance of capacitor 19. These currents may also be used as working current via the conductors 
and Ill. By inserting capacitor 20, a connection between these conductors may also be made, whereby harmonic 


oscillations of desired wavelength are formed. By this means, quite new effects as regards current distribution are 
obtained. The withdrawal of current can even take place without direct wire connection if, at a suitable point in the interior 
of the producing network (quite immaterially whether this has a diameter of 1 or 100 km) a coil tuned to these wavelength 
and of the desired capacity, is firmly or moveably mounted in the aerial conductor in such a way that its axis is parallel 
with the axis of the collector coil. In this case, a current is induced in the producing network, the size of which is 
dependent on the total capacity and resistance and on the frequency selected. A future possibility is taking energy from 
the producer network by radio signals as in addition to atmospheric electricity, magnetic earth currents and energy from 
the upper atmosphere may be tapped. 


Of course, vacuum tubes may be used to produce undamped oscillations anywhere spark gaps are shown in the circuits. 
The separate large-diameter coils of the producer network may be connected to one another through separate 
conductors all in parallel or all in series or in groups in series. By regulating the number of oscillations and the magnitude 
of the voltage, more or fewer large collector coils of this kind may be used. The coils may also be divided spirally over 
the entire section. The coils may be carried out in annular form or in triangular, quadrangular, hexagonal or octagonal 
form. 


Of course, wires which form guides for the current waves, may be carried from a suitable place to the centre or also 
laterally. This is necessary when the currents have to be conducted over mountains and valleys and so forth. In all these 
cases, the current must be converted into a current of suitable frequency. 


As already mentioned, separate collecting balloons may be directly metallically interconnected a equidistant stations 
distributed over the entire country, or may be connected by interpolation of suitable capacitor sets by means of high 
voltage conductors. The static electricity is converted through a spark gap into dynamic energy of high frequency and 
could then in that form be used as an energy source after special regulation. 


According to this invention, in order to increase the collecting effect of the balloon in the aerial collector conductor or in 
the earth wire, radiating collectors are used. These consist of either incandescent metal or oxide electrodes in the form of 
vacuum grid valves, or electric arcs (mercury or similar electrodes), Nernst lamps, or flames of various kinds maybe 
simply connected with the respective conductor. 


It is well known that energy can be drawn off from a cathode consisting of an incandescent body opposite an anode 
charged with positive electricity (vacuum grid tube). Hitherto however, a cathode was always first directly placed opposite 
an anode, and secondly, the system always consisted of a closed circuit. 


Now if we dispense with the ordinary ideas in forming light or flame arcs in which a cathode must always stand directly 
Opposite an anode charged to a high voltage or another body freely floating in the air, or consider the incandescent 
cathode to be only a source of unipolar discharge, (which represents group and point discharges in electro-static 
machines similar to unipolar discharges), it may be ascertained that incandescent cathodes and less perfectly, all 
incandescent radiators, flames and the like, have relatively large current densities and allow large quantities of electric 
energy to radiate into open space in the form of electron streams as transmitters. 


The object of this invention is as described below, if such incandescent oxide electrodes or other incandescent radiators 
or flames are not freely suspended in space but instead are connected metallically with the earth so that they can be 
charged with negative terrestrial electricity, these radiators possess the property of absorbing the free positive electrical 
charges contained in the air space surrounding them (that is to say, of collecting them and conducting them to earth). 
They can therefore serve as collectors and have in comparison to the action of the spikes, a very large radius of action R; 
the effective capacity of these collectors is much greater than the geometrical capacity (Ro) calculated in an electro-static 
sense. 


As is well known, our earth is surrounded with an electro-static field and the difference of potential dV/dh of the earth field 
according to the latest investigations, is in Summer about 60 to 100 volts, and in winter, 300 to 500 volts per metre 
difference in height, a simple calculation gives the result that when such a radiation collector or flame collector is 
arranged, for example, on the ground, and a second one is mounted vertically over it at a distance of 2,000 metres and 
both are connected by a conducting cable, there is a voltage difference in summer of about 2,000,000 volts and in winter 
6,000,000 volts or more. 


According to Stefan Boltzmann’s law of radiation, the quantity of energy which an incandescent surface (temperature T) 
of 1 sq. cm. radiates in a unit of time into the open air (temperature To) is expressed by the following formula: 


S=R(T-To*) watts per square centimetre 


and the universal radiation constant R, according to the latest researches of Ferry, is equal to 6.30 x 10% watts per 
square centimetre. 


Now, if an incandescent surface of 1 sq. cm., as compared to the surrounding space, shows a periodic fall of potential dV, 
it radiates (independent of the direction of the current) in accordance with the above formula, for example at a 
temperature of 37157 C. an energy of 1.6 kW per square centimetre. As for the radiation, the same value can be 
calculated for the collection of energy, but reversed. Now, as carbon electrodes at the temperature of the electric arc, 


support a current density up to 60 to 65 amps per sq. cm., no difficulties will result in this direction in employing radiating 
collectors as accumulators. 


If the earth be regarded as a cosmically insulated capacitor in the sense of geometrical electro-statics x, according to 
Chwolson, there results from the geometric capacity of the earth: 


For negative charging 1.3 x 10% Coulomb For negative potential V = 10 x 10° volts. 


It follows from this that EJT is approximately equal to 24.7 x 10% watts/sec. Now if it is desired to make a theoretical 


short circuit through an earthed flame collector, this would represent an electrical total work of about 79,500 x 10% 
kilowatt years. As the earth must be regarded as a rotating mechanism which is thermo-dynamically, electromagnetically 
and kinematically coupled with the sun and star system by cosmic radiation and gravitation, a reduction in the electric 
energy of the earth field is not to be feared. The energies which the incandescent collectors could withdraw from the 
earth field can only cause a lowering of the earth temperature. This is however, not the case as the earth does not 
represent a cosmically entirely insulated system. On the contrary, there is conveyed from the sun to the earth an energy 


of 18,500 x 10% kilowatts. Accordingly, any lowering of the earth temperature without a simultaneous lowering of the 
sun's temperature would contradict Stefan Boltzmann's law of radiation. 


From this it must be concluded that if the earth temperature sinks, the total radiation absorbed by the earth increases, 
and further, the rate of cooling of the earth is directly dependent on that of the sun and the other radiators cosmically 
coupled with the sun. 


The incandescent radiation collectors may, according to this invention, be used for collecting atmospheric electricity if 
they (1) are charged with the negative earth electricity (that is to say, when they are directly connected to the earth by 
means of a metallic conductor) and (2) if large capacities (metal surfaces) charged with electricity are mounted opposite 
them as positive poles in the air. This is regarded as the main feature of the present invention as without these inventive 
ideas it would not be possible to collect with an incandescent collector, sufficiently large quantities of the electrical 
charges contained in the atmosphere as technology requires; the radius of action of the flame collectors would also be 
too small, especially if it be considered that the very small surface density does not allow of large quantities of charge 
being absorbed from the atmosphere. 


It has already been proposed to employ flame collectors for collecting atmospheric electricity and it is known that their 
collecting effect is substantially greater opposite the points. It is however, not known that the quantities of current which 
hitherto be obtained are too small for technical purposes. According to my experiments, the reason for this is to be found 
in the inadequate capacities of the collector conductor poles. If such flame or radiating collectors have no or only small 
positive surfaces, their radius of action for large technical purposes is too small. If the incandescent collectors be 
constantly kept in movement in the air, they may collect more according to the speed of the movement, but this is again 
not capable of being carried out in practice. 


By this invention, the collector effect is considerably increased by a body charged with a positive potential and of the best 
possible capacity, being also held floating (without direct earth connection) opposite such an incandescent collector 
which is held floating in the air at a desired height. If, for example, a collecting balloon of sheet metal or metallised fabric, 
be caused to mount to 300 to 3,000 metres in the air, and as a positive pole it is brought opposite such a radiating 
collector connected by a conductor to earth, quite different results are obtained. 


The metallic balloon shell which has a large surface area is charged to a high potential by atmospheric electricity. This 
potential is greater the higher the collecting balloon is above the incandescent collector. The positive electricity acts 
concentratedly on the anode floating in the air as it is attracted through the radiation shock ionisation, proceeding from 
the incandescent cathode. The consequence of this is that the radius of action of the incandescent cathode collector is 
considerably increased and so is the collecting effect of the balloon surface. Further, the large capacity of the anode 
floating in the air, plays therefore an important part because it allows the collection of large charges resulting in a more 
uniform current even when there is substantial current withdrawal - this cannot be the case with small surfaces. 


In the present case, the metallic collecting balloon is a positive anode floating in the air and the end of the earth 
conductor of this balloon serves as positive pole surface opposite the surface of the radiating incandescent cathode, 
which in turn is charged with negative earth electricity as it is connected to the earth by a conductor. The process may be 
carried out by two such contacts (negative incandescent cathode and anode end of a capacity floating in the air) a 
Capacitor and an inductive resistance being switched on in parallel, whereby simultaneously undamped oscillations may 
be formed. 


In very large installations it is advisable to connect two such radiating collectors in series. Thus an arc light incandescent 
cathode may be placed below on the open ground and an incandescent cathode which is heated by special electro- 
magnetic currents, be located high in the air. Of course for this, the special vacuum Liebig tubes with or without grids 
may also be used. An ordinary arc lamp with oxide electrodes may be introduced on the ground and the positive pole is 
not directly connected with the collecting balloon, but through the upper incandescent cathode or over a capacitor. The 
method of connecting the incandescent cathode floating in the air may be seen in Figs.29-33. 


B is the air balloon, K a Cardan ring (connection with the hawser) C the balloon, L a good conducting cable, P a positive 
pole, N negative incandescent cathode and E the earth conductor. 
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Fig.29 represents the simplest form of construction. If electric oscillations are produced below on the ground by means 
of a carbon arc lamp or in any other suitable way, a considerably greater electric resistance is opposed to that in the 
direct way by inserting an electrical inductive resistance 9. Consequently, between P and N, a voltage is formed, and as, 
over N and P only an inductionless ohmic resistance is present, a spark will spring over so long as the separate induction 
coefficients and the like are correctly calculated. The consequence of this is that the oxide electrode (carbon or the like) 
is rendered incandescent and then shows as incandescent cathode, an increased collecting effect. The positive poles 
must be substantially larger than the negative in order that they may not also become incandescent. As they are further 
connected with the large balloon area which has a large capacity and is charged at high voltage, an incandescent body 
which is held floating in the air and a positive pole which can collect large capacities is thereby obtained in the simplest 
way. The incandescent cathode is first caused to become incandescent by means of separate energy produced on the 
earth, and then maintained by the energy collected from the atmosphere. 


Fig.30 only shows the difference that instead of a round balloon, a cigar-shaped one may be used, also, a capacitor 5 is 
inserted between the incandescent cathode and the earth conductor so that a short-circuited oscillation circuit over P N 5 


and 9 is obtained. This has the advantage that quite small quantities of electricity cause the cathode to become 
incandescent and much larger cathode bodies may be made incandescent. 


In this form of construction, both the incandescent cathode and the positive electrode may be enclosed in a vacuum 
chamber as shown in Fig.32. A cable L is carried well insulated through the cover of a vessel and ends in a capacitor 
disc 5. The cover is arched in order to keep the rain off. The vessel is entirely or partially made of magnetic metal and 
well insulated inside and outside. Opposite disc 5 another disc 6 and on this again a metallic positive pole of the vacuum 
tube g with the incandescent cathode (oxide electrode) N is arranged. The negative electrode is on the one hand 
connected to the earth conductor E, and on the other hand with the inductive resistance 9 which is also connected with 
the cable L with the positive pole and wound around the vessel in coils. The action is exactly the same as that in Fig.29 
only instead of an open incandescent cathode, one enclosed in vacuo is used. As in such collectors, only small bodies 
be brought to incandescence, in large installations a plurality of such vacuum tubes must be inserted in proximity to one 
another. According to the previous constructions Fig.31 and Fig.33 are quite self evident without further explanations. 
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Figs.34-37 represent further diagrams of connections over radiating and flame collectors, and in fact, how they are to be 
arranged on the ground. Fig.34 shows an arc light collector with oxide electrodes for direct current and its connection. 
Fig.35 shows a similar one for alternating current. Fig.36 an incandescent collector with a Nernst lamp and Fig.37 a 
similar one with a gas flame. 


The positive pole 1 of the radiating collectors is always directly connected to the aerial collecting conductor A. In Fig.34, 
this is further connected over the capacitor set 5 with a second positive electrode 3. The direct current dynamo b 
produces current which flows over between the electrodes 3 and 2 as an arc light. On the formation of an arc, the 
negative incandescent electrode 2 absorbs electricity from the positive poles standing opposite it and highly charged with 
atmospheric electricity which it conveys to the working circuit. The spark gap 7, inductive resistance 9 and induction coil 
10 are like the ones previously described. The protective electromagnet S protects the installation from earth circuiting 
and the safety spark gap 8 from excess voltage or overcharging. 


In Fig.35, the connection is so far altered that the alternating current dynamo feeds the excitation coil 11 of the induction 
capacitor. 12 is its negative and 13 its positive pole. If the coil 3 on the magnet core of the dynamo is correctly 
calculated and the frequency of the alternating current sufficiently high, then an arc light can be formed between poles 1 
and 2. As the cathode 2 is connected to the negatively charged earth, and therefore always acts as a negative pole, a 
form of rectification of the alternating current produced by the dynamo 3 is obtained, since the second half of the period is 
always suppressed. The working circuit may be carried out in the same way as in Fig.34; the working spark gap 7 may 
however be dispensed with, and instead of it, between the points n and m, a capacitor 5 and an induction resistance 9 
may be inserted, from which, a current is taken inductively. 


Fig.36 represents a form of construction similar to that shown in Fig.34 except that here instead of an arc lamp, a Nernst 
incandescent body is used. The Nernst lamp is fed through the battery 3. The working section is connected with the 
negative pole, the safety spark gap with the positive poles. The working spark gap 7 may also be dispensed with and the 
current for it taken at 12 over the oscillation circuit 5, 11 (shown in dotted lines). 


Flame collectors (Fig.37) may also be employed according to this invention. The wire network 1 is connected with the 
aerial collector conductor A and the burner with the earth. At the upper end of the burner, long points are provided which 
project into the flame. The positive electrode is connected with the negative over a capacitor 5 and the induction coil 9 
with the earth. 


The novelty in this invention is: 


(1) The use of incandescent cathodes opposite positive poles which are connected to large metallic capacities as 
automatic collecting surfaces. 

(2) The connection of the incandescent cathodes to the earth whereby, in addition to the electricity conveyed to them 
from the battery of machine which causes the incandescing, also the negative charge of the earth potential is 
conveyed, and 

(3) The connection of the positive and negative poles of the radiating collectors over a capacitor circuit alone or with the 
introduction of a suitable inductive resistance, whereby simultaneously an oscillatory oscillation circuit may be 
obtained. The collecting effect is by these methods quite considerably increased. 
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that ensure that Q 3 will be ON or OFF when 


the switch is in the corresponding position. 
Then, select the nearest standard resistor 
values. 

Figure 4.32 
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To alice id may concern: 

Ve it known that T; Wrawasn Puanso, 
Esthonian subject, residing in Hamburg, 
Gertiny, bare invented certain new and 
useful Improvements in the Conversion of 
Atmospheric Electric Energy, of which the 


following is a specification. i 
Methods of ining atmospheric eles- 
tricity lic nettings sel with 


Hy meat of ] 
spikes which are held by means of ordinary 
or unclored kite balloons made of fabrics 
and Alled with hydrogen, are in theory al- 
ready known, Atmospheric electricity ob- 
tained in this way has been suggested to be 
usel in the form of direct current for the 
charging of accumulators. This know 
however is al preset only Meorelical us 
conversion in practice has hitherto been a 
failure. No means are Known of protecting 
the apparatus from destruction by lighting. 
The balloand used for collecting the charge 
must also be made of very large ime in F 
to be able to support the weight of the me- 
tallic notting and the heavy cable connec- 
Lions, 

Instead of uing heavy metallic nelling as 
collectors attached) to angle air balloons of 
non-conducting materials which are liable to 
be torn and are permeable to the gas, it is 
proposed bo use metollic balloon collectors 
which have the following important advan- 


Un 

(a The metallic cases are impenetrable 
to helio and leydrogen; they also represent 
Inrer metallic weather-proaf collecting sir- 
faces. 

(6) Radio active means and the like may 
be easily applied internally or externally ; 
whereby the ionization is considerably in- 
ereserd and therewith also the paniy of 
almosplerie electricity capable of being ool- 
lectoxl. 

(2) Such balloon eollectora of light modal 
do net require to bo of Inrge size as they 
have lo entry andy their own monecrale 
weight, und that of the conducting cable or 
WITe, 

(2) The entire system thovefore offers lil- 
tle surface for the nection of storm nid wind 
und is resistant and stable, 

(6) Fach balloon can bo easily roised and 
lowered by means of a wineh so that all Te- 
pairs, recharging and the Tike can be carried 
cut without danger during the operation. 


It is further proposed to use a collecting 
aerial network of serena] seperate collectors 
spread out io the air above the earth, which 
collectors are interconnected by electrical 
conductora 

According to this invention charges of at- 
muspberic electricity ara not directly con- 
verted into mechanical energy, AN ¿his 
forms the main difference from previous in- 
ventions, bot the static electricity which runs 
to earth through oormi conductora in the 
form of direct current of very high voltage 
and low current strength is converted into 
electro-dynamie energy im the form of high 
frequency vibrations, Many advantages are 
thereby oblainedl and all disadvantages 
ri ad 

e very high voltage of static electricity 
of a low current stron can be converted 
by this invention to more suitable 
for technical purposes and of ter čir- 
reni stremeth. By the use of e aver | la - 
tory cirenita it is possible to obtain eleotro- 
marnetio waves of various amplitude and 
thereby to increnso the degrea of reesonance 
of such current. Such resonance allows va- 
rious vehes of inductance to be chosen 
whereby again the governing of the starting 
and stopping of machines driven thereby by 
pried tuning the reonance between coils 
of machine and the transformer circuit 
forming the resonanca can easily be oh- 
tained. Further, such currents have the 
property of being directly available for va- 
THIS even wibliciut employing ¿hen for 
driving motora, of which thare may be par- 
ticularly mentioned, lighting, production of 
leal and use in eleclro-chemistry. 

urther, with such currents a serios of ap- 
paratua may be fed without direct current 
supply th conductors and also the 
eleciro-magnetio high frequency currents 
may bo converted by means of special motors 
adapted for electro-magnetic oscillations 
intd mechanical energy, or Gnally converted 
by special machines into alternating current 
of low frequency or even into direct current 
of high potential. 

The invention is more particularly de- 
scribe with reference to Ue accompanying 
diagrams in which :— 

Figure 1 is an explanatory figure. 
re 2 n dingromenntic view of the 

form. 
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9 RC = 1 ohm, 83 = 10, B2 = 50, B1 = 


R1 = 

Questions 10-12 use the circuit shown In 
Figure 4.33 . Find values for R 1 and R 2 that 
ensure that the transistor turns ON when the 
switch is closed and OFF when the switch is 
open. 

Figure 4.33 


10 Y 


10. RC = 1 kQ, B = 100. 
R1 = 

R2= 

11. RC = 22 kQ, B = 75. 
R1 = 

R2 = 
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Figuro 4 shows a method of convertin 
almospherie electrical anergy for use with 
imobors, 

Figure 4 is a diagram showing the usa of 
protective moans, 

Figure 6 id a diagram of an orrangemant 
for converting large current alrengtivs, 

Figure € is a diagram of an orrangemont 
including controlling means. 

Figure Y shows menis whereby tle spark 
mp length can be ad justed, 

igure: 8 shows a unipolar connection for 
tha motor. 

Figure Y shows a weak eoupled system 
enitoble for use with small power motors. 

Figures 10, Li and 12 show modified ar- 
rangements, : ; 

igure lit shows a form of inductive cga- 
pling for the motor circuit, 

Figure 14 a modified form of Figure 13 
with inductive coupling. 

Figura 15 is an arrangement with nin- 
Inductive motor. 

Figora 16 is nn arrangement with gat- 
pling by condenser, | | 

Figures 17, 18 ancl 10 ave diagrams of fur- 
ther modifications. = . e 

Figure 20 shows a simple form im which 
the serial network is combined with special 


' colectora. 


mmoaticolly an ar- 


Figure 21 shows di L 
for oullectine large 


rangement suitable 
quantities of enorey. 

Figuro Y is a modifica arrangement havt- 
ine two rings of collectors, 

igure 24 shows the connections for three 
rings of collectors. o 

Figure M shows a collecting balloon and 
diagram of its connection of condenser bat- 
beries. 

Figures 25 and 26 show medi fed collector 
balloon arrangements, 

Figtre 27 shows a second method of emn- 
necting conductor for the hallónn nertala 

Figura 28 shows an ante-trangformer 
method of connection, 

Figure 29 shows the simplest form of eon- 
struction with incandescent cathode, | 

Figure 50 shows a form with cigar siinped 
balinon. 

Figure 31 is a modified arrangement. 

Figure 32 shows a form with enthode and 
electrodo eoclosed inn vacuum chamber. 

Figure 38 ls a modifed form of Figure 32, 

Figure 34 shows an are light collector, 

Figure 45 shows such an arrangement for 
alternating current. 

Figen 36 shows an incandescent collector 
wilh Nernat lamp. 

Figure 37 shows a form with a gus flare. 

Figure 1 illustrates a simple dingtnm far 
mavti siatie electricity imio dynamit 
energy ol a high number of oscillations. 
For the sake of clearness in the ili, o Br 
influence machine ts assumed to ba amp layed 
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am] mot an nerial antenna. 13 and 14 are 
comba for collecting the static electricity of 
tre influence mochine, T nml 4 ire spark 
discharging electrodes, G and $ sondensers, 
DP an inductive primity coil, 10 secondary 
coil, 11 and 12 enca of conductors of the ser- 
ondary coll 10. When Cho dise of thw static 
influence machine is rotated by mechanical 
means, the combs collect the electrincharpes 
one the positive and the ather the negativa, 
and change the condensora 5 and 6 until such 
a nigh potential iş formei across the sparl 
up 1—6, that the spark gap ia jumped. As 
the spark pop Ye forms a closed circuit 
mith condensers 0 and 5, aml inductive re- 
sistance Y, as is well known, waves of high 
a n electromagnetic oscillations will 
pa in this circuit 

The high frequency of Che oscillations 
produced in the primary circuit indices 
waves ‘of the same periodicity in the ser- 
ondary circuit, Thus in the primary cir- 
cult electromagnetic oscillations are formol 
by mie fr of the apark over the spark 
Esp hos waves are maintained by fresh 

ries of statie electricity. 

Hy suitably selecting the ratio between the 
number of tha colla in the primary anil sæt- 
ondary circuits with regurd to a correct np- 
poeira of the co-cficients of resonance 
leapocity, inductance, ond resistance} the 
Risk ra age of the primary circuit may le 
soitobly converted into low voltage and high 
current strength. 

When the oscillatory discharges in te pri- 
mary cirst becomes weaker or entirely 
cease, the condensers ore charged ngain by 
the stalig electricity until che accumulated 
charge ngin breaks down the spork gap. 
All this ts tepeated as long as electricity 15 
produced by the static machine by employ- 
ing mechanical energy. 

An clementary form of the inrention ik 
shown in Figure 2 in which two spark paps 
in parallel aro used one of i may # 
termed the working pup T in Figure 2. whibst 
the second cerves as a snfaiy device for ex- 
ecss voltage omi consists of a langer number 
of pati gaps than the working section, 


which gaps are phi i in series and nre 
bridged by very emall capacities ns is ilins- 
trated in a, Pr ¢,, Figure 2 which allow of 
uniform sparking in thee safely section. 
In Pigore @ A is the anjal antenna for 
collecting charges of atmospheric clectricity. 
139 is the earth connection of the second port 
of the spark gap, 5 and È are condensors, Da 
primary coll Now when through the aerial 


fA st coat nkmospherie electricity seeks 
in 1 i 


to combine with the negate chargo to earth, 
this is prevented by (tho nir gap between’) 
the spark gapa Tha resistance of the spark 
gn i it, os shown in the drawings, lower 
han that of the othor safety section which 
consiste of tree spark gaps connected in 
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series, and consequently a three times greater 
air parto ia offered by the intter.” 

So long therefore, as the resistance of 
the spark gap T is oe that. 
the other spark ve an equal regl- 
anie with it the ahar eg take place oniy 
over spark gap 7. Should however the 

e be a y by any Treia 
that it might be dangerous for charging, 
the condensers 5 and G or for the soll in. 
sulation Y and 10 in consequence of break 
down, by a correct regulation of this spark 

p the second spark gap can discharge free 
from inductive — ae to earth with- 
cub endangering machit 

Without this second spark gap, arranged 
in parallel mng à higher resistance than 
the working spark pap it is impossible to 
collect and render available large quantities 
of electrical al A arn 

The action of this closed osnillation cir- 
cuit consisting of spark gap 7, two condens- 
era fi and O, primary col 0, und also sec- 
ondary coil 10 is exactly the same as the 
one described in Figure 1 with the arran 


ment of the static induction machine with 
the only differencn that here the secomd 


rk gap is provided, The electromagnetic 
high area ekornaling carrer obtained 
con be tapped off from the conductora 11 
ond 12 for lighting and ie Pp 
Special kinds of motors adapted for work- 
ing with these peculiar electrical charges 
may be connected ot 14 and 15 whieh can 
work with static electricity charges or with 
> freyuency oscillations. 
sde to the use of spark gape 
in parallel a second mensura of security is 
recersary for taking off the current. 
This precaution consists according to this 
jo rention, in the introdnetion of and method 
of connecting certain protective electro- 
Tngnets or choking coils in the werial cir- 
cuit as shown by S in Figure 3, 

A single eleckromagoel only having a core 
of the thinnest possib e'soparato Inminntions 
in connected with the nerial 

In the case of high volinges in the serial 
neiwork or al places where there are fre 
quent thunder dorma, several such magnets 
may however be connected in series. 

n tle case of latge units or plants sev- 
eral electro 
allel or in res parallel. 


ets con be employed in par- 
The windings of Hess sete Cm 
may bo simply connected in series with the 
aerials, In this case the winding pamai 
consiata of severn] thin parallel wires, which 
make up together, the necessary section. 
The winding may be made of primary 
and secondary windings in the form of a 
transformer. The primary winding will be 
then cónnected in series with the serial net- 
work, ond the secondary winding more or 
less short-citcuited over a nerulnting resist- 


ance or an induction coil. In the latter 
caso it ts possible to regulate to a certain 
extent lhe effect of the choking coils, Tn 
the further description of the connecting 
and coneleuctional diagrama the aerial elec- 
tromagnet choke coil is inmdicaled by n 
sg ring 5 

gure 3 shows the simplest way of con- 
verting atmospheric olectricity inte electro- 
mi e ware energy by the use of special 
motors adapted for high oscilintory eur- 
rents or static charges of electrical energy, 
Recent improvements in motors for work- 
ing With static charges and motors working 
by resonanos, that is to say, having groups 
of tuned electromagnetic 000 tine čir- 
cultas render this possible but soch do not 
farm pari of the t intention, 

motor ada to operate with static 
cha will for the sake of simplicity he 
diagrammatically indicabed by two semi- 
circles 1 and @ and the rotor of the motor 
by a ring M. (Figure 4) A is a vertical 
serial or aerial network, S the safety 
OCRA Or POCEO cti y as may 
be ween is connected with the nérmal A. Ade: 
jacenk the electromagnet S the señal con- 
ductor le divided into three cirenits, the 
ciremt 8 2g Hoge safety spark gap, the 
circuit T with the aoe spark gap, and 
then a circuit including the stator terminal 
1, the rotor and stator terminal 2 at which 
n connection is mudo lo the earth wire. The 
bro s gapa are also connected nuvelal- 
lically with the earth wire. The method of 
working these diagrams is as follows: 

The positive atmospheric electric charg 
collected tends to combine with the negative 
alectricity {or earth electricity) connected 
with the eirth wire, It travels along the 
aerial A through the electromagnet $ with- 
out being checked as it flows in the same di- 
rection as the tthe Re tas Further, its 
Progress is arrest two sparks mips 
pired in tha way and the stator concdenser 
surfaces. The stator condenser surface: are 
charged until the charge is greater (han 
the resistance of the spar gap , Whereupon 
a spark springs over the spark gap T aml an 
oscillatory charge le obtained us by menos 
of the motor M, stator surfaces l and 2, andl 
spark gip T. a dosed oscillation etremit is 
obtained for producing the electromarnetic 
eecillations. The mober here forms the ca- 
pacity and the necessary inductance and re- 
sistance, Which, as ja well Known, are neces. 
sary for converting static eloctricity into 
electromagnetic wave energy. 

The discharges formed are converted into 
mechanical energy in special motors and con 
not reach the nertal medwork by reason of 
the electromagnet or choke. If, however 
when à spark springs over the spark gup 7 
a preater quantity of atmospheric olectricity 
tenis to flow to carth, a counter voltage is 
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induced in the electromagnet, which is 
reater the more rapidly and strongly El 
ov of current direct te the earth ig Ly 
the formelion of this opposing voltage n 
suMicienthy thigh restetonos is offered to the 
Cow af atmospheric eleckricity direct to 
party to prevent a shot circuit with tlie 
eri o 
“Mos cirenit containing spark gop $ having 
a differnt ware leneth which is not in reso- 
parce wilh tle nutnral frequency of the 
motor, doen not endanger the molor iml 
serves as soruciby ngumel excess voltage, 
whith, ns practical experiments have shown, 
may all arike in cortan cases, bnt enn he 
concdicted diret to earth theeugh this spark 


rap, 

he the diagram illustrated in Figure 4 the 
spark gap T is shunted across condensers fi 
and € from the mater M. This construction 
affords mainly a better insulation of the 
motor nenin ascets voltage and a nniform 
exeltation throurh the spark FAP T: 

In Piura 3a diagram is illustrated for 
transforming Jaree current streneths which 
may be em ¡An direct twithont motors, for 
exumple, Le lighting or heating purposes, 
The main dilferenco is hat here Clee a aala 
map consists of a star shaped dise T which 
cen rotate an its own axia and is rotated Ey 
a motor opposite similarly fitted alrctrodos 
Th Wien separole points of stare face one 
another, tLiseiarnces take place, thus forming 
an cecillation circuit over condensers $ and 
S and imiuctenee 9 for oscillatory desclinrges. 
Tt is evident that a molar mav alse be cli- 
recthy connected to the ends of the spiral 9, 

‘The consiruchion of He diagram «lowen 
in Figura 6 permits of the oscillation circuit 
of the moter being connocted with on in- 
ducti goil. Tere a resaleting inductivo 
resistance is introduced. for sonnter-acting 
excess Voltages in the mator. By citing Lra 
sepurnta cols 9 (eompled inductively to the 
social) in or ent the iminciiye action on thie 
uor many be mort or bese inétreaeec] or 
variae serial nction may be exerted on the 
scscillation cireuit, 

En Fina T the ascillation elreuit ia closed 
thronzh the earth (E and T). The spark 
aiji T may be prolonged or a, br 
mare or fewer spark gaps being succesavely 
connecta] br means of a contact arm 7, 
[agrem $ shows a nmipilar connection of 
e moto: with the aminli network, oro 
two oscillation circoite are closed through 
ive same motor. “Che frst oscillation circa 

eses from amal A thirongh olecbromagaet 

point at, indmelanos 1 to tee earth con- 
denser "i and further, aver spark map T to 
the aerial condenser $ and Lack to i The 
setandi measiiition circuit Harns from the 
scrnl emvienser S ub the point æ over tha 
inductance § te the canth condenser 6 at the 
point * and through the condenser 0 over 
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tliu spark q Y back tos. ‘The motor itself 
is imeertec Eween the Lwi points of the 
spurl rap T- From this arrongrment alight- 
IF damped oscillation ware curvents are pro- 

weed. i i 

In the diagram Wustrated in Figure P o 
loosely coupled system of connections ia il- 
itstrated which is assumed to be for small 
motora for messuring purposes A indi. 


cates the aerial conductor, 3 the electromag- 7 


not in tie aerial conductor, Y the inductancs, 
T the spark gap, b and 6 condensers, E the 
earth, Mo the motor, and 1 and £ stator con- 
nections of the motor, The motor is di- 
rectly metallicaly connected with the oscil- 
lation circuit, 

Ao Figure 10 a purely inductive coupling 
employed for the motor circuit. ‘The mo- 
Lar is connected with the secondary wire 10 
as bea seen in Figore 11 in a somewhat 
ek =i mics opt Tes The same 
applies to the diagram of Figure 12, 

The dingrama hitherto described prefer: 
ably allow of motora of small and medium 
strength to be operated. Far large ogere- 
goles, however, hey ure too inconvenient as 
the construction of two or more oscillation 
eirenuits for large ninaunts of en is dif- 
cult; the governing is still more difiicult and 
the danger in switching on or off is grenter, 

A meons of overcoming such difficnities ES 
shawn in Fienre 14, Tha oscillation circuit 
here runs starting from the point» oror ton- 
denser Ñ, variablo inductance J, spark gap 
T and the two segments (34 sod de) form. 
ing arms of Wheatstone bridge, back to e. 
If the motor ts connected by brushes 3 and 
4 transvergely to the two arms of tha brid 


as shown in the drawings, electromognétio 
oscillations of equal sign are induced in 
stator surfaces: 2 ond 2 and the motor does 


mot revolve. [F however. the broshes 3 and 
+ are moved in common with the conduct. 
me wires l and 2 which connect the Lenshes 
with tho stator Poles a certain alteration or 
displacement of the polarit¥ is obtained and 
the motor commences to revolve. 

The maximun action will result if one 
breh 3 comes on the control sparking von- 
tact T and the other brush 4 on the part e. 
They are however, usally in practica mod 
brought on to the contral contact 7 but onl 
held in thè path of the bridas sarmenta 
and 3* in order not to connect the spark pops 
with the motor oscillation cirentt. 

Ag however, the entire oscillation ene 
can thereby not ack on the motor ib is batter 
to carry ont the same system according to the 
dingram 14. The diagram 14 differs from 
the foregoing only by the motor not being 
directly metallically connected with the seg- 
ments of the commutator, bnt only a pri- 
mary col D which induces in a secondar 
om] 10, current which feeds the motor M 
nml takes the place of the rater, By this 
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orrabecment a good transforming action is 
obioinel, o biase coupling and also an os- 
ciólotion circuit withont a spark rap. 

In Firure 15 the motor is nod ly in- 
ductively an im 14, bat directly metallically 
Leeched off frum the primary coil (at g 
and a") after Che principle of the auto-trang 
former, 

In Figure 16 instead of an inductance a 
comlenser 6 is in semilar manner, nod for 
the sama objet inserted between the sag- 
minis 3 nmi 4 This has Um advantage 
that the segmenta 3* and 4* need not be- madre 
af solid metal but may consist of spiral coils 
wliereliy a more exact regrulatrion is pommble 
and further motors of high inductanco may 
be einplayed. 

Tie arrangements of Figures 17, 18 and 
19 may be employed for nee with resonance 
and particularly with induction condenser 
motora; belbreen the large stator indmetinn 
condenser surfaces, mall reversing pole con- 
densers are connected, which, as may be son 
from Migures 17, 14 and iF are led togebler 
to enrth. Such reversing poles have the 
advantage that with large «quantities of 
electrical energy the spark formation lit- 
tween the separate oscillation circuits cesses, 

Figure 10 shows a further method which 
prevents electro tic oscillations of high 
number of alternos formed in the asetl- 
lation circuit striking back to the nertal con- 
duetor. Tt is basel on the well known prin- 
tiple that a mercury lamp, oñe elect at 
which is formed of mercury, the other of 
ent metal such ns steel allows an electric 
charge to pass in only one direction from 
(he mercury to the steel and not view veren. 
The mercury clectrode of the Facuim tobe 
N is therefore connected with the serial 
conductor and the steel electrode with the 
eecilintion circuit Fram this it results that 
charres ean pas only from the serial 
throigh the vacoom tube to the oscillation 


i girentt, mt mot viet versa. Claeillations 


whieh are formed on being transformed in 
the oscillation erenit connol pass to the 
irk conductor, 

In practice these vacuum tubes must be 
coineciaed behini an électromarneé as Ue 
latter alone affords no protection against the 
danmer of Vielvbning. 

As regnrds the we of spark raps, all 
artingemontes ns used for wireless teleg- 
moly inay be usal. OF conse the spark 
gaps in largo machines tot have a siili: 
cientix large surface, In very large stations 
they nie conled in hquid carbonic acu] or 
better atili m liquid nitrogen ot hydtrogren; 
jn morë coses the rouling mav also take 
place mentes Of Nquetñod low homologies 
of he metal series or by means of bydra- 
carbons the freeing point of which lies at 
befween —T0° E and —40 C. The spark 
ap casing mosk niso be insulated ond be of 


5 


suficiente strength to be able to resisl an 
pressure which may avise, Any undesirable 
excess syper-pressure which may be formed 
must be antomatically let off. 1 have em- 
ployed with very good regulla mercury elet 
trodes which were frozen in liquid carbonis 
few, the cooling being maintained during 
the operakion from. the outside through the 
walls, 

Figure 20 is one of the simplest forms of 
construction of an aerial network in com- 
binntion with collectors, transformers and 
the like illustrated diagraminatically. E is 
hort the tarth wire, A the safety spark gnp, 
T the pipes ip ech gap, 1 2 the stator 
surfaces of motor, 5 a condenser battery, 
& the eT magriel which is connected 
with the coll in the seria] conductor, A’ to 
A" serial antennm with collecting balloons, 
N horizontal collecting or connections wires 
from which, to the centre n number of caon- 
nections Tun. 

The actual collectors consist of metal 
sheaths preferably made of an aluminium 
inagoesiom alley, and are ñlled with hydro- 
gen or helium and are attached to copper 
Ploted steal wires, Tihe size of the balloon 
la selected so that the actunl weight of the 
balloon and the weight of the conductin 
wira if supported thereby. On the top e 
the balloon aluminium spiker, made and 
gilded in a special manner hereinafter de: 
seribed, nro arranged in order to produce a 
conductor action. Small quantities of 
radium pre Hons, mora particularly 
polonium- 00m or imesctdhoriumn prepara- 
tions considerably increase the donization, 
and therewith the action of these collectors 

In addition to metal balloons, fabric bal- 
bons which ore superficially metal conted 
according to Schoop's metal spraying prac- 
emt. inn however obey be enpe A 
metalic surface may also be produced by 
lacquering with metallic bronzes, preferably 
according to Schoop's spraying process oT 
lacguering with metallic bronze powders in 
two electrical series of widely different 
molala, because thereby the collecting effect 
in considerably increased, . 

Instead of the ordinary round balloons, 
tlongated cigar shaped ones may be emi- 
ployed. In order also to nla the fme- 
tional ene of the wind, patehes or abripe 
of non-conducting substances which pro- 
duce electricity hy friction, may be nttaciod 
to the metallized balloon surfaces, The 
wind will ipart a portion of its energy io 
the form of frictional electricity, to the 
balloon casing, and thereby the collecting 
efect as shbetantially increased. 

In prackins however, vi hich towers 
(up to 200 metros ls fully admissible} may 
be employed as antenne. In these towers 
copper Lubes rise freely further obove the 
top of the tower, A pas lamp secured 
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inst Ehe wind is then Ht at the point of 
fa sopor tube and a netting is secured to 
the copper tub: over the Mame of this ith 
to form a collector, The gns is ctl 
through the interior of the tube up to the 
sammit. The capper tubo must nbn- 
lutely protected from moisture al the placa 
at which it enters the bower and also rain 
must be prevented rimming down the walls 
of the Lower which might lead to a bod 
catastrophe. This is dona by bell shaped enr- 
largaments which expand downwards, being 
arranged in the tower in the form of high 
voltage insulators of Siamese pagodas. 

Special attention must be «deroted to the 
foundations of such towers. Thov must be 
well instlated from the gronná. which may 
be obtained first embedding a layer of 
concrete in a box form to a sufficient depth 
in the ground ond inserting im this an 
nspliolt liming and then ploss bricks cast 
abont 1 or 2 motres in thickness. Ower this 
in tum there is y ferro-conereto layer in 
which alone the mets] foot of the tube is 
secured, This concrete block mus be at 
least 2 metres from the ground and be fully 
prolected ab the sides by a wooden covering, 
from moisture. In the lower port of the 
tower a wood or glass house for the large 
condenser batteries or fer the motors may 
he constructed. In order to lead the earth 
connection bo the ground water, a well im- 
sulated pit constructed of vitreous bricks, 
mnsk be provided. Sererol such towers arn 
erected at distances apart amd con- 
nected with n horizontal conductor. ‘The 
horteoutal conreching wires may either run 
directly from tower to tower or be carried 
an bell shaped insulators similar to those in 
use for high voltage conductors. The width 
of the network may be of any suitable size 
and the connection of the motors can take 
place at any suitable places, 

In order to collect larga qiantities of 
electricity with few aartale it ie well to pro- 
vide the aerial conductor with batteries of 
enpdensers ns shown in two methods of eon- 
atructóon in Figures 21 and 22. Tn Figure 
21 the batteries of condensers | ure con- 
nested on the ome hand with the aerial elet- 
tricity collectors 4 by the serial conduelor 
A, amd on Che other hand interconmechad ri 
series with an ananlar conductor from 
whieh horizontal conduetocs run ba the con- 
necting paints € to which ¿he carth wire is 
connected. 

Figura 22 shows a similar arrangement. 
S£honld bro such serios of antenna rings he 
shawn Ly 2 voltmeter to have n forgo naf- 
ference of potential (for example, one in the 
monnta ahd one in the plain} or even of 
diferent polarity these differences may be 
rhinpameated for by eonnectinea aileiantly 
lurga condenser batteries (5, 44, 5) by menns 
of Maji star conductors D and TP. In Fig- 
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wire %5 a connection of three sich hiner iË 

collectors to form a triangle with a central 

condenser battery ts Ilustrated. l 
The concdensor batteries of such large in- 


slallativns most be embedded in Deoefied + 


pases or in liquida freezing at very low 
temperatures, In such cass a portion of 
tha atmosphere energy minat ha emp 
for liquofying these gases. It ts abso prefer: 
olde to employ pressure. By this means the 
condenser surfaces may be diminished, and 
still allow for large quantities of energy to 
Lin stored , Secure against breakdown. or 
smaller inglallntions the immersing of the 
condensers in well insuilaled oil or the ene 
suffices. Solid substances on tha other han 
cannot he emploved as insulators. 
arrancenpont in the diagrams hitlorto 

described was always such that the con- 
denser batteries were connected with both 

fee directly to the serial conductors. An 
improved diagram of the connections for 
obtaming atmospheric olectricity for Ur 
condenser Lullertes lus lowerer, been found 
to ba very advantageous, this arrangement 
consists in that they are connected by only 
one pola (nnipelar| ta the collecting, net- 
work. Such a method of arrangement is 
very important, as by means of it a constant 
current ond an inerense of the normal work- 
Mg preesire or Foltare te obtained. If for 
example a collecting balloon worinl which is 
Allowed to rise to a height of 300 metres, 
shows 40,000 volts above corth voltage, LT 
practice it has been found that the working 
voltage {with a wilhdrawal of the power 
ne to the methel hereinbefore de- 
scribed br means of oscillating spark gape 
aru the lke) is only abont 400 volts. If 
however, the capacity of the condenser siir- 
faces ba increased, which capacity in the 
abort mentioned censa was equal to that of 
the collecting surfnon of the balloon seriale, 
to double the amount, by connecting the 
condenser batteries with only ome e, He 
voltage rises under an equal withdrawal of 
current np te and beyond 500 velie. This 
enn only be ascribed to the fnceurnble setion 
of the connecting method. o 

lo addition de thes substantial improreo- 
ment it has also been found preferable to 
insert doublo inductances willy eleciromaz- 
nets and to place the enpacitios preferalilr 
briewe two smeh plectromarneta, Tk haa 
also been found that the veefr)] action af 
such, condensers can be farther increased if 
žr mánetion evil be conñected ws inductivo 
resistanco to the unconnected pole of the 
condenser, or still better if the condensor 
itself ho made ns an indueton condenter. 
Such a condenser may be compared with a 
spring which when compressed carrie? in 
itself nccomelatel force, whith if again 
wives off when released, In charging, a 
charge with veversed sign is fareel nt the 
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other free condenser pole, and if through the 
spark gap a short circuit results, the sotii- 
mulated energy is again given back since 
now now quantities of energy are induced 
at Choe condenser pole connected with the 
conductor network, which in fact charges 
with opposite signs to that at the free con- 
denver pole. The mew induced charges have 
of course the same sigo ss the collector net- 
work, The whole vo nn in the 
aerial is Cherelry however in . In the 
same spara of time larger quantites of 
en ore accumulate! thon k Um case 
without such inserted condenser batteries. 

In Figures 24 and 25 two different dia- 
races of connections are more exactly illus- 
brated, Figure 24 shows a collecting balloon 
nd the diagram of the connections to earth. 
Figure 25 four collecting balloons and the 
parallel connection of the condenser bat- 
tories belonging thereto, 

A as Che collecting balloon made of an 
aluminium magnesium alloy (electron metal 
inarnaliam) of a specife gravity of 1,8 anid 

1 1 bem] vibe ef T 
bierno are i Fert i 
sl ql hp 16 bo 20 mim. in height 
and obnat 3 mm, in thickness with erly 
jecting part dirictod inwards (indicated by 
m, b, e, 4 and so forth}; they are riveted to- 
gether to fori a firm skeleton amd are stif- 
onal in a horizontal direction by bro cross 
ribs. The rite are further conrected with 
me another internally and trancversely b 
new Of ihin steel wire, whereby the bal- 
han obtains t power of resistance and 
clasticióy. Rolled plates of 0,1 Lo 0.2 mm, in 
liichnee made of magnalum allor are chen 
either sokiered or riveted on this skeleton 


os that a July metallic caging with eiouthi 


external surfed js obtained, Well aitvererl 
or coppered aluminium Plated steel wires cun 
frum each rib to the fastening ring 2. Fur- 
thes, the coppered steel hawser L preferably 


4 dwisted out of separate thin wires (shown in 


ofl 


chatted lines in Figure 24) and whith icttist 
he long enough to allow the balloon ta rise 
in (he desired deight, lends to a metal roller 
or pulleyr 3 and from thenre to a winch W, 
well insulated from the earth My means of 
ilus winch, (he balloon, whieh is filed with 
hydrogen, or helium, san be allowed lo rice 
to a suitable height {ADG to 5,000 metre} 
mml smelt ty the ground for recharicn 
ce Pep MIT, 

The actual carrent da taken directly 
thratzh a fitebion contact from the metal 
raller 4 or feom the wire, or even fenm the 
winch or siumliumecasly from all three by 
means of broshos (3, $ and 3%), Beroni 
the breshes the conductor i divided, the 
patha bene :—firstly over 12 to fle safely 
spark pap 4, feom tleoee bo the earth turn- 
duchor ES, and secomlly aver ele-tromacnect 


3 £1, point 13, to a second loose electromagnet 


T 


having an adjuetable coil &, then to the 
spark gop Y and to the second carth coi 
ductor El The actnal working cirenit is 
formed through the spark gop T, condensers 
Sand 6, and through the primary coil Y; 
here the static electricity formed by oscil- 
latory discha Is accimulated and enn. 
verte into ick a electromarnetto 
mciliekions. Between the clectrumasneta $ 
aml S? at the crossime print 18, four con- 
denser balteries aro inirnduced which are 
only indicated dingrammatically in the 
drawings each by one condenser. Two of 
these batteries (16 and 15) are made og plate 
condensers and prolonged by regulating in- 
duction coils or spirals 17 ond 19 while the 
bro others (21 and 22) are induction von- 
deners. As may he seen from the lri wins 
ench of the four condenser batteries 10, 15, 
21. ži 18 conme only by one pola to the 
aciial or to the collecbar conductar, The 
eend poles 17, 10, 22, 24 are open. In the 
case Of plate condensers having oo inductivo 
resistance an induction coll is inserted. The 


objet of auch a spiral or enil ts the displare - Po 


ment of phase of the induction current by 14 
pence, wluist the charging current of the 
condenser pales which lie free in the nir, 
works back lo the collector aerial, Tle enn. 
seyuenos of this is that in discharges in the 
colector serial the back inductire action of 
the frre poles allows a higher voltage to he 
maintained in the atrial collecting con- 
ductor than would otherwise be ihe case. It 
has also been found that sich a beck action 
has on extremely favourable effect on the 
wear of the contacts. OË course the indur- 
tive effect may be regen late] at all within 
the lunits of tlic size of the induction coil, 
the length of the coil te action bnar nd- 
juatable hy means of wire connertion with- 
cul inctuchon (ss Fig. H, Na. 20). 

Sand $ may also bè provided with sich 
regulating derires in the case of S* (iilne- 
brated by 11). Ir excess voltage be fore 
IË is conducted do earth through the wire 12 
and apark gap f or throngh any other siit- 
abla npparutus, since this formation wathi 
be chingerons for the other apparatus. 

The action of these ronclenser hotterbes las 
already been lereinbefore described. 

The amall circles on the collectar hu dl 
mdiente places ad which zinc amalgam or 
gold amalgam or other photoclocirie acting 
metals in the forn of small patches in rx- 
tremely thin Inyera (001 to 0f mm. in 
thickness) are applied to the balloon casing 
of light metal. Such metallic patches may 
also be applied to the entire balloon ng well 
ne an greater thicknéss to ihe conducting 
network. The capacity of the collector is 
thereby conziderably slrenglhenod at tie 
surface. ‘The greatest pom io affect in cel- 
locking may bè oltoined by polonimm ane. 
gums und the like On the surface of the 
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conblortor lallo metal points orospilies ite 
also Asel along the mbs, which spikes serve 
particularly for collecting the collector 
charge. Since it is well known thal the re- 
sistance of the spikes bs lest the sharper the 
spike ig, for this purpose it is therefore ex- 
tremely important to employ na sharp 
spikes ns porsitlo. Experimente mude us 
peraire these have. shawn ihat Clee Tociia- 
tion of the boty of the spike or point alse 
plave a direc part. for example, spikes made 
of lers or rollers with sineoth surfaces, 
hove a nainy times greater ponl resivlance 
as omllector aocumulater spikes thon thosa 
with rough surfnces, Various kinds of 
epike bodies hare been experimentul with 
for the collector balloons hereinbefore men- 
tioned! The lost results wera given by 
spikes which were made in the following 
wav. Fine points made of steel, copper, 
nickel or copper nmi nickel alloys, were fas- 
lened together in bundles and then placed 
as nodo with the points in a suitable eke- 
trolyle (preferably to lurdrochloric acn) or 
muriata of iron solutions) and so trented 
with weak enrrent at 2 to £ volts pressure. 
After 2 to 3 howre necording to the thick- 
ness of the spikes or pins the points becom 
extremely sharp and the bodies of the spilocs 
have a rough surface. The bundle can then 
he reared] nnd the neid tensheal off with 
water, The spikes are then placed as 
cathode im a hath consisting of solution al 
gold, platinum. iridinm, paladinm or wolf- 


2 pom salta of their componnds and conted 


ab the eathode golvanically with a Chin lover 
of precious metal, which must however be 
snficiently Mem to protect them from nt- 
mospherte osidation, | 

Such apilos act at a 20 fold lower vollage 
aluosl as Well us the best and finest ports 
mode le mechanical means. Still better re- 
cults pre oni¢ained of polonium or radium 
salis are mibdul to the galvanic hath when 
forming the protective liyer or coating, 
Sach ping have n lew resistance at their 
paints and even at one volt and still lower 
PRESTO have un excellent collector actin. 

Tn Figure 94 the thee unconnected pales 
are not eonrected with one another in jx- 
allel, That is quite possible in practere 
wilhinaet altering the principle of he free 
pole. Tr is also preferable to interconnect 
MI parallel In a emma enllector network, 
a series of collect ug aeriils, 

Piernro 25 shows a dingram for mwh un 
ietaliatien. ARAS Aa, AS are four metal 
enlloctor hates with gold or ptm 
coated spikes which wre electrolytically 
made in che presence of polonium emana- 
ions or radium salta, whith spikes or mer- 
dirs are connected over four decteo-magnels 
See SB Chieomh an annular conductor 
R- Fre this annilar condnetor four wires 
rim over four further electromognuís -S5, 
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St St, A", to he connecting point 15 There 
the conductor es divided, one braich pissing 
over 12 aml the safety spark gap 5 to the 
earth at El, the other over incluctive resist- 


ance J aml working spark gup T to the eorth + 


at EL The working circuit, consisting of 
the condenser 5 ond G um] a resomunco 
neater ora condenser motor AL, such as bere- 
inbotoro described, is connected in prax- 
imity round the sparking gap section Y, 

Instead of directly connecting the omi- 
denser motor of course the primary rent 
for high freuenur cecillatery current may 
also le inserto. 


The sondenser habberies ate conñected by : 


one pole to the anonlar conductor I and can 
be etther inductiendess (10 and 18) or made 
as indnetion condersers os chown by 21 
and 25. The free poles of the inductionbess 
condensers ave indicated by 17 nml 19, those 
of the imloction condensers by 22 nnd 44. 
As mar ho seen from the drawings all theese 
pales 17, 22, 19, 24 may be imnbercounected 
m parallel though a second annular con- 


ductor without any fear that thereby the | 


principle of the free pole connection wall be 
injured. In addition to the advantages 
already set forth the parallel connection 
also allows of an equalization of Ue work- 
ing pressure to the entire collector network. 
Smtibly constructed and calculated ind- 
tien coils 25 and 20 may also be inserted iti 
the annular conductor of the free poles, by 
means of which a circuit mar be formed 
in the secondary cols 27 and 28 which al- 
lows corrent produced in this annalar enn- 
ductor by fluctuations of the charges or the 
like sppearanee? to be measured or ather- 
wise utilized. | | 
According to what has boen hereinbefore 
stated separale collector balloons muy be 
connected nt equidistant stations distributed 
over Elbe entire countrr, either connected li- 
rectly with one another meolallically or by 
means of intermediate suitably connected 
condenser batteries throven high voltage 
conductoras insulated from earth. The 
éfatic electricity ais converted throush a 
spark gap into dynamic energy of a high 
nuínber of oscilintions ancl moy im such form 
be coupled as a source of energy by menns 
of a suitable method of eommcctna, verona 
precantions being oliserved_ aml with spe- 
ojal regulations The witrs lesa Prat 


the collector balloons have hitlerio been + 


connected through nm anular conduetor 
wilhont this cilea conmceion, which can 
ha revarded an an emilie indaction eal, t- 
ing able to exert any nction on the whol: 
conductor svsten, 

TE has now beon found that if the net work 
conductor connecting the serial collector bal. 
leone with ott another im met made na a 
simple thnular combuchor, but preferably 
shart cirénibed in the form of egilg over a 
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condenser ballery or spark pap or through 
thermionic tobes or valtes or audionz, then 
the total collecting network exhibits quita 
ner properties The collection of alos 
pheric electricity is Lhereby mot only in- 
creased bart an alternating field may be eas- 
ily iid in the colleclor network. 
Further, the atmospheric electrical forces 
showing themselves in the higher regions 
may also be directly obtained by induction. 
In Figures 26 and 99 a form of construction 
is shown ón the basis of which the furthar 
foundations of the method will be more par- 
ticularly explained. 

In Figure 26 1,2, 0, d are metal collector 
balloons, 5, 0, 7, 3 their metallic serial con- 
ductors im] T the actual collector network. 
This consista of five coils and is mounted on 
high voltepe insulators in the air, on hugh 
roltage masts (or with a suitable construc- 
Lian of gale embedded in the earth), One 
coll has a diameter of 1 to 100 km. or more. 
S and $ are two protective electromagnedts, 
F the second safety section ajuinel exces 
voltage, E its earth conductor and E the 
marth conductor of the working section. 
When an absorption of static atmospheric 
electricity is affected through the four bal- 
loon collertora, the current in order te reach 
the earth connection E” must flow spirally 
through the collector network over the elec- 
tromagrel $, primary induction coil Y, con 
ductor 14, anode A of the audion tube, in- 
candesoent cathode K, as the way orer the 
electromagnet and safely spark ep E offers 
considerably greater resistanos Owing Lo 
the fact thet the accumulated current flows 
in one direction, an electr tie altor- 
nating field is produced in the interior of 
Elbe co Pnelwock il, whereby the whole 
free electrons are di more or less into 
the interior of the coil. An increased ioni- 
eer jr A yy army aE pro 

need. In consequence LF points 
moonted on the collector balloon show a 
considerably reduced resistance and thare- 
fore increased static charges belween Che 
points on the balloon and the surrounding 
simasphere are produced. The result of 
or 18 a considerably increased collector ef- 
eck. 

A second effect which could mot be ob- 
tained otherwise is obtained by the clectro- 
magnetic papa. fehl which running 
img to the arth surface, acis more or 
ess with a diminishing or increasing efect 
on thn earth le field, whereby in the 
case of fluctuations in the current a return 
mductoon current of sien is always 
prodnced im the collector coil by earth mag- 
netism. New if, however, a constanily pul- 

ting continuos alternating field ts pro 
di ús slatecl in the above collector met- 
work I, an pal a current of the san 


periodicity is prod also im thee collecting 


network œil. As the same apa a feld 
is further tranamitied ta the acrial balloon, 
the resistance of its eg is thereby con- 
siderably rodnoed, whilst the collector ac- 
Liam is consulerably increased. A further 
udvantage is that positiva electrons which 
colloct on the metal surfaces during the tar- 
versión into dynamic current UCA A Boe 
called drop of potential of collector 
nren Asan alternating field is present, the 
negativo jons surrounding the collector sur- 
faces, when distharge of the collector sar- 
facea takes place produce by the law of im- 
duction, an induction of reverged sign on 
the collector surface and so forth (that is 
lo say ymin a positive charge). In addi- 
tion to the advan hereinbefore set forth, 
the construction of connecting conductora in 
col form when of suficienldy large diam- 
eler, allows of a utilizalion of en arig- 
ing in higher regions also in the simplest 
fen aii wh electric achari 

IHE ace Bt very greal cinta: 
tions which may ba observed, sich as St, 
Elmo's Gres or northern lights. These 
enargy quantities have not been abla to be 


weilixed a now. By this invention all 
these kinds of energy, as Ley are of an 
electromaprnetio nature and the direction of 


the axie of ile collector coils stands at right 
anglies to the earth's surface, can be more or 
less pitala in cor m ee an d Pesei ver 
In wireless telegrap l waves oming 
from a far distance. With a large diameter 
of the spiral it js ible to connect barge 
eurface: and 7 to take up also large 
quantities: of energy. 

Tt is well known that large wireless sta- 
tons in the summer montis, also im 
the tropics are very frequently unable to 
receive the signals in tence of imber- 
ruptions which are canse atmospheric 
electricity, and this takes place with vertical 
cemile of only 40 to 100 m. diameter. If on 
the contrary horizontal cotls of 1 to 100 kim. 
diameter be em loved very strong currents 
moy be obtained through diseharees which 
are constantly taking place in tie atins- 
serie Particular lo the tropis or still 

in the polar sons where the 
northern lights are constantly present, lar 
quant eee of energy may probably be ce. 
taimed in this way. A coll with several 
windings should att the best, In similar 
manner any alteration of the earth maup- 
netiam should act inductively on such a coil 
It ig not ot all unlikely that esrthqualkes 
and spots on the sun will also produce an 
induction in such collector coils of suilicient 
siza In similar manner this collector con» 
ductor will react on earth currente more 
particulariv when they are near the eurface 
of the tarth or even embedded in the earth. 

By combining the previews kind of corrent 

collectors sọ far us they are adapted for 
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LO 
the improved with the improved pos- 
sibilities of obtaining current the quanti- 
ties of free natural energy which are to be 
obtained in the form of electricity are con- 
siderably increased. 

Tn de to produce in the improved col- 


lector coil uniform current oscillatione of 
an andamped antore so-called audion high 
vacuno or thermionic tubes of suitable con- 
nection ara employed instend of the pre 
viously known spark gaps (Fig. 26, Nos. 
0-18). The main aerial current flows 
through electromagnet S (which in the cose 
of a high number of alternations is not con- 
nected here bnt in the earth conductor E") 
ond moy be conveyed over the primary coils 
in the induction winding through wire 14 
to the anode A of the high vacuum grid 
tube, Parallel with the induction resistance 
fa cegulating capacity of suitable size, such 
ns combenser 11 is inserted In lower 
part of the vacuum grid tube is ar ed 
the incandescent Glament or the cathode K 
which ig fed through o battery B. From 
the battery E two branches ron, one to the 
earth eonductor E* und the other thro 

battery D" ond secondary coil 10 to the grid 
anòde q in the vacuum tube. By the method 
of connections shown in dol lines, a dë- 
sired voltage at the grid electrode g muy 
also be procloced thraugh the wire 17 which 
18 branched off from the main enrrent con- 
ductor through switehes 16 and some small 
condensers (4, D, 6, 2) connected in series, 


* and conductor 18, without the battery Bt 


being required. 

The action of the entire system ts some- 
what as follows: ; 

On the connecting conductor of the aerial 
collector nelwork beling hort cirenited ta 
earth. the condenser pole 11 is charged and 
alightly dumped oscillations are formed in 
the short circuited existing oscillation tir- 
cuit formed of the condenser 11 and self 
mductanos § In consequenos of the sou. 
ling through coil 10, ductuations of Perra 
ake place in the grid circuit 15 with t 
came frequency, Thich, fluctuations in torn 
influence the strength of the electrode cur- 
rent passin through the high vacuum am- 
plyfying tube and thus prodvce current Auc- 
bhuabions of the same frequency in the anode 
circuit, A permanent supply of energy to the 
nacillation eremita Y and 10 conseynently 
ben be pas: place, noti a condition of balance is 
set up, in which Ue consumed oscillation 
enero is equal to that absorbed. Thereby 
constant un nmped ásellintions arè tow pip- 
diced in the oscillation circuits 9-11, 

For regular working of such oscillation 

veers high vacuum strengthening thes 

ute necessary and it is also necessary that 
the grid and onexle volt shall hare a 
phase difference of 180° so that if the gro 
154 negalively charged, then the onode is 
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itively charged and vice versa. This 
tando difference of phase may be ob- 
tained by most varied connections, for tr- 
umple, by placing the oscillation circuit in 
the grid cirenit or by separating the oscil- 
lation circuit ond inductive coupling from 
the anodes and the grid cireuit and so forth. 

Á second important factor in this wuy of 
converting static atmospheric electricity into 
wiliam oacillations le that care must be 
taken that the grid and anode voltages have 
a certain relation to one another; the latter 
may be obtained by altering the coupling 
nnd a suitable selection of the self induction 
in the grid cirevil, or as shown y dotted 
lines 18. 17, 16 by menns of a larger or 
amaller number of condensers of suitnble 
size conncctad in series; in this case the 
battery EB! may be mitted. With a suit: 
able selection of the grid potential a glow 
discharge takes place between the grid y 
and fhe anode A. onl necordin al the 
grid there is a cathode drop and a dark 

ee is formed, The size of this cathode 
rop da influenced by the ions which -are 
emilled in Ue lower space in conse uence 
of shock lonizntion of the incandescent 
callindes Ko and pass theough the grid in 
the upper space. Om the other hand the 
number of the ions passing through the grid 
is dependent on the voltage helmeen the rrid 
om the cathode. Thus 1f the mri voltage 
underyos periodic fluctuations (as in the 
present ense) the amonnt of the cathode 
drop at tlie pu Muctuates and consequently 
the internal resistance of the tube oorre- 
spondingly fluctuates, so that when a back 
pte ome 3 of the feel circuri with Ure grid 
ecemt tikes placa, the necessary means are 
afferded far procditeltg SHERTI vscilla- 
tions ancl of taking current, according to re- 
qnirements from the enlecting conductor. 

The frequency of then undamped oscilla- 
tons produced is with a svitably loose tmi- 
pling equal to the self frequency of the 
oscillation circuits 3 and 10. By a suitable 
selection af the self induction of the oo] 9 
and capacity 11 it ts possible to extend from 
frequencies which produce electromagnetic 
oscillations of only a metres wave 
length down te the lowest practical alter. 
mating corrent frequency. For borge instul- 
lations a enitable number of frequency pro- 
ducing tubes in the form of the well known 
high vacuum transmission tiles of .5 to 2 
kw. in size may be connected in parallel sn 
that in this respect no difficulty exista. 

‘The use of such tubes for producing un- 
damped oscillations, and also the constrne- 
Gon and method of imserting such trons 
mission tubes in en oecumulator or dynamo 
cirenit ia known amd also thal auch oscilla- 
lion producing tubes only work well at volt- 
nggen of 1,000 up to 4,000 volta, eo that on 
the contrary their us ot lower moltagrez is 
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sonsiderably more dificult. By the ose of 
high voltage static electricity this method 
of producing undemped oecillations as com- 
p with that through spark nps must 

regarded aa an ideal solution particu- 
larly for small installations of outputs ol 
from 1 to 100 kw., 

My the application of safely epark gape, 
with interpolation of electro-marnets, not 
only is short circutting avoided lmit also 
the taking up of current is lated. Os 
cillation producers inserted in the above way 
form a constantly noting electro 10 
alternating hebd in the collector coil. wliere- 
by as already stated, a considerable occomu 
lating efect takes place. The withdrawal 
wim or working wire 35 connected at 12 an 
14, but current may be taken by means of 
a secondary coll which as firmly or movably 
montel in any suitable way inside the large 
collector coil, i. e in ite electro atic 
alternating field, sò long os the direction of 
ita axie runs parallel with that of the main 
current collecting coil 

In producing undam oscillations of a 
high frequency (50, r second amd 
more) in the oscillation circule P and 11 
etectromagneta S and S* must be inserted if 
the high frequency oscillations are not to 

rile the collector coi], between the gs- 
cillntion producers and the collector coil. 
In all other cases they are connected shortly 
before the earthing (es in Figs 27 and 23). 

In Ira 27 a coni metbod of construc- 
tion of connecting conductor of the bal- 
loon aerials ig illustrated in the form of u 
gil, main difference consista in that 
in addition to the connecting conductor 1 
anodher annular conductor ID is inserte 
parallel to tho former on the high vol 
masis in the air (or embedded as a cable in 
the earth) but both in the form of a coil. 
The connecting wire of the balloon serials 
ia indicated as a primary conductor and ales 
ss a current producing network; the oiher 
ta the consumplion network and is mot in 
unipolsr connection with the current pro- 
ducing network, 

In Figure 27 the current producing net- 
work Tis shown with three balloon collec- 
tors 1,2, 3 and aerial conductora 4, 5, 6; tb is 
short circuited through condenser 1% and 
indictance 8. The oscillation forming cir- 
cuit consiste in bhis diagram of spark pap 
f, mductance 10, and condenser 11; the 
earth wire E, ia connected to earth over 
electromagnet 5, F is the sofety spark ap) 
which is ulss connected to earth oiak A 
sscond electromagrel 3 al E, On conneot- 
IE up Eho re enser aa ER Su ia 
charged over the spark wherehy an 
sy ie discharge is nia This dig- 
charging current acta through inductance 
10 on the industively coupled secondary 0, 
wlerrby in the producing network a modi- 
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fication of the tal of the condensar 19 
18 p - The consequence of this is 
that oscillations arise in the coil shaped 

roducrr network. These oscillations in- 

nea a current in the secondary carcuit Il, 
Which haa a maller number of windin 
and à less resistance, the vol of which, 
according to the proportion of the number 
of windings ond of the ohmic resistance, 
is conslderably bower whilst the current 
strength is a 

In order to convert the current thus ob- 
tained into current of an undamped chir- 
acter, and Lo tune its wave lengths, a sufi- 
cantly large regolatable capacity 20 is in- 
serted between Ue ends 12 and 18 of the 
secondary conductor IL Here also current 
may be taken without an earth conductor, 
bat it is advisable to insert a safety spark 
gap E and to connect this with the earth 
over uu el of, 

‘The producer network may be connected 
with the working network IL over an induc- 
fionless condenser 21 or over an induction 
condenser 2,20. In this casa the ary 
conductor is unipolariy connected with the 
energy conductor. 

In Figure 28 the connecting conductor be- 
tween the separate accumulator balloons is 
carried cut according to tha sutotrans- 
former principle. The collecting coil con- 
neris four serial balloons 1, 2, 8,4, the wird. 
ings of which are not made sido by side bot 
one kbore the other. In Figura 28 the col- 
lector coil T is shown with a thin ear Live 
melallically connected prolongation caida TT 
With a thick hie. DGetween the ends 1' and 
IT’ of the enorgy network I a regulating 
capacity 19 is inserted, The wire I’ iş con 
meshed with the output wire and with the 
spark pap F- 

As transformer of the atsoospheric elar- 
tricity an arrangement is employed which 
consists in using rotary paira of condensers 
in Which the one stator surface H is con- 
nected with the main current, whilst the 
other A is connected with the earth mola, 
Between these pairs of short circuited con- 
densera are caused Lo rotate from which the 
converted current can be token by means of 
bwa colector rings and broshes, in the form 
of nr pig kesten - current, the frequency of 
which ig dependent on the number of bal- 
icons ond the revelutigns of the rito, Ax 
the alternating current formed in the rotar 
can ack, 6 this improved method of con- 
nection described in this invention, through 
coils 16 on the Inductanoo Y, an inercase or 
diminution of the feed current in I can be 
obtained according to the direction of the 
current by back induetion. Current oeril- 
lations of uniform rhythor thereby result in 
Che coll shaped windings of Uv producer 
met-wark, 
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As the ends of this conductor are short ar- 
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12. RC = 100 Q, B = 30. 

RI = — 

R2 = č 

13. An N-channel JFET has a transfer curve 
with the following characteristics. When V GS 
= 0 volt, the saturation current (1 DSS ) 
10.5 mA, and the cutoff voltage is -—3.8 volts. 
With a drain supply of 20 volts, design 
biasing circuit that switches the JFET from the 
ON state to the OFF state. 

Answers to Self-Test 

The exercises In this Self-Test show 
calculations that are typical of those found 
practice, and the odd results you sometimes 
get are quite common. Thus, choosing 
nearest standard value of resistor IS 
common practice. If your answers do not 
agree with those given here, review the 
problems indicated in parentheses before you 
go on to Chapter 5. 

1. 100 kQ (problem 8) 

2. 235 kQ. Choose 240 kQ as a standard 
value. (problem 8) 

3. 1.65 MQ. Choose 1.6 MQ as a standard 
value. (problem 8) 

4. R3 = 2 kQ; RI = 200 kQ; R2 = 200 

kQ. Use these values. (problem 22) 

5. R 3 = 200 ohms R 1 = 10 kQ; R2 = 

10 kQ. Use these values. (problem 22) 

6. R3 = 18.8 kQ. Choose 18 kQ as a 
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suited through the regulatalde condenser LI 
these rhythms produce short cireunited mi- 
damped oscillations in the energy conductor, 
the periodicity and wave lengths of which 
oscillations can be adjusted according to 
desire hy nitering the capacity 19 to a giren 
war length and therewith also to t giran 
frequency. These currents may also be em- 
played inthis form direetly as working cur- 
rent through the conductors TE! an CIE. 
By ingerting the condonser 20 a connection 
between these conductors muy also be made, 
whereby hanno oscillations af desired 
waite length are formol. Ry this means 

Hite new eects ns rewards current cdisiribu- 
tion nre obtained. ‘The withdrawal of cur- 
rent can even take place without direct wire 
connection if, at a suitable point in the pm- 
terior of the producing network {quite im- 
materially whether this hos a clinmeter of 
1 or 100 km.) n eml tuned to these ware 
lengths and of the desired capacity is firmly 
or movably mounted in the aerial conduetor 
in such a way that its axial direction 18 in 
purallel with that of the collector coil. In 
this case n current i$ imincod im the produe: 
ing network, the size of which is depend- 
ent on the total capacity and resiatanee and 
also on the periodicily employed. A passi- 
bility ta thereby afforded in future, al tnk- 
ing energy from PO isa network by 
wireles mens. As thereby in nddition to 
atmospheric electricity also magnetic carth 
eurrents and the encegy from the higher at 
mecspbere (at least partially) mar be aimul- 
taneoisly obtained. this last system for cgl- 
locking the atmospheric energy is of particu- 
lur importance for Lhe fiture, 

Of course everywhere instead af spark 
pope suitable grid vacuum tubes may be em- 
plored as producers for undlampal oscilla- 
tions, ‘The separate coils of the prodneer 
nel-work with large dinmeters may ba snn- 
nected with our another throngh separate 
cominetors all in parallel or all in series or 
in groups in series. Gy reculnting the mun- 
ber of oscillations and alse the extent of the 
voltage more or less large eoflector coils of 
this ltd omar be employed. The cotk may 
also be divider apically over Lhe entire se: 
tion. The coils may be carried owt in annit- 
Tar form or also in tirmnralar, quadrangelar, 
hexeronal or o¢taponel form. . 

Of course wires may be carried from a siit- 
ade dare lo the centre or also laterally 
which serve the current waves ns guides 
This ia pecessary when the currants hare to 
bo conducted orer mountains nod valluys 
ail eo forth. In all these enses the current 
must be converted inte a current of suitable 
periodicity. | | 

As already hercinbefora mentioned sepa: 
rate collecting balloons may be directly rme- 
tallically interconnected at equidistant sto» 
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tions distributed over the entire country or 
nay be conúected by interpolation of suit- 
abla condenser batteries by means of high 
voltage conductors. ‘The static electricity ts 
convertal Lhrough a a ami mp inte dynamic 
energy Of a high number of oscillations, and 
cotlod then in such form, with à sutnhle 
itrongemcht of the eonmections, =e 
various mencures Of precaution, be employe 
us source of ener after separale or special 
regulation, | 

“According to this invention in order to in- 
erase the collecting effect of the balloon in 
the novini collector conductor or in bhe earth 
wire, codinting collectors are employed. 
These consist either of inegndescent metal 
or oxide electrodes in the form of vacuum 
grid tules, or electric arcs (mercury and the 
like electrodes) Nernst lampa, or finally 
fonos of vorious kinds may be simply con: 
neste with the respective cominetor. 

11 is well known thot energy can be drawn 
off from n cathode consisting of on incap 
(ascent body opposite an anode charged 
with positive electricity {vacum grid tul 
Hitherto however, cathode was always bret. 
direckly placed opposite an node, amd ser: 
ondly the system always consisted of + 
closed circuit. | 

Bow if ven dispense with the ordinary 
leas in formna light or fama arca in which 
a cathode must always stand directly oppa- 
sito io abedga and if wa place an incandesoant 
cathode opposite un anode charged to a high 
potentinl or another body freely outing t 
the air, or regaril the incandescent cathode 
only of n souree of unipolar dischurge 
(which represent group and point 
charges in elecbro-statie machines similar to 
unipolar dpscharges}, it may be ascertained 
that insondescent entivodes und less perfect. 
ly all incandescent reciators, flames und the 
like admit of relatively large current dengi- 
ties atd allow large quantities of electric 
energy to radiate into the open spaca in the 
form of elerbren strenms as transmitters, 

The object of thig invention 15 as described 
below, if sich imenodescint oxide electrodes 
or flier incandescent radiators or Haines are 
not freely suspended in space but connected 
petallbenliy with the earth ao that they can 
be charged with negativo terrestrial clec- 
tricity, these radialors posers He property 
of absorbing the free positive «+lectrienl 
chars contained in the àir spare Pt MRILIAL Ee 
mg them (thal 15 to say of collecting Lem 
and comducting them to earth). ‘They ean 
therefare, serve as collectors and have, in 
comparison to the action of the spikes, or 
points, a recy lorga roding of action R: the 
affective capacity of these collector is much 
greater than the geometrical capacity (Re=} 
calculated in nu electro-stabie sense, — 

Now ns our earth is surrounded as iz well 


E 


84 


A 


Te 


16 


Pr 


‘Lh 


yum 


104 


ELO 


120 


125 


i= 
T 


= 
El 


al 


1,540,008 


known, with un olectro-sintic field ond the 
difference of potential 


BY 
ix 


of the earth field according to ile intest 
investigations, 13 im sumuner about E) to 
100 volts and in winter 200 to 500 volts per 
netre of difference in height (34), a sun 
calculation gives tha reault that when such u 
radiation collector or flame oollector is ar- 
ranged for example on the ground, and a 
second one is mounted vertically aver it at 
u distance of 2,000 metres and both ave om- 
nected by a conducting cable, there is a dif- 
ference of ntiel im simmer of about 
2,000,000 volte and in winter even of 6,008),- 
000 volts ànd mora, 
According to Stefan Boltzmann's law of 
radiation, the quantity of energy which an 
incandescent surface (temperature T) of 1 
aj. em. radiates in a unit of time inte the 
open nir nal ii T,) is expressod by 
the following formula : 
S= (Ti—T*,) watts. em. 

and the universal radiation constant 6 is 
according bo the latest researches of Perry 
(Annales de Chimie ob de physique 17 page 
207 (1908) } equal to 6.30: Mr watt, ‘eq. cm. 

Now if an incandescent surface of 1 | 
em. shows, aa gh with the surround. 
ing apace a periodie fall of potential YY it 
mn (independent of the current direc- 
tion, that is to say of the sign) in accord- 
ance with the abora formula, for example at 
a temporature of 37267 (O. an energy of 1.6 
oe gia ql ci As for the 
mdintión the same value can be calculated 
for the collection of 


energy but rerersel. 
Now as carbon electrodes a temperatura od 


of the electric are support on the corrent 
basis a current density op to from 6) to 65 
HTE per sy. em. no difficulties will result 
in this direction in employing radiating col- 
lectors nz accumulators, 

If the earth be regarded as a cosmically 
insulated condenser in the sense of geometri- 
onl eletiro-ateties o there resulta from the 

ic (compare Ewald Rasch, “das 
elektriselie light” (The elentrie are 
light} pago 160) enpacity of the earth ac- 
cording ta Chwoleon: 

For mgative charging 1.43¢10*% Coulomb 

For negativo potential Y=10:x10" volts. 
From this there resulta however, JT 234.7 
10% watt/Sec, Now if rk is desired to 
make a theoretic short circuit through an 
earthed flame collector this would represent 
an clectria total work of aboot 70,500 
10% kilowatt years. As the earth must be 
recorded as a rotating mechanism which is 
thermo - dynamically, electromagnetically, 
and alto kinematically coupled with thè sun 
and stars system by cosmic radiations and 
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graritation a diminntion of the electric 
energy of the earth field is not to be feared. 
The energies which the incandescent ool- 
lectors would withdraw from the earth field 
can anly cian Ly the withdrawal of motor 
work a lowering of the earth temperature 
(temperature Teh) and reduce thas to 
Chat of the world spas (T=0) by wang 
the entire No This a however not 
ense as the earth ders not represent a oos- 
mically entirely insuluted systern. On the 
contrary thore is conveyed to the same ac- 
cording to the recent value corrected by 
Ferry for the solar constants through the 
radiation from the sun an energy of 14,500 
wiw kw. SOODE Any ower of 
the earth temperatore (Ts) without a simul- 
taneous lowering of the sun's temperature 
(Ta) would contradict Stefan Boltzmann's 
law of radiation. 


Em (TT. 


From this it must be concluded that if the 
earth temperatura (Tp) sinks, the total 
radiation & absorbed by the earth increase 
and further also that the secular speed o 
cooling of the earth is directly dependent 
on that of the sun and the other radiators 
comically coupled with the sun and is con- 
nected most closely with these, 

The  incaondescent radiation collectors 
may, according to this invention, be èm- 
ployed for collecting atmospheric electricity 
if they (1) are charged with the negative 
earth clectricity (that is to say when th 
are directly connected by means of a metal- 
lie conductor with the earth) and (2) if 
larg capacities (metal surfaces) charped 
With electricity are mounted opposite them 
ns positivo poles m the air, This is regard- 
as the main feature of the present in- 
vention as withoot chess inventive ideas It 
would not be ible to collect with an lu- 
candescent collector, sufficiently large quan- 
tities of tho electrical charges contained 
im the astm re as technology wires; 
the radins ef action of the flame collectors 
would also ho too small, especially if it be 
rg be the very small mur face den- 
sity (energy density) (4 about—2x7 . 10* 
St. E. per a]: em. | des not allow of large 
quantities of charge being absorbed from 
Che atmosphere. 

=) Calculated according te Poisson's tal- 
culation; 

Voo—dn8; as here the alteraljon of the 
potential or potential gradients only takes 
place in the direction of the normal, this 
coleulation assumes the simple form 
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It has indeed already been penca Lo 
emplor flame collectors for collecting at- 
mospheric electricity and it is known that 
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their collecting «fect is substantially great- 
er opposite the points. Té 38 Jr, fot 
known that the quantities of current which 
could hitherto be obtained are too small Lor 
technol purposes. According to my ex- 
periments the reason for this is to be fours 
an the too small enpocitios of the collector 
conductor poles. If such flame or radist- 
ing collectors have bo or only siall poz 
tive surfaces, their radius of action for 
large lechoical purposes is too small, Tf 
the incandescent collectors be constantly 
kept im movement in the air they may eni- 
lect moro nocording to the speecl of the 
movement, Wit Dis ia agur not aipua of 
being curciod vut in practico, 

Br thes invention the collector elfect 15 
considerablv increased hy a a Gl char 
with a positive potential wod of the besi 
possible capacity being also held floating 
(withoul direct muth connection) opposite 
such an incandescent collector which is Iebd 
flonting in the sir al a desired height, If 
for example, a collecting balloon of sheet 
metal or of inetalized balloon fabric be 
cansed to monni fo 300 up to 3.000 metres 
in the sir ond ag positive pole it is brought 
opposite such 2 radiating collector oon- 
nected! fey n conductor Lo earth, quite difer- 
ent results are obtnined. 

The metallic bolloon shell (with a latge 
surface) is charged to n high potential by 
the atmospheric electricity. 15 potential 
is grenter the higher the collecting balloon 
if above The incandescent collector. The 
posilivo edeciricily acts concentratediy on 
tha anode floating in the nir as it is attracted 
through the radintion shock tonizntion, pro: 
eeefing from the incandescent cathode. 
The consequence of this ts that the radius 
of action of the incandescent colhode coi 
lector is considernbly increased and thereb 
also the collecting elect of the collecting 
balloon surfnco. Further the large ca- 
pacity of the anode floating in the nic plays 
therefore an important part because it nl. 
lows of thè taking of large charges, and 
Clereby a more uniform current ia abbainel 
even Then there 15 a large consumption : 
this cannot be tie cose with small surfaces. 

In the present case the metallic collect- 
ing balloon is a positive anode floating in 
the nir and tie end of the earth conductor 
of this balloon serves na positie pole sir- 
Ince opposite the surface of the radiati 
incaniescont cuthoade, which in turn tz 
charged wath negativo earth electricity ha- 
mg, conductinely conne to earth. 

he process may be carried ont by bwo 
such contacts {nerative incandescent cath- 
Hie and anode end ol dl capacity fouting in 
the ñir) n condenser and an indwetive re- 
sisan being switche: on in parallel, 
whereby simultanevisly undamped oscilla 
ions may ba formed. 


1,640,098 


In very large installations it is advisable 
to connect Ewe sich radiating collectors im 
series, Thus an are light incandescent 
cathode muy be placed below on the open 
memoi] and an incandescent cathode which 
ts heated by special oleckro-magnetic currents 
ba located high in the air. f course for 
this the special vacanm Liebig tubes wilh or 
whtheut grids may oles be employed. An 


ordinary are lamp with oxide electrodes may 7 


be introduced on the ground and the post- 
tive pole is not directly connected with tho 
collecting balloon, but through the upper 
incandeseent cathode or over i condenser. 
The methet of connecting the incandesesnt, 
cathode floating in the air may le seen in 
Tiga 20-33, 

ts the ale balloon, K a Cardia ring 
(connection with the hawser} C the bal- 
loon, E a conduching cuble, P a pra- 
tira A negativa incandescent enthode, 
and E earth condurtar. 

Fig. 26 represents the simplest form of 
construction. Tf electric oscillations ara 
produce] below on the ground by means of 
a curbon are lamp arin other surtabie way 
a considerably greater electric resistance is 
opposed to that in the direct way by in- 
serting an electrical inductive resistance P. 
Conseguently bebwee F and M, a voltage 15 
formed, and us, over N and Y only an indur- 
tiotiless ohmic resistance is present, a spark 
will spring over so long as the separate in- 
duction co-eficents and the like ore eor- 
rectiy calculated, The consequence of this 
is that the oxide electrode (carbon of the 
like} ts rendered incandescent and then 
shows ne incandescent cathode an increased 
collectme effect. The positive pres must 
he substantially larger than the negative in 
order that they may not also become incan- 
descent. As they are further connected with 
the large balloon area which has a large 
ci pacity nod is charged uË high volta 
an incandescent body which is held fonting 
in the sir and a positive pole which can tol- 
lect. large capacities is thereby obtained in 
the simplest way. The incandescent cathode 
ia first caused to become incandescent by 
meang of rate A ee on the 
earth, and i maintained by the oneray 
collected from the atmosphere. 

Fig. 30 only shows the differenca that im- 
stead of n round balloon a cigar shaped one 
(of metal or metalized fabric) may be emi- 

ye and also a condenser f is inserted 
tibwen the incandescent cathode and the 
earth conductor so that a short circuited 
oscillation irekit over P. N 5 and Y is ob- 
tained, This haz the advantage that quite 
amall quantities of electricity camso the 
cu lo become incandescent amd much 


larger cathode bodies may he rendered in- 
seal entry 


In this form of construction both the in- 14 
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condescont cathode and also the positive 
electrodo may be encho in a Yuca 
chamber as may be seen in Pig. 32 A cable 
I. ie carried well insulated through the 
cover of a vessel and ends in n conmlenser 
disc ñ The cover is arched in order ta 
keep o the rain. The vessel is entirely or 
rumlly made of magnetic metal and well 
insulated inside and outside. Opposite the 
dise 6 añother des 6 and on this again a 
metallic positive pole of the vacuum tuhe 
g with the incandescent cathode (oxide 
alectrode) N is arranged. The ds pic 
electrode is om Ue one band connected with 
the earth conductor E, amd on the other 
hand with the inductive resistance Y which 
is also connected with the cable D with the 
positive and wound round the vessol in 
cols. The action is exactly the samo as 
that in Fig. 29 only instead of an open im- 
candescent cathode ont enclosed in vacuo la 
emploved, Asin such collectors only small 
bodies con be bronght to incandescenes in 
large instalintions a plurality of such 
racuura tubes must be inserted in proximal y 
to ont another. According to the previous 
constructions Figs. 41 and 44 are quite salf 
eFident without further explanations, 

Figs, 24-27 represent further diagrama 
of connections over radinting and flame col 
lectors, and in fact, how they are to be ar- 
ro on the ground. 

Vig. 44 shows an ave light collector with 
oxide electrodes Tor direct current and tts 
connechion; Fig. 35 a similar ona for alber- 
nating current, Fig. 36 an incandescent col- 
lector with a Nernst lamp and Fig. 3T a 
similar one with a gas flame. i 

The positive pole 1 of the radiating col- 
lectors is ulways directly connected to the 
serial collecting conductor A. In Fig. 34 
this is further connected over the condenser 
habtery 5 with a second positive electrode 
5, The direct current dynamo Ò produces 
current which flows over bebween the glec- 
trodes € and Y as an aro ight. Un the for- 
mation of an are the negative incandescent 
electrode 2 absorbs electricity from the pei- 
tive poles standing opposite it and highly 
charged with atmogpheric electricity and 
conveys the sameo to the working oinsnit. 
The spark T, inductive resistance B atid 
induction coil 10 ara like the ones previmis- 
ly described. The protective electromagnet 

usrde the installation against earth cir- 
cutting, the safety spark pap 3 from u- 
ema voltage or arertharging. 

In Fig. $5 the connection is so far altered 
that the alternating corrent dynamo fends 
the exa 0 11 af the induction. son- 
denser. 12 ie ite negativo and 10 its poti- 
tive pola; if the col 3 on the magnet core 
of tho dynimò is correctly calculated and 
the periodicity of the alternating carrent ts 
suffichently high an are light can be formed 


15 


hetreen the two poles 1 and 2 As the 
cathode 2 13 connected with the negatively 
charged earth, and thersfore always acts ns 
a negative pole, n form of rectification of 
the ca coment produced by the 
dynam 3 is obtained, the second half of 
the period is always suppressed. The work 
mz arguit may be carrie! owt in the sumo 
way as in Fig. 34; the working spark pap 
T may howerer be dispensed with, and in. 
stead thereof between the points n and re n 
condenser 5 and af indnotion resistance DP 
may be inserted from which the current is 
talen inductively. . 

Fig. 34% representa a form of construction 
similar to Fig. 34 only thai here instead of 
an ora lamp a Nernst incandescent body 
ip am loved. The Nems lamp is fed 
throug ihe bntiery 3. The working section 
a conn with the negative le, the 
safely spark gap with the + cl sia The 
working spark gap T may also be dispensed 
wilh and the current for it taken at 12 
over the oscillation circuit 5, 11 (shown in 
flotted ee 

Flame collectors (Fig. 47) may also be 
employed according to this intention, ‘The 
wire nelwork 1 is coanected with the aerial 
collector conductor A and the burner with 
Eltu earth. At the upper end of the latter, 
long points are provided which project into 
the flame. The poattive + de in conmeck- 
sd with the negativa over a condenser 5 amd 
the induction cuil 9 with the earth. 

The novelty in this invention ts Gretly, 
the use of incandescent cathodes opposite 
positive poles which are connected with 
large metallic capacities ms automatia col- 
brcling surfaces. (2) the connection of the 
incandoscont cathodes with the earth where- 
by, in addition to the electricity conveyed 
to them from the battery or ine which 
causes the incandesciog, also the negativo 
charge of the earth polential is conveyed, 
and (3) the connection af ihe positive and 
negative poles of the radiating collectors 
over a condenser circuit alone or with the 
introduction of a suitablo inductive resist- 
ance, whereby simultanecosiy an oscillntory 
palliation creuit may be obtained. 
collecting efect is by thes methods quite 
considerably increased. — — 

I dectaro that whot I claim 15:— 

l. An electrical energy generating syslen, 
comprising a comductinga sirinca for stabia 
charges. menna to support same at a distance 
above the earth, a conductor landing to tha 
earth level, n spark gap nsscciated with said 
conductor to convert electrostatic charmes 
into elecloomognebi high frmequener esillä- 
tions menns to supply snid electromognelio 
encray bon net work, and a spark gap of 
really increased relative resistanes in pirni 
fel therewith. 

2 An electrical energy generating systens 
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comprising o conductor, ments tn qu Li 
ie above Che earth level, an milglance 
senin i spark gap aagocinte with said 
chor, 2 second spark gup of much 
ticker relative resistance in parallel thore- 
high awii an energy receiving dieit couple 
with the spark cap of lesar resistance. 
AG Clevbrical energy generating system 
romprising a collecking surface, menns bo 
“peor sie alore the earth level, a con- 
dieto connecting sail collecting surfac 
with the earth level, a choka in ssid con- 
ductor, an electromagnetic resistonos cun- 
verti elestevalatic energy to olectromine: 
netic anerey, a safety higher resistance In 
porallel therewith and n net work coupled 
ba the conrersión resiatinee of lesser 


a An electrical anergy peneraling arean 
comprising alestrie conductora apaced nbo 
the earth to form electromagnetic cociling- 


ina circuits, conductors connecting to earth 
level, electrostatic to electromagnetic energy 
conversion mans therein, a safety high ebec- 
trostatia resisinnce in poralicl therewith and 
means do alter the electromagnetic chanuo- 
toristic of the circuita. 

5. An electrical anergy ceoernting system 


comprising in combination a statie collect- 
ing surface arranged above the earth, con- 
ductors connecting to earth level, a pair of 
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spark gaps in parallel of different electro- 
stolic resistance, a utilization net work 
shunted seross the spark gap ol. * pU- 
sislance and on electranmapretie choke in said, 
conductora. 

6, An electrical energy generating system 
comprising an y jade ctecuit energy oollectin 
serial, A pair o king gaps m parslle 
DÉ aa! different resistance, connucted 
thereto and a closed alectrie oscillation cir- 
cit in shunt acros= the gnp of lesser re 
sistance 

1. An electrical energy generating syslen 


rhea an Op on berta: energy gy eT 
terial, a pair of sparking gaps in pare 
of widely diferent a dl mPa 


thereto, o closed electric cecallatiom circuit 
in shunt across the gap of beper pesistinoo, 


a plurality of electrostatic collecting sur- + 


faces, means to connect said collecting sur- 
faces in parallel in groups and means to 
connect saul groups symmetrically with said 
serial, 

In witnets whereof, I have bercunto 
signed my name this 30 day of Dec, 192, 
in the presence of two subscribing witness, 


HERMANN PLATSON, 
W ikneaper : 
H- F. AnmsTroxo, 
W. H. Beeson. 
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standard value. (problem 22) 

R1 = 1.41 MQ. Choose 1.5 MQ as a 
Standard value. 

Select 1 MQ for R 2. 

7. R4 = 200 ohms R3 = 10 kQ; R 2 
1 MQ; R 1 = 1 MQ. Use these values. 
(problem 26) 


8 R4 = 280 ohms. Choose 270 ohms as 


a standard value. (problem 26) 


R3 = 21 kQ. Choose 22 kQ as a standard 


value. 


R2 = 1.56 MQ. Choose 15 or 1.6 MQ as 


a standard value. 


R1 = 1.56 MQ. Choose 15 or 1.6 MQ as 


a Standard value. 

9. R4 = 10 ohms. Choose 10 ohms as 
standard value. (problem 26) 

R 3 = 500 ohms. Choose 510 ohms as 
Standard value. 

R2 = 37.5 kQ. Choose 39 kQ as a 
Standard value. 

R1 = 37.5 kQ. Choose 39 kQ as a 
Standard value. 

10. R2 = 700 ohms. Choose 680 or 
720 ohms as a standard value. (problems 
31-33) 

R1 = 8.45 kQ. Choose 8.2 kQ as a 
Standard value. 

If 0.7 is ignored, then R1 = 91 kQ. 
11. R2 = 11.7 kQ. Choose 12 KQ as a 
Standard value. (problems 31-33) 
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CONVERSIÓN. OF ATMOSPHERIC ELECTRIC ENERGY. 


“Application filed Ji anuary as 1921. 


h T 0 aio it may concern: 


E sthonian subject, residing in Hamburg, 
Germany, have: invented certain new and 
useful Improvements in ‘he Conversion of: 
_ Atmospheric Electric: Energy, of which | the — 


Be it known that J, HERMANN DTN, 


following is a specification.” 


10 


- ready. kñown. . 


15 


: 20 


30 


"faces. E 
~ (by Radio active means: and. the like may 
be easily applied internally. or externally ;- 
whereby the ionization is considerably 1n- 


40. 


failure. 


Methods: of obtaining atmospheric As 


tricity by means of metallic nettings set with 


spikes which are held by, means of ‘ordinary 
- or anchored kite balloons made of fabrics: 
“and filled with hydrogen, are in theory al- - 
_ Atmospheric electricity ob- 
tained in this way has been suggested to be’ 
used in the form of direct current. for the 
` charging: of accumulators. | 

‘however is at present only theoretical as the 
- conversion in practice has hitherto been a 
No mans are known of protecting - 
the apparatus from destruction by lightning. 
~ The balloons used for ‘collecting the charge: 
’ must also be made of very large size in order- 
to be able to support: the weight of the:me-. 


- tallic netting ane the heavy. cable” connec: 


- This knowledge 


tions. on 


Instead ofti using. heavy metalli¢ netting: 26 
. collectors attached: to single: air. balloons of | 
. . non-conducting materials ‘which are liable to. 
‘be torn’ andare permeable to the gas, it is 
proposed to use metallic balloon Collectors - 
which have: the following us eee advan- E 


tages— | 


- (a) The metallic cases, are. “impenetr able- 
to helium'and hydrogen; the 7 


large metallic” weather- -přoof 


creased and therewith also. the quantity of 


. atmospherj ic electricity capable of being col- 
: lected. | 


45 


(e) Such balloon ¿ollectors of light metal 
_. do not require to be of large size as they | 
-intő mechanical energy, or finally converted - 
~ by special machines into alternating current 
_ of low frequency or even into direct curr ent te 


have to carry only their own moderate 


weight, and that of the conducting. cable or 


pe wire. 


50 


(d) The entire system therefore offers it. . 
“tle surface for the action of storm and wind ry e. 
“scribed with reference to the Accompanying | 


ae and i is resistant and stable. | 
diagrams in which :-— 


(e) Each balloon can bé easily raised and 


TE lowered by means of a winch so that all re- 
` pairs, recharging and the like can be.carried 


“put; without danger dun ing the o 


frequency vibrations. 


also represent 
collecting | SUr- - 


‘Serial No, 437, 107, 


Tt i is s further bed a usea » collectinirá 


heer network of several separate collectors 
spread out in the air.above the earth, which _ | 
collectors are - interconnected, by electrical * oe ae 
conductors.. > 
-According to: this: invention: char ges: -of a TE 
-mospheric. electricity. are not directly: con- 
verted into mechanical. energy, | “and this; :> 
forms the main difference from’ previous in- =... 
ventions, but the static electricity which rung: 
to earth through aerial. conductors. in the 65: . 


form of direct current: of very high. ‘voltage 


BS pos 


and low current strength ‘is converted into“, :./ 
-electro-dynamic energy in the form ofthigh = 
. Many advantages are * 

thereby . obtained | and. al disadvantages. 


70: Ya f 
.avolded. tee 


The very" eh voltage of static ceci = 


of a low ¿yrrent. strength can be' converted... 
by this invention to voltages more suitable") 
for technical purposes and of greater ‘cur- 75 . 
rent strength. . By- the use of-closed oscilla- °° 


tory circuits it is possible to obtain. electro: - 


“magnetic waves of various amplitude and- T 
-= thereby to increase the degree of resonance: _ 


o of such current. Such resonance allows ya- 80 | 


rious * values . of inductance’ to be chosen ` 


whereby again the. governing of the starting": 

and stopping of machines driven thereby by 
simply tuning the resonance between coils. 
of the machine and the: transformer circuit. Š 
forming the resonance can easily be ob- >>. 
tained. Further, such’ currents have the. - 
property of being directly available for va- 
rious uses, even without employing them for © 
- driving motors, of which-thére may be par- 


ticularly. mentioned, lighting, » production of dE E 


heat and use in electro- chemistry... a 
+ Further, with such currents a series of ap- ian 
paratus may be fed without ‘direct current - . 
supply through conductors - and” also the- 9: 
` electro-magnetic. high - frequency: currents 
may be converted by 1 méans of special motors © 


adapted for. electro-magnetic - oscillations 


of high potential. . 


: 100 


The: invention is more ‘partic ularly de- o 


Figure 1 isan explanatory figure. 


| Figure 2 18 ‘a. diagrammatic view. of the E eS 
simplest one | i ee oe 
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l electr: ode enclosed ‘in a vacuum chamber. 
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Figure 3 shows a method of converting 


atmospheric electrical energy for use with 


motors. 

Figure 4 is a diagram showing the use of 
protective means. 

Figure 5 ig a diagram of an arrangement 
for converting large ‘current strengths. 

Figure 6 is a diagram of an arr angement 
including controlling means, 


Figure 7 shows means wher 'eby the spark 


gap length can be adjusted. 

Figure 8 shows a TUDOM: connection for 
the motor. 

Figure 9 shows à weak coupled system 
suitable for use with small power motors. 

Figures 10, 11 and 12 show modified ar- 
rangements. 

Figure 13 shows a form of inductive cou- 


pling for the motor circuit. 


Figure 14 is a modified form of Figure 13 
with “inductive coupling. ` 

Figure 15 is an arrangement with non- 
inductive motor. 

Figure 16 is an arr angement with. cou- 
pling by condenser. 

Figures 17, 18 and 19 are diagrams sof fur- 
ther modifications. 


Figure 20 shows a saple form in which 


the aerial network is combined: with ido 
collectors. 

Figure 21 shows a an ar- 
rangement suitable for collecting large 
quantities of energy. 

Figure 22 is a modified arr angement hav- 
ing two rings of collectors. | 


Figure 23 shows the connections for three; 


rings sof collectors. 

Figure 24. shows a collecting balloon and 
diagram of its connection of condenser bat- 
teries. 

Figures 25 and 26 show modified col: ector 
balloon ar rangements. 

Figure 27 shows a second method a con- 
necting conductor for the balloon aerials. - 

Figure 28 shows an auto- transformer 
method of connection. | 

Figure 29 shows the simplest form of con- 
struction with incandescent: cathode. 

Figure 30 shows a form with cigar shaped 


| balloon. 


- Figure 31 is a modified arrangement. 
_ Figure 32 shows a form with ‘cathode and 


Figure 33 is a modified form of Figure 32, 
Figure 34 shows an arc light collector. 
Figure 35 shows such an arrangement for 


alternating current. 


60 . 


Figure 36 shows ai maient collector | 


with Nernst lamp. 
Figure 37 shows a form with a gas flame. 
Figure 1 illustrates a simple diagr am for 
converting static electricity into “dynamic 
energy of a high number of oscillations. 


For the sake of clearness i in the drawings an 


influence machine 1 is assumed to be employed 


1,540,998 


and not an aerial ‘antenna. ~18-and 14 are 


combs for collecting the static electricity of 


the influence machine. 7 and 8 are spark 
discharging electrodes, 6 and 5 condensers, 
9 an inductive primafy coil, 10 secondary 
coil, 11 and 12 ends of conductors of the sec- 


“ondary coil 10. When the disc of the static 


influence machine is rotated by mechanical 
means, the combs collect the electric charges 


- one the positive and the other the negative, | 
and charge the condensers 5 and 6 until such 


a high potential is formed across the spark 
gap 1—8, that the spark gap is jumped. As 


the spark gap 1—8 forms a closed circuit 
with condensers 6 and 5, and inductive re- 


sistance 9, as is well known, waves of high 
frequency electromagnetic oscillations will 


pass in this circuit. z 
The high frequency. of the oscillations 


produced in the primary circuit induces 
waves ‘of the same periodicity in the sec- 
ondary circuit. Thus in the primary cir- 
cuit electromagnetic oscillations are formed 
by the passage of the spark over the spark 
gap and these waves are maintained by fresh 


charges of static electricity. 
By suitably selecting the ratio between the. 


number of the coils in the primary and sec- 
ondary circuits with regard to a correct ap- 


plication of the co-efficients of resonance 


(capacity, inductance, and resistance) the 
high voltage of the primary circuit may be 
sultably converted into low. voltage and high 
current strength. 

When the ii dischar ‘ges in the pri- 
mary circuit becomes weaker or entirely 
cease, the condensers are charged again by 
the static electricity until the accumulated 
charge again breaks down the spark gap. 


All this is repeated as long as electricity is 


produced by the static machine by employ- 
ing mechanical energy. 

‘An elementary form of -the invention 15 
shown in Figure 2 in which two spark gaps 
in parallel are used one of which may be 


_ termed the working gap 7 in Figure 2, whilst. 


the second serves as a safety device for ex- 
cess voltage and consists of a larger number 
of spark gaps than the working section, 
which gaps are arranged in series and are 


80 


Ot? 


100 


110. 


br idged by very small capacities as is illus- | 


trated in a,, b,, ¢,, Figure 2 which allow of 


- uniform sparking in the safety section. 


In- Figure 2 A is the aerial antenna. for 
collecting charges of atmospheric electricity, 
13 is the earth connection of the second part 
of the spark gap, 5 and 6 are-condensers, 9 a 
primary coil. Now when through the aerial 


. A the positive atmospheric electricity seeks 


to combine with the negative charge to earth, 
this is prevented by (the air gap between) 
the spark gaps. The resistance of the spark. 
gap T is, as shown in the drawings, lower 
than that of the other safety section which 
consists-of three - aes gaps connected in 


eN series, aid consequentl Y 
` alr peste is offere 
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a RT ea greater 
by the latter. 
So Jong’ thereforé, as the. resistance of 


‘the spark gap 7 is not overloaded, so that . 
_ the other spark gaps have an equal resist- ` 
-ance with it the discharges take place only: 
-. over spark gap. 7. Should however the' 
voltage be increased. by ‘any influences so >, 
that" it might be dangerous for charging © 
the condensers 5 and 6 or for: the coil in- 
_ «sulation 9 and 10 in. consequence of break’ 
down, by a correct regulation of this spark 


gp the second spark gap can discharge free 


rom inductive effects direct to earth with-. 


out endangering the machine. > 
o Without this second spark gap, arranged 


¿in parallel having a: higher resistance than 
“the working spark gap it is impossible to . 


collect .and render available large quantities: - 
. charges .will- for the sake of. simplicity. be 


. diagrammatically indicated by two semi- 
circles 1::and 2 and the. rotor of the motor |: 
by a ring M. (Figure 3.) A is a vertical — 

aerial or áerial network. 
choke” or electromagnet with coil O as may: 
be seen is connected with the aerial A. Ad- 
jacent the electromagnet: S the aerial con- 
ductor is divided into three. circuits, the 
circuit: 8 giving the safety spark gap, the 


of electrical energy. | 
- The action ‘of this’ closed oscillation cir- 
it consisting “of spark’ gap.7, two condens- 


ers $ and 6, primary coil 9, and also sec-_ 
_ ondary , coil. 40 is exactly the. same as the 
one described in Figure 1 with the arrange- 
ment of the static induction machine with 
the, only difference: that here the second” 


spark gap is provided. The electromagnetic 


high frequency alternating current obtained | 
can be tapped off from the conductors 11. 
. and 12 for e and heating. purposes. 
Special kinds of motors adapted for work- 
. Ing with: these peculiar: electrical charges | 
«may be connected at 14 and 15 which can. 
work with static electricity charges or with 
high frequency oscillations, | 
+ In addition ‘to the: use of. spark gaps + 

in ‘parallel a second measure of security is 


also necessary for taking off the current. 


-This precaution. consists according to: this : 
- invention, in the introduction of and method . 


«of connecting certain protective electro- 


e 


55 


i A 
: 


transformer. 


_ “magnets or choking coils in the aenal cir- 


` cwt as shown by S-in Figure”3. 
45 


A single electromagnet only having a; core 


of the thinnest possible separate laminations: 


is connected with the aerial.. 


‘In the case of high voltages in the aerial. 
“network or at places where there ‘are fre- 
` quent. thunder storms,- several such magnets 


may however be connected in series. . . 


In the case of large units or plants sev- 
eral electromagnets can be employed: in par- ' 
* oscillations. . 


allel or in series parallel. - 
_Thé windings of © these -electtomagnets 


- may be simply connected in series’ with the 
aerials. In this case the winding’ preferably 
consists of several thin parallel wires, which, 


make up together, the necessary section. 
The winding. may be made of primary 
and secondary. windings in the form of a 
-The primary ‘winding will be 
then cónnécted in series with the aerial net- 


work, and the secondary. winding more. or.’ 
less short-cit remited ¢ over a a regulating resist- 


ance -or an induction coil. 
case it'is, possible to regulate to, a certain , 


«surfaces. 


extent the effect of the choking” coils. ` In 


In des Jattor E 


q 


the further. description, of the connecting ~— 


and constructional. diagrams the aerial eleo- i 


tromagnet choke coil is indicated byt 


simple ring S. 


Figure. 3 shows the simplest way ‘of con- Ey 


verting atmospheric electricity into electro- ' 


‘magnetic wave energy by the use of special 75 . 


motors adapted for high. oscillatory cur- -` 


rents or ‘static charges of electrical energy. 


Recent. improvements in motors for work- : 
ing with static charges and motors working 
- by resonance, that is to say, having groups 


80 


of tuned electromagnetic cooperating cir- — 


circuit 7 with the working spark gap, and 
then a-circuit including the stator terminal 


A, the rotor and stator terminal 2 at which. | 
~The - ' 
two spark gaps. are also connected metal- | 
lically with the earth wire. 
working these diagrams is as follows: 


a connection is made to the earth wire: 
“The. method of 


The positive atmospheric ‘electric. shards, 


collected tends to combine with the negative | 
electricity (or earth electricity) connected. o 


with the earth wire: It--travels along the 


Fur ther, its 


“S the. safety 


cuits render: this possible. but such . do not 
form part of the. present invention. 
A motor. adapted to operate with. static 


85 a 


90 
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aerial A- through the electromagnet S with- A 
out being checked as it flows in the same di- | 
-rection as the direct current. 
“progress is: arrested by. two ‘sparks gaps 
placed' in the way: and the stator. condenser 110 — 
The stator condenser surfaces are" | 
charged until the: charge is. greater than. 
the resistance of the spark | gap a whereupon a 
a spark springs over the:spark gap.7 andan 

oscillatory: charge -is obtained -as by means 1 
“of the motor M, “stator surfaces 1 and-2, and - 
spark gap 7, a closed oscillation circuit is 
obtained for producing. the electromagnetic | 
-The motor here forms the ca- - 
pacity and the necessary inductance and re~ 
sistance, which, as is well known, are neces-' 


sary. for converting: static electricity into. 7 


electromagnetic wave energy. 


: The discharges formed are conver ted o 

«mechanical ener gy in special motors and:can ' 
not reach the aerial network by reason of. 
‘the electromagnet or choke. m 
when a spark: springs over the spark gap Ts 


Tf, however, 0 


a greater quantity of atmospheric dletirioity o 


tends to flow to. earth, a counter: voltage ise 


R1 = 141 kQ. Choose 140 or 150 kQ as 
a standard value. 

12. R2 = 21 ohms. Choose 22 ohms as a 
standard value. (problems 31-33) 

R1 = 273 ohms. Choose 270 ohms as a 
Standard value. 

13. Use the circuit shown in Figure 4.29 
Set the gate supply at a value slightly more 
negative than -3.8 volts. A value of -4 V 
would work. Make resistor RG = 1 MQ. Set 
RD at a value of (20 volts)/(10.5 mA), 
which calculates a resistance of 1.9 kQ. You 
can wire a standard resistor of 1 kQ in 
series with a standard resistor of 910 ohms 
to obtain a resistance of 1.91 kQ. (problems 
39 and 41) 


induced in the electromagnet, which is 


flow of current direct to the earth is. 


greater the more rapidly and strongly e 
y 


- the formation of this opposing voltage a 


10 


15 


20 


sufficiently high resistance is offered to the 


flow of atmospheric electricity direct to 
earth to prevent a short circuit with the’ 


earth. - 
The circuit containing spark gap 8 having 
a different wave length “which is not in reso- 
nance with the natural frequency of the 
motor, does not endanger the motor 
ser ves as security ag ainst excess voltage, 
which, as practical experiments have shown, 
may still arise in certain cases, but can be 
conducted direct to earth thr ough this spark 
gap. | 
In the diagram illustr ated in Figure 4 the 
spark gap Ti is shunted across condensers 5 
and 6 from the motor M. This construction 
affords mainly a better insulation of the 


- motor against excess voltage and a uniform 
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excitation through the spark gap 7. 

In Figure 5 a diagram is illustrated for 
transforming large current strengths which 
may be employed direct without motors, for 


example, for lighting or heating purposes. 


The main difference is that here the spark 
gap consists of a star shaped disc 7 which 
can rotate on its own axis and is rotated by 
a motor opposite similarly fitted electrodes 
7*, When separate points of stars face one 
another, discharges take place, thus forming 
an oscillation circuit over condensers 5 and 
6 and inductance 9 for oscillatory discharges. 
It is evident that a motor may also be “di- 
rectly connected to the ends of the spiral 9. 

The construction of the diagram shown 
in Figure 6 permits of the oscillation circuit 
of the motor being connected. with an in- 
duction coil. Here a regulating inductive 


resistance is introduced. for counter- acting 


excess voltages in the motor. By cutting the 
separate coils 9 (coupled inductively to the 


5. aerial) in or out the inductive action on the 


motor may be more or less increased or 
variable aerial action may be exerted on the 
oscillation circuit. ` 


- In Figure 7 the oscillation circuit is don 


The spark 


through” the earth (E and E,). 
gap 7 may be prolonged or shortened by 
more or fewer spark gaps being successively 
connected by means of a contact arm 7. 
- Diagram 8 shows a unipolar connection of 
the motor with the aerial network.’ Here 
two oscillation circuits are closed through 
the same motor. The first oscillation circuit 


passes from acrial A through electromagnet 


S, point x, inductance. 9? to the earth con- 
denser 6 and further, over spark. gap 7 to 


the aerial condenser 5 and back to æ. The 


second oscillation circuit starts from the 
aerial condenser 5 at the point æt over the 
inductance 9 to the earth condenser 6 at the 
point xv and through the condenser 6 over 


and. 


nections of the motor. 
rectly metallically connected with the oscil- 
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the spark gap 7 back to æt. The motor itself 
is inserted between the two points of the 
spark gap 7. From this arrangement slight- 
ly damped oscillation wave cur rents are pro- 
duced. 
In the diagram illustrated in Figure 9 a 


loosely coupled system of connections is il- | 


lustrated which is assumed to be for small 


motors for measuring purposes. A indi- 
cates the aerial conductor, S the electromag- 
net in the aerial conductor, 9 the inductance, 
7 the spark gap, 5 and 6 condensers, E the 
earth, M the motor, and 1 and 2 stator con- 
The «motor is di- 


lation circuit. 

In Figure 10 a purely inductive coupling 
ls employed for the motor circuit. The mo- 
tor is connected with the secondary wire 10 
as may be seen in Figure 11 in a somewhat 
modified diagram connection. The same 
applies to the diagram of Figure 12. 


The diagrams hitherto described prefer- 


ably. allow of motors of small and medium 
strength to be operated. For large aggre- 
gates, however, they are too inconvenient as 


a 
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tha construction of two or more oscillation . 


circuits for large amounts of energy is diffi- 
cult; the governing is still more difficult and 


the danger 3 in ‘switching on or off is greater. 9 


A means of overcoming such difficulties is 
shown in Figure 13. The oscillation circuit 
here runs starting from the point æ over con- 


T and the two segments (3* and 4°) form- 
ing arms of a Wheatstone bridge, back to a. 


If the motor is connected by brushes 3 and 


4 transversely to the two arms of the bridge 


‘denser 5, variable inductance 9, spark gap- 


100 


as shown in the drawings, electromagnetic * 


oscillations of equal sign are induced in the 
stator surfaces 1 and 2 and the motor does 
not revolve. 
4 are moved in common with the conduct- 


If however, the brushes 3 and’ 


ing wires 1 and 2 which connect the brushes | 


with the stator poles a certain alteration or 


displacement of the polarity is obtained and 
the motor commences to revolve. 


110 


The maximum action will result if one E 
brush 3 comes on the central sparking con- : 


tact 7 and. the other brush 4 on the part a. 


They are however, usually in practice not 
brought.on to the central contact 7 but only 


held in the path of the bridge segments 4° 
and 3* in order not to connect the spark gaps 
with the motor oscillation circuit. 


As however, the entire oscillation energy 


.can thereby not act on the motor it is better 


to carry out the same system according to the 
diagram 14. The diagram 14 differs from 
the foregoing only by. the motor not being 
directly metallically connected with the seg- 


ments of the. commutator, but only a pri- 
_ mary coil 9 which induces in a secondary 


coil 10, current which feeds the motor M 
and takes the place of the rotor. 


By this 


120 


10 


arrangement a good transforming action is 
obtained, a loose coupling and also añ os- 


to. 
CN 
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cillation circuit without a spark gap... = 


-In Figure 15 the motor is not purely -in-- 
ductively as in 14, but. directly metallically 


branched off from the primary coil (at. x 
and æ*) after the principle of the auto-trans- 


In Figure 16 instead of an inductance a. 
condenser. 6 is in similar manner, “and for 
- the same object inserted between’ the. seg- — 
ments 3* and 4%. 
“that the segments 3* and 4* need not bea 
of solid metal but may-consist. of spiral coils: 
whereby a more exact regulation is possible . 
- and further motors of | 
be employed. : -* 0... > es 
The arrangements of Figures 17, 18 and 
_ 19 may be employed for use with resonance. 
20 and particularly with induction. condenser 
+. motors; between the large. stator induction 
_ condenser surfaces, small reversing pole con- : 
` densers are connected, which, as may be seen. 
from Figures 17, 18 and 19 are led together 
to earth. Such reversing poles have. the. 
advantage that with large quantities of ' 
electrical energy the spark. formation: be- 
tween the separate oscillation circuits ceases. 
' Figure 19 shows a further method. which: 
prevents electromagnetic oscillations of high 


This has the: advantage 


number of alternations formed in the oscil- 


lation circuit striking. back to the aerial con-. 
ductor. It is based on the well, known prin- 


ciple that a mercury lamp, one électrode of 


which is formed of mercury, the other of 
solid metal. such as steel allows an electric. 


_ charge to pass in only one direction from 


tlie mercury to the steel and not vice versa. 


œ The mercury electrode of the vacuum tube 


40 


charges can pass only from the aerial 
through the vacuum tube to the oscillation. 
circuit, but not vice versa. „Oscillations 
‘which are formed on being transformed in’ 
the oscillation circuit cannot pass to the- 


- danger of lightning. A 
_ As regards the use of spark gaps, all 
arrangements as used for wireless teleg- 


ox 
ve 


N -is therefore connected with the aerial ` 
conductor and the steel electrode with the 


oscillation circuit. * From this it results that 


aerial conductor. — a, a 
In practice these vacuum tubes must be 


connected behind an electromagnet as the ' 


latter alone affords no 


` a fe 


protection against; the 


raphy may be used. Of course the spark. 


gaps in large machines must have. a suffi- 
_ ciently large surface. In very large stations 


they are cooled in liquid carbonic acid or 


better still in liquid nitrogen or hydrogen ; 
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In most cases the cooling mav also take 


. place by means of liquefied low homologues 


65 


of the"metal series or by means of hydro- 
carbons the freezing point of which liés at 
between: —90° C. and —40° C. The spark 
gap casing must also be insulated and be of 


; sufficient strength to be able 
pressure which may arise: Any undesirable -. 


jade 


high inductance. may 


: conductor: action.’ 


effect is substantially increased. 
In practice however, very high towers: 


must be automatically let off, I have em- 


ployed with very good results mercury elec- 


walls. ~> 


+ Figúre 20 is one of the simplest forms of 


. pez 


nections rùn. © ~ -0 a Sh 


to resist any. 


? ‘oo = 
4 


z €xcess super-pressure which may be formed _ 


10 


“trodes which were frozen. in liquid carbonic +` a 
acid, the cooling being maintained during oe 
the operation from. the outside through the © >. 


15 


construction. of an-aerial network in com- ``- 
—<Bination with collectors, transformers and ` 
the like illustrated diagrammatically. E is. 
here the earth wire, 8'the-safety spark gap, - 
T the working spark gap, 1 and 2 the stator 
„surfaces of the motor, 5'a condenser battery, 
-S the protective magnet which is connected — 
with the coil in the aerial conductor, Al to: . . 
A” aerial antenne, with-collecting balloons, | 

-N horizontal collecting or connecting wires 


80. 


BB. 


The- “actual. collectors “consist of | metal = 


. sheaths preferably made of an aluminium - 
Magnesium alloy, and are filled with hydro- 


gen or helium and are attached to copper 


the balloon aluminium spikes, made ' and 


gilded in a special manner hereinafter de-.- 


scribed, are arranged in order to produce a 
; . Small quantities of 
radium. preparations,’ more _ particularly 


-polonium-ionium or mesothorium prepara- 
tions considerably increase the 1lonization, — 

and therewith the action of these collectors. ` 
«In addition to’ metal balloons, fabric bal- 


loons which are superficially metal coated 


according to Schoop’s metal spraying proc- 
ess, may however also be employed. A 
metallic surface may also be produced ‘by ` 


lacquering with metallic bronze powders in 


90 


‘plated ‘steel wires. The size of the balloon ' 
is. selected, so that the actual wéight of the - 

“balloon “and the weight of the conducting i 
wire is supported thereby. On the top of 


05 a 
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lacquering with metallic bronzes, preferably. 
according to Schoop’s spraying process or 


two electrical series of widely different. 


metals, because thereby 


the collecting effect 


is considerably increased. — 


. Instead of the ordinary round balloons, 
elongated cigar shaped ones may be em- 


ployed. . In order also to utilize the fric- 


tional energy of the wind, patches or strips 


of non-conducting. substances which pro- 


duce electricity by friction, may be attached 
to the metallized balloon surfaces. ' The 
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wind will impart a portion of its energy in | 


the form .of frictional electricity, to. the 
balloon casing, and thereby the collecting 


(up to 300 metres is fully admissible) may 
be employed ‘as antennæ. In these towers 


copper tubes rise freely further above the' 


top of the tower. A gas lamp secured, 
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against the wind is then lit at ie point of 


the copper tube and a netting is secured to 


-. the copper tube over the flame of this lamp 


20 
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nected with a horizontal conductor. 


to form a collector. The gas is conveyed 


through the interior of the tube up to the 


summit. The copper tube must be abso- 
lutely protected from moisture at the place 
at which-it enters the tower and also rain 
must be prevented running down the walls 
of the tower which might lead to a bad 
catastrophe. This is done by bell shaped en- 
largements which expand downwards, being 
arranged in the tower in the form of high 
voltage insulators of Siamese pagodas.. 


Special attention must be devoted to the 


foundations of such towers. They must be 
well insulated from the ground, which may 
be obtained by first embedding a layer of 
concrete in a box form to a sufficient depth 
in the ground and inserting in this an 
asphalt lining and then glass bricks cast 
about 1 or 2 metres in thickness. Over this 
in turn there is a ferro-concrete layer in 
which alone the metal foot of the tube is 
secured. This concrete block must be at 
least 2 metres from the ground and be fully 


protected at the sides by a wooden covering, 


from moisture. In the lower part of the 
tower a wood or glass house for the large 
condenser batteries or for the motors may 


be constructed. In'order to lead the earth 


connection to the ground water, a well in- 
sulated pit constructed of vitreous bricks, 
must be provided. Several such towers are 
erected at equal distances apart and con- 
The 


` horizontal connecting wires may either run 
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directly from tower to tower or be carried 
on bell shaped insulators similar to those in 
use for high voltage conductors. The width 


of the network may be of any suitable size. 


and the connection of the motors can take 
place at any suitable places. 


In order to collect large quantities of: 


electricity with few aerials it is well to pro- 
vide the aerial conductor with batteries of 
condensers as shown in two methods of con- 
struction in Figures 21 and 22. In Figure 
21 the batteries of condensers 5 are con- 


nected on the one hand with the aerial elec-. 
tricity collectors Z by the aerial conductor 
_ A, and on the other hand interconnected in 


serles with an annular conductor from 
which horizontal conductors run to the con- 
necting points C to which the earth wire is 
connected. 

Figure 22 shows a similar arrangement. 
Should two such series of antenne rings be 
shown by a voltmeter to have a large ` dif- 
ference of potential (for example, one in the 


"mountains and one in the plain) or evén of 


different polarity these differences may be 
compensated for by connecting sufficiently 
large condenser batteries (5, 53, 5 5) by means 
of Maji star conductors D and Dt. In Fig- 


poles directly to the aerial conductors. 
improved diagram of the connections for 


«work, 


curr ent up to and beyond 500 volts. 
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ure 23 a connection of three such rings of 


collectors to form a triangle with a central 
condenser battery is illustr ated. 


The condenser batteries of such large = 
stallations must be embedded in liquefied T 


gases or in liquids freezing at very low 
temperatures. 
the atmospheric energy must be employed 
for liquefying these gases. It is also-prefer- 
able to employ pressure. By this means the 
condenser surfaces may be diminished, and 
still allow for large quantities of energy to 
be stored, secure against breakdown. For 
smaller installations the immers' ng of the 
condensers in well insulated oil or the like, 
suffices. Solid substances on the other hand 
cannot be employed as insulators. 

The arrangement in the diagrams hitherto 
described was always such ‘that the con- 
denser batteries were connected with both 


An 


= 


In such cases a portion of . 


obtaining ‘atmospheric electricity. for the — 


condenser batteries has however, been found 


to be very advantageous, this arrangement 
consists in that they are connected by only 
one pole (unipolar) to the collecting, net- 
Such a method of arrangement is 
very important, as by means of it a constant 
current and an increase of the normal work- 
ing pressure or voltage is obtained. If for 


‘example a collecting balloon aerial which is 


allowed to rise to a height of 300 metres, 
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shows 40,000 volts above earth voltage, in . 


practice it has been found that the wor king 


voltage (with a withdrawal of the power 


according to the method hereinbefore de- 


scribed. by means of oscillating spark gaps 
and the'like) is only about 400 volts. If 
however, the capacity of the condenser sur- 
faces be increased, which capacity in the 
above mentioned case was equal to that of 
the collecting surface of the balloon aerials, 
to double the amount, by connecting the 
condenser batteries with only one pole, the 
voltage rises under an equal withdrawal of 
This 
can only be ascribed to the favourable action 
of the connecting method. 

In addition to this substantial im prove- 
ment it has also been found prefer aie to 
insert double inductances with electromag- 
nets and to place the capacities prefer ably 
between two such electromagnets. Jt has 
also been found that the useful action of 
such condensers can be further increased if 
an induction coil be connected as inductive 
resistance to the unconnected pole of the 
condenser, or still better if the: condenser 
itself be made as an induction condenser. 
Such a condenser may be compared with a 
spring which when compressed carries in 
itself accumulated force, which it again 
gives off when released. In charging, a 
char ge with reversed sign is farmad at the 


- conductor network, which in fact charges 
_ with opposite signs to that at the freé con- 

| The new induced charges havé. 1 
of course the same sign as the collector net- . 
work, . The whole voltage. energy in the: 
aerial is thereby however increased. In the 
-~ “same space of time. larger quantit: es of | 
- energy are accumulated -than is the case 
without such inserted condenser batteries. |” 
Tn. Figures 24 and 25 two: different dia- 

- grams’ of connections are more exactly 1llus-. 
trated, Figure 24 shows a collecting balloon: + 
“and the diagram of- the connections to earth. ` 
Figure 25 four collecting balloons and the. 
parallel connection of. the condenser’ bat- : 
teries, belonging thereto. ` 
A is the collecting balloon: cade! oF an 


Pa _ denser pole.’ 


10 
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os . ‘ilies fis eee pole, and if thr otigh ù the. 
spark gap a short circuit. results, the accu- 


mulated. energy is again given back since 
now new quantities. of energy are induced 
at: the condenser pole connected with the 


- aluminium magnesium alloy (electron metal, 


2° 
Sr. 


—magnalium) of a specific gravity of 1.8 and 
a thickness of plate .0.1 to 0.2 mm. -Inside : 


there are eight strong vertical- ribs. of T 


oU 


ribs. 


r + 
ea 
Le 
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_ external surface is obtained. 
or coppered aluminium plated steel wir esrun 
from each rib to the fastening ring 2. | Fur- 
the coppered steel ha, wser L pr efer ably 


_- dotted lines in Figure 24) and which rust» 
ae be. long enough to allow the-balloon to rise . 
in the desired height, leads to.a metal roller. 


60 


elasticity. 


“0 well insulated from the earth. | | 
this winch, the balloon, which i is filled with 
hydrogen, or helium, can be allowed to rise 
to a suitable. height (300 to: 5 
and brought to the ground for recharging A 


shaped section about 10 to 20 mm. in height 


and about 3 mm..in thickness with:the pro- 
jecting part directed inwards (indicated by. : 
a,b,c, d and so forth) they are riveted to- 
géther to form a firm skeleton and are stiff-... 
ened in a horizontal direction. by two cross 
The ribs are further connected with — 


one another internally and transversely by 


means of thin steel wires, “hereby: the bal- 
loon obtains. great power of resistance and 
Rolled plates df 0.1 to 0,2 mm. in .. 
-tiickness made of magnalium alloy are then’: 
either soldered: or riveted. on this skeleton 


so that a fuly metallic casing: with smooth 


t! Er, 
twisted out of separate thin wires (shown i in 


or, pulley 3 and from thence to a winch W, 


000 metres) 


or repairs. 
The actual current is ee aes 


through a friction contact from the metal 
roller 3 or from the wire, or even from the 
: winch or simultaneously from. all three by 
means of brushes (3, 3? and 3°). 


Beyond 
the brushes the ‘conductor is. divided; the 
paths being -—firstly over 12 to the safety 
spark gap 8, from thence to the‘earth con- 


ductor “Ex, and secondly over electromagnet 
2 $1, point 13, to a second loose electromagnet 


- ductor. EZ; - 


21,3 


ductor than would. otherwise be the case. 
< has also been found that such a back a 


Well sil vered 


trated. by 1i); 


By means af p 


of light metal. 


7 


a an ai coil DS da to the. | 


spark. gap Y and to the. second. earth con- 
‘The actual working «circuit ‘is: 
formed through.the spark gap. me condensers’ - 
53 and 6, and. through: the. primary coil 9; 
here the static electricity formed by. oscil. i 
latory discharges is accumulated and. con- ~ 


erted into high frequency electromagnetic. 


oscillations. 
and S? at the crossins point 13, four con- 


Between the electromagnets a 
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denser batteries are: introduced: which: are 


Two of 


‘only. indicated diagrammatically in the — 

-drawings-each by one condenser. 
these batteries. (16 and 18) are made as plate 
- condensers and prolonged by regulating im- 
duction. coils.or spirals‘17 and 19 while the 
‘two others (21 and 23) are induction «on- 
~densers. As may he seen from the dra wings | 
eath of the: four. condenser batteries 1€, ÍS, ie 
23:is connected only by one pole. to the € 


E aerial. or to: the . collector conductor. -The e 


second -póles 17, 19; 22, 24 are. open. In the, -- 


resistance an induction coll is inserted.’ 


` case of plate’ condensers haying no inductive ` 


The- 
ae 


object of such a ‘spiral or coil is the displace- a 
ment of phase of the induction current by 14. | 


collector aerial the back inductive. action. of 
maintained. in the aerial | collecting 
action 


wear of the contacts. 


periods, whilst’ the charging current of the a 
condenser poles which lie free in: the air, 0°: 
works back to.the collector. aerial, 
“sequence of this is that in discharges in the . 


The. eoh- > 
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-the free poles allows a higher voltage to be h 
COn- 


It 
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has an extremely favourable effect. on the 
Of course the indue- > - 
tive effect may be regulated at will within - 
the limits of the size “ot. the induction coil, ` 
the length of the coil in action being: ad: <] 


justable by. means of wire connection. with- ome 


‘out induction. (see Fig. 24, No. 20). : 


-S* and:S? may also be pr ovided with sich: 
regulating devices in the case of S? (illus- — 


able apparatus, 
be dangerous for the other apparatus. 


The action of these condenser batteri ies hi as 115 
alr eady been hereinbefore described. 


Tt excess voltage be formed 
itis. conducted. to earth thr ough the wire 12- 
and spark gap 8 or through any other sitit- 
since this. formation would | 


The small circles‘on the collector halon = 


indicate places at which zinc amalgam. or - 


gold amalgam or other photoelectric acting — 


metals in the f form of small patches in ex- 


tremely thin layers (.01 to .05 mm. in 
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thickness) are applied to-the balloon casing | 


Stich metallic patches may 3 


also be applied to the entire balloon as'well 
as in greater thicknéss to the conducting 12: 


netw ork. 


The greatest. possible effect in col- 
lecting may be obtained by polonium amal- 
gams “and the like. * 


On the surface of the 


The capacity of the collector is | 
thereby considerably strengthened at the 
surface.. 


19 
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have a rough surface. 


8 


collector, balloon metal points or spikes are, 


also fixed along the ribs, which spikes serve 
particularly for collecting the collector 
charge. Since it is well known that the re- 
sistance of the spikes is less the sharper the 
spike is, for this purpose it is therefore ex- 
tremely important to -employ as sharp 
spikes as possible. Experiments made as 
regards. these have-shown that the forma- 
tion of the body of the spike or point also 
plays a large part. for example, spikes made 
of bars or rollers with smooth surfaces, 
have a many times greater point resistance 
as collector accumulatot spikes than those 
with rough surfaces. Various kinds of 
spike bodies have been experimented with 
for the collector balloons hereinbefore men- 
tioned. The best results were given by 
spikes which were made in the following 
wav. Fine points made of steel, copper, 
nickel, or copper and nickel alloys, were fas- 
tened ‘together in bundles and then placed 
as anode with the points in a suitable elec- 
trolyte (preferably in hydrochloric acid or 
muriate of iron solutions) and so treated 
with weak current at 2 to 3 


ness of the spikes or pins the points become 
extremely sharp and the bodies of the spikes 
The bundle can then 
be removed and the acid washed off with 
water. The spikes are then placed as 
cathode in a bath consisting of solution of 
gold, platinum, iridium, paladium or wolf- 


ram salts or their compounds and coated- 


- at the cathode galvanically with a thin layer 
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of precious metal, which must however be 
sufficiently firm to protect. them from at- 
mospheric oxidation. _ 

Such spikes act at a 20 fold lower voltage 
alinost as well as the best and finest points 
made by mechanical means. 


forming the protective layer or coating. 


Such pins have a low resistance at their 
points and even at one volt and still lower 


pressures have an excellent collector action. 
In Figure 24 the three unconnected poles 


are not connected with one another in par- 
That is quite possible in practice 


allel. 
withont altering the principle of the free 
pole. It is also preferable to interconnect 


in parallel to a common collector network, 


a series of collecting aerials. 
Figure 25 shows a diagram for such an 
installation. Az A? A3, As are four metal 


collector balloons with. gold or platinum. 


coated spikes which are electrolytically 
made in the presence of polonium emana- 
tions or radium salts, which spikes or nee- 
dles are connected over four electro-magnets 
S1, 52, S$, S*, through an annular conductor 
R. 
run over four further electromagnets -S°, 


Ə volts pressure. 


After 2 to 3 hours according to the thick- injured. 


Still better re- 
sults are obtained if polonium or ‘radium 
salts are added to the galvanic bath when: 


From this annular conductor four wires 
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Th ere 


SP, § se Sa, to the cameti point 13. 


the conductor i is divided, one branch passing 
over 12 and the safety ‘spark gap 8 to the. 


earth at Et, the other over inductive resist- 
ance J and working spark gap 7 to the earth 
at E? The working circuit, consisting of 
the condenser 5 5 and 6 
motor or a condenser motor M, such as here- 
inbefore described, is connected in prox- 
imity round the sparking gap section 7. 
Instead of directly connecting the con- 


denser motor of course the primary circuit 


for high frequency oscillatory current’ may. 
also be inserted. 
The condenser batteriés are connected by 


one pole to the annular conductor R and can 


be either, inductionless (16 and 18) or made 
as induction condensers as shown by 21 
and 23. . The free poles of the inductionless 


-condensers are indicated by 17 and 19, those 


of the induction condensers by 22 and 24, 


ine a resonance 


we 
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As may be seen from the drawings all these - 


poles 17, 22, 19, 24 may be interconnected 
in parallel through. a second annular con- 
ductor without any fear that thereby the 
principle of the free pole connection will be 


already set forth the parallel connection 


also allows of an equalization of the work-. 


ing pressure in the entire collector network. 
Suitably constructed and calculated induc- 
tion coils 25 and 26 may also be inserted in 
the annular conductor of the free poles, by 
means of which a cirenit may be formed 
in the secondary coils 27 and 28 which al- 
lows current produced in this annular con- 


ductor. by fluctuations of the charges or the. 


like appearances to be measured or other- 
wise utilized. 

` According to what has been hereinbefore 
stated separate collector balloons may be 
connected at equidistant stations distributed 
over the entire country, either connected di- 
rectly with one another metallically or by 


‘means of intermediate suitably connected 


condenser batteries through high voltage 
conductors insulated from earth. The 
static electricity is converted through a 
spark gap into dynamic energy of a ‘high 
number of oscillations and may in such form 
be coupled as a source of energy by means 
of a suitable method of connecting, various 
precautions being observed, and with spe- 
cial regulations. The wires. leadine from 


the collector balloons have hitherte been 


connected through an annular conductor 
without this endless connection, which can 
be regarded as an endless induction coil, be- 
ing able to exert any action on the whole 
conductor system. 

It has now been found that if the network 
conductor connecting the aerial collector bal- 
loons with one another is not made as a 
simple annular conductor, but preferably 


‘short circuited in the form oe coils over a 


In addition to the advantages. 


og 
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10 


sca 
_ balloons, 5, 6, 7, 8 their metallic aerial con- 
. ductors and I the actual collector network. 
This consists of five coils and is mounted on 
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| condenser battery or spark gap or through | 


thermionic tubes or valves or audions, then 


the total collecting network exhibits quite 


new properties. The collection of atmos- 


_pheric electricity is thereby not only in- 
creased but an alternating field may be eas- 


ily produced in the collector network. 


Further, the atmospheriéelectrical forces. 


showing themselves in-the higher regions 
may also be directly obtained by induction. 
In Figures 26 and 28 a form of construction 


- As shown on the basis of which. the further 
. foundations of the method will be: more par-. 


ticularly explained. Bo Ba BE cee S 
_ In Figure 26 1, 2, 3, 4 are metal collector 


high voltage insulators in the ‘air, on high 


voltage masts (or with a suitable construc- 
tion of cable embedded in the earth). One. 


coil has a diameter of 1 to 100 km. or more. 


S and S? are two protective electromagnets, 
F- the second safety section against excess 
voltage, E its earth conductor and E the 


earth conductor. of the working section. 


. When an absorption of static atmospheric 


electricity is effected through the four bal- 
loon collectors, the current in order to reach 


the earth connection E* must flow spirally. 


through the collector. network over the elec- 


tromagnet S, primary induction coil 9, con- 

_ ductor 14, anode A of the audion tube, in- 
candescent cathode. K, as the way over the. | r distance. VW 1th | 
| | of the spiral it is ‘possible to connect large 

surfaces and thereby to take up also. large 


electromagnet and.safety spark gap F offers 


considerably ‘greater resistance. Owing to. 


the fact that the accumulated current flows 


40 


45 


_ points on' the balloon and the surrounding ~ 
atmosphere are ‘produced. The. result ‘of. 
this is a considerably increased collector ef- rou 
| A spopthern lights are constantly present, large - 

A second effect which could not be ob- 
tained otherwise is obtained by the electro- 
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In one direction, an electromagnetic alter- 
nating field is produced, ini the interior of- 


the collector network coil, whereby the whole 


free electrons are directed more or less into. 


the interior ‘of the coil. “An increased ioni- 


zation of the atmosphere is therefore pro- 
- duced. ` In consequence. of this the points 


mounted on the collector balloon show a 
considerably. reduced resistance and there- 
fore increased ‘static: charges between the 


fect. 


magnetic alternating field which running 
parallel to the earth surface, acts more or 


less with a diminishing or. increasing éffect: 
on the earth magnetic field, whereby in the’ 
case of fluctuations in the current a return 
induction current of reversed sign is always 


produced in the collector coil by earth mag- 


_ netism. - Now if, however, a constantly pul- 


sating continuous alternating field is pro- 


duced as stated in the above collector net- 


work I, an alternating current: of the same 


periodicity is produced also in the collecting 


network coil. As the same alternating field 
is further transmitted to the aerial balloon, 
ponte is thereby. con-~ 
ilst the collector ac- — 


the resistance of its 
siderably reduced,. w | "ac: 
tion is cónsiderably increased. A- further 


advantage is that positive electrons which 
collect on the metal surfaces during the con- * 
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version into dynamic current produce a so- — 


called. drop of potential: of the collector 


area. As an alternating field is present, the 
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negative ions surrounding the collector sur- | 


` faces, when discharge of the collector. sur- 


faces takes place produce by the law of in- 


duction, an induction of reversed sign on | 


the collector: surface and so forth (that is 


to say again a positive charge). In addi- 
‘tion to the advantages hereinbefore set forth 
the construction of connecting conductors in 


3 


coil form when. of sufficiently large diam- 


eter, allows of a utilization of energy aris- g: 
Ing in higher regions also in the simplest 
way. „As is well known electric discharges. 


frequently take place'at very great eleva- 


tions. which may be observed, such as St. 


Elmo’s fires, or: northern lights. These 


energy quantities have not been able to be 
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utilized up to now. By this invention all . 


these kinds of energy, as they are of an 
electromagnetic. nature and the direction of 


the axis of the-edllector: coils stands at- right- 
angles to'the earth’s surface, can be more or 


95 


less absorbed in-the same way as A receiver | 
1n wireless telegraphy absorbs waves coming — 
from a far distance. With a large diameter 


quantities of energy. 
+ It is well 


tions in* the summer months, and also in 
the tropics are very frequently unable to 


receive the signals in consequence of inter- 


ruptions which are caused by atmospheric 
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known that large wireless sta- 
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. electricity, and this takes place with vertical 


coils of enly 40 to 100 m. diameter. If on > 


the contrary horizontal coils of 1 to 100 km. 
diameter be employed very strong currents 


tter: in the polar regions where the 


with ‘several 
ngs 1 - In similar 
manner any alteration of the earth mag- 
netism should act inductively on such a coil. 


It is not at all unlikely that earthquakes 


and spots on the ‘sun will also produce an 
induction in such collector coils of sufficient 
size. In similar manner this collector. con- 


-ductor will react on earth currents more _ | 
cd when they are near the surface _ 


of the earth or.even embedded in the earth. 
By combining the previous kind of current 


collectors so far as they are adapted for 1 
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may be obtained through discharges which _ 
are constantly ‘taking place in the atmos- 
pee | eed in the tropics or still 
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“quantities of energy may probably be ob- 
tained in this way. A. coil 
‘windings should act ‘the best. 
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_ the improved system with the improved pos- 


sibilities of obtaining current the quanti- 
ties of free natural energy which are to be 
obtained in the form of electricity are con- 
siderably increased. — .. . a ih 

In order to produce in the improved col- 
lector coil uniform current oscillations of 
an undamped nature so-called audion high 


vacuum or thermionic tubes of suitable con- 


nection are employed instead of the. pre- 


viously known spark gaps (Fig. 26, Nos. - 


9-18). The main aerial current flows 
through electromagnet S (which in the case 
of a high number of alternations is not con- 


nected here but in the earth conductor -E*) 


and may be conveyed over the primary coils 


in thé induction winding through wire 14 
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to the anode A of the high vacuum grid 
tube.. Parallel with the induction resistance 


9 a regulating capacity of suitable size, such . 


as condenser 11 is inserted. In the lower 
part of: the vacuum grid tube is arranged 
the incandescent filament or the cathode K 
which is fed through a battery B. From 


the battery. B two branches run, one to the- 


earth conductor E* and the other through 
battery B* and secondary coil 10 to the grid 
anode g in the vacuum tube. By the method 
of connections shown in dotted lines, a -de- 
sired voltage at the grid electrode g .may 
also be produced through the wire 17 which 
is branched off from the main, current con- 
ductor through switches 16 and some small 


._ condensers (a, b, c, d) connected in series, 
2 and conductor 18, without the battery Bt 


being required. | 


The action of the entire system is some-. 
what as follows :— ya A 


On the connecting conductor. of the aerial 
collector network being short circuited to 


- earth, the condenser pole 11 is charged and 


slightly damped oscillations are formed in 
the short circuited existing oscillation cir- 


cuit formed of the condenser 11 and self 


inductance 9. In consequence of the cou- 
pling through coil-10, fluctuations of voltage 
take: place in the grid circuit 15 with the 
same frequency, which, fluctuations in turn 


influence the strength of the electrode cur-: 
rent passing through the high vacuum am-. 


plyfying tube and thus produce current fluc- 


tuations of the same frequency in the anode 
circuit. A permanent supply of energy to the- 


oscillation circuits 9 and 10 consequently 


takes place, until a condition of balance is — 


set up, in which the consumed oscillation 
energy is equal to that. absorbed. Thereby 
constant undamped oscillations are now pro- 
duced in the oscillation circuits 9-11. 

For regular working of such oscillation 
producers high vacuum strengthening tubes 
are necessary and it is also necessary that 
the grid and anode voltages shall have a 


phase difference of 180° so'that if the grid 
is negatively charged, then the anode is 
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positively charged and vice versa. This 


necessary. difference of phase may be ob-. 


tained by “most varied connections, for ex- 
ample, by placing the oscillation circuit in 


- the grid circuit or by separating the oscil- 
latión circuit and inductive coupling from 
_the anodes and the grid circuit and so forth. 


A second important factor in this way of 
converting static atmospheric electricity into 
undamped oscillations 1s that care must be 
taken that the grid and anode voltages have 
a certain relation to one another; the latter 
may be obtained by altering the coupling 


and. a suitable selection.of the self induction 


in the grid circuit, or as shown by dotted 


lines 18, 17, 16 by means of a larger or 


smaller number of condensers of suitable 
size connected in series; in this case the 


able selection of the grid potential a glow 
discharge takes place between the grid g 
and the anode A, and accordingly at the 
grid there is a cathode drop and a dark 


space is formed. The size of this cathode 


drop is influenced by the ions which .are 
emitted in the lower space in consequence 
of shock ionization of the incandescent 
cathodes K and pass through the grid in 
the upper space. On the other hand the 
number of the ions passing through the grid 
is dependent on the voltage between the grid 
and the cathode. Thus if the grid voltage 


undergos periodic fluctuations (as in the 


present case) the amount of the cathode 
drop at the grid fluctuates and consequently 


‘the internal resistance of the tube corre- 


spondingly fluctuates, so that when a back 


- coupling of the feed circuit with. the: grid 


circuit takes place, the necessary means are 
afforded. for producing undamped oscilla- 


tions and of taking current, according to re- 


quirements from the collecting conductor. 

-The frequency of the undamped oscilla- 
tions produced is with a suitably loose cou- 
pling equal to the self frequency of the 
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battery Bt may be'omitted.. With a suit- | 
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oscillation circuits 9 and 10. By a suitable ~ 


selection of the self induction of the coil 9 
and capacity 11 it 1s possible to extend from 


frequencies which produce electromagnetic 


oscillations of only a few metres wave 
length down to the lowest practical alter- 
nating current frequency. For large instal- 
lations a suitable number of frequency pro- 
ducing tubes in the form of the well known 

igh vacuum transmission tubes of .5 to 2 
kw. in size may be connected in parallel so 
that in this respect no difficulty exists. 

The use of such tubes for producing un- 
damped oscillations, and also the construc- 
tion and method of inserting such trans» 


mission tubes in an accumulator or dynamo 


circuit is known and also that such oscilla- 
tion producing tubes only work. well at-volt- 
ages of 1,000 up to 4,000 volts, so that on 
the contrary their use at lower voltages is 
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considerably more difficult. By- the use of 


_ high voltage static electricity this method 
_ of producing .undamped oscillations as com- 


pared with that through spark gaps must 


be regarded, as an ideal solution particu- - 
larly for small installations of outputs of. 


- from 1 to 100 kw. 


“15 


. 20 


25 


By the .application of safety spark gaps, 


with interpolation of electro-magnets, not 


only is short circuiting avoided but also 
the taking up of current is regulated.. Os- 


cillation producers inserted in the above way 


form a constantly acting electromagnetic © 
alternating field in the collector coil, where- 


by as already stated, a considerable accumu- 


lating effect takes place. The withdrawal | 
wire or working wire is connected at 12 and > 


13, but current may ‘be taken by means of 
a secondary coil which is firmly or movably 


mounted in any suitable way inside the large 
collector coil, i. e. in its: electromagnetic 
alternating field, so long as the direction. of - 
its axis runs parallel with that of the main. 


current collecting coil: _ 
In producing undamped 
high frequency (50,000. per second and 


more) in the oscillation circuits 9 and 11, 


electromagnets S and Si must be inserted if 


the high frequency oscillations are not to 
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penetrate the collector coil, between .the os- 
cillation producers and the collector coil. 


In all other cases they are connected shortly 


before the earthing (ás in Figs. 27 and 28). 


loon aerials is illustrated in the form of a 
coil.: The main difference consists: in that 
in addition to the connecting conductor I 


another annular conductor: II is inserted l 
parallel ‘to the former on the high voltage. 
masts in the air (or embedded as a cable in - 
the earth) but both in the form of a coil. ° 
~ The connecting wire of the balloon aerials 
-. is Indicated as a primary conductor and also. 


as a current producing network; the other 
is the consumption network and is not in 


= unipolar connection with . the current, pro- 


80 


ducing network. 2 | 
In. Figure 27 the current roducing net- 
work I is shown with three balloon collec- 


tors 1, 2, 3 and aerial conductors 4, 5, 6; it is 
short circuited through: condenser 19 and 


inductance 9. The oscillation forming cir- 
cuit consists in this diagram of spark gap 
f, inductance 10, and condenser 11; the 
earth wire E, is connected to earth over 
electromagnet St. F is the safety spark gap 


which is also connected to earth through a 


second electromagnet S at E. On connect- 


ing up the condenser circuit 11 this is. 


charged over the spark gap f whereby an 
oscillatory discharge is ‘formed. This dis- 


charging: current acts through inductance 
10 on the inductively coupled secondary 9, 
whereby. in the producing network a modi- 


but it is advisable to insert a 


oscillations of a ' 


fication of the potential of the condenser 19 | 


is produced. The consequence of this is 


that ‘oscillations arise in: the coil shaped 


producer network. These oscillations in- 


duce a current in the secondary circuit II, ' 


which has a smaller number of windings 


and a less resistance, the voltage of which, 
according to the ‘proportion of the number 
of windings and of the ohmic resistance, 


is considerably lower whilst the current 


Strength is greater. a | | 
In order to convert the current. thus ob- 


ce 


tained into current of an undamped char- 


acter, and to tune its wave lengths, a suffi- 
ciently large regúlatable capacity 20 is in- 
serted between the ends 12 and 13 of the 


secondary conductor II. Here. also: current 


T : 
e 


may be taken without an earth conductor, 


gap E* ‘and to connect this 
over an electromagnet S2. — 


The producer network may be connected 
with the working network IT over an induc- 
_tionless condenser 21 or over an induction. 


condenser 22, 23. In this case the secondary 


conductor is unipolarly connected with the 
energy conductor. = = © 7 
- In Figure 28 the connecting conductor be- 
tween the separate accumulator balloons is 
carried out according to ‘the - autotrans- ` 
‘former principle. The collecting coil con- 
pects four aerial balloons-1,2,-3,4, the wind- 
| ings of which are not made side by side but 
In Figure 27 a second method of construc- | 
tion of the connecting conductor of the bal- 


one above the other. In Figure 28 the-col- 


lector coil I is shown with a thin line, the - 
metallically connected prolongation coils II 


with a thick line. Between the ends I! and 


II" of the energy network I a regulating | 


capacity 19 is inserted. The wire I! is.con- 
ected with the output wire and with the 
spark gap F. ess cas | 


safety spark - 
with the earth $ 


As transformer of the atmospheric elec- . 
tricity an arrangement is employed which - 
consists in-using rotary pairs of condensers 
in which the one stator surface B is con- 
nected with the main current, whilst. the 
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other A is connected with the earth nole. _ 


the alternating current formed in ‘the rotor 


can act, in this improved method of con- 
‘nection described in this invention, through — 
coils 10 on the inductance. 9, an increase or: 
diminution of the feed current in I can be 


obtained according to the direction of the 


Between these pairs of short circuited: con- ` 
densers are caused to rotate from which the , 
converted current can be taken by means of ` 
_two collector rings and brushes, in the form 

of an alternating current, the frequency of 
which is dependent on the number of bal- 
loons and the revolutions of the rotor. As. 


current by back induction. . Current oscil- 


lations of uniform rhythm thereby result in 


the coil shaped windings of the producer : 


net-work, - , 7 
As the ends of this conductor are short cir- 
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cuited through the regulatable condenser 19 
these rhythms produce short circuited: un- 


damped oscillations in the energy conductor, 


the periodicity and wave lengths of which 
oscillations can be adjusted according to 
desire by altering the capacity 19 to a given 
wave length and therewith also to a given 
frequency. These currents may also be em- 
ployed insthis form directly as working cur- 


‘rent. through the conductors -IF and LI. 


By. inserting the condenser 20 a connection 
between these conductors may also be made, 


By this means 
quite new effects as regards current distribu- 
tion are obtained. The withdrawal of cur- 
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tions distributed over the entire country or: 


may be connected by interpolation of suit- 
able condenser batteries by means of high 


voltage conductors. The static electricity 1s 


energy of a high number of oscillations, and | 


whereby harmonic oscillations of desired 
wave length are’ formed. 


rent can even take place without direct wire 


connection if, at a suitable point in the in- 


terior of the producing network {quite 1m- : 


materially whether this has a diameter of 
1 or 100 km.) a coil tuned to these wave 


lengths and of the desired capacity is firmly | 


or movably mounted in the aerial conductor 


in such a way that its axial direction is 1n 


parallel with that of the collector coil. In 
this case a current is induced in the produc- 
ing network, the size of which is depend- 
ent on the total capacity and resistance and 


also on the periodicity employed. A possi- 
bility is thereby afforded in future, of tak- 


ing energy from the producer network by 
wireless means. As thereby in addition to 
atmospheric electricity also magnetic earth 
currents and the energy from the higher at- 
mosphere (at least partially) may be simul- 
taneously ‘obtained, this last system for col- 
lecting the atmospheric energy is of particu- 
lar importance for the future. | 
. Of course everywhere instead of spark 
gaps suitable grid vacuum tubes may be em- 
ployed as producers for undamped oscilla- 
tions. The separate coils of the producer 
net-work with large diameters may be con- 
nected with one another through separate 
conductors all in parallel or all in series or 
in groups in series: By regulating the num- 
ber of oscillations and also the extent of the 
voltage more or less large colleetor coils of 
this kind may be employed. The coils may 
also be divided spirally over the entire sec- 
tion. The coils may be carried out in annu- 
Tar form or also in triangular, quadrangular, 
hexagonal or octagonal form. e 
Of course wires may be carried from a suit- 
able place to the centre or also laterally 
which serve the current waves as guides. 
This is necessary when the currents have to 
be conducted over mountains and valleys 
and so forth. In all these cases the current 
must be converted into a current of suitable 
periodicity. 
As already 
rate collecting balloons may be directly me- 


hereinbefore mentioned sepa-. 


converted through a spark gap into dynamic 


could then ‘in such form, with a suitable 
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arrangement: of the connections, observing - 
various measures of precaution, be employed | 


as source of energy after separate or special 


regulation. 


- According to this invention in order to in- 
erease the collecting effect of the balloon in- 


the aerial collector conductor or in the earth 
wire, radiating collectors are employed. 


These consist either of incandescent metal 


or oxide electrodes in the form of vacuum 


grid tubes, or electric arcs (mercury and the 


like electrodes) Nernst lamps, .or finally 
flames of various kinds may -be simply con- 


nected with the respective conductor. 


-T 
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It is well known that energy can be drawn - 


off from a cathode consisting of an incan- 
descent body opposite an anode charged 
with positive electricity (vacuum grid tube). 
Hitherto however, a cathode was always first 
directly placed opposite an anode, and sec- 
ondly the system always consisted of s 
closed circuit. _ Ea 

Now if we dispense with the ordinary 


ideas in forming light or flame arcs in which - 


a cathode must always stand directly oppo- 
site an anode, and if we place an incandescent 
cathode opposite an anode charged to a high 
potential or another body freely floating in 
the air, or regard the incandescent cathode 


‘only as a source of unipolar discharge 


(which represent group and. point dis- 
charges in electro-static machines similar to 


unipolar discharges) >it may be ascertained 


that incandescent cathodes and Jess perfect- 
ly all incandescent radiators, flames and the 
like admit of relatively large current densi- 
ties-and allow large quantities of electric 
energy to radiate into the open space in the 


form of electron streams as transmitters. 


The object of this invention is as described 
below, if such incandescent oxide electrodes 
or other incandescent radiators or flames are 
not freely suspended in space but connected 
metallically with the earth so that they can 
be charged with negative terrestrial elec- 


tricity, these radiators possess the property 


of absorbing -the free positive electrical 
charges contained in the air space surround- 
ing them (that is to.say of collecting them 


‘and conducting them to earth). They can 


therefore, serve as collectors and have, in 
comparison to the action of the spikes, or 
points, a very large radius of action R; the 
effective capacity of these collector is much 
greater than the geometrical capacity (Ro-) 


| í calculated in an electro-static sense. | 
tallically interconnected at equidistant ‘sta- | 


Now as our earth 15 surrounded as is well 
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_ known, with an electro-static field and the 
-. difference of potential © S 


of the earth. field according to- the latest 


investigations, is in summer about 60 to 


100 volts and in winter 300 to 500 volts per 


metre of difference in height (34), a simple 


calculation gives the result that when such a 


radiation collector or. flame collector 18 ar- 


_ ranged for example on the ground; and a 


second one is mounted vertically over it at 


a distance of 2,000 metres and both are con- 
nected by a conducting cable, there is a dif- 


_ ference of potential in summer of about 


2,000,000 volts and in winter even of 6,000,- 


000 volts and more. ` 
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_ ing space a periodic fall of potential 8V jt 


- 35 


40 


45 


55 


60 


65 


an electric total work of 
10% kilowatt years. 


radiation, t 


coe to Stefan Boltzmann’s law of 


e quantity of energy which an 


incandescent surface’ (temperature T) of 1. ES 
Sq. cm. radiates in a unit of time into the E O O He a 
| | From this it must be concluded that if the — 

(Tz). sinks, the total 


the following formula: es | 
-S=8 (IT) watt/sq. em. 


and’ the universal radiation constant 6. is 


open air (temperature T,) As expressed by 


_., according to the latest researches of Ferry 
4, (Annales de Chimie et-de physique 17 Page. 


` 


267 (1909) ) equal to 6:30 102 watt/sq. cm. - 


Now if án-incandescent surface of 1 sq. 


cm. shows, as compared with:the surround- 


radiates (independent of the current direc- 


tion, that is to say of the nen) in accord- 
_ ance with the above formula, for 


a temperature of 3725° 


Now as carbon electrodes at the temperature 


of the electric. arc support on the current 
basis a current density up to from 60 to 65 
amperes per sq. cm. no difficulties will result 
in this direction in émploying radiating col- -t 
| in the atmospheré as technology requires; 
the radius of action of the flame collectors 


lectors as accumulators. ON 
If the earth be regarded as a cosmically 


insulated condenser in the sense of geometri- . 


cal electro-statics œ there results from the 
geometric (compare Ewald Rasch, “das 


elektrische Bogenlicht”- (The electric are 
light) page 169) capacity 


cording to Chwolson: — 


For negative charging 1.810% Coulomb | 


For negative potential V—10X108 volts. 
From this there results however, EJT==24.7 
X10% watt/Sec. Now if it is desired to 
make a theoretic short circuit through an 
earthed flame collector this would represent 
about 79,500 


regarded as a rotating mechanism which is 
thermo - dynamically, — electromagnetically, 


- and also kinematically coupled with the sun 


and stars system by cosmic radiations and 


case as the earth 


earth. temperature 


_. The -incandescent 


earth electricity 
example at 
C. an energy of 1.6. 
Kw.. per sq. cm. per second. As. for. the 

radiation the same value can be: calculated 
for the collection of energy, but reversed. 


of the:earth ac- 
aon _ the atmosphere: 


As the earth must be’ 


e 


€nergy of the earth field is not to be feared. 


The energies which the incandescent col- 


l _lectors would withdraw from the earth field. - 


can only cause by the withdrawal of motor. 


work a lowering of the earth temperature 


{temperature 1,300) and reduce this to 
that of the world space (T=O) by using 
the entire energy. | 
does not represent a cos- 
mically entirely insulated system. On the 


radiation from the sun an energy of 18,500 


gravitation a dimimition of the electric. 


(DN 


This is however not the. 
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contrary there is conveyed_to-the same ace. 
cording to the recent value corrected by | 
Ferry for the solar constants through the 


so 


X10% kw. Accordingly any- lowering of — 


the earth temperature ( Ts) without a simul- 


taneous .lowering of the sun's temperature 


(Ts) would contradict; Stefan Boltzmann’s _ 


law of radiation. 

| ce S-6 (TAT), 

radiation S absorbed by the earth increases, 
and further. also that the secular speed of 
on that of 
nected most closely: with these. 


may, according to this ‘invention, be em- 


ployed for collecting atmospheric electricity | 
if they (1) are charged with the negative. 
(that is to say when they - 


are directly connected by means of-a metal- 


‘lic conductor with the earth) and (2) if | 
S „(metal surfaces) charged | 
with- electricity are mounted -Opposite them 
As positive poles in the air. 


large capacities 


This is regard- 
ed as the main feature of the present in- 
vention as without ‘these inventive ideas it 
would not be possible to collect with an in- 
candescent collector, 
tities of the electrical charges ` contained 


would also be. too small, especially if it be 
considered that the very small surface den- 
sity (energy density) (6 about=2X7 . 10° 

t. E. per sq. em.) does not allow of large 
quantities of charge'being absorbed from 


w) Calculated according to Poisson's cal- 
culations = a? pt | 
AV=—4n8; as here the alteration of the 
potential or potential gradients only takes 


cooling of the earth is directly dependent : E 
on th the sun and the other radiators | 

cosmically coupled with the sun and is con- 
radiation - collectors - 
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sufficiently large quan- _ 
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place in the direction of the normal, this 


calculation assumes the simple form 
E TA 


Tt has indeed already been: 


mospheric electricity and it is known that 


roposed to 
employ flame collectors for co ecting at- | 
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Chapter 5 

AC Pre-Test and Review 
You need to have some basic knowledge of 
alternating current (AC) to study electronics. 
To understand AC, you must understand sine 
waves. 
A sine wave is simply a shape, like waves 
in the ocean. Sine waves in electronics are 
used to represent voltage or current moving 
up and down in magnitude. In AC electronics, 
some signals or power sources (such as the 
house current provided at a wall plug) are 
represented by sine waves. The sine wave 
shows how the voltage moves from 0 volts to 
its peak voltage and back down through O, 
its negative peak voltage, at 60 cycles per 
second, or 60 Hertz (Hz). 
The sound from a musical instrument also 
consists of sine waves. When you combine 
sounds (such as all the instruments in an 
orchestra), you get complex combinations of 
many sine waves at various frequencies. 
The study of AC starts with the properties 
of simple sine waves and continues with an 
examination of how electronic circuits can 
generate or change sine waves. 
This chapter discusses the following: 
Generators 
Sine waves 
Peak-to-peak and root mean square 
voltages 
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their collecting effect is substantially great- 
er opposite the points. It is however, not 
known that the quantities of current which 
could hitherto be obtained are too small for 
technical purposes. 
periments the reason for this is to be found 
in the too small capacities of the collector 
conductor poles. If such flame or radiat- 
ing collectors have no or only small posi- 


tive surfaces, their’ radius of action for 
large technical purposes is too small. If 


the incandescent collectors be constantly 


kept in movement in the air they may co!- 


lect more according to the speed of the 


movement, but this is again not capable of 


being carried out in practice. | 

By this invention the collector effect is 
considerably increased by a body charged 
with a positive potential and of the best 
possible capacity being also held floating 
(without direct earth connection) opposite 
such an incandescent collector which 1s held 
floating in the air at a desired height. 11 
for example, a collecting balloon of sheet 
metal or of metalized balloon fabric be 
caused to mount to 300 up to 3,000 metres 
in the air and as positive pole it is brought 
opposite such a radiating collector con- 
nected by a conductor to earth, quite differ- 
ent results are obtained. a 

The metallic balloon shell (with a large 
surface) is charged to a high potential by 
the atmospheric electricity. This potential 
is greater the higher the collecting balloon 


5 is above the incandescent collector. The 


positive electricity acts concentratedly on 


the anode floating in the air as it is attracted, 
through the radiation shock ionization, pro-' 
ceeding from the incandescent cathode. 
The consequence of this is that the radius 


of action of the incandescent cathode col- 
lector is considerably increased and thereby 


also the collecting effect of the collecting 
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balloon . surface. Further the large ca- 
pacity of the anode floating in the air plays 
therefore an important part because it al- 
lows of the taking of large charges, and 


thereby a more uniform current is obtained 
even “when there is a large consumption: 


this cannot be the case with small surfaces. 


In the present case the metallic collect- 


ing balloon is a pos'tive anode floating in 
the air and the end of the earth conductor 
of this balloon serves as positive pole sur- 
face opposite the surface of ‘the radiating 


incandescent cathode, which in turn is: 
charged with negative earth electricity be- 


ing conductingly connected to earth. 
The process may- be carried out by two 


such contacts (negative incandescent cath- 


ode and anode end of a capacity floating in 
the air) a condenser and an inductive re- 


sistance being switched on in parallel, 


whereby simultaneously undamped oscilla- 
tions may be formed. 


According to my ex- 


collectmg effect. 
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In very large installations it is advisable 
to connect two such radiating collectors in 
series. Thus an -arc light incandescent 
cathode may be placed below on the open 
ground and an incandescent cathode which 
is heated by special electro-magnetic currents 
be located high in the air. Of course for 
this the special vacuum Liebig tubes with or 
without grids may also be employed. An 
ordinary arc lamp with oxide electrodes may 
be introduced on the ground and the posi- 


tive pole is not directly connected with the. 


collecting balloon, but through the upper: 
incandescent. cathode or over a condenser. 
The metho1 of connecting the incandescent 
cathode floating in the air may be seen in 
Figs. 29-38. © 7 | 

B is the air balloon, K a Cardan ring 
(connection with the hawser) C the bal- 


loon, L a good conducting cable, P a posi- *: 


tive pole, N negative incandescent cathode, 
and E earth conductor. | . 


70 


~~, 


Fig. 29 represents the simplest form of 7 


construction. If electric oscillations are 


produced below on the ground by means of ‘ 


a carbon arc lamp or in other suitable way 
a considerably greater electric resistance is 
opposed to that in the direct way by in- 
serting an electrical inductive resistance 9. 


pane aie between P and N a voltage is 
3 


formed, and as, over N and P only an induc- 
tionless ohmic resistance is present, a spark 
‘will spring over-so long as the separate in- 
duction co-efficients and the like are cor- 
rectly calculated. The consequence of this 
is that the oxide electrode (carbon or the 
like) is rendered incandescent and then 
shows as incandescent cathode an increased: 
The positive poles must 
be substantially. larger than the negative in 
order that they may not also become incan- 


. descent. As they are further connected with 


the large balloon area which has a large 
capacity and is charged at high voltage, 
an incandescent body which is held floating 
in the air and a positive pole which can col- 
lect large capacities is thereby obtained in, 
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the simplest way. The incandescent cathode — 


is first caused to: become incandescent by 
means of separate energy produced on the 
earth, and then maintained by the energy 
collected from the atmosphere. . | 


` Fig. 30 only shows the difference that in- ` 


stead of a round balloon a cigar shaped one 
(of metal or metalized fabric) may be em- 
ployed and also a condenser 5 is inserted 
between the incandescent cathode and the 
earth. conductor so that a. short circuited 
oscillation circuit over P. N 5 and 9 is ob- 
tained. This has the advantage that quite 
small quantities of electricity cause the 
cathode to become incandescent and much 


larger cathode bodies may be rendered in- 


candescent. 
In this form of construction both the in- 
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candescent cathode and also the positive 


electrode -may be enclosed in -a` vacuum 


e 


= 
—_ 
— 


. metallic positive pole of the 
. g with the incandescent 
- electrode) N is 


=- employed. As in such collectors only small - 


` chamber as may be seen in Fig. 32. A cable 
L is carried well insulated through the 
cover of a vessel and ends in a condenser. 


disc 5.. The cover is arched in order to 
keep off the rain. The vessel 1s entirely or 


partially made of magnetic metal and. well’ 
Opposite the. 
this again a 7 
vacuum tube 
cathode (oxide 
| is arranged. The negative. 
electrode is on the one hand connected with 
the earth conductor E, and on the other 
: hand with the inductive. resistance 9 which’ 
- 18 also connected with the cable L with the 
positive pole and wound round the vessel in 
coils.: The action: is exactly the same as 


insulated inside and outside. 
disc 5 another disc 6 and -on 


that in Fig. 29 only instead of an Open .in- 
candescent cathode one enclosed in vacuo is 


- bodies can be brought to incandescence in 


30 


_to one another. 


large installations a plurality. of such 


vacuum tubes must be inserted in- proximity - 
According to the previous 


constructions Figs. 31 and 33 are quite self 
evident without further explanations. — 


Figs. 34-37 represent further. diagrams 


of connections over radiating and flame col- 


lectors, and in fact, how they are to be ar- 


. ranged on the ground. 
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Fig. 34 shows an arc light collector with ` 
oxide electrodes for direct,current. and- its 
connection; Fig. 35 a similar one for alter- 


nating current, Fig. 36 an incandescent col- 
lector with a Nernst lamp and Fig. 37 a 


similar one with a gas flame. | 
The positive pole 1 of the radiating col- 


lectors is always directly connected to the : 


aerial collecting conductor A.. In Fig. 34 


this is further connected over the condenser - 


battery 5 with'a second positive. electrode 
3. The direct current dynamo b produces 


- current which flows over between the elec- 


trodes 3. and 2 as an are light. On the for- 
mation of an arc the negative incandescent 


electrode 2 absorbs electricity from the posi-: 


tive poles standing opposite it and highly 
charged with atmospheric. electricity. and 


conveys the-same to the working: circuit. 


60 


The spark gap 7, inductive resistance 9 and 


induction coil 10 are like the ones previous- 


_ ly described: The protective electromagnet 
55 8 
cuiting, the safety spark gap 8 from ex- 


guards. the installation against earth cir- 


cess voltage or overcharging. na | 
. In Fig. 35 the connection is so far altered 
that the alternating current’ dynamo feeds 


the exciting coil 11 of the induction: con- 


denser. 12 is its negative and 13 its posi- 
tive pole; if the coil 3 on the magnet core 
of the dynamo is correctly calculated and 
the periodicity of the alternating current is 


sufficiently high an arc light can be formed 


way as in Fig. 34; the working spark 


15 


between the two poles 1 and 2. As the - 
cathode 2 is connected with the negatively. 


Charged earth, and therefore always acts:as. 


a negative pole, a form of rectification of .- 


the alternating current produced by thé 
dynamo 3 is' obtained, the second half of- 
the period is always suppressed. The work- 


ing circuit may be carried out in the same 


may however be dispensed with, and in- 
stead thereof between the points 7 and m a 


-condenser 5 and an induction resistance 9 
may be inserted from which the current is 


taken inductively. __ in, | of, p 
Fig. 36 represents a form of construction 


an arc lamp a Nernst incandescent body 


gap 


T5 o 


80 
similar to Fig. 34 only that here instead of. 


is employed.. The Nernst lamp is fed - 


through the battery 3. . The working section 
is connected: with the negative pole, the 
safety spark gap with the -+ poles. The 
working spark gap 7 may also be dispensed : 


with and the current for it taken at 12 


over the oscillation circuit 5, 11 (shown in. 
‘dotted lines). — ` | eae 
_ Flame collectors (Fig. 37) may also be 
employed according to this invention, The. 


-i 


00 


wire network 1 is connected with the aerial — 


collector conductor A and the burner with 
the earth. “At the upper end of the latter, ' 


long points are provided which project into e 
the flame. The positive electrode is connect- 


ed with the negative over à condenser 5 and 


-the induction cvil 9 with the earth. . 


The novelty in this invention is firstly, 


100 


the uše of incandescent cathodes opposite ` 


_ positive poles which are connected with _ 
‘large metallic capacities as automatic col- - 


lecting surfaces, (2) the connection. of the 


incandescent cathodes with the earth where- r 
_by, in addition to the electricity conveyed 
to them from the battery or machine which 
causes, the incandescing, | 
charge of the earth potential is conveyed, 


and (3) the connection of the positive and 


105 


also the negative — 


negative poles of the radiating collectors - 


over a condenser circuit alone or with the 


introduction. of a suitable inductive resist- l 
ance, whereby simultaneously an oscillatory 


oscillation circuit may be obtained. The ` 
collecting effect is by these methods quite 


considerably increased. 


I declare that what I claim is:— OR ee 


1. An electrical energy generating system, 


comprising a conducting surface: for stati 
charges, means to support same at a distance _ 


above the earth, a conductor leading to the 


earth level; a spark gap associated with said 
conductor to convert electrostatic charges . 


into electromagnetic high frequency oscilla- 


115 


tions means to supply said electromagnetic — 


energy to a net work, and a spark gap of 
greatly increased relative resistance in paral- 
lel therewith. 


- 2. An electrical energy geners tio systern ? 


10 


Lo 
QQ 


165 


comprising.a conductor, means to support 
same above the earth level, an inductance 
therein, a spark gap associated with said 


conductor, a second spark gap of much 


higher relative resistance in parallel there- 
with and an energy receiving circuit coupled 
with the spark gap of lesser resistance. 

“3. An electrical energy generating system 
comprising a collecting surface, means to 
support same above the earth level, a con- 
ductor connecting said ‘collecting surface 
with the earth level, a choke in said con- 
ductor, an electromagnetic resistance con- 
verting electrostatic energy to electromag- 


netic energy, a safety higher resistance in 


parallel therewith and a net work coupled 


-with the conversion resistance of lesser | 


value. | | 
4. An electrical energy generating system 


comprising electric conductors spaced above - 


the earth to form electromagnetic oscillat- 


‘ing circuits, conductors connecting to earth 


level, electrostatic to electromagnetic energy 
conversion means therein, a safety high elec- 
trostatic resistance in parallel therewith and 


‘means to alter the electromagnetic charac- 


teristic of the circuits. | | 
5. An electrical energy generating system 


comprising in combination a static collect- 


ing surface arranged above the earth, con- 
ductors connecting to earth level, a pair of 
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spark gaps in parallel of different electro- 
static resistance, a utilization net work 
shunted across the spark gap of lesser re- 
sistance and an electromagnetic choke in said 
conductors. E 


6. An electrical energy generating system 


35 


comprising an open circuit energy collecting 


aerial, a pair of sparking gaps in parallel 


of widely different resistance, connected 


thereto and a closed electric oscillation cir- 
cuit in shunt across the gap of lesser re- 
sistance. a | | 

7. An electrical energy generating system 


aerial. 

In witness whereof, I -have hereunto 
signed my name this 30 day of Dec., 1920, 
in the presence of two subscribing witnesses. 


HERMANN PLAUSON. 


Witnesses: | 
H. F. ARMSTRONG, 
W. H. BEESTON. 
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Resistors in AC circuits 
Capacitive and inductive reactance 
Resonance 


The Generator 


1 In electronic circuits powered by direct 
current (DC), the voltage source is usually a 
battery or solar cell, which produces a 
constant voltage and a constant current 
through a conductor. 

In electronic circuits or devices powered by 
alternating current (AC), the voltage source IS 
usually a generator  , which produces a 
regular output waveform, such as a sine 
wave. 

Question 


Draw one cycle of a sine wave. 

Answer 

Figure 5.1 shows one cycle of a sine wave. 
Figure 5.1 


2 A number of electronic instruments are 
used in the laboratory to produce sine waves. 


For purposes of this discussion, the term 
generator means a sine wave source. These 
generators enable you to adjust the voltage 


and frequency by turning a dial or pushing a 
button. These instruments are called by 
various names, generally based on the 
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Application filed January 13, 1921. Serial No. 437,107 


To all whom it may concern: 


Be it known that |, Hermann Prauson, Esto- 
nian subject, residing in Hamburg, Germany, have 
invented certain new and useful improvementsin 
the Conversion of Atmospheric Electric Energy, 
ofwhich the following specification. 


Methods of obtaining atmospheric electrici- 
ty by means of metallic nettings set with spikes 
which are held by means of ordinary or anchored 
kite balloons made of fabrics and filled with hy- 
drogen,areintheoryalreadyknown. Atmospheric 
electricity obtained inthis way has been suggest- 
ed to be used in the form of direct current for the 
chargingofaccumulators.Thisknowledgehowev- 
er is at present only theoretical as the conversion 
practice has hitherto been a failure. No means are 
known for protecting the apparatus from destruc- 
tion by lightening. The balloons used for collect- 
ing the charge must also be made of a very large 
sizeinorderto be abletosupportthe weight ofthe 
metallic netting and the heavy cable connections. 


Instead of using heavy metallic netting as col- 
lectors attached to single air balloons of non-con- 
ducting material whichareliableto betornandare 
permeabletothegas, itis proposed touse metallic 
balloon collectors which have to following impor- 
tant advantages - 


(a) The metallic cases are impenetrable to heli- 
umandhydrogen;theyalsorepresentlargemetal- 
lic weather-proof collecting surfaces. 


(b) Radio active means and the like may be eas- 
ily applied internally or externally; whereby the 
ionisationisconsiderablyincreasedand therewith 
also the quantity of atmospheric electricity capa- 
ble of being collected. 


(c) Such balloon collectors of light metal donot 
require to be of large size as they have to carry 
only their own moderate weight, and that of the 
conducting cable or wire. 


(d) the entire system therefore offers little sur- 
face for the action of storm and wind and is resist- 
ant and stable. 


(e) Each balloon can be easily raised and low- 
ered by means of a winch so that all repairs, re- 
charging and the like can be carried out without 
danger during the operation. 


It is further proposed to use a collecting aerial 
network of several separate collectors spread out 
in the air above the earth, which collectors are in- 
terconnected by electrical conductors. 


According to this invention charges of atmos- 
pheric electricity are not directly converted into 
mechanical energy, and this forms the main dif- 
ferences from previous inventions, but the static 
electricity which runs to earth through aerial con- 
ductors in the form of direct current of very high 
voltage andlow current strengthis converted into 
electro-dynamic energy in the form of high fre- 
quency vibrations. Many advantages are thereby 
obtained and disadvantages avoided. 


The very high voltage of static electricity of 
a low current strength can be converted by this 
invention to voltages more suitable for technical 
purposes and of greater current strength. By the 
use of close oscillatory circuits it is possible to ob- 
tain electromagnetic waves of various amplitude 
andtherebytoincrease the degree of resonance of 
such current. Such resonance allows various val- 
ues of inductance to be chosen whereby again the 
governingofthestartingandstoppingofmachine 
driventherebybysimplytuning theresonancebe- 
tweencoilsofthemachineandthetransformercir- 
cuitforming the resonance caneasily be obtained. 
Further, such currents have the property of being 
directly available for various uses, even without 
employingthemfordriving motors, of whichthere 
may be particularly mentioned, lighting, produc- 
tion, of heat and use in electro-chemistry. 

Further, with such current a series of apparatus 
may be fed without direct current supply through 
conductors and also the electromagnetic oscilla- 
tions into mechanical energy, or finally converted 
byspecial machinesintoalternatingcurrentoflow 
frequency or even into direct current of high po- 
tential. 


The invention is more particularly described 
with reference to the accompanying diagrams in 
which:- 

Figure 1 is an explanatory figure. 

Figure 2 is a diagrammatic view of the simplest 
form. 
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Figure 3 shows amethod of converting atmos- 
pheric electrical energy for use with motors. 

Figure 4 is a diagram showing the use of pro- 
tective means. 

Figure 5 is a diagram of an arrangement for 
converting large current strengths. 

Figure 6is.adiagram of anarrangement includ- 
ing controlling means. 

Figure 7 shows means whereby the spark gap 
length can be adjusted. 

Figure 8 showsa unipolarconnection forthe motor. 

Figure 9showsa weak coupled system suitable 
for use with small power motors. 

Figures 10,11 and12showmodifiedarrangements. 

Figure 13 shows a form of inductive coupling 
for the motor circuit. 

Figure 14 is a modified form of Figure 13 with 
inductive coupling. 

Figure 15 is an arrangement with non-conduc- 
tive motor. 

Figure 16 is an arrangement with coupling by 
condenser. 

Figure 17, 18 and 19 are diagrams of further 
modifications. 

Figure 20 shows a simple form in which the 
aerial networkis combined with special collectors. 

Figure21showdiagrammaticallyanarrangement 
suitable for collecting large quantities of energy. 

Figure 22 is a modified arrangement having 
two rings of collectors. 

Figure 23 showstheconnectionsforthreerings 
of collectors. 

Figure 24 shows a collecting balloon and dia- 
gram of its connection of condenser batteries. 

Figure 25 and 26 show modified collector bal- 
loon arrangements. 

Figure 27 shows a second method of connect- 
ing conductor for the balloon aerials. 

Figure 28showsanauto-transformermethodof 
connection. 

Figure 29 shows the simplest form of construc- 
tion with incandescent cathode. 

Figure 30 shows a form with cigar shape balloon. 

Figure 31 is a modified arrangement. 

Figure 32 shows a form with cathode and elec- 
trode enclosed in vacuum chamber. 

Figure 33 is a modified form of Figure 32. 

Figure 34 shows an arc light collector 

Figure 35 shows such anarrangement for alter- 
nating current. 

Figure 36 shows incandescent collector with 
Nernst lamp. 

Figure 37 shows a form with a gas flame. 

Figure 1 illustratesasimplediagramfor converting 
staticelectricityintodynamicenergyofahighnumber 
of oscillations. For the sake of clearness in the draw- 
ingsaninfluencemachineisassumedtobeemployed 


and not an aerial antenna. 13 and 14 are combs for 
collecting the static electricity of the influence ma- 
chine. 7 and 8 are spark discharging electrodes, 6 
and 5 condensers, 9 an inductive primary coil, 10 
secondary coil, 11 and 12 ends of conductors of 
he secondary coil 10. When the disc of the stat- 
ic influence machine is rotated by mechanical 
means, the combs collect the electric charges one 
the positive and the otherthe negative, and charge 
the condensers 5 and 6 until such a high potential 
is formed across the spark gap 7-8, that the spark 
gap is jumped. As the spark gap 7-8 forms aclosed 
circuit with condensers 6 and 5, and inductive re- 
sistance 9, as is well know, waves of high frequency 
electromagnetic oscillations will passin this circuit. 


The high frequency of the oscillations produced 
in this primary circuit induces waves of the same 
periodicity in the second circuit. Thus in the prima- 
ry circuit electromagnetic oscillations are formed 
by the passage of the spark over the spark gap and 
thesewavesare maintained byfreshchargesofstat- 
ic electricity. 

Bysuitablyselecting the ratiobetweenthenum- 
ber of coils in the primary and secondary circuits 
with regard to a correct application of the co-ef- 
ficients of resonance (capacity, inductance, and 
resistance) the high voltage of the primary circuit 
maybesuitablyconvertedintolowvoltageandhigh 
current strength. 


When the oscillatory discharges in the primary 
circuit becomes weaker or entirely cease, the con- 
densers are charged again by the static electricity 
untiltheaccumulatedchargeagainbreaksdownthe 
spark gap. All this is repeated as long as electrici- 
ty is produced by the static machine by employing 
mechanical energy. 


An elementary form of the invention is shown 
in Figure 2 in which two spark gaps in parallel are 
used one of which may be termed the working gap 
7 in Figure 2, whilst the second serves as a safe- 
ty device for excess voltage and consists of a large 
number of spark gaps than the working section, 
which gaps are arranged in series and are bridged 
by very small capacities as is illustrated in a, b, 
c,, Figure 2 which allow of uniform sparking in the 
safety section. 

In Figure 2 A is the aerial antenna for collect- 
ing charges of atmospheric electricity. 13 is the 
earth connection of the second part of the spark 
gap, 5 and 6 are condensers, 9 a primary coil. 
Now when through the aerial A the positive at- 
mospheric electricity seeks to combine with the 
negative charge to earth, this is prevented by (the 
air gap between) the spark gaps. The resistance 
of the spark gap 7 is, as shown in the drawings, 
lower than that of the other safety section which 
consists of the three spark gaps connected in 
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series, and consequently a three times greater air 
resistance is offered by the latter. 

Solongtherefore, astheresistance ofthe spark 
gap 7 is not overloaded, so that the other spark 
gaps have an equal resistance with it the discharg- 
ers take place only over spark gap 7. Should how- 
ever the voltage be increased by any influencesso 
it might dangerous for charging the condensers 5 
and 6 or for the coils insulation 9 and 10 in conse- 
quence of break down, by a correct regulation of 
this spark gapthe second spark gap can discharge 
free from inductive effects direct to earth without 
endangering the machine. 

Withoutthis second sparkqap, arranged in par- 
allel having a higher resistance than the working 
spark gap it is impossible to collect and render 
available large quantities of electrical energy. 

The action of this closed oscillation circuit con- 
sisting of spark gap 7, two condensers 5 and 6, pri- 
mary coil 9, and also secondary coil 10 is exactly 
the same as the one described in Figure 1 withthe 
arrangement of the static induction machine with 
the only difference that here the second spark gap 
is provided, The electromagnetic high frequency 
alternating current obtained can be tapped off 
from the conductors 11 and 12 for lighting and 
heatingpurposes.Specialkindsofmotorsadapted 
for working with these peculiar electrical charges 
may be connected at 14 and 15 which can work 
with static electricity charges or with high fre- 
quency oscillations. 

In addition to the use of spark gaps in paral- 
lel a second measure of security is also necessary 
for taking off the current. This precaution consists 
according to this invention, in the introduction of 
and methodofconnectingcertain protectiveelec- 
tromagnets or choking coils in the aerial circuit as 
show by 5 in Figure 3. 

A single electromagnet only having a core of 
the thinnest possible separate laminations is con- 
nected with the aerial. 


In the case of high voltages in the aerial net- 
work or at places where there are frequent thun- 
derstorms, several such magnets may however be 
connected in series. 


In the case or large units or plants several elec- 
tromagnetscanbeemployedinparallelorinseries 
parallel. 

The windings of these electromagnets maybe 
simply connected in series with the aerials. In this 
case the winding preferably consists of several 
thin parallel wires, which make up together the 
necessary section. 

The winding may be made of primary and 
secondary windings in the form of a transformer. 
The primary winding will be then connected in 


series with the aerial network, and the secondary 
winding more or less short circuited over a regu- 
lating resistance or an induction coil, In the latter 
caseitispossibletoregulatetoacertainextentthe 
effect of the choking coils. In the further descrip- 
tionoftheconnectingandconstructionaldiagrams 
the aerial electromagnetic choke coil is indicated 
by a simple ring 5. 

Figure 3 shows the simplest way of converting 
atmosphericelectricityintoelectromagneticwave 
energy by the use of special motors adapted for 
high oscillatory currents or static charges of elec- 
trical energy. Recent improvements in motors for 
working with static charges and motors working 
byresonance,thatistosay having groups oftuned 
electromagnetic cooperating circuits render this 
possible but such do not form part of the present 
invention. 

Amotoradapted to operate with static charges 
will for the sake of simplicity be diagrammatically 
indicated by twosemi-circles 1 and 2 and therotor 
of the motor by a ring M. (Figure 3) Ais a vertical 
aerial or aerial network. 5 the safety choke or elec- 
tromagnetwithcoilOas may beseenisconnected 
with the aerial A. Adjacent the electromagnet $ 
the aerial conductor is divided into three circuits, 
the circuit 8 giving safety spark gap, the circuit 
7 with the working spark gap and then a circuit 
including the statorterminal 1,therotorand stator 
terminal 2 at which a connection is made to the 
earth wire. The two spark gaps are also connect- 
ed metallically with the earth wire. The method of 
working these diagrams are as follows: 


The positive atmospheric electric charge col- 
lectedtendstocombinewiththenegativeelectric- 
ity (or earth electricity) connected with the earth 
wire. It travels along the aerial A through the elec- 
tromagnet 5 without being checked as it flows in 
thesamedirectionasthedirectcurrent. Further, its 
progress is arrested by two sparks gaps placed in 
thewayandthestatorcondensersurfaces.Thesta- 
torcondensersurfacesarechargeduntilthecharge 
isgreaterthantheresistanceofthesparkgap7and 
an oscillatory charge is obtained as by means of 
motor M, stator surfaces 1 and2,andsparkgap?7,a 
closed oscillation circuit is obtained for producing 
the electromagnetic oscillations. The motor here 
form the capacity and the necessary inductance 
and resistance, which, as is well know, are neces- 
sary for converting static electricity into electro- 
magnet wave energy. 


The discharges formed are converted into me- 
chanicalenergyinspecialmotorsandcannotreach 
theaerialnetworkbyreasonoftheelectro-magnet 
orchoke. If, however, whenasparkspringsoverthe 
sparkgap?7agreaterquantityofatmosphericelec- 
tricity tends to flow to earth, a counter voltage is 
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induced in the electro- magnet, which is greater 
the more rapidly and strongly the flow of current 
directtoearthis.Bytheformation of thisopposing 
voltage a sufficiently high resistance is offered to 
the flow of atmospheric electricity direct to earth 
to prevent a short circuit with the earth. 

The circuit containing spark gap 8 having a dif- 
ferent wave length which is not in resonance with 
thenaturefrequencyofthemotor,doesnotendan- 
ger the motor and serves as security against ex- 
cess voltage, which, as practicalexperiments have 
shown, may still arise in certain cases but can be 
conducted direct to earth through this spark gap. 


In the diagram illustrated in Figure 4 the spark 
gap 7isshuntedacrosscondensersSand6fromthe 
motor M. This construction affords mainly a better 
insulationofthemotoragainstexcessvoltageanda 
uniform excitation through the spark gap 7. 


In Figure 5 a diagram is illustrated for trans- 
forming large current strengths which may be 
employed direct without motors, for example, for 
lighting or heating purposes. The main difference 
is that here the spark gap consists of a star shaped 
disc 7 which can rotate on its own axis andisrotat- 
ed by a motor opposite similarly fitted electrodes 
7*.When separate points of stars face one another, 
discharging takes place, thus forming an oscilla- 
tion circuit over condensers 5 and 6 and induct- 
ance 9 for oscillatory discharges. It is evident that 
amotormayalsobedirectlyconnectedtotheends 
of the spiral 9. 

The construction of the diagram shown in Fig- 
ure 6 permits of the oscillation circuit of the mo- 
tor being connected with an induction coil. Here 
a regulating inductive resistance is introduced for 
counter-acting excess voltages in the motor, By 
cutting the separate coils 9 (coupled inductively 
to the aerial) in or out the inductive action on the 
oscillation circuit. 


In Figure 7 the oscillation circuit is closed 
through the earth (E an E), Then spark gap 7 may 
be prolonged orshortened by more orfewer spark 
gaps being successively connected by means ofa 
contact arm?”. 


Diagram 8 shows a unipolar connection ofthe 
motor with the aerial network. Here two oscilla- 
tion circuits are closed through the same motor, 
The first oscillation circuit passes from aerial A 
through electromagnet 5, point x, inductance 9” 
to the earth condenser 6 and further, over spark 
gap 7 to aerial condenser 5 and to x. The second 
oscillation circuit starts from the aerial condenser 
5atthe pointx' overthe inductance 9toearthcon- 
denser6atthe pointx’ andthroughthe condenser 
6 over the spark gap 7 back to x'. The motor itself 


is inserted between two points of the spark gap 7. 
Fromthisarrangementslightlydampedoscillation 
wave currents are produced. 

In the diagram illustrated in Figure 9 a loosely 
coupledsystemofconnectionsisillustrated which 
is assumed to be for small motors for measuring 
purposes. A indicates the aerial conductor, 5 the 
electromagnet in the aerial conductor, 9 the in- 
ductance, 7 the spark gap, 5 and 6 condensers, E 
the earth, Mthe motor, and 1 and 2 stator connec- 
tions of the motor. The motor is directly metalli- 
cally connected with the oscillation circuit. 

In Figure 10 a purely inductive coupling is em- 
ployedforthe motorcircuit.the motoris connected 
with the secondary wire 10 as can be seen in Figure 
11 in a somewhat modified diagram connection. 
The same applies to the diagram of figure 12. 


The diagrams hitherto described preferably 
allow of motors of small and medium strength to 
be operated. For large aggregates, however, they 
are too inconvenient as the construction of two or 
moreoscillation circuits for large amounts of ener- 
gy is difficult; the governing is still more difficult 
and the danger in switching on or off is greater. 

A means of overcoming such difficulties is 
shown in Figure 13. The oscillation circuit here 
runs starting from the point x over condenser 5, 
variableinductance9, sparkgap /andthetwoseg- 
ments (3° and 4°) forming arms of a Wheatstone 
bridge, back to x. If the motor is connected by 
brushes 3 and 4transverselytothetwoarmsofthe 
bridge as shown in the drawings, electromagnetic 
oscillations of equal sign are induced in the stator 
surfaces 1 and 2 and the motor does not revolve. 
If however, the brushes 3 and 4 are moved in com- 
mon with the conducting wore 1 and 2 which con- 
nect the brushes with the stator poles a certain al- 
terationordisplacementofthepolarityisobtained 
and the motor commences to revolve. 


The maximum action will result if one brush 
3 comes onto the central sparking contact 7 and 
the other brush 4 on the part x. They are however, 
usually in practice not brought on to the central 
contact 7 but only held in the path of the bridge 
segments 4* and 3° in order not to connect the 
spark gaps with the motor oscillation circuit. 

As however, the entire oscillation energy can 
thereby not act on the motor it is better to carry 
out the same system according to the diagram 
Figure 14. The diagram 14 differs from the fore- 
going only by the motor not being directly metal- 
lically connected with segments of the commu- 
nicator, but only a primary coil 9 which induces 
in a secondary coil 10, current which feeds the 
motor M and takes the place of the rotor. By this 
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arrangement a good transforming action is ob- 
tained, a loose coupling and also an oscillation 
circuit without spark gap. 

In Figure 15 the motor is not purely inductive 
as in 14, but directly metallically branched off 
from the primary coil (at x and x') after the princi- 
ple of the auto-transformer. 


In Figure 16 instead of an inductance a con- 
denser 6 is in similar manner, and for the same 
object inserted between segments 3* and 4*, This 
hastheadvantagethatthesegments3"and4*need 
not be made of solid metal but may consist of spi- 
ral coils whereby a more exact regulation is pos- 
sible and further motors of high inductance may 
be employed. 


The arrangement of Figure 17, 18 and 19 may 
be employed for use with resonance and particu- 
larly with induction condenser motors; between 
thelargestatorinductioncondensersurfacessmall 
reversing pole condensers are connected, which, 
as may be seen from Figure 17, 18 and 19 are led 
together to earth. Such reversing poles have the 
advantage that with large quantities of electrical 
energy the spark formation between the separate 
oscillation circuits ceases. 


Figure 19 shows a further method which pre- 
vents electromagnetic oscillations of high num- 
ber of alterations formed in the oscillation circuit 
striking back to the aerial conductor. It is based 
on the well known principle that a mercury lamp, 
one electrode of which is formed of mercury, the 
other of solid metal such as steel allows an elec- 
tric charge to pass in only one direction from the 
mercury to the steel and not visa versa. The mer- 
cury electrode of the vacuum tube N is therefore 
connected with the aerial conductor and the steel 
electrodewiththeoscillationcircuitcannotpassto 
the aerial conductor. 


In practice these vacuum tubes must be con- 
nectedbehindtheelectromagnetasthelatteralone 
affords no protection against the danger of light- 
ening. 

As regards the use of spark gaps, all arrange- 
ments as used for wireless telegraphy may be 
used. Of course the spark gaps in large machines 
must have a sufficiently large surface. In very large 
stations they are cooled in liquid carbonic acid or 
better still in liquid nitrogen or hydrogen; in most 
cases the cooling may also take place by means 
of liquefied low homoloques of the metal series 
or by means of hydrocarbons the freezing point 
of which lies at between -90° C and -40° C. The 
spark gap casing must also be insulated and be of 
sufficient strength to be able to resist any pressure 


whichmayarise.Anyundesirableexcesssuper-pres- 
surewhichmaybeformedmustbeautomaticallylet 
off. | have employed with very good results mercu- 
ry electrodes which were frozen in liquid carbonic 
acid,thecoolingbeing maintained duringthe oper- 
ation from the outside through the walls. 


Figure 20 is one of the simplest forms of con- 
struction of an aerial networkin combination with 
collectors, transformers and the like illustrated 
diagrammatically. E is here the earth wire, 8 the 
safety spark gap, 7 the working spark gap, 1 and 
2 the stator surfaces of the motor, 5 a condenser 
battery, Sthe protective magnet whichis connect- 
ed with the coil in the aerial conductor, A' to A? 
aerialantenna with collecting balloons, Nhorizon- 
tal collecting or connecting wires from which, to 
the centre a number of connections run. 


The actual collectors consist of metal sheaths 
preferably made of an aluminium magnesium al- 
loy, and are filled with hydrogen or helium and are 
attached to copper plated steel wires. The size of 
the balloon is selected so that the actual weight of 
theballoonandtheweightoftheconductingwireis 
supportedthereby.Onthetopoftheballoonandthe 
weight of the conducting wire is supported there- 
by. On the top of the balloon aluminium spikes, 
madeandgildedinaspecialmannerhereinafterde- 
scribed, arearrangedinordertoproduceaconduc- 
toraction. Small quantities of radium preparations, 
more particularly polonium-ionium or mesothori- 
um preparations considerably increase the ionisa- 
tion, and therewith the action of these collectors. 


In addition to metal balloon, fabric balloons 
which are superficially metal coated according to 
Schoop's metal spraying process, may however also 
be employed. A metallic surface may also be pro- 
duced by lacquering with metal bronzes, preferably 
according to Schoop’s metal spraying processor lac- 
queringwithmetallicbronzepowdersintwoelectri- 
calseriesofwidelydifferent metals, because thereby 
the collecting effect is considerably increased. 


Insteadoftheordinaryroundballoons,elongated 
cigar shaped ones may be employed. In order also 
to utilise the frictional energy of the wind, patches 
or strips of non-conducting substances which pro- 
duce electricity by friction may be attached to the 
metallised balloon surfaces. The wind will impart a 
portion of its energy in the form of frictional elec- 
tricity, tothe balloon asing, and thereby the collect- 
ing effect is substantially increased. 


Inpracticehowever, very hightowers(upto300 
metresis fully admissible) may be employed asan- 
tenna. Inthese towers copper tubes rise freely fur- 
therabovethetopofthetower.Agaslampsecured 
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method of producing the sine wave, or the 


application as a test instrument. The most 
popular generator at present is called a 
function generator . It provides a Choice of 
functions or waveforms, including a square 


wave and a triangle wave. These waveforms 
are useful in testing certain electronic circuits. 
The symbol shown in Figure 5.2 represents 
a generator. Note that a sine wave shown 
within a circle designates an AC sine wave 


source. 
Figure 5.2 
Questions 


A. What is the most popular instrument used 
in the lab to produce waveforms? 
B. What does the term AC mean? _—— 

C. What does the sine wave inside a 
generator symbol indicate? 


Answers 

A. Function generator. 

B. Alternating current, aS opposed to direct 
current. 


C. The generator ls a sine wave source. 

3 Figure 5.3 shows some key parameters 
of sine waves. The two axes are voltage and 
time. 

Figure 5.3 
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against the wind is then lit at the point of the cop- 
pertubeandanettingissecuredtothecoppertube 
over the flame of this lamp to form a collector. The 
gasis conveyed through theinteriorofthetubeup 
tothe summit the coppertube must be absolutely 
protectedfrom moistureatthe place atwhichiten- 
tersthe towerandalsorain mustbepreventedrun- 
ning down the walls of the tower which may lead 
to a bad catastrophe. This is done by bell shaped 
enlargementswhichexpanddownwards, beingar- 
ranged in the tower in the form of high voltage 
insulators of Siamese pagodas. 


Special attention must be devoted to the foun- 
dations of such towers. They must be well insulat- 
edfromtheground,whichmaybeobtainedbyfirst 
embedding a layer of concrete in a box form to a 
sufficient depth inthe ground and inserting in this 
an asphalt lining and then glass bricks cash about 
1 or 2 metres in thickness. Over this in turn there 
is a ferro-concrete layer in which alone the met- 
al foot of the tube is secured. This concrete block 
must be at least 2 metres from the ground and be 
fully protected at the sides by a wooden covering, 
from moisture. In the lower part of the tower a or 
glasshouse forthe large condenser batteries orfor 
the motors may be constructed. In order to lead 
the earth connection to the ground water, a well 
insulated pit constructed of vitreous bricks must 
be provided. Several such towers are erected at 
equal distances apart and connected with a hori- 
zontalconductor.Thehorizontalconnecting wires 
may either run directly from tower to tower or be 
carried on bell shaped insulators similar to those 
in use for high voltage conductors. The width of 
the network may be of any suitable size and the 
connection of the motors can take place at any 
suitable places. 


In order to collect large quantities of electrici- 
ty with few aerials it is well to provide the aerial 
conductor with batteries of condensers as shown 
in two methods of construction in Figures 21 and 
22. In Figure 21 the batteries of condenses 5 are 
connected on the one hand with the aerial col- 
lectors Z by the aerial conductor A, and the oth- 
er hand interconnected in series with an annular 
conductor from which horizontal conductors run 
tothe connecting points C to which the earth wire 
is connected. 


Figure 22 shows a similar arrangement. Should 
two such series of antenna rings be shown by a 
voltmeter to have a large difference of potential 
(for example, one in the mountains and one in 
the plain) or even of different polarity these dif- 
ferences may be compensated for by connecting 
sufficiently large condenser batteries (5, 5°, 5%) by 
means of Maji star conductors D and D’, In Figure 


23 a connection of three such rings of collec- 
tors to form a triangle with central condenser bat- 
tery is illustrated, 

The condenser batteries of such large insula- 
tions must be embedded in liquefied gases or in 
liquids freezing at very low temperatures. In such 
cases a portion of the atmospheric energy must 
be employed for liquefying these gases. It is also 
preferable to employ pressure. By this means 
the condenser surfaces may be de diminished, 
and still allow for large quantities of energy to 
be stored, secure against breakdown. For smaller 
installations the immersing of the condensers in 
well insulated oil or the like, suffices. Solid sub- 
stancesontheotherhandcannotbeemployed as 
insulators, 


Thearrangements inthe diagrams hitherto de- 
scribed was always such that the condenser bat- 
teries were connected with both poles directly to 
the aerial conductor. An improved diagram of the 
connections for obtaining atmospheric electrici- 
ty for the condenser batteries has however, been 
found to be very advantageous, thisarrangement 
consists in that they are connected by only one 
pole (unipolar) to the collecting network. Such a 
method of arrangement is very important, as by 
means of it a constant current and an increase 
of the normal working pressure or voltage is ob- 
tained. If for example a collecting balloon aerial 
which is allowed to rise to a height of 300 metres, 
shows40,000voltsaboveearthvoltage, inpractice 
ithas been found that the working voltage (witha 
withdrawal of the power according to the meth- 
odhereinbefore described bymeansof oscillation 
spark gaps and the like) is only about 400 volts. If 
however, the capacity of the condenser surface be 
increased, whichcapacityintheabove mentioned 
case was equal to that of the collecting surface of 
the balloon aerials, to double the amount, by con- 
nectingthecondenserbatterieswithonlyonepole, 
the voltage rises under an equal withdrawal of cur- 
rent up to and beyond 500 volts. This can only be 
ascribedtothefavourableactionoftheconnection 
method. 


Inadditiontothissubstantialimprovementithas 
alsobeenfoundpreferabletoinsertdoubleinduct- 
ances with electromagnets. Ithas also beenfound 
that the useful action of such condensers can be 
furtherincreasedifaninductioncoil beconnected 
asinductiveresistance to theunconnected pole of 
the condenser, or still better ifthe condenser itself 
be made as an induction condenser. Such a cor- 
densermaybecomparedwithaspringwhichwhen 
compressed carries in itself accumulated force, 
which it again gives off when released. In charg- 
ing a charge with reversed sign is formed at the 
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otherfreecondenserpole,andifthroughthespark 
gap a short circuit results, the accumulated en- 
ergy is again given back since now new quanti- 
ties of energy are induced at the condenser pole 
connected with the conductor network, which in 
fact charges with oppositesignstothatatthefree 
condenser pole.Thenewinduced charges have of 
coursethesamesignasthe collector network. The 
whole voltage energy in the aerial is thereby how- 
ever increased. In the same space of time larger 
quantities of energy are accumulated than is the 
case without such inserted condenser batteries. 


In Figures 24 and2 5 two different diagrams of 
connectionsaremoreexactly illustrated. Figure 24 
show a collecting balloon and the diagram of the 
connectionstoearth. Figure 25 four collecting bal- 
loonsandtheparallelconnectionofthecondenser 
batteries belonging thereto. 


Aisthe collecting balloon made of an alumini- 
ummagnesiumalloy (electron metal, magnalium) 
of a specific gravity of 1.8 and in thickness of plate 
0.1 to 0.2 mm. Inside there are eight strong verti- 
cal ribs of T shaped section about 10 to 20 mm 
in height and about 3 mm in thickness with the 
projecting partdirected inwards (indicated bya, b, 
c dand so forth); they are riveted together to form 
a firm skeleton and are stiffened in a horizontal 
direction by two cross ribs. The ribs are further 
connected with one another internally and trans- 
versely by means of thin steel wires, whereby the 
balloonobtainsgreatpowerofresistanceandelas- 
ticity. Rolled plates of 0.1 to 0.2 mm in thickness 
made of magnalium alloy are then either soldered 
or riveted on this skeleton so that fully metallic 
casing with smooth external surface is obtained. 
Well silvered or coppered aluminium plated steel 
wires run form each rib to the fastening ring 2. 
Further, the coppered steel hawser L preferably 
twisted out of separate thin wires (shown in dot- 
ted lines in Figure 24) and which must be long 
enough to allow the balloon to rise in the desired 
height, leads to a metal roller or pulley 3 and from 
thence a winch W, well insulated from the earth. 
By means of this winch, the balloon, which is fled 
with hydrogen, orhelium, canbe allowed toriseto 
suitable height (300 to 5,000 metres) and brought 
to the ground for recharging or repairs. 

The actual current is taken directly through 
a friction contact form the metal roller 3 or 
from the wore, or even from the winch or si- 
multaneously form all thereby means of brush 
(3, 3° and 3°). Beyond the brushes the conduc- 
tor is divided, the paths being:- firstly over 2 to 
the safety spark gap 8, from thence to the earth 
conductor E', and secondly over electromag- 
net 5', point 13, to a second loose electromagnet 


havingandadjustable coilS* thentothesparkgap 
7 and to the second earth conductor E*. The actu- 
al working circuit is formed through spark gap 7, 
condensers 5 and 6, and through the primary coil 
9; here the static electricity formed by oscillato- 
ry discharges is accumulated and converted into 
high frequency electromagnet oscillations. Be- 
tweentheelectromagnetsS' and S’atthecrossing 
point 13, four condenser batteries are introduced 
which are only indicated diagrammatically in the 
drawings each by one condenser. Two of these 
batteries (16 and 18) are made as plate condens- 
ersand prolonged by regulating induction coils or 
spiral 17 and 19 while the two other (21 and 23) 
areinductioncondensers. Asmaybeseenfromthe 
drawings each of the four condenser batteries 16, 
18, 21 and 23 is connected only by one pole to 
the aerial or to the collector conductor, The sec- 
ond poles 17, 19, 22 and 24 are open. In the case 
ofplatecondensershavingnoinductiveresistance 
and induction coil is inserted. The object of sucha 
spiral orcoil is the displacement of phase of thein- 
duction current by 14 periods, whilst the charging 
current of the condenser poles which liefreein the 
air, works back to the collector aerial. The conse- 
quence of this is that in discharges in the collector 
aerial the back inductive action of the free pole al- 
lows ahighervoltagetobe maintainedinthe aerial 
collecting conductorthan would otherwise bethe 
case. |thas also been found that such a back action 
has an extremely favourable effect on the wear of 
the contacts. Of course the inductive effect may 
be regulated at will within the limits of the size 
of the induction coil, the length of the coil in ac- 
tionbeingadjustablebymeansofwireconnection 
without induction (see Fig. 24, No. 20). 


S' and 5* may also be provided with such regu- 
lating devices in the case of S* (illustrated by 11). 
lfexcess voltage beformeditisconductedtoearth 
through the wire 12 and spark gap 8 or through 
any other suitable apparatus, since thisformation 
would be dangerous for the other apparatus. 


The action of these condenser batteries has al- 
ready been hereinbefore described. 


The small circles on the collector balloon indi- 
cate places at which zinc amalgam or gold amal- 
gam or other photoelectric acting metals in the 
form of small patches in extremely thin layers (.01 
to .05 mm in thickness) are applied to the balloon 
casing of light metal. Such metallic patches may 
also be applied to the entire balloon as well as in 
greater thickness to the conducting network. the 
capacity of the collector is thereby considerably 
strengthened at the surface. The greatest possible 
effect in collecting may be obtained by poloni- 
um amalgams and the like. On the surface of the 
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collector balloon metal points or spikes are also 
fixed along the ribs, which spikes serve particu- 
larly for collecting the collector charge. Since it 
is well known that the resistance of the spikes is 
less the sharper the spike is, for this purpose it is 
therefore extremelyimportanttoemployas sharp 
spikes as possible. Experiments made as regards 
these have shown that the formation of the body 
of the spike or point also plays a large part for ex- 
ample spikes made of bars or rollers with smooth 
surfaces, havemanytimesgreaterpointresistance 
as collector accumulator spikes than those with 
rough surfaces. Various kinds of spike bodies have 
been experimental with forthe collector balloons 
hereinbeforementioned, Thebestresultsweregiv- 
en by spikes which were made in the following 
way. Fine points made of steel, copper, nickel, or 
copperandnickelalloys, werefastenedtogetherin 
bundles and then placed as anode with the points 
in a suitable electrolyte (preferably in hydrochlo- 
ric acid or muriate of iron solutions) and so treated 
with weak current at 2. and 3 volts pressure. After 2 
to 3 hours according to the thickness of the spikes 
orpinsthepointsbecomeextremelysharpandthe 
bodies of the spikes have rough surface. The bun- 
dle can then be removed and the acid washed off 
with water. The spikes are then placed as cathode 
in a bath consisting of solution of gold, platinum, 
iridium, paladium or wolfram salts or their com- 
pounds and coated at the cathode galvanically 
with a thin layer of precious metal, which must 
however be sufficiently Arm to protect them from 
atmospheric oxidation. 


Such spikes act at a 20 fold lower voltage al- 
most as well as the best and finest points made by 
mechanical means. Stillbetterresultsareobtained 
if polonium or radium salts are added to the gal- 
vanic bath when forming the protective layer or 
coating. Such pins have a low resistance at their 
points and even at one volt and still lower pres- 
sures have an excellent collector action. 


In Figure 24 the three unconnected poles are 
not connected with one another in parallel. That 
is quite possible in practice without altering the 
principle of the free pole. It is also preferable to 
interconnectinparalleltoacommoncollectornet- 
work, a series of collecting aerials. 


Figure 25 shows a diagram for such an in- 
stallation. A', A’, A’, A‘ are four metal collector 
balloons with gold or platinum coated spikes 
which electromagnetically made in the pres- 
ence of polonium emanations or radium salts, 
which spikes or needles are connected over four 
electromagnets 5', 57, S*, S*, through an annular 
conductor R. From this annular conductor four 
wires run over four further electromagnets 5”, 


$”, 55, 5, to the connecting point 13, There the 
conductor is divided, one branch passing over 
12 and the safety spark gap 8 to the earth at El, 
the other over inductive resistance J and working 
spark gap 7 to the earth at E*. The working cir- 
cuit, consisting of the condenser 5 and 6 and the 
resonance motor or condenser motor M, such as 
hereinbefore described, is connected in proximity 
round the parking gap section 7. 


Instead of directly connecting the condenser 
motor of course the primary circuit for high fre- 
quency oscillatory current may also be inserted. 


The condenser batteries are connected b one 
pole to the annular conductor R and can be either 
inductionless (16 an 18) or made as induction 
condensers as shown by 21 and 23. The free poles 
of the inductionless condensers are indicated by 
17 and 19, those of the induction condensers by 
22 and 24. As may be seen from the drawings all 
these pole 17, 22, 19, 24 may be interconnected 
in parallel through a second annular conductor 
without fear that thereby the principle of the free 
pole connection will be injured. In addition to the 
advantages already set forth the parallel connec- 
tion also allows of an equalisation of the working 
pressure in the entire collector network. Suitably 
constructed and calculatedinduction coils 25 and 
26 may also be inserted in the annular conductor 
of the free poles, by means of which a circuit may 
be formed in the secondary coils 27 and 28 which 
allows current produced inthis annularconductor 
by fluctuations of the charges or the like appear- 
ances to be measured or otherwise utilised. 


According to what has been hereinbefore stat- 
ed separate collector balloons may be connected 
at equidistant stations distributed over the entire 
country, eitherconnected directlywithoneanoth- 
er metallically or by means of intermediate suit- 
ably connected condenser batteries through high 
voltageconductorsinsulatedformearth.Thestatic 
electricity is converted through a spark gap into 
dynamic energy of a high number of oscillations 
and may in such form be coupled as a source of 
energy by means of a suitable method of con- 
necting, various precautions being observed, and 
special regulations. The wires leading from the 
collector balloons have hitherto been connected 
throughanannularconductorwithoutthisendless 
connection, which can be regarded as an endless 
induction coil, being able to exert any action on 
the whole conductor system. 

It has now been found that if the net- 
work conductor connecting the aerial col- 
lector balloons with one another is not made 
as a simple annular conductor but prefera- 
bly short circuited in the form of coils of a 
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condenser battery or spark gap or through thermi- 
onic tubes or valves or audions, then the total col- 
lecting network exhibits quite new properties. The 
collection of atmospheric electricity is thereby not 
only increased but an alternating field may be eas- 
ily produced in the collector network. Further, the 
atmospheric electrical forces showing themselvesin 
the higher regions may also be directly obtained by 
induction. In Figure 26and 28 a form of construction 
isshownonthebasisofwhichthefurtherfoundation 
ofthe method will be more particularly explained. 
In Figure 26 1, 2, 3, 4 are metallic collector bal- 
loons 5, 6, 7, 8their metallic aerial conductors and 
ithe actual collector network. This consists of five 
coils and is mounted on high voltage insulators in 
the air, on high voltage insulators in the air, on 
high voltage masts (or with suitable construction 
cable embedded in the earth). One coil has a di- 
ameter of 1 to 100 km or more. 5 and 5' are two 
protectiveelectromagnets.Fthesecondsafetysec- 
tion against excess voltage, E its earth conductor 
andE' the earth conductor of the working section. 
Whenanabsorptionofstaticatmosphericelectric- 
ity is effected through the four balloon collectors, 
the current in order to reach the earth connection 
El must flow spirally through the collector net- 
work overthe electromagnet 5, primaryinduction 
coil 9, conductor 14, anode A of the audion tube, 
incandescent cathode K, as the way over the elec- 
tromagnet and safety spark gap F offers consid- 
erably greater resistance, Owing to the fact that 
the accumulated current flows in one direction, 
anelectromagneticalternatingñeldisproducedin 
the interior of the collector network coil, whereby 
the whole free electrons are directed more or less 
into the interior ofthe coil. An increased ionisation 
oftheatmosphereistherefore produced. Inconse- 
quenceofthisthepointsmountedonthecollector 
balloon show a considerably reduced resistance 
andthereforeincreasedstaticchargesbetweenthe 
points onthe balloon and the surrounding atmos- 
phere are produced. The result of this is a consid- 
erably increased collector effect. 


Asecondeffectwhichcouldnotbeobtainedother- 
wiseisobtainedbytheelectromagneticalternating 
field which running parallel to the earth surface, 
act more or less with a diminishing or increasing 
effect on the earth magnetic feld, whereby in the 
case of fluctuations in the current a return induc- 
tion current of reversed sign is always is always 
producedinthecollectorcoilbyearth magnetism. 
Nowif, however aconstantlypulsatingcontinuous 
alternating fieldis produced as stated inthe above 
collector network |, an alternating current of the 
same periodicity is produced also inthe collecting 


networkcoil Asthesamealternatingfieldisfurther 
transmitted tothe aerial balloon, theresistance of 
its points is thereby considerably reduced, whilst 
the collector action is considerably increased. A 
further advantage is that positive electrons which 
collect on the metal surfaces during the conver- 
sionintodynamic current produce asocalled drop 
potential of the collector area. As an alternating 
field is present, the negative ions surrounding the 
collectorsurfaces, when discharge of the collector 
surfaces takes place produce by the law of induc- 
tion, aninduction of reversed sign onthe collector 
surface and so forth (that is to say again a positive 
charge).|nadditiontotheadvantageshereinbefore 
set forth, the construction of connecting conduc- 
tors in coil form when sufficiently large diameter, 
allows of a utilisation of energy arising in higher 
regions also in the simplest way. As is well know 
electric discharges frequently take place at very 
great elevations which may be observed, such as 
St. Elmo's fires or northern lights. These energy 
quantities have not been able to be utilised up to 
now. By this invention all these kinds of energy, 
as they are of an electromagnetic nature and the 
directions of the axis of the collector coils stands 
at right angles to the earth's surface, can be more 
or less absorbed in the same way as a receiver in 
wireless telegraphy absorbs waves coming froma 
far distance. With a large diameter of the spiral it 
ispossibletoconnectlargesurfacesandtherebyto 
take up also large quantities of energy. 


It is well know that large wireless stations in 
the summer months, and also in the tropics are 
very frequently unable to receive the signals in 
consequenceofinterruptionswhicharecaused by 
atmospheric electricity and this takes place with 
vertical coils of only 40 to 100 m diameter. If on 
the contrary horizontal coils of 1 to 100 km di- 
ameter be employed very strong currents may be 
obtainedthroughdischargeswhichareconstantly 
taking place in the atmosphere. Particularly in the 
tropicsor still betterinthe polar regions wherethe 
northernlightsare constantly present, largequan- 
tities of energy may probably be obtained in this 
way. A coil with several windings should act the 
best. In similar manner any alteration of the earth 
magnetism should act inductively on such a coil. 


It is not at all unlikely that earthquakes and 
spots on the sun will also produce an induction 
in such collector coils of sufficient size. In simi- 
lar manner this collector conductor will react on 
earth currents more particularly when they are 
near the surface of the earth or even embedded 
in the earth. By combining the previous kind of 
current collectors so far as they are adopted for 
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improved system with the improved possibilities 
of obtaining current the quantities of free natural 
energy which are to be obtained in the form of 
electricity are considerably increased. 

In order to produce in the improved collector 
coil uniform current oscillations of an undamped 
natureso-calledaudionhighvacuumorthermionic 
tubesofsuitableconnectionareemployedinstead 
of the previously know spark gaps (Fig. 26, Nos.9- 
18). The main aerial current flows through elec- 
tromagnet $ (which in the case of a high number 
ofalterationsisnotconnectedherebutintheearth 
conductor E') and may be conveyed over the pri- 
mary coils in the induction winding through wire 
14 to the anode A of the high vacuum grid tube. 
Parallel with the induction resistance 9 a requlat- 
ing capacity of suitable size, such as condenser 
11 is inserted. In the lower part of the vacuum 
grid tubeis arranged the incandescentfllament or 
cathode K which is fed through a battery B. From 
the battery B two branches run, one to the earth 
conductor E'and the other through batteryB' and 
secondary coil 10 to the grid anode g in the vacu- 
um tube. By the method of connections shown in 
dottedlines,adesiredvoltageatthegridelectrode 
gmayalso be producedthroughthewire 17 which 
is branched off from the main current conductor 
through switches 16 and some small condensers 
(a, b, c dì connected in series, and conductor 18, 
without the battery B' being required. 

The action of the entire system is somewhat as 
follows:- 

On the connecting conductor of the aerial col- 
lector network being short circuited to earth, the 
condenser pole11 is charged ans slightly damped 
oscillations are formed in the short circuited ex- 
isting oscillation circuit formed of the condenser 
11 and self inductance 9. In consequence of the 
coupling through coil 10, fluctuations of voltage 
take place in the grid circuit 15 with the same fre- 
quency, which, fluctuations in turn influence the 
strength of the electrode current passing through 
the high vacuum amplyfying tube and thus pro- 
ducecurrent fluctuations ofthesamefrequencyin 
the anode circuit. A permanent supply of energy 
to the oscillation circuits 9 and 10 consequently 
takes place, until a condition of balance is set up, 
in which the consumed oscillation energy is equal 
tothatabsorbed. Therebyconstantundampedos- 
cillations are now produced in the oscillation cir- 
cuits 9-11, 

For regular working of such oscillation produc- 
ershighvacuumstrengtheningtubesarenecessary 
anditisalsonecessarythatthegridandanodevolt- 
ages shall have a phase difference of 180°so that 
if the grid is negatively charged, then the anode is 


positively charged and vice versa. This necessary 
difference of phase may be obtained by most var- 
ied connections, for example, by placing the oscil- 
lation circuit in the grid circuit or by separating the 
oscillation circuit and inductive coupling from the 
anodes and the grid circuit and so forth. 


A second important factor in this way of con- 
verting static atmospheric electricity into un- 
dampedoscillationsisthatcare must betakenthat 
the grid and anode voltages have a certain rela- 
tion to one another; the latter may be obtained be 
altering the coupling and a suitable selection of 
the self induction in the grid circuit, or as shown 
by dotted lines 18, 17, 16 by means of a larger 
or smaller number of condensers of suitable size 
connected in series; in this case the battery B' may 
be omitted. With a suitable selection of the grid 
potentialaglowdischargetakesplacebetweenthe 
gridgandthe anode A, and accordingly atthe grid 
thereisacathode drop and adark space is formed. 
The size of this cathode drop is influenced by the 
ions which are emitted in the lower space in con- 
sequence of shock ionization of the incandescent 
cathodes Kand pass through the grid in the upper 
space. On the other hand the number of the ions 
passing through the gridis dependent onthe volt- 
age between the grid and the cathode. Thus ifthe 
grid voltage undergos periodic fluctuations (as in 
the present case) the amount of the cathode drop 
atthegridfluctuatesandconsequentlytheinternal 
resistance of the tube correspondingly fluctuates, 
so that when a back coupling of the feed circuit 
with the grid circuit takes place, the necessary 
meansareaffordedforproducingundampedoscil- 
lationsand of taking current, according torequire- 
ments from the collecting conductor. 


The frequency of the undamped oscillations 
producediswithasuitablyloose coupling equalto 
the self frequency of the oscillation circuits 9 and 
10. By a suitable selection of the self induction of 
the coil 9 and capacity 11 it is possible to extend 
from frequencies which produce electromagnet- 
ic oscillations of only a few metres wave length 
down to the lowest practical alternating current 
frequency. For large installations a suitable num- 
ber of frequency producing tubes in the form of 
thewellknownhighvacuumtransmissiontubesof 
5 to 2kw. in size may be connected in parallel so 
that in this respect no difficulty exists. 


Theuseofsuchtubesfor producing undamped 
oscillations, and also the construction and meth- 
od of inserting such transmission tubes in an ac- 
cumulator or dynamo circuit is known and also 
that such oscillation producing tubes only work 
well at voltages of 1,000 up to 4,000 volts, so 
that on the contrary their use at lower voltages is 
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considerably more difficult. By use of high volt- 
agestaticelectricitythis method of producing un- 
dampedoscillationsascapturedwiththatthrough 
spark gaps must be regarded as an ideal solution 
particularly for small installations of outputs of 
from 1 to 100 kw. 


By the application of safety spark gaps, with 
interpolation of electromagnets, not only is short 
circuiting avoided by also the taking up of current 
is regulated. Oscillation producers inserted inthe 
abovewayformaconstantlyactingelectromagnet- 
ic alternating held inthe collector coil, whereby as 
already stated, aconsiderable accumulated affect 
takes place. The withdrawal wire is connected at 
12and 13, but current may be taken by means of a 
secondary coil which is firmly or movably mount- 
ed in any suitable way inside the large collector 
coil, ie. in its electromagnetic alternating field, so 
long as the direction of its axis runs parallel with 
that of the main current collecting coil. 


In producing undamped oscillations of a high 
frequency (50,000 per second and more) inthe os- 
cillation circuits 9and 11, electromagnets Sand $' 
must be inserted ifthe high frequency oscillations 
are not to penetrate the collector coil. In all other 
cases they are connected shortly before earthing 
(as in Figs 27 and 28). 


Figure 27 a second method of construction of 
the connecting conductor | another annular con- 
ductor Il is inserted parallel to the former on the 
high voltage mast in the air (or embedded as a ca- 
ble in the earth) but both n the form of a coil. The 
connecting wire of the balloon aerials is indicat- 
ed as a primary conductor and also as a current 
producing network; the other is the consumption 
networkandisnotintheunipolarconnectionwith 
current producing network. 


In Figure 27 the current producing network 
lis shown with three balloon collectors 1, 2, 3 
and aerial conductors 4, 5, 6; it is short circuited 
through condenser 19 and inductance 9. The os- 
cillation forming circuit consists in this diagram 
of spark gap f, inductance 10, and condenser 
11; the earth wire E, is connected to earth over 
electromagnet 5', F is safety spark gap which is 
also connected toearththroughasecondelectro- 
magnet $ and E. On connecting up the condens- 
er circuit 11 this is charged over the spark gap f 
whereby an oscillatory discharge formed. This 
discharging current act through inductance 10 
on the inductively coupled secondary 9, where- 
by in the producing network a modification of 
the potential of the condenser is produced. The 


consequence of this is that oscillations arise in 
the coil shaped producer network. These oscilla- 
tions induce a current in the secondary circuit Il, 
which has a smaller number of windings an a less 
resistance, the voltage of which, according to the 
proportion of the number of windings and of the 
ohmic resistance, is considerably lower whilst the 
current strength is greater. 


In order to convert the current thus obtained 
intocurrentofanundampedcharacter,andtotime 
its wave lengths, a sufficiently large regulatable 
capacity 20isinserted betweentheends12and13 
of the secondary conductor Il. Here also current 
may bet taken without an earth conductor, but it 
is advisable to inert a safety spark gap E' and to 
connectthis withthe earth overelectromagnetS*. 


The producer network may be connected with 
the working network Il over an inductionless con- 
denser 21 or over an induction condenser 22, 23. 
Inthis case the secondary conductor is unipolarly 
connected with the energy conductor. 


InFigure28theconnectingconductorbetween 
the separate accumulator balloons is carried out 
according to the autotransformer principle. The 
collecting coil connects four aerial balloons 1, 2, 
3, 4, the windings of which are not made side by 
side but one above the other. In Figure 28 the col- 
lector coil | is shown with a thin line, the metalli- 
cally connected prolongation coils Il with a thick 
line. Between the ends |' and Il' of the energy 
network | a regulating capacity 19is inserted. The 
wire l'is connected with the output wire and with 
the spark gap F. 


As transformer of the atmospheric electricity 
an arrangementis employed which consists in us- 
ing rotary pair of condenser in which the one sta- 
tor surface B is connected with the main current, 
whilsttheotherAisconnected withthe earth pole. 
Between these pairs of short circuited condensers 
are caused torotate from whichtheconvertedcur- 
rent can be taken by means of two collector rings 
and brushes, in he form of an alternating current, 
thefrequencyofwhichisdependentonthenumber 
of balloons and the revolutions of the rotor. As the 
alternating current formed in the rotor can act, in 
thisimproved method of connection described in 
this invention, through coils 10 on the inductance 
9, an increase or diminution of the feed current in 
ican be obtained according tothe direction of the 
current by back induction. Current oscillations of 
uniform rhythm thereby result in the coil shaped 
winding of the producer network. 


Astheendsofthisconductorareshort circuited 
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through the regulatable condenser 19 these 
rhythms short circuited undamped oscillations in 
the energy conductor, the periodicity and wave 
lengths of which oscillations can be adjusted ac- 
cording to desire by alternating the capacity 19to 
a given wave length and therewith also to a given 
frequency. These currents may also be employed 
in this form directly as working current through 
conductors Il' and Ill. By inserting the condens- 
er20aconnectionbetweentheseconductorsmay 
also be made, whereby harmonic oscillations of 
desired wave length are formed. By this means 
quite new effects as regards current distribution 
are obtained. The withdrawal of current can even 
take place without direct wire connection if, at a 
suitable point in the interior of the producing net- 
work (quite immaterially whether this has a diam- 
eter of 1 or 100 km) a coil tuned to these wave 
lengths and of the desired capacity is firmly or 
movablymountedintheaerial conductorinsucha 
way that is axial direction is in parallel with tht of 
the collector coil. In this case a current is induced 
in the producing network, the size of which isde- 
pendent onthe total capacity and resistance and 
also on the periodicity employed. A possibility is 
thereby afforded in future, of taking energy form 
the producernetworkby wireless means. Asthere- 
byinaddition to atmospheric electricity also mag- 
neticearthcurrentsandtheenergyfromthehigher 
atmosphere (at least partially) may be simultane- 
ously obtained, this last system for collecting the 
atmospheric energyis of particularimportancefor 
the future. 


Of course everywhere instead of spark gaps 
suitable grid vacuum tubes may be employed as 
producersforundampedoscillations. Theseparate 
coilsofthe producer networkwithlarge diameters 
may be connected with one another through sep- 
arate conductors all in parallel or all in series or 
in groups in series. By regulating the number of 
oscillationsandalsotheextentofthevoltagemore 
ör less large collector coils of this kind may be em- 
ployed. The coils may also be divided spirally over 
the entire section. The coils may be carried out in 
annular form or also in triangular, quadrangular, 
hexagonal or octagonal form. 


Of course wires may be carried from a suitable 
place tothecentreoralsolaterallywhichservethe 
currents waves as guides. This is necessary when 
thecurrentshavetobeconductedovermountains 
and valleys and so forth. In all these cases the cur- 
rent must be converted into a current of suitable 
periodicity. 

As already hereinbefore mentioned sepa- 
rate collecting balloons may be directly me- 
tallically interconnected at equidistant stations 


distributed over the entire country or may be con- 
nected by interpolation of suitable condenser bat- 
teries by means of high voltage conductors. The 
static electricity is converted through a spark gap 
into dynamic energy of a high number of oscilla- 
tions, and could then in such form, with a suitable 
arrangementoftheconnections,observingvarious 
measures of precaution, be employed as source of 
energy after separate or special regulation 


Accordingtothisinventioninorderto increase 
the collecting effect of the balloon in the aerial 
collector conductor orin the earth wire, radiating 
collectors are employed. These consist either of 
incandescentmetaloroxideelectrodesintheform 
of vacuum grid tubes, or electric arcs (mercury 
and the like electrodes) Nernst lamps or finally 
flames of various kinds may be simply connected 
with the respective conductor. 


It is well known that energy can be drawn off 
fromacathodeconsistingofanincandescentbody 
oppositeananodechargedwithpositiveelectricity 
(vacuum grid tube). Hitherto however, a cathode 
was always first directly placed opposite an an- 
ode, and secondly the system always consisted of 
closed circuit. 


Now if we dispense with the ordinary ideas 
in forming light or flame arcs in which a cathode 
mustalways stand directly oppositeananode,and 
if we place an incandescent cathode opposite an 
anodechargedtoahighpotentialoranotherbody 
freely floating in the air, or regard the incandes- 
centcathodeonlyasasourceofunipolardischarge 
(which represent group and point discharges in 
electrostatic machines similar to unipolar dis- 
charges), it may be ascertained that incandescent 
cathodes and less perfectly all incandescent radi- 
ators, flames and the like admit of relatively large 
currentdensitiesandallowlargequantitiesofelec- 
tric energy to radiate into the open space in the 
form of electron streams as transmitters. 


The object of this invention is as described be- 
low, if such incandescent radiators or flames are 
not freely suspended in space but connected me- 
tallically with the earth sothattheycanbecharged 
withnegativeterrestrialelectricity,theseradiators 
possessthepropertyofabsorbingthefreepositive 
electrical charges contained in the air space sur- 
rounding them (that is to say of collecting them 
andconductingthemtoearth).Theycantherefore, 
serve as collectors and have, in comparison to the 
action of the spikes, or points, a very large radius 
of action R; the effective capacity of these collec- 
torsismuch greaterthan the geometrical capacity 
(R,) calculated in an electrostatic sense. 


Nowasourearthissurroundedasiswellknown, 
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withan electrostaticfeld and thedifference of po- 
tential 

av 

óh 
of the earth field according to the latest investiga- 
tions, is in summer about 60 to 100 volts and in 
winter 300 to 500 volts per metre of difference in 
height (6h), a simple calculation gives the result 
that when such a radiation collector or flame col- 
lector is arranged for example on the ground, and 
a second one is mounted vertically over it at a dis- 
tance of 2,000 metres and bothareconnectedbya 
conducting cable, thereis adifference of potential 
in summer of about 2,000,000 volts and in winter 
6,000,000 volt or more. 


According to Stefan Boltzmann's law of radia- 
tion, thequantityofenergywhichanincandescent 
surface (temperature T) of 1 sq cm radiates in a 
unit of time into the open air (Temperature T,) is 
expressed by the following formula: 


5=6(T*-T*,) watt/sq cm 


and the universal radiation constant 6 is accord- 
ing to the latest researches of Ferry (Annales de 
Chimie et de physique 17 page 267 (1909)) equals 
to 6.30% 10 watt/sq cm. 

Now if an incandescent surface of 1 sq cm 
shows, as compared with the surrounding spacea 
periodic fall of potential 6V it radiates (independ- 
ent of the current direction, that is to say of the 
sign) in accordance with the above formula, for 
example at a temperature of 3725° Can energy of 
1.6 kw per sq cm per second. As for the radiation 
thesame value can becalculated forthe collection 
of energy, butreversed. Now as carbon electrodes 
at the temperature at the temperature of the elec- 
tric arc Support on the current basis density up to 
from 60 to 65 amperes per sq cm no difficulties 
will result in the direction in employing radiating 
collectors as accumulators. 


Ifthe earth be regarded as a cosmically insulat- 
ed condenser in the sense of geometrical electro- 
staticsxthereresultsfromthegeometric(compare 
Ewald Rasch, “das elcktrische Bogenlicht” (The 
electric arc light) page169) capacity of the earth 
according to Chwolson: 


For negative charging 1.3X10* Coulomb. 

For negative potential V = 10% 10® volts, From 
thisthereresults however, EJT=24.710“watt/Sec, 
Nowifit is desired tomakea theoretic short circuit 
throughanearthedflamecollectorthiswouldrep- 
resent an electric total work of about 79,500 10™ 
kilowatt years as the earth must be regarded as a 
rotatingmechanismwhichisthermo-dynamically, 
electromagnetically, and also kinematically cou- 
pledwiththesunandstarsbycosmicradiationsand 


gravitation a diminution of the electric energy of 
the earth field is not to be feared. The energies 
whichtheincandescentcollectorswouldwithdraw 
from the earth field can only cause by the with- 
drawal of motor work a lowering of the earth tem- 
perature (temperature T,=300) and reduce this to 
that of the world space (T=0) by using the entire 
energy. This is however not the case as the earth 
does not representa cosmically entirely insulated 
system. On the contrary there is conveyed to the 
same according to the recent value corrected by 
Ferry forthe solar constants through the radiation 
from the sun an energy of 18,500 x 10% kw, Ac- 
cordingly any lowering of the earth temperature 
(TJ) without simultaneous lowering of the sun's 
temperature (T,) would contradict Stefan Boltz- 
mann's law of radiation. 


S=5(1,4-1,9. 


From this it must be concluded that ifthe earth 
temperature (T,) sinks, the total radiation 5 ab- 
sorbed bythe earthincreases, and further alsothat 
the secularspeed of cooling of the earthis directly 
dependant on that of the sun and the other radia- 
tors cosmically coupled with the sun and is con- 
nected most closely with these. 


The incandescent radiation collectors may, ac- 
cording to thisinvention, be employed for collect- 
ing atmospheric electricity if they (1) are charged 
with the negative earth electricity (that is to say 
when they are directly connected by means of a 
metallic conductor with earth) and (2) if large ca- 
pacities (metal surfaces) charged with electricity 
are mounted opposite them as positive poles in 
the air. This is regarded as the main feature of the 
presentinventionaswithouttheseinventiveideas 
it would not be possible to collect with an incan- 
descent collector, sufficiently large quantities of 
theelectricalchargescontainedintheatmosphere 
as technology requires; the radius action of the 
flame collectors would also be too small, especial- 
ly if it be considered that the very small surface 
density (energy density) (6 about=2x7 . 10° St. E 
per sq cm) does not allow of large quantities of 
charge being absorbed form the atmosphere. 


x) Calculated according to Poisson;s calculation; 
AV = -4r6; as here the alteration of potential 
or potential gradients only takes place in the di- 
rection of the normal, this calculation assumes the 
simple form 
1 BE 
= X 
ån ón? 


lt has indeed already been proposed to 
employ flame collectors for collecting at- 
mospheric electricity and it is known that 
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ncollectingeffectissubstantiallygreateropposite 
the points. Itis however, notknownthatthequan- 
tities of current which could hitherto be obtained 
aretoosmall for technical purposes. According to 
my experiments the reason for this is to be found 
in the too small capacities of the collector con- 
ductor poles. If such flame or radiating collectors 
have no or only small positive surfaces, their ra- 
dius of action for large technical purposes is too 
small. Ifthe incandescent collectors be constantly 
keptinmovementinthe airthey may collect more 
according to the speed of the movement, but this 
again not capable of being carried out in practice. 

By this invention the collector effect is consid- 
erably increased by a body charged witha positive 
potential and of the best possible capacity being 
alsoheldfloating(withoutdirectearthconnection) 
opposite such an incandescent collector which is 
held floating in the air at a desired height. if for 
example, a collecting balloon of sheet metal or 
metallized balloon fabric be caused to mount to 
300 up to 3000 metres in the air and as positive 
pole itis brought opposite such a radiating collec- 
torconnected byaconductortoearth, quite differ- 
ent results are obtained. 


The metallic balloon shell (with alarge surface) 
is charged to a high potential by the atmospheric 
electricity. This potential is greater the higher the 
collecting balloon is above the incandescent col- 
lector. The positive electricity acts concentratedly 
on the anode floating in the air as it is attracted 
throughtheradiationshockionization, proceeding 
fromtheincandescentcathode. Theconsequence 
of this is that the radius of action of the incandes- 
cent cathode collector is considerably increased 
and thereby also the collecting effect of the col- 
lecting balloon surface. Furtherthe large capacity 
of the anode floating in the air plays therefore an 
important part because it allows of the taking of 
large charges, and therebya moreuniformcurrent 
is obtained even when there is a large consump- 
tion; this cannot be the case with small surfaces. 


In the present case the metallic collecting bal- 
loon is a positive anode floating in the air and the 
end of the earth conductor of this balloon serves 
as positive pole surface oppositethe surface ofthe 
radiating incandescent cathode, which in turn is 
charged with negative earth electricity being con- 
ductingly connected to earth 


The process may be carried out by two such 
contacts (negative incandescent cathode and an- 
ode end of a capacity floating in the air) a con- 
denserandaninductiveresistance beingswitched 
oninparallel,wherebysimultaneously undamped 
oscillations may be formed, 


In very large installations it is advisable to con- 
nect two such radiating collectors in series. Thus 
an are light incandescent cathode may be placed 
below on the open ground and an incandescent 
cathodewhichisheatedbespecialelectromagnet- 
iccurrents be located high in the air. Of course for 
this the special vacuum Liebig tubes with or with- 
out grids may also be employed. Anordinarylamp 
with oxide electrodes may be introduced on the 
ground and the positive pole is not directly con- 
nectedwiththecollectingballoon,butthroughthe 
upper incandescent cathode or over a condenser. 
Themethod of connecting the incandescent cath- 
ode floating in the air may be seen in Fis. 29-33. 


B is the air balloon, K a Cardan ring (connec- 
tion with the hawser) C the balloon L a good con- 
ducting cable. P a positive pole, N negative incan- 
descent cathode, and E earth conductor. 

Fig. 29 represents the simplest form of con- 
struction. If electric oscillations are produced be- 
lowonthe ground bymeansofacarbonlamporin 
other suitable way a considerably greater electric 
resistance is opposed to that in the direct way by 
inserting an electrical inductive resistance 9. Con- 
sequently between P and N a voltage is formed 
and as, over N and P only an inductionless ohmic 
resistance is present, a spark will spring over so 
long as the separate induction co-efficients and 
the like are correctly calculated. The consequence 
of this is that the oxide electrode (carbon or the 
like) is rendered incandescent and then shows 
as incandescent cathode an increased collecting 
effect. The positive poles must be substantially 
largerthanthe negative in order that they may not 
also become incandescent. As they are further 
connected with the large balloon area which has 
a large capacity and is charged at high voltage, an 
incandescent body whichis held floating inthe air 
and a positive pole which can collect large capac- 
ities is thereby obtained in the simplest way. The 
incandescent cathodeisfirstcausedtobecomein- 
candescentbymeansofseparateenergyproduced 
on the earth, and then maintained by the energy 
collected from the atmosphere. 


Fig. 30 only shows the difference that instead 
of n round balloon a cigar shaped one (of metal 
or metalized fabric) may be employed and also a 
condenser 5isinserted betweentheincandescent 
cathodeandtheearthconductorsothatashortcir- 
cuited oscillation circuit A. N 5 and 9 is obtained. 
This has the advantage that quite small quantities 
of electricity cause the cathode to become incan- 
descent and much larger cathode bodies may be 
rendered incandescent. 


In this form of construction both the in 
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candescentcathodeandalsothepositiveelectrode 
may be enclosed in a vacuum chamber as may 
be seen in Fig 32. A cable L is carried well in- 
sulated through the cover of a vessel and ends in 
a condenser disc 5. The cover is arched in order 
to keep off the rain. The vessel is entirely or par- 
tially made of magnetic metal and well insulated 
inside and outside, Opposite the metallic positive 
pole of the vacuum tube g with the incandescent 
cathode (oxide electrode) N is arranged. The neg- 
ative electrodeis onthe one hand connected with 
the earth conductor E, andontheotherhand with 
the inductive resistance 9 which is also connected 
with the cable L with the positive pole and wound 
round the vessel in coils. The action is exactly the 
same as that in Fig. 29 only instead of an open 
incandescent cathode one enclosed on vacuo is 
employed. As in such collectors only small bodies 
can be brought to incandescence in large instal- 
lations a plurality of such vacuum tubes must be 
inserted in proximity to one another. According 
to the previous constructions Figs. 31 and 33 are 
quite self evident without further explanations 


Figs 34-37 represent further diagrams of con- 
nections over radiating the flame collectors, and 
infact, how theyare to be arranged onthe ground. 


Fig. 34 shows n arc light collector with oxide 
electrodes for direct current and its connection; 
Fig. 35 a similar one for alternating current, Fig. 
36 an incandescent collector with a Nernst lamp 
and Fig. 37 a similar one with a gas flame. 


The positive pole 1 of the radiating collectors is 
always directly connected to the aerial collecting 
conductor A. In Fig. 34 this is further connected 
overthecondenserbattery5withasecondpositive 
electrode 3. Thedirectcurrentdynamobproduces 
currentwhichflows over between theelectrodes 3 
and 2 as an arc light. On the formation of arc the 
negative incandescent electrode 2 absorbs elec- 
tricity from the positive poles standing opposite 
itand highly charged with atmospheric electricity 
and conveys the same to the working circuit. The 
spark gap 7, inductive resistance 9 and induction 
coil 10 are like the ones previously described. The 
protectiveelectromagnetSquardstheinstallation 
against earth circuiting, the safely spark gap 8 
from excess voltage and overcharging. 


In Fig. 35 the connection is so far altered that 
the alternating current dynamofeedsthe exciting 
coil 11 of the induction condenser. 12 is its neg- 
ative and 13 its positive pole; if the coil 3 on the 
magnet core of the dynamois correctly calculated 
andthe periodicity ofthealternatingcurrentissuf- 
ficiently high an arc light can be formed between 


the two pole 1 and 2. As the cathode 2 is connect- 
edwiththenegativelychargedearth,andtherefore 
always acts as a negative pole, a form of rectifica- 
tion ofthe alternating current produced by thedy- 
namo 3 is obtained, the second half of the period 
is always suppressed. The working circuit may be 
carried out in the same way as Fig. 34; the working 
spark gap 7 may however be dispensed with, and 
instead thereof between the points nand m acon- 
denser 5 and a induction resistance 9 may be in- 
serted from which the currentis taken inductively. 

Fig. 36 represents a form of construction sim- 
ilar to Fig. 34 only that here instead of an arc 
lamp a Nernst incandescent body is employed. 
The Nernst lamp is fed through the battery 3. the 
working section is connected with the negative 
pole, the safety spark gap with the + poles. The 
working spark gap 7 may also be dispensed with 
the current for it taken at 12 over the oscillation 
circuit 5, 11 (shown in dotted lines). 

Flame collectors (Fig. 37) may also be em- 
ployed according to this invention. The wire 
network 1 is connected with the aerial collector 
conductor A and the burner with the earth. At the 
upper end of the latter, long points are provided 
which project the flame. The positive electrode 
isconnected with the negative overacondenser 5 
and the induction coil 9 with the earth. 

The novelty in this invention is firstly the use 
of incandescent cathodes opposite positive poles 
whichareconnectedwithlargemetalliccapacities 
as automatic collecting surfaces, (2) the connec- 
tion to the incandescent cathodes with the earth 
whereby, in addition to the electricity conveyed 
tothem from the battery or machine which causes 
the incandescing, also the negative charge of the 
earth potentialisconveyed,and(3)theconnection 
of the positive and negative poles of the radiating 
collectors over a condenser circuit alone or with 
the introduction of asuitableinductiveresistance, 
whereby simultaneously an oscillatory oscillation 
circuit by obtained. The collecting effect is by 
these methods quite considerably increased. 

| declare that what | claim is:- 

1. An electrical generating system, compris- 
ing aconducting surface for static charges, means 
to support same at a distance above the earth, a 
conductor leading to the earth level, n spark gap 
associated withsaidconductortoconvertelectro- 
staticchargesintoelectromagnetichighfrequency 
oscillations meansto supply said electromagnetic 
energy to a net work, and a spark gap of greatly 
increased relative resistance in parallel therewith. 


2. An electrical energy generating system 
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Voltage 


The zero axis is the reference point from 
which all voltage measurements are made. 
Questions 
A. What is the purpose of the zero axis? 
B. What is the usual point for making time 
measurements? 


Answers 

A. It is the reference point from which all 
voltage measurements are made. 

B. Time measurements can be made from 


any point in the sine wave, but usually they 
are made from a point at which the sine 
wave crosses the zero axis. 


4 The three most important voltage or 
amplitude measurements are the peak (p), 
peak-to-peak (pp) , and the root mean 


Square (rms) voltages. 

The following equations show the relationship 
between Pp pp, and rms voltages for sine 
waves. The relationships between pP, pp, and 
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comprising a conductor, means to support same 
above the earth level, an inductance therein, a 
spark gap associated with said conductor, a sec- 
ondsparkgapofmuchhigherrelativeresistancein 
parallel therewith and an energy receiving circuit 
coupled with the spark gap of lesser resistance. 


3. An electrical generating system compris- 
ing a collecting surface, means to support same 
abovetheearthlevel,aconductorconnecting said 
connecting surfaces with the earth level, a choke 
in said conductor, an electromagnetic resistance 
convertingelectrostaticenergytoelectromagnetic 
energy, a safety higherresistancein parallelthere- 
with and a net work coupled with the conversion 
resistance of lesser value, 


4. Anelectrical energy generating system com- 
prisingelectricconductorsspacedabovetheearth 
to form electromagnetic oscillating circuits, con- 
ductors connecting to earth level, electrostatic to 
electromagneticenergyconversionmeanstherein, 
a safety high electrostatic resistance in parallel 
therewith and meanstoaltertheelectromagnetic 
characteristics of he circuits 


5. Anelectrical energy generating system com- 
prising in combination a static collecting surface 
arranged above the earth, conductors connect- 
ing to earth level, a pair of spark gaps in parallel 


of different electrostatic resistance, a utilization 
net work shunted across the spark gap of lesser 
resistance and an electromagnetic choke in said 
conductors. 


6. Anelectrical energy generating system com- 
prising an open circuit energy collecting aerial, a 
pair sparking gaps in parallel of widely different 
resistance, connectedtheretoandaclosed electric 
oscillation circuit in shunt across the gap of lesser 
resistance, 


7.An electrical energy generating system com- 
prising an open circuit energy collecting aerial, a 
pair of sparking gaps in parallel of widely differ- 
entresistance connected thereto, aclosed electric 
oscillation circuit in shunt across the gap of lesser 
resistance, a plurality of electrostatic collecting 
surfaces, means to connect said collecting surfac- 
es in parallel in groups and means to connect said 
groups symmetrically with said aerial. 

In witness whereof, | have hereunto signed my 
name this 30 day of Dec., 1920, in the presence to 
two subscribing witnesses. 


HERMAN PLAUSON. 
Witnesses: 


H.F. ARMSTRONG 
W.H. Beeston 
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Poor Man's Electronics Web Page 


Crystal Radio 
Project Links: 


Crystal radio 


Mo, Low Z Antenna Connection (Coax) 
High Z Antenna Connection (Random Wire) 
Ground connection 


Trimming a | 
Ca pacitor 


Back to main page 
How to build it 


Using the radio 
How it works 


Computer program 


3 Resistor for 
/ Xtal earphones 


PHONES | 
a 
Dual Section Variable 
Capacitor 


Crystal Earphones 
(Two in Parallel) 


Build this Crystal Radio 


¡Crystal Radio 
Tunes the AM 


Broadcast Band 


A crystal radio is a radio that does not require a power source 
other than the energy contained in the signal being received. With 
a good antenna, like the random wire you can build by following 
the instructions on this web site, strong local stations will be very 
discernable during the day and at night even a few distant "skip" 
stations may be picked up. 


Here's how to make the crystal radio: 
First, you must gather the material. Here is a list of what you will 
need including a possible poor man's source: (If you can't locate 


a PME source, then try Radio Shack, E-Bay, or Mouser 
Electronics.) 
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e Ascrap piece of wood about 8 inches square to build the radio 


on. | used a piece of 1/4" stained panel. 

Sensitive headphones or earphones. The best is the relative 
high Z (2000 - 4000 ohm) military style headphones. This type 
is hard to find and may be expensive, so you may use the very 
inexpensive ceramic earphones instead. Walkman type 
headphones or earphones will not work. | use two of the 
ceramic types connected in parallel, one for each ear, for 
increased volume. 

Variable capacitor (or condenser, which is another name for a 
capacitor.) You can find this device in an old tube or transistor 
radios. The air dielectric type is best for this project. That 
means the plates of the capacitor are separated by an air gap. 
The small variable capacitors found in pocket-sized transistor 
radios usually have a plastic dielectric. This type will work OK. 
Most of the variable capacitors found in radios will be dual 
section; that is, two capacitors on the same shaft. We will tie 
these two in parallel for increased capacitance -- shooting for 
about 450pF (picoFarads.) Find a nice knob that will fit on the 
shaft of the variable capacitor. 

Detector diode. A 1N34 or 1N60 will work 

great. You can find them in most transistor AR 
radios. They look like a small glass resistor. If 134 Diode. 
you have to buy one, they are cheap -- less 
than a dollar apiece. 

Terminations. You may use Fahnstock clips (| 
used these on the antenna and ground 
connections) or binding posts (I used these 
to connect the earphones.) Binding posts can 
be salvaged from an old telephone cell. Ina 
pinch, use small double-nutted machine 
screws. 

Coil form. | used a 1-1/4" x 3-1/2" cardboard tube that was the 
center spool in a printing calculator paper roll. If you want to 
use a different diameter form, then use the computer program 
that you can download and run. It will calulate the number of 
turns of wire required based on varying coil form diameters 
and lengths. 

You will need about 50 feet of magnet wire. | used some Litz 
wire | had. It is 40/44 Litz which means 40 strands of #44 size. 
This turns out to be about #24 US Standard solid wire size. 
Litz wire is great for radio frequency coils. You can find Litz 
wire in CRT monitor or TV picture tube deflection coils. If you 
can't find a poor man's electronic free source, then this is one 
of the supplies that a PME guy should buy. You can purchase 
Litz wire at the Hobby Electronic Parts page. However, if you 
use solid enameled wire, the radio will work OK. Solid 
enameled type of wire can be salvaged from old relays, 
transformers, chokes, and solenoids. 
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Fahnstock clip. 
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The following pictorial diagram shows how to hook up the simple 
crystal radio. | provided connections for both a high impedance 
antenna such as the random wire or a low impedance antenna such 
as a coax fed dipole. 


LO¥ HIZ No DUAL EARPHONE 
E E E CRYSTAL SET 
| F 220pF The antenna coil is a 1-1/4" día. 


cardboard varnished tube with 
9 turns of 40/44 litz wire cottoned 
covered on the primary and 125 
turns onthe secondary, tapped 
at 60 turns and 30 turns. Use 
either tap for the detector 
diode, whichever gives the best 
selectiity vs. sensitivity, The 
Variable capacitor is from an 
old transistor radio with the two 
sections in parallel for a total of 
about 450pF. The HI Z antenna 
tap is connected thru a 330pF 
capacitor which can be varied 
for best result on a short wire 
antenna. The LO Z antenna 

qk tap is for a coax fed antenna. 

Two crytal earphones are 
connected in parallel for 

TUNE PHONES listening. 


The step by step procedure follows: 


e Wind the coil first. Coat the 1-1/4" x 3-1/2" form with 3 layers of 
spray polyurathane varnish. Let each coat dry before applying 
the next one. Punch a pair of holes using a small pin in the 
side of the coil form about 3/8" from the edge. Feed the #24 
solid enamel wire or 40/44 Litz wire through these two holes in 
such a way as to lock the wire in place. Close wind 9 turns for 
the primary coil and finish by locking the wire into another pair 
of holes just like the first pair. Both ends of the wire should be 
well secured and have 3 inches of lead wire. 

e Lock the start of the secondary coil in place as you did before 
about 3/8" from the end of the primary coil. Close wind a total 
of 125 turns. At 30 turns and 60 turns, put a twist in the wire 
that sticks out about a 1/4"; these will be coil taps. Finish off 
the secondary as you did the primary. You should be about 
3/8" from the end of the form when done and again have 3 
inches of lead wire on the each end. 

e Once again, spray the finished coils with three coats of 
polyurathane varnish. Put a drop of Elmer's glue on each of 
the ends of the coils and around the taps to provide additional 
securing. 

e Mount the completed antenna coil assembly, variable 
capacitor, and terminals as per the drawing above. You will 
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mount the coil by drilling holes in the board and in the coil form 
into which to feed some small 6-32 machine screws. (Make 
sure that when you are drilling holes that you do so on the 
ends where there is no wire.) | used two small micarta 
bushings between the coil form and the board so that the 
bottom of the coil will not touch the board. If you don't have 
any bushings, you can raise the coil form off of the board by 
triple nutting the screws. Feed the machine screw up from the 
bottom of the board, hold the screw into place with a nut on the 
top side of the board; then place another nut on the screw 
close to it's top, pass the remaining small piece of screw 
through the form and nut it again. Do this on both ends of the 
form. Plastic screws would be great for mounting the coil if you 
can find them. 

If you use an air variable capacitor, it will have 5 connections. 
For the first capacitor of the dual section unit, there will be one 
connection on each side of the stator plates (the ones that do 
not move.) Please note that these two connections are the 
same; they are NOT separate. Both are connected to the 
same set of non-rotating plates. The other section will have 
two similar connections. The frame of the whole unit is the 
ground side of both sections. Thus, the rotors are already tied 
together; the ones that move as you turn the knob. To connect 
the two capacitors in parallel, simply connect the stator plates 
together a shown in the wiring diagram. Don't worry if the two 
sections are different in size, in fact, they probably will be. 
Also, you may find a variable capacitor with three sections. In 
that case, connect only two of them together. 

| mounted my air variable by using some small "L" brackets 
fixed to the board with small wood screws and fixed to the 
capacitor with very short machine screws. Another way Is to 
put a small length of wire from each of the four stator 
connection tabs that go down and under wood screws in the 
board. 

If you use the plastic insulated variable capacitor such as is 
found in small transistor radio radios, it will be a much smaller 
unit than the air type and will probably only have three 
connection tabs. The center tab is the rotor or ground 
connection, and the outer ones are the stator connections 
which will be tied together. To mount this type of capacitor, you 
can epoxy the back side to the board. This means the shaft will 
point up. 

Mount the knob on the shaft of the variable capacitor. There 
are several ways that knobs are fitted to shafts. One way is 
with a small slotted or Allen screw in the side of the knob that 
is tightened down on the shaft. Another way, used when the 
shaft is notched into a "D" shape, is to use a knob with a 
matching "D" shaped hole and a spring clip -- no screw is 
needed in this case. Another way, common to small transistor 
type variable caps, is to use a very small machine screw that 
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passes through the center of the knob into a tapped hole in the 
end of the shaft. 

e The terminations for the Lo-Z, Hi-Z, and Ground connections 
are either Fahnstock clips or machine screws with double nuts. 
If you use double-nutted screws, then the wires connecting 
into the circuit will be under the first nut. Make a small loop in 
the wire(s) then tightened the nut securely down on them. (You 
may want to add a washer.) Then another nut can be used to 
make the connection to the antenna lead-in wire and similarly 
to the ground wire. You may used the same double nutted 
machine screw scheme for the earphones. 

e To make connections to the coil, scrape off the wires to expose 
the copper after cutting then to length. Tin them with solder. 
For the taps, scrape and tin them and then solder extension 
wires cut to the proper length. Start by using the 30 turn tap. 
Later you can try the 60 turn tap and see if it works better. 

e Wire up the circuit as shown in the wiring diagram. This 
includes wiring in the 330 uuFd (micro-micro farad or 
picofarad) capacitor, the detector diode, and the 47K resistor. 
Be careful when soldering the detector diode because too 
much heat can damage it. 

e Finish off the project by putting four stick-on rubber feet on the 
bottom of the board in each of the corners. In a pinch, epoxy 
on pencil erasers for the non-slip feet. 


Antenna coil 

40/44 c.c. Litz 

OT pri, 125Tsec, 
tapped at 30 and 60T 
1-1/4" form 


LOZ 


GND 


HIZ #—| 


330uuF 


Xtal 


30000F earphones 


47K 


Dual earphone crystal set. Picks up local stations during the day 
with good volume and selectivity. At night, will pick up dozens of 
Skip stations with a >50' random wire antenna and a good 
ground, 


Schematic of the crystal radio 


e Learn to read schematic diagrams. Eventually you will learn to 
wire up projects from the schematic without the need of a 
wiring pictorial. 
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Copyright O 2007 - Prof. W.S. Walker, West Virginia State University - All Rights Reserved. 


== Contact me 
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— Extraction of en 


Simply, I like to check things. 


Harvesting power from radio waves. 


Assuming that most people came here to just find out how much energy can be obtained from radio waves, we will 
be short. 


On the banner, two 'Dual-Loop' directional antennas, designed specifically to collect power at 750MHz. One is 
connected to 100uA (7000hms) head, and the average current you can see on it. Both antennas have 'on-board' 
rectifiers. 


Radio-Rrequency antennas with rectifier circuit. 
A ii 


Reality is not as good as we would like. One antenna produces about 1 volt (at 10MOhms), and a current of about 
0,4 mA (at 7000Hms). 


The circuit is simple as a crystal receiver. Diodes with capacitors work as a voltage doubler (rectifier). The remaining 
inductors and capacitors isolate the output from high frequency. 


D1, D2 - any RF diodes. L1 -L4 6.8uH (10 Ohms) 


D-Loop 
antenna C1 D2 L1 L3 
= + 
R1 is D1 C2 C3 CA  Vout=~ TVDC 
T50MHz 1M fA BAT68 T 1000 1000 O.1u fout=~0.5mA 
L2 L4 
or better SK_Lab.2017 


* The outa voltage and current may vary depending on ihe conditions. 


Harvesting RF power. Absorbs energy from cell towers at 750MHz. 
Any RF diodes with junction capacitance less then 1.5pF will be suitable for this application. See the end of this page 
for a suitable choice. 


It's hard to believe, but the old style panel meter is the best indicator of the power that was obtained. 
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After simple calculations, the total power, received at the moment, is about 0.5mW. 
It was a good, top result. But interesting to know what average power can be expected. A simple installation allows 


me to get more reliable results. We measure the open voltage (at 5 MOhms) and short current (at 4 Ohms) produced 
by one antenna. The measurement time for obtaining the average is about half an hour. Both multimeters work 


together to eliminate an accidental error. 
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And here we return to reality. During the measurement time, the average power taken from the air by one antenna 
was ~0.02mW. Even the fact that the maximum power jumped to ~0.8 mW did not change anything. 


For most people, these digits do not say anything. So let's move on to the practical side. 


Suppose you want to light the LED. 0.02mW is not enough to light the LED even very, very dimly. One way to do this 
is to charge the capacitor and when enough energy is stored, discharge it through the LED. 


Let's say you want to light a white LED (3V), with a current of 0.01A, for 0.1 second. It requires 3V*0.01A*0.1sec.= 
0.003Joule. The antenna produces, an average, 0.00002W*1sec.=0.00002J each second. This means that to get the 
necessary energy (0.0033), you need to wait 150 seconds or 2.5 minutes. 


But it is not all that bad. During the 24 hours, this simple setup with one antenna, can collect about 1.73 of totally 
free energy. This is enough that a data logger would work, and once a day transmit data via wireless or so. For 
example, a device (or LED) consuming 10mA at 3.6V can run at least 45 seconds per day on the stored energy. 

In order to make this idea run, in your particular case, you need to: 

a) find a 'hot spot' using any RF detector; 


b) with any SDR Receiver find RF frequency with max. power; 
c) make a simple antenna (Dual-Loop or so), add RF rectifier and enjoy 'free' energy :) 


Yes. It's all. It's simple like that. 


* A good article, about radio emission in London UK,( pdf): 'Ambient RF Energy Harvesting in Urban and Semi-Urban'. 


In case of questions - address is below. 
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AS PROJECTS (10) 
70 MHz Antenna Tuning Unit for the 4 Metre Band (Also adaptable to 50 MHz / 6 
Metres) 


Information 
Portable 


QSL The Idea 


Here's a real 'Heath Robinson’ piece of home brew experimentation all made e 
RSGB Ltd from components found after a rummage in the junk box! 


pr 


ke 
- | 
: 


Links | have a little Wouxun 70 MHz handheld which | would really like to connect to a 
dedicated external antenna, but unfortunately | have no more space for further 

7 antennas outside! | therefore wondered if | could possibly use my 50 MHz 
QRM Coaxial Dipole antenna for use on 70 MHz. 


Te + ER On checking the SWR with an antenna analyzer at the shack end of the 
Westflex 103 feeder cable, | found that the reading was, as expected, quite high 
Contact and an unsuitable match to transmit into. | therefore wondered if | had a few 
parts in the ‘junk box' that | could use to make an Antenna Matching Unit ("ATU"). 


Mini Site Map 
MDS975 Home 


The Design 


| decided that | would try a Pi Match circuit, which | drew out as can be seen in the diagram below: 
Feedback 


“Get on the air with. 
TOP QUALITY 
BRITISH 
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rms voltages differ for other waveforms (such 
as square waves). 


Vo = 2Vp = 2 y/2 V ima 
l 
Vims = = Vp = 


Y 


Note the following: 


4/2 =1.414 


=0.707 


yz 
Question 


If the pp voltage of a sine wave is 10 volts, 
find the rms voltage. 


Answer 


Vo 
Veri =! y% E = 0.707 Xx ad = 3.555V 
J2 2 2 


5 Calculate the following for a sine wave. 


Question 
If the rms voltage is 2 volts, find the pp 
voltage. 


Answer 


Vpp = 2 XV2 XVims = 2 X 1.414 X 2 = 5.656 V 


6 Calculate the following for a sine wave. 


Questions 
A. V pp = 220 volts. Find V mms . _ 
B. Vrms = 120 volts. Find V pp. — 
Answers 


A. 77.77 volts 
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G-WHIP es 
ANTENNAS VHF Antenna Matching Unit 


Inductor 
4 turns 


= 


| 50239 30pF S0239 
| to to 
Transceiver Antenna 


MOMTJ 


VHF Antenna Matching Unit for 7OMHz - could be adapted for 50MHz 


(The values of the variable capacitors are approximate) 


Reality Check 


| realize that using any Antenna Matching Unit will only provide the 50 Ohm match that the radio wants to 'see' and 
that, especially at VHF frequencies, the losses in the aerial system (antenna and feeder) could well be very 
significant indeed. Also the antenna's radiation pattern at 7OMHz is unknown so may be detrimental to attained 
coverage. However, at least it may allow the use of the 4 Meter radio for strong local contacts where otherwise no 
contacts at all would be possible. 


| was happy to find that once the ATU had been built, it only took a few calls to obtain a local contact. Sure enough, 
the signal report from my 5 watt handheld through the ATU and 6Meter band aerial was not amazingly strong - but it 
was a contact - and | was pleased! 


The power handling will depend on the type of variable capacitors used. With the air spaced capacitors that | used, 
the unit should be able to handle 10 or 20 watts, maybe more. 


The circuit could be adapted for use on 6 Metres (50MHz) by adjusting the size of the inductor slightly. Slightly larger 
maximum value variable capacitors may also be required; If multi-gang variable capacitors are used, then changes 
can be achieved by adding or removing the number of gangs that are wired in parallel. 


Parts Required 


1 x Air spaced variable capacitor of approx 150pF 

1 x Air spaced variable capacitor of approx 50pF 

2 x Chassis mount SO239 sockets 

1 x Thick coil winding wire for inductor 

1 x Metal enclosure 

2 x Knobs 

2 x Solder tags 

4 x Rubber or felt feet 

Various small screws, washers, shake-proof washers and nuts, as required. M3 zinc plated steel would be typical. 


Practical Construction 


| set about looking for a couple of low value (approx 100pF) tuning capacitors, some thick wire suitable for making a 
small inductor, a metal enclosure, two SO239 sockets, a couple of knobs and the various other items in my junk box. 


| found all of these items: The SO239 chassis mount sockets were brand new, purchased from W H Westlake at the 
Telford Rally the previous year. The two tuning capacitors were left over from some TRF receiver projects many 
years before. The metal box was a well used and worn item bought for a couple of pounds at the Wolverhampton 
ARS table top sale a few years earlier. When purchased it was also filled with a number of small value air spaced 
trimmers, some small inductors and various nuts and screws. One of the inductors would be very useful for this 
project. | could not find two matching knobs - so a mis-matched pair was pressed into service! 
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The two tuning capacitors were identical, 3 gang items. | am not sure of their exact value, but my guess is that they 
might comprise of two 30pF gangs and a 50pF gang - or thereabouts. 


The variable capacitor on the transceiver side of the circuit has all three gangs wired together in parallel to provide a 
higher value of somewhere around 100 to 150pF at maximum value. The variable capacitor on the antenna side of 
the circuit is lower value, so | used just one of the smaller gangs. The maximum value is probably around 25 or 
30prF. 


The values given in the diagram above are therefore approximate, so just try anything in the junk box of similar 
value - in the true spirit of amateur radio experimentation! 


Initially | simply wired the circuit together on the desk top without installing anything inside the metal enclosure just 
to test the theory. Initially | tried an inductor with 3 turns, but could not obtain a low enough match - the minimum 
SWR being about 3:1. | therefore tried a different sized inductor of 4 turns. It still was a little out, so | pulled the 
windings apart a little and found that an SWR of between 1:3 and 1:6 could be achieved from 70.0MHz to 70.5 MHz. 
| also tried the circuit in a T configuration, but found that, in this circumstance, the Pi Match circuit worked better. 


| then set about installing the components into the metal enclosure. This box had a small chassis plate held in place 
by a machine screw and spacer at each corner that raised it above the level of the base of the box. | decided to use 
this as it would place the shafts of the two variable capacitors at about the centre of the front face of the case. 


The capacitors had small threaded holes in the base so | looked around for some suitable, small machine screws. | 
then drilled four holes in the chassis plate to enable the capacitors mounted in suitable positions. 


Once the capacitors were mounted on the chassis plate | could then measure and mark out the positions of the 
holes in the front panel. | also marked out the positions of the holes required for the SO239 sockets on the rear 
panel. (The box must have been used for several other projects in the distant past since there were already a 
number of holes present). 


Once the holes were drilled, | mounted the SO239 sockets using small zinc plated machine screws and nuts, 
including a solder tag on one screw of each socket. Next the chassis plate was fitted inside the box using the 
spacers, machine screws, plain washers, shake-proof washers and nuts. 


| then soldered the 4 turn inductor coil across the centre pins of the SO239 sockets and also soldered a short, red, 
wire onto each centre pin. The wire from the centre pin of the transceiver side socket was soldered onto the nearest 
variable capacitor which has the three gangs connected together in parallel. 


The wire from the centre pin of antenna side socket was soldered onto the a single gang of the other variable 
capacitor. 


Next, a black wire was soldered to each of the solder tags on the chassis mounting points of the SO239 sockets. 
The other end of each wire is soldered on to the chassis of the nearest variable capacitor. Finally a knob was fitted 
to the brass shafts of each capacitor and four self adhesive feet fixed to the base of the enclosure. My knobs do not 
match, but | will search out another smart pointer knob. 


The Finished Unit, Testing and Use 


Once the construction was completed, | connected the aerial to the Antenna socket and the Antenna Analyzer to the 
Transceiver socket. | then adjusted the two controls until | found the best match at around 70.4 MHz. 


| found that the SWR was adequately low across the whole of the 4 Metre band from 70.0 MHz to 70.5 MHz. 
Therefore the controls would not require regular adjustment, so | marked the positions of the knobs for future 
reference. 


| then went on to make some 4 Meter contacts - proving the usefulness of this little "Heath Robinson" project! 


My construction methods are hardly ‘best practice’ for VHF frequencies and | am sure could be improved upon for 
better efficiency. 
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Some of the parts from the junk box. 
The holes for the SO239 sockets and variable capacitors have been drilled out. 


The two SO239 sockets fitted to the metal enclosure with the two variable capacitors being fitted to the chassis 
plate. 
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The completed ATU. 
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The completed Antenna Matching Unit. 


The completed Antenna Matching Unit. 
(Note the professional engraving and matching knobs!) 


Who was Heath Robinson? 
http: //www.wired.co.uk/news/archive/2013-07/29/heath-robinson-deserves-a-museum 
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top of page ^ 


Links to Electronic Component Suppliers 


E ESP - Elliott Sound 
Products 


Elliott Sound Products 


ESP, the home of DIY audio articles, projects and shortform kits. 
Professional results for the Do-It-Yourself enthusiast 


DISCLAIMER: If you attempt any of these projects proceed with due caution with regard your 
own safety and the safety of the equipment that you are working with! 


| cannot be held responsible for any accidents, injuries or damage 
caused to any equipment that may result. 


MOMTJ | Operating Conditions | Antennas / Aerials | /P Portable Operating | Accessories | Projects & Kits | Useful Information 


Contact MOMTJ | Contact MORS | Links to Amateur Radio Sites | RSGB | QSL | The Amateur Radio Mini Site Map 


MDS975 Home 


Feedback 


S 
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Subjects covered on this page: 
Heil HM-12 Gold Elite Goldline HC-4 HC-5 HC5.1 Handi-Mic 
Shure PG48 PG58 SM48 SM58; Behringer Ultrvoice XM8500; AKG D5; Audio-Technica VC5; PRO41; ATR1300 
Beyerdynamic; Sennheiser. 
Using a dynamic stick microphone with the Kenwood TS-590s 
Amateur Radio; Ham Radio; Radio; Transceivers; HF; VHF; UHF; Data Modes; Morse Code; RTTY; PSK31; SSTV; FSTV; Amtor; Sitor; 
Morse Code; CW; Microphone Adapters; Field Strength; Meter; Yaesu LDG FT Meter; ALC Power Adjustment; Dummy Load; 
Antennas; Aerials; Top Band; 160 metres; Cable; Coaxial Cable; Twin Lead; Propagation; Computer; PC; USB Computer Interface; Microphone 
Loudspeaker; Filters; Noise Reduction; DSP; Digital Signal Processing. 
Amateur Radio; Ham Radio; Radio; Transceivers; HF; VHF; UHF; Data Modes; Morse Code; RTTY; PSK31; SSTV; FSTV 
Antennas; Aerials; Cable; Coaxial Cable; Twin Lead; Masts; Poles; Propagation; Computer; PC; USB Computer Interface; Microphone 
Loudspeaker; Filters; Noise Reduction; DSP; Digital Signal Processing; Morse Key; SWR ; Inverted L; Inverted V; Dipole; Doublet. 
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rexresearch.com 


Pyramid Energy Patents (II ) 


shutterstack THINK YOU KNOW STOCK? 


images | videos | music 


Think again. 


See also : Pyramid Patents (1) 


RO121993 
PYRAMID-TYPE CONSTRUCTION FOR RELAXATION 


KR20040076310 
STRUCTURE OF SWEATING BATHROOM USING THE PRINCIPLE OF GATHERING 
ENERGY IN THE FORM OF A PYRAMID AND IMPROVING ENDURANCE 


RO125394 
SQUARE PYRAMID-SHAPED METAL CONSTRUCTION WITH QUARTZ CRYSTALS IN 
THE APEX 


DE202004010557 
Flat sheet material blank for construction of hollow tetrahedral pyramid... 


KR20140011732 
CLOCK WISE COIL ON QUARTZ INSTALLED PYRAMID SHAPE DEVICE FOR SUBTLE 
ENERGY 


USDS527302 
Pyramid for harmonizing energy 


UA18114 
ENERGY PYRAMID "LABIRINT" 


UA18109 
ENERGY PYRAMID 


RU2184574 
METHOD FOR TREATING PATIENTS WITH PYRAMID ENERGY 


KR20070122080 
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APPARATUS FOR GENERATING PYRAMID ENERGY 


JPS6084139 
PYRAMID ENERGY GENERATING APPARATUS 


JPS5786366 
PYRAMID-POWER DEVICE FITTED AROUND SCROTUM IN ORDER TO REINFORCE 
ENERGY 


JPS5424180 
MILK CONTAINER SERVING ALSO AS PYRAMID ENERGY GENERATOR 


JPS548055 
BED APPLYING PYRAMID ENERGY GENERATOR 


JPS548058 
PILLOW APPLYING PYRAMID ENERGY GENERATOR 


JPS55157456 
REGENERATIVE DEVICE AND METHOD FOR CUTLERY UTILIZING PYRAMID ENERGY 
COMBINED WITH MAGNETIC FORCE 


JPS59187300 
PYRAMID ENERGY GENERATOR 


JPS5495851 
PYRAMID ENERGY GENERATOR 


WO2004058339 
INSTRUMENT AND PROCEDURE FOR THE USE OF PYRAMID ENERGY 


EP0302192 
Device for the treatment of living beings and plants with pyramid energy. 


DE202006015477 
Energy twin-pyramid to measure cosmic and terrestrial energy has mountain crystal energy 
condenser 


DE202006004778 
Pyramid with square base containing special energy level... 


DE102005052831 
Gravitational energy conversion device, has pyramid produced from cuboidal stones 


DE29724691 
Energy pyramid for medical use 


DE19717053 
Energy pyramid for medical use 


CN1617188 
Pyramid energy focusing model and its making method 
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75% troubleshoot their 


- networks manually. Why? 


RO121993 
PYRAMID-TYPE CONSTRUCTION FOR RELAXATION 


Inventor(s): BECIU NICULINA 


A, 


Fig. 1 


Fig. 2 
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B. 340 volts (This is the common house 
current supply voltage; 340 Vpp = 120 V 
rms .) 

7 There is a primary time measurement 
for sine waves. The duration of the complete 


sine wave Is shown in Figure 5.4 and 
referred to as a cycle . All other time 
measurements are fractions or multiples of a 
cycle. 

Figure 5.4 

———— E 


Questions 

A. What is one complete sine wave called? 
B. What do you call the time it takes to 
complete one sine wave? —— 

C. How is the frequency of a sine wave 
related to this time? | 

D. What is the unit for frequency? — —ć 

E. If the period of a sine wave is 0.5 ms, 
what is its frequency? What is the frequency 
of a sine wave with a period of 40 psec? 
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Fig. 3 


The invention relates to a pyramid-type construction for body relaxation, meant to be used as 
therapeutical means 1n the field of complementary and alternative therapies. According to the invention, 
the pyramid-type construction for relaxation, comprising a square base and four triangular walls forming 
an enclosure provided with windows (9, 9', 10) and an access door (8), has multi-layered base and walls 
made of rigid plates with quartz crystals (Q) and permanent magnets (M) therebetween, in the base center 
there being placed an aluminium tube filled with consecutive layers of semi-precious stones, clay and 
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sand, the sand layer embedding a hexagon-shaped quartz crystal with a pointed tip oriented towards the 
pyramid apex, where a quartz crystal (Qv) with a downwardly-oriented tip is located, while inside the 
walls there 1s placed a multi-layer water pipe (P) with aluminium insertion, having a continuous lay-out 
starting from a pyramid angle and returning thereto after forming in each wall a loop reaching a height of 
1/3 up to the pyramid apex, while observing the side inclination angle generating the "pi" relation 
between the height and the base side. 


KR20040076310 
STRUCTURE OF SWEATING BATHROOM USING THE PRINCIPLE OF GATHERING 
ENERGY IN THE FORM OF A PYRAMID AND IMPROVING ENDURANCE 


Inventor(s): EOM DONG IL 
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PURPOSE: Provided 1s a structure of a sweating bathroom to remove any inconvenience and uneasiness 
of a user staying in an internal space by applying the principle of gathering energy in the form of a 
pyramid and improving endurance; and to improve the user's health by using yellow soil in layering stone 
in the form of a pyramid. CONSTITUTION: The structure of a sweating bathroom where stone is layered 
in the form of a pyramid on a basis(10) and a high temperature is kept by the burning for a predetermined 
time comprises an inner layer block(11,12) layered for forming an inner space in the form of a pyramid; 
an outer layer block(21) layered for forming a predetermined space to the inner layer block(11,12); a 
filler(25) filled in the space in the state of combining the inner layer block(11,12) and made of yellow soil 
as a main material; and a floor material forming the bottom of the inside by layering a yellow soil 
layer(35) and a salt layer(36) alternately on the space formed by the basis(10). 
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RO125394 
SQUARE PYRAMID-SHAPED METAL CONSTRUCTION WITH QUARTZ CRYSTALS IN 
THE APEX 


Inventor(s): ANDRONOVICI LIVIU 
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DE202004010557 
Flat sheet material blank for construction of hollow tetrahedral pyramid... 
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Fig. 7 


Fig. 8 
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F. If the frequency of a sine wave is 60 Hz, 
what is its period? What is the period of sine 
waves with frequencies of 12.5 kHz and 1 
MHz? 
Answers 
A. Cycle 
B. The period, T 
C. f = LT 
D. Hertz (Hz) is the standard unit for 
frequency. One Hertz equals one cycle per 
second. 
E. 2 kHz, 25 kHz 
F. 16.7 ms, 80 usec, 1 usec 

8 Choose all answers that apply. 
Questions 
Which of the following could represent 
electrical AC signals? 
A. Simple sine wave 


B. Mixture of many sine waves, of different 
frequencies and amplitudes 

C. Straight line 

Answer 

A and B 


Resistors in AC Circuits 


9 Alternating current iS passed through 
components, just as direct current IS. 
Resistors interact with alternating current just 
as they do with direct current. 

Question 

Suppose an AC Signal of 10 V pp IS 
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Modulvarianten 


Ser-Modul Fyer-Vorkaufsbex 1 
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nid Rúckansicht Pyramide 
Es $ 76 Fes Boke 


Modulwand Saulė aus 1 de Modulsn 
untere Reilhe Sariiodul, obere 4er-Modul und 1 4arModul 
Fig 2g fre ee aa 


Inventor(s): PUPILLO ROSA MARIA et al 


Some of the six triangular faces (A-H) defined on the blank (1) are folded over each other during the 
folding process to form a regular tetrahedron. Alternate cross-folds (11) and diagonal folds (12) define 
equilateral right-angle triangles with the short sides equal to the width (4) of the rectangle. The width of 
the rectangle is one quarter of the length (2). 


KR20140011732 
CLOCK WISE COIL ON QUARTZ INSTALLED PYRAMID SHAPE DEVICE FOR SUBTLE 
ENERGY 


Inventor(s): KIM CHANG HYUN 
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The present invention relates to a pyramid-shaped subtle energy generating device emitting scalar waves, 
which is characterized by winding a coil around quartz in a clockwise direction and putting the quartz 
into a pyramid-shaped body. The device of the present invention is configured to generate scalar waves 
using a scalar wave generating coil wound in the opposite direction with the same number of windings 
and right-handed torsion waves using a right-handed torsion coil wound clockwise starting at the center 
from free electrons present in a living space. The pyramid-shaped body for accumulating the free 
electrons 1s made by piling up a mixture of 50% minerals such as steel shavings, quartz shavings, brass 
shavings, copper shaving, etc. and 50% polyester resin into a pyramid shape to effectively accumulate the 
free electrons, and the accumulated free electrons pass through the coils wound the quartz to generate 
scalar waves and right-handed torsion waves. A drawn line is connected to the top of the pyramid-shaped 
body to effectively deliver the generated scalar and right-handed torsion waves to a human body. 
Therefore, the pyramid-shaped subtle energy generating device generates the scalar waves not using a 
man-made power source and provides energy beneficial to the human body. 
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USD527302 
Pyramid for harmonizing energy 


Inventor(s): VLADAMIROV STEPHAN GEORGIEV 
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UA18114 
ENERGY PYRAMID "LABIRINT" 
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Inventor(s): YEVREIENKO YURI PAVLOVYCH [UA]; HURYN VASYL ARSENTITOVYCH 


The proposed energy pyramid has a central opening which is coupled with cavities that are separated by 
walls with variable profile. 


UA18109 
ENERGY PYRAMID 
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Inventor(s): YEVREIENKO YURI PAVLOVYCH [UA]; HURYN VASYL ARSENTITOVYCH 


The proposed energy pyramid has planar facets with spiral bases. 


RU2184574 
METHOD FOR TREATING PATIENTS WITH PYRAMID ENERGY 
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Inventor(s): PEREPELKIN IA 


SUBSTANCE: method involves placing water under negative temperature in various places inside, above 
and under the pyramid at different heights and apart from each of the borders. Water is hold until it 
freezes. Filament-shaped structures are observed in frozen water to determine energy distribution zones in 
the pyramid and beyond its borders according to their number and length. Then patient state is examined 
by applying biological indicator device. Energy zone is selected in the pyramid and beyond its borders 
matching the patient's state. The patient or means to be used for following internal or external application 
are placed in this zone. The means are hold there not less than 24 h. Water is usable as internal application 
means, foil, stones, copper and bed cloths are usable as external application means. EFFECT: enhanced 
effectiveness of catheter protection against moisture with no sticking effects. 4 cl, 3 dwg 


KR20070122080 
APPARATUS FOR GENERATING PYRAMID ENERGY USING PYRAMID STRUCTURE 
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Inventor(s): I YEONG GYU [KR]; NRHO BYUNG 


An energy generating device using a pyramid structure is provided to amplify pyramid energy of the 
pyramid structure by changing a magnetic field by applying high frequency to the pyramid structure. An 
energy generating device(10) generating pyramid energy in a pyramid structure(100) is composed of the 
pyramid energy generating pyramid structure; a case(200) containing the pyramid structure; a high 
frequency generating and heating substrate(400) installed at the inner bottom of the case and operated 
electrically or magnetically by receiving electricity from an external power source, in order to generate a 
high frequency signal and heat and amplify pyramid energy generated from the pyramid structure; and an 
object holder(500) formed at the outer upper part of the case to place an object and absorb pyramid 
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energy generated from the pyramid structure stored in the case. 


JPS6084139 
PYRAMID ENERGY GENERATING APPARATUS 


Inventor(s): WATANABE NAOMICHI 


PURPOSE:To provide an apparatus for generating strong pyramid energy regardless of azimuth, obtained 
by arranging a wire member and a composite body of the wire members along a secondary curved 
surface. CONSTITUTION:A large number of single wire members 3 and composite bodies 4 of the wire 
members are connected to a ring shaped upper support member 1 and a ring shaped lower support 
member 2 and the single wire members 3 and the composite bodies 4 are arranged along a conical 
surface. Furthermore, a metal or bamboo material is appropriately used as each single wire member. In 
addition, when the pole of a magnet 5 is contacted with the lower support member 2, the radiation 
direction of pyramid energy can be bundled to a lower direction. This generation apparatus always 
generates a large amount of strong pyramid energy even if directed to any direction and excellent in 
dehydration effect or corrosion preventing effect. 


JPS5786366 
PYRAMID-POWER DEVICE FITTED AROUND SCROTUM IN ORDER TO REINFORCE 
ENERGY 


Inventor(s): MAGATA YASUHEI 
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connected across a 10-ohm resistor. What is 
the current through the resistor? 


Answers 
Use Ohm's law: 
f 
oOV 10Vp LA 
o TT o pp 
R 10ohms 
Because the voltage is given in pp, the 


current is a pp current. 
10 An AC signal of 10 V rms is connected 
across a 20-ohm resistor. 


Question 
Find the current. = __ 
Answer 
10 Vni 
200ohms 


Because the voltage was given in rms, the 
current is in rms. 

11 You apply an AC signal of 10 V pp to 
the voltage divider circuit, as shown in Figure 
5.5 


Figure 5.5 
Vi 


t- E 
ION op 


Question 
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JPS5424180 
MILK CONTAINER SERVING ALSO AS PYRAMID ENERGY GENERATOR 


Inventor(s): SANO KATSUO 


JPS548055 
BED APPLYING PYRAMID ENERGY GENERATOR 


Inventor(s): SANO KATSUO 
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JPS548058 
PILLOW APPLYING PYRAMID ENERGY GENERATOR 


Inventor(s): SANO KATSUO 


JPS55157456 
REGENERATIVE DEVICE AND METHOD FOR CUTLERY UTILIZING PYRAMID ENERGY 
COMBINED WITH MAGNETIC FORCE 
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Inventor(s): OOHASHI TATSUNORI 


PURPOSE:To increase pyramid energy power and regenerate cutlery in a shorter period, by fitting a 
cutlery holder with a certain angle of elevation to a base plate equipped with a magnet in the magnetic 
north. CONSTITUTION:A cutlery holder 1 is fixed with about 60 deg. of elevation on a base plate 2 and 
a magnet 4 1s also fixed in the magnetic north on the plate 1 to increase the magnetic force in the cardinal 
direction of north. This can reinforce energy power working in other three cardinal directions and 
regenerate cutlery set to the holder 1 equipped with a supporting frame 3 in about a week. 


JPS59187300 
PYRAMID ENERGY GENERATOR 


Inventor(s): WATANABE NAOMICHI 
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JPS5495851 
PYRAMID ENERGY GENERATOR 
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Inventor(s): SANO KATSUO 


WO2004058339 
INSTRUMENT AND PROCEDURE FOR THE USE OF PYRAMID ENERGY 


Inventor(s): CSAPO GYOERGY [HU]; CSAPO GYOERGYNE 


The subject of the invention is on the one hand an instrument for the use of pyramid energy, which 
consists of a carrier of any substance and square based pyramidal bodies arranged on the carrier, 
characterized by the spiral arrangement of the pyramidal bodies on the carrier, the multiple spiral 
formations arranged into a spiral system originating from multiple points close to each other on the 
carrier, and by the defined manner in which the size of the pyramidal bodies decreases within a spiral 
formation. The spiral formations of the instrument according to the invention follow the Fibonacci 
Principle. The subject of the invention is also a procedure using the device above for the use of pyramid 
energy, characterized by placing the pyramid energy-enhancing instrument above or below the substance 
to be treated - ideally water or substance containing water - in a way that the top vertices of the pyramidal 
bodies arranged on the carrier point towards the substance to be treated, and carrying on with the 
treatment for the desired time. The substance containing water may ideally be the human body, tea, fruits, 
fruit juices, etc. 


The instrument and procedure for use of pyramid-energie The subject of the invention 1s an instrument 
and procedure for the use of pyramid energy. 


The energy concentrating effect of pyramids has long been known. 


Such is, for example, Czechoslovakian patent Na 91304 which describes that a razor blade is repeatedly 
resharpened in a pyramid shaped housing and 1s reusable hundreds of times. 


According to the currently accepted supposition the common resultant of cosmic space, terrestrial space, 
electric, magnetic, corpuscular, and other, thus far unknown particles and energies could be responsible 
for phenomena taking place in pyramid shaped spaces. 


German patent Na 3525521 gives directions as to the formation and placement of the pyramid. The 
pyramid is fashioned of a material with a high dielectric constant to the reduced size of the Cheops 


pyramid. 
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German patent Na 19717053 describes an energy pyramid for therapeutic purposes. A number of 
pyramids according to the patent are placed on different points of the body to achieve the desired 
remedial effect. The pyramids may be 3-5 sided, with edge lengths between 1-10 cm, and may be made of 
aluminum or its alloys. 


Japanese patent Na 9313624 proposes the use of reduced size Cheops pyramids with a plane inclination 
angle of 68-25 degrees for destroying infecting bacteria, viri and fungi, and curing joint and muscle pains. 


According to the view currently held by researchers energy travel downwards in the pyramid in a spiral 
from the top vertex. According to suppositions this spiral movement lends special properties to pyramidal 
shapes. Spiral movements found in nature are characterized by the Fibonacci spiral model. (For example 
the expansion of an explosion, a spiraling galaxy also works according to the Fibonacci Principle.) 

The aim during the elaboration of our invention was to allow for a much more widespread and general 
use of pyramid energy than before. 


We have recognized that a great number of pyramidal shapes arranged according to the Fibonacci 
Principle allow for the use of the inner energy of pyramids with greater efficacy. In a formation thus 
constructed energies flowing upward also exercise their effects according to the Fibonacci spiral 
formation, their effect is multiplied (not simply added up). 


Our further research has shown that if the pyramidal shapes we arranged in a spiral are not of equal size, 
rather they differ in size in an orderly manner along each spiral arm, the energy concentration that can be 
achieved is larger than before by up to two magnitudes. 


The subject of the invention is on the one hand an instrument according to the above for the use of 
pyramid energy, which consists of a carrier of any substance and square based 


pyramidal bodies arranged on the carrier, characterized by the spiral arrangement of the pyramidal bodies 
on the carrier, the multiple spiral formations arranged into a spiral system originating from multiple 
points close to each other on the carrier, and by the defined manner in which the size of the pyramidal 
bodies decreases within a spiral formation. 


The spiral formations of the instrument according to the invention follow the Fibonacci Principle; the 
number of spirals on a carrier is between 3-21. 


The instrument according to the invention may be made of any formable or afterhardening material, 
ideally rubber, plastic, metal, paper, concrete, gypsum or epoxy. Metal may ideally be copper. 


The instrument may naturally be made with spirals formed clockwise or counter-clockwise, which 
correspond to carrying positive or negative energy/Ying and Yang/. 


A ring shaped body made of metal and/or magnetic rods with high field intensity and/or stones (e. g. 
crystals) may be positioned inside the pyramidal bodies constituting the spiral arms. 


Experience suggests that this also increases the energy level of the device. 


The pyramidal bodies may be fixed to the carrier by gluing or using detachable jointing, or they may be 
formed together with the carrier by vacuum-forming plastic or machining metal. 


The subject of the invention is also a procedure using the device above for the use of pyramid energy, 
characterized by placing the pyramid energy-enhancing instrument above or below the substance to be 
treated-ideally water or substance containing water-in a way that the top vertices of the pyramidal bodies 
arranged on the carrier point towards the substance to be treated, and carrying on with the treatment for 
the desired time. 


While carrying out the procedure according to the invention 1t may be expedient to rotate the instrument 
around its center of symmetry. 
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The substance containing water may ideally be the human body, tea, fruits, fruit Juices, etc. 
Substance containing water thus treated may be used for treating human and animal sicknesses. The 
instrument and procedure according to the invention 1s also suited to set the satisfactory energy level of 


the human body. 


The instrument according to the invention may be formulated so that 1t 1s set on a shoe sole shaped 
carrier. 


The color of the instrument according to the invention may diverse/ideally according to the seven chakra 
colors/. 


The formation of the instrument according to the invention 1s presented in Figures 1-9 as an example. 
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Find V out . 


Answer 
Ve — T, x 
(R, + R32) (8k +2k ) 10 
Capacitors in AC Circuits 
12 A capacitor opposes the flow of an AC 
current. 
Questions 
A. What is this opposition to the current flow 
called? | 
B. What is this similar to in DC circuits? 
Answers 
A. Reactance 
B. Resistance 
13 Just as with resistance, you determine 

reactance by using an equation. 
Questions 
A. What is the equation for reactance? ———__ 
B. What does each symbol in the equation 
stand for? ——_— 
C. How does the reactance of a capacitor 
change as the frequency of a signal 
increases? | 
Answers 
A. l 

- 2 iG 
B. XC = the reactance of the capacitor In 
ohms. 
f = the frequency of the signal in hertz. 
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Figure 1 shows the instrument according to the invention fashioned so that the pyramidal 
bodies/2/gradually increase in size from the originating point along the spiral arms 131. 


- This is presented as a section in Figure 5. 
Figure 2 shows the instrument in Figure 1 with an opposite direction of rotation. 


Figure 3 shows a formation where the pyramidal bodies/2/1n the spiral arms 131 alternate in increasing 
from a smaller size toward a larger size and decreasing from a larger size toward a smaller size. 


- This is presented as a section in Figure 6. 

Figure 4 shows a formation where they increase from a smaller size toward a larger size, then decrease 
from a larger size toward a smaller size, with the same repeating in the opposite direction on a 
neighboring spiral arm. 


- This is presented as a section in Figure 7. 


Figure 8 shows the ring made of metal 151 and the strong permanent magnet/6/to be placed inside the 
pyramid as a section. 


- The same is shown in a top view in Figure 9. 


EP0302192 
Device for the treatment of living beings and plants with pyramid energy. 


Inventor(s): OEHME RAINER 


In a device for the treatment of living beings and plants with pyramidal energy, the energy 1s picked up on 
energy pick-up lines (12, 13), which are arranged electrically separate along the four edges of the pyramid 
(6). Since the emission of energy is particularly strong along the pyramid edges, a particularly large 
amount of energy can be picked up by energy pick-up lines (12, 13) of this type. Such energy pick-up 
lines (12, 13) are considerably cheaper to produce. 
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DE202006015477 
Energy twin-pyramid to measure cosmic and terrestrial energy has mountain crystal energy 
condenser 


Inventor(s):  GROTHOFF HEINZ HUBERT 


An energy double-pyramid with mountain rock crystal energy condenser has two discrete, independent 
pyramid bases (1, 2) without an electro-galvanic link. 


> 


pa 
4 


A separation and measurement of terrestrial and cosmic energy is therefore not possible. 

The protection specified in claim 1 invention has the object to produce such a single measurement of 
cosmic and terrestrial energy on the creation of an energy-double pyramid of metals of all kinds and sizes. 
This problem is solved with the features listed in the protection Claims 1 to 6. 

With the invention ensures that a flow of energy in the mV range can be detected by the mechanical 
connection of the individual pyramids, but with electro-galvanic separation of the two basic structures of 
individual measuring points with plug and socket with electronic measuring instruments. 

This both the kosmischenals on the terrestrial side of the two pyramids. 

The finely-energy portion of the energy is dissipated in the so-called energy capacitor, with a brief break 
in rock crystals of 1-3 cm diameter filled plexiglass tube, this energy capacitor is mounted in the inner 
tips of the two pyramids. 

Also on energy capacitor has a socket for tapping the energy is applied. 

At the intersection of the two pyramids a plate for placing objects attached to energize. 


http://www.rexresearch.com/pyramid/pyramid2.html 35/41 


1/28/2019 Pyramid Energy Patents ( II ) 


The overall design 1s then on the top of the lower pyramid. 

At the apex of the upper pyramid a natural quartz crystal 1s attached. 

The bulk of the energy-double pyramid always correspond to a reduction corresponding to the masses of 
the Cheops pyramid. 

Over the two sockets but also the electrical connection between the two pyramids 1s possible and the 
result is a big power cage. 

The final energy double pyramid is shown in the protection claim 1 in the image and in the drawing. 
1: upper pyramid base 1 

2: lower pyramid base 2 

3: 4 insulators 

4: Rhinestone energy capacitor 

5: grounded standpipe 

6 sockets 

7: Storage Plates 

8: rock crystal tip 


DE202006004778 
Pyramid with square base containing special energy level... 


Inventor(s): . NOWACK REINHARD 


The focusing bars (3) serve as a holder for the energy platform (2), whilst simultaneously focusing energy 
on the object (4) to be energized. 


DE102005052831 
Gravitational energy conversion device, has pyramid produced from cuboidal stones... 


Inventor(s): HUBER KLEMENS 


The device has a pyramid used with a quadratic base surface of a side length and a vertical height (hy) in 
a center. The pyramid is produced from cuboidal stones, where a cuboidal-shaped hollow space is 
designed with volume (V1) in the pyramid. A well-shaped hollow body is designed with outer volume 
and inner volume in the pyramid. The hollow body is adjusted on the volume, such that the electrical 
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energy that is provided in the hollow body is converted into gravitational energy. 


The invention relates to a device with a pyramid according to the preamble of claim 1. 
A variety of such pyramids there are on earth. 
Their intended purpose and their age are controversial among archaeologists and researchers pyramid. 


State of the art 


The starting point of the present invention is to DE 42 33 678 Al. 

There, the oscillation energy of an electron is equated with its electrostatic energy ECOUL. 

Conversion factor is the Sommerfeld fine structure constant [alpha]. 

In the resonant energy product [omega] is 1 <2> V1 contain. 

The part of the electron volume V1 is determined from the known angular frequency [omega] 1 and other 
known factors. 

In the second equation, the product [omega] 2 <2> V1 appears; is the angular frequency [omega] 2 1s 
calculated from known V1 and other factors. 

The invention is now expected that applies to energy transfer between two bodies with the volume V3 and 
V4: [omega] 3 <2> V3 = [omega] 4 <2> V4 

Harmonious relationships exist when V3 and V4 and [omega] 3 <2> and [omega] 4 <2> primes or prime 
products. 

So there is a certain extent square harmony. 

In contrast, the sound frequencies f of the music and its scales are linear or numbers 

Number quotients dependent. 


Task 


It is the object of the invention to convert gravitational energy directly into electrical energy. 
To achieve this objective the characterizing features of claim 1. 

To explain is to serve subsequent calculation. 

To achieve this objective the characterizing features of claim 1. 

To explain is to serve subsequent calculation. 

If the Earth rotates daily on its axis, acting on the electrons of a pyramid built on her a 
Corriolisbeschleunigung acor the size acor = 2 wrel [omega] S 

[Omega] S = angular velocity of the solar system sphere 

<Img class = "EMIRef" id = "027964757-00020001" /> 

RES = mean distance Earth - Sun 

RES = 1.495921 10 <11> m 

wrel = relative velocity of the earth to the sun sphere 

<Img class = "EMIRef" id = "027964757-00020002" /> 

From this: 

<Img class = "EMIRef" id = "027964757-00020003" /> 

where for the determination of the rE relationship: 

<Img class = "EMIRef" id = "027964757-00020004" /> 

And hy <3> according to claim 1: hy <3> = 9 X 11 X 29 X 37 X 299 521 X 10 <-4> m <3> 
On the electrons then the moment acts: 

Decor = acor me RB 

me = mass of the electron 

= 9.10953 10 <-31> kg 

RB = Bohr radius = distance of the electron from the proton 

<Img class = "EMIRef" id = "027964757-00020005" /> 

From this: 

Decor = 1.476049 10 <-43> MN 

Deor <2> = 2.17872 10 <-86> (Nm) <2> ECOUL 10 <-68> 

ECOUL = 2.17872 10 <-18> MN 

= Electrostatic energy between proton and electron 

The process of power generation is similar to known generators. 

There, an armature rotates in a magnetic field and induces a sinusoidal alternating current by cutting the 
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lines of force of the magnetic field. 

In the invention, the pyramid intersects on a daily rotation of the earth's gravitational field caused by the 
Sun-Earth and Corriolisbeschleunigung also a sinusoidal alternating current. 

For this purpose, the pyramid height hy hy or <3> 1s matched in a particular way to a particular sphere 
volume of the earth with radius rE. 

The advantage of the invention is a low-cost electricity without polluting the environment. 

An energy conversion can be carried out according to the features of claim 4 in the reverse direction. 
The occurring there factor [alpha] 1s an indication that electrical energy is converted into mechanical 
vibration energy. 

It is 

<Img class = "EMIRef" id = "027964757-00030001" /> 

Located in the trough-shaped hollow body a person with suitable Body and Brain volume, the energy of 
his brain waves is enhanced by conversion to gravitational energy. 

His thoughts can be transmitted over long distances. 


Embodiment 


In the drawing the invention is shown schematically. 
FIG. 1 middle section of the pyramid 
FIG. 2 Larger view of the cavity with volume V1 and inside it hollow body with external volume V2. 


rg 


AG 2 


The internal volume V3 of the hollow body is half as large as the external volume V2. 
It is important for the function of the device that the volumes in the construction of the pyramid are 
adhered to as closely as possible. 
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The pyramid must have so much mass that change the volumes at different daytime and nighttime 
temperatures do not markedly. 


Seasonal changes in volume are kept within limits when the pyramid is built near the equator. 


DE19717053 / DE29724691 
Energy pyramid for medical use 


Inventor(s): AUER ARMIN C 
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The aluminium or aluminium alloy pyramid has a base with 3-5 corners and equal or non-equal side 
lengths of 1-10 cm. Preferably the aluminium alloy has the composition 80-96, especially 87.4% Al, 5-15, 
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especially 9% Si, 1-6, especially 3% Cu, 0.08-1.0, especially 0.3% Mn and 0.08-1.0, especially 0.3% Meg. 
Also claimed 1s an arrangement of several such pyramids. 

Pyramids of specific size and alloy 

Pyramid or Pyramids special size and special aluminum alloy for power charging 

The use of pyramid energy is common and known. 

The use of pyramid energy 1s not unknown especially in the medical field. 

The achievement of specific effect has not been possible because the pyramids used hitherto produced 
only an insufficient energy. 

The problem of sufficient energy accumulation is achieved by the features listed in the protection claim 1: 
The dependent claims represent advantageous embodiments of the invention. 

An arrangement according to claim 6 1s particularly noteworthy. 

With the invention is achieved that the pyramid energy specifically in metabolic diseases and especially 
in diseases with mental component (including Allergies) can be used. 

The necessity of certain sizes and certain alloy was determined empirically. 

During these investigations were during the run of these pyramids to specific points on the patient for 
skin. 

As severe pain and other clearly identifiable reactions observed, which led to cures. 

The representation of a particularly advantageous embodiment of the invention is shown in Figure 1. 
An inventive arrangement of several pyramids according to the invention 1s the Figure 2 below. 
Inverted pyramid with a square base with 

= 2.26 cm 

0.951 x 

advantageously aluminum alloy according to claim 4 

Description 2 

Innovative arrangement according to the invention of several pyramids 


CN1617188 
Pyramid energy focusing model and its making method 


Inventor(s): LI YUANLIANG [CN]; LI YUJIAN [CN]; ZOU QIN 


The energy focusing pyramid model is made of plastic, three-ply board, fiber board, granite and other 
insulating material and 1s shaped as rectangular pyramid or triangular pyramid with each side plane is one 
isosceles triangle of apex angle of 52 deg and base angle of 64 deg. It may be set inside bed room, office 
and class room to result in body building, disease preventing and treating effect, and entering to one large 
model will result in even high effect. Food or beverage may be set inside the model for preserving even 
long period. The reason is that the model can well absorb cosmic wave energy. 
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CN101703442 
Pyramid type magnetic field effect health-promoting and disease-curing functional bed 
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C = the value of the capacitor in farads. 


C. The reactance of a capacitor decreases as 
the frequency of the signal increases. 

14 Assume the capacitance is 1 uF and 
the frequency is 1 kHz. 
Question 
Find the capacitor's reactance. ( Note : 1/(2n) 
= 0.159, approximately.) = | 
Answers 

o> dl 
Co 
2 fC 
f = 1kHz = 10 3 Hz 
C = 1 uF = 10 -6 F 
Thus, 
Xc = 2 = ]60ohms 
10°x10 $ 

15 Now, perform these simple calculations. 
In each case, find X C1 (the capacitor's 
reactance at 1 kHz) and X C2 (the capacitor's 
reactance at the frequency specified in the 
question). 
Questions 


Find X Cl and X C2 
A. C = 0.1 uF, f = 100 Hz. 
B. C = 100 uF, f = 2 kHz. 


Answers 

A. At 1 kHz, X C1 = 1600 ohms; at 100 Hz, 
X C2 = 16,000 ohms 

B. At 1 kHz, X Cl = 1.6 ohms; at 2 kHz, X 


C2 = 0.8 ohms 
A circuit containing a capacitor in series with 
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The invention relates to a pyramid type magnetic field effect health-promoting and disease-curing 
functional bed, aiming to satisfy the demand that people increasingly pay attention to the quality of life, 
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do not satisfy the current life expectancy and seek good health and a long life. A group of terrestrial 
magnetism energy concentrators are arranged in an existing bed body; magnets which are connected 
together through magnet-wire printed circuit boards are distributed on the cover board of a box body 
below the mattress according to the human body shape and acupuncture points; the bed body is arranged 
in a pyramid type magnetic field effect device; the device is a tower-shape frame with four equicrural 
triangle-shaped side faces which are made from four metal sections, transparent bodies are arranged in the 
tower-shape frame to form a functional cover, a spherical magnetic receiver and a magnetic energy 
releaser are arranged on the top of the cover; and an open inlet is arranged on the side of the functional 
cover. The characteristics and beneficial effect of the functional bed are as follows: by using the 
geometric energy field, geomagnetic field, astrology and star gravitational field theories of the Taiji 
pyramid building, the energy can be concentrated and act on the human body so as to have function of 
curing human diseases; and a plurality of clinical tests show that the functional bed has unique effect for 


curing various difficult and complicated cases. 
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PURPOSE: A pyramid energy sex apparatus is provided, which makes penis erected in a few minutes 
using energy of the pyramid. CONSTITUTION: A pyramid energy sex apparatus comprises a pyramid; a 
copper wire connected to the bottom side of the pyramid; a first capacitor connected to the bottom of the 
pyramid in the plus direction; a second capacitor in which the plus direction 1s connected to the frequency 
tuned part; an inductor which is parallel-connected to the capacitor and performs frequency tuning; an 
amplifier amplifying the frequency tuned energy; and a coil which is parallel-connected to the amplifier, 
generates sex wave, and is conversely wound counterclockwise. 


KR20100005739 
GI ENERGY SLEEPING DEVICE 
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PURPOSE: An energy sleeping apparatus is provided, which makes a user sleep in a few minutes using 
energy of pyramid power. CONSTITUTION: An energy sleeping apparatus comprises a pyramid; a 
copper wire connected to the bottom side of the pyramid; a first capacitor connected to the bottom of the 
pyramid in the plus direction; a second capacitor; an inductor which is parallel-connected to the capacitor 
and performs frequency tuning; an amplifier amplifying the frequency tuned energy; and a coil which is 
parallel-connected to the amplifier and is conversely wound counterclockwise. 


UA32342 
METHOD FOR ENERGY-AND-INFORMATION TREATMENT OF FLUID 


A method for energy-and-information treatment of the fluid comprises storing the fluid inside the 


container with the cover designed as the regular rectangular pyramid and providing the exposure of the 
fluid inside to the fields of the regular rectangular shape. 


UA32341 


DEVICE FOR ENERGY-AND-INFORMATION TREATMENT OF FLUID OR FLOWABLE 
MATERIAL 
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Device for energy-and-information treatment of the fluid or the flowable material contains the container 
with the cover in the shape of the regular rectangular pyramid for storing the material and providing 
energy-and-information treatment. 


UA29223 
TANK FOR IMPROVEMENT OF WATER ENERGY PROPERTIES 


A tank for the improvement of water energy properties corresponds a housing made of dielectric material 
in the form of a nine-hedral regular truncated pyramid with an open upper base. 


UA28144 
FACET OF AN ENERGY-EMITTING PYRAMID "KHVYLIA" 


«e 


It 1s proposed the design of a facet of an energy pyramid with increased intensity of emitted energy. 


UA28143 
FACET OF AN ENERGY-EMITTING PYRAMID "STRILA" 


EA 
LS 


It 1s proposed the design of a facet of an energy pyramid with increased intensity of emitted energy. 
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UA28813 
ENERGY FACE OF A PYRAMID "KATAMARAN" 
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The proposed face of an energy pyramid contains parallel horizontal lines. Between the lines, a strip with 
metallic coating 1s arranged. The strip forms a projection that 1s arranged in parallel to the edge of the 
pyramid face. 


RS943 
PYRAMID ENERGY UNIT 
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SLIKAT — SLIKA 2 


SLIKA 3 


Abstract not available for RS943 


UA27840 
RESERVOIR FOR IMPROVING ENERGETIC PROPERTIES OF WATER USED FOR PLANT 
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IRRIGATION 


A reservoir for improving the energetic properties of water used for plant irrigation is designed as 
nonahedron with the walls made of dielectric material. The reservoir represents the regular truncated 
pyramid with the open upper base. The ratio between the diameters of the circumcircles of the upper and 
lower bases is 0.19-0.22:1. The ratio between the height of the reservoir and the diameters of the 
circumcircle of the lower base is 0.7-0.9:1. The angle between facet of the nonahedron and its base is 61 
DEGREE -67 DEGREE . The device is used for improving the energetic properties of the water used for 
plant irrigation due to the energy of the pyramidal construction. 


WoO2008094038 
DEVICE FOR GENERATING AN ENERGY FIELD AND A SYSTEM OF SUCH A DEVICE 
AND ONE OR MORE TREATMENT INSTRUMENTS 


The present invention relates to a device (1) for generating an energy field, comprising a first housing 
(10) in which one or more pyramid-shaped elements of electrically conductive material and one or more 
coils are arranged. The housing is provided with a connection for a voltage source (20) to the pyramid- 
shaped elements and/or the one or more coils. The housing 1s further provided with means (30, 110, 120, 
130, 140, 150) for transferring the energy field to a living organism, for instance a human being. The 
invention also relates to a system (100) of a device (1) according to the invention and one or more 
treatment instruments (110, 120, 130, 140, 150) connected to the device, wherein each of the treatment 
instruments is adapted to transfer the energy field onto a living organism, for instance a human being. 


AU2007200359 
Pyramid energy devices 


Invention 
The energy concentrating effects of pyramids has long been known. 


According to the currently accepted supposition the common resultant of cosmic space, terrestrial space, 
electric, magnetic, corpuscular and other, thus far unknown particles and energies could be responsible 
for phenomena taking place in pyramid shaped spaces. 


The closest, to the offered invention is the device in a general concept, considering the principle of 
effective concentration and generation of pyramid energy and principle of effective distribution of this 
energy by spiral INSTRUMENT AND PROCEDURE FOR THE USE OF PYRAMID ENERGY, 
application AU2002358920 (Publication date is 20 04-07-22) (WO2004058339 Application number: 
AU20020358920 20021231; Priority number WO2002HU00179 20021231, IPCI-7: A61M21/00, 
A61N1/16, A61N1/00). 


In this general concept a separate device from system of the same devices in the specified application 
represents a figure of the pyramidal form with the flat bases. The description of separate devices of the 
pyramidal form, from the system does not contain data about concrete specific constructive attribute of 
realization of the device. Specification of the prototype is the spiral system of pyramidal devices, and not 
a separate device, and influence of system on bioobjects through saturation of water contained in them by 
pyramid energy. 


The substance containing water may ideally be the human body, tea, fruit, vegetables, juices etc. 
Substance containing water thus treated may be used for treating human and animal sicknesses. However, 
influence of pyramid energy on different objects can be not only curing but also intimidating. 


A method of protection against rodents and insects with its application Technical field of the invention 
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The invention relates to the field of devices of generated concentration of energy which can be used for 
correction of energy states of bioobjects in various industries, agriculture or domestic situations, in 
particular, the protection of premises (shops, warehouses, eating establishments) from rodents (rats, mice) 
and insects (ants, termites, cockroaches, flies) by means of detracting and/or destroying them. 


Summary 


Task of the invention 1s the expansion of functions of the device for generated concentration of pyramid 
energy by effective energy influence on different objects and including the application for effective 
protection of premises and their contents against destruction by rodents and insects. 


00 To fulfill this task, the essential attribute of the offered device is the usage of r, rigidly connected 
pieces of electric wire for creation of the symmetric pyramidal form of the device, arrangement of the 
Reich's energy accumulator executed in the form of sphere inside the pyramidal form on the central 
vertical axis and arrangement of sphere of amplification and optimization of energy radiation on top of 
the pyramidal form connected with Reich's energy accumulator by electric conductor. 


Variants (embodiments) of the pyramidal form the device can be executed: 


c,1 In the form of a correct tetrahedral pyramid enclosed inside of an additional correct tetrahedral 
pyramid with the common plane of the bases and with the common top of both pyramids, and the attitude 
of the areas of the bases of external and internal pyramids make 2:1, and the center of sphere of Reich's 
accumulator is located on 1/3 height of pyramids from their bases; 


The figure of the pyramidal form 1s formed by a ring of wire, forming the base, three pieces of wire have 
two parts, the first part represents the spatial spirals located on a surface of part of ellipsoid with a 
direction of coils counter-clockwise, and the second part represents flat spirals inside of the ring base, 
converging in its center, and points of interface of spatial and flat parts are located on the base ring on 
angular distance 120 degrees from each other, and angles of twisting of flat parts of spirals and the angles 
of twisting of projections of spatial parts on a plane of the base are equal to each other and made from 0.5 
up to 1.5 angular turnovers around vertical axis, the center of the sphere of Reich's accumulator is located 
on half of the height from the top to a plane of the base. 


By such embodiments of the device inventors made purposeful influences on objects: improving energy 
fields of people and foodstuff while dispersing small rodents and insects. 


For realization of the method of protection against rodents and insects, the devices are kept on the 
protected premises whenever possible and at a convenient distance without interruption to the user. The 
necessary quantity of the devices depends on the size of the protected area with an approximate ratio of 
overall dimension of the base of the device of 10 cm for 3.5 m length of floor of an area. 


Brief description of the drawings 
FIG. 1. Shows a first embodiment of the device. 


FIG. 2. Shows a second embodiment of the device. 
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Detailed description of the preferred embodiments: 


00 Main principle of application of the offered devices 1s the definition of influence of a level of energy 
initially existing in object and demanded effect of a so-called resource level necessary for achievement. 

Further means of the t devices of the necessary size and quantity, the demanded resource level of energy 
is created for the decision of tasks in view. 


ri Effective generation of pyramid energy is impossible without its effective concentration in the device. 
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a resistor (as shown in Figure 5.6 ) functions 
as a voltage divider. 
Figure 5.6 


Although this voltage divider provides a 
reduced output voltage, just like a voltage 


divider using two resistors, there's a 
complication. If you view the output and input 
voltage waveforms on an oscilloscope, you 
see that one is shifted away from the other. 
The two waveforms are said to be “out of 
phase.” Phase is an important concept In 
understanding how certain electronic circuits 
work. In Chapter 6, “Filters,” you learn about 
phase relationships for some AC circuits. You 
also encounter this again when you study 
amplifiers. 


Using the Oscilloscope 

You use an oscilloscope to measure AC 
Signals generated by a circuit, or to measure 
the effect that a circuit has on AC signals. 
The key parameters you measure with an 
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Reich's accumulator is used for amplification Seffect of concentrated energy, and the sphere on top of the 
pyramidal form of N the device is used for optimizing the energy radiation. It is known, that Reich's 
accumulator acts in a role of the receiver-condenser of energy from the outside that through the sphere on 
top of the pyramidal form device forms the concentrated field around the device. Reich made metal and 
wood boxes cosmic orgone energy accumulators (in more common case accumulators with metal and 
dielectric layers). So in our case, Reich's accumulator represents multilayered structure of dielectric and 
metal layers, with an external dielectric layer (for example, a dielectric polymeric film) and an internal 
core from metal (a steel ball). Reliability of wide energy opportunities of Reich's accumulator proves to 
be true documentary, and its action continuum. The sphere of amplification and optimization of radiation 
of energy represents a ball from the metal foil, which has been wound up around the top. The effect of 
optimization of radiation of energy 1s represented in more harmonious tranquility radiated energy above 
and along the surface of the device. 


The first embodiment of the device has the traditional form of correct pyramids with an inclusion of a 
smaller pyramid inside the larger one also for amplification effect of concentration and generation of 
pyramid energy. The second embodiment of the device with the smoothed pyramidal form of ellipsoid 
realizes the spiral principle considering close interrelation of Space and Time in existential 
thermographicaly objectificated, thus in additional influence on a person there is a strengthened 
component of adjustment (objective parameters of state), time rhythms of the person, in particular, his 
sleep as essential part of a daily regime. 


Practice has shown that small rodents and insects do not remain in the invaded areas due to correcting 
surrounding space energy concentrated and generated by the offered devices, as the size and capacity of 
their own energy fields of rodents (rats, mice) and insects are much less than sizes of area and capacity of 
the energy generated by the offered device. For example, rats have field size of cm (mice and insects as 
essences of the smaller size, than rats, have the sizes of their fields naturally also much less) in 
comparison with approximately 25 m of the size of area of concentration of energy by the device with 
length of sides of the bases 70 cm. 


O The method has many obvious advantages, especially important in the food Oprocessing industry: 
ecologically pure and safe, without application of harmful pesticides and radiations harmful to people; 
rodents and insects fail to build immunity to the influence of the devices; the task of installation of the 
offered systems in remote places do not require any technological process or electrical 00 installation. 
Proofs of efficiency of application of the offered prototype devices and the method are given in the 
following examples, which proved to be of positive benefit to the user: 

a) After visiting a veterinary clinic with a "sick" gang gang, the diagnosis revealed an incurable virus 
found quite common amongst these birds. 


Had no appetite, loss of feathers, beak breakage and very poor Scondition. After introducing the pyramid 
devices for two or three months, the bird's improvement was very noticeable by his condition, his 
"hungry" appetite, growth of feathers and mended beak. 


b) A young couple in the midst of a marital break up mended their relationship with the introduction of 
the spiral device. It provided a much more relaxing atmosphere in the home, taking away the tension 
between them. They also noticed the disappearance of ants after several days that had been present earlier. 
All the above was achieved within one or two months. 


c) The pyramid device was introduced to a food preparation and take away establishment. The proprietor 
was an experienced businessman and well established but disharmony within the establishment was 
evident. Within two or three months of the device being installed, the proprietor became much more 
mellow and staff increased productivity without any tension. Business takings increased, insects 
disappeared followed by a very pleasing event that never experienced by the proprietor before, and he 
received a cheque in the mail. 


d) A friend installed the device due to irritability and "nothing going right". Within two or three months 
of the installation, he bought his first home for a good price, he sleeps better, his plants are growing very 
healthy, all visiting relatives staying overnight remark on their restful sleep, better fuel economy running 
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his car and no insects. 


e) A relative experiencing an on going health problem with his heart, stomach and poor circulation in the 
left leg installed a pyramid device to help with sleep. After several months, his cardiologist commented 
on his heart function being better than usual after a regular check up, although nothing was mentioned 
about the device. The left leg is functioning and looks better while the stomach is gradually improving. 
Food stores noticeably longer and better, very evident by the disappearance of flies and ants or other 
insects. 


EA200602270 
METHOD FOR COMBATING RODENTS, COCKROACHES AND DEVICE THEREFOR 


Also published as: EA008673 


Pue, 


The invention relates to means of affecting upon rodents (rats, mice) and cockroaches for protection 
premises (shops, warehouses, eating establishments, rooms, etc) against them by scaring and/or killing. 
For better efficiency there proposed concentrated energy of electromagnetic field naturally induced in 
current-conducting material of formed wires. The inventive method and the device are aimed at providing 
an appropriate effectiveness of protection of food products and consumer goods stored in premises of any 
sizes against rodents and cockroaches. The method includes using electromagnetic field naturally induced 
in current-conducting material of formed wires cardinal oriented.; The method is characterized in that 
tetrahedral pyramids are preassembled from the formed wires, each of the pyramid has an additional 
tetrahedral pyramid of smaller size enclosed thereinto, both pyramids have common a base plane and a 
common pyramid vertex. A ball-shaped power amplifier is arranged in the pyramid vertex and coupled 
with a Reich storage battery made as a sphere and spaced about 1/3 of the pyramid height from the 
pyramid base to the center of the sphere of the Reich storage battery. The bases areas of the outer and 
inner pyramids are rated to about 2:1. The pyramids are cardinal oriented by their faces. A number of 
pyramids required for premises protection is calculated and constitutes 10 cm of the length of the outer 
pyramid base side per about 3.5 m of the premises floor length. The method is accompanied by a device 
therefore. 
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JP2008068056 
ENERGY PATCH FOR REGULATING VITAL ENERGY AND BLOOD OF HUMAN BODY 


Also published as: W0O2008032890 (A1) US2008081940 
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PROBLEM TO BE SOLVED: To provide an energy patch for regulating vital energy and blood, which 1s 
equipped with the concept of "Hosha" (a Chinese medical treatment for redeeming a sick person's 
physical strength and vigor and for expelling diseases from the human body) so that the energy patch can 
be applied to the meridian and meridian point regions of the human body and simply used. ; SOLUTION: 
This energy patch comprises: a rubber alloy magnet which is formed in such a planar shape as to have the 
characteristics of a permanent magnet equipped with a north pole and a south pole, which keeps a pointed 
corner directed downward, and at least a pointed corner upward; a color coating member which enables 
color printing to be applied to either of the sides of the rubber alloy magnet; and an adhesive member 
which enables the rubber alloy magnet to adhere to the skin of the human body. The energy patch can be 
applied to the understanding of the nature of the disease, the measurement and regulation of the excess 
and deficiency of the vital energy and blood, the prevention of the disease, etc.; and the pyramid effect of 
the shape of the energy patch brings about the effect of activating biological energy and treating the 
diseases. In the application of the energy patch, since the energy patch adheres to the specific region of 
the human body in consideration of the directional essence and color essence of life of the human body, 
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the energy patch can bring about the effect of acupuncture concurrently with a magnetic treatment, so as 
to exert the effect of promoting the health of the human body by regulating the vital energy and blood. 


KR20070122080 
APPARATUS FOR GENERATING PYRAMID ENERGY USING PYRAMID STRUCTURE 
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An energy generating device using a pyramid structure 1s provided to amplify pyramid energy of the 
pyramid structure by changing a magnetic field by applying high frequency to the pyramid structure. An 
energy generating device(10) generating pyramid energy in a pyramid structure(100) is composed of the 
pyramid energy generating pyramid structure; a case(200) containing the pyramid structure; a high 
frequency generating and heating substrate(400) installed at the inner bottom of the case and operated 
electrically or magnetically by receiving electricity from an external power source, in order to generate a 
high frequency signal and heat and amplify pyramid energy generated from the pyramid structure; and an 
object holder(500) formed at the outer upper part of the case to place an object and absorb pyramid 
energy generated from the pyramid structure stored in the case. 


US2010031842 
SPACE ENERGY IMPLOSION UNIT AND AN ENERGY AMPLIFICATION GENERATOR 
USING THE SAME 


Also published as: W0O2008041812 (A1) JP2010521415 (A) EP2086637 (A1) EP2086637 
Abstract 


Provided are a space energy implosion unit and an energy amplification generator using the same. The 
space energy implosion unit includes: a planar structure 1 having a regular pentagonal shape; a cubic 
structure 2 which 1s installed to be separated from an upper portion of the planar structure 1 and has a 
regular pentagonal pyramid shape; and a separation structure 3 which separates the planar structure 1 and 
the cubic structure 2 from each other and has a smaller area than areas of the planar structure 1 and the 
cubic structure 2. The energy amplification generator includes: a first geometrical structure in which 
vertices of each of five or seven pieces of planar structures 1 having a regular pentagonal shape contact 
one another; a second geometrical structure which is separated from an upper portion of the first 
geometrical structure and in which vertices of each of five or seven cubic structures 2 having a regular 
pentagonal pyramid shape contact one another; and a plurality of separation structures 3 which separate 
the first geometrical structure and the second geometrical structure from each other, are installed between 
the planar structure 1 and the cubic structure 2 and have a smaller area than areas of the planar structure 1 
and the cubic structure 2. 


TECHNICAL FIELD 


[0001] The present invention relates to a space energy implosion unit which implodes a little energy that 
1s full in the universe to be directly and indirectly used, and an energy amplification generator using the 
same. 


BACKGROUND ART 


[0002] Newton's Mechanics in which the nature of materials 1s defined as particles dominate classical 
scientific circles. However, as quantum mechanics and relativity theory are established before and after 
1900, the nature of materials can be understood as particles and waves. 


[0003] For example, 1t can be understood that an untouchable energy 1s changed into a touchable material 
by using equation (E=mc2). Also, as 1t 1s understood that, according to the Heisenberg uncertainty 
principle which is a basis for quantum mechanics, a particle position x and a momentum p cannot be 
determined simultaneously and are limited by mutual uncertainty ([Delta]x[Delta]p>=h 2[p1] (where, h is 
a Planck's constant), new thinking that particles as materials and waves as non-materials cannot be 
separated from one another has emerged. Thus, it 1s accepted to be obvious that the universe is comprised 
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of materials and non-materials and materials can be changed into energies which are non-materials. 


[0004] On the other hand, in early 1990, G. I. Shipov doctor (selected as one of 500 leaders who made the 
most affect on the 20thcentury, by American Biographic Institute, 1998) which 1s Russian scientist has 
found that an energy reacts with a particular geometrical shape. Such an energy field 1s referred to a third 
force which is not gravity or an electromagnetic force, 1.e., a torsion field or a space energy. The torsion 
field (space energy) is mutual influence or a wide-meaning resonance effect that is originated from all 
materials, rotation of electricity or magnetism, and rotation of biomolecules. 


[0005] Such a space energy 1s very little and 1s full in the universe. It 1s very little and 1s not measured 
using a conventional apparatus for measuring an electromagnetic field. However, the existence of the 


space energy 1s verified by a trace (an interference effect) that leaves in materials or an electromagnetic 
field. 


[0006] The space energy 1s also applied to medicine. A new academic field such as quantum medicine 
which 1s a new medical treatment method has emerged. In advanced countries such as USA or France, 
enormous research expenses for studying an effect of a space energy on a living body have been 
supported. 


[0007] In this way, study and development for using a space energy (a torsion field) generated in the 
universe filled with mutually-changed materials and energies by a particular geometrical shape in reality 
has proceeded in several countries. 

DISCLOSURE OF INVENTION 

Technical Problem 

[0008] The present invention provides a space energy implosion unit in which a space energy full in the 


universe 1s effectively imploded using a particular geometrical shape so that the imploded space energy 
can be indirectly and directly used in reality, and an energy amplification generator using the same. 


Technical Solution 


[0009] According to an aspect of the present invention, there is provided a space energy implosion unit, 
the space energy implosion unit comprising: a planar structure 1 having a regular pentagonal shape; a 
cubic structure 2 which is installed to be separated from an upper portion of the planar structure | and has 
a regular pentagonal pyramid shape; and a separation structure 3 which separates the planar structure 1 
and the cubic structure 2 from each other and has a smaller area than areas of the planar structure | and 
the cubic structure 2. 


[0010] According to another aspect of the present invention, there is provided a space energy implosion 
unit, the space energy implosion unit comprising: a planar structure 6 having a regular heptangular shape; 
a cubic structure 7 which 1s installed to be separated from an upper portion of the planar structure 6 and 
has a regular heptangular pyramid shape; and a separation structure 8 which separates the planar structure 
6 and the cubic structure 7 from each other and has a smaller area than areas of the planar structure 6 and 
the cubic structure 7. 


[0011] According to another aspect of the present invention, there 1s provided an energy amplification 
generator, the energy amplification generator comprising: a first geometrical structure in which vertices of 
each of five or seven pieces of planar structures 1 having a regular pentagonal shape contact one another; 
a second geometrical structure which 1s separated from an upper portion of the first geometrical structure 
and in which vertices of each of five or seven cubic structures 2 having a regular pentagonal pyramid 
shape contact one another; and a plurality of separation structures 3 which separate the first geometrical 
structure and the second geometrical structure from each other, are installed between the planar structure 

] and the cubic structure 2 and have a smaller area than areas of the planar structure 1 and the cubic 
structure 2. 
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[0012] According to another aspect of the present invention, there is provided an energy amplification 
generator, the energy amplification generator comprising: a first geometrical structure in which an a first 
geometrical structure in which both-end vertices at two continuous sides of each of five or seven pieces of 
planar structures 6 having a regular heptangular shape contact one another; a second geometrical structure 
which 1s separated from an upper portion of the first geometrical structure and in which both-end vertices 
at two continuous sides of each of five or seven cubic structures 7 having a regular heptangular pyramid 
shape contact one another; and a plurality of separation structures 8 which separate the first geometrical 
structure and the second geometrical structure from each other, are installed between the planar structure 
6 and the cubic structure 7 and have a smaller area than areas of the planar structure 6 and the cubic 
structure 7. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0013] FIG. 1 is an exploded perspective view of a space energy implosion unit according to an 
embodiment of the present invention; 


[0014] FIG. 2 is a perspective view of a cubic structure having another shape of the space energy 
implosion unit of FIG. 1; 


[0015] FIG. 3 is an exploded perspective view of a space energy implosion unit according to another 
embodiment of the present invention; 


[0016] FIG. 4 is a perspective view of a cubic structure having another shape of the space energy 
implosion unit of FIG. 3; 


[0017] FIG. 5 is an exploded perspective view of a space energy implosion unit according to another 
embodiment of the present invention; 


[0018] FIG. 6 is a perspective view of a cubic structure having another shape of the space energy 
implosion unit of FIG. 5; 


[0019] FIG. 7 is an exploded perspective view of a space energy implosion unit according to another 
embodiment of the present invention; 


[0020] FIG. 8 is a perspective view of a cubic structure having another shape of the space energy 
implosion unit of FIG. 5; 


[0021] FIG. 9 is an energy amplification generator according to an embodiment of the present 
invention; 


[0022] FIG. 10 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 9; 


[0023] FIG. 11 is a perspective view of a second geometrical structure of the energy amplification 
generator of FIG. 9; 


[0024] FIG. 12 is a perspective view of another shape of the second geometrical structure of FIG. 
10; 


[0025] FIG. 13 illustrates a stack structure of a second geometrical structure, a first geometrical 
structure, a plate structure, and a separation structure of the energy amplification generator of 
FIG. 9; 


[0026] FIG. 14 is an energy amplification generator according to another embodiment of the 
present invention; 


[0027] FIG. 15 is a perspective view of a first geometrical structure of the energy amplification 
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generator of FIG. 14; 


[0028] FIG. 16 is a perspective view of a second geometrical structure of the energy amplification 
generator of FIG. 14; 


[0029] FIG. 17 is a perspective view of another shape of the second geometrical structure of FIG. 
16; 


[0030] FIG. 18 illustrates the structure in which a second geometrical structure, a first geometrical 
structure, a plate structure and separation structures are stacked, of the energy amplification 
generator of FIG. 9; 


[0031] FIG. 19 is an energy amplification generator according to another embodiment of the 
present invention; 


[0032] FIG. 20 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 19; 


[0033] FIG. 21 is a perspective view of a second geometrical structure of the energy amplification 
generator of FIG. 19; 


[0034] FIG. 22 is a perspective view of another shape of the second geometrical structure of FIG. 
21; 


[0035] FIG. 23 illustrates the structure in which a second geometrical structure, a first geometrical 
structure, a plate structure and separation structures are stacked, of the energy amplification 
generator of FIG. 19; 


[0036] FIG. 24 is an energy amplification generator according to another embodiment of the 
present invention; 


[0037] FIG. 25 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 24; 


[0038] FIG. 26 is a perspective view of a second geometrical structure of the energy amplification 
generator of FIG. 24; 


[0039] FIG. 27 is a perspective view of another shape of the second geometrical structure of FIG. 
26; 


[0040] FIG. 28 illustrates the structure in which a second geometrical structure, a first geometrical 
structure, a plate structure and separation structures are stacked, of the energy amplification 
generator of FIG. 25; 


[0041] FIG. 29 is an energy amplification generator according to another embodiment of the 
present invention; 


[0042] FIG. 30 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 29; 


[0043] FIG. 31 is a perspective view of a second geometrical structure of the energy amplification 
generator of FIG. 29; 


[0044] FIG. 32 is a perspective view of another shape of the second geometrical structure of FIG. 
31; 


[0045] FIG. 33 illustrates the structure in which a second geometrical structure, a first geometrical 
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structure, a plate structure and separation structures are stacked, of the energy amplification 
generator of FIG. 29; 


[0046] FIG. 34 is an energy amplification generator according to another embodiment of the 
present invention; 


[0047] FIG. 35 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 34; 


[0048] FIG. 36 is a perspective view of a second geometrical structure of the energy amplification 
generator of FIG. 34; 


[0049] FIG. 37 is a perspective view of another shape of the second geometrical structure of FIG. 
36; 


[0050] FIG. 38 illustrates the structure in which a second geometrical structure, a first geometrical 
structure, a plate structure and separation structures are stacked, of the energy amplification 
generator of FIG. 34; 


[0051] FIG. 39 is an energy amplification generator according to another embodiment of the 
present invention; 


[0052] FIG. 40 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 39; 


[0053] FIG. 41 is a perspective view of a second geometrical structure of the energy amplification 
generator of FIG. 39; 


[0054] FIG. 42 is a perspective view of another shape of the second geometrical structure of FIG. 
41; 


[0055] FIG. 43 illustrates the structure in which a second geometrical structure, a first geometrical 
structure, a plate structure and separation structures are stacked, of the energy amplification 
generator of FIG. 39; 


[0056] FIG. 44 is an energy amplification generator according to another embodiment of the 
present invention; 


[0057] FIG. 45 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 44; 


[0058] FIG. 46 is a perspective view of a second geometrical structure of the energy amplification 
generator of FIG. 44; 


[0059] FIG. 47 is a perspective view of another shape of the second geometrical structure of FIG. 
46; 


[0060] FIG. 48 illustrates the structure in which a second geometrical structure, a first geometrical 
structure, a plate structure and separation structures are stacked, of the energy amplification 


generator of FIG. 44; 


[0061] FIG. 49 shows a graph of Table 1 and illustrates the number of subjects before taking a 
space energy processing water; 


[0062] FIG. 50 shows a graph of Table 2 and illustrates the number of subjects that show Erythema 
symptoms after taking a space energy processing water; 
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oscilloscope are frequency and peak-to-peak 


voltage . An oscilloscope can also be used to 
show the shape of a signal's waveform SO 
that you can ensure that the circuit works 
properly. When using an oscilloscope to 


compare a circuit's ¡input signal to its output 
signal, you can determine the phase shift, as 
well as the change in V pp 

The following figure shows an oscilloscope 
whose probe connects to the output of an 


oscillator circuit to measure the frequency of 
the Signal generated by the oscillator. 
(Oscillator circuits are discussed in Chapter 9, 
“Oscillators.”) This example uses an analog 
oscilloscope, but you can also use a digital 
oscilloscope, which automates many of the 
measurements. 


Oscilloscope 
probe 


Ground clip 
This oscilloscope has two channels, which 
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[0063] FIG. 51 shows a graph of Table 2 and illustrates the number of subjects that show Edema 
Papulation symptoms after taking a space energy processing water; 


[0064] FIG. 52 shows a graph of Table 2 and illustrates the number of Oozing subjects after taking 
a space energy processing water; 


[0065] FIG. 53 shows a graph of Table 2 and illustrates the number of Excoriation subjects 
symptoms after taking a space energy processing water; 


[0066] FIG. 54 shows a graph of Table 2 and illustrates the number of Lichenification subjects after 
taking a space energy processing water; and 


[0067] FIG. 55 is a graph showing tumor volumes of white rats that have drunk a general drinking 
water and white rats that have drunk a space energy processing water. 
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(Fig. 3] 


AA | (Fig. 4 


[Fig. 6] 
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[Fig. 9] 


[Fig. 7] 


Fig. 10 
[Fig. 8] cin 
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[Fig. 11] 


(Fig. 14] 


(Fig. 15] 
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[Fig. 16] 


[Fig. 17] 
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[Fig. 18] 


[Fig. 20] 
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[Fig. 21] 


[Fig. 22] 


[Fig. 24] 


(Fig. 25] 
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[Fig. 26] 


[Fig. 27] 


(Fig. 25] 


[Fig. 3D] 
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[Fig. 31] 


[Fig. 32] 


[Fig. 33] 
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[Fig. 36] 


(Fig. 38) 


[Fig. 40] 
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[Fig. 41] 
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provide the capability to measure two 
waveforms at once. Only channel 2 was used 
for the measurement in the preceding figure. 
The oscilloscope probe was clipped to a 
jumper wire connecting to 

V out for the circuit, and the oscilloscope 
ground clip was clipped to a jumper wire 
connecting to the ground bus. 

The following figure shows the oscilloscope 
control panel. You use the VOLTS/ DI Vcontrol 


to adjust the vertical scale and the 
TIME/DIVcontrol to adjust the horizontal scale. 
Set the vertical position knob and the 


horizontal position knob to adjust the position 
of the waveform against the grid to make it 
easier to measure. 
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[Fig. 46] 
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[Fio. 50] 
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BEST MODE FOR CARRYING OUT THE INVENTION 


[0068] The present invention will now be described more fully with reference to the accompanying 


drawings, in which exemplary embodiments of the invention are shown. 


http://www.rexresearch.com/pyramid/pyramid.htm 


34/58 


1/28/2019 Pyramid Energy Patents 


[0069] FIG. 1 1s an exploded perspective view of a space energy implosion unit according to an 
embodiment of the present invention, and FIG. 2 is a perspective view of a cubic structure having another 
shape of the space energy implosion unit of FIG. 1. 


[0070] Referring to FIG. 1, the space energy implosion unit according to an embodiment of the present 
invention includes a planar structure 1 having a regular pentagonal shape, a cubic structure 2 which is 
installed to be separated from an upper portion of the planar structure | and has a regular pentagonal 
pyramid shape, and a separation structure 3 which separates the planar structure | and the cubic structure 
2 from each other and has a smaller area than areas of the planar structure 1 and the cubic structure 2. In 
this case, the separation structure 3 has a regular pentagonal shape. Here, the planar structure | is 
implemented as one or more pieces, and as the number of planar structures increases, the quantity of 
implosion of a space energy increases. 


[0071] The cubic structure 2, the separation structure 3, and the planar structure 1 are stacked so that the 
arrangement angle of their respective sides 1s identical. 


[0072] Here, a cubic structure 2' may also be applied in another shape. In other words, the cubic structure 
2' may be implemented by forming a subcubic structure 2b' having a regular pentagonal pyramid shape 
having a smaller area than the area of a regular pentagonal planar plate 2a' on the planar plate 2a' as 
illustrated in FIG. 2. 


[0073] FIG. 3 is an exploded perspective view of a space energy implosion unit according to another 
embodiment of the present invention, and FIG. 4 is a perspective view of a cubic structure having another 
shape of the space energy implosion unit of FIG. 3. 


[0074] Referring to FIG. 3, the space energy implosion unit according to another embodiment of the 
present invention is similar to the space energy implosion unit shown in FIG. 1. The only difference 
therebetween 1s that, in FIG. 3, the space energy implosion unit further includes a planar cut groove la in 
which the planar structure 1 is cut to one side from the center and a cubic cut groove 2a in which the 
cubic structure 2 is cut to one side from the center. In this case, the separation structure 3 has a regular 
pentagonal shape but has a cut groove 3a in which the separation structure 3 1s cut to one side from the 
center. 


[0075] The cubic structure 2, the separation structure 3, and the planar structure 1 are stacked so that the 
arrangement angle of their respective sides 1s identical. 


[0076] Here, a cubic structure 2' may also be applied in another shape. In other words, the cubic structure 
2' may be implemented by forming a subcubic structure 2b' having a regular pentagonal pyramid shape 
having a smaller area than the area of a regular pentagonal planar plate 2a' on the planar plate 2a' as 
illustrated in FIG. 4. In this case, a cubic cut groove 2c in which the cubic structure 2 is cut to one side of 
the planar plate 2a from the center is formed in the cubic structure 2”. 


[0077] FIG. 5 is an exploded perspective view of a space energy implosion unit according to another 
embodiment of the present invention, and FIG. 6 is a perspective view of a cubic structure having another 
shape of the space energy implosion unit of FIG. 5. 


[0078] Referring to FIG. 5, the space energy implosion unit according to another embodiment of the 
present invention includes a planar structure 6 having a regular heptangular shape, a cubic structure 7 
which is installed to be separated from an upper portion of the planar structure 6 and has a regular 
heptangular pyramid shape, and a separation structure 8 which separates the planar structure 6 and the 
cubic structure 7 from each other and has a smaller area than areas of the planar structure 6 and the cubic 
structure 7. 


[0079] In this case, the separation structure 8 has a regular heptangular shape. 


[0080] Here, the planar structure 6 1s implemented as one or more pieces, and as the number of planar 
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structures increases, the quantity of implosion of a space energy increases. 


[0081] The cubic structure 7, the separation structure 8, and the planar structure 6 are stacked so that the 
arrangement angle of their respective sides 1s identical. 


[0082] Here, a cubic structure 7' also be applied in another shape. In other words, the cubic structure 7' 
may be implemented by forming a subcubic structure 7b' having a regular heptangular pyramid shape 
having a smaller area than the area of a regular heptangular planar plate 7a' on the planar plate 7a' as 
illustrated in FIG. 6. 


[0083] FIG. 7 is an exploded perspective view of a space energy implosion unit according to another 
embodiment of the present invention, and FIG. 8 is a perspective view of a cubic structure having another 
shape of the space energy implosion unit of FIG. 5. 


[0084] Referring to FIG. 7, the space energy implosion unit according to another embodiment of the 
present invention is similar to the space energy implosion unit shown in FIG. 5. The only difference 
therebetween 1s that, in FIG. 7, the space energy implosion unit further includes a planar cut groove 6a in 
which the planar structure 6 is cut to two continuous sides from the center and a cubic cut groove 7a in 
which the cubic structure 7 is cut to two continuous sides from the center. In this case, the separation 
structure 8 has a regular pentagonal shape but has a cut groove 8a in which the separation structure 8 1s 
cut to two continuous sides from the center. 


[0085] The cubic structure 7, the separation structure 8, and the planar structure 6 are stacked so that the 
arrangement angle of their respective sides 1s identical. 


[0086] Here, a cubic structure 7' may also be applied in another shape. In other words, the cubic structure 
7' may be implemented by forming a subcubic structure 7b' having a regular heptangular pyramid shape 
having a smaller area than the area of a regular heptangular planar plate 7a' on the planar plate 7a' as 
illustrated in FIG. 8. In this case, a cubic cut groove 7c' in which the cubic structure 7' is cut to two 
continuous sides of the planar plate 7a' from the center 1s formed in the cubic structure 7”. 


[0087] In the space energy implosion unit shown in FIGS. 1, 3, 5, and 7, the planar structure 1 implodes a 
space energy that is full in the universe due to its geometrical structure, and the cubic structure 2 
concentrates the space energy imploded from the planar structure 1 due to its geometrical structure in a 
forward direction. When the cubic structure 2 is implemented in the shapes shown in FIGS. 2, 4, 6, and 8, 
the space energy that is full in the universe is imploded and simultaneously is concentrated in a forward 
direction. 


[0088] An energy amplification generator using the space energy implosion unit according to exemplary 
embodiments of the present invention will now be described. 


[0089] FIG. 9 is an energy amplification generator according to an embodiment of the present invention, 
FIG. 10 1s a perspective view of a first geometrical structure of the energy amplification generator of FIG. 
9, FIG. 11 is a perspective view of a second geometrical structure of the energy amplification generator of 
FIG. 9, FIG. 12 is a perspective view of another shape of the second geometrical structure of FIG. 10, and 
FIG. 13 illustrates a stack structure of a second geometrical structure, a first geometrical structure, a plate 
structure, and a separation structure of the energy amplification generator of FIG. 9. Here, like reference 
numerals in FIGS. 1 through 4 denote like elements having the same function. 


[0090] Referring to FIG. 9, the energy amplification generator according to an embodiment of the present 
invention includes a first geometrical structure 10 in which vertices of each of five pieces of planar 
structures | having a regular pentagonal shape contact one another, a second geometrical structure 20 
which is separated from an upper portion of the first geometrical structure 10 and in which vertices of 
each of five cubic structures 2 having a regular pentagonal pyramid shape contact one another, and a 
plurality of separation structures 3 which separate the first geometrical structure 10 and the second 
geometrical structure 20 from each other, are installed between the planar structure 1 and the cubic 
structure 2 and have a smaller area than areas of the planar structure | and the cubic structure 2. 
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[0091] The first geometrical structure 10 1s one or two or more. The first geometrical structure 10 
implodes a space energy that is full in the universe due to its geometrical structure to be indirectly and 
directly used. 


[0092] The second geometrical structure 20 concentrates the space energy imploded by the first 
geometrical structure 10 in a forward direction. 


[0093] Areas of the first geometrical structure 10 and the second geometrical structure 20 allow the 
quantity of the imploded space energy to be increased. In other words, in order to obtain a larger quantity 
of space energy, the number of stacked first geometrical structures 10 increases or the areas of the first 
and second geometrical structures 10 and 20 increase. 


[0094] On the other hand, a second geometrical structure 20' may be modified in another shape. In other 
words, as 1llustrated in FIG. 12, in the second geometrical structure 20' a cubic structure 2 1s implemented 
by forming a subcubic structure 2b' having a regular pentagonal pyramid shape having a smaller area than 
the area of a regular pentagonal planar plate 2a' on the planar plate 2a' Five cubic structures 2' are 
disposed on a plane so that vertices of each of five cubic structures 2' contact one another, thereby 
implementing the second geometrical structure 20' of the present application. The second geometrical 
structure 20' having the cubic structure 2' implodes the space energy and simultaneously concentrates the 
space energy in a forward direction. 


[0095] A plate structure 40 supports the first geometrical structure 10 and has the same shape as that of 
the first geometrical structure 10. A plate hole 43 corresponding to a case hole 53 that will be described 
later is formed in the center of the plate structure 40. 


[0096] The separation structures 3 may be installed among several first geometrical structures 10 so that 
the first geometrical structures 10 are separated from one another, or may be installed between the first 
geometrical structure 10 and the second geometrical structure 20 so that they are separated from each 
other, or may be installed between the first geometrical structure 10 and the plate structure 40 so that they 
are separated from each other. The separation structures 3 have a regular pentagonal shape and may be 
implemented to a predetermined thickness by stacking several plates or as a one product having a 
predetermined thickness. 


[0097] The separation structures 3 allow the frequency of a radiated space energy to vary. In other words, 
the frequency of the space energy varies according to the thickness of the separation structures 3. The 
thickness of the separation structures 3 may be between 3 mm and 20 mm, and 7 mm thick separation 
structures 3 are used in the present embodiment. 


[0098] A case 50 has a cover 51 in which a radiation sphere 52 through which a space energy is radiated 
in a forward direction is formed. The case hole 53 corresponding to the plate hole 43 is formed in the case 
50. 


[0099] The first geometrical structure 10, the separation structures 3, and the second geometrical structure 
20 that will be stacked on the plate structure 40 are built in the case 50. In other words, the plate structure 
40 on which the first and second geometrical structures 10 and 20 and the separation structures 3 are 
stacked, is fixed in the case 50 in such a way that a bolt portion 63a of a fixing member 63 perforates the 
plate hole 43 and the case hole 53 and then is engaged with a nut 64 in the rear of the case 50, as 
illustrated in FIG. 9. 


[0100] An energy amplification generator according to another embodiment of the present invention will 
now be described. 


[0101] FIG. 14 is an energy amplification generator according to another embodiment of the present 
invention, FIG. 15 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 14, FIG. 16 is a perspective view of a second geometrical structure of the energy 
amplification generator of FIG. 14, FIG. 17 1s a perspective view of another shape of the second 
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geometrical structure of FIG. 16, and FIG. 18 illustrates the structure in which a second geometrical 
structure, a first geometrical structure, a plate structure and separation structures are stacked, of the 
energy amplification generator of FIG. 9. Here, like reference numerals in FIG. 9 denote like elements 
having the same function. 


[0102] Referring to FIG. 14, the energy amplification generator according to another embodiment of the 
present invention includes a first geometrical structure 110 in which vertices of each of five pieces of 
planar structures 1 having a regular pentagonal shape contact one another, a second geometrical structure 
120 which is separated from an upper portion of the first geometrical structure 110 and in which vertices 
of each of five cubic structures 2 having a regular pentagonal pyramid shape contact one another, and a 
plurality of separation structures 3 which separate the first geometrical structure 110 and the second 
geometrical structure 120 from each other, are installed between the planar structure 1 and the cubic 
structure 2 and have a smaller area than areas of the planar structure | and the cubic structure 2. 


[0103] The first geometrical structure 110 1s one or two or more. The first geometrical structure 110 
implodes a space energy that is full in the universe due to its geometrical structure to be indirectly and 
directly used. 


[0104] The second geometrical structure 120 concentrates the space energy imploded by the first 
geometrical structure 110 in a forward direction. 


[0105] Areas of the first geometrical structure 110 and the second geometrical structure 120 allow the 
quantity of the imploded space energy to be increased. In other words, in order to obtain a larger quantity 
of space energy, the number of stacked first geometrical structures 110 increases or the areas of the first 
and second geometrical structures 110 and 120 increase. 


[0106] In this case, in the first geometrical structure 110, the planar structure | further includes a planar 
cut groove la in which the planar structure 1 1s cut to one side between two contacting vertices from the 
center, and the cubic structure 2 further includes a cubic cut groove 2a in which the cubic structure 2 is 
cut to one side between two contacting vertices from the center. 


[0107] In addition, the separation structures 3 have a regular pentagonal shape but also have a cut groove 
3a in which each of the separation structures 3 is cut to one side from the center. 


[0108] The cubic structure 2, the separation structures 3, and the planar structure 1 are stacked that the 
arrangement angle of their respective sides are identical. 


[0109] On the other hand, a second geometrical structure 120' may be modified in another shape. In other 
words, as illustrated in FIG. 17, a cubic structure 2' of the second geometrical structure 120' is 
implemented by forming a subcubic structure 2b' having a regular pentagonal pyramid shape having a 
smaller area than the area of a regular pentagonal planar plate 2a on the planar plate 2a'. At this time, a 
cubic cut groove 2c' in which the cubic structure 2' is cut to one side between two contacting vertices of 
the planar plate 2a' from the center is formed in the cubic structure 2'. Five cubic structures 2' are 
disposed on a plane so that vertices of each of five cubic structures 2' contact one another, thereby 
implementing the second geometrical structure 120' of the present application. 


[0110] A plate structure 140 supports the first geometrical structure 110 and has the same shape as that of 
the first geometrical structure 110. A plate hole 143 corresponding to a case hole 53 is formed in the 
center of the plate structure 140. 


[0111] The case 50, the cover 51, the radiation sphere 52, the case hole 53, the fixing member 63, the bolt 
portion 63a, and the nut 64 are the same as in the energy amplification generator shown in FIG. 9 and 


thus, a detailed description thereof will be omitted. 


[0112] An energy amplification generator according to another embodiment of the present invention will 
now be described. 
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[0113] FIG. 19 is an energy amplification generator according to another embodiment of the present 
invention, FIG. 20 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 19, FIG. 21 is a perspective view of a second geometrical structure of the energy 
amplification generator of FIG. 19, FIG. 22 1s a perspective view of another shape of the second 
geometrical structure of FIG. 21, and FIG. 23 illustrates the structure in which a second geometrical 
structure, a first geometrical structure, a plate structure and separation structures are stacked, of the 
energy amplification generator of FIG. 19. Here, like reference numerals in FIGS. 9 and 14 denote like 
elements having the same function. 


[0114] Referring to FIG. 19, the energy amplification generator according to another embodiment of the 
present invention includes a first geometrical structure 210 in which vertices of each of seven pieces of 
planar structures 1 having a regular pentagonal shape contact one another, a second geometrical structure 
220 which 1s separated from an upper portion of the first geometrical structure 210 and in which vertices 
of each of seven cubic structures 2 having a regular pentagonal pyramid shape contact one another, and a 
plurality of separation structures 3 which separate the first geometrical structure 210 and the second 
geometrical structure 220 from each other, are installed between the planar structure 1 and the cubic 
structure 2 and have a smaller area than areas of the planar structure | and the cubic structure 2. 


[0115] The first geometrical structure 210 1s one or two or more. The first geometrical structure 210 
implodes a space energy that is full in the universe due to its geometrical structure to be indirectly and 
directly used. 


[0116] The second geometrical structure 220 concentrates the space energy imploded by the first 
geometrical structure 210 in a forward direction. 


[0117] Areas of the first geometrical structure 210 and the second geometrical structure 220 allow the 
quantity of the imploded space energy to be increased. In other words, in order to obtain a larger quantity 
of space energy, the number of stacked first geometrical structures 210 increases or the areas of the first 
and second geometrical structures 210 and 220 increase. 


[0118] The cubic structure 2, the separation structures 3, and the planar structure 1 are stacked that the 
arrangement angle of their respective sides are identical. 


[0119] On the other hand, a second geometrical structure 220' may be modified in another shape. In other 
words, as illustrated in FIG. 22, a cubic structure 2' of the second geometrical structure 220' is 
implemented by forming a subcubic structure 2b' having a regular pentagonal pyramid shape having a 
smaller area than the area of a regular pentagonal planar plate 2a' on the planar plate 2a’. Seven cubic 
structures 2' are disposed on a plane so that vertices of each of seven cubic structures 2' contact one 
another, thereby implementing the second geometrical structure 220' of the present application. 


[0120] A plate structure 240 supports the first geometrical structure 210 and has the same shape as that of 
the first geometrical structure 210. A plate hole 243 corresponding to a case hole 53 is formed in the 
center of the plate structure 240. 


[0121] The case 50, the cover 51, the radiation sphere 52, the case hole 53, the fixing member 63, the bolt 
portion 63a, and the nut 64 are the same as in the energy amplification generator shown in FIGS. 9 and 14 
and thus, a detailed description thereof will be omitted. 


[0122] An energy amplification generator according to another embodiment of the present invention will 
now be described. 


[0123] FIG. 24 is an energy amplification generator according to another embodiment of the present 
invention, FIG. 25 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 24, FIG. 26 is a perspective view of a second geometrical structure of the energy 
amplification generator of FIG. 24, FIG. 27 is a perspective view of another shape of the second 
geometrical structure of FIG. 26, and FIG. 28 illustrates the structure in which a second geometrical 
structure, a first geometrical structure, a plate structure and separation structures are stacked, of the 
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energy amplification generator of FIG. 25. Here, like reference numerals in FIGS. 9, 14, and 19 denote 
like elements having the same function. 


[0124] Referring to FIG. 24, the energy amplification generator according to another embodiment of the 
present invention includes a first geometrical structure 310 in which vertices of each of seven pieces of 
planar structures 1 having a regular pentagonal shape contact one another, a second geometrical structure 
320 which is separated from an upper portion of the first geometrical structure 310 and in which vertices 
of each of seven cubic structures 2 having a regular pentagonal pyramid shape contact one another, and a 
plurality of separation structures 3 which separate the first geometrical structure 310 and the second 
geometrical structure 320 from each other, are installed between the planar structure 1 and the cubic 
structure 2 and have a smaller area than areas of the planar structure | and the cubic structure 2. 


[0125] The first geometrical structure 310 1s one or two or more. The first geometrical structure 310 
implodes a space energy that is full in the universe due to its geometrical structure to be indirectly and 
directly used. 


[0126] The second geometrical structure 320 concentrates the space energy imploded by the first 
geometrical structure 310 in a forward direction. 


[0127] Areas of the first geometrical structure 310 and the second geometrical structure 320 allow the 
quantity of the imploded space energy to be increased. In other words, in order to obtain a larger quantity 
of space energy, the number of stacked first geometrical structures 310 increases or the areas of the first 
and second geometrical structures 310 and 320 increase. 


[0128] In this case, in the first geometrical structure 310, the planar structure 1 further includes a planar 
cut groove la in which the planar structure 1 1s cut to one side between two contacting vertices from the 
center, and the cubic structure 2 further includes a cubic cut groove 2a in which the cubic structure 2 is 
cut to one side between two contacting vertices from the center. 


[0129] In addition, the separation structures 3 have a regular pentagonal shape but also have a cut groove 
3a in which each of the separation structures 3 is cut to one side from the center. 


[0130] The cubic structure 2, the separation structures 3, and the planar structure 1 are stacked that the 
arrangement angle of their respective sides are identical. 


[0131] On the other hand, a second geometrical structure 320' may be modified in another shape. In other 
words, as illustrated in FIG. 27, a cubic structure 2' of the second geometrical structure 320' is 
implemented by forming a subcubic structure 2b' having a regular pentagonal pyramid shape having a 
smaller area than the area of a regular pentagonal planar plate 2a' on the planar plate 2a'. At this time, a 
cubic cut groove 2c' in which the cubic structure 2' is cut to one side between two contacting vertices of 
the planar plate 2a' from the center is formed in the cubic structure 2'. Seven cubic structures 2' are 
disposed on a plane so that vertices of each of seven cubic structures 2' contact one another, thereby 
implementing the second geometrical structure 320' of the present application. 


[0132] A plate structure 340 supports the first geometrical structure 310 and has the same shape as that of 
the first geometrical structure 310. A plate hole 343 corresponding to a case hole 53 is formed in the 
center of the plate structure 340. 


[0133] The case 50, the cover 51, the radiation sphere 52, the case hole 53, the fixing member 63, the bolt 
portion 63a, and the nut 64 are the same as in the energy amplification generator shown in FIGS. 9, 14, 
and 19, and thus, a detailed description thereof will be omitted. 


[0134] An energy amplification generator according to another embodiment of the present invention will 
now be described. 


[0135] FIG. 29 is an energy amplification generator according to another embodiment of the present 
invention, FIG. 30 is a perspective view of a first geometrical structure of the energy amplification 
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generator of FIG. 29, FIG. 31 1s a perspective view of a second geometrical structure of the energy 
amplification generator of FIG. 29, FIG. 32 1s a perspective view of another shape of the second 
geometrical structure of FIG. 31, and FIG. 33 illustrates the structure in which a second geometrical 
structure, a first geometrical structure, a plate structure and separation structures are stacked, of the 
energy amplification generator of FIG. 29. Here, like reference numerals in FIGS. 5 through 8 denote like 
elements having the same function. 


[0136] Referring to FIG. 29, the energy amplification generator according to another embodiment of the 
present invention includes a first geometrical structure 60 in which both-end vertices at two continuous 
sides of each of five pieces of planar structures 6 having a regular heptangular shape contact one another, 
a second geometrical structure 70 which 1s separated from an upper portion of the first geometrical 
structure 60 and in which both-end vertices at two continuous sides of each of five cubic structures 7 
having a regular heptangular pyramid shape contact one another, and a plurality of separation structures 8 
which separate the first geometrical structure 60 and the second geometrical structure 70 from each other, 
are installed between the planar structure 6 and the cubic structure 7 and have a smaller area than areas of 
the planar structure 6 and the cubic structure 7. 


[0137] The first geometrical structure 60 1s one or two or more. The first geometrical structure 60 
implodes a space energy that is full in the universe due to its geometrical structure to be indirectly and 
directly used. 


[0138] The second geometrical structure 70 concentrates the space energy imploded by the first 
geometrical structure 60 in a forward direction. 


[0139] Areas of the first geometrical structure 60 and the second geometrical structure 70 allow the 
quantity of the imploded space energy to be increased. In other words, in order to obtain a larger quantity 
of space energy, the number of stacked first geometrical structures 60 increases or the areas of the first 
and second geometrical structures 60 and 70 increase. 


[0140] On the other hand, a second geometrical structure 70' may be modified in another shape. In other 
words, as illustrated in FIG. 32, a cubic structure 7' of the second geometrical structure 70' is 
implemented by forming a subcubic structure 7b' having a regular heptangular pyramid shape having a 
smaller area than the area of a regular heptangular planar plate 7a' on the planar plate 7a’. Five cubic 
structures 7' are disposed on a plane so that both-end vertices at two continuous sides of each of five 
cubic structures 7' contact one another, thereby implementing the second geometrical structure 70' of the 
present application. The second geometrical structure 70' having the cubic structure 7' implodes a space 
energy and simultaneously, concentrates the space energy in a forward direction. 


[0141] A plate structure 90 supports the first geometrical structure 60 and has the same shape as that of 
the first geometrical structure 60. A plate hole 93 corresponding to a case hole 53 that will be described 
later is formed in the center of the plate structure 90. 


[0142] The separation structures 8 may be installed among several first geometrical structures 60 so that 
the first geometrical structures 60 are separated from one another, or may be installed between the first 
geometrical structure 60 and the second geometrical structure 70 so that they are separated from each 
other, or may be installed between the first geometrical structure 60 and the plate structure 90 so that they 
are separated from each other. The separation structures 8 have a regular heptangular shape and may be 
implemented to a predetermined thickness by stacking several plates or as a one product having a 
predetermined thickness. 


[0143] The separation structures 8 allow the frequency of a radiated space energy to vary. In other words, 
the frequency of the space energy varies according to the thickness of the separation structures 8. The 
thickness of the separation structures 8 may be between 3 mm and 20 mm, and 7 mm thick separation 
structures 3 are used in the present embodiment. 


[0144] A case 50 has a cover 51 in which a radiation sphere 52 through which a space energy is radiated 
in a forward direction is formed. The case hole 53 corresponding to the plate hole 93 is formed in the case 
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[0145] The first geometrical structure 60, the separation structures 8, and the second geometrical structure 
70 that will be stacked on the plate structure 90 are built in the case 50. In other words, the plate structure 
90 on which the first and second geometrical structures 60 and 70 and the separation structures 8 are 
stacked, is fixed in the case 50 in such a way that a bolt portion 63a of a fixing member 63 perforates the 
plate hole 93 and the case hole 53 and then is engaged with a nut 64 in the rear of the case 50, as 
illustrated in FIG. 29. 


[0146] An energy amplification generator according to another embodiment of the present invention will 
now be described. 


[0147] FIG. 34 is an energy amplification generator according to another embodiment of the present 
invention, FIG. 35 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 34, FIG. 36 is a perspective view of a second geometrical structure of the energy 
amplification generator of FIG. 34, FIG. 37 is a perspective view of another shape of the second 
geometrical structure of FIG. 36, and FIG. 38 illustrates the structure in which a second geometrical 
structure, a first geometrical structure, a plate structure and separation structures are stacked, of the 
energy amplification generator of FIG. 34. Here, like reference numerals in FIG. 29 denote like elements 
having the same function. 


[0148] Referring to FIG. 34, the energy amplification generator according to another embodiment of the 
present invention includes a first geometrical structure 160 in which both-end vertices at two continuous 
sides of each of five pieces of planar structures 6 having a regular heptangular shape contact one another, 
a second geometrical structure 170 which 1s separated from an upper portion of the first geometrical 
structure 160 and in which both-end vertices at two continuous sides of each of five cubic structures 7 
having a regular heptangular pyramid shape contact one another, and a plurality of separation structures 8 
which separate the first geometrical structure 160 and the second geometrical structure 170 from each 
other, are installed between the planar structure 6 and the cubic structure 7 and have a smaller area than 
areas of the planar structure 6 and the cubic structure 7. 


[0149] The first geometrical structure 160 is one or two or more. The first geometrical structure 160 
implodes a space energy that is full in the universe due to its geometrical structure to be indirectly and 
directly used. 


[0150] The second geometrical structure 170 concentrates the space energy imploded by the first 
geometrical structure 160 in a forward direction. 


[0151] Areas of the first geometrical structure 160 and the second geometrical structure 170 allow the 
quantity of the imploded space energy to be increased. In other words, in order to obtain a larger quantity 
of space energy, the number of stacked first geometrical structures 160 increases or the areas of the first 
and second geometrical structures 160 and 170 increase. 


[0152] In this case, in the first geometrical structure 160, the planar structure 6 further includes a planar 
cut groove 6a in which the planar structure 6 1s cut to two continuous sides between two contacting 
vertices from the center, and the cubic structure 7 further includes a cubic cut groove 7a in which the 
cubic structure 7 1s cut to two continuous sides between two contacting vertices from the center. In 
addition, the separation structures 8 have a regular heptangular shape but also have a cut groove 8a in 
which each of the separation structures 8 is cut to two continuous sides from the center. 


[0153] The cubic structure 7, the separation structures 8, and the planar structure 6 are stacked that the 
arrangement angle of their respective sides are identical. 


[0154] On the other hand, a second geometrical structure 170' may be modified in another shape. In other 
words, as illustrated in FIG. 37, a cubic structure 7' of the second geometrical structure 170' is 
implemented by forming a subcubic structure 7b' having a regular heptangular pyramid shape having a 
smaller area than the area of a regular heptangular planar plate 7a' on the planar plate 7a’. At this time, a 
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cubic cut groove 7c' in which the cubic structure 7' is cut to two continuous sides between two contacting 
vertices of the planar plate 7a' from the center is formed in the cubic structure 7'. Five cubic structures 7' 
are disposed on a plane so that both-end vertices at two continuous sides of each of five cubic structures 
7' contact one another, thereby implementing the second geometrical structure 170' of the present 
application. 


[0155] A plate structure 190 supports the first geometrical structure 160 and has the same shape as that of 
the first geometrical structure 160. A plate hole 193 corresponding to a case hole 53 that will be described 
later is formed in the center of the plate structure 190. 


[0156] A case 50, a cover 51, a radiation sphere 52, a case hole 53, a fixing member 63, a bolt portion 
63a, and a nut 64 are the same as in the energy amplification generator shown in FIG. 29 and thus, a 
detailed description thereof will be omitted. 


[0157] An energy amplification generator according to another embodiment of the present invention will 
now be described. 


[0158] FIG. 39 is an energy amplification generator according to another embodiment of the present 
invention, FIG. 40 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 39, FIG. 41 is a perspective view of a second geometrical structure of the energy 
amplification generator of FIG. 39, FIG. 42 is a perspective view of another shape of the second 
geometrical structure of FIG. 41, and FIG. 43 illustrates the structure in which a second geometrical 
structure, a first geometrical structure, a plate structure and separation structures are stacked, of the 
energy amplification generator of FIG. 39. Here, like reference numerals in FIGS. 29 and 34 denote like 
elements having the same function. 


[0159] Referring to FIG. 39, the energy amplification generator according to another embodiment of the 
present invention includes a first geometrical structure 260 in which both-end vertices at two continuous 
sides of each of seven pieces of planar structures 6 having a regular heptangular shape contact one 
another, a second geometrical structure 270 which is separated from an upper portion of the first 
geometrical structure 260 and in which both-end vertices at two continuous sides of each of seven cubic 
structures 7 having a regular heptangular pyramid shape contact one another, and a plurality of separation 
structures 8 which separate the first geometrical structure 260 and the second geometrical structure 270 
from each other, are installed between the planar structure 6 and the cubic structure 7 and have a smaller 
area than areas of the planar structure 6 and the cubic structure 7. 


[0160] The first geometrical structure 260 is one or two or more. The first geometrical structure 260 
implodes a space energy that is full in the universe due to its geometrical structure to be indirectly and 
directly used. 


[0161] The second geometrical structure 270 concentrates the space energy imploded by the first 
geometrical structure 260 in a forward direction. 


[0162] Areas of the first geometrical structure 260 and the second geometrical structure 270 allow the 
quantity of the imploded space energy to be increased. In other words, in order to obtain a larger quantity 
of space energy, the number of stacked first geometrical structures 260 increases or the areas of the first 
and second geometrical structures 260 and 270 increase. 


[0163] The cubic structure 7, the separation structures 8, and the planar structure 6 are stacked that the 
arrangement angle of their respective sides are identical. 


[0164] On the other hand, a second geometrical structure 270' may be modified in another shape. In other 
words, as illustrated in FIG. 42, a cubic structure 7' of the second geometrical structure 270' is 
implemented by forming a subcubic structure 7b' having a regular heptangular pyramid shape having a 
smaller area than the area of a regular heptangular planar plate 7a' on the planar plate 7a’. Seven cubic 
structures 7' are disposed on a plane so that both-end vertices at two continuous sides of each of seven 
cubic structures 7' contact one another, thereby implementing the second geometrical structure 270' of the 
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present application. 


[0165] A plate structure 290 supports the first geometrical structure 260 and has the same shape as that of 
the first geometrical structure 260. A plate hole 293 corresponding to a case hole 53 that will be described 
later is formed in the center of the plate structure 290. 


[0166] A case 50, a cover 51, a radiation sphere 52, a case hole 53, a fixing member 63, a bolt portion 
63a, and a nut 64 are the same as in the energy amplification generator shown in FIGS. 29 and 34 and 
thus, a detailed description thereof will be omitted. 


[0167] An energy amplification generator according to another embodiment of the present invention will 
now be described. 


[0168] FIG. 44 is an energy amplification generator according to another embodiment of the present 
invention, FIG. 45 is a perspective view of a first geometrical structure of the energy amplification 
generator of FIG. 44, FIG. 46 1s a perspective view of a second geometrical structure of the energy 
amplification generator of FIG. 44, FIG. 47 1s a perspective view of another shape of the second 
geometrical structure of FIG. 46, and FIG. 48 illustrates the structure in which a second geometrical 
structure, a first geometrical structure, a plate structure and separation structures are stacked, of the 
energy amplification generator of FIG. 44. Here, like reference numerals in FIGS. 29, 34, and 39 denote 
like elements having the same function. 


[0169] Referring to FIG. 44, the energy amplification generator according to another embodiment of the 
present invention includes a first geometrical structure 360 in which both-end vertices at two continuous 
sides of each of seven pieces of planar structures 6 having a regular heptangular shape contact one 
another, a second geometrical structure 370 which is separated from an upper portion of the first 
geometrical structure 360 and in which both-end vertices at two continuous sides of each of seven cubic 
structures 7 having a regular heptangular pyramid shape contact one another, and a plurality of separation 
structures 8 which separate the first geometrical structure 360 and the second geometrical structure 370 
from each other, are installed between the planar structure 6 and the cubic structure 7 and have a smaller 
area than areas of the planar structure 6 and the cubic structure 7. Here, the first geometrical structure 360 
is one or two or more. 


[0170] The first geometrical structure 360 implodes a space energy that is full in the universe due to its 
geometrical structure to be indirectly and directly used. 


[0171] The second geometrical structure 370 concentrates the space energy imploded by the first 
geometrical structure 360 in a forward direction. 


[0172] Areas of the first geometrical structure 360 and the second geometrical structure 370 allow the 
quantity of the imploded space energy to be increased. In other words, in order to obtain a larger quantity 
of space energy, the number of stacked first geometrical structures 360 increases or the areas of the first 
and second geometrical structures 360 and 370 increase. 


[0173] In this case, in the first geometrical structure 310, the planar structure 6 further includes a planar 
cut groove 6a in which the planar structure 6 1s cut to two continuous sides between two contacting 
vertices from the center, and the cubic structure 7 further includes a cubic cut groove 7a in which the 
cubic structure 7 1s cut to two continuous sides between two contacting vertices from the center. In 
addition, the separation structures 8 have a regular heptangular shape but also have a cut groove 8a in 
which each of the separation structures 8 is cut to two continuous sides from the center. 


[0174] The cubic structure 7, the separation structures 8, and the planar structure 6 are stacked that the 
arrangement angle of their respective sides are identical. 


[0175] On the other hand, a second geometrical structure 370' may be modified in another shape. In other 
words, as illustrated in FIG. 47, a cubic structure 7' of the second geometrical structure 370' is 
implemented by forming a subcubic structure 7b' having a regular heptangular pyramid shape having a 
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smaller area than the area of a regular heptangular planar plate 7a' on the planar plate 7a'. At this time, a 
cubic cut groove 7c' in which the cubic structure 7' is cut to two continuous sides between two contacting 
vertices of the planar plate 7a' from the center is formed in the cubic structure 7'. Seven cubic structures 7' 
are disposed on a plane so that both-end vertices at two continuous sides of each of seven cubic structures 
7' contact one another, thereby implementing the second geometrical structure 370' of the present 
application. 


[0176] A plate structure 390 supports the first geometrical structure 360 and has the same shape as that of 
the first geometrical structure 360. A plate hole 393 corresponding to a case hole 53 that will be described 
later is formed in the center of the plate structure 390. 


[0177] A case 50, a cover 51, a radiation sphere 52, a case hole 53, a fixing member 63, a bolt portion 
63a, and a nut 64 are the same as in the energy amplification generator shown in FIGS. 29, 34, and 39 and 
thus, a detailed description thereof will be omitted. 


[0178] The space energy implosion unit shown in FIGS. 9, 14, 19, 24, 29, 34, 39, and 44, a space energy 
which is a kind of a torsion field, 1.e., a small space energy that is full in the universe, is imploded and is 
converted into a usable energy to be directly or indirectly used due to the above-described geometrical 
Structure. 


[0179] An implosion mechanism of a space energy has not clearly been investigated scientifically yet. 
However, the present applicant has found a structure in which a space energy can be most effectively 
radiated, through many repetitive experiments. Such a space energy does not have the intensity that can 
be directly perceived by human's five senses but its existence can be verified through several experiments. 


[0180] In other words, when a case where a space energy is radiated on a particular object and a case 
where a space energy 1s not radiated on a particular object are compared, if any difference therebetween 
occurs, it can be inductively known that a space energy exists. Hereinafter, various experimental 
examples for verifying the existence of a space energy will be described. 


[0181] (1) Cancer Cell Growth Experiment 


[0182] FIG. 55 1s a graph showing tumor volumes of white rats that have drunk a general drinking water 
and white rats that have drunk a space energy processing water. 


[0183] The present experiment has been carried out by professor Hyunwon Kim of Wonju medical 
college of the Yonsei University, April 2004 and his researchers. 


[0184] In order to carry out the present experiment, after two chambers where experiment white rats 
CS56BL/6 live were prepared, a water supply tube in which a processing water processed by radiating a 
space energy on a general drinking water was put was installed in one of the chambers, and a water 
supply tube in which a general drinking water was put was installed in the other one (a control group) so 
that the space energy processing water or the general drinking water can be freely taken by subjects from 
the water supply tubes that are put in each chamber. The same number of experiment white rats CS6BL 6 
as experiment white rats CS6BL/6 to whose subcutaneous tissues malignant skin cancer cells B16 
Melanoma are injected were put in each chamber and tumor volumes were observed according to days for 
20 days. 


[0185] In the graph of FIG. 55, a portion marked by control indicates tumor volumes of white rats that 
have drunk a general drinking water according to days, and a portion marked by life energy indicates 
tumor volumes of white rats that have drunk a space energy processing water according to days. 


[0186] As a result of measuring tumor volumes for 20 days, as shown in the graph of FIG. 55, in case of 
white rats that have drunk a space energy processing water that 1s imploded by an energy amplification 
generator, tumor volumes are very smaller than those of the control group. 


[0187] As known from the graph of FIG. 55, in case of white rats (life energy) that have drunk a space 
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energy processing water, tumor volumes are very smaller than those of white rats (control) that have 
drunk a general drinking water. Thus, the space energy processing water makes an anticancer action on a 
living body of a white rat. That 1s, the existence of the space energy can be verified from the graph. 


[0188] (2) Clinical Tests Relating to Whether a Processing Water that 1s Processed by a Space Energy 
Affects Infant Atopic Patients or not. 


[0189] FIG. 49 shows a graph of Table 1 and illustrates the number of subjects before taking a space 
energy processing water. Also, FIG. 50 shows a graph of Table 2 and illustrates the number of subjects 
that show Erythema symptoms after taking a space energy processing water, FIG. 51 shows a graph of 
Table 2 and illustrates the number of subjects that show Edema Papulation symptoms after taking a space 
energy processing water, FIG. 52 shows a graph of Table 2 and illustrates the number of Oozing subjects 
after taking a space energy processing water, FIG. 53 shows a graph of Table 2 and illustrates the number 
of Excoriation subjects symptoms after taking a space energy processing water, and FIG. 54 shows a 
graph of Table 2 and illustrates the number of Lichenification subjects after taking a space energy 
processing water. 


[0190] The clinical tests have been carried out at Chungno1 oriental hospital (principal Jaekyu Ryu) 
located in the third floor, Winplus commercial building, 507, Daechi-dong, Kangnam-gu, Seoul, Republic 
of Korea, in early 2005. The clinical tests are experiments for verifying whether, when infant atopic 
patients took a space processing water, the space processing water affects the infant atopic patients 
clinically or not. 


[0191] In the clinical tests, D-company spring water (hereinafter, referred to as a space energy processing 
water) in which the space energy that is radiated from the energy amplification generator according to the 
present invention is investigated for 10 days, was taken by 40 infant atopic patients (male 15, female 25) 
of 0-4 years old who visited at the Chungnoi oriental hospital for atopic treatment. 


[0192] In the clinical tests, five hypotheses that, when infant atopic patients took the space energy 
processing water, there may be a difference between before and after taking the space energy processing 
water were formed, and an atopic index ((SCORAD: SCORing Atopic Dermatitis) index)) before and 
after taking the space energy processing water was measured, thereby verifying a clinical effect of a space 
energy processing water. 


[0193] Here, the atopic index (SCORAD index) has clinical significance only when the whole body skin 
status, partial skin photos and itching are simultaneously checked and a resultant value thereof 1s 
obtained. However, there was a difficulty for checking the whole body skin status and itching because 
subjects were infants. Thus, Erythema, Edema Papulation, Oozing, Excoriation, and Lichenification 
which are main atopic symptoms were scored and classified. 


[0194] The symptoms of atopic patients before taking a space energy processing water are shown in Table 
1 and FIG. 50. 


[0000] 

TABLE 1 

Subjects Symptoms before taking Space Energy Processing Water 
Edema  Excori- Licheni- 

Status Erythema Papulation Oozing ation fication 

Severe(lll) 5 3 3 0 2 


Moderate(II) 25 20 15 1 1 
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O(No 2 0 20 34 36 
symptom) 
[0195] Table 1 is expressed as a graph, as shown in FIG. 51. 


[0196] Five hypotheses that, when infant atopic patients took a space energy processing water, there may 
be a difference between before and after taking the space energy processing water are as described below. 


[0197] (a) Hypothesis 1 
[0198] Erythema symptoms of infant atopic patients who took 200-300 cc of a space energy processing 
spring water for one month three times a day for 10 days may be different from those before taking the 
space energy processing spring water. 
[0199] (b) Hypothesis 2 
[0200] Edema Papulation symptoms of infant atopic patients who took 200-300 cc of a space energy 
processing spring water for one month three times a day for 10 days may be different from those before 
taking the space energy processing spring water. 
[0201] (c) Hypothesis 3 
[0202] Oozing symptoms of infant atopic patients who took 200-300 cc of a space energy processing 
spring water for one month three times a day for 10 days may be different from those before taking the 
space energy processing spring water. 
[0203] (d) Hypothesis 4 
[0204] Excoriation symptoms of infant atopic patients who took 200-300 cc of a space energy processing 
spring water for one month three times a day for 10 days may be different from those before taking the 
space energy processing spring water. 
[0205] (e) Hypothesis 5 
[0206] Lichenification symptoms of infant atopic patients who took 200-300 cc of a space energy 
processing spring water for one month three times a day for 10 days may be different from those before 
taking the space energy processing spring water. 
[0207] The result of the clinical tests is shown in Table 2. 
[0000] 
TABLE 2 
Subjects: Symptoms after taking Space Energy Processing Water. 

Edema  Excori- Licheni- 
Status Erythema Papulation Oozing ation fication 


Severe(III) 0 1 1 0 2 


Moderate(II) 14 10 0 1 1 
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O(No 13 17 38 35 36 
symptom) 


[0208] (a) Result of Hypothesis 1 


[0209] In Erythema symptoms of infant atopic patients, there was a significant difference between before 
taking 200-300 cc of the space energy processing water three times a day for 10 days and after taking it 
and treatment. In other words, as illustrated in FIG. 50, in Erythema symptoms of patients after treatment 
by taking the space energy processing water, the status of a number of patients who belong to 'severe' and 
'moderate' of Table 2 is moved to the status of mild or '0(no symptom)’, that is, symptoms have been 
improved. 


[0210] (b) Result of Hypothesis 2 


[0211] In Edema Papulation symptoms of infant atopic patients, there was a significant difference 
between before taking 200-300 cc of the space energy processing water three times a day for 10 days and 
after taking it and treatment. In other words, as illustrated in FIG. 51, in Edema Papulation symptoms of 
patients after treatment by taking the space energy processing water, the status of a number of patients is 
moved to the status of 0(no symptom), that is, symptoms have been improved. 


[0212] (c) Result of Hypothesis 3 


[0213] In Oozing symptoms of infant atopic patients, there was a significant difference between before 
taking 200-300 cc of the space energy processing water three times a day for 10 days and after taking it 
and treatment. In other words, as illustrated in FIG. 52, in Oozing symptoms of patients after treatment by 
taking the space energy processing water, the status of a number of patients is moved to the status of 'O(no 
symptom)’, that is, symptoms have been improved. 


[0214] (d) Result of Hypothesis 4 


[0215] In Excoriation symptoms of infant atopic patients, there was no significant difference between 
before taking 200-300 cc of the space energy processing water three times a day for 10 days and after 
taking it and treatment. In other words, as illustrated in FIG. 53, in Excoriation symptoms of patients after 
treatment by taking the space energy processing water, the Excoriation symptoms of most subjects were 
not severe, and thus, it was a difficulty for finding significance in comparison with the results before and 
after taking the space energy processing water. However, it was verified by naked eyes that the skin status 
after taking the space energy processing water is more smooth than before taking the space energy 
processing water. 


[0216] (e) Result of Hypothesis 5 


[0217] In Lichenification symptoms of infant atopic patients, there was no significant difference between 
before taking 200-300 cc of the space energy processing water three times a day for 10 days and after 
taking it and treatment. Since Lichenification symptoms occur in adult chronic serious-case patients 
having a long disease-contraction period, as illustrated in FIG. 54, many Lichenification symptoms have 
not been found in infants having a short disease-contraction period of less than 4 years old. 


[0218] As verified in the above results, symptoms such as Erythema (hypothesis 1), Edema Papulation 
(hypothesis 2), Oozing (hypothesis 3), and Excoriation (hypothesis 4) have been improved. Although, in 
case of Lichenification (hypothesis 5) symptoms, there was no significant difference, the existence of a 
space energy can be verified according to the results of hypotheses 1, 2, 3, and 4. 


[0219] The space energy radiated from the energy amplification generator according to the present 
invention allows a living body energy to be activated, as verified in the above-described cancer cell 
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growth experiments or clinical tests. However, the space energy shows various effects in the following 
fields. 


[0220] If the space energy radiated from the energy amplification generator 1s radiated on a plant, the 
growth of the plant is brought on, and chemical reactions such as decay etc. are suppressed. Thus, it can 
be understood from the results that one action of the space energy according to the present invention is a 
non-1onization action for suppressing ionic polarization. Such a phenomenon occurs even in a human 
body and is as described above. 


[0221] In addition, when the space energy 1s radiated on milk at about 20[deg.] C. for about three weeks, 
milk is not decayed but can be eaten and is changed into yogurt in which lactobacillus that has also been 
used in a health food is contained. 


[0222] In addition, when the space energy is radiated on a strawberry for two months, the strawberry is 
not decayed or acidified, 1s dried and dehydrated and is changed into a glutinous shape like raisins. This 
does not harm the human body when man takes the strawberry. This represents a processing method by 
which foods can be kept for a long time, comparing when strawberries are kept in a general environment, 
for more than three days, they begin to be deformed and be decayed after several days have elapsed. 


[0223] In addition, when the space energy is radiated on a cold-storage apple for about two or more years, 
due to moisture evaporation, part of the epidermis is crumpled and its interior fleshiness is not greatly 
different from the fleshiness of an original apple. In this way, when the present invention is applied to 
living body objects around man, their living body energy can be preserved and reinforced. 


[0224] While the present invention has been particularly shown and described with reference to 
exemplary embodiments thereof, it will be understood by those skilled in the art that various changes in 
form and details may be made therein without departing from the spirit and scope of the invention as 
defined by the following claims. 


INDUSTRIAL APPLICABILITY 


[0225] As described above, in the space energy implosion unit and the energy amplification generator 
using the same according to the present invention, a space energy which is a kind of a torsion field and is 
imploded in a particular geometrical shape, is more effectively imploded so that the space energy can 
affect the human body and animals and plants favorably and furthermore, affect inanimate objects 
favorably. 


WO2009101466 
ABSOLUTELY NEW TECHNOLOGY OF COLLECTING ENERGY AND GENERATING 
ELECTRICITY. THE NEW TYPE NUCLEAR POWER REACTOR 


Abstract 


The absolutely new technology of collecting energy and generating electricity by using huge Pyramid or a 
Cone (approximate size and angles see figure 7) as a nuclear power reactor, that should be made of big 
blocks of natural stones (limestones and granites stones) weighing 3-5 tons and larger that should be 
brought into a very tight contact with a cement, with ideally polished, smooth Pyramid's surface and 
special structure of the Pyramid's inner chambers and special chambers under the Pyramid's. The process 
of collecting energy : The Pyramid or Cone starts the process of a nuclear chain reaction that induce the 
gain of temperature inside and under the Pyramid. Supplying water into Pyramid's inner chambers and 
special chambers under the Pyramid and collecting steam under very high pressure and very high 
temperature for spinning a steam turbines. The approximate plan of the Pyramid's special structure see 
figure 7. 


DESCRIPTION 
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I invented the absolutely new, yet unknown for the mankind super technology of collecting energy and 
generating electricity and absolutely new NUCLEA POWER REACTOR (NPR). My NUCLEAR 
POWER REACTOR works without any fuel! ! ! My NPR produces absolutely CHEAP ENERGY! ! ! 
Because my NPR does not need any fuel 1t takes only operating costs and outlay for 1ts building. My NPR 
produces absolutely ENVIRONMENTAL FRIENDLY, SAFE, STABLE ENERGY WITHOUT 
LIMITS!!! The power of my NPR depends on its size and supply of water. The larger size of the reactor 
the more power the reactor produces, the more water Power station requires. As my NPR needs good 
supply of water it should be built near large enough source of water. Ideally it could be very big river or 
big enough freshwater lake. Before we start building NPR we need to chose .a natural earthquake- 
resistant platform (some plateau or outcrop of bedrock). The earthquake resistance of the platform 1s the 
most important factor. The natural weight of my NPR is very high (from aboutlO million tons and higher) 
so as a platform we should take some very solid monolith plateau. Another reason for this 1s that part of 
this base under the Pyramid is the very important part of the reactor. For water supply we need to create a 
special harbour from the river as close as possible to the Power station. 


MY NUCLEAR POWER REACTOR AND MY TECHNOLOGY OF COLLECTING ENERGY AND 
PRODUCING ELECTRICITY IS UNIQUE. The reactor and technology that our civilization has not 
known yet. Without a doubt this is the best reactor and technology that have ever been created. My NPR 
is using the ideal way of collecting energy. Technology that mankind will use for producing electricity 
from now on and forever. Technology that will end up any other main ways of generating electricity, that 
will save our planet from pollution and poisoning and even will save our civilization in the case of some 
global catastrophe that already has happened on our planet in the past ( global total flood), because my 
NPR and my technology works non-stop, forever without any fuel even deep under water surface, on the 
ocean's floor where people could hide and live during total flood or 1ce age. My technology will allow 
people to get energy even on other planets 1f this planets have enough water. 

The reactor of my Power station is a PYRAMID(it can be a CONE as well, but PYRAMID is much 
better) that should be made from blocks of solid enough material( natural stones, cement...) It could be 
better to use granite and limestones. All body of the Pyramid should be made from huge blocks of 
limestones. Some parts of the interior design that should resist very high pressure and high temperature 
should be made from huge blocks of high quality granite. The type of the Pyramid is a four sided 
Pyramid( It could be three, five, six and much more sided Pyramid even as I have said before a Cone). 
Four sided Pyramid is much better. The approximate optimum size of the Pyramid see figure 1. The 
position of the Pyramid on Earth see figure 2 ( the view from above for the reactors situated in the 
northern hemisphere ). The angles of the Pyramid see figure |. Inside the Pyramid and on its surface it 1s 
very important to minimize the thickness of the joints between stones. Ideally 1t should be monolith 
structure. All blocks of stones should be brought as close as just 0,001 inches, or ideally in very tight 
contact with cement between stones. The precision in the consistency of the lengths of the Pyramid's four 
sides at the base as well as its four sides from the capstone to the base, all angles, positioning the Pyramid 
to the real north, the real horizontal position of 1ts base are the most important things! The power of my 
NPR depends on this precision and accuracy. The precision should be as good as today's technology can 
afford it. There should be large enough limestones weighting at about 3 - 5 tons and more to create firm 
enough structure. All this Pyramid should be made from such stones because we expect very high 
pressure of steam in special inner chambers of the Pyramid hence the structure should successfully resist 
high pressure and high temperature at the same time! The surface of the Pyramid should be perfect as a 
mirror. It should be made from ideally polished limestones that should be cat and fitted together with a 
cement with ideal precision, with joints almost invisible to the naked eye. All four sides of the Pyramid 
should look like a single, flawless, pyramid- shaped slab. As I have said before there should be perfect 
monolith structure inside the Pyramid as well. If we successfully fulfil all this conditions the Pyramid will 
start working. The Pyramid starts a nuclear chain reaction and starts to accumulate energy in its inner 
space and under the Pyramid. In this case to collect energy from the core of the Pyramid and from special 
chambers under the Pyramid we need water. 


http://www.rexresearch.com/pyramid/pyramid.htm 


50/58 


1/28/2019 Pyramid Energy Patents 


mi 3 

i h 
deco settee a E oe 
fale “fd ini =T a ees a Bree ot a . 


Figure 1. Figure 2. 


Bice 


A, 


a 
to 
w a 
a 
A 
x 


http://www.rexresearch.com/pyramid/pyramid.htm 


51/58 


Pyramid Energy Patents 


1/28/2019 


North 


Figure F. 


Figure 3. 
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per cycle 
Because the TIME/DIVknob is set at 10 us, 
the period of this sine wave is 33 pus. The 
frequency of this sine wave is therefore 
calculated as_ follows: 
pet) 1 _ ~ 39393 Hz = 30.3 kHz 


T 33 s  .000033sec 


You can also measure the effect of a circuit 
on a signal of a particular frequency. Supply 
the signal from a function generator to the 
input of the circuit. Attach the oscilloscope 

probe for channel 2 to the input of the 
circuit. Attach the oscilloscope probe for 
channel 1 to the output of the circuit. The 
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To achieve very precise horizontal position of the Pyramid's base we shall have to level the surrounding 
plateau by fitting 1t with a limestone pavement, carved to match the profile of the underlying bedrock. 
This pavement should be built from fine quality limestones and should be extended some 40 feet beyond 
the Pyramid's boundary on each of its four sides all around the Pyramid. Of course in this case we shall 
have to extend the precision of the Pyramid on the pavement as well. The mean thickness of the joints 
between limestones should be not more then <-> 0,001 inches or ideally it should be very tight contact 
with cement. 


Before we start building the Pyramid's casing the whole Power station, the whole its infrastructure should 
be absolutely ready to work. Because having started building the Pyramid's casing we START THE 
REACTOR OF THE POWER STATION. It means that building of the Pyramid's casing is THE LAST 
STEP. During the process of building the Pyramid's casing we will start collecting first kilowatts of 
electricity! 


And now it is high time to have a look inside and under the Pyramid. As I have said before we expect 
very high pressure of steam in its inner chambers and in special chambers under the Pyramid and we 
expect very high temperature as well. To resist both we need to create special structure of chambers and 
tunnels inside the Pyramid from huge blocks of high quality granite. All granite stones should be brought 
together in very tight contact with a cement. We need to carve special structure of chambers and tunnels 
in the base under the Pyramid. The positioning of the Pyramid's inner chambers and special chambers in 
the base under the Pyramid see figure 7. The view from above see figure 12. The process of collecting 
energy is quite simple: The Pyramid itself starts a nuclear chain reaction and starts to accumulate energy 
in its inner space and in the base under the Pyramid. The nuclear chain reaction induce the gain of 
temperature in the Pyramid's inner space and in the base under the Pyramid. Some parts of the Pyramid 
and the base will get very high temperature. In this case we need water as a moderator and as a coolant at 
the same time. Water takes heat from the core of the Pyramid and special chambers and runnel under the 
Pyramid and converts into steam. Eventually we will use steam to drive a steam turbines as normal in any 
power station. 


And now about very important thing: Before we start planning the Pyramid's inner chambers and special 
chambers in the base under the Pyramid and building our first real huge Pyramid we need very carefully 
check the map of allocation of temperature of different parts of the Pyramid and how this map is changing 
during the day and during the year. It is very difficult to know about this without having made an 
experiment on a smaller model first. So we need to build the very precise smaller copy of our huge 
Pyramid first. We need to install a lot of very sensitive temperature sensors all over this smaller model 
and, that 1s very important, under the Pyramid's base as well to check temperature of different parts of this 
smaller model and under it. We shall have to wait for a one year so that we could check how temperature 
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of different parts of our smaller model and under it is changing during the whole day and during the 
whole year. The approximate map of allocation of temperature inside the Pyramid and under the Pyramid 
1s on figures 3 and 5. The view from above see figures 4 and 6. During the day the active zone of energy 
concentration is changing from position (2) on figure 5 (view from above of this position see figure 4.) to 
position that is shown on figure 3 (view from above of this position see figure 6.) and then to position (1) 
on figure 5 (view from above - position 1 on figure 4.). This process takes 12 hours. In the active zones of 
energy concentration we expect very high temperature. To be certain about safety we need to install 
radiation sensors all around outside our smaller model too. Of course without making experiments no one 
knows how the size enlargement of the Pyramid could affect the power. I suppose it is quit possible that 
enlargement twice as much of the size of the Pyramid could bring three or even four times more power! 
Who knows it could be even more. I think that the Pyramid as huge as volcano Vesuvius which is CONE 
could supply enough energy for the whole world!!! The problem 1s: we could not be able to supply 
enough water for so huge reactor. All about pyramids, cones and volcanoes as well we could know only 
making experiments and calculations on a smaller models. I have no doubts all experiments will pay for 
themselves more then enough. 


It would be very advisable to built smaller copy of the Pyramid on the rotating platform so that we could 
know how power and allocation of temperature all over the Pyramid is changing if we wind the Pyramid 
around its axis. 


Having know the allocation map of temperature inside the Pyramid and even deep under the Pyramid 
(which is very important as well), how this temperature is changing during the day and during the year we 
could eventually plan the disposition of the Pyramid's inner chambers and their design. We could plan the 
power of the reactor, the temperature and the pressure inside, how much water do we need and so on. In 
fact we could then compare the power of my reactor with powers of already existent other types of 
reactors and eventually plan the rest infrastructure of the power station which will be the same as in any 
other types of power stations (see figure 11.). The steam from exit (C) of the Pyramid is passed directly to 
the steam turbine (1) where it 1s joined by the steam from exit (A) of the Pyramid. After expanding 
outwards through the turbine, the steam has had all of its useful energy removed. It is then condensed by 
passing over pipes carrying cold water (3): this water in turn loses its heat in cooling towers. Condensed 
water is pumped into a cold water tank (2) and then into entrance (B) and entrance (A) of the Pyramid. 
The blades of the steam turbine (1) turn at 3600 rpm, spinning a shaft connected to a generator (4) 
producing 22 kV of three-phase electricity. 


As I have said before the allocation map of temperature all over the Pyramid and under the Pyramid is not 
constant. It is changing during the day and during the year. It depends on positioning of the Pyramid on 
Earth - on the latitude on which the Pyramid lie. It means that during the day different chambers of the 
Pyramid and the base under the Pyramid work actively at different times. Although all chambers of the 
Pyramid and the base are generating enough power as a steam for the whole day, non-stop because of the 
Pyramid's capability to accumulate and keep enough energy as a heat for a long period of time. Now we 
have a look at figure 7. This 1s just approximate plan of the reactor's inner chambers that I have made 
without experiments on a smaller model. The disposition of the reactor's inner chambers depends on the 
Pyramid's positioning on Earth (latitude). The plan that we can see on figure 7 is for the reactors which 
should be situated in the northern hemisphere. The structure inside the Pyramid consist of two separately 
working parts. The first part consist of chamber (1), antechamber (11) and tunnel (4). The second part 
consist of chamber (2), tunnel (5), tunnel (7), chamber (6), chamber (3), antechamber (10), tunnels (8) 
and (9). During the day some of this two parts starts working actively first. Water is coming into chamber 
(1) through the entrance (A), tunnel (4) and antechamber (11).Because of very high temperature all around 
chamber (1), antechamber (11) and tunnel (4), water starts boiling right in tunnel (4) converting into 
steam. The process of steam generation continues in chamber (1). Because of the very high temperature 
all around this chamber the temperature and pressure of steam in chamber (1) 1s growing. When the 
pressure of steam 1s high enough steam pushes water level down, comes out of the chamber and hit into 
granite blocks in antechamber (11). This granite blocks 1s especially meant to withstand the steam's blow 
from the chamber (1). Steam is coming out under big pressure through tunnel (4) and entrance (A) to a 
steam turbine. The approximate size of tunnel's (4) section 1s 3 feet 11 inches high by 3 feet 5 inches 
wide. The active process of growing temperature all around this part continues for about four hours, but 
the process of steam generation continues all day round non-stop. The second part of the Pyramid's inner 
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structure works independent of the first part. Water is coming into this part through the entrance (B) and 
tunnel (8). Then from chamber (3) water is coming through antechamber (10) into chamber (6) and 
further into tunnel (7), through tunnel (5) into chamber (2). Water level in both (2) and (3) chambers see 
figure 7. The very high temperature all around this part of inner structure starts the process of steam 
generation in all chambers and tunnels. In chamber (2) steam under big pressure pushes down water level 
and comes out into tunnel (5). Big bubbles of steam on the way into chamber (6) hit into five granite 
blocks ( see figure 10.) This granite blocks is especially meant to withstand the steam's blow from 
chamber (2). This granite blocks slice and disperse big steam bubbles into smaller fractions. And at the 
same time this granite blocks do not allow steam bobbles come into tunnel (7) because of their special 
overlap position. The bubbles of steam from tunnels (5) and (7) come into chamber (6). Here, in chamber 
(6) we can see special structure of granite blocks fixed on special ramp (see figure 10.). This granite 
blocks is especially meant to direct steam bubbles upwards on their way to chamber (3) and 
antechamber(1[theta]) so that steam bubbles do not get into antechamber (10) straight but come to the 
water surface in chamber (6). The space in chamber (6) over water surface accumulates steam. The 
pressure and temperature of steam in chamber (6) over water surface is growing. When the pressure 1s 
high enough steam pushes water level down, comes into antechamber (10) and hit into granite blocks (see 
figure 9.). This granite blocks is especially meant to withstand the steam's blow from chamber (6). Then 
steam comes into chamber (3). We expect very high temperature all around chamber (3). It raise the 
steam's temperature and pressure even higher. That is why all this chamber should be made of high 
quality granite blocks. Steam under big pressure and temperature pushes water level down and comes out 
of chamber (3) through tunnel (9) and exit (C) to a steam turbine. The active process of accumulating 
energy all around this part continues non-stop for about 12 hours, but the process of steam generation 
continues non-stop all day round. I should say that for at least 12 hours every day the Pyramid works very 
actively. This amount of time is far then enough for the Pyramid to accumulate enough energy for another 
12 hours when the Pyramid is not accumulating energy in its inner space and under the Pyramid. Stones 
of the Pyramid keep enough heat for the next 12 hours till the Pyramid starts working very actively 
accumulating energy again in its inner space to keep on generating steam non- stop for the whole day, the 
whole year, the whole eternity! ! ! Yes. MY REACTOR WORKS NON-STOP, FOREVER, WITHOUT 
ANY FUEL!!! 


Everything inside the Pyramid should be made very firm and reliable. Because any mistake could cost a 
lot of money. To change or repair something inside the reactor we shall have to stop the reactor. To stop 
the reactor means that we shall have to remove the upper layer of stones which is the Pyramid's casing. 
This is the very expensive task. Hence everything inside the Pyramid should be ready to work firmly and 
reliably for hundreds of years or even thousands of years nonstop. The system inside the Pyramid should 
be simple, without replaceable details. 


Another problem is the configuration profile of the steam tunnel (9) . The steam under very high pressure 
and high temperature 1s coming out of the Pyramid with the very high speed. It means that resonance 
could make this tunnel very noisy. We need to choose the right profile for this tunnel to keep its prime 
resonant frequencies in the infra sound range. The approximate example of the steam tunnel's profile see 
figure 8. 
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QRP HomeBuilder - QRPHB - 


Component level (mostly analog) electronics from microwave to AF. Jazz guitars and guitar amplifiers. Radio astronomy. | apply 
science and critical thinking in my daily life. 


Showing posts with label Inverter crystal oscillator tips. Show all posts 


Inverter Crystal Oscillator 
Greetings -- a short, first post for 2016 ! 


In numerous RF synthesizer chips lies an inverter with input and output pins for 
making a reference crystal oscillator clock. | built some discrete chip inverter xtal 
oscillators with 74HC series logic gates to better examine them. You'll quickly 
recognize the oft-used Pierce oscillator topology with 1 trimmer capacitor to tweak 
the fundamental frequency which might vary from factors like crystal aging and 
gate, crystal, crystal holder + board reactances. 


| determined the 27 pF and trimmer cap values through experiments and 
measures. 


100n 22 uF 100n bypass located 


right on Pin 14 


100n 


L 


5-50 pF 
(31-35 pF ) 


Above — A crystal reference oscillator + buffer with inverters built from NAND 
gates. The crystal is a good 1 — built in 2013; AT- cut; parallel 20 pF load 
capacitance; fundamental 12.8 MHz; a measured QuL of 265K and zero spurs 
during my test sweeps. Further, this crystal ages < 5 ppm per annum for at least 2 
decades. 


If | contrast this with some cheap xtals | bought and tested from eBay — it's night 
versus day. You might find such xtals in DDS and other low-cost synthesizers kits. 
They typically come in a HC-49S case, might suffer a QuL of 40-60K — and more 
alarmingly, those | measured often showed strong, close-in spurs to further trash 
the already compromised close-in phase noise of these low-cost synthesizers. 
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Í through December 21st, 
2017. - | got some 
observing in on December 
18th and 19th, 2017 out at my dark 
site off of Forest Road 006 at Juniper 
Grove. A couple of images. A little 
snow... 
3 hours ago 


Ripples in the Ether 

Arduino — Si5351 Powered Signal 
Generator - Arduino — Si5351 Powered 
Signal Generator Please enjoy this 
write-up of a nifty, compact signal 
generator project using the Etherkit 
Si5351A Breakout Board... 

23 hours ago 


O VE7SL - Steve - Amateur Radio 
Blog 
__ | CLE 226 / CLE 227 NDB 
fz" Listening Event Results - 
*CLE 226 and CLE 227", 
both running during the 
Christmas to New Year 
period, produced some excellent 
propagation on the MF NDB band in 
most parts of the... 
1 day ago 
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Blog 
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STEREO, WIND Spacecraft Teams, 
the Panetary Data System Team, Prof. 
Dr. Kazumas... 
2 weeks ago 


> The Signal Path 
Rohde & Schwarz RTB2004 10-Bit, 
2.5GS/s MSO Oscilloscope Review, 
Teardown & Experiments - In this 
episode Shahriar reviews the Rohde & 
Shwarz RTB2004 10-Bit oscilloscope. 
With its high-resolution touch-screen, 
intuitive and capable GUI as well a... 
3 weeks ago 


H EA4EOZ, an amateur radio 
electronic enthusiast 
Icom IC-R7100 and its clicking noise - 
Some time ago an Icom IC-R7100 
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Quoting Dr. Ulrich Rohde " [ALL] elements in a synthesizer contribute to noise. 
Two primary noise contributors are the reference and the VCO. Actually, the 
crystal oscillator or frequency standard is a high-Q version of the VCO" [ 
Reference 1 ]. 


Although this post isn't about phase noise; in this era of poor quality, "cheapo" 
crystals, | think a low-noise reference is worth considering when synthesizing 
signals for specific applications that require low phase noise. Big thanks to Alexei 
Luk for sending me this 12.8 MHz gem. 


| found a problem with my circuit as shown above: strong spikes on the positive 
and negative edges. My quest became finding ways to decrease these spikes and 
enhance the square waveform seen in my DSO 
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Above — My DSO screen capture of the NAND oscillator circuit show earlier. The 
edge peaks swings 9 Vpp. In 1 circuit they ran over 10.1 Vpp or double the rail to 
rail DC voltage. What's this all about? 


| emailed my circuit and measures to Professor Ken Kuhn who gave me some 
excellent suggestions which I'll augment with experiments and apply in a circuit. 


My favorite point from Ken: No matter how low the frequency you're working at, 
design and construct your circuits like you're operating them @ 1 GHz. 
Transistors don't know what frequency you're working at -- and many work well 
into 100's of MHz! -- "If the circuit is built to work correctly at high frequency then 
it will work great at low frequency." 


So from Ken's wisdom and a little of my thinking + experiments, here's what | did: 


[1] Because we're operating a square wave oscillator, odd harmonics will run at 
high amplitude. The third harmonic at ~38.4 MHz was only 8-10 dB down from the 
fundamental in some of my frequency domain experiments. This means the 
power supply bypass cap should minimally bypass into lower VHF and go right on 
the DC power pin (14) with the shortest possible leads to keep its SRF as high as 
possible. The bypass cap should ideally offer high Q / low ESR at VHF. 


[2] Apply compact construction to reduce stray C, L, — and to minimize distortion 
and start-up stabilization time. In particular, short ground lead lengths for the 27 
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pF and trimmer caps proved important to reduce my edge spikes The shorter the 
circuit wires, the better rings TRUE here. 


[3] Although in synthesizer chips, we only get 1 inverter with 2 pins, for off-chip 
oscillators a buffer proves useful. A small series resistor between the oscillator 
output and the buffer input pins serves to dampen any resonance in the output 
circuit ( often in the 10s of MHz ) from excitation that causes the spikes you see 
as the inverter switches on and off. It's affected by stray L and C around the IC. 


[4] 10X scope probe capacitance lowers the resonant frequency and boosts RF 
energy. To minimize this loading, you might tack solder a 100 © ( or so ) resistor 
onto the buffer output pin and attach the probe clip to this resistor. Experiment 
with the resistor values in [3] and [4] to find out what works best on your bench. 


[5] The 27 pF cap and trimmer cap grounds should lie as close as possible to the 
IC ground pin. 


[6] Don't overdrive your crystal. | placed a 47 (2 resistor between the inverter 
output and the 27p capacitor/crystal lead and determined this R value 
experimentally by watching the trace and frequency counter in my DSO. Since the 
output resistance of the inverter driver is very low compared to the reactance of 
the capacitors and crystal ( the crystal , trimmer and 27 pF cap form a complex 
impedance ) the resistor isolates the output driver and also lowers the crystal 
drive level. 


My crystal features high Q and the 74HC inverter drives it hard. Adding the 
resistor reduced the edge spikes slightly. Further | performed a test where | raised 
the DC supply voltage slightly and my signal appeared to distort and the 
frequency dropped slightly. The 47 Q resistor removed this issue and stabilized 
my TTL inverter oscillator. 


Here's the final schematic: 


100n 


La 10X 
bypass 
right on Pin 14 scope probe 


100 
08 
3 > m 4 
damper 
47 
3-30 pF 12.8 MHz 2ip 
( 31-35 pF | Q = 265K 


short connections 
from caps to ground 


Above — My final TTL Pierce gate oscillator design with a 100 Q resistor to 
isolate the 10X DSO probe during measurement. On the 5 VDC line. A 22 uF + 
100nF then 33 Q resistor plus 1 nF capacitor on Pin 14 form a pi-filter for wide 
band, low-pass DC filtration from AF to lower VHF. VHF bypass on pin 14 helps 
quench edge spikes. 
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| learned another point from Ken about my earlier circuit with the NAND inputs 
shorted to make an inverter. It's often better to bias 1 NAND input gate to high 
and then use the other input for the oscillator feedback connections (inverter 
mode operation). This halves the input capacitance seen by the feedback 
network and may result in less effect tuning effect on the IC in some applications. 


| tried this ---- and like when | connected the buffer inverter up, | had to adjust the 
trimmer cap to either re-establish high frequency oscillation, or set the desired 
oscillator frequency in my counter. 


During my final experiments, | remembered that | purchased some 74HC14s in 
2015 to build a simple HF sawtooth generator to externally quench a super 
regenerative receiver. The 74HC14 features 6 inverters with a Schmitt trigger 
input. Quickly, | built my oscillator around this chip. Further, | ordered 10 standard 
hex inverter 74HC04 chips for future projects. Logic ICs provide major fun! 


H 20.00ns se : 


E I 


(© 12.8009MHz) 


E 
y 
fl 
o 
= 


Cur: SE A + Cur: 3. 005 5 Cur;5.3 Curc12, MHz 

a Avgi ST Avg: 2. Tn g5.3 3 Avg: 12, SÓMHz 
$ H min: 39 E iP Nin:800. Ops fies Wie: ini5.2 ||| Mim: 12, 83m 
Max: 556. 97 E SF Mox:3, dins e I coe - ax 5, | Hax: 317, SMHz 


Above — DSO output of the improved inverter crystal oscillator. l'm quite happy 
with the output voltage(s) and oscillation + frequency stability now. 


| also read about and performed some temperature compensation experiments. 
Nothing worth mentioning however. For reference purposes, here's a video of my 
uncompensated, board - on - bench 12.8 MHz clock into a HP, 10-digit, ovenized 
reference frequency counter. 


Above — Video shot just after power up @ room temperature. The ( temperature 
) frequency drift of my inverter crystal oscillator circuit appears good. This crystal 
will provide an excellent on-chip reference for an experimental PLL project I'm 
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following figure shows a function generator 


and oscilloscope attached to the voltage 
divider circuit shown in Figure 5.6 
In this example, the red lead from the 


function generator was clipped to a jumper 
wire connected to the resistor in the voltage 
divider circuit, and the black lead was clipped 


to a jumper wire connected to the ground 
bus. The oscilloscope probe for channel 2 is 
clipped to a jumper wire connected to the 


resistor, and the ground clip is clipped to a 
jumper wire attached to the ground bus. The 
oscilloscope probe for channel 1 is clipped to 
a jumper wire connected to the voltage 
divider circuit WV out , and the ground clip is 


clipped to a jumper wire connected to the 
ground bus. 


Red lead 
from function 
generator 


Black lead 
from function 
generator 


Channel 1 Channel 1 Channel 2 Channel 2 
ground clip oscilloscope oscilloscope ground clip 
probe probe 
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working on. The 12.8 MHz reference gets divided by 2048 in a PLL chip to 
achieve a tuning resolution of 6250 KHz. 


Additional Bits and Pieces 


Above — Testing a commercial 12.8 MHz oscillator by Vectron International. 
Great engineering coupled with with a fabulous crystal results in a typical phase 
noise of -140 dBc/Hertz @ a 10 KHz offset — perfect for a UHF reference clock. 


Above — I've always got music playing in and around my lab. Since 2006 my 
favorite singer = Julia Savicheva. Twitter. All of December to January | listened to 
Julia for creative inspiration while working on my PLL experiments. No Auto-Tune 
on her voice; amazing band; hard working. She sounds equally good live or 
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recorded — how refreshing! 
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CHAPTER 1 


HF ANTENNAS 


The function generator supplies an input signal 
at a frequency of 10kHz and an amplitude of 
10 V pp . The input signal is represented by 
the upper sine wave on the oscilloscope. 


Many function generators (such as the one 
shown here) have an amplitude adjustment 
knob without a readout. You set the input 
signal amplitude to 10 V pp with the amplitude 
knob on the function generator while 
monitoring the amplitude on the oscilloscope. 

The output signal is represented by the lower 


sine wave in the following figure. Adjust the 
VOLT/DIVcontrols and vertical position controls 
for channels l and 2 to fit both sine waves 
on the screen, as shown here. 

You can measure V pp for each sine wave 
by multiplying the number of vertical divisions 


between peaks by the setting on the 
VOLT/DIVknobs. For the input sine wave In 
this example, this measurement IS two 
divisions at 5 VOLTS/DIV, for a total of 10 
volts. For the output sine wave, this 
measurement is 3 divisions at 2 VOLTS/DIV, 


for a total of 6 volts. This indicates that the 
circuit has decreased the input signal from 10 
V pp to 6 V pp. 
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Balcony Antenna 


by Harry Lythall - SMOVPO 
mailto: smOvpo@telia.com 


Credit Line: http://web.telia.com/-u85920178/ 


Many amateurs are very restricted with the space they 
have available for HF antennas. | have documented a 
short antenna for the HF bands, but here is a simple 
method of mounting it, and a method of further 
reducing the physical length. | used to use an old CB 
(27 MHz) half-wave antenna which had a broken 
matching coil. this | used as a 1/4 - wave antenna for 
14 MHz, after removing the matching coil. Today | find 
that CB antennas have increased in price, so | have 
found a cheap replacement that can be fitted to the 
balcony of apartment dwellers. 


THE ANTENNA 


Above is the side view of a bracket, which can be 
thrown together in a couple of hours and gives 
surprisingly results. | use six sections for the antenna 
itself, each of which is 1 meter long. Each section fits 
inside the previous section by exactly 10 cm. the last 
section is adjusted so that total length of the antenna 
is 5.35 meters. This resonates at 14.1750 MHz. | used 
the following aluminum tubes:- 


SMO" PO 


section 1 : 31 mm Dia. Wall thickness = 2.0 mm. (bottom section) 


section 2 : 25 mm Dia. Wall thickness = 2.0 mm. 
section 3 : 20 mm Dia. Wall thickness = 1.5 mm. 
section 4 : 15 mm Dia. Wall thickness = 1.5 mm. 
section 5 : 10 mm Dia. Wall thickness = 1.5 mm. 


section 6 : 6 mm Dia. Wall thickness = 1.0 mm. (top section) 


This is shown as item (1) in the drawing above. 
THE BRACKET (6) & (2) 


The bracket screws on to a handrail of the balcony. In 
my present situation | have a 7 meter wide terrace with 
a horizontal handrail, but there are four vertical steel 
pipes supporting the handrail. The bracket is screwed 
on to one of these vertical supports (4). The bracket is 
formed using 3 - 4 mm thick aluminium plate (6) with a 
50 mm hole in the center of the top & bottom ends. 
Bend the plate in two places to prevent the plate 
becoming weakened. The two ends are each 
sandwiched in between two nylon blocks (2). Use a 
chopping board stolen from the kitchen, if you can get 
away with it. Otherwise, the chopping boards are 
available from: 

IKEA (Sweden) 

WOOLWORTHS (UK) 

SAFEWAY (USA) 


Drill THREE of the nylon blocks, in the center, to fit the 
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31mm tube (1). The fourth block (bottom) should be 
drilled with a 5 mm hole to allow water to run out. The 
bracket is bolted to the balcony handrail, using 35 mm 
exhaust (muffler) clamps (3). 


THE COIL (7) & (8) 


This is used to make the antenna resonate at lower 
frequencies. | wound all my coils using 4mm aluminum 
wire, but copper hydraulic brake pipe works as well. 
The coil is 10mm Dia (the same as a tin of DelMonte 
pineaple chunks)! The coil pitch is 1cm per turn. | used 
two pieces of plastic conduit (7) to support the coil. 


The coil uses about 1 meter of wire/pipe for every 
three turns. Flatten one end and drill a hole in it for 
connecting it to the antenna pole (1). If you use 
aluminum wire, then shorter pieces can be joined 
together with a brass insert from a car cable 
connector. Copper tube can easily be soldered. 
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PROJECTS for QRP 


FEEDING THE ANTENNA (5) & (9) 


Feed the antenna with 50 ohm coaxial cable, braid 
connected to the bracket (5) and the center conductor 
connected to an aligator clip. Select the band using the 


aligator clip (9):- 


O turns = 14 MHz (20 meter band) (VSWR - almost 1:1) 
2 turns = 10 MHz (30 meter band) (VSWR - almost 1:1) 


6 turns = 7 MHz (40 meter band) (VSWR - about 1.1:1) 


51 turns = 3.8 MHz (80 meter band) (VSWR - about 
1.4:1) 
53 turns = 3.7 MHz (80 meter band) (VSWR - about 
1.4:1) 
55 turns = 3.6 MHz (80 meter band) (VSWR - about 
1.4:1) 
57 turns = 3.5 MHz (80 meter band) (VSWR - about 
1.4:1) 


OTHER INFORMATION 


The mounting is very rubust, yet the wind resistance is 
rather low. Both my antennas have stood up to gale 
force winds; they hardly wobble!! You do not have 

to use 5.35 meters of for item (1) if you want to work 
on other bands, such as 18 MHz. 


Balcony Antenna 


] 
7 ELE 


———— 


Here is a photograph of one of the prototypes in my 
balcony. In the background you can just make out 

another one of these antennas, but with a bigger (63 
turn) coil. 


If you intend to use more than 10 watts, then make 
sure you have a good 
1 cm, or more, of insulation between the aluminium 
pole (1) and the bracket (6). 


Have fun with this project. Regards from Harry - 
SMOVPO -/3!- 


Balcony Antenna Extension 


You may have already seen my HF Balcony Antenna 
which was designed solely for 14MHz, then a coil was 
added to cover all the lower HF bands (10, 7 and 
3.5MHz). Following an article in RadCom | have now 
extended this antenna to cover all bands from 3.5MHz 
through to 30MHz without any switching or tuning. The 
antenna functions using both Fractal and Meander 
principles. The height of one turn of the loop gives 
coverage of the 10-meter band, the old balcony 
antenna covers 20-meters, an extra element covers 
17-meters and the 40-meter long meander gives 
coverage on the 80-meter band. Here is the measured 
range of the complete prototype antenna: 


by Harry Lythall - SMOVPO 


mailto: smO0vpo@telia.com 


Credit Line: 
http://web.telia.com/~u859201 78/antennas/balcant2.htm 


Band 
80 m 
40m 
30m 
20m 
17m 
15m 
12m 
10m 


Range (MHz) Worst VSWR 


3.55 - 3.70 
7.00 - 7.10 
10.10 - 10.15 
14.00 - 14.35 
18.07 - 18.17 
21.00 - 21.45 
24.89 - 24.99 
28.00 - 29.20 


3:1 
2.2:1 


Center VSWR 
1.1:1 


As you can see, the VSWR rises on some of these 
bands but the antenna is still 100% useable on all 
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bands without an ASCTU (ASTU or ATU). | have not 
tested the coverage outside amateur bands, | stopped 
when the VSWR became 3:1 or when the band edge 
was encountered. So what is the big secret? | have 
mentioned before in these pages that several 1/4- 
wave or 1/2-wave antennas can be placed in parallel 
and fed with a single feeder. The resonant element will 
have an effect; the others presenting a high 
impedance. | tried to add two 1/4-wave antennas to 
cover the original 14MHz plus 29MHz, 18MHz and 
3.6MHz. When | tried it | was surprised that the 
antenna covered as much as 200KHz of the 3.5MHz 
band and other HF bands were ALL useable. Reports 
suggest that the effects on 14MHz have introduced a 
couple of dB's loss, but that is far less than one "S- 
point". Here is the drawing of the antenna showing the 
original 14MHz pole (center) and the other two 1/4- 
wave antennas | have added. 


| have shown a graphic likeness of the routing of the 
additional 43-meters of wire, they are wound on three 
plywood disks. The top and bottom disks are 100mm 
diameter and the center spacer disk is 300mm 
diameter, each drilled with 18 holes. It would have 
been better to have used nylon food reparation boards 
(from Ikea) but | didn't really have all that much 


confidence this antenna experiment would work so | 
began with this make-shift arrangement. | must also 
point out that putting your hand near this antenna will 
cause changes to the readings, so you may need to 
make a few minor adjustments in your own individual 
case. Here are photographs of the finished and 
working prototype antenna. 


The left insert shows the antenna mounted on the old 
balcony support bracket with the coil removed. The 
center insert shows a view from the bottom of the 
antenna. The orange wire is the 420cm 18MHz 
element. The right insert shows most of the complete 
antenna from a little distance. Notice how | have cut 
out material from the center spacer to reduce wind 
resistance and to help make it look a little less 
obtrusive for neighbors. The top spacer is identical to 
the bottom spacer. All three of the elements are 
connected in parallel at the feed point where | 
connected my 50-ohm feeder. The old coil is now 
obsolete and has been removed. 


Please note that this antenna idea is also governed by 
"Harry's Law" of coils: 

You cannot wind coils like me and | cannot wind coils 
like you. 

Coil-winding data is a constant that varies from 
person-to-person. 
This means that it may NEED some adjustment in your 
own environment, depending upon proximity of other 
artifacts, humidity, groundplane efficiency and even 
the color of the flag you have fitted to the top of the 
original 14MHz pole. 
Begin antenna assembly by making and fitting the top, 
middle and bottom spacers. To trim the spacers, 
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Balcony Antenna Extension 


Original balcony 
antenna project 


16 lengths 1.5 lengths 


5.4 meters 


2.5 meters 


g 500 feeder to rig 


SMa PO 


= siy wt = y \ _ oe 
temporarily add a 3-meter length of wire, making a 
small tight loop at the top to remove the surplus. 
Check the VSWR at 29MHz and adjust the top-spacer 
position, re-coiling the surplus wire, until the antenna is 
resonant with VSWR better than 1.5:1. Fix the spacer 
positions using hose-clamps or whatever other bright 
ideas you may have. Now remove the 3-meter wire 
and sew the 40-meters of wire through the holes. 
Check the VSWR at 3.6MHz, or whatever part of the 
80-meter band you want. Remove wire to achieve 
resonance. Fit the 1.5-loop, 4.2-meter length of wire 
for the 18MHz element. This loop only comes 

1/2-way down the cage, so add some nylon line and 
secure it to the bottom spacer. Do not tie anything to 
the center spacer. The wire | used was 7-ampere 
multi-strand household mains-wiring cable. 

Have fun with this project. Regards from Harry - 
SMOVPO -73!- 
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MULTIRANGE VERTICAL ANTENNAS 


Igor Grigorov, RK3ZK 
antentop@mail.ru 


A combined three-band antenna Table 1 


Three band antenna fundamentals: At a lack of the 

place for installation of a separate vertical antenna | | 
for each of three upper HF ranges it is possible to 5m 10m 15m 
use a combined three-band antenna that works at 

the ranges itself. Figure 1 shows schematic of a | | | 
combined three-band antenna. 10m 15m 20m 
Figure 1 A combined three-band antenna 12m 17m | 20m 


15m | 20m | 40m 


| 15m | 17m | 20m 20m 
aa (Asia) 20m 30m | 40 
a COLA 


E 


a == 
», ah 
Je 


each other. The distances between the vibrators are 
fixed with the help of small plastic insulators. The 

RF-choke design has very strong mutual influence for every 
vibrator against each other. 


Pu ¡Alsa 
¡Mora 


se? 
¡Aora] 


Va Should be use 
two counterpolses : 
tor every range Figure 1 


The antenna consists of from three quarter-wave 
verticals that are resonated for each of working 
ranges. The verticals are connected in the bottom 
together. Two quarter-wave counterpoises should 
be use for each operation range of the antenna A 
coaxial cable with 50-Ohm characteristic 
impedance will do well for the antenna. A coaxial 
cable with 75-Ohm characteristic impedance also 
would be work with the antenna, but a SWR in the 
coax will be higher compare to 50-Ohm coaxial 
cable. Table 1 shows the combination of ranges 
where a mutual influence of vibrators against each 
other is minimum. 


Figure 2 Simple design of a three ranges antenna 


30-60rmm 


Flastic 
insulator 


Design of the Antenna: Three various designs of 
the three- range antenna are shown below. Figure 2 
shows a simple design suitable for 6 - to 15-M. The 
three vibrators are placed on a small distance from 


R F-cħoke 


Counterpolses 


Figure 2 
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Figure 3 shows a simple design suitable for 6 - to 
17-M. Antenna has the triangular shape. Special 
‘sitting’ should be used for the antenna design. 
Vibrators are screwed in the bottom with the help of 
strong screws. The design has a small mutual 
influence for every vibrator against each other. 


Figure 3 A triangular shape antenna design 


(Aia) 


[A2] 


A 


l—— | Ad) —ul 


SS 
“X 


4 
= 


i, 


(aera 


RF-choke 


(Agia) 


A 


Figure 4 shows a simple design suitable for 6 - to 30- 
M. Vibrators are screwed to a strong metal angle. 


Figure 3 


Figure 4 A three range antenna on a metal angle 


pog 


Counterpolses 


RF-choke 


Figure 4 
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Distances between the vibrators are 10 -30 
centimeters. It is decrease the mutual influence of the 
vibrators to each other. 


Antenna Adjusting: The antenna is adjusted by 
changing lengths of the vibrators. It is not 
complicated. One way is to move vibrators relatively 
the metal base, as it is shown in Figure 5. Do it 
carefully, because the vibrators have mutual 
influence to each other. It needs to do additional 
holes on to end of the vibrators for realization of the 
way. It is possible to do one of the vibrators. This 
method always gives a good result. 


Figure 5 A three range antenna adjusting 


Counterpoises\ 


Figure 5 


Other way is to change lengths of the upper ends 
of the vibrators. The vibrators ends made from 
thick copper or aluminum wire. The wire may be 
shortened, move in the side, as it is shown in 
Figure 6. But at the way an amateur must have 
access to ends of the antenna. 


A three ranges antenna for the low ranges 


Figure 7 shows a simple design suitable for 40 - to 
160-M. Vibrators made from a copper wire in 
diameter 1 to 2 mm. Vibrators have length 
(A/4)*1.1. Each vibrator is matched with coaxial 
cable with help of its own a ‘shortening ‘capacitor. 
The shortening capacitor can have 100-pF at 
ranges of 6- to 17-M, 150-pF at ranges of 20- and 
30-M, 200-pF at ranges of 40-80 meters, 250-pF at 
160-M. The shortening capacitors should be placed 
in a whether- proof box. 


Figure 8 shows another simple design suitable for 


40 - to 160-M. Vibrators made from a copper wire 
in diameter 1 to 2 mm. 
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Figure 6 A three range antenna tuning with the 
help of thick wire 


Cut parts 


Tuning parts 


Counterpolses 
RF-choke 


Figure 6 


Vibrators have length (A/4)*(0.5-0.9). Each vibrator is 
matched with coaxial cable with help of its own a 
‘lengthening’ coil. You can use this design if you 
have a lack of place. 


It is not wise to use more than three vibrators for a 
multi- range vertical antenna, because overall 
efficiency of the antenna drops in this case. Such 
multi- vibrators antenna will be too complicated at 
adjusting. 


Remember: Two and more resonance (a quarter 
wave) counterpoises for each operation range of the 
antenna should be used. However, if the antenna is 
placed at a small altitude above a metal roof and the 
braid of the coaxial cable has a good electrical 
contact with the metal roof, the antenna could be 
used without any counterpoises. 


RF — choke should be used: An RF- choke on the 
coaxial cable should be installed at feeding terminals. 
. The RF-choke precludes leaking of RF- currents on 
to outer braid of the coaxial cable. Without the RF- 
choke the outer braid of the coaxial cable serves as a 
radiating part of the vertical antenna. It gets to TV 
and RF- interferences when the antenna operates on 
transmission. 10 - 30 ferrite rings (permeability does 
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Figure 7 A simple design suitable for 40 - to 160-M 
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RF-choke 


Figure 7 


Figure 8 A simple design suitable for 40 - to 160-M 
with ‘lengthening’ coil 


(ASP (0.5- 0.9] 


(Asap (0.5. 0.3] 


(Aa Pio- 0.3] 


ke (Ata) —y 


RF-choke 


Figure $8 


not matter) hardly dressed on the coaxial cable end 
at the antenna terminal make the RF-choke. 
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Chapter 1: HF ANTENNAS Practical Design of Open Sleeve Antennas 


By Dmitry Fedorov, UA3AVR 


Oi ameter M M 
23 mm Di ameter Diameter 
A 23 mm 23 mm 
i im 


Se 


Diareter Diameter 


40 mm O mm Diameter 


1.3 mm 


50- Orns 


50- üħm 50- 0ħhm 


Diameter 
23 mm 


mije 


Open Sleeve antennas presented at this 
article were designed by UA3AVR 
(Reference: Dmitry Fedorov (UA3AVR).: 
Multi-range vertical Open Sleeve.- Radiomir. 
HF and VHF, 2001, #8, pp. 34-36). Table 1 
shows data for the Open Sleeve Figure 1 
shows the design of the antennas 


51 


Diameter 
1.3 mm 


30- Ohms 
Figure 1 


Length M, Length S1, | Distance D1, | Length S2, | Distance D2, ÓN 
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Multi- Range Vertical Antenna UA1DZ 


Multi- Range Vertical Antenna UA1DZ 


by Igor Grigorov, RK3ZK 


Antenna history: Antenna UA1DZ is a very interesting multi- range vertical antenna designed by known 
Russian radio amateur UA1DZ. The antenna was very popular in use in the former USSR. Russian radio 
amateurs widely use the antenna at present days also. The antenna works with a low SWR on 40-m, 20-m and 
15m. Firstly UA1DZ told about his antenna in the ether, and after that, lots Russian radio amateurs have did the 
antenna and Antenna UA1DZ became very popularity. First printing papers about antenna UA1DZ appeared in 
reference [1]. This antenna has gain 3,67 dBi at 40-m, gain 4 dBi at 20-m, gain 7,6 dBi at 15m (reportedly to 


VA3TTT, reference [2]). 


Antenna construction: Figure 1 shows the 
construction and matching device of multi-range 
vertical antenna UA1DZ (based on reference [1]). The 
vibrator of the antenna has the length in 9.3 meters 
and four counterpoises of the antenna have length in 
9.4 meters. Why has the antenna such sizes? Well, for 
his multi range antenna UA1DZ used an old military 
vertical antenna and this one had such sizes. 


If you have not such old military vertical antenna, of 
course, it is possible to do home made vibrator and 
counterpoises! The vibrator and counterpoises must 
be made from copper or aluminum stuff. Do not use 
iron wire for HF antenna at all! Iron does not work 
properly in HF transmitting antennas, especially at 
upper amateur HF ranges. 


Guys must be used with the antenna for providing 
wind strength. Use acryl cord or iron wire “broken” by 
insulators to one - meter lengths. Base insulator 
should have high mechanical and electrical strength 
because antenna vibrator has a large weight and there 
is high RF- voltage across the base insulator in 
transmitting period. 


Matching device: lt is made on one length of two — 
wire opened line and two lengths of a 75- Ohms 
coaxial cable. With the matching device the antenna 
can work on ranges 40-m, 20-m and 15m with a SWR 
in coaxial cable no more than 2:1. Two wire opened 
line “A” does initial matching the antenna input 
impedance with feeding coaxial cable. The line has 
characteristic impedance of 450 Ohm and one meter 
initial length. As usual, the line has ended length about 
0.7- meter. 


Coaxial cable “B” with characteristic impedance of 75- 
Ohm and with length 2.5 meters makes further 
matching for input impedance of the antenna system 
with feeding coaxial cable. An opened on the end 
length of coaxial cable “C” makes compensation of a 
reactive part of the input impedance of the antenna 
system. 


Two wire line (part A) and the matching parts B and C 
must be placed not less the 50 centimeters above the roof. 
Parts A and B should be placed in straight line. It is 
possible to coil the part C in a bay. 
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opened lime 


ew=450 Ohm 


Line's wire diameter is 2...3 mm 
distance between the wire 
i= 30 mm 


Points for 
RF bridge 
turning on 


3 Ohm 


Lengths for 4 and B section Coaxial Cable 


are shown for 13 Ohm 4.20 m 
coaxial cable with 
propagation Velocity Factor 
WF = 0,66 
Opened Figure 1 
end 
Antenna tuning: The antenna UA1DZ is tuned as 
follow. 


e An RF bridge is turned to input terminal of antenna 
matching device (see Figure 1). 


e Shift antenna resonance frequencies in amateur 40- 
and 15-m bands by gradually diminishing the length of 
matching section A. Five centimeters truncation the 
length of matching section A does frequency shift up 
to 200 kHz on 21 MHz, and up to 60 kHz on 7 MHz. 


It is quite possible to tune the length of matching 
section A so, that antenna UA1DZ will have the 
resonance frequencies inside ranges 21 and 7 MHz. If 
the antenna UA1DZ has resonances on these ranges 
(40- and 15-m), it will have a resonance frequency 
inside 20-m range. 


Two-wire opened line: lt is possible to use either 
commercial made  two-wire opened line either 
homebrew one. Remind, that two-wire transmission 
line with aerial dielectric and 450 Ohm characteristic 


Page 1-8 


Chapter 1: HF ANTENNAS 
impedance has relation between the diameter of its 
wires and the distance between these wires nearly 20 
(see Figure 2). 


RF — choke should be used: An RF-choke should be 
installed on the coaxial cable at the antenna terminal. 
This RF-choke precludes leaking of RF currents on the 
outer braid of the coaxial cable. 


Without such RF-choke the outer braid of the coaxial 
cable will serve as a radiating part of the vertical 
antenna. It causes big level of RF interferences when 
the antenna works on transmission. 10 -30 ferrite 
rings, hardly dressed on the coaxial cable at the 
antenna terminal, make the most simple an RF- 
choke. The place for a RF choke is shown in Figure 1. 


Hula- Hoop magnetic Loop 
d 


Z. g 


——— a 


A "(Dvd R20", Zw=450 Ohr 
276 log[2D] 


"WE ía 


Figure 2 
References: 


1. RB5IM.: Ground plane UA1DZ. Bulletin 
1993, C.27. 


UC 


2. A. Barskiy, VA3TTT: About antenna 
www.krasnodar.online.ru/hamradio 


Hula- Hoop magnetic Loop 


by Yuri Kazakevich, EW6BN, , ew6bn@tut.by 


After long QRT (birth of my daughter, changing my 
QTH) | was going again QRV!!! 


So, | needed an antenna! But where can | install it? It 
was not possible to install any antenna on the roof of 
my house. | had only place for installation of an 
antenna, the place was my balcony of my house. Well, 
it was very place. What an antenna can install at the 
place? | though, it was only a Magnetic Loop Antenna. 


| remembered, when | still went to school, | used a 
Magnetic Loop Antenna made from old coaxial cable 
for my work on CB - range 27 MHz. The antenna 
worked very well. Well, | decided to use a Magnetic 
Loop Antenna for my very restricted area for a work at 
14 MHz. 


Lots information about Magnetic Loop Antennas | 
found in the Internet, in particular in reference [1], it is 
a free e- book on antennas (in Russian). 


| decided to make my Magnetic Loop Antenna on the 


basis of an aluminum hula - hoop. Hula — hoops in 
diameter of 77 centimeters and with 17 mm tube 
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diameter were on sale in my local shop. The hula — 
hoop tuned at 14 MHz with two capacitor- one variable 
capacitor 10- 50 pF, and other, bridged to the variable 
capacitor, a fixed capacitor in 27 pF. The capacitors 
placed at the top the hoop. For my loop | used gamma 
feeding, because it has very high efficiency. Figure 1 
shows my Magnetic Loop Antenna. | have got 1:1.3 
SWR with the gamma match. 


The Magnetic Loop Antenna was installed on the 
third floor of a brick five-floor house. A wooden stick 
hold the antenna almost in one meter aside from the 
balcony. It was impossible to do a rotary design of 
the antenna for my conditions, so | just fixed the 
antenna on the line West — East. My house is 
situated at outskirts of the city, so, the West is 
opened, only one imperfection, a high-voltage power 
electric line on 110 kV is in 50 meters from my 
antenna.... 


On reception the antenna worked perfectly. But, 


unfortunately, there was a small handicap from the 
high-voltage power electric line. 
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Figure 1 Magnetic Loop Antenna 


Magnetic loop of EW6BN 
14 MHz 


C=27 + 10=50 pF 


Aluminum tube (hula hoop) 
17 mm diameter 


~770 mm 


gamma-match, 
copper 1,5x5 mm 


Adjust to 
the min SWR 


Tube is flatten out and insert BNC 
socket UG-290, central wire to the 
gamma-match 


The antenna had very good results at transmission 
mode. See my first QSOs, that | have made straight 
away after installation of the antenna. 


18:50 UTC, 13 July 2003: 

| heard “CQ de G3KXV”. | pressed on key — “G3KXV 
de EW6BN/QRP...” 

And ... "EW6BN/QRP de G3KXV” op Vic. 

YES, the QSO is made! 

| gave RST 579 QSB. 


He gave me 569, also QSB, 100-w and a dipole, your 


mag loop 77 cm doing very well! 


Reference: 


Hula- Hoop magnetic Loop 


¡ 


19:25, UTC, 13 July 2003: 

HB9DRK/QRP stayed on CQ, he received my call, 
gave me 329, | gave him the info about my mag loop, 
and HB9DRK/QRP gave me a new rprt 559, he used 
5-w and a delta. 


Perfectly... My soul was singing, but | had to do QRT 
for a while... 


So, my balcony Magnetic Loop Antenna allows me to 
be in the ether again and to do interesting QSOs over 
the World! 


1. Igor Grigorov: * Antennas for radio amateurs - 1998, Majkop, e-book, 


Available free at http: // cgham.ru/ftp/rk3zk/zip 


EW6BN:A Field Operation 
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Phase shift 


f 


2 divisions 
peak-to-peak 


3 divisions 
peak-to-peak 


Also note that that the peak of the output 
waveform shifts from the input waveform, a 
phenomenon called phase shift . You learn 
more about how to calculate phase shift in 
Chapter 6. 


The Inductor in an AC 


Circuit 

16 An inductor is a coil of wire, usually 
wound many times around a piece of soft 
iron. In some cases, the wire is = wound 
around a nonconducting material. 

Questions 


A. Is the AC reactance of an inductor high or 


Chapter 1: HF ANTENNAS A Helical Loop Antenna for the 20-meters Band 


By Vladimir Kuz'min, UA9JKW, 
KuzminVl@pn.yung/sc.com 


Helical Loop Antenna 
Two years back I have moved to Nefteyugansk 
(Russia, Siberia) where | could not receive the l 
sanction to installation for a full-sized HF- antenna on 
the roof of my house. , So I began to do 
experimenters with short indoors antennas. Most 
success design of my indoor antenna is a design 
similar to Fig. 59, given in Reference 1. 


| have used an inch OD plastic pipe to the form of the 
antennal. The pipe was bent in a hoop near1 meter 
diameter. Antenna has 580 turns (near 61 meters of 
length) of multicore isolated wire of 3 mm diameter 
with thickness of isolation of 1 mm. So, the spacing 
between turns is 2 mm. Antenna has SWR 1:1 to 50- 
Ohm coaxial cable to 14.100, bandwidth to SWR 1:1.5 
is 300-kHz. | use a simple symmetrical device- 3 turns 
on a TV yoke ferrite core. Space from the antenna to 
the ceil is near 25 centimeters. 


The antenna has quite good directed properties at 
rotation within 30-90 degrees the force of signals 
varied to 1-1,5 points on mine S-meter. | use a 
YAESU FT840 for my work in the ether. Change of 
polarization (at rotation of the antenna on the vertical 
side) appreciable changes has not given as well as 
change of feeding points has not given large change 
in the force of signals. 
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In the last summer | experimented and hung up of 
the antenna behind my balcony at 1.5 meters from a 
wall. | have received a significant improvement of 
the work of the antenna The antenna does very 
good operation in the ether, better than others 
indoors antennas. lt gives low industrial noise and 
kills all TVI. 


Reference: 
|. Grigorov. Antennas for radio amateurs. - Majkop, 
1998. 


Get free the book from 


http://www.cgham.ru/ 


Top Load at Vertical Antennas 


UA9JKW at his shack 


All amateurs know if at a vertical antenna a top load it 
is used, the self —resonance of the vertical antenna 
would be lower then a vertical without the top load. 
How a top load does influence to antenna resonance? 


At Reference 1 | found a very interesting table having 
the data. | have proved the table with MMANA, all 
okey, the table gives very reliable data, so it is 
possible to use it at many situations. Figure 1 shows 
different top loads. Data for loaded effect for the top 
load is shown in Table 1 given at Reference 1. K is 
coefficient: K = W/L, where W is a resonance 
wavelength for the vertical antenna, L is antenna 
length from the ground to the top load. 


CIU 


As it is seen, the “umbrella” top load (Figure 1e) gives 
the most effect on the resonance of a vertical antenna. 
For example, if to use an umbrella load for a vertical 
antenna in five meters height, the antenna quarter 
wave fundamental resonance wavelength would be 
changed from 20 to 50 meters! 


Reference: 


1. Polyakov V. Technique of radio: Simple AM 
receivers. — Moscow, DMK-Press, 2001. 


73! LG. 


FREE e magazine edited Oy hams for hams 


Ww antentop. beri 
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Vertical L-antenna 
with short 
horizontal part 


Usual 
vertical 


Vertical T-antenna 
with long 
horizontal parts 


Vertical L-antenna 
with long 
horizontal part 


Vertical umbrella -antenna 
with 4-40 
horizontal parts 


“E e Fa 


Figure 1 


| Kind of an antenna | K 
Simple vertical 4 
Figure 1a 
Inverted L with short horizontal part | 4.5-5 
Figure 1b 
Inverted L with long horizontal part 9-6 
Figure 1c 
T- antenna with long horizontal part 6-8 
Figure 1d 
Umbrella antenna with 4-8 wires 6-10 
Figure 1e 


FREE e magazine edited Oy hams for hams 
wWww.antentop.bDel.ru 
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PROJECTS for QRP Three Band Universal RZ3AE Antenna 
THREE BAND UNIVERSAL RZ3AE ANTENNA 


Evgeniy, RZ3AE 
bort3@narod.ru 


Antenna description: 
For several years | use to a simple and rather effective 
home — made antenna for a work from my balcony, a Figure 1 shows the antenna. Antenna wire is a tube or 
hotel window, from the ground in a radio- expedition and copper or bimetal rod of 5-12-mm diameter (HOOOO—5 
from my car. | with my friends have made a dozen such AWG). D-E wire is thinner then a-c-b wire in 2-5 times. 
antennas and all the antennas work very well. One Antenna is tuned by air (a vacuum capacitor is better!) 
antenna, in depend of its dimension, works at three old variable capacitor with air-gap in 2-mm. The capacity is 
amateur ranges- 10, 15,20 or 15, 20,40, or 20,40, 80. 5- 750-pF. 


Figure 1 RZ3AE Antenna 


L 
C 
A B 
Antenna ratio: Antenna operation 
L=1.57AB To stand the crosspiece by manually or by RF-relays for 
choosing band. The antenna has very high directivity, so, 
CD = 5-8 centimeters choose needed position for the antenna. Switch your 


transceiver and enjoy! 
AC x 0.2L 


Antenna results 
Most high frequency for the antenna is: 4 (AB+L). 


| tried the antenna at different conditions and everywhere 


Antenna adjustment the antenna works well, from my house, from my car (the 
antenna is placed at boot of my car), from a field. | use to 
To run a QRP power at most high frequency for the the antenna with IC-706 MK2G. 


antenna. Move a crosspiece CD to find the minimum 

SWR. Check position of the crosspiece. To run a QRP 

power for next working band of the antenna. Move a | wish all good luck! 73! 
crosspiece CD to find the minimum SWR. Check position 

of the crosspiece. And so on. 


REESE Íntenna on a Car 


http://www.antentop.bel.ru/ 


Chapter 1: HF ANTENNAS 


Fast Made a Half — Wave Antenna for 80 Meters 


The antenna was made by me in one of the hot 
summer days near five years back. | was going for 
weekend to my bungalow and | decided to take my 
home- brew 80 — meters transceiver with myself. | had 
no antenna for the transceiver. So, | needed to do any 
antenna, but | had no time as no quality stuff for doing 
this one. | opened my box with old tips... and... Thirty 
minutes while | have had a new antenna that served me 
several years! 


Figure 1 shows the all antenna system. | have done a 
half wave antenna with “bottle” matching device. As you 
can see a wire in long of 40 meters (a half wave antenna) 
is matched with 50-Ohm output of my transceiver with 
help of a parallel circuit (“bottle” matching device) — it is 
L1C1 in Figure 1. Spool L2 has not electrical connection 
with antenna circuit. RF energy is transferred from 
antenna to the spool only by magnetic field, that reduces 
the level of static interferences at receiving mode. The 
counterpoise has length of 20 meters of a naked copper 
wire in diameter of 1,5 millimeters (#14 AWG). | used a 
wire from an old burned down electrical transformer 220- 
V/12-V. The counterpoise serves as electrotechnical both 
as radio ground for the antenna. At operation time of the 
antenna 


By Igor Grigorov, RK3ZK 


G-QRP-C 
6363 


the counterpoise is placed on the ground in any position 
(straight or bending). To short static electrical charge 
from antenna wire to ground is main task of the 
counterpoise. Not wise to use a long antenna in field 
without an electrotechnical ground, because in the first it 
is unsafe, and in the second, the antenna is very rustle 
on reception without an electrotechnical ground. 


Figure 2 shows the construction of the matching device. 
| used a half - liter plastic bottle in diameter 60 
millimeters from mineral water. C1 is attached at a side 
of the bottle with help of a strong copper wire in diameter 
of 1 millimeter (#18 AWG). L1 has 15 turns of copper 
wire in diameter of 1,5 millimeters (# 14 AWG), length of 
winding is 70 millimeters. 


Antenna 40 meters length 


J1 


To 
transciever 


Courterpoise 20 meters length 


a 


Figure- 1 
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OS 


ántenna 


Plastic Bottle 


L2- turns, 
Length 10-mm 
Wire Pld ov 


Fast Made a Half — Wave Antenna for 80 Meters 


Li- 13 turns, 
Length *Ormm 
Wire #14 ANG 


To 
transciever 


@— El mm ~ 


Counterpoise 
re ee 


L2 is placed at the bottom of L1. L2 contains 4 turns of 
copper wire in diameter of 1,5 millimeters (# 14 AWG), 
length of winding is 10 millimeters. Ends of L2 are 
directly soldered to J1 RF — socket. VN1 is attached by a 
piece of Scotch to the bottle. Antenna is tuned by max 
glow of VN1. 


The antenna works very effectively when the upper end 
of the antenna at lengths of five or more meters above 
the ground. | don’t use an end antenna insulator. A long 
synthetic rope can simply be attached to the upper end of 
the antenna. The down end of the antenna could be just 
near the ground. A coaxial cable having any reasonable 
length can be between “bottle” ATU and a ham 


Sntenna 


Figure 3 = 


Figure 2 
transceiver. Figure 3 shows the antenna at field 
operation. Of course, it is very possible to use the 
antenna for stationary work from a ham shack. 


The antenna works very well, and | recommend try it! 
73/72! 


One more a website devoted QRP! 


http://www. er i 


Meylon guy 


M 


3 


3 meters and more 


N 
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Window Dipole Antennas with Capacitive Loads 


WINDOW DIPOLE ANTENNAS WITH CAPACITIVE LOADS 
FOR THE 6 AND 10 METERS BANDS 


It is possible to install a dipole antenna with 
capacitive loads for the 6 and 10 meters bands at a 
standard window with sizes 140x150 or 140x210 
centimeters. The design of that window antenna for 
the bands can be simple as well as the antenna 
impedance can be easy matched with 50-Ohm 
coaxial cable. That dipole antenna with capacitive 
loads installed at upper floor of a high-rise building 
can provide DX- QSOs. 


However, a dipole window antenna with capacitive 
loads for bands low the 10-meters, if this one is 
installed at a standard window with sizes 140x150 or 
140x210 centimeters, has low input impedance and 
narrow bandwidth so the antenna is hard to match. 
Hence antennas for bands low the 10 meters are not 
discussed in this article. 


Types of a Dipole Antenna with Capacitive 
Loads 


There is several ways to install a dipole antenna with 
capacitive loads at a window. The best way is to 
install a dipole antenna with capacitive loads by the 
center of the window. In that case the antenna can 
be installed at any house as made from a brick or 
wood as well as made from a concrete. Let's name 
the antenna “antenna central installation.” If a house 
made of a brick or wood it is possible to install the 
dipole antenna with capacitive loads by up or down 
of the window. Let's name the antenna “antenna up 
or down installation.” Of course, a non metal window- 
frame works better the metal one. 


Feeding Coaxial Cable of a Dipole Antenna 
with Capacitive Loads 


Ferrite rings (5- 20 ring with any permeability) 
installed at two ends of the coaxial cable going from 
TX to the antenna prevent RF- currents going from 
the antenna to TX. Since the rings do balun’s job. 
Fasten the rings at the coax with a Scotch. The 
coaxial cable going from the antenna to the window- 
sill should be placed athwart to the antenna. 
However the coaxial can be placed as you want at 
you room. 
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Stuff for a Dipole Antenna with Capacitive Loads 


A dipole antenna with capacitive loads can be made of a 
flexible multi- wire cable as well as of a strand wire. Any wire 
is good as naked as well covered by plastic isolation. 
Diameter of the wire can be near 1- 2 millimeters (12- 18 
AWG). Use wire as much thick as possible. Compare to 
antenna made from thin wire thick antenna has wider 
bandwidth. It is wise (because it is cheap) to do a dipole 
antenna with capacitive loads without ends insulators. The 
antenna can be installed with help of a rope or plastic (as 
well as fishing) cord. A dipole antenna with capacitive loads 
of up or down installation can be installed directly (with help 
of nail or staple) at plastic or wooden window frame. 


Window Dipole Antennas with Capacitive Loads for 
6-meters Band 


Figure 1 shows a schematic (Figure 1a) and design (Figure 
1b) of a window dipole antenna with capacitive loads of 
central installation. Figure 2 shows a schematic of a window 
dipole antenna with capacitive loads of up or down 
installation. The design of the antenna is similar to design 
shown at Figure 1b. The design of the both antennas is 
simple. Two ropes are installed at two ends of the window. 
Capacitive loads fastened to the ropes by thin wires or 
ropes. Third rope is installed at the center of the window. 
Antenna central insulator (made from a piece of any plastic 
or PC board) is fastened to the rope. 


Window Frame 


Connected to 
Ferrite Ring center B 


— y 


Sizes for window 
150 cm wide: 
ás 150 cm, B= 94 em 


Sizes for window 
210 cm wide: 
ás 200 em, B= 32 em 


Figure 1A 
Figure 1 A window dipole antenna with capacitive 
loads of central installation 
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Sntenna fastened 
to the 
smtetio cord 


Mindo frame | 


Syntetic cord 


Syntetic cord 
ia 


Figure 1B 
Figure 1 A window dipole antenna with 
capacitive loads of central installation 


Adjustment of the both antennas is simple. A SWR- 
meter or HF- bridge (see References [1]) is 
connected to feed points of the tuned antenna. 
Gradually shorten ‘moustaches’ (symmetrically each 
moustache) of the antenna to minimum SWR or 
when antenna input impedance is active (has no 
reactive component) at needed frequency. At 
shortening moustaches the moustache wires roll up 
to a little coil. 


Parameters of the Window Dipole Antenna 
with Capacitive Loads of Central Installation 


Theoretical parameters of the antennas (copper, wire 


in 1-mm (18- AWG) diameter) were simulated with 
help of MMANA (see References [2]). 


50.0 


35.0 


30.0 


434.000 50.000 


51.000 


Window Dipole Antennas with Capacitive Loads 


Ferrite rings 
— 


Sizes for window 
150 cm wide: 
4= 150 em, B= 72 cm. 


Sizes for window 
210 cm wide: 
4= 200 cm, B= 46 cm. 


Figure 2 
Figure 2 A window dipole antenna with capacitive 
loads of up or down installation 


Figure 3 shows the input impedance of the antenna 
installed at window 150-cm wide. Figure 4 shows the input 
impedance of the antenna installed at wndow 210-cm wide. 
Theoretical input impedance for ‘narrow’ antenna is 42- 
Ohms, for ‘wide’ antenna is 60- Ohms. The data are very 
good matched with my practical measurement of the 
antennas. A 50- Ohm coaxial cable should be used for 
feeding of the antennas. This one can be connected directly 
to antenna feed points, as it is shown at Figure 1. A 75- 
Ohm coaxial cable is possible to use for the antenna 
installed at wide (210 cm) window. Figure 5 shows a SWR 
at 50- Ohm coaxial for ‘narrow’ antenna shown at Figure 1. 
Figure 6 shows a SWR at 50- Ohm coaxial for ‘wide’ 
antenna shown at Figure 1. Theoretical gain for the 
antennas is near 1,5- 1,7 dBi. 


100.0 


50.0 


-50.0 


-100.0 


52.000 53.000 


Figure 3 Input impedance of ‘narrow’ antenna 
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40.0 —— 100.0 

¿0.0 50.0 
Fi pa 

60.0 0.0 

50.0 -50.0 

40.0 -100.0 
49 000 50.000 51.000 Fe 000 53.000 


Figure 4 Input impedance of ‘wide’ antenna 


3.0 $$$ 
BT 311.6 KH2fSWR<1.5) SWR on F: 50.0 
BWwe2?44.4 KHz 512.01 


2.5 


oR, 


49.000 50.000 51.000 52.000 53.000 


Figure 5 SWR at 50- Ohm coaxial for ‘narrow’ antenna 
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3.0 


Bil 480.8 KH2(SWR<1 5) 
BWv2979.0 KH2(SWwRe<?2.0) 


2.5 


oR, 


1.0 


49.000 50.000 


Window Dipole Antennas with Capacitive Loads 


SWR. on A 50.0 


51.000 be 000 53.000 


Figure 6 SWR at 50- Ohm coaxial for ‘wide’ antenna 


A ‘narrow antenna of central installation has 
theoretical pass band 1300 kHz at SWR 1,5:1 at 50- 
Ohm coaxial cable, and pass band 2744 kHz at 
SWR 2:1 at 50- Ohm coaxial cable. A ‘wide’ antenna 
of central installation has theoretical pass band 1480 
kHz at SWR 1,5:1 at 50- Ohm coaxial cable, and 
pass band 2979 kHz at SWR 2:1 at 50- Ohm coaxial 
cable. It is quite enough for working at 6- meters 
band especially since the real antenna has pass 
band wider the theoretical. 


Parameters of the 6- meters Band Window 
Dipole Antenna with Capacitive Loads of Up 


and Bottom Installation 


Theoretical parameters of the antennas (copper, wire 
in 1-mm (18- AWG) diameter) were simulated with 
the help of MMANA. Figure 7 shows input 
impedance of the antenna installed at window 150 
cm wide. Figure 8 shows input impedance of the 
antenna installed at window 210 cm wide. 
Theoretical input impedance for ‘narrow’ antenna is 
43- Ohms, for ‘wide’ antenna- 60- Ohms. The data 
are very good matched with my practical 
measurement of the antennas. 


A 50- Ohm coaxial cable should be used for feeding 
of the antennas. This one can be connected directly 
to antenna feed points, as it is shown at Figure 2. A 
75- Ohm coaxial cable is possible to use for an 
antenna installed at wide (210 cm) window. 
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Figure 9 shows a SWR at 50- Ohm coaxial for ‘narrow’ 
antenna shown at Figure 2. Figure 10 shows a SWR at 50- 
Ohm coaxial for ‘wide’ antenna shown at Figure 2. 
Theoretical gain for the antennas is near 1,5- 1,7 dBi. 


A ‘narrow antenna with capacitive loads of up or down 
installation has theoretical pass band 1377 kHz at SWR 
1,5:1 at 50- Ohm coaxial cable, and pass band 2697 kHz at 
SWR 2:1 at 50- Ohm coaxial cable. A ‘wide’ antenna with 
capacitive loads of central installation has theoretical pass 
band 1393 kHz at SWR 1,5:1 at 50- Ohm coaxial cable, and 
pass band 2876 kHz at SWR 2:1 at 50- Ohm coaxial cable. 
It is quite enough for working at 6- meters band especially 
since the real antenna has pass band wider the theoretical. 


Window Dipole Antennas with Capacitive Loads for 
10-meters Band 


Figure 11 shows schematic a window dipole antenna with 
capacitive loads of central installation. Figure 12 shows 
schematic a window dipole antenna with capacitive loads of 
up or down installation. Antenna central installation can be 
installed at window 210-cm wide. Antenna up or down 
installation can be installed at window 150 or 210-cm wide. 


The design of the both antennas is similar to design shown 
at Figure 1b. Two ropes are installed at two ends of the 
window. Capacitive loads fastened to the ropes by thin 
wires or ropes. Diagonal capacitive loads are spread by thin 
ropes. Third rope is installed at the center of the window. 
Antenna central insulator (made from a piece of any plastic 
or PC board) is fastened to the rope. 
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low? Why? — — 

B. Is the DC resistance high or low? —___ 

C. What is the relationship between the AC 
reactance and the DC resistance? 

D. What is the formula for the reactance of 
an inductor? 


Answers 
A. Its AC reactance (X L ), which can be quite 
high, is a result of the electromagnetic field 
that surrounds the coil and induces a current 
in the opposite direction of the original 
current. 


B. Its DC resistance (r), which is usually quite 
low, is simply the resistance of the wire that 
makes up the coil. 


C. None 

D. XL = 2nfL, where L = the value of the 
inductance in henrys (H). Using this equation, 
you can expect the reactance of an inductor 
to increase as the frequency of a signal 
passing through it increases. 

17 Assume the inductance value is 10 
henrys (H) and the frequency is 100 Hz. 
Question 
Find the reactance. — | 
Answer 
XL = 2nfL = 2m x 100 x 10 = 6280 ohms 

18 Now, try these two examples. In each 


case, find X L1 (the reactance of the inductor 
at 1 kHz) and X L2 (the reactance at the 
frequency given in the question). 
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475 50.0 


45.0 25.0 


R px 
42.5 0.0 
40.0 -25.0 
375 -50.0 

49.076 50.376 50.576 51.376 51.076 

Figure 7 Input impedance of ‘narrow’ antenna 
90.0 OS 100.0 
50.0 
pe 
0.0 
50.0 
-100.0 
44.000 50.000 51.000 52 000 53.000 


Figure 8 Input impedance of ‘wide’ antenna 
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2.U 
BWw137 7.0 KAz(SWwR<1.5) SWR on A: 50.0 
BW2697.6 KH2(SWR<2.0) 
1.75 
SWR 
1.5 
1.25 
1.0 
49.576 0.376 50.676 51.376 51.676 
Figure 9 SWR at 50- Ohm coaxial for ‘narrow’ antenna 
3.0 
BW1393.5 KHz(5'WR«1.5) SWAR on R: 50.0 
BW2876.5 KHz(SW/R<2.0) 
2.5 
SWR 
2.U 
1.5 
1.0 
44.000 50.000 51.000 52 000 53.000 


Figure 10 SWR at 50- Ohm coaxial for ‘wide’ antenna 
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Window Dipole Antennas with Capacitive Loads 


de” 


Y 200 cono ~H 


140 cm 


Matching 


device 


Mindo sizes: 
210 x 140 em 


Figure 11 


Figure 11 A window dipole antenna with capacitive loads of central installation 


Adjustment of the both antennas is simple. A SWR- 
meter or HF- bridge (see References [1]) is connected 
to feed points of the tuned antenna. Gradually shorten 
moustaches (symmetrically each moustache) of the 
antenna to minimum SWR or when antenna input 
impedance is just active (have no reactance) at needed 
frequency. At shortening moustaches the moustache 
wires roll up to a little coil. 


Input Impedance of 10-meters Band Window 


Dipole Antennas with Capacitive Loads 


Theoretical parameters of the antennas (copper, wire in 
1-mm (18- AWG) diameter) were simulated with the 
help of MMANA. Figure 13 shows input impedance of 
the antenna shown in Figure 11. Theoretical input 
impedance of the antenna is 22- Ohms. Practically 
measured input impedance of the antenna was 30- 
Ohms. Losses in neighbor objects add the 8 Ohms. 
Theoretical gain for the antennas is near 1,5- 1,7 dBi. 


he DMT OBE le 
KONE 


Sizes for window 
210 em wide: 
4= 200 cm, B=130 em 
C= 44 cm 

window 


Sizes for window 
150 cm wide: 

4= 150 em, B=113 cm 
C= 88 em 


Figure 12 


Figure 12 A window dipole antenna with 
capacitive loads of up or down installation 


26.0 ¡100.0 
24.0 50,0 
a 
r el px 
ec. 0.0 
¿0.0 -50.0 
15.0 -100.0 
ee BUU 28.100 e4.6UU 29.100 ¿9,600 


Figure 13 Input impedance of the antenna shown in Figure 11 
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Feeding of 10-meters Band Window Dipole MMANA allows to simulate such matching device. Figure 
Antennas with Capacitive Loads 14 shows schematic of that matching device as well as data 
for different antennas. Of course, it needs adjust a little the 


L and C to particular antenna. 


Since 10- meters band window dipole antenna with 
capacitive loads has low input impedance a 
matching device must be installed between the 
antenna and feeding coaxial cable. 


Ferrite rings 


50 Ohms RIG 


Figure 11: 

L= 0,141 microHenry 

Design: Sturns, diameter 9 mm, 
length of winding 9 mom, 

space between turn 1 rara 


L= 


Figure 12, window 140 x 130 erm: 
L= 0 2dámicro Henry 

Design: 9, 3 turns, diameter $ mm, 
length of winding 19 mm, 

space between turn 1 mm 


—— 


Figure 11: C= 127 pF 
Figure 12, window 140 x 130 cra: 
C= ¿10 pF To Antenna 


Figure 12, window 140 x 210 cm: 
C= 114 pF 


Figure 12, window 140 x 210 emm: 


Of fmicro Henry 


Design: 6 turns, diameter 12 mm, 
length of winding 12 mrm, 
space Between turn 1 mm 


Wire for L: 18- 20 AWG 


Figure 14 


Figure 14 Matching device for antenna with capacitive loads 


SWR of 10 — meters Band Window Dipole The antenna has theoretical pass band 375 kHz at SWR 


Antennas with Capacitive Loads 
Figure 15 shows a SWR at 50- Ohm coaxial connected 


through a matching device (see Figure 14) to antenna 
shown at Figure 11. SWR was simulated by MMANA. 


B4375.2 KH2(SWR<1.5) 


1,5:1 at 50- Ohm coaxial cable, and pass band 750 kHz 
at SWR 2:1 at 50- Ohm coaxial cable. It is not enough 
for working at all 10- meters band. However, due the 
losses at neighbor subjects the pass band of the 
antenna is wider the theoretical one. 


match freq: 26.6 


By 5.4 KHz(SWRxg.0) 


20.108 23,100 ¿3.6060 


Figure 15 SWR at 50- Ohm coaxial connected through a matching device (see Figure 14) to 
antenna shown at Figure 11 
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Parameters of the 10- meters Band Window Figure 17 shows input impedance of the antenna 

Dipole Antenna with Capacitive Loads of Up and installed at window 210 cm wide. Theoretical input 

Bottom Installation impedance for ‘narrow’ antenna is 12- Ohms, for ‘wide’ 
antenna- 26- Ohms. Practically measured impedance is 


Theoretical parameters of the antennas (copper, wirein higher on 8- 10 Ohms the theoretical due losses at 
1-mm (18- AWG) diameter) (see Figure 12) were neighbor subjects. Figure 18 shows a SWR at 50- Ohm 
simulated with help of MMANA. Figure 16 shows input coaxial connected through matching device (see Figure 


impedance of the antenna installed at window 150 cm 14) to ‘narrow’ antenna (see Figure 12). 


wide. 
16.0 Å 2 2000 
140 100.0 
12.0 A 0.0 
10.0 -100.0 
8.0 -200.0 
26.600 ¿7.800 ¿8.800 ¿9.5600 30.600 


Figure 16 Input impedance of the antenna installed at wndow 150-cm wide 


40,0 NN ¡ 200.0 


100.0 


-100.0 


20.0 -200.0 
26.510 2f.o10 ¿8.510 29.510 30.510 | 


Figure 17 Input impedance of the antenna installed at window 210-cm wide 
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Figure 19 shows a SWR at 50- Ohm coaxial connected 
through matching device (see Figure 14) to ‘wide’ 
antenna (see Figure 12). SWR was simulated by 
MMANA. Theoretical gain for the antennas is near 1,1- 
1,3 dBi 


A ‘narrow’ antenna with capacitive loads of up or down 
installation has theoretical pass band 157 kHz at SWR 
1,5:1 at 50- Ohm coaxial cable, and pass band 314 kHz 
at SWR 2:1 at 50- Ohm coaxial cable. A ‘wide’ antenna 
has theoretical pass band 425 kHz at SWR 1,5:1 at 50- 
Ohm coaxial cable, and pass band 733 kHz at SWR 2:1 
at 50- Ohm coaxial cable. 
6.0 
W'157.3 KHz(5WR<1.5) 
B'wW314.5 KHz(SWRA<2.0) 


2.25 


1.0 
¿0.300 26.550 


Window Dipole Antennas with Capacitive Loads 


So those antennas can work only at a part of the 10 
meters band. For working at all 10- meters band 
matching device can be retuned for needed frequency. 
However, the ‘wide’ antenna often works at all 10 
meters band without retuning the matching device due 
losses at neighbor subjects. 


References: 
1. Igor Grigorov. Antennas. Matching and Adjustment. — 
Moscow. RadioSoft, 2002. ISBN 5-93037- 087-7 


2. http://di2kq.de/ 


match freq: 28.8 


¿0.000 23.050 29.300 


Figure 18 SWR at 50- Ohm coaxial connected through matching device to ‘narrow’ antenna 


3.0 


B4250 KHetSwRe<1 5) 
BW733.7 KHe(SWRe2.0} 


1.0 
¿9.070 26.260 


match freq: 28.51 


¿9.510 26.760 ¿3.010 


Figure 19 SWR at 50- Ohm coaxial connected through matching device to ‘wide’ antenna 
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J - Antenna for 160,15 and 10(FM) meters 


J- Antenna for 160, 15 and 10(FM) meters 
Unusual Look to Usual Things 


by Valentin Gvozdev , RU3AEP, http://www.vgvozdev.narod.ru/ 


Introduction 


After getting my first amateur license | had to think, 
what antenna to build for a top-band (160 m), | 
realized, that conditions are too bad for it. | live in a 7- 
floor house, which has a roof with a high slope (about 
35-40 degrees), which is very dangerous to operate 
on it. Also, the house is almost completely surrounded 
by wide streets and electrical wires going along them. 
After long thinking, | concluded, that there is only one 
possibility to make an antenna - to hang up a long 
wire from my roof to the roof of another house. 
Unfortunately, any  dipole-type antenna was 
unacceptable, because in this case my apartment 
would have been too far away from the feed point of 
the antenna, and the condition of right angle (90°) 
between feeder and antenna itself could not be 
satisfied. Fortunately, in that time | have read about 
one very old, but not frequently used antenna - so 
called Zeppelin-antenna with a matched feeding. 


qvozdev@excite.com 
Classical design with an opened line 


Actually, this is shortly described in well-known book 
("Antennenbuch"), written by DM2ABK (Karl 
Rothammel), but has been recently developed by 
Sergey Makarkin (RX3AKT), a radioamateur from 
Moscow, who has published a good article in "Radio- 
Design" journal (N2, 1998). 


Classical design is presented below (Figure 1). As it 
can be seen, there is feeder with rather high 
impedance (~300-600 Ohm), and 1/4-wavelength 
matching line. From one end, this line is shortened, 
and here its impedance is just a zero (current is high, 
but voltage is almost zero). Another end of this line is 
connected to the long wire, which has length exactly 
1/2 wavelength. At this point, the impedance is very 
high (several kiloohms). That is why, a big voltage 
exists here during a transmission. This is quite suitable 
for a wire feeding, because a 1/2-wavelength has high 
impedance when fed from the end. 


Figure 1. Classical Zeppelin-antenna design 


antenna (2) 


matching line (1/4 


R=0 IN 


R=Rifeeder) 


feeder (any length) 


to the transmitter 


The feeder from the transmitter with a specific 
impedance R; is connected to the matching line in the 
point, where impedance of the latter is equal to that of 
the feeder. Such point is usually located not so far from 
the shortened end. If everything is done properly, 
feeder may have any length and SWR is closed to 1:1 
in rather narrow band, central frequency of which is 
determined by the geometrical size of matching line 
and antenna. 
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R= 5-10 kOm 


Classical design with a coaxial cable for 160 
meters 


This design can be used almost without change, but 
instead of symmetrical feeder a coaxial cable can be 
used to connect the whole system to the 
unsymmetrical output of the transmitter (Figure 2). 
Using of a coaxial cable instead of an open line has 
one big advantage — in contrast with the symmetrical 
transmission line it is almost insensitive to the 
environment, weather conditions and can be placed 
really everywhere. 
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Such antenna with feeding 'from the end' is much more 
easy to make, that a simple dipole. Here, antenna wire 
bears only itself, and this reduces the mechanical 
strength and thickness of the wire to be used. 
Also, you may use your window as one the point of 
antenna fixing. In this case, all the cable will be inside 
your shack and antenna could be tuned precisely in 
comfortable conditions. If the beginning of antenna is 


J - Antenna for 160,15 and 10(FM) meters 


outside the apartment, most part of matching line can 
be used as the continuation of the feeding cable. 


On Figure 2 there is a design, that | implemented for 
using on 160 m amateur band, and which, to my mind, 
is a perfect solution for the people, who cannot mount 
a classical dipole. 


Figure 2. Long wire antenna for 160 m with a coaxial matching line. 


E 3.6 m > 22.8 m fe 5.4 m | 


/ 


the end is 
shortened 


feeder (~30 m} 


bearing wire 
to the transceiver 


In my case, all coaxial cables have 75 Ohm 
impedance, the antenna wire, as well as two bearing 
wires are made from very hard bimetallic insulated 
cable (outer diameter is about 3 mm). The trickiest part 
- the connector between cable and antenna - is shown 
on Figure 2.. It should be noted, that voltage on it is 
quite high, and so everything should be well insulated 
from each other. It is good idea to place this connector 
somewhere indoors, otherwise rains and snow may 
cause decreasing of insulation efficiency and antenna 
performance. This antenna uses a tuned line made 
from the coaxial cable, and for proper operation of the 
whole system the antenna wire should have the length 
equal to the A*0.95/2, and the coaxial line must 
resonate on the working frequency. 


It is a good idea, to connect the shortened end of the 
matching line to the ground (cold water pipe, heating 
system, building elements etc.) to provide adequate 
safety and to reduce possible TV/RF interferences 
while transmitting. 


Tuning and adjusting of the antenna 
To achieve what was declared in the previous 


paragraph, first of all the precise length of the matching 
line should be determined. Theoretically, it should be 


http://www.antentop.bel.ru/ 


antenna wire i 
insulator 


insulator ‘connector 


antenna wire 


soldering! 


closed to A/(4*sqrt(d)) (sqrt - Square Root, d - 
dielectric constant of the insulator used in the coaxial 
cable). SQRT(d) value is typically about 1.52 for most 
cables with polyethylene-based dielectric, that is why, 
‘shortening coefficient’ is about 0.66. But the practical 
value will be a little different from that. 


The lengths indicated on Figure 2 are mine values, 
and they can be used as the approximate reference. 
Exact numbers depends on the antenna environment 
and should be determined experimentally. It should be 
noted, that in ‘ideal’ case it is not a simple task, 
because in such system three values have to be 
varied (one is antenna length, and another two are 
lengths of the parts of the matching line). But as it 
appeared from my experience, for practical purposes 
the most important thing is to choose correct total 
length of the matching line, which must resonate on 
the desired frequency. 


To do this, | suggest to use the following technique. To 
make your line resonate on the middle of the band 
(1890 kHz), you first have to make the line about 1 m 
longer, that estimated length of the tuned line (for 
example, 24 m), making shortened segment about 3.6 
m. Then, connect the 2-3 kiloohms resistor to the 
“open’ end of the line, and 
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the transceiver through SWR meter - to the feeder. 
The resistor here serves as a loading instead of the 
antenna wire. 


After assembling of the system, put RF power (1-2 W 
or even less is enough) on some frequency inside 160 
m band into line and watch the SWR. If the line is 
completely out of resonance, SWR will be closed to 
infinity, and no power will be dissipated on the 
resistor. Then, the frequency should be found, which 
gives the sharp minimum of the SWR. It has to be 
around 1800 KHz. Here, the SWR is usually less than 
1.5:1, and the full power of the transceiver is 
dissipated on the resistor, which means, that the 
matching line works well. When touching the ‘hot’ end 


J - Antenna for 160,15 and 10(FM) meters 


of the loading, it may be seemed, that is really very 
hot — this is due to the high HF voltage, which causes 
skin burning (be careful to do it, even by low power of 
RF source!). 


For better understanding of these processes is useful 
to look to the results of simulation of this system using 
Pspice simulation software. The equivalent 
schematics (Figure 3) includes voltage source V1 in 
series with 75 Ohm resistor (which emulates output 
resistance of the transmitter), two coaxial lines T1 and 
T2 and loading R2. Since Pspice does not allow to set 
lengths of the transmission lines directly in length 
units, they are set in wavelengths (NL) on the 
specified frequency (in our case, F=1.89 MHz). 


Figure 3. Equivalent schematics for matching line, used for simulation. 


transmitter 
equivalent 


0 


Calculated frequency response is presented on the 
Figure 4. Here, the colors of the traces correspond 
with the colors of the voltage markers on the 
schematic. As it can be seen, on the resonant 
frequency about 1.95 MHz there is sharp voltage 
maximum on R2 (red trace), which reaches 2.6V — it is 
about 5 times more, than the voltage on the 
transmitter's output (green trace). Also it should be 
noted, that on the resonant frequency voltage on R1 
(green trace) is closed to one half of source voltage ( in 
our case, 1V). Practically, it means, that there is good 
matching between transmitter and the “antenna” and 
most of generated power is dissipated on the loading. 
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F = 1.69MEG 


PARAME TERS: 
short = 0.034 


F = 1.89MEG 
NL 


= {0.24-short 


NL = {short} 


After the resonance has been found, it should be 
shifted up to the desired frequency. To do this, the end 
of the cable should be cut carefully in several steps, 
watching the resonance frequency each time, which 
must increase with each cut. After you achieve the 
desired frequency, the matching line is almost ready, 
and you can mount the whole antenna system in the 
chosen place. It should be noted, that the minimum of 
the SWR in mounted antenna is usually 20-30 kHz 
down, compared to the value achieved by the tuning 
on the resistor. 
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. Frequency response of the matching line in range 1 — 2.5 MHz 


8.8HHz 
4(R1:1) 


1. BMH 
U(R2:2) 


1.2HHz 1. 4HHz 


In my case, the antenna for 160 m band had a 
minimum of SWR at 1875 kHz (about 1.3:1), on the 
edges of the band SWR increased to 2.0...2.5:1, since 
the design is a narrow-band one. Compared to my 
previous dipole, which hanged on the low height (about 
5 meters over the ground) along the building, this 
antenna exhibited much better transmission efficiency 
and higher signal to noise ratio while receiving. 


About 2 years after getting my first amateur license | 
upgraded it to the higher license class, which allowed 
me to operate on 10 meters SSB. In that year, there 
was a perfect propagation on 10 meters band during 
the daylight time, and | needed an efficient antenna to 
work on it. Probably, in some time | will have 
something like rotable multielement Yagi on my roof, 
but now it seems to me inaccessible as the Moon due 
to many factors. After some time | decided to repeat 
what | built for 160 meters for 10 meters, proportionally 
reducing all geometrical sizes of the antenna wire and 
matching line. 


Since the wavelength on 28500 KHz is just 10.52 m, a 
half-wavelength dipole should be about 5 meters, and 
the total length of the coaxial matching line will be 
10.52/(4*1.52) = 1.73 m. The feeder is connected to 
the line 23 cm away from the shortened end. These 
sizes are relative small and the whole antenna system 
may be placed without being mounted on the roof, for 
example just from your window to the neighboring tree. 


| made the antenna from a 2 mm copper wire with a 
plastic insulators at the ends, using 75 Ohm coaxial 
cable for feeder and matching line. There was nothing 


1.6HHz 


1.8HMHz 2. BHHZ 2.2HHz 2 .4HHz 2 .6HHz 


Frequenc 


difficult to tune the system - | hanged the antenna 
across my apartment and adjusted the length of the 
matching line as described above for 160m design 
using 1.80 m as the starting value. The only thing that 
should be noted is that the actual resonance of the 
line is very sensitive to the length variations, so on the 
final steps the cable should be cut in 1 cm (!) portions 
or even less to not miss the desired resonance 
position. After | hanged the antenna on the designated 
position, SWR was less then 1.5 on all frequencies 
ranging from 28200 to 29000 KHz. 


This antenna is really very simple and cheap, but 
nevertheless, | allowed me to establish many 
connections with Europe and even Far East using just 
about 10 Watts of power. | really enjoyed working on 
10 meters ether in local communications and 
transnational QSOs, and this was made possible just 
by several hours of time, dedicated to the antenna 
building and tuning. 


Though LW antennas with a feeding through coaxial 
transformer, which were described above, seem to be 
monoband, this appeared not completely true. As | 
found out, the whole system has many resonant 
frequencies, and some of them, are inside or near 
amateur bands and can be used for working on these 
bands. 


As it could be expected, operation on the frequencies, 
which are twice more that ‘native’ ones, is impossible. 
When using an antenna for 160 m, on 80 m band 
observed SWR is closed to infinity and the 
transmission efficiency is not more that by using a 


Questions 


A. L = 1 mH (0.001 H) f= 10kHz | 

B. L = 0.01 mH, f= 5MHZ —__— 

Answers 

A XLI = 6.28 x 103 xXx 0.001 = 6.28 
ohms 

X L2 = 628 x 10 x 103 x 0001 = 62.8 
ohms 

B. XLI = 6.28 x 103 x 0.01 x 10 -3 = 
0.0628 ohms 


X L2 = 6.28 x = x 10 6 x 0.01 x 10 -3 
314 ohms 

A circuit containing an inductor in series with 
a resistor functions as a voltage divider, just 
as a circuit containing a capacitor in series 
with a resistor does. Again, the relationship 
between the input and output voltages is not 
as simple as a resistive divider. The circuit is 
discussed in Chapter ©. 


Resonance 

19 Calculations In previous problems 
demonstrate that capacitive reactance 
decreases as frequency increases, and that 
inductive reactance increases as frequency 
increases. If a capacitor and an inductor are 
connected in series, there is one frequency at 


which their reactance values are equal. 
Questions 
A. What is this frequency called? 


B. What is the formula for calculating this 


random wire with length of several meters... Simply it 
can be understood, that on doubling the working 
frequency the matching line is completely out of 
resonance, and works as a “short” for the transmitter. 
But everything has advantages, and this fact means 
not only impossibility to work on 80 m, which is 
definitely bad, but also deep suppression of 2- nd 
harmonic by working on 160 m, which is really well. 


Almost the same situation is on 40 m band. Here the 
active component of input impedance of the antenna 
(measured by noise bridge) is also quite low (several 
Ohms), and no resonance exists inside or near 
amateur frequencies. 


But if you try to work on this antenna on 15 and 10 
meters bands, the situation is more optimistic. In my 
case, on 21430 KHz the SWR was about 1.3:1 and 
increases to 2.5:1 when moving down to 21000 KHz. 
Measured impedance was about 55 Ohm with a low 
Capacitive reactance. From first sight, it is quite 
strange, but nevertheless, antenna behaved well on 
this band, and using just 10 W of power, | was able to 
make long-distance QSO’s even with North America. 
The most interesting fact was, that this was “true” 


resonance of the antenna, without any participation of 
the feeder (SWR did not change significally when the 
feeder length was alternated). 


In contrast to this, on 10 meters band the antenna 
behaves very poor — the air seems to be “empty”, and 
even common industrial noise is received with a level 
comparable to internal noise of the receiver. 
Compared to the special 10 meters antenna (see 
above), the signal of distant correspondents were 
weaker by 10-20 dB (!), and on transmission even my 
neighbors gave me reports like 53-54. However, when 
frequency was moved up to 29 MHz and higher, the 
efficiency improved dramatically. 


To understand this phenomenon, some calculations 
were performed. First of all, it was found, that 
frequency response of the matching line with a 
resistive loading (see ) in range 1.5 — 32 MHz 
has many maxima, and one of them is inside 15-m 
amateur band ( , red trace). Another maxima 
is near 29.5 MHz — in the upper part of 10-m band. 


. Frequency response of the matching line in whole HF range 


4HHz 
U(R2:2) 


12HHz 
4(R1:1) 


| guess, that these results may be assumed at least as 
a qualitative explanation of the antenna behavior. | say 
“qualitative” because the whole system can not be 
adequately represented by a matching line with a 
resistor at the end — impedance of the antenna wire 
also should be taken into account. However it is clear, 
why besides ‘native’ band, antenna works well on 21 
MHz, and why on frequencies about 28500 there is a 
minimum of performance, which rapidly increases 
when moving up to 29 MHZ. 


16HHz 


2 BHHz 24HHz 28HHz 32 HHz 36HHz 


Freguenc 


As a conclusion is can be said, that LW antenna with a 
coaxial matching line (J-antenna), which is designed 
for 160 m band, can do perfect job on 15 meters and 
on a part of 10 meters band also without any switching 
and tuning devices. Of course, the efficiency on 
‘upper bands is be substantially lower, that on ‘native’ 
one due to RF losses in the matching line (which 
actually works with a very high SWR). But to my mind 
It is still acceptable, especially in the case, when there 
are no conditions to mount huge and efficient 
antennas. 
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15 meters: By length of the Section B we tune the 
antenna parts “Section 1 plus L1C1 plus Section B” to 


Multirange antenna: and 


fundamentals 


trap history 


Recently multirange trap antennas are widespread 
among radioamateurs. As matter of fact, the type of 
antennas was invented in the USA by H. K. Morgan, 
US patent # 2229856, 1938 (by reference [1]). 
Probably the first article about a trap antenna was 
published in reference [2] at 1940. So, what is the 
antenna and how is it work? Lets see it on the 
example of a ham vertical trap antenna in order to 
simplify a problem. Figure 1 shows us a schematic 
of such antenna. 


Adding section 
for 20 meters 


Trap 
Electronic 
for 15 meters Ce — switch tar 
15 meters 
Adding section 
for 15 meters 
Trap for | 
10 meters | — Electronic 
switch for 
10 meters 


section for 10 meters 


30 Ohm coaxial cable 
Several quarter 


wawe counterpolses 
for every range 


Figure 1 


Figure 1 A ham vertical trap antenna 


resonance to 15-meters. Trap L2C2 turn off upper 
antenna parts behind the trap from operation of the 
antenna when 15 meters range is used. 


20 meters: By length of the Section C we tune the 
antenna parts “Section 1 plus L1C1 plus Section B 
plus Section C” to resonance to 20-meters. 


And so on for other ranges: In the similar way the 
antenna would be tuned for others ham HF- ranges. 
You see, it is possible to do an antenna for any 
number of HF- ranges! But there are several lacks. 
Upper parts of the antenna behind a proper trap do 
not use (or, practically do not use) for radiation. 
Another lack is that the antenna wire is broken at 
several places by trap circuits. Every trap circuits 
should be tune in to own resonance frequency. Trap 
circuits must have high temperature stability, because 
the antenna is used at the open air. Traps work at a 
resonance mode so a high level of RF voltage is 
across trap capacitors at transmission mode. Thereof 
it needs to use a high quality capacitor for every of the 
traps. 


Vertical trap antenna WA1LNQ: One of the most 
popular sample vertical trap antenna is the antenna 
WA1LNQ [2]. The antenna is used on 10 and 15 
meters. Figure 2 shows the scheme for the antenna. 


The antenna made from two insulated from each other 
metal tubes by length of 240,7 (section A) and 62,9 
(section B) centimeters and in OD 18 to 25 
millimeters. The length of an insulating insertion is 5,8 
centimeters. Over the insulating part is spooled the 
trap spool. A copper tube in diameter of 3 to 5 mm is 
used for the spool, and the spool contains 2 turns with 
step 1 turn on 25-mm of winding. Average diameter of 
the trap spool is 55-mm. As a trap capacitor is used a 
length of a 50-Ohm coaxial cable with an initial length 
equal to 80 centimeters. 


Tuning of the Antenna WA1LNQ: At first, tune the 
antenna in 10-m range. At the tuning the length of the 
coaxial cable, that makes the trap capacitor, is 
gradually shortened to minimum SWR in 10 meters. 
After this, tune the antenna to minimum SWR at 15 
meters. It is possible to do by a small changing of the 
length of the upper section B. 


10 meters: Section A is tuned for operation on 10- 
meters by its length. Trap L1C1 turn off upper antenna 
parts behind the trap from operation of the antenna 
when 10 meters range is used. 


Below you can see input impedance, SWR and DD 
of the antenna W1LNQ. The figures are obtained 
with the help of Free Antenna Simulation Program 


mirror: www.antentop.boom.ru 
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62,2 em 
Trap 
for 10 meters 
E L — Electronic 
Se em o switch for 
| 10 meters 
e A ji 
Current Distribution at 10 meters 
E 240.7 em 
A 
RF-choke 
3 20 Ohm 


coaxial cable 


Several quarter 
wawe counterpolses . 
for each range Figure 2 


Y m Figure 2 Antenna WA1LNQ 
Current Distribution at 15 meters 


Diagram Directivity and Input Impedance at 10 meters W1LNQ Antenna 


-). 2(dBi) = 008 


AH ana nonapls aL Al 

ey oH C Cymm. C W+H 
MMANA (MININEC based). Section A has diameter Antenna input impedance. Vertical Trap antenna: 
of 24 millimeters, section B has diameter of 18 You can see that only first antenna part, it is section A 


millimeters. at Figure 1, has length in A/4. So, the input 
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SWR at 10 meters W1LNQ Antenna 


BWW884.3 KH2[SWR<1.5) SWR on R: 50.0 
BW2407.2 KHa(SwR<?.0) 
4.0 
SWR 
3.0 
2.0 
1.0 
27.500 28.000 28.500 29.000 29.500 


OH ana nonapiasaL dá 

Icy CH C ymm. + H 
impedance of the antenna at 10 meters is close to 40- 
Ohms, and50-Ohms coaxial cable can be used for 
feeding of the antenna at the range. However, physical 
length of antenna consisting of another following 
section plus the previously section (or sections) is less 
then M4. Inductors of the traps work as a lengthening 
spools for the proper section. Input impedance of the 
antenna working at lower then 10 meters range is less 
then 30 Ohms in the theory, but in practice, the input 
impedance for 15 and 20 meters range is close to 40 
Ohms because losses in antenna parts and antenna 
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21.000 
21.200 
¿1.400 
¿1.600 


Diagram Directivity and Input Impedance at 15 meters W1LNQ Antenna 
j L 


-0.2(d81) = 008 


33.0 -0.4 -0.2 


35.0 PD -0.2 0.0 On 
37.3 16.1 -0.2 0.0 On 
40.0 25.4 alle 0.0 On 
43.1 sone -0.2 0.0 On 


ground. So, a 50-Ohms coaxial cable can be used for 
feeding of the antenna at all of the ranges. For a 
proper work a vertical trap antenna must have several 
counterpoises for every of operation ranges, especially 
for low amateur HF ranges 40-, 80- and 160-m. 


Antenna input impedance. Dipole Trap 
antenna: Morgan trap antenna [1] was done as a 
dipole. It is Known, that a A/2 (physical length) dipole 
antenna has input impedance close to 75 Ohms, see 
Figure 3A. A shortened by a lengthening spool dipole 


Page 1-34 


Chapter 1: HF ANTENNAS Multirange Trap Antennas 


SWR at 15 meters W1LNQ Antenna 


B44111.1 KH2(SWR<1.5) SWR on Pe 50.0 
Bw44331.4 KHz[SWP<2.0) 
2.0 
SWF 
1.75 
15 
1.25 
20.800 21.000 21.200 21.400 21.600 


antenna with electrical length in A/2 (having physical 
length bit less then A/2) has input impedance less 
them 75 Ohms and maybe, close to 60- 50-Ohms, see 
Figure 3B. So, for feeding a dipole trap antenna a 50- 
Ohms coaxial cable can be used with a high 
efficiency. 


A dipole trap antenna is very easy for tuning and has 
high efficiency, however, radio amateurs very seldom 
make as a vertical as dipole trap antenna having a 


Az 


number of traps more than one. The reason is that the 
antenna sections should be electrically insulated from 
each other. It is hard enough to do a mechanical 
strength design of such antenna in radio amateur 
conditions. Radio amateurs usually prefer a W3DZZ 
antenna. The antenna has only one trap, and, as it 
seems by many hams, works at several amateur 
ranges. What is a W3DZZ? 


—— y 


— 


O 


Input impedance close to 13 Ohms 


AQ Physical length less tha?  —— 


A V4 


Electrical length isa? 


© Input impedance more less the 73 Ohms and 
may be close to 30 Ohms 


Figure 3 


Figure 3 A shortening and full size dipole antenna 


Antenna W3DZZ: In1955 C. L. Buchanan. W3DZZ, 
developed a multirange dipole antenna with only one 
trap, see reference [4]. Recently the antenna is known 
as “antenna W3DZZ.” Figure 4 shows schematic of 
the antenna W3DZ2Z. 


Antenna W3DZZ works in several amateurs range 
with low SWR in its feeder. Proper choosing data of 
the trap turns the trap or to lengthening inductor at low 
range (ranges) or to shortening capacitor at high 
range (ranges), or to only a trap at a proper range. For 
the antenna shown at Figure 4, trap LC is the trap for 
40 
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5.3 pH 
10.07 m 


Figure 4 


Figure 4 Antenna W3DZZ 


meters, lengthening inductor for 80 meters, and (MININEC based) for the W3DZZ (see Figure 4). 
shortening capacitor for 20, 15 and 10 meters. The Antenna wire has diameter of 2 millimeters. You can 
antenna (Figure 4) does not work at WARC bands. see, that a SWR at 20, 15 and 10 meters is too high. It 
However, the antenna does not work properly at 20, is impossible to find such length of the antenna and 
15 and 10 meters. You can see data obtained with data for trap that the antenna works at all of the 
Free Antenna Simulation Program MMANA ranges! So, an ATU and a good coax is need for the 
antenna if you work at 20, 15 and 10 meters. 
SWR at 80 meters W3DZZ Antenna 
10.0 
SWR on A: 50.0 


PAD 


aR, 


3.500 3.700 3.000 3.300 4000 


y kas 
Current Distribution at 80 meters W3DZZ Antenna 
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Input Impedance at 80 meters W3DZZ Antenna 


¿00.0 
100.0 
pe 
0.0 
-100.0 
¿0.0 -700.0 
3.600 3.700 3.800 3.900 4 000 
SWR at 40 meters W3DZZ Antenna 
3.0 SS. __ ÁÁÁKÁ 
SIMA on R: 50.0 
25 
SA 
2.0 
15 
10 
6.990 ¿020 7 050 7 080 2110 
S” a 


Current Distribution at 40 meters W3DZZ Antenna 
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Input Impedance at 40 meters W3DZZ Antenna 


-25.0 


-50.0 
6.990 ¿00 ¿050 ¿060 ¿110 


SWR at 20 meters W3DZZ Antenna 


10.0 —_— 
SA on A: 50.0 
PE 


oR, 
GA 
3.25 
1.0 
13.650 13.900 14.750 14.400 14.650 
a  _ _——_“--_-———_—_—_—_—_———__———— 
“Y e, 


Current Distribution at 20 meters W3DZZ Antenna 
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Input Impedance at 20 meters W3DZZ Antenna 


240.0 400.0 
¿20.0 fo: 14.530MHez ¿00.0 
E, px 
¿00.0 U0 

180.0 -200.0 
160.0 -400.0 
13.660 13.900 14150 14 400 14650 
SWR at 15 meters W3DZZ Antenna 
30.0 ——— 
Sw R. on A: 50.0 
25.0 
SA 
¿OD 
15.0 
10.0 
21.000 21.100 21.200 21.300 21.400 


M 


Current Distribution at 15 meters W3DZZ Antenna 
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Input Impedance at 15 meters W3DZZ Antenna 


130.0 -200.0 
L: 24.1uH 
C: 2.1 pF 
023.0 
E: 145. KHz 
125.0 fo: 22.174h4Hz l -250.0 
R pa 
120.0 -300.0 
115.0 -360.0 
110.0 -400.0 
¿1.000 ¿1.100 ¿1.200 ¿1.300 ¿1.400 


SWR at 15 meters W3DZZ Antenna 


SWR on A: 50.0 


¿0.000 ¿0.£oll 20.500 20.750 ¿3.000 


Current Distribution at 10 meters W3DZZ Antenna 
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frequency? You can find it by setting XL = X 
C and solving for frequency. 
Answers 


A. The resonant frequency 

B. 2nfL = 1/(2nfC). Rearranging the terms in 
this equation to solve for f yields the following 
formula for the resonant frequency (fr): 


l 
f. = —— 
2 ALE 


20 If a capacitor and an inductor are 
connected in parallel, there is also a resonant 
frequency. Analysis of a parallel resonant 


circuit is not as simple as it is for a series 
resonant circuit. The reason for this is that 


inductors always have some internal 
resistance, which complicates some of the 
equations. However, under certain conditions, 

the analysis is similar. For example, if the 
reactance of the inductor in ohms is more 


than 10 times greater than its own internal 
resistance (r), the formula for the resonant 


frequency is the same as if the inductor and 
capacitor were connected in series. This is an 
approximation that you use often. 

Questions 

For the following inductors, determine if the 
reactance is more or less than 10 times its 
internal resistance. A resonant frequency IS 
provided. 


A. fr = 25 kHz L = 2 mH, r = 20 ohms 


Chapter 1: HF ANTENNAS 


gU0.0 


fo: 31.1 55MHz 


600.0 


¿00.0 


0.0 


¿o.000 26.250 


Antenna W3DZZ has input impedance close to 60 
Ohms at 80 and 75 at 40, , so, a 75-Ohms coaxial 
cable can be used for feeding of the antenna. 


Hams make antenna W3DZZ also in a vertical 
installation, where the antenna has input impedance 
close to 30- 40 Ohms (in twice less the dipole design), 
so a 50-Ohms coaxial cable can be used for feeding 


Input Impedance at 10 meters W3DZZ Antenna 


Multirange Trap Antennas 


-500.0 


-750.0 


-1250.0 


-1500.0 


¿0.500 20.750 ¿3.000 


Hams often use a shortened sample of the W3DZZ 


antenna intended for 40, 20, 15, and 10 meters. At 


radio amateurs literature there are several description 
of the antenna, as at dipole as at vertical installation. 
However, the first description, which | found off for a 
vertical four band trap antenna, was made by K2GU in 
reference [5]. Figure 5 shows the schematic of the 
antenna. 


of the antenna at all of the ranges. For a proper work 


a vertical trap antenna must have several 
counterpoises for every of operation ranges, 
especially for low amateur HF ranges 40-, 80- and 
160-m. 


LC trap design: Trap spool has 8.3-uH and contains 


19 turns of silvered copper wire of diameter in 3-mm 


Diameter of winding is 50-mm. Length of winding is 80- 
mm. The trap should be tuned to resonance to the 
frequency 7,05 (7.2 for USA) MHz. It is possible use a 
GDO for the tuning. A capacitor at 3-pF is bridged to 
is tuning to the 
is simulated a stray 


trap capacitor when the trap 
resonance. The capacitor 
capacitance of the antenna sections. 


Antenna tuning: At first, with the help of a GDO tune 
trap to 7,05 (7.2 for USA) MHz. Trap is tuned 
separately from antenna. At second, get a minimum 
SWR on 40 meters by length A. At third, get a 


minimum 


SWR on 80 meters by length B. At thus, you can g 


SWR (well, see in the above figures, the SWR is not so 


at 20, 15 and 10 meters. 


Four band vertical one-trap antenna: 
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B 3,£ m 
5,1 pH 
Trap a= L — Electronic 
for 20 meters — switch for 
23 20 meters 
3,1 m 
| RF-choke 
50 Ohm 


coaxial cable 


et 
4 counterpoise in 10,5 meter 


length, placed at corner 


of 45 degree to ground Figure 4 


Figure 5 A four-band trap vertical antenna 
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20 meters: Section A is tuned for operation on 20- 
meters by its length. Trap LC turn off upper antenna 
parts behind the trap from operation of the antenna 
when 10 meters range is used. 


40 meters: By length of the Section B we tune the 
antenna parts “Section 1 plus LC plus Section B” to 
resonance to 40-meters. 


15 and 10 meters: The trap serves as a shortening 
capacitor at that ranges. 


AH ana nonapls aL Alá 
Fy ss C Cymm. C +H 


Multirange Trap Antennas 


Below you can see input impedance, SWR and DD 
of the antenna W1LNQ. The figures are obtained 
with the help of Free Antenna Simulation Program 
MMANA (MININEC based). Section A has diameter of 
20 millimeters, section B has diameter of 10 
millimeters. You can see, that a SWR at 15 meters is 
too high. It is impossible to find such length of the 
antenna and data for trap that the antenna works at all 
of the ranges. So, an ATU and a good coax is need for 
the antenna if you work at 15 meters. A 50-Ohm 
coaxial cable can be used for feeding of the antenna at 
all of the ranges. 


Diagram Directivity and Input Impedance at 40 meters FOR 4B- W3DZZ Antenna 
o U, 


0 


0.1 (dBi = 0d6 


SWR at 40 meters FOR 4B- W3DZZ Antenna 


fe 


2.0 


SA 


1.4 


6.950 2.000 
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7.050 


SWR on A: 50.0 


¿100 ¿150 
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Diagram Directivity and Input Impedance at 20 meters for 4B- W3DZZ Antenna 
AA | ——_ 


SA on A: 50.0 


1.0 
14.000 14.100 14.200 14.300 14.400 


Current Distribution at 40 meters Current Distribution at 20 meters 
Z Z 
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Diagram Directivity and Input Impedance at 15 meters for 4B- W3DZZ Antenna 


= mo 


i 6378 1560 06 
11006262 Asi we 
1200 6165-2048 05 00 On 
13006031 feero [07 oo on 
erao 5882-2474 07 00 On 


14.0 


SA on A: 50.0 


13.6 


oR, 
13.6 


13.4 


13.2 
21.000 ¿1.100 ¿1.¿00 ¿1.300 ¿1.400 


Current Distribution at 15 meters Current Distribution at 10 meters 
Z Z 


Y x 
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Multirange Trap Antennas 


Diagram Directivity and Input Impedance at 10 meters for 4B- W3DZZ Antenna 


OH ana nonapias aL 
ey C H C Cyomm. C V+H 


SWR at 10 meters FOR 4B- W3DZZ Antenna 


11.0 


0.5 


oR, 
b0 


3.5 


1.0 


27.500 ¿o.000 


Trap design: Trap spool contains 10 turns of copper 
wire diameter in diameter of 2-mm, form of the spool 
has diameter of 60-mm, distance between turn is 4 
mm. The LC circuit should be tuned to frequency of 
14.2-MHz. It is possible use a GDO for the tuning. A 
capacitor at 3-pF is bridged to trap capacitor when the 
trap is tuning to the resonance. The capacitor is 
simulated a stray capacitance of the antenna sections. 
It is necessary to safe trap capacitor from the 
atmospheric effect. 
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¿0.500 


ü 


SWR on A: 50.0 


¿3.000 ¿3.500 


Antenna tuning: At first, with the help of a GDO tune 
trap to 14.2-MHz. The circuit tune separately from 
antenna. At second, tune length A to a minimum SWR 
in 20 meters. At third tune length of the Section B to 
minimum SWR at 40 meters. 


Common notice for vertical multi range trap 
antennas 


Counterpoises: For a proper work a vertical trap 
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C1=C1.1+C1.2+C1.3 


A Figure 6 


Figure 6 A coaxial cable capacitor 
antenna need resonance (a quarter wave) counterpoises for each operation range. 
Use not less than two counterpoises. If the antenna is placed at a small altitude 
above a metal roof and braiding of feeding coaxial cable have good electrical contact 
with the metal roof, the antenna can be used without any counterpoises. 


Antenna feeding: Quite possible to use a 50- Ohm coaxial cable for vertical trap 
antenna feeding. Also it is possible to use a two wire line for dipole and vertical trap 
antenna feeding. In this case it need ATU between the line and the transceiver. 


A trap capacitor: A high voltage is at a trap capacitor when the antenna works to 
transmission. So it need a high voltage capacitor trap to be used at a trap. Such 
capacitor is costly and rather rare. Hams often use a length of a coaxial cable 
instead of a high-voltage capacitor. A 50- Ohm coax has near 100-pF/meter, a 75- 
Ohm coax has near 70-pF/meter. Coaxial cable capacity can be find off from a data 
sheet for the coaxial cable or is metered practically. Figure 6 shows a coaxial cable 
capacitor. For a capacitor with a small capacity (up to 30-pF) it is possible to use 
whole coaxial cable length, see Figure 6A. For a capacitor with a high capacity cut 
the coaxial cable on to several lengths, as it shown in Figure 6B.As a high-voltage 
capacitor in trap it is possible to use a bilateral PC-board by width of 1 to 3 
millimeters. In this case capacitor get more bulky the made on coaxial cable basis. It 
is possible to tune the PC — capacitor on necessary capacity by slitting a foil on one 
of two sides of this capacitor. Do not forget about atmospheric protection of the trap 
capacitor. 


Other way for trap design: lt seems to me in the end of 70s in different radio 
amateur literature were appeared articles about using “coaxial cable trap” for 
W3DZZ. There is very simple method for trap making. Figure 7 shows the trap. It is 
wise way for trap design, but radio amateur should have an experience using the 
method. In different radio amateur literature there are a lot of data for design of the 
trap, but classical methods are described at reference [6]. 


References: 

1. By Alois Krischke : Rothammels Antennenbuch.- Franckh — Kosmos, V _ Figure 7 
GmbH@Co., Stuttgart, 1995, 11 edition. Figure 7 A coaxial 
2. Jay Rusgrove, WA1LNQ: The Cheapie GP // QST, 1976, February, p31. cable trap 


3. Morgan h. K. : Multifrequency Tuned Antenna System. - Electronics, vol. 13, 
August 1940, pp. 42-50. 

4. Buchman C. L., W3DZZ : The multimatch Antenna System. // QST, March 1955, 
pp.22-23, 130. 

5. The Radio Amateur's Handbook, 1970, by ARRL publication. 

6. The ARRRL Antenna Book, 19 Editions // ARRL Amateur Radio, 2000. 
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A Five Bands Vertical Trap Antenna 


M. Chirkov, UL7GCC 


The classical W3DZZ antenna in vertical installation 
designed by UL7GCC and shown at the Reference 1 
is well known in Russia. Figure 1 shows the antenna. 
Diameter of sections A and B is 40- 50-mm. How is it 
work? 


40-m band: The trap LC cut out the upper section B 
from the antenna. So only section A works as a 
radiator, and the section A has length in 10.1 meters, 
i.e. has electrical length in 1/41. Vertical radiator 
having with the length of 1/44 has a quarter- wave 
resonance and works in very effectively way. At the 
band the circuit LC works as a trap. 


80-m band: On the 80-m band the antenna has 
summary physical length of this two sections A+B a 
little less than 1/44. A + B = 16.47 meters, less then 
20 meters OF quarter wave length for the 80-m band. 
A short vertical radiator has a capacity part in its input 


B 
ES? m 
Trap 
for 40m cl L 
range 
5.3 uH 


Four quarter 


wave counterpolses 


for every range 


CIU 


impedance. But the circuit LC at the 80-m range has 
an inductance part in its impedance. The inductance 
part compensates capacity part of the electrically short 
vertical, and the antenna has a low SWR at the 80-m 
range too. In other words, the inductor of the LC works 
as a usual lengthening spool. 


10-, 15- and 20-m ranges: Visa versa, at the 10-, 15-, 
and 20-m the LC has a capacity part at its impedance 
that goes the electrical length of the antenna to 1.75A 
at 10-m, to 1.254 at 15-m and to 0.75A at 20-m. 


Do not forget, verticals like counterpoises, so use 
several 1/42 counterpoises for each bands. 


Reference 


M. Chirkov, UL7GCC: Multi range vertical // 
Radio #12, 1991, p. 21. 


Electronic 


— switch for 
40 m range 
RF-choke 
a0 Ohm 


coaxial cable 


Figure 1 


FREE e magazine edited Oy hams for hams 


Www. antentop. beLru 
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Dipole Nadenenko 


DIPOLE NADENENKO 


Soviet radio amateurs well know the broadband dipole 
named in Russia “dipole Nadednenko.” The antenna is 
widely used at serve radio centers of Russia. Russian 
radio amateurs also are used the dipole. Below we 
take up a design of the antenna. 


The dipole contains several wires at each shoulders 
shaped as a cylinder. Figure 1 shows the dipole 
Nadednenko. For working at 40- 10 meters the sizes 
are: L= 8 meters, L1= 3 meters, L2= 1 meter, 2R= 1 
meter. Diameter of wires is 1.5- 3 millimeters. 


Dipole struts can be both as metal as wooden. As usual, 
struts has the shape as a circle, wooden struts has the s 
polygon. Wires are attached to struts any possible way. ' 
ends of shoulders carefully are welded. As usual, a 300- 
wire line is used for feeding of the antenna. Antenna rad 
with horizon polarization. 


By Radio 1959 


i l 
4 ty ly +, xD 
i Y — ae ip 
1 jos EJ 
Figure 1 


Calculations of input impedance and DD (for horizon 
radiation) of the dipole Nadenenko located at 10 
meters above real ground with above mention 
dimensions (L= 8 meters, L1= 3 meters, L2= 1 meter, 
2R= 1 meter, diameter of wires is 2 millimeters) are 
shown below. You can see, it is possible to use a 50- 
Ohm coaxial cable with a 1:4 transformer if restricted 
bands (30, 20, 10 and 6 meters) are used. 


6 


1 13 17 19 
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E SWR at 300 Ohm Feeder 
Å SWR at 600 Ohm Feeder 


The data is obtained with help of a free antenna 
program MMANA (MININEC based). Left diagram is a 
section of the volumetric diagram directivity of plane X- 
Y at a zenith corner of the maximum radiation. The 
right diagram is section of the volumetric diagram 
directivity of plane X- Z. Also at the right down corner 
of the pictures is a table with antenna impedance. 


23 27 29 19) 50 32 


Frequency in MHz 
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B. fr = 1 kHz, L = 33.5 mH, r = 30 ohms 


Answers 

A. XL = 314 ohms, which is more than 10 
times greater than r 

B. XL = 210 ohms, which is less than 410 


times greater than r 

Note Chapter 7, “Resonant Circuits,” discusses 
both series and parallel resonant circuits. At 
that time, you learn many _ useful techniques 
and formulas. 


21 Find the resonant frequency (fr) for 
the following capacitors and inductors when 
they are connected both in parallel and in 
series. Assume r is negligible. 

Questions 


Determine fr for the following: 
A. C = 1 uF, L = 1 henry 
B. C = 0.2 uF, L = 33 MH 


Answers 
a A e 
{10 ° Xx 1 
e A. ee ees dl a 


3310." X02 x10" 
22 Now, try these two final examples. 
Questions 
Determine fr: 


A. C 
B. C 
Answers 


10 uF, L = 1 henry —___ 
0.0033 uF, L = 0.5 MH 


Chapter 1: HF ANTENNAS Dipole Nadenenko 


1254351 88-27 On 
284001285355 86 81 On 
besoo 1318357 86-84 On 
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RUSSIAN MILITARY WW -I RADIO 
"RBM" 


Radio RBM is one of the most famous Russian military radio that was used in the WW-Il and after the war as a 
surplus radio. RBM took place in the WW-II, after the war RBM was used as trial radio for military teaching 
centers. Lots of Russian hams know well the radio. | want to give some information about RBM and its antennas 
at ANTENTOP. 


73! I.G. 
History: Radio RBM, firstly named as RB (Radio, WW- II. USSR, Leningrad Front, 1943. 
Base), was designed before the WW-lIl, in the 1938, Radio RB 


in the Research Center of Communication of Red 
Army, by a special research group guided by colonel 
Sosunov. Special variant of RB named as RB-40, 
that had low weight because it was made in an 
aluminum cabinet was produced from end of 1939 
for spy and partisan. It was made near 1000 RB-40, 
but then its producing was stopped because the 
aviation need aluminum. In the 1942 some 
modifications were done in the radio, and RB was 
named as RBM (Radio, Base, Modified). In the 1943 
both with RBM was produced RBM-5 that has 5 
watts power compare to 1 watt that RBM has. After 
WW-II other modification of RBM named as RBM- 1 
was produced. RBM-1 was produced until end of 
50s. Some samples of RBM-1 was produced for 
export (see picture with Latin letters on the front 
panel). 


Composition: RBM -1 consists of from two 
boxes, one is the transceiver other is its supply unit. 


Transceiver has dimension of 345x195x260-mm, 
weight of 13 KG. It works at two frequency ranges, I- 
5.0- 2.75 MHz, Il - 2.75-1.5 MHZ, has CW and AM 
modes. Transmitter made on vacuum tubes 


Transmitter has 1 watt output(in reality 1.5 watts), 
plate current 35-mA and heater current 1-A. 


Receiver has sensitivity of 10-uV at AM and 3-uV 
at CW, plate current 10-mA and heater current 0.5- 
A. 

Transmitter and receiver use common units as: an 
antenna and output audio transformer, that does 
modulation for transmitter at AM mode and audio at 
receiving mode. 


Power supply has three batteries of BAS-80 for 
plate and a NiCad accumulator 2NCN-24 for heater, 
weight of 14 KG. The Power Supply run the radio 
during 24- 36 hours. 


Purpose of RBM is to do reliable simplex 
communication at any conditions. Distance of the 
communication depends on antennas that use with 
the radio. 
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Short Whip Antenna does communication near 
10 kms on AM and near 15 kms on CW. 


4-ends Star 


180 cm 


E ar 
A z 


viii 
A 2 
a 


W mis i = 
‘yay ; 


Power Supply 


| live near village Prohorovka, Russia, where at 
July-4- August 5, 1943, The greatest tank battle 
of WW - Il was. As | Know, near 500 samples of 
RB radio took place in the battle 


USSR tank KV-1 
German tank Elefand/Ferdinand Destroyed by a German tank Tiger. 
Destroyed by a tank mine. Prohorovka, July, 1943 


Prohorovka, July, 1943 
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Schematic of RBM-1 
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is shown for 


daytime at middle level of interferences. At nighttime and 


Note: The distance of communication 


Ground Dipole Antenna does communication near 


17 kms on AM and near 35 kms on CW. 


the distance of 


high level of interferences 
Communication is decreased in two times. 


at 


Mast Antenna does communication near 30 kms on 


AM and near 50 kms on CW. 
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Ground Dipole antenna in the Field 


Direction to next Radio 
e 


=—7 meters-=3" a— 1Úrmeters ——» 


Unclosed in the Il- range [2.45- 4 MHz] 
Closed in the | -range (1.5- 2.75 MHz] 


“Wooden Mast, 
Counterpoise ys antenna 100-¢m in height 


k 
Ground Dipole Antenna in the Fore Y 
Direction to next Radio 7 
= 
Direction to next Radio 
—_—_—_—_RO 
47 meters — 10meters —» = /nsulators 
r, E i. va 
Unclosed in the Il- range [2.13- 3 MHz] 
Closed in the | -range [1.5- 2.75 MHz] 


“Wooden Mast, Courterpoise $s eo, Antenna 
100-ern in height 


Power Supply 


Picture from Russian Manual 


KG KOPEOENONIORME. 
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Picture from Russian Manual 
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6-ends Star 


Insulator 


Guy 
Metal Mast 
Insulator in height of 7 meters 
10 meters oe 
a. 
Unclosed in the Il- range [2.75- 3 MH 
Closed in the | -range [1.5- 2.75 MHz] 
10 meters 
Y 
T meters fe 


e 
Es O 


aa 


interna A Counterpoi se Wooden Mast, 
py B0-crm in height 
Power Supply 


Credit Line: 
Radio Magazine, USSR 


RBM Padio. Manual for user. 1952. 


http://www.cqham.ru/ 


http://www.oldradio.onego.ru/ 


http://www.battlefield.ru/ 
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Half-Loop Antennas 


HALF - LOOP ANTENNAS 
FOR HF COMMUNICATIONS N ALE AND FREQUENCY HOPING 


In France 


means 
ANTENNAS 


http://perso.wanadoo.fr/starec 


The present describes a HF loop antenna and its agile 
coupler which can be adapted to the new designs of 
ALE and FH (frequency hopping) radiosets. The 
original specification in 1993 was : "a small mobile 
antenna and coupler for HF voice and data 
communications in driving from O to 600 km without 
silent zone, in association with a 125 Watts CW 
radioset. 


Frequency range 2-12 MHz Channel tuning time < 5ms 
Bandwidth > 3,5 kHz in a military environment" 
Following on from this product other versions with 
wider frequency range (3-15 MHz, 3-30 MHz, 2-30 
MHz), a higher power and various dimensions and 
shapes for fixed, land-mobile and naval applications 
have been developed. 


1. GENERALITIES 


1.1. on the HF tuned loops 


The HF transmission tuned loop antennas which are 
designed for HF transmission have small dimensions 


(< 0,14) compared to the wavelength, in order to 
conduct a quasi constant current and to be considered 
as magnetic dipoles. Their radiation impedance and 
efficiency mainly depends on their surface which 
creates a magnetic flux in the near field and an 
electromagnetic field in the far field. Their diameter, 
height or width (round or square shape) run from 1 to 3 
meters, and their radiating surface generally do not 
exceed 5 m° in order to coincide with the small 
dimensions required. 


These types of antennas differ from open antennas 
(like whips, horizontal dipoles, log-periodic antennas, ) 
by their impedance which is reactive and can be 
adapted by capacitor only. Their radiating resistance is 


low (< 1 mí.) at the lowest frequencies of the range. 
As the efficiency is given by the ratio radiating 
resistance/ total resistances of the tuned circuit, it is 
necessary to minimise the radiating element resistor, 
using a good conductive metal (aluminium, copper), 
and to use low loss capacitors. 
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STAREC S.A. 
7, chemin de Vaubesnard 
91410 Dourdan FRANCE 
e-mail: starec@wanadoo.fr 


Credit Line: Starec 
http://perso.wanadoo.fr/starec 


These conditions beeing fulfilled, the loop antennas 
deliver a high current and have a high selectivity with 
a high quality factor (Q-factor), typically 10 times 
higher than the Q-factor of the best traditional 
couplers designed for 5 to 10 meters whips or 10 to 
40 m dipoles. 


1.2 On fast frequency tuning 


For future fast ALE procedures the tuning target time 
is 50ms, while the "low speed" frequency hopping 
(F.H.) procedures already require a 5ms tuning time, 
with all calculations and control exchange times 
beeing included or already done. This can't be done 
using electromechanical tuning. Digital switching 
devices are cost effective today at low and medium 
powers. Their switching time run in milliseconds 
using low loss vacuum relays, and in the 
microseconds using electronic relays like PIN-diodes. 
But the PIN-diode technology cannot be used in 
loops for transmission, due to their inability to 
withstand the high currents and due to the losses 
they bring (0.5 to 1 W) which would drastically 
decrease the overall efficiency at the lowest 
frequencies. Vacuum relays, including REED relays, 
are the only technologies available to switch the 
capacitors of a transmission tuned loop antenna 
efficiently. 


1.3 On the power requirements 


Based on the experience of 2 previous generations of 
tuned loop antennas, and the proprietary propagation 
simulations, it was calculated that two 100W 
radiosets and 4m* loops having a -15 to + SdBi 
typical gain figure from 2 to 12 MHz would insure 
voice and data communications at any distance from 
O to to 600 km at least. 


This mission cannot be fulfiled by any 5 to 10 m whip 
antenna on a medium soil, even in association with a 
400W/1 kW radio set: a vertical whip or a bent whip 
on a vehicle in move do not transmit and receive 
enough energy to cover the typical 50-250 km silent 
zone. 
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A 125W radioset combined with a tuned loop antenna 
is sufficient to fulfill the mission requirement using the 
Near Vertical Incident Signal (NVIS propagation). This 
will be further improved due to frequency management 
and the new generations of HF modems which will 
bring a lower threshold of sensibility. 


II DEVELOPMENT OF A NEW MOBILE TUNED 
FRAME ANTENNA 


11.1 Principle 


The mobile tuned loop antenna is a "half-loop" set-up 
vertically on a metal surface which achieves a full loop 
equivalence. The metal surface like a mobile platform 
(truck or shelter, ship's cabin,...) must have a good 
electrical continuity. Thie half-loop is half the size of a 
full loop and makes installation possible on small 
vehicles on the move. 


The half-loop is folded and joined at each end to the 
platform's earth. One end is loaded by a variable 
capacitor. 


A feed rod ("the feed coil") links the radioset RF 
access to a precise point of the half-loop. It is 
equivalent to a fixed reactive element, and the whole 
system acts as a loss-free autotransformer whose 
primary circuit can be set to 50 W. 


11.2 Modelisation of the antenna 


The modelisation purpose is the definition of the 
electrical circuit and the parameters of the antenna. lt 
is made by the wire methods of moments. 


The radiating element is represented by a radiating 
impedance (Rr, La) with a loss resistance Rp 


The tuning capacitor is represented by a serial circuit 
(C, Rc), C being the capacitor value and Rr its loss 
resistance. 


The 50£: matching is figured by a loss-free transformer 
M with a matching ratio K, and a parallel or serial 
inductance L at the RF input. 


Establishment of the equivalent circuit parameters: 


-The radiating element (Rr, La) is calculated by an 
electromagnetism software based upon the method of 
moments. 


- The radiating element loss Rp is determined 
according to the antenna material and section 


- The capacitor's losses Rc are determined through the 
manufacturer's data 


- The matching ratio K is a function of the primary to 
secondary radiating surface ratio 
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- The inductance L is a function of the spiral surface 
comprised between the feed bar and the platform. 


Two types of antennas have been compared, type A 
and type B, differing by the positions of their 
capacitors. 


11.3. Modelisation of the antenna type A 


The capacitor is positioned in the secondary of the 
transformer, at the end of the line (FIG 1). 


} A Ferd Con 
i hh Fi 


Sos i 


= Cap señor 


Figure 2 


The results are computed by a specific C.A.D. 
radiofrequency device and compared to the values 
measured on full scale antenna mock-up. 


As an example, FIG 3, FIG 4, FIG 5 show the 


Fi: 7 00 Mitr 
210 MHz 


Figure 3 


Page 1-59 


PROJECTS for QRP Half-Loop Antennas 


impedances at various frequencies on the Smith 
charts, with computed values (in full line) and 
measured values (in doted lines). These charts 
underscore the performances of a resonating cavity 
like a R, L, C parallel device, and confirm the 
impedance values computed by the method of 
moments. 


Fl: 5,95 ME 
A ES y 


Figure 4 
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The calculated and measured values are compared 
at various frequencies (FIG 6, FIG7) The bandwidth 
is measured at VSWR y 2.5:1 , when the real and the 
imaginary terms of the impedance are equal. 


‘tas 120 FRA 12.5 


Figure 7 

The results have validated the antenna equivalent 
circuit. 

This sheme helped to optimize the dimensions of the 
radiating element, considering the efficiency and 


bandwidth requirements. The approximative values 
are, from 2 to 12 MHz: 


Rr = 0,5mí: to 3 with a 2,2m? antenna surface 


Rp= 0.01 to 0.02 & 
C= 3500 to 60 pF 


Rc= 0.05 to 2 i. 
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A. fr = 50Hz (approximately) 
B. fr = 124 kHz 


Understanding resonance is Important to 
understanding certain electronic circuits, such 
as filters and oscillators. 

Filters are electronic circuits that either 
block a certain band of frequencies, or pass a 
certain band of frequencies. One common use 
of filters is in circuits used for radio, television, 
and other communications applications. 


Oscillators are electronic circuits that generate 
a continuous output without an input signal. 
The type of oscillator that uses a resonant 
circuit produces pure sine waves. (You learn 
more about oscillators in Chapter 9.) 


Summary 

Following are the concepts presented in this 
chapter: 

The sine wave is used extensively in AC 
circuits. 

The most common laboratory generator IS 


the function generator. 


Ny = J2 A Wena ' Vop — 2./2= Vims 


f = 1/T 


7 
|. = Vp ] = Vims 
pp > +rms 
R 
Capacitive reactance is calculated as follows: 
l 


C 


~ (2 fC) 
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The equivalent circuit aided in the calculation of the 
voltages and the currents developed over each 
electronic component. 


ll. 4. Modelisation of the antenna type B 


The tuning capacitor is positioned in the primary of the 
autotransformer (FIG 8). 


A nmmr 


Tona 


TESTE AR a 
| UR IEE 
Figure 8 


lts equivalent electrical scheme is given on FIG 9. 


Figure 9 


The Type B antenna is modeled in the same way as 
the Type A antenna, and using the same physical 
parameters. An additional capacitor may be added in 
the feed rod to optimize the radioset matching 
impedance. 


11.5. Compared performances type A and type 
B antennas 


Comparative simulations 


The compared simulations gave a clear advantage to 
the Type A antenna type. As an example, FIG 10 
shows a +12 dB gain advantage for the Type A 
antenna at 12 MHz 


Comparative measurements 


The comparative simulated results were confirmed by 
the comparative measured bandwidths Using 2 
antennas having the same radiating surface, the 
compared measured bandwidths were 5 to 10 times 


http://www.antentop.bel.ru/ mirror?! www.antentop.boom.ru 


Half-Loop Antennas 


re — r m L 


Antenna Tepe A 
Pa | 


Antanas? ype R 


Figure 10 


higher for the Type B than for the Type A antenna. In 
a tuned circuit, bandwidths (B) are inversely 
proportional to the quality factor (Q), and Q is 
proportional to the efficiency (h ); when Q >> 1,hxB 
= Rr/2p La = constant If ha and hb are the Type A 
and Type B antenna efficiencies , and Ba et Bb their 
bandwidths respectively, the applying formulas are 
ha Ba = hb Bb, and ha / hb = Bb / Ba When the 
measured bandwidth ratios is Bb / Ba = 10 , the 
efficiency ratio becomes ha/hb is 10. 


Explanation 


Observing that Type B antenna optimizes the tuning 
in the primary circuit, and that the Q-factors of 
primary and secondary are quite different, the energy 
transfer in the secondary is not maximized. On the 
contrary, in the Type A antenna the tuning brings a 
maximum Q-factor and the current is the highest in 
the radiating resistor. 


Conclusion 


The Type A antenna design brings the best antenna 
efficiency. 


11.6 Improvement of the design 
Increasing the bandwith 


Trials on vehicles were made under strong rain. 
Modifications of the tune positions were observed at 
the highest frequencies (FIG 11 ) 


Such modifications can give an operational problem 
with no possible reset in transmission (in FH mode 


principally). 


This shifting problem was resolved by widening the 
bandwidth by using two radiating elements in parallel 
and electrically linked. The simulation of this structure 
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Figure 11 


modification concluded in a +10 to +15% extended 
bandwidths and in +0.5dB to +1dB extra efficiencies all 
over the frequency range. 


11.7. Realisation of a fast tune design 


The 2-12 MHz.antenna was developed for the required 
efficiency and a minimum 3.5 kHz bandwidth 
independently of the variations in the environment. 


With a 2.2m’ radiating surface the half-loop reactance 
is 2mH at 2 MHz and 3.5mH at 12 MHz. 


The tuning principle consists in switching capacitors in 
parallel to create a series of bandwidths with mutual 
covering at a VSWR < 2.5:1.(FIG 12) 


the yey 
st 


= 13 


ml mo 


Figure 12 


http://www.antentop.bel.ru/ mirror?! www.antentop.boom.ru 


Half-Loop Antennas 


Principle of the capacitor switching 


The capacitors which are necessary to tune the 
antenna reactance are scaled from 3300pF to 60 pF 
at 2 MHz and 12 MHz respectfully, with a 1,5 pF 
accuracy at the highest frequencies. 


A logarithmic series of n switchable capacitors in 
parallel defined by Ci=2 Ci-1 with C1=1.5 pF give all 
discrete value multiple of 1,5pF: 


C = S ki Ci from i = 1 ton, with ki= 0 ou 1 


C1, which is the smallest used capacitor, 
defines the accuracy of the C capacitor 


The highest individual capacitor value is in theory 
3300/2=1650 pF in order to get 3300pF by the 
addition of all capacitors, and n must be higher than 
10. 


The total number of capacitors is choosen equal to 
12 to takto into consideration the dispersion of the 
components whose values are guaranteed with a ñ 
5% precision, and to recover the possible missing 
frequency bands. 


A special software was created to define and 
memorize the kiCi arrangements which are 
necessary to get all discrete capacitor values and 
recover the possible missing frequency bands. It 
memorizes the calculated values and the measured 
values. A calibration at the first installation or in 
operation in case of a major environment change can 
be done in less than 6 seconds. 


Measured results 
The prototype of the antenna achieved a VSWR 
20.1 


Typical figures are given FIG13. 


f 


il 


"IL 
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Figure 13 
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11.7. Qualification 


A 2-12 MHz demonstrator was built with acceptable 
dimensions for land mobile applications (height=90cm, 
length=2.4m, width=30cm). All adjacent bandwidths 
were covered within the 2.5:1 VSWR specification. 


lts efficiency was measured every 0.5 MHz on a test 
station by substitution of a refence whip. These values 
were not more different than ñ1dB from the values 
deducted from the Q-factor measurements. 


A second version with a 2-30MHz frequency range 
was developped. It was qualified for military 
environment with mechanical tests (chocks, vibrations) 
and climatic tests (-40C +70C, rainfall, salted fog, 
windspeed, ice, dusts, etc...) according to MIL SPEC 
standards. It is now in service in quantities in the 
French Army. 


Ill FIELD TRIALS 


Extract from the field trial made by Thomson-CSF in 
octobre 1994 for the French Army: 


"From O to 600 km, all Q/S and S+N/N measurements 
have confirmed a behaviour without fault of the half- 
loop. lt always gave results much higher than that of 
the guyed 5m whip whatever the climatic conditions 
were (rain, intensive fog...). We tried to use the station 
in the most extreme environment conditions noting the 
link results, while driving under the rain, under the high 
voltage cables either parallel or perpendicular to the 
road, measuring signal/noise in highly industrialized 
towns (like Clermont Ferrand) , on the country roads 
through humid forests, etc... 


Half-Loop Antennas 


"The results were independant of these 
environmental conditions, the reception signal/noise 
beeing only slightly affected under the very high 
voltage cables. 


"... he half-loop antenna bring the best results in 
terms of link budget and listening comfort". 


Thomson-CSF also confirmed that the half-loop 
antenna on a moving car allows fast data 
transmissions without fault in the silent zone of the 
whip antenna, and that it improves the probability of 
successfull synchronisation of the new procedures in 
bad ionospheric conditions. 


Other field trials were successfully conducted in 
France and several foreign countries in the Middle 
East and America. 


IV RADIO INTERFACES 


Mobile and naval half-loop antennas and fixed/semi- 
fixed loop antennas using the same electronic 
components and softwares are working today with 
various radiosets for military and civilian applications 
as well, in frequency hopping, ALE or fixed frequency 
modes A modular and universal interfacing unit 
makes it possible to fit the antenna at the radioset RF 
output using the control interfacing designed for its 
antenna coupler. 


The control exchanges can be done in RS232 or 
multiwire cable according to the speed. The 
frequencies can be provided in clear, as a channel 
number or not provided at all. A frequency counter is 
necessary in this last configuration. 


(Continue on the next page) 


MILITARY TACTICAL ANTENNAS 


STAREC has been involved for a long time in the design of specialized antennas, a wide range.of which has 
been proved in operation with French and foreign Armed Forces. 


This equipment is mainly used in fixed or mobile weapons or telecommunication systems, such as shelters, 
trucks, battle tanks, forward armoured vehicles, etc. STAREC is involved in the RITA, ROLAND, PR4 G, HF 


Carthage programs. 


Agile half loop on vehicle 


http://perso.wanadoo.fr/starec 
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V APPLICATIONS The chart below present the "not so wellknown' 
specificities and applications of the HF tuned 
HF/125W loops and half-loops. 


GENERAL CHARACTERISTICS APPLICATIONS 


Very small dimensions for HF (1.5 to 3m rectangle or | Difficult installations (on roof, small areas, ship,...) 


diameter) Half-loop capability to communicate from a moving 
Can be radomed vehicle. 


Discrete stations (fixed and mobile) 


Small surface on ground.A ground plane is not | Easy and low cost installation. 
necessary for loop 


Communications up to 1000km with 125W, without 
silent zone in azimuth nor petal nulls in elevation. 


Low take-off angle propagation andGround wave 
radiation (8-shaped pattern)+Near Vertical Incidence 
Skywave (NVIS) 


Directivity: + 2dB in free space and +5dB or +6 dB on | One antenna only gives the equivalent services of 
a conductive ground Gain: - 12/-15 dBi at lowest a NVIS antenna (like horizontal dipole) and a 
frequencies to+ 2/+ 5 dBi at highest frequencies. vertical whip (at longer ranges). 


Communications of the ships along the coasts and 
over mountains. 


Achievement of an ALE fully automated mobile 
station: no more need to change antennas at halt 
alongside the classic silent zone of whips. 


High selectivity in the lowest range. 


INP a a ii Compared to the whip antennas: Better listening 


comfort, reduced Bit Error Rate (BER) of data 
transmissions or FH synchronisation signals. Extra 
filters can be avoided in many applications. 


High reduction of received noise and improvement of 
the Signal/Noise ratio(typically 6 to 10dB in reception 
compared to the wider band antennas like tuned 

whips or dipoles) Operational in industrial zones and areas of 


, RI , l l frequent lightning. 
High rejection of the strong wideband signals like 


high voltage lines spurious, indirect effects of Simultaneous transmission and reception on the 
lightening, etc... same narrow site (head of a star chained network, 


duplex station, HF-HF relay,...) 
2 tuned loops are highly isolated (particularly when 


they are perpendicular with one frame in the central 
axis of the other one). 


Fully capacitive tuning unit, without coil nor magnetic | Interesting for certain ships 
signature effect 


HF/125W fast tuned frame antennas can find a number of applications for point to point, ground to air and 
ship to shore applications at any distance to 1000 km. 
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Igor Grigorov, RK3ZK 
antentop@mail.ru 


| have a small collection of information about old military HF antennas used over the World. 
Presently, three old military automobile HF antennas are described at the article. The antennas are 
written “as it is,” ¡.e., | give all information, that | have had. | know, the information is not complete at 
all, but, nevertheless, the information is interesting and it can help somebody to make own ‘car 
antennas.’ 


Tuned dipole 


Tuned dipole exhibited in Figure 1 was used in army dimensions of the automobile, as it is exhibited in 
of the USSR. Scheme for the antenna is shown in Figure 1b. Tuned dipole has high radiation both at 
Figure 1a. Tuned dipole made from a strong tube low and high (mostly) angles. It allows the antenna to 
that has diameter 15 to 30 mm. The tube is installed make links by earth and reflected from ionosphere 
at height of 1-1,5 m above the roof of an automobile wave. 

and goes out approximately on 1 meter for overall 


h 


Figure 1 Tuned dipole 


/f : —7/ 
i 1 

Two wire 

ladder line 


Transmitter 


Figure 1 
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FS, 


Figure 1 


Length ‘L’ of the antenna (see Figure 1a) depends to 
dimensions of a car, where the antenna is installed, 
usually the length close to 6 meters. The antenna 
feeds with help a short length of a two-wire line, 
usually the length is equal to 2- 3 meters, an ATU is 
used. Antenna is adjusted with help of a symmetrical 
variometer ‘LT’ installed at opposite ends of the 
tuned dipole. The antenna is tuned on maxima of RF 
current to points ‘A’. In such case the antenna 
ensures maximum effective work. But in the manual 
of the antenna is pointed, that the antenna in some 
cases can be tuned on maxima of RF voltage on 
points ‘A’. Such set-up for the antenna is possible if 
the communication car is placed on a good 
conducting surface (it can be moist salty soil) or by 
operation from natural shelters - holes, ravine. 
Inductances of antenna variometer vary from several 
microhenry up to 300 microhenrie. The antenna 
works good at 2-25 MHz. 


At usage of this antenna in military communication 
car, the antenna gives that advantage, that the roof 
of the automobile remains free. It enables to install 
on the roof other antennas, for example, for VHF- 
UHF ranges 


Folded dipole 


Folded dipole was in use within the World War — Il 
and till 70s of the 20 century. The dipole is a wire 
folded by meander and loaded to serial coil plus a 
capacitor. Figure 2 shows the disposition of the 
folded dipole on communication car. The antenna is 
located at the altitude approximately at 1-1,5 meters 
above the roof. Figure 3 shows the scheme of the 
antenna. Wings of the folded dipole 
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could reach to 10-15 meters in length. It depends 
on sizes of the car. 


Folded dipole is fed by two-wire ladder line in length 
about 3 meters. The line is connected to an ATU. 
The antenna is tuned on maxima of RF current to 
points ‘A’. Folded dipole is tuned in resonance in the 
operation frequencies with help of loading spools ‘LT’ 
together with capacitor ‘C’, that made as a 
constructing part of the car. 


The antenna is intended for 60-90 meters, and 
usually does not work at other ranges. . Folded 
dipole has strongly radiation to the sky and a little 
to the horizon. 


Dipole with low characteristic impedance 


Dipole with low characteristic impedance is intended 
for a work at wide frequencies range and for 
installation on the roof of a communication car that 
has small dimensions. Figure 4 shows the scheme 
(Figure 4A) and disposition (Figure 4B) of the dipole 
on communication car. | must say, that | have seen 
some photos, where the antenna was installed 
athwart to the roof, as it is shown at Figure 4C. The 
antenna is located at the altitude approximately at 1 
meter above the roof. Wings of the dipole made as a 
metal grid has shape, crosswire at the cells soldered. 
The wing of the dipole has the width in (0,5-1,5)- 
meters and the length (1,5-2)-meters. 


Figure 5 shows the scheme of feeding of dipole with 
low characteristic impedance. The antenna is 
connected through a two-wire ladder line in about 2 
meters length to an ATU. The ATU has a resonance 
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Figure 2 Folded dipole placed on communication car 


Figure 2 


Figure 3 Scheme of the folded dipole 


C 
C 
LT 
LT Folded 
Dipole 
Loading Loading 
Coil Coil Capacitive 
Capacitive Load 
Load 
A A 
Two wire a Sm 
ladder line 
OO 
Transmitter 
Figure 3 
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Figure 4 Dipole with low characteristic impedance 
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oj ¡(E > 
Figure 4 


Figure 4 


Figure 4 
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Figure 5 Scheme of feeding of dipole with low characteristic impedance. 


RF Ampermeter 1 


C11 .1 


LF 


Figure 5 


circuit ‘LF- CR’, that is coupled with help of 
coupling coil ‘LC’ with a transmitter. With the help 
of variable 

spool ‘LF’ and variable capacitor ‘CR’ this circuit 
can be retune in the frequencies range of 2-20 
MHz. In the same frequency range the antenna 
works. Maxima of RF current in to the antenna is 
installed with the help of variable symmetrical 
capacitor ‘CT.’ 


Such antenna was widely used in communication 
cars during the World War-ll and some time after the 


Russian Field Radio Station, 1941, w.w.-ll 


Pagwoctanwes PCB- — Haze Hb aA- 
phant PCE | 
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war. The antenna ensures the sure communication 
with zenith radiation in HF range 2- 4 MHz in radius 
of 200-300 km from the antenna. Also this antenna 
ensures long-distance communication in HF ranges 
5-20 MHz. 


But this antenna had the deficiencies: at the first, it 
has too complicated matching device, at the second 
the antenna takes too much place in the roof of the 
car. For these reasons, since of the end of 50s, the 
antenna practically is not used in military 
communication cars. 


Russian Field Radio Station, 1913, w.w.-/ 
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Modern Military HF- Antennas of Com. Cars 


Igor Grigorov, RK3ZK 
antentop@mail.ru 


| have a small collection of information about old and modern military HF antennas used over the 
World. Presently, two modern automobile HF antennas are described at the article. The antennas 
are written “as it is,” ie., | give all information, that | have had. | know, the information is not 
complete at all, but, nevertheless, the information is interesting and it can help somebody to make 


own ‘car antennas.’ 


The basic types of military antennas, which for a 
long time were used on communication cars, 
were construed during and before the World 
War II. After WW-II researches for new antennas 
for communication cars was renewed. Below 
we shall consider two new type of car antennas 
which have appeared in army after the World 
War-I! still are in use on modern communication 
car. There are magnet antennas and DDRR 
antennas, that began to be used for 
communication cars (under my information) 
rather recently - in the middle of 70s years of the 
20 century. 


Mag Loop antennas of communication cars for 
150-80 meters 


As usual a magnet antenna of the range is installed 
on a communication car as it is shown in Figure 1. 
The magnet antenna ensures sure communication in 
radius of 200 kms at the daylight time and up to 400 
kilometers at the night time. 


Figure 1 Magnet antenna on a communication car 


The magnet antenna at marching condition is 
installed parallel to the car roof (see. Figure 1a) and 
does not hinder to ride the car under low bridges or 
under trees in forests. The magnet antenna stands in 
operating position with the help of an electric motor 
or by operator hand. Figure 1b shows the zenith 
magnet antenna in the operating position. 


The magnet antenna (item 2, Figure 1b) is tuned in 
resonance on the operating frequency with the help 
of variable capacitor (item 3, Figure 1b), which is 
weatherproofed by hermetic box (item 4, Figure 1b). 
The variable capacitor is turned with the help of an 
electric motor. The magnet antenna is drove by a 
small loop (item 1, Figure 1b) that is installed in 
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corner of the magnet antenna. Driven loop is coupled 
to the transmitter with the help of a coaxial cable by 
characteristic impedance of100 Ohm. The sizes of 
the army magnet antenna for operation in 150 - 80 
meters are exhibited in Figure 1b. 


Mag Loop antennas of communication cars for 
meters 


Also magnet antennas are used for operation in HF ra 
60 meters. Such magnet antenna has smaller 

contrasted to magnet antenna intended for operation 
meters. Magnet antenna for 90-60 meters owing to 
sizes is installed or above the roof of the cabin of comn 


car (see Figure 2) or at back edge of the car (see 
Figure 3). At this installation of mag loop the roof of 
the car is free to place other antennas or some more 
electronic equipment. The sizes of the magnet 
antenna for operation in 90 - 60 meters are exhibited 
in Figure 2 and Figure 3. 


Figure 2 Magnet antenna above the roof of the car 
cabin 


Figure 3 Magnet antenna on the back edge of the 
car 


The magnet antennas shown in Figures 1-3 usually 
are made of an aluminum bent tube in 20- 40 
millimeters in OD and 2-3 millimeters thick. 


Magnet antennas for 150 -90 meters is not intended 
for operation when a communication car is moving. 
But Magnet antennas for 90 - 60 meters can be used 
when a communication car is moving. 
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Inductive reactance IS calculated as follows: 


XA =2 fL 


Resonant frequency is calculated as follows: 


] 
f, = —"— 
" A 


Self-Test 

The following problems test your 
understanding of the basic concepts presented 
in this chapter. Use a separate sheet of 
paper for calculations if necessary. Compare 
your answers with the answers provided 


following the test. 

1. Convert the following peak or peak-to-peak 
values to rms values: 

A Vp = 12 V 


Vrms = č 

B. Vp = 80 mV 
Vrms = č čŻ 
C. V pp = 100 V 
Vrms = 


2. Convert the following rms values to the 
required values shown: 


A. Vrms = 120 V 

E oe 

B. Vrms = 100 mV 

MAP” = ap 

C. Vrms = 12 V 

pp: ao 

3. For the given value, find the period or 


frequency: 
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Magnet antenna on a communication car 


21 dimension 
are in meters 


3 


Insulator 


Figure 1 


Is little smaller the quarter wave of the high lower 
range of the antenna, but the length ‘L’ not less the 
lower operation range of the antenna. Antenna DDRI 
to resonance by the variable capacitor C which is dri 
electric motor M. Antenna DDRR, as usual, is mad 
aluminum tube in 20-40 millimeters OD. 


Antennas DDRR in military communication 


Antennas DDRR are used in military communication 
of many countries. Figure 4 shows the schematic of 
antenna DDRR. Say simple the antenna represents a 


tube bent in shape of letter “L”. The length of the ‘L Figure 4 Schematic of Antenna DDRR of communicati: 
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Magnet antenna above the roof of the car cabin 


1m perimeter 


On military vehicles an antenna DDRR usually 
places on one of edges as it is shown in Figure 5. lt 
allows to install other antennas on the roof of the 
communication car. Antennas DDRR often serve as 
enclosure of the roof. 


Figure 5 Antenna DDRR on military vehicle 


Antennas DDRR also are used on some heavy tanks 
or BMI (battle machine of infantry). On this military 
vehicle the antenna DDRR serves as a rail for other 
hand. Antenna DDRR has mechanically strong 
design, so it is difficult to damage an antenna DDRR 
in battle. 
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Figure 2 


Seldom use two antennas DDRR that fed with 
some phase shift to create special diagram 
directivity. Figure 6 shows such antenna array. 


Figure 6 Array of antennas DDRR 


Antenna DDRR is very strong and allows to do comr 
when the car is moving. Radio amateurs also can us: 
DDRR for the operation in ether at installation on the rc 
car. 
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{imn perimeter 


Figure 3 


Frotected 
polasticbox for 
antennafeeder 


Transmitter 


Figure 4 
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Antenna DDRR on military vehicle 


Figure 5 


Array of antennas DDRR 


Figure 6 


ANTENTOP is Free e- mag for all radioamateurs over the World. 
Feel free to share with friends any issue of ANTENTOP. 
Feel free to print, copy to CDs or share in any others ways with any issue of 
ANTENTOP. 
73! Igor Grigorov, RK3ZK 
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Field Universal HF Antenna RV3DA 


FIELD UNIVERSAL HF ANTENNA RVY3DA 


In Russia summer traditionally is the season for radio 
expeditions. So, the question about a field antenna 
stands before hundreds radio amateurs. Certainly, it 
is impossible to give one answer to this question. A 
design of an antenna for fields depends on many 
factors. There are frequencies bands used by radio 
expedition, local factors for antenna installation, time 
and money and so on. Igor, RV3DA, has developed 
universal wire antenna. This one with ATU works well 
on all amateurs short-wave ranges, including WARC. 
factors. There are frequencies bands used by radio 
expedition, local factors for antenna installation, time 
and money and so on. Igor, RV3DA, has developed 
universal wire antenna. This one with ATU works well 
on all amateurs short-wave ranges, including WARC. 


The antenna has a triangular shape, one of the ends 
of the triangular is grounded. Figure 1 shows the 
circuit of the antenna. A good grounding is necessary 
for successful work of the antenna. However, the 
antenna provides good work without good grounding 
also. 


The antenna was tested by team of collective radio 
station RK3DZD in field conditions. 


On Eastern Sunday April 11 we have been going to 
RDA- pedition. About RDA program you can see page 
86, ANTENTOP# 2- 2004. Our team  (RD3DT, 
UA3DUS, RZ3DT and RV3DA) and buys settled down 
at picturesque surroundings of the edge of Tsna river, 
Egor'evskoe area MO-62 at Moscow oblast. 
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Igor Grigor'ev, RV3DA 


RK3DZD@falkon.ru 
http: // www.qsl.net/rk3dzd 


Figure 1 
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Yuri, RA3DUF, hanged our antenna on the nearest 
pines. TNX to Yuri, RK3DUF for steeplejack works! 
You can see a photo of the antenna (antenna colored 
by red). The antenna had no feeder and was 
connected directly to a transceiver FT-847 through a 
home- made T- ATU that was placed at the table. 

We used an automobile accumulator 55-A/h and gas- 
generator Honda for feeding our equipment. 


Grounding was very bad - a pipe in diameter of Y” and 
in length of 1 meter. The ground was very damp, ten 
meters father from the antenna a river was. The 
antenna was hanged between two high pines. 


What we have had: 


1. 40 meters - is higher than any praises. Really, we 
ruled by pile- up from tens calling stations. 
Simultaneously we received as local as DX- stations. 


2. 20 meters — the directivity of the antenna did bad 
effect for us. The antenna was directed to 
the North - South, that it was not good for us. 
Southern radio stations simply rattled in the Air! 


So our first workplace looked. As usual, we had too 
little time for preparing before our pedition, so, we 
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Field Universal HF Antenna RV3DA 


3. 15 meters- Japanese called us very loudly. 
4. On 10 meters was dead (no propagation). 


5. 80 meters — we received very loudly many radio 
station from Siberia (2000- 3000 kms from us) but our 
sign was received poor in Siberia because, as we 
think, of poor grounding. 


Below given diagram directivity for the antenna 
obtained with help of free antenna program MMANA 
(MININEC based). Left diagram is a section of the 
volumetric diagram directivity of plane X-Y at a zenith 
corner of the maximum radiation. The right diagram is 
section of the volumetric diagram directivity of plane X- 
Z. Also at the right down corner of the pictures is a 
table with antenna impedance. Please, take attention 
to the data, you can do decision how you ATU does 
match of the 


73! 
Igor Grigor'ev, RV3DA 
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have used “table” T-ATU. Two air variable capacitors 
and a variable inductor placed on the table without any 
case. Yury, RK3DUF, did DX- QSO. 


Page 1-76 


Chapter 1: HF ANTENNAS Field Universal HF Antenna RV3DA 
Antenna RV3DA at 160-m 


Vertical Radiation Pattern 


Horizon Radiation Pattern 


(Ga [e [ON 
24292 97308 06 02 On 
io ems nare 08 02 On 


Comments: Antenna radiates mainly radio waves 
with vertical polarization. A very good pattern with low 
lobes in the vertical plane. Circular pattern in horizontal 
plane. It is fine for DX- QSO. But antenna has Z= 921- 
jo833-Ohms at 1910-kHz. Not all ATUs do good 
matching for such load. 
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PROJECTS for QRP Field Universal HF Antenna RV3DA 
Antenna RV3DA at 80-m 


Vertical Radiation Pattern 


bs 


Horizon Radiation Pattern 


bso ez 258 08 o 
Bs mas [ra fos or On 
sso 1251 2865 08 01 On 


Comments: Antenna radiates mainly radio waves 
with vertical polarization. A very good pattern with low 
lobes in the vertical plane. Circular pattern in horizontal 
plane. It is fine for DX- QSO. Antenna has Z= 116+ 
j263-Ohms at 3800-kHz. Almost any ATU does good 
matching for such load. 
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Antenna RV3DA at 40-m 


Vertical Radiation Pattern 


Freq Je k [Ga | 
mas ssa eoo 

zoo mez mer Wo 

7050 met pas Boo 

zoo haot Het feo fpo on 

pmo h3 ko bo 00 On 


Comments: Antenna radiates mainly radio waves 
with horizontal polarization. A good pattern in the 
vertical plane. Antenna has strong zenith radiation that 
allows to do local QSOs. “Eight- figure” pattern in 
horizontal plane, so, it demands to choose a proper 
direction before an installation of the antenna. Antenna 
is fine for DX and local QSOs. Antenna has Z= 116+ 
j263-Ohms at 3800-kHz. Almost any ATU does good 
matching for such load. 
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Antenna RV3DA at 30-m 


Vertical Radiation Pattern 


A | CI A. 
ir A : E A | 
E w A A A a 


4.5(d81 = 08 


OH ana nonaplai= aL 
ey fH C Cymm. © +H 


Horizon Radiation Pattern 


AH ana nonapl aL Al 

cy e H C Cymm. C +H 
Comments: Antenna has strong vertical radiation. 
Not bad pattern in the vertical plane. Antenna has 
strong radiation at high corners that allows to do local 
QSOs. Antenna has almost circular pattern in 
horizontal plane. Antenna provides DX and local 


QSOs. Antenna has Z= 55+ j86-Ohms at 1010-kHz. 
Any ATU does good matching for such load. 
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For the circuit shown in Figure 5.7 , find 
the total current flow and the voltage across 
R2, (V out). 


Figure 5.7 
BO) £2 
Yin = 20) a 
1200 Ven 
oe Find the reactance of the following 
components: 
A. C = 0.16 uF, f = 12 kHz 
XC = ç ëY 
B. L = 5 mH, f = 30 kHz 
XL= — 
6. Find the frequency necessary to cause 


each reactance shown: 
A. C = 1 uF, XC = 200 ohms 


B. L = 50 mH, XL = 320 ohms 

7. What would be the resonant frequency for 
the capacitor and inductor values given in A 
and B of question = if they were connected 
in series? 
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Antenna RV3DA at 20-m 


Vertical Radiation Pattern 


6.8(d8m) = 0d8 


OH ana nonapi aL Al 
Fy A A 


Horizon Radiation Pattern 


A E O E á Oo M A A sas 
o a a O 


6.8(dBi) = OdB 


OH ana nonapusanati 
cy f H C ymm. C W+H 


Comments: Antenna has strong horizon radiation. 
A good pattern in the vertical plane. Antenna has a 
strong radiation at low corners that allows to do DX 
QSOs. Antenna has almost “eight- figure” pattern in 
horizontal plane, so, it demands to choose a proper 
direction before an installation of the antenna. Antenna 
provides DX QSOs. Antenna has the resonance at 
14100-kHz at 166 Ohms. Any ATU does good 
matching for the antenna. 
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Antenna RV3DA at 17-m 


Vertical Radiation Pattern 
Oo = Oo 


? 8(0Bi) = dB 


DH ana nonaphaaynHh 
ey C H C Cyma. C V+H 


Horizon Radiation Pattern 


Comments: Antenna has both, a strong vertical and 
strong horizon radiation. For the vertical radiation 
antenna has a good pattern in the vertical plane, and 
almost circular pattern in the horizon plane. Pattern for 
horizon radiation is not so good as to vertical 
polarization. Antenna can provide DX QSOs at vertical 
and horizon radiation. Antenna has impedance 
1711+j466-Ohms at 18220-kHz. Not all ATUs do good 
matching for such load. 
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Antenna RV3DA at 15-m 
Vertical Radiation Pattern 


oo. ow 


4 7(dBi) = OdB 


OH ana nonapias anal 
ey * C ymm. C +H 


Horizon Radiation Pattern 


Comments: Antenna has both, a strong vertical and 
strong horizon radiation. For the horizon radiation 
antenna has a good pattern in the vertical plane with 
low lobes, and six-lobes pattern in the horizon plane. 
Pattern for the horizon radiation is not so good as to 
vertical polarization. Antenna can provide DX QSOs at 
vertical radiation. Antenna has impedance 117+j86- 
Ohms at 21200-kHz. Any ATU makes good matching 
for such load. 
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Antenna RV3DA at 12-m 


Vertical Radiation Pattern 


Fie [ON 


e2 raa 61 03 On 


Comments: Antenna has strong horizon radiation. 
For the horizon radiation antenna has a not bad 
pattern in the vertical plane, and “eight- figure” pattern 
in the horizon plane. Antenna can provide DX QSOs 
at horizon radiation. Antenna has impedance 
1208+j619-Ohms at 21200-kHz. Not all ATUs do good 
matching for such load. 
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Antenna RV3DA at 10-m 


Vertical Radiation Pattern 


7.408) = 08 


OH ana nonapasaL mi 
ey C H C Cymm. OH 


Horizon Radiation Pattern 


Comments: Antenna has strong horizon radiation. 
For the horizon radiation antenna has a not bad 
pattern in the vertical plane, and “eight- figure” pattern 
dropped to lobes in the horizon plane. Antenna can 
provide DX QSOs at the horizon radiation. Antenna 
has impedance 396+j227-Ohms at 28600-kHz. Not all 
ATUs do good matching for such load. 
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Antenna RV3DA at 6-m 


Vertical Radiation Pattern 


6. 3(d8m = 008 


DH ana nonaplai= 28111464 
ey C H C ymm. OH 


Horizon Radiation Pattern 


a Tea e e 
A A 


6.3108 = 008 


OH ana nonapias aL 
cy fe H C Cymm.  V+H 


Comments: Antenna has horizon and vertical 
radiation. For the horizon radiation antenna has a not 
bad pattern in the vertical plane, and “eight- figure” 
pattern dropped to lobes in the horizon plane. 
Antenna can provide DX QSOs at horizon radiation. 
Antenna has impedance 429+j599-Ohms at 50600- 
kHz. Not all ATUs do good matching for such load. 
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SHUNT VERTICAL UNIVERSAL HF ANTENNA 


Field universal antenna RV3DA (see pp.:24- 35 of 
ANTENTOP- 02- 2004) works well even at a bad 
grounding. To hammer into the ground a metal rod in 
1 meter length is enough for the grounding. 
Installation of the antenna takes a little time, it is 
another its advantage.However, if there is an 
opportunity to provide a good ground, and there is 
some free time to spend of for installation of an 
antenna, it is possible to use a Shunt Vertical 
Universal HF Antenna . 


Figure 1 shows the schematic of the Shunt Vertical 
Universal HF Antenna. A detailed description of the 
theory of a Shunt Vertical Universal is given at 
reference [1]. 


Apparently, the circuit of the antenna only a bit differs 
from field universal antenna RV3DA. The differences 
are: the loop is isolated from the ground, its terminals 
are shortened, shunts go down from two tops of the 
triangle loop to the ground. To ground shunts is 
possible as to universal antenna RV3DA it is done, 
i.e., a metal rod in 1 meter length is enough for the 
grounding. Of course, several counterpoises (three 
and more) in length Of 5 meters (and more) help to 
improve the antenna operation. Counterpoises can lay 
on a surface of the ground. 


Shunt Vertical Universal HF Antenna radiates mainly 
vertical radiation. It is required to use the antenna at 
woodless surrounding or big losses of high-frequency 
energy will be. Please, take attention Shunt Vertical 


Igor Grigorov, Rk3ZK 


antentop@mail.ru 


Universal HF Antenna has a gain less then universal 
antenna RV3DA. It is possible to do a design of the 
Shunt Vertical Universal HF Antenna so, that this one 
can be easy turned to the field universal antenna 
RV3DA. 


Below given diagram directivity for the antenna 
obtained with help of free antenna program MMANA 
(MININEC based). Left diagram is a section of the 
volumetric diagram directivity of plane X-Y at a zenith 
corner of the maximum radiation. The right diagram is 
section of the volumetric diagram directivity of plane X- 
Z. Also at the right down corner of the pictures is a 
table with antenna impedance. Please, take attention 
to the data, you can do decision how you ATU does 
match of the 


Reference: 


1. Aizenberg G. Z. Antennas of Short Waves.: Moscow, ' 
Svyaz”, 1985. 


73! 
Igor Grigorov, RK3ZK 
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Shunt Vertical Universal HF Antenna at 160-m 


Vertical Radiation Pattern 


Horizon Radiation Pattern 


im fea leas 07 hoo ln 
Lezo be Wao e po On 
Ln 


Comments: Antenna radiates radio waves with 
vertical polarization. A very good pattern with low lobes 
in the vertical plane. Circular pattern in horizontal 
plane. It is fine for DX- QSO. But antenna has Z= 5.4+ 
j¡423-Ohms at 1910-kHz. Not all ATUs do good 
matching for such load. 
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Shunt Vertical Universal HF Antenna at 80-m 
Vertical Radiation Pattern 


"a a 
. A 
© 


» . = an = . 5 . a . E a a . a 
. £ ü a . . e A e . 
. » E . a" .* . A x : 

. . a a . m a ae 3 E . E 
. . ln ON of a . . 

. O CA A: ee ee a a S 0 
7 ae aa s. ae ar oats . 

. ete . | . a . 

a LE E = "a, "a a ae . a ® s 
.., A gag T E o» 

a A A 
1 "Haan ke yea 1 


Feq (R[x [Ga 1 
bso mss jare 12 00 On 
beto mes Has hae wo (on 
bso mes Hez 12 Oo On 


Fea [R[x [e 1 
paid has Has 12 po On 
bazo mes Aez 12 0o On 


Comments: Antenna radiates radio waves with 
vertical polarization. A very good pattern with low lobes 
in the vertical plane. Circular pattern in horizontal 
plane. It is fine for DX- QSO. Antenna has Z= 119- 
j197-Ohms at 3800-kHz. Almost any ATU does good 
matching for such load. 
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Shunt Vertical Universal HF Antenna at 40-m 
Vertical Radiation Pattern 


— 


Feq (R[x [Ga [e [N 

mese mao 1300 On 
7020 "11547 4636 1300 On 
7050 meo siss 1300 On 
zoo nons seas 1300 [On 
711010239 -5075 h3 00 On 


Comments: Antenna radiates radio waves with 
vertical polarization. A very good pattern with low lobes 
in the vertical plane. Almost a circular pattern in 
horizontal plane. It is fine for DX- QSO. Antenna has 
Z=1116- j515-Ohms at 7050-kHz. Not all ATUs do 
good matching for such load. 
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8. What would be the resonant frequency for 
the capacitor and inductor values given in A 
and B of question 6 if they were connected 

in parallel? What assumption would you need 
to make? 


Answers to Self-Test 


If your answers do not agree with those 
provided here, review the problems indicated 
in parentheses before you go to Chapter 6, 
“Filters.” 


1A. 8.5 V rms (problems 4-6) 

1B. 56.6 V rms 

1C. 35.4 V rms 

2A. 169.7 V p (problems 4-6) 

2B. 141.4 mV p 

2C. 33.9 V pp 

3A. 60 Hz (problem 7) 

3B. 66.7 usec 

4. IT = 0.1A rms , V out = 12V rms 
(problems 9-11) 

5A. 82.9 ohms (problems 14 and 17) 
5B. 942.5 ohms 

6A. 795.8 Hz (problems 14 and 17) 

6B. 1.02 kHz 

7. 5.63 kHz (problem 19) 

8. 711.8 Hz. Assume the internal resistance 
of the inductor is negligible. (problem 20) 


Chapter 1: HF ANTENNAS Shunt Vertical Universal HF Antenna 


Shunt Vertical Universal HF Antenna at 30-m 
Vertical Radiation Pattern 


DH ana nona pa al 
Fy e- C cymam. C +H 


Horizon Radiation Pattern 


Do. A 


OH ana nonapias aL 
cy fe H C Come. C +H 


Comments: Antenna has strong vertical radiation. A 
good pattern in the vertical plane. Antenna has strong 
radiation at high corners that allows to do local QSOs. 
Antenna has almost circular pattern in horizontal 
plane. Antenna provides DX and local QSOs. Antenna 
has Z= 16.9+ j15.6-Ohms at 10110-kHz. Any ATU 
does good matching for such load. 
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Shunt Vertical Universal HF Antenna at 20-m 
Vertical Radiation Pattern 


— 


76 


14, 
n4300 [5207 [6680 07 


Horizon Radiation Pattern 


Freq (R[x [Gs | 
3199596504 

azoo 442964308 

143005227 feso (07 00 On 

44006166 6781 08 00 On 


Comments: Antenna has strong vertical radiation. A 
very good pattern in the vertical plane. Antenna has 
almost circular pattern in horizontal plane. Antenna 
provides DX QSOs. Antenna has Z= 442+ j649-Ohms 
at 14200-kHz. Not all ATUs do good matching for such 
load. 
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Shunt Vertical Universal HF Antenna at 17-m 
Vertical Radiation Pattern 


Horizon Radiation Pattern 


[ee 7 
10885836000 On 

18020 mae 746 61 00 On 
e120 hais 902 61 oo On 
s220 haaa hosi 61 (00 [ón 
heazo 1385 maz 61 00 On 


Comments: Antenna has strong vertical radiation. A 
good pattern in the vertical plane. Antenna has egg 
shape pattern in horizontal plane, so, it demands to 
choose a proper direction before an installation of the 
antenna. Antenna provides DX QSOs. Antenna has Z= 
121+ j90-Ohms at 18120-kHz. Any ATU does good 
matching for such load. 
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Shunt Vertical Universal HF Antenna at 15-m 
Vertical Radiation Pattern 


OH ana nonapia= aL 
cy & H C Cymm. C V+H 


Comments: Antenna has strong vertical radiation. A 
good pattern in the vertical plane. Antenna has almost 
egg shape pattern dropped to four lobes in horizontal 
plane, so, it demands to choose a proper direction 
before an installation of the antenna. Antenna provides 
DX QSOs. Antenna has Z= 177- j89-Ohms at 21200- 
kHz. Any ATU does good matching for such load. 
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Shunt Vertical Universal HF Antenna at 12-m 
Vertical Radiation Pattern 


1.6fdBi) = 0d6 


AH ana nonaplds aL Alá 
Fy * C Cymm. C +H 


Horizon Radiation Pattern 


OH ana nonaphaayHh 
cy EH C Cymm. OH 
Comments: Antenna has strong vertical radiation. A 
good pattern in the vertical plane. Antenna has almost 
circular pattern in horizontal plane. Antenna provides 


DX QSOs. Antenna has Z= 259- j573-Ohms at 25040- 
kHz. Not all ATUs do good matching for such load. 
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PROJECTS for QRP Shunt Vertical Universal HF Antenna 


Shunt Vertical Universal HF Antenna at 10-m 
Vertical Radiation Pattern 


CO 


psm een koo or wo on 


Horizon Radiation Pattern 


— 
aa 32 
8700 161. 


Comments: Antenna has strong vertical radiation. A 
not bad pattern in the vertical plane. Antenna has a 
four- shaped lobes pattern in horizontal plane, so, it 
demands to choose a proper direction before an 
installation of the antenna.. Antenna can provide DX 
QSOs. Antenna has Z= 242- j280-Ohms at 28500-kHz. 
Any ATU does good matching for such load. 
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Shunt Vertical Universal HF Antenna at 6-m 
Vertical Radiation Pattern 


alta 
E 
od.” 


DH ana nonapusan ai 51.200 666 1255 [96 -32 [On 
Ey CH © Cymm, O ve 561.400 645 1636 94 28 On 


Horizon Radiation Pattern 


9 6fdBi = 0dB 


a 
0b.5 bs 4.4 -4 2 On 
PAD od.” a N On 
bbb Tena 4.5 “Be On 
b4.5 163.6 4.4 -£.0 On 


DOH ana nonaplas anal 
cy e H C Cymm. C WeH 
Comments: Antenna has strong vertical radiation. A 
not bad pattern in the vertical plane. Antenna has an 
“eight- shape” pattern in horizontal plane, so, it 
demands to choose a proper direction before an 
installation of the antenna.. Antenna can provide DX 
QSOs. Antenna has Z= 86+ j40-Ohms at 50800-kHz. 
The resonance is at the 6- meters band. Any ATU 

does good matching for such load. 
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CHAPTER 2 


VHF ANTENNAS 


CHAPTER 2: VHF ANTENNAS Antenna X200 


Antenna X200 


A200 
| (Thanks UASCA for fre schematic’) 


Copper wire of 2.5-mm  *Pecification: 
for 210 AWG) Two working bands, 


144 and 430 MHz, 
SVWRs better then 1.2:1 


Li in a $50 Ohms coax chle 
12.5 turns Adjusting: 
11.5-mm 0D Antenna is tuned by C1. 
—————————— ne The capacitor is connectedt 
2 nd- turn from antenna wire 
TI y 
4 | Copper wire of 2.5-mm Anexcanyp UAICH 
SSS [or #10 AWG) 
Ln = .— 
| ——__———_., Dear Friends, 
—— r 
Most of us are heard about VHF antenna X200. 
Copper wire of 2.5-mm It is very interesting and very reliable two bands 
(or 210 AWG) antenna. 
474-mm AAA 
L2 RV9CX made some modifications for the 
64 turns antenna, so, the new RV9CX-X200 is more 
11.0-mm OD suitable for doing at amateur conditions. Go to 
o 
the next page for the new antenna! 
4 —— 
pa FP 
a re es = 
280 mm => Copper wire of 1.5-mm Comments about the antenna please send to 
j n (or #15 AWG) Dmitriy, RV9CX: rscs@rosteck-msi.ru 
i — an 


Also, you can visit to 


Copper wire of 2.5-mm : 
(or #10 AWG) www.znuki.ru 
367 -mm L3 
f turns 
14.0-mm 00 
— > 
+ ——— Copper wire of 2.5-mm 
== (or 210 AVG) 
32-Mm —_——_—___ == S 
E . 
ARA 3 
H 3 counterpoises 
(5 ones are better) x TER- x 
l Popper mo o e ae oi The site, where are Dmitriy and his 
(or 210 AWG) or 26 AWG friends 
354-mm placed to 115 degree 


to antenna wire 


Copper wire of 1.5-mm 
13.0-mm ÖD (or H5 AWG) 


C1 
_ 50 Ohms 
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x200 
modified by RV9CX 
specification: 
Two working bands, 
387 [nm 144 and 430 MHz, 
SWE: 1.03:1 at 145 MHz 
Li 1.02:1 at 433 MHz 
turns ina 50 Ohms coax chle 
11.5-mm 0D Antenna wire and spools 
—_—— Li, L2, L3, L4, ALL is made 
of a whole piece of copper wire 
ee of 2.0-mm diameter (or mA? AWG 
q —_ 

t A Antenna wire and spools 
imm pe, Li, L2, L3, L4, ALL is installed 
} pam, inside a plastic fishing - rod 

— 
Parameters of L4 is changed 
as to original 2200. See the 
schematic for te parameters. 
424-mm Adjusting: 
L? Antenna is tuned by C1. 
The capacitor is connected to 
64 turns 4.5 th- turn from antenna wire. 
11.0-mm 0D If antenna has a good SWR 
+ + at 144 and 430, but values of 
Te C1 are differed on the bands, 
q A —— then you should chose 
280 mm *=====>2 atap from L4. 
p C“C;i‘COCiés 
+ o Attention: Without C2 the 
antenna works only at 144 MHz. 
As RV9CA mentions, the antenn: 
works fine for 3.5 years without 
any care to it! 
36 7-mm L3 
f turns 
14.0-mm 00 
== 
4 —_ A, 
E | 
22- MM. AGA 
== 4 counterpoises for 144 MHz 


(51 4mm) and 


4 counterpoises for 430-MHz 
(170-mm), ALL is made 

of copper wire of tmm, 
pan or #6 AWG, ALL is 

placed to 90 degree 


L4 to antenna wire 
4 turns 

21.5-mm OD 
E 
CE 
t o =, 

— A 
20- mm C 
| SS 

—— O M 
pa “= 
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Chapter 6 

Filters 
Certain types of circuits are found in most 
electronic devices used to process alternating 


current (AC) Signals. One of the most 
common of these, filter circuits , is covered 
in this chapter. Filter circuits are formed by 


resistors and capacitors (RC), or resistors and 
inductors (RL). These circuits (and their effect 
on AC signals) play a major part In 
communications, consumer electronics, and 
industrial controls. 

When you complete this chapter, you will be 
able to do the following: 

Calculate the output voltage of an AC Signal 
after it passes through a high-pass RC filter 
circuit. 

Calculate the output voltage of an AC signal 


after it passes through a low-pass RC 
circuit. 

Calculate the output voltage of an AC signal 
after it passes through a high-pass RL 
circuit. 

Calculate the output voltage of an AC signal 
after it passes through a low-pass RL 
circuit. 

Draw the output waveform of an AC or 
combined AC-DC Signal after it passes 


through a filter circuit. 
Calculate simple phase angles and phase 
differences. 


CHAPTER 2: VHF ANTENNAS “Bottle” Antenna for 145 MHz 


"Bottle" Antenna for 145 MHz 


By Sergey Mironov, RA1TW 


Any amateur can do the antenna during one hour. To do Bottle Antenna 
the antenna takes a half of hour and to tune the antenna Side view 
also takes a half of hour. So, do not waste time and go 

to make the Bottle Antenna! 


At first take a look at schematic of the Bottle Antenna 2 
(Figure 1). 
Specification: 
1. Dielectric plate, approximately of 80x250-mm. 
2. Vibrator, (5/8)A 
3. Matching spool 
4. Tinned plate, approximately of 25x35-mm. 
5. Counterpoises, (1/4) 
6. Stud, washers, screw-nuts 
T. Coaxial cable 
How to do it 
1. Take Dielectric plate (1) and install Vibrator (2) 


on the plate. Use clamps or hard wire for this. 


145 MHz the vibrator takes the length 1270-mm at the 
diameter of the vibrator 4...5-mm, and 1200 m at 
the diameter of the vibrator 10...14-mm. 


2. Install Tinned plate (4) on the Dielectric plate. 
Use Stud, washers, screw - nuts (6). 


2 Do Matching spool (3). The spool has 9 turns of 
1.5...2.5-mm diameter (# 14- 10 AWG) copper 
or silvered plate wire. ID of the spool is 15...18- 
mm, RA1TW use to old markers as a form for 
the spools. Length of the spool is 34-mm. 


4. Install the Matching spool on the Dielectric plate. 
For doing this, the upper end of the spool is 
fixed to the Vibrator and the down end of the 
spool is fixed to the Tinned plate. Use solder or 
fix the ends with the help of screws. 


0 Do counterpoises. Two 105-cm lengths of 
copper or aluminum wire of 4...6-mm (# 2...6 
AWG) are bended as a Greek letter OMEGA 


looks (see Figure 2). 0 cm ——  *— 50cm ——> 


Figure 1 


Figure 2. Counterpoises 
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6. Fix the OMEGA- counterpoises to the Stud with 
the help of the Screw-nuts. The counterpoises 
should be at 90 degree to the Vibrator and to 
each other. 


7. Fix the OMEGA- counterpoises to the Stud with 
the help of the Screw-nuts. The counterpoises 
should be at 90 degree to the Vibrator and to 
each other. 


8. Install Coax (7). Central core is soldered to 3-1/3 
tap from the Vibrator, the braid is soldered to the 
Tinned plate (4). 


9. Take a Bottle from dry drink. (I know, RA1TW 
always prefers a bottle from beer!. I.G.) Do a 
hole in the screw - top of the Bottle, cut the 
bottom of the Bottle, cut four slots for 
counterpoises, and then, install the Bottle (see 
photo) on the Antenna. 


That is all the Bottle Antenna is ready! 
Tuning: 


The best way to adjust the Bottle Antenna is to use Meter 
of Amplitude vs Frequency Response characteristics. The 
device is switched to the Bottle Antenna and we see the 
frequency characteristic of the antenna. Stretch out the 
Matching spool or cut lengths of the Vibrator and 
Counterpoises if the resonance frequency of the antenna 
is below then 145 MHz. Gripe the Matching spool if the 
resonance frequency of the antenna is higher then 145 
MHz Then select the tap for the best SWR. It is possible 
to match with the antenna a coaxial cable with any 
characteristic impedance —50 or 75 Ohms. 


RA1TW 


Of course, you can adjust the antenna with the help 
of only SWR — meter or VHF - bridge. There are 8 
such home - made Bottle Antennas at Novgorod. All 
antennas work very well. They provide good 
communication as inside city as from city toa 
country for a distance more of 100 kilometers. 


Credit line: http://hamnv.boom.ru 
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VHF- UHF-Antenna 


5/8 A VHE- UHF ANTENNA 


Alex, RA3GBQ, hamradio.lipetsk.ru, natan@lipetsk.ru 


To do the antenna one can very easy as well as the 
costs are nothing. You need a box of a sweets- 
surprise Chupa- Chups, a piece of an old coax, 
some wire, epoxies, and a little of job. 


So, go to do it! 


> Take glass-reinforced plastic rod 5 and upper part 
of a sweets- surprise Chupa- Chups 10. 

Insert the rod and wire 4 for matching coil into item 
10. 


> Take a metal tube, cut a ring 7 and insert into item 
10. 


> Take a plastic cap 8 from a plastic can, fix a RF- 
socket 9 on it, solder the wire of the coil 4 to the 
socket , solder by 3-5 wire the ring 7 to the socket. 


> Turn up item 10, fill up it by epoxies 6, and close it 
by the cap 8. 


> When the epoxies are hardened, drill holes for 
counterpoises 11 at low side of the item 10 and 
through out item 7. 


> Cut a thread into item 5 and onto counterpoises 
11. 


> Remove braid 3 from a coaxial cable, put on the 
braid 3 onto item 5 that before is covered a glue. 
The length of the braid 3 is equal to 5/8A for 144 Or 
430 MHz. 

> Coil the spool 4 (any number of turns) with step 
between turns of 1-mm, solder the spool to the braid 
3. 

» Insert 6 A/4 counterpoises. 

> Meter SWR. Chose a tap from the coil 3 to 
minimum SWR. 


> Put on a can of a pen onto the upper end of the 
rod 5. 


> Put on a shrink plastic tube 1 onto the rod 5. 
> Heat the shrink plastic tube. 
Get you own antenna! 


73! 
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Short ‘Rubber Duck’ for VHF/UHF Hand - Held 


SHORT "RUBBER DUCK’ FOR VHF/UHF HAND- HELD 


All portable hand — held radios have a short “rubber 
duck” antenna. Some of the rubber duck antennas 
are rather long and if it is not necessary to 
communicate on a far distance, the long antenna 
just hinders to use a hand- held. | decided to make a 
short rubber duck antenna that is convenient for 
daily usage and for short distance communication. 


Range 144 - 146 MI y 


.. For Yaesu VX-1R and C - 508 


| have made this antenna for VX-1R as it has a small 
RF-socket SMA. Antenna has length in 43-mm 
(together with RF-socket). Copper wire of diameter 
0.6-mm (# 23 AWG) is coiled up a turn- to turn ona 
form of diameter of 8-mm. 25.5 turns were coiled. At 
thus the resonance of the antenna was at 145.3- 
MHz with SWR 1:1. After winding and checks of the 
resonance, put on a shrink plastic tube on the 
antenna, and heat It. 


For any stations having BNC socket 


Antenna has length in 69-mm (together with RF- 
socket). Copper wire of diameter 1.3-mm (# 16 
AWG) is coiled up a turn- to turn on a form of 
diameter of 10-mm. 22 turns were coiled. At thus 
the resonance of the antenna was at 145.3-MHz with 
SWR 1:1. After winding and checks of the 
resonance, put on a shrink plastic tube on the 
antenna, and heat it. 


Range 430 - 440 MI yu 


The design of an antenna for a range of 433-MHz 
does nat differ from the previous design, only it need 
to reduce the number of turns of the coil. Antenna 
has length in 42-mm (together with RF-socket). 
Copper wire of diameter 1.3-mm (# 16 AWG) is 
coiled up a turn- to turn on a form of diameter of 8.5- 
mm. 6 turns were coiled. At thus the resonance of 
the antenna was at 435.3-MHz with SWR 1.8:1. 
After winding and checks of the resonance, put ona 
shrink plastic tube on the antenna, and heat it. 


These designs were checked with hand-held radios 
VX-1R, C-568, FT-50 and C-508. At range of 
communication in city 1-2-kms the home- brew 
rubber duck almost do not lose to commercial — 
made ones. 


73! 
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145 MHz “Rubber Duck’ 


QUID 


a 


en 
| RE =-SOCEET 


430 MHz ‘Rubber Duck’ 


Coll 


r 
RE-Socket 


Credit Line: http://www.cgham.ru/ 
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Twins Delta Loop for 145 MHz 


Twins Delta Loop for 145 MHz 


US8AR 


Specification: 


- Directional diagram: “Eight” with low-altitude beam 
to horizon; 


www.antentop.bel.ru 


by Nick V. Derenko, US8AR 


ex UB5AEO, UB4AR  mailto:usgar(Dqs!.net 
http://www.qsl.net/us8ar 
http://us8ar.narod.ru 


SOMEWORDS ABOUTE MYSELF 


Hello ! If it's interesting I'll tell some aboute myself. 

| was born 25 may 1957 y. in Snesznoe town of 
Donetsk obl. of Ukraine. After finishing Primorsko- 
Akhtarsk's school in 1974 | worked a locksmith and a 
turner. In 1975 | entered in Taganrog radiotechnical 
institute and finished it in 1980. After it | living and 
working in Romny town of Sumy oblast of Ukraine. | 
worked an engineer in Romny's branch of Leningrad 
NPO "Krasnaja Zaria" and seniorengineer in Special 
Design Bureau "Poisk". Since 1997 | working a 
foreman of powerenergetics of "Akhtyrkaneftegaz". 

| am married and have daughter and son. 


- Input resistance: 50 Ohm; 
- Polarization - Vertical; 
- Gain 6 dB; 
- SWR 1,01:1. 


Figure 1 shows the antenna. 
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Figure 1 


701 mm 
701 mm 


The antenna is made from a copper or aluminum wire A coaxial cable is connected to points "A" and "B" (the 
in diameter of 4 mm. A copper or brass tube also will central core to "A", the braid to  "B"). 
do well. The wires fastened by collars to a dielectric 

plate in 4 mm thickness. | use a plate from PC stuff. Below, there is a file of the antenna in MMANA. 

The plate fastened by collars to the antenna metal 

mast. (MMANA available FREE at www.qsl.net) 


The great collection Antenna Files at: 


http://www. qsl.net/d12kq/mmana 
Twins Delta For 145_50 MHz 


x 


145.5 

* wire * 

7 

0.0, 0.6845, -0.3505, 0.0, 0.6845, 0.3505, 0.002, -1 
0.0, 0.6845, -0.3505, 0.0, 0.0, -0.02, 0.002, -I 
0.0, 0.6845, 0.3505, 0.0, 0.0, 0.02, 0.002, -I 
0.0, 0.0, -0.02, 0.0, -0.6845, -0.3505, 0.002, -1 
0.0, 0.0, 0.02, 0.0, -0.6845, 0.3505, 0.002, -I1 
0.0, -0.6845, -0.3505, 0.0, -0.6845, 0.3505, 0.002, -I1 
0.0, 0.0, -0.02, 0.0, 0.0, 0.02,  8.000e-04, -1 
eee Sources TTA 

l, 1 


wic, 0.0, 1.0 

KK ok load KK ok 

0, i 

*** Autosegment *** 

400, 40, 2.0, i 

*G/H/M/R/AZEV/X* 

0, 5.0, 0, 50.0, 0, 0, 0 


Enjoy! 
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FIVE ELEMENTS Y HF ANTENNA RN 1NZ For 145 MHZ 


915 ———— a 


—=—= 
f Gain: $.5 dBi 
ari SWR: Less then 1.5:1 at 144...146 MHz 


— | 935 FrontfBack Ratio: more then 18 dB 
— -c 
Input Impedance: 30 Ohrn 
dll elements have diameter of 4-mm [or FE AMG] 


Traverse has diameter of 15-mm and lenfth of 1600-rr 


Ontenna elements are electrically insulated from 
<_— === ————_—_—_—_-¥ 
| 340 the traverse 
110 Antenna Construction 
«— v a0 e 


ooo a 


Hak o 50 Ohm Coaxial 
cable 
320 


1050 E a 


Metall 
Traverse 
áíntenna element 


RN1NZ 


Visit and take for FREE the great 
Microwave Antenna Book rminzGWonego.ru 


By Paul Wade W1GHZ (ex N1BWT) 


Credit Line: RN1NZ @ Radio #4, 2002, p.65 
For more info see: 
www.radio.ru/ 


7 
ee! 


http://www.qsl.net/n1bwt/contents.htm 


= i = i 


Part-11: Antenna Measurement (2 Chapters!) 


Table of Contents: 


Part-1: Practical Antennas (8 Chapters!) Part-lll: Computer Analysis of Antennas (2 Chapters!) 
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Folding 3-el YAGI for Mountains 


FOLDING 3- EL YAGI FOR MOUNTAINS 


This antenna was developed specially for mountains 
trip from my experience of radio communication in 
mountains. The antenna is optimized to the maxima 
forward gain. At work you can hold the antenna by 
the "tail" and direct the antenna to your 
correspondent using vertical or horizontal 
polarization. 


Figure 1 shows the design of the antenna. 
Antenna boom is made of a plastic water pipe of 
1000-mm of length and of 22-mm OD. Antenna 
reflector and vibrator both are made of aluminum 
wire of 5-mm of diameter. Antenna vibrator is 
made of bimetallic wire of 5-mm of diameter. The 
vibrator is soldered to PC —board that is the central 
insulator for the vibrator. 


Igor, VA6HJG, ua6hjqg@mail.ru 


s di 


Soe al 


Figure 1 
Reflector Sam Director 
1031mm m] 950mm 
Wibrator 
719mm 


Coax 50 Ohm 


PC-board 
insulator 


PO Zi 00236000 


| ¿o 351mm +4 4251 ++ 


A 50-Ohms coaxial cable is used with the antenna 
without any symmetrical devices. The cable goes 
along the boom and get out from the tail. For 
antenna folding you can loose screws, turn antenna 
vibrator along the boom, and again strength the 
screws. Antenna director and reflector is removed 
from the boom and hide inside the boom. 


Coaxial cable has the length of 1100-mm. The cable 
is laid inside the boom and get out from the tail. It is 
need to protect from weather the place where the 
coaxial cable is soldered to the vibrator. RF socket 
also must be protected from weather and dirty at 
transportation of the antenna. Antenna has weight of 
0.4-KG. Practical measured (by device SWR-121) 
SWR is: at 144.7=1.3:1, 145.2=1:1, 145.7=1.6:1. 


Antenna has gain compare to half-wave dipole 6-7 
dB. In general to measure the real gain of an 
antenna in the amateur conditions is practically not 
easy matter. | use a comparative method that shows 
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advantage one antenna above other one. The essence 
of this method is simple. You take a dipole as the 
exemplary antenna and do compare the dipole with the 
experimental antenna. 


Being on the southern slope of Elbrus- mountain at 
height of 4000 meters | use the method with help of 
Turkish ham station TA7T. The distance between me 
and TA7T was approximately 500-kms. | hardly heard 
TA7T by my exemplary dipole but | had 59 with the 
YAGI. It is near 10 dB in real gain! 


| 
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Simple 430-MHz 3-el YAGI for Mountains 


SIMPLE 430 - MHZ 3-EL YAGI FOR MOUNTAINS 


| want to pay attention that UHF antennas for 
mountain climbing has the own specificity. So, 
antennas having the gain more the 6-9-Db-dB are 
not necessary in mountains at big height (from 
3000 meters and is higher), as well as you do not 
need mast for the antennas. Also | prefer not 
knock- down antenna design. . 


This antenna was developed specially for high- 
mountainous trip proceeding from my previous 
experience. At the first place | stand following 
characteristics: gain, weight, reliability. The 
antenna is optimized of the maxima forward gain. 
The design is made not knock- down that is 


Igor, VA6HJG, ua6hjq@mail.ru 


Figure 1 


Reflector 
334mm 


Coaxial 


very conveniently as the antenna is always ready to 
operation. You can hold the antenna by its tail and 
direct the antenna to your correspondent at 
operation. 


Figure 1 shows the design of the antenna. The 
boom is made of an ebonite rod of 412-mm length 
and of 8-mm diameter. Antenna elements are made 
of a copper wire of 2- mm (#12 AWG) diameter. 50 
Ohms coaxial cable is soldered to antenna vibrator 
without any symmetrical and matching devices. The 
coaxial cable goes along the boom and get out from 
the antenna tail. Antenna elements are fastened to 
the boom by epoxies. The antenna can place above 
or inside a tourist backpack. 


cable.50 Ohm 


Wibrator Director 
292mm 30mm 


The coaxial cable has length of 50-mm. The place of the 
soldering of the coaxial cable to the vibrator must be 
protected from the weather. Antenna has weight of 150 
gram. 150rp, real gain of 6-7 dB above half-wave dipole. 
SWR is: at 433-MHz =1.8:1, at 435-MHz =1.4:1, at 438- 
MHz=1:1, at 440-MHz=1.5:1 ( it as measured by device 
‘SWR-121’). 


Commentary: 

| recommend to use the antenna with low-power UHF 
radio (10-mWits) for a range 433-434Mru. | have 30- 50 
kms of distance (at direct vision) using the antenna with 
such station. Also | recommend to use the antenna with 
usual UHF radios, be sure, you easy will skip more than 
100-kms! 


Credit Line: http://www.mountain.ru 
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Simple 430-MHz 4-el YAGI for Mountains 


SIMPLE 430 - MHZ 4 -EL YA Gl FOR MOUNTAINS 
Igor, VA6HJG, ua6hjqg@mail.ru 


The purpose of this design is to create an antenna 
for mountains. The antenna must correspond follow 
requirements: 


1. To have gain not less the 7-dB. 
Forward Gain is the main 
characteristic of the antenna. 


2. A wide lobe must be. During a QSO 
you can hold the antenna by the tail 
and shaking of the antenna should 
not result to full ‘failure’ of the 
communication. 


3. Simplicity In making and 
adjustments. An opportunity of fast 
repair in field conditions. 

4. Antenna weight with coaxial cable 
both must be up to 500 gram. 

5. 50-Ohm coax for the feeding must 


Figure 1 shows a design of such antenna. The boom 
is made of a wooden strip.. Elements and the vibrator 
are made of 2-mm copper wire (# 12 AWG). 


The sizes of elements: 
Reflector 345-mm. 
Vibrator 285-mm. 
Director-| 312-mm. 
Director-I| 306-mm. 


Figure 1 


be used. 
Reflector Vibrator 
Tail 
oo 
131MM 
Insulate 


The design of antenna vibrator is shown on Figure 2. 
Coaxial cable has 850-mm length and this one goes 
along the boom. Soldered place must be protected 
from weather. 


Antenna has weight of 290 gram. SWR (metered by 
SWR-291) is: at 433- MHz =2:1, at 435-MHz =1:1, at 
438-MHz =2:1. 


The antenna worked very well in the mountains. Also 
the antenna may be used for stationary work from a 
fixed QTH. 


Credit Line: http://www.mountain.ru 
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Director- I 


Director- II 


Bo rn 


fOOMM 
Figure 2 
202MM 
AMM 
Coaxial cable 
Insulator 50-Ohm 
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Capacitors in AC Circuits 


1 An AC Signal is continually changing, 
whether it is a pure sine wave or a complex 


signal made up of many sine waves. If such 
a signal is applied to one plate of a capacitor, 
it will be induced on the other plate. To 
express this another way, a capacitor will 
“pass” an AC signal, as illustrated in Figure 
6.1 

Figure 6.1 


i 


Note Unlike an AC signal, a DC signal IS 
blocked by a capacitor. Equally important IS 
that a capacitor is not a short circuit to an 
AC signal. 

Questions 

A. What is the main difference in the effect of 
a capacitor upon an AC signal versus a DC 
signal? | 

B. Does a capacitor appear as a short or an 
open circuit to an AC signal? 
Answers 

A. A capacitor will pass an AC signal, whereas 


it will not pass a DC voltage level. 


B. Neither. 

2 In general, a capacitor will oppose the 
flow of an AC current to some degree. As 
you saw in Chapter 5, “AC Pre-Test and 
Review,” this opposition to current flow IS 


called the reactance of the capacitor. 
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4-Ovals Antenna for 430- 440 -MHz 


4-OVALS ANTENNA FOR 430-440 MHz 


| need a good universal antenna for repeaters 
working at the 70-cm range, packet radio and for 
routine work. Such antenna must be satisfy the 
follow characteristics: 


1. Real Gain 9-10-dB. 


2. Low SWR at 430-440- MHz. 

3. Wide forward lobel. 

4. Unpretentiousness to close located 
subjects. 

5. Simplicity in manufacturing and 
adjustments. 

6. Possibility to create phased 
AHTeHHbIe systems on the basis of 
the antennas. 

7. 50- Ohm coaxial cable feeding. 


Igor, VA6HJG, ua6hjq@mail.ru 


8. 


Stability to heavy icing and to winds in 
10-20 meters per second.. 


4 Ovals Antenna responded all of the conditions. Why 
an oval? At first, from the antenna theory we know that 
an oval radiates energy a little bit more effectively than a 
square. At the second, in practical, it is more easy to do 
an oval then a square.. So choose the OVAL! Figure 1 
shows a design of the 


Figure 1 


Tail Side View 


\ 


Lo 


¿Umm Front View 
210 
mim 
wa 7 
Strut => 


— 


a a 
136mm 111mm 111mm 


L- Plate 20x20mm 
above 


antenna. Boom is made of iron L-plate 25x25-mm. All 
the four ovals are fastened to the boom by struts made 
of insulation stuff such as tree, hetinax, etc. Antenna is 
fastened by the tail, that is behind the struts. 


Perimeter of elements (ovals): 


Reflector- 727-mm. (-20-mm for soldering). 


Driven Element- 653-mm (+10-mm distance for a RF 
socket). 
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View from 


Director-l- 649-mm. (-20mm). 
Director- I] - 639-mm. (-20-mm). 


Figure 2 shows the design of the Driven Element. RF 
socket is soldered directly by the ends of the oval. 
Three holes is drilled at each strut. One holes is in the 
center for fastened the strut to the boom, two holes are 
at the ends for bimetal oval. Antenna reflectors and 
directors have the same design as the Driven Element 
only difference is its ends soldered together. 
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CHAPTER 2: VHF ANTENNAS 


4-Ovals Antenna for 430- 440 -MHz 


Figure 2 


Insulator 


Bimetal 
amm 


Screw 


Antenna has weight of 900 gram. SWR is: at 430-MHz 
=1.2:1, at 435-MHz =1:1, at 440-MHz=1.3:1 SWR was 


metered by device SWR-121. If you will use boom 


Length of 
the insulator 
210 mm 


3 RF -socket 
| PL 


made of iron L-plate having not the same dimensions 
you would do correction lengths of antenna elements. | 
want to pay attention, that the antenna is more 
laborious than YAGI, but it work much better. 


A-OVALS ANTENNA FOR 430-440 MHz 
FOR MOUNTAINS 


When an antenna is intended for mountains it must 
follow such additional requirements as: 
1. Light weight. 
2. To have folding design and to take a 
little place in a backpack. 
3. Antenna should be conveniently to 
hold in a hand, to fasten to a tree or 
Stick. . 
4. Tolerance to a dirty, water and snow. 


5. Possibility to repair in field conditions. 


6. 
So, the boom of the trip antenna is made of a wooden 


Igor, VA6HJG, ua6hjq@mail.ru 


strip drying by oil. Perimeter of all ovals is increased 
on 20-mm compare to previous design. All struts are 
made from un- foiled PC-board. Antenna elements 
are made of 2-mm diameter soft copper wire (# 12 
AWG). Soldered parts must be protected from the 
weather. 


Antenna has weight 400 gram. Other characteristics 
are as the previous design has. The antenna is tested 
at 1997 and at 2000 in the mountain Elbrus and the 
antenna shows good result. | made QSOs in distance 
of 200-300 kms with 59 for both ends! 


http://www.antentop.bel.ru/ mirror: www.antentop.boom.ru 
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FIG. 7B 


Reactance is similar to resistance, except 
that the reactance of a capacitor changes 
when you vary the frequency of a signal. The 
reactance of a capacitor can be calculated by 
a formula introduced in Chapter 5. 


Question 
Write the formula for the reactance of a 
capacitor. | 
Answer 
o l 
DU = 
2TÍC 


3 From this formula, you can see that the 
reactance changes when the frequency of the 
input signal changes. 

Question 

If the frequency increases, what happens to 
the reactance? 

Answer 

It decreases. 

If you had difficulty with these first three 
problems, you should review the examples In 
Chapter 5. 


Capacitors and Resistors in 
Series 


4 For simplicity, consider all inputs at this 
time to be pure sine waves. The circuit 
shown in Figure 6.2 shows a sine wave as 
the input signal to a capacitor. 

Figure 6.2 
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QUANTUM VACUUM ENERGY 
EXTRACTION 


BACKGROUND OF THE INVENTION 


Max Planck proposed the concept of zero-point energy in 
1912. The idea was then studied by Albert Einstein and Otto 
Stern in 1913. In 1916 Walther Nernst proposed that the 
Universe was filled with zero-point energy. The modern field 
of stochastic electrodynamics is based upon these ideas. 

At that same time the structure and stability of the atom 
were puzzles. The Rutherford model of the atom was based 
on analogy to the motions of planets (electrons) around the 
Sun (the nucleus). However this was not feasible. The 
orbiting electron(s) would emit Larmor radiation, quickly 
losing energy and thus spiraling into the nucleus on time 
scales less than one-trillionth of a second, thereby rendering 
stable matter impossible. It is now known within the context 
of stochastic electrodynamics (SED) theory that a possible 
solution involves the absorption of zero-point energy. It was 
shown in 1975 by Boyer that the simplest possible atom and 
atomic state, the hydrogen atom in its ground state, would be 
in a state of equilibrium between Larmor radiation and 
absorption of zero-point energy at the correct radius for a 
classical Rutherford hydrogen atom. 

Since this solution was not known in 1913, Niels Bohr 
followed a different path by simply postulating that only 
discrete energy levels were available to the electron in an 
atom. This line of reasoning let to the development of 
quantum theory in the 1920s. The concept of classical 
zero-point energy was forgotten for a decade. However the 
same concept found itself reborn in a quantum context in 
1927 with the formulation of the Heisenberg uncertainty 
principle. According to the principle, the minimum energy 
of a harmonic oscillator has the value hf/2, where h is 
Planck’s constant and f is the frequency. It is thus impossible 
to remove this last amount of random energy from an 
oscillating system. 

Since the electromagnetic field also must be quantized in 
quantum theory, a parallel is drawn between the properties 
of a quantum oscillator and the waves of the electromagnetic 
field. It is concluded that the minimum energy of any 
possible mode of the electromagnetic field, consisting of 
frequency, propagation direction and polarization state, is 
hf/2. Multiplying this energy by all possible modes of the 
field gives rise to the electromagnetic quantum vacuum, 
which has identical properties—energy density and spec- 
trum—to the classical zero-point energy studied by Planck, 
Einstein, Stern and Nernst a decade previously. 

The line of inquiry involving classical physics plus the 
addition of a classical zero-point field was reopened in the 
1960s by Trevor Marshall and Timothy Boyer and has been 
named stochastic electrodynamics (SED). SED asks the 
question: “Which quantum properties, processes or laws can 
be explained in terms of classical physics with the only 
addition being a zero-point electromagnetic field.” Two of 
the early successes were a classical derivation of the black- 
body spectrum (i.e. one not involving quantum physics) and 
the discovery that a classically orbiting electron in a hydro- 
gen atom emitting Larmor radiation but absorbing zero- 
point radiation would have an equilibrium orbit at the 
classical Bohr radius. An initial approach to this problem by 
Timothy Boyer (1975) was perfected by H. E. Puthoff 
(1987). Their analyses treated the orbiting electron as a 
harmonic oscillator. 

This result underwent a major new development with the 
recent work of Daniel Cole and Y. Zou which simulated the 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


2 


orbit of a classical electron in a true Coulomb field of a 
hydrogen nucleus and found that such a realistic electron 
would find itself in a range of distances from the nucleus, in 
agreement with quantum mechanics, owing to the random 
nature of the emission and absorption processes. The mean 
position is at the correct Bohr radius, but the actual distri- 
bution of positions very precisely duplicates the electron 
probability distribution of the corresponding Schrödinger 
equation in which the electron is regarded as being repre- 
sented by a wave function. (In the SED representation the 
electron is “smeared out” not because it is a wave function, 
but because as a point-like particle it is subject to the 
continuous perturbations of the electromagnetic quantum 
vacuum fluctuations.) 

A clear consequence of this theory is that a reduction of 
the electromagnetic quantum vacuum at the frequency cor- 
responding to the orbit of the electron will result in a decay 
of the orbit since there will thereby be an imbalance in the 
Larmor radiation vs. absorption. 

The electromagnetic quantum vacuum energy spectrum is 
proportional to the cube of the frequency. If the vacuum 
energy is suppressed at the frequency of the “normal” orbit 
of the electron, this will cause the electron to spiral inward 
to a higher frequency orbit. In this fashion it will then 
encounter a new equilibrium situation with the electromag- 
netic quantum vacuum energy spectrum owing to that spec- 
trum’s increase with the cube of the frequency. 

If the SED interpretation is correct for the hydrogen atom 
as the analyses of Boyer, Puthoff, Cole and Zou indicate, it 
must apply as well to all other atoms and their multi-electron 
configurations. In that case, a transition of an electron from 
an excited state to a lower energy state involves a rapid 
decay from one stable orbit to another, not an instantaneous 
quantum jump. The details of the bases for stability of 
electron orbits has yet to be determined by SED theory, but 
the logical extrapolation from the single-electron hydrogen 
case is clear: electron orbits in all atoms must be determined 
by an emission vs. absorption balance and thus are subject 
to modification involving mode suppression of the electro- 
magnetic zero-point field at appropriate frequencies. 

It is claimed that modification of electron orbits is in 
essence the same process as natural transition between 
energy levels of electrons in atoms and therefore that the 
energy released in such a process can be captured in the 
same way as ordinary transition energy. 

By moving an atom into and out of a microstructure that 
suppresses appropriate modes of the electromagnetic quan- 
tum vacuum, an extraction of energy from the electromag- 
netic quantum vacuum may be accomplished. This can be 
done with micro Casimir cavities. 

The electromagnetic quantum vacuum as a real source of 
energy is indicated by the Lamb shift between s and p levels 
in hydrogen, van der Waals forces, the Aharanov-Bohm 
effect, and noise in electronic circuits. 

However the most important effect of the electromagnetic 
quantum vacuum is the existence of the Casimir Force, a 
force between parallel conducting plates which may be 
interpreted as a radiation pressure effect of electromagnetic 
quantum vacuum energy. Electromagnetic waves in a cavity 
whose walls are conducting are constrained to certain wave- 
lengths for reasons having to do with transverse component 
boundary conditions on the wall surfaces. As a result, in a 
Casimir cavity between parallel plates there will be, in 
effect, an exclusion of radiation modes whose wavelengths 
are longer than the separation of the plates. An overpressure 
of electromagnetic quantum vacuum radiation on the outside 
then pushes the plates together. An extensive literature exists 
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on the Casimir force and the reality of the force has moved 
from laboratory experimentation to micro-electro-mechani- 
cal structures (MEMS) technology both as a problem (so- 
called “stiction”) and as a possible control mechanism. 

The exclusion of modes does not begin all at once at the 
wavelength equivalent to the plate separation, d. Mode 
suppression will be strongest for wavelengths of d or greater, 
but will begin to occur as well for wavelengths falling in 
between the “stairway” d/n, with the effect diminishing as n 
increases. We propose to use the partial suppression of 
modes for wavelengths shorter than d occurring in this 
fashion in order to be able to employ Casimir cavities of the 
maximum possible physical size. 

Researchers have shown that thermodynamic laws are not 
violated when energy is “extracted” from zero-point energy, 
as energy is still conserved and the second law is not 
violated. Cole and Puthoff have carried out and published 
thermodynamic analyses showing that there is no violation. 
Indeed, a thought experiment by Forward (1984) showed a 
simple, but not practical, energy extraction experiment. 

In the stochastic electrodynamics (SED) interpretation of 
the hydrogen atom, the ground state is interpreted as effec- 
tively equivalent to a classically orbiting electron whose 
velocity is c/137. The orbit is stable at the Bohr radius owing 
to a balance between classical electromagnetic emission and 
absorption from the electromagnetic zero-point field. This 
view, first obtained by Boyer (1975) and subsequently 
refined by Puthoff (1987) has been further strengthened by 
the detailed simulations of Cole and Zou (2003, 2004) which 
demonstrate that the stochastic motions of the electron in 
this interpretation reproduce the probability density distri- 
bution of the Schrédinger wave function. Note that one 
apparent difference between this interpretation and that of 
quantum mechanics is that in quantum mechanics the Is 
state of the electron is regarded as having zero angular 
momentum, whereas in the SED interpretation the electron 
has an instantaneous angular momentum of mer/137=h/2n. 
However SED simulations by Nickisch have shown that the 
time-averaged angular momentum is zero just as in the 
quantum case owing to the zero-point perturbations on the 
orbital plane. Thus averaged over enough “orbits” this 
“classical electron” will fill a spherical symmetric volume 
around the nucleus having the same radial probability den- 
sity as the Schródinger wave function and zero net angular 
momentum, completely consistent with quantum behavior. 

The Bohr radius of the atom in the SED view is 0.529 A 
(Angstroms). This implies that the wavelength of zero-point 
radiation responsible for sustaining the orbit is 
2*711*0,529*137=455 A (0.0455 microns). It is claimed that 
suppression of zero-point radiation at this wavelength and 
shorter in a Casimir cavity will result in the decay of the 
electron to a lower energy state determined by a new balance 
between classical emission of an accelerated charge and 
zero-point radiation at A<455 A, where A depends on the 
Casimir plate separation, d. Note that the tail end of the 
quantum probability density of the electron (as well as the 
SED simulation of Cole and Zou) extends beyond five Bohr 
radii, so that some change in the energy balance could be 
accomplished even at considerably longer wavelengths of 
perhaps 0.1 microns-0.2 microns 

Since the frequency of this orbit is 6.6x10'° s”*, no matter 
how quickly the atom is injected into a Casimir cavity the 
process will be a slow one as experienced by the orbiting 
electron. We therefore assume that the decay to a new 
sub-Bohr ground state will involve gradual release of energy 
in the form of heat, rather than a sudden optical radiation 
signature. 
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Since the binding energy of the electron is 13.6 eV, we 
assume that the amount of energy released in this process 
would be on the order of 1 to 10 eV for injection of the 
hydrogen atom into a Casimir cavity of d=250 A or there- 
abouts (and perhaps even a larger cavity as noted above). 
Upon exiting the cavity the electron would absorb energy 
from the zero-point field and be re-excited to its normal 
state. The energy (heat) extracted in the process comes at the 
expense of the zero-point field, which in the SED interpre- 
tation flows at the speed of light throughout the Universe. 
We are in effect extracting energy locally and replenishing it 
globally. Imagine extracting thimbles-full of water from the 
ocean. Yes, the ocean is being depleted thereby, but no 
practical consequences ensue. 

Since naturally occurring hydrogen at standard tempera- 
ture and pressure (STP) is a two-atom molecule, a disso- 
ciation process would need to precede an injection of 
hydrogen atoms into a Casimir cavity. We avoid this com- 
plication and take advantage of multi-electron modification 
by working with monatomic (noble) gases which also have 
the advantage of being safe and inexpensive. 

We work with naturally occurring monatomic gases for 
three reasons: 

(1) No dissociation process is required. 

(2) Heavier element atoms are approximately two to four 
times larger than hydrogen and thus can utilize and be 
affected by a larger Casimir cavity which is easier to 
fabricate. 

(3) Heavier elements have numerous outer shell electrons, 
several of which may be simultaneously affected by the 
reduction of zero-point radiation in a Casimir cavity. 

The following five noble gases are potentially suitable: 

He (Z2, r=1.2 A) 

Ne (Z=10, r=1.3 A), 

Ar (Z=18, r=1.6 A) 

Kr (Z=36, r=1.8 A) 

Xe (Z=54, r=2.05 A). 

All of these elements contain ns electrons. He has two 1s 
electrons. Ne has two each of 1s and 2s electrons. Ar has two 
each of 1s, 2s, and 3s electrons. Kr has two of each of 1s, 2s, 
3s, and 4s electrons. Xe has two of each of 1s, 2s, 3s, 4s and 
5s electrons. 

Assuming an outermost electron which is completely 
shielded by the other electrons (a crude assumption), its 
orbital velocity would scale as r7** (the familiar Keplerian 
period squared proportional to semi-major axis cubed rela- 
tionship) and thus A proportional to r/v) will scale as 17%. If 
that is the case, then the larger radii translate as r°? into 
larger Casimir cavities having an effect on the energetics of 
the outer electron shells. We would therefore expect that a 
Casimir cavity having d=0.1 microns (or perhaps even as 
large as one micron would have an effect on reducing the 
energy levels of the outermost pair of s electrons .. . and 
possibly also p electrons and intermediate shell s electrons 
as well. 

It 1s reasonable to expect that a 0.1 microns Casimir cavity 
would result in a release of 1 to 10 eV for each injection of 
a He, Ne, Ar, Kr or Xe atom into such a cavity. 

According to a Jordan Maclay, who has done theoretical 
Casimir cavity calculations, a long cylindrical cavity results 
in an inward force on the cavity. In the “exclusion of modes” 
interpretation of the Casimir force, this implies that a 
cylindrical cavity of diameter 0.1 micron would yield the 
desired decay of outer shell electrons and subsequent release 
of energy. 

It is now recognized that an electromagnetic quantum 
vacuum field is formally necessary for atomic stability in 
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conventional quantum theory (Milonni 1994). In the field of 
physics known as stochastic electrodynamics, this concept 
has been shown by theory and simulations to underlie the 
ground state of the electron in the hydrogen atom. The 
classical Bohr orbit is determined by a balance of Larmor 
emission and absorption of energy from the zero-point 
fluctuations of the electromagnetic quantum vacuum in SED 
theory. It follows that upon suppression of appropriate 
zero-point fluctuations the balance will be upset causing the 
electron to decay to a lower energy level not ordinarily 
found in nature with a release of energy during this transi- 
tion. A Casimir cavity of the proper dimensions can accom- 
plish this suppression of zero-point fluctuations. A Casimir 
cavity refers to any region in which electromagnetic modes 
are suppressed or restricted. Upon entering such a properly 
designed Casimir cavity the electron energy level will shift 
and energy will be released. Upon exiting the Casimir cavity 
the electron will return to its customary state by absorbing 
energy from the ambient zero-point fluctuations. This per- 
mits an energy extraction cycle to be achieved at the expense 
of the zero-point fluctuations. Although it has not yet been 
proven theoretically, a similar balance of Larmor emission 
and absorption of energy from the zero-point fluctuations 
must underlie the electron states of all atoms, not just 
hydrogen, permitting any atom to be used as a catalyst for 
extraction of zero-point energy (the energy associated with 
the zero-point fluctuations). An analogous process is also 
believed to underlie molecular bonds, yielding a similar 
energy extraction cycle. 


The following is a list of patents that deal with related 
phenomena: 


U.S. Pat. No. 5,018,180, Energy conversion using high 
charge density, Kenneth R. Shoulders. This concerns the 
production of charge clusters in spark discharges. It is 
conjectured that the electrostatic repulsion of charges is 
overcome in charge clusters by a Casimir-like force. This 
invention does not deal with energy release from atoms in 
Casimir cavities and is therefore not relevant to the present 
invention. 


U.S. Pat. No. 5,590,031, System for converting electro- 
magnetic radiation energy to electrical energy, Franklin B. 
Mead and Jack Nachamkin. This invention does not deal 
with energy release from atoms in Casimir cavities and is 
therefore not relevant to the present invention. 


USS. Pat. No. 6,477,028, Method and apparatus for energy 
extraction, Fabrizio Pinto. Proposes to vary one or more of 
a variety of physical factors that affect the Casimir force, or 
by altering any of a variety of environmental factors that 
affect such physical factors and thereby render a Casimir 
force system as non-conservative. This invention does not 
deal with energy release from atoms in Casimir cavities and 
is therefore not relevant to the present invention. 


USS. Pat. No. 6,593,566, Method and apparatus for energy 
extraction, Fabrizio Pinto. A method and apparatus for 
accelerating and a decelerating particles based on particle 
surface interactions. This invention does not deal with 
energy release from atoms in Casimir cavities and 1s there- 
fore not relevant to the present invention. 

U.S. Pat. No. 6,665,167, Method for energy extraction-I, 
Fabrizio Pinto. Similar to U.S. Pat. No. 6,477,028. This 
invention does not deal with energy release from atoms in 
Casimir cavities and is therefore not relevant to the present 
invention. 
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6 
SUMMARY OF THE INVENTION 


A system 1s disclosed for converting part of the energy of 
the electromagnetic quantum vacuum available at any point 
in the universe to usable energy in the form of heat, 
electricity, mechanical energy or other forms of power. This 
is accomplished using an effect on the electron configura- 
tions of atoms predicted by the theory of stochastic electro- 
dynamics (SED). Within the context of SED theory it is 
predicted that the electron energy levels in atoms are deter- 
mined by a balance of Larmor radiation vs. absorption of 
radiative energy from the electromagnetic quantum vacuum. 
By suppressing electromagnetic quantum vacuum energy at 
appropriate frequencies a change may be effected in the 
electron energy levels which will result in the emission or 
release of energy. This change in energies is analogous to a 
standard emission of a photon as an electron makes a 
transition from an excited to a lower energy state, but on a 
longer time scale and with the change being a continuous 
one rather than a “jump” from one energy level to another. 
Mode suppression of electromagnetic quantum vacuum 
radiation is known to take place in Casimir cavities. A 
Casimir cavity refers to any region in which electromagnetic 
modes are suppressed or restricted. When atoms enter into 
suitable micro Casimir cavities a decrease in the orbital 
energies of electrons in atoms will thus occur, with the effect 
being most pronounced for outer shell electrons. Such 
energy will be captured in the claimed devices. Upon 
emergence form such micro Casimir cavities the atoms will 
be re-energized by the ambient electromagnetic quantum 
vacuum. In this way energy is extracted locally and replen- 
ished globally from and by the electromagnetic quantum 
vacuum. This process may be repeated an unlimited number 
of times. This process is also consistent with the conserva- 
tion of energy in that all usable energy does come at the 
expense of the energy content of the electromagnetic quan- 
tum vacuum. Two example variations of a system are 
disclosed that permit multiple extractions of electromagnetic 
quantum vacuum energy during passage of a gas through a 
series of micro Casimir cavities and that operate in a 
self-sustaining, recycling fashion. Similar effects may be 
produced by acting upon molecular bonds. The disclosed 
devices are scalable in size and energy output for applica- 
tions ranging from replacements for small batteries to power 
plant sized generators of electricity. Since the electromag- 
netic quantum vacuum is thought to permeate the entire 
Universe, devices drawing power from the electromagnetic 
quantum vacuum in the fashion claimed will be effectively 
inexhaustible sources of power. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The present invention may be understood by reference to 
the following detailed description taken in conjunction with 
the drawings briefly described below. 

FIG. 1 is a diagrammatic illustration of a set of channels 
each containing a multiplicity of Casimir cavities in accor- 
dance with the present invention. 

FIG. 2 is a diagrammatic illustration of a system for 
converting quantum vacuum energy into locally usable 
power in accordance with the present invention. 

FIG. 3 is a diagrammatic illustration of a block of tunnels 
each containing a multiplicity of Casimir cavities in accor- 
dance with the present invention. 

FIGS. 4A-4D are diagrammatic illustrations of Casimir 
channels in bonded wafers in accordance with the present 
invention. 
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FIGS. 5A-5C are diagrammatic illustrations of a device 
for oscillating a fluid though Casimir channels in accordance 
with the present invention. 

FIGS. 6A and 6B are diagrammatic illustrations of a 
device switching the reflecting characteristics of walls of 
Casimir cavities in accordance with the present invention. 

FIGS. 7A and 7B are diagrammatic illustrations of a 
device Casimir cavity wall spacing in accordance with the 
present invention. 

FIG. 8 is a diagrammatic illustration of a device incor- 
porating asymmetric Casimir cavity entry and exits in accor- 
dance with the present invention. 


DETAILED DESCRIPTION 


The first embodiments of this concept utilize Casimir 
cavities consisting of volumes through which, or in and out 
of which, gases flow, and which on the size scales of atoms 
appear as regions bounded by parallel plates of conducting 
material in which the plate scales are much larger than the 
plate separations; or by cylinders of conducting material in 
which the lengths of the cylinders are much larger than the 
diameters. It is claimed that other forms of Casimir cavity 
are capable of producing a similar effect, and the term 
Casimir cavity will be used to designate any volume capable 
of mode suppression of the zero-point field. The necessary 
condition is that the mode suppression ability of the Casimir 
cavity be matched to the electron energy levels in such a way 
as to result in a significant difference of the electron energy 
levels inside vs. outside the cavity. 

These embodiments demonstrate the following concepts: 

A method, comprising: (a) use of a device including a 
series of Casimir cavities and causing a specific gas to 
flow through the cavities, said Casimir cavities being 
configured and said specific gas being selected such 
that as the gas flows through the cavities energy is 
released from the gas; and (b) means for collecting at 
least some of said released gas. 

A method, comprising: (a) providing a device including at 
least one Casimir cavity and causing a specific gas to 
enter and then exit the cavity, said Casimir cavity being 
configured and said specific gas being selected such 
that when the gas is caused to enter the cavity, energy 
is released from the gas; and (b) means for collecting at 
least some of said released energy. 

A means for effecting changes in the electron configura- 
tions. A system for converting part of the energy of the 
electromagnetic quantum vacuum available at any 
point in the Universe to usable energy in the form of 
heat, electricity, mechanical energy or other forms of 
power. 

A means for effecting changes in the electron configura- 
tions in the process of which energy is released. 

A means for allowing the electron configurations to be 
re-energized by exposure to the ambient electromag- 
netic quantum vacuum radiation. 

The use of microstructures consisting of many pairs of 
alternating Casimir cavities and regions in which the 
electromagnetic quantum vacuum radiation freely 
propagates. 

The use of conducting strips on facing pairs of plates so 
that atoms go through alternating regions in which they 
are exposed to the full electromagnetic quantum 
vacuum spectrum, and regions in which part of the 
spectrum is blocked. The result is that they dump (or 
radiate) the energy difference into the local medium. 
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The use of spacers to separate the layer pairs. 

The use of multiple conducting strips to amplify the effect 
(hugely). 

The stacking of such plates with strips on both sides so 
that the top of one pair becomes the bottom of the next, 
each with identical conducting strips which form 
Casimir cavities with their partner strips in each pair. 

The use of sandwiched layers of alternating conducting 
and non-conducting plates having micron sized thick- 
nesses in which micron or submicron diameter holes 
are introduced by etching or some other method. 

The stacking, co-registration and alignment of such sand- 
wiched layers to produce many parallel Casimir tunnels 
having alternating Casimir and non-conducting seg- 
ments. 

The use of multiple segments to amplify the effect 

(hugely). 

The use of monatomic gases as the medium in such a 
system. 

The use of molecular gases in such a system for the 
purpose of modifying molecular bonds with the atten- 
dant release of energy. 

A closed recycling system in which these processes take 
place. 

Fabricatable and workable configuration and dimensions 
but with the claims not limited to these specific 
embodiments. 

A means whereby the flow of gas is initiated and main- 
tained in a closed system. 

A means whereby the energy released from the electron 
orbital changes is converted into usable energy in the 
form of heat, electricity, mechanical energy or other 
forms of power. 


Casimir Channels 

This embodiment shown in FIG. 1 involves two square 
parallel plates 12 and 14, 10x10 cm in size for illustration. 
On each one lay down 5000 conducting strips 16 that are 10 
microns in width and the full 10 cm in length, separated by 
10 microns non-conducting strips. Perpendicular to the 
strips deposit a spacer material 18 at 0.1 to 1 cm intervals 
with a height of 0.1 microns. Put the plates face to face and 
align the strips so as to form 5000 Casimir strips. 

If we assume a gas flow rate of 10 cm/s parallel to the 
spacers and perpendicular to the strips, this would result in 
1.3x10°° transitions/s. 

An energy release of 1 to 10 eV per transition corresponds 
to 21 to 210 watts of energy release for the entire Casimir 
cavity. A stacked set of 10 or more such layers could be 
fabricated yielding 210 to 2100 watts for a 10x10x10 cm 
block. 

This may be directly converted into electricity using a 
thermophotovoltaic process, or indirectly by using a heat 
exchanger. As in the previous embodiment, one means of 
capturing the emitted radiation is to surround the apparatus 
with a water bath. 

The dimensions above are solely examples. The device 
may be scaled to both smaller and significantly larger 
dimensions. 

The essential components of an energy generating device 
of this sort shown in FIG. 2 are: 

(1) An array of parallel Casimir channels with conducting 

strips 10 

(2) A pump 22 providing continuous recycling of gas 

through the tunnels 

(3) A means 24 for capturing the emitted energy 
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(4) A thermal photovoltaic, heat exchanger or other device 
26 capable of converting output heat into electricity or 
other usable forms of power. 

A desirable property of the system is its ability to radiate 
the accumulated energy locally and absorb 1t globally. Thus 
surprisingly the means 24 for capturing the emitted energy 
can capture the emitted energy without hindering the capture 
of the quantum vacuum energy by the gas. This 1s due to the 
fact that the vacuum field permeates all space and cannot be 
blocked. (Note that the reason that Casimir cavities have 
reduced vacuum energy modes 1s not that they block it, but 
rather that because of destructive interference they do not 
allow some of the electromagnetic modes to exist in their 
interior.) A second reason that the means 24 does not block 
the capture of the quantum vacuum energy is that the 
absorbed energy is dominantly shorter wavelength electro- 
magnetic modes that are not absorbed by the means 24, 
whereas the radiated energy can be longer wavelengths for 
which the means 24 has a much larger absorption coefficient. 
Such is the case, for example, when the means 24 comprises 
a water bath. 

The first two components will be enclosed in sealed 
structure. The third and fourth components may be interior 
or exterior to this structure. 

A variation on the above device consists of stacking plates 
such that the top of one pair becomes the bottom in the next 
pair, etc. 


Casimir Tunnels 

One embodiment of the concept shown in FIG. 3 is 
multiple, parallel, 0.1 micron diameter Casimir tunnels. If 
we let the length of the cylinder be 100 times the width, this 
results in z=10 microns for the length of the Casimir tunnel. 
We propose a segmented tunnel consisting of alternating 
conducting and non-conducting materials, each 10 microns 
in length. In a length of 1 cm, there could be 500 such pairs 
in segments, resulting in 500 energy releases events (each 
yielding 1 to 10 eV) for each transit of an atom through the 
entire 1 cm-long segmented Casimir tunnel. 

Consider a one cubic cm “Casimir Block” that is built up 
of 10 micron thick alternating layers as shown in FIG. 3. 
Assume that tunnels 32 of 0.1 micron diameter could be 
drilled through the cube perpendicular to the layers 34 (this 
is not physically possible, of course; tunnel manufacture 
must be done differently). Ten percent of the cross section 
comprises entrance to some 1.3 billion tunnels. The amount 
of energy released would be proportional to the flow rate of 
the gas through these tunnels. 

A flow rate of 10 cm s”* through a total cross sectional 
area of 0.1 cm” yields 1 cm? of gas per second flowing 
through the tunnels, which at STP would be 2.7x10*” atoms. 
A very simple sealed, closed-loop pumping system could 
maintain such a continuous gas flow. Since each atom 
interacts 500 times during its passage, there would be 
1.3x10 transitions per second in the entire cube of one 
cubic centimeter. An energy release of 1 to 10 eV per 
transition corresponds to 2150 to 21500 watts of energy 
release for the entire Casimir cube of segmented tunnels. 

Obviously it is not possible to drill 1.3 billion tunnels 
having diameters of 0.1 microns. However it is feasible to 
use microchip technology to etch holes into the individual 
layers first and then assemble the stack. Extremely fine 
coregistration and alignment of stacks will need to be 
accomplished. 

This may be directly converted into electricity using a 
thermophotovoltaic process, or indirectly by using a heat 
exchanger. 
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One means to capture the emitted energy is to surround 
the apparatus with a water bath. Water absorbs infrared 
radiation very effectively. For the wavelength range of 2 
microns to 200 microns, the absorption coefficient of water 
is greater than 10 cm”*. Therefore a layer of water that is 1 
mm thick and surrounds the apparatus will be sufficient to 
absorb nearly all the emitted infrared radiation. The water 
will be heated, and that heat converted into the desired form 
of energy. 

The dimensions above are solely examples. The device 
may be scaled to both smaller and significantly larger 
dimensions. 

The essential components of an energy generating device 
of this sort are: 

(1) An array of parallel segmented Casimir tunnels 32 

(2) A pump 22 providing continuous recycling of gas 

through the tunnels 

(3) A means 24 for capturing the emitted energy 

(4) A thermal photovoltaic, heat exchanger or other device 

26 capable of converting output heat into electricity or 
other usable forms of power. 

The first two components will be enclosed in sealed 
structure. The third and fourth components may be interior 
or exterior to this structure. 


Casimir Channels in Bonded Wafers 

The basic concept of the present invention is to flow gas 
into and out from multiple Casimir cavities. When the gas is 
outside of a Casimir cavity, a wide range of quantum 
mechanical vacuum electromagnetic modes are available to 
interact with the gas’s atomic electronic orbital states. When 
the gas passes into a Casimir cavity the range of available 
modes is restricted and the gas sheds some of its electro- 
magnetic energy such that this energy is available locally. 
When the gas once again flows out from the Casimir cavity, 
the gas’s atomic electronic orbital state energy is recharged 
from quantum mechanical vacuum fields. Thus energy is 
harvested globally and delivered locally. 

The configuration for a basic device comprising bonded 
wafers is shown in FIGS. 4A-4D. A top view is shown in 
FIG. 4. The device is 1 sq. cm. As seen from the south edge 
41 in FIG. 4B, it consists of two substrates 42 and 44 
separated by a series of spacers which extend across the 
device from the south to the north side. These spacers have 
a height d, a width w,, and a center-to-center spacing s,. The 
thin gaps delineated by the spacers 48 extend to openings at 
the south edge of the device, as seen in FIG. 4B and the north 
edge. As seen from the east edge in FIG. 4C, the upper 44 
and lower 42 substrates are each coated with conducting 
stripes 46 that extend from the east edge to the west edge. 
These stripes are discontinuous, such that the discontinuity 
occurs at each region where the stripe is intersected by a 
spacer 48. These stripes have a width w, and a center-to- 
center spacing s,. In the central region of the device there is 
a region of both substrates that has been removed to form a 
conduit 43 from close to the east edge to close to the west 
edge. This conduit does not extend all the way to the edges, 
but is instead sealed 45 at each end, as shown in FIG. 4A. 
Finally, as seen in FIG. 4D, which shows an east view of the 
central cross section, and in FIG. 4A, a hole 47 extends 
through the upper substrate. This hole connects to the 
conduit 43 shown in FIGS. 4A and 4C. As can also be seen 
in FIGS. 4A and 4D, a connector ring 49 that surrounds the 
hole is affixed to the upper substrate. 

For the device to function, gas tubing 28, shown in FIG. 
2, 1s attached to the connector ring 49 extending from the 
upper substrate, forming a sealed connection. Pressurized 
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gas flows through the tubing and the hole 47 in the upper 
substrate into the conduit 43 between the substrates. From 
the conduit 43 the gas flows from the central region through 
the gap between the substrates to the north and south edges. 
The spacers guide the gas so that 1t flows alternately between 
regions coated with the conducting stripes 46 and regions 
that are not coated with these stripes, until 1t reaches the 
north and south edges, at which point it escapes from the gap 
between the substrates. The escaped gas 1s captured in a 
surrounding enclosure, not shown, and pumped back 
through the tubing 28 into the hole at the top center of the 
device, forming a close-loop system. In this way the gas is 
passed through multiple Casimir cavities. The gas atoms or 
molecules absorb energy from the surrounding electromag- 
netic field when they are in the non-conducting region and 
then release a portion of their energy as they enter the gap 
between the conductive coatings, 1.e., 1n the Casimir cavity. 

The apparatus 1s surrounded by a means 24 to capture the 
released energy, such as a water bath, shown in FIG. 2. 
Water absorbs infrared radiation very effectively. For the 
wavelength range of 2 microns to 200 microns, the absorp- 
tion coefficient of water is greater than 10 cm”*. Therefore 
a layer of water that is 1 mm thick and surrounds the 
apparatus is sufficient to absorb a large proportion of the 
emitted infrared radiation, providing thermal energy to heat 
the water. That energy can be used directly as heating 
source, or converted into the desired form of energy, by 
means 26 well known to those skilled in the art. 

The materials and dimensions in the preferred embodi- 
ment are as follows. The upper 44 and lower 42 substrates 
are sapphire, which is transparent to much of the ambient 
electromagnetic spectrum, is thermally conductive, and is 
rigid and robust. The thickness of each substrate is 250 
microns. The conducting regions 46 are formed by standard 
photolithography known to those skilled in the art. The 
width of each conducting stripe, w, is 2 microns, and 
separated by a 2 micron nonconducting region, to form a 
center-to-center spacing S, of 4 microns. The stripe has gaps 
where the spacers 48 are to be formed. The conductive 
coating 46 is platinum, having a thickness of 40 nm. The 
spacers 48 consist of silicon dioxide, deposited and pat- 
terned by standard means known by those skilled in the art. 
The total spacer height, d, is 200 nm, its width, w,, is 5 
microns, and the center-to-center spacing, s,, is 0.5 mm. The 
spacers are formed by depositing 100 nm thick layers on 
each substrate, and then joining them. The central conduit 
regions 43 are cut into the substrates using a standard 
diamond saw. The cuts are 100 microns in width and 50 
microns in depth, forming a conduit that is approximately a 
100 micron square. The hole 47 drilled through the upper 
substrate has a diameter of 1 mm, and is surrounded by a 
ring having a diameter of 2.5 mm. The ring 49 is affixed to 
the upper substrate by epoxy. The substrates are pressure 
bonded together by direct bonding (Plöl, 1999), with the 
bond forming between the silicon dioxide spacers layers on 
each substrate. 

The steps in the device fabrication that are not described 
explicitly are well known to those skilled in the art. 

Following the calculations presented in the background 
section, the power produced by a single such device is 
estimated to be between 1 and 10 watts for an input pressure 
of 8 atmospheres. 

Pumping gas through the Casimir pores requires power. 
We examine how much power 1s required, as a check that it 
is not more than is produced by the device. Consider a 
Casimir block that contains 200 nm diameter pores over a 1 
cm? area, having a thickness of 1 cm and a porosity of 0.25. 
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We find the pressure and power required to produce a flux 
of 1 cm? per second at standard temperature and pressure 
(STP): 

According to FIG. 10(a) in a paper by Roy et al. (1993) 
a pressure drop of 760 torr (equal to one atmosphere) results 
from a flow of approximately 5 mol/m”-s through a thick- 
ness of 60 microns, which corresponds to a gas velocity of 
10 cm/s. Reducing the velocity by a factor of ten, making the 
appropriate unit conversions and multiplying the result by 
the thickness ratio of 1 cm (10* microns) divided by 60 
microns gives the result that a pressure of 1700 Pa, corre- 
sponding to 17 atmospheres, is required to produce the 
desired gas flow. Multiplying this by the gas flux of 1 cm? 
s7* results in a required power of 1.7 milliwatts. These 
results are only approximate, as temperature and structural 
variations through the Casimir pores are expected to produce 
resistance which will then require a somewhat greater pres- 
sure. In any case the required power of approximately 1.7 
milliwatts is much lower than our estimate of 2.2 to 22 
kilowatts of power release, and so much more power is 
produced than is used to produce the gas flow. 

It is to be understood that the dimensions and materials 
can be varied greatly and still be part of this invention. The 
following is a list of some such variations, but it is far from 
exhaustive: 

1. The substrates may be other insulating or partially 
conducting materials, such as silicon, glass, ceramic, 
plastic, etc. 

11. The conducting stripes can be formed of other conduc- 
tors, such as copper, aluminum, gold, sliver, silicides, 
transparent conductors such as indium tin oxide, etc. 

111. Instead of depositing the stripes so that they protrude 
from the surface and potentially interfere with the gas 
flow, they may be recessed, either by etching recesses 
into which the conductors are deposited, or by using 
planarization techniques to coat an insulating layer 
between the stripes, using techniques well known in the 
industry. 

iv. The spacer materials can be formed from polymers 
used, for example, as photoresist and electron-beam 
resist, from metals, and other materials. 

v. Instead of depositing spacers they may be formed by 
the etching of one or both of the substrates to form 
grooves. 

vi. The spacer height may be from 1 nm to many microns. 


vii. The substrates may be bonded by pressure bonding or 
the use of adhesives, such as cyanoacrylics. 

viii. The dimensions of the overall structure may be varied 
from the distance between a single pair of spacers and 
conductor/nonconductor region to large plates that are 
many meters in width. 

ix. The individual devices may be sandwiched together to 
form thick structures. For example, in place of the 250 
micron thick substrates, micro-sheet having a thickness 
of 50 microns or far less may be used so that dense 
structures are formed. 

x. The working fluid may be a wide variety of gases, in 
addition to the noble gases described earlier, so that all 
mentions of gas atoms may be extended to molecules of 
various types. 


xi. The working fluid may be a liquid, so that all mentions 
of gases and gas atoms may be extended to liquids of 
various types. For operation within approximately of 
100° C., one possible liquid is ethylene glycol. For high 
temperature operation, the liquid can be sodium. 
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x11. Micro-motors formed using micro-electro-mechanical 
systems (MEMS) technology can be used to pump the 
gas through the channels. 

xiii. The Casimir cavities may be composed of carbon 
nanotubes. 

xiv. The pattern may be formed using self-assembled 
layers. 

xv. The device may incorporate a naturally formed struc- 
ture. For example, diatom shells (Goho, 2004a) consist 
of silicon dioxide patterned with features, including 
holes, that are tens of nanometers in size. They can be 
coated as needed with conductors to form Casimir 
cavities. 

xvi. The water bath may be replaced with any other 
material or device that absorbs substantially the 
released energy wavelengths. Such materials include 
glass, organic polymers, thermophotovoltaic devices, 
among many possibilities known to those skilled in the 
art. 

xvil. Rather than surrounding the entire apparatus, the 
absorbing material may be placed in the apparatus, for 
example coating the channels through which the gas 
flows. Such placement can allow the absorber to reside 
within roughly an emission wavelength of the gas that 
is releasing the energy. 


Gas Oscillating Through Casimir Channels 

The device described in the previous embodiment exposes 
the gas atoms to a very large number of transitions between 
Casimir cavity regions (between conducting layers) and 
exposed regions (without the conducting layers) by pumping 
them across multiple transitions. Instead of pumping gas 
through the device, gas atoms can simply be oscillated back 
and forth between Casimir cavity and exposed regions. 

A simple way to visualize this, but not necessarily the 
most efficient working device, is to consider the device of 
FIGS. 4A-4D, but with the gaps sealed at the north and south 
edges. Instead of connecting to tubing via the connector 
ring, the ring is sealed with a thin metal diaphragm. Before 
sealing the device it is filled with the desired working gas. 
An ultrasonic transducer is then mated to the diaphragm. 
When the ultrasonic transducer is powered, it rapidly com- 
presses and decompressed the gas, causing it to oscillate 
back and forth between Casimir and exposed regions. 

A vertical oscillatory flow device is shown in FIGS. 
5A-5C. FIG. 5A shows a top view, in which many small 
holes 54 are formed in the substrate surface. The device is 
surrounded by a connector ring 58. A magnified cross 
section of the holes is shown in FIG. 5B. The holes 54 have 
a diameter d, a center-to-center spacing s, a depth t,, and the 
thickness of a conducting region 56 at the surface is t,. A 
central cross section of the entire device is shown in FIG. 
5C. It shows the substrate (holes and conducting layer not 
shown), the connector ring at the periphery, and a thin 
diaphragm 57 attached to the top of the connector ring. 

The gap and holes are filled with the chosen working gas 
59. An ultrasonic transducer or other source of high fre- 
quency vibrations is placed in contact with the diaphragm 57 
and powered. This produces gas pressure oscillations that 
force gas atoms past the Casimir region 55 formed at the top 
of each hole, alternately in upward and downward direc- 
tions. Instead of a single conducting layer at the top, multiple 
alternating conducting and non-conducting layers can be 
formed at the top of the holes, to multiply the effect. As in 
the embodiment of FIGS. 4A-4D, the apparatus is sur- 
rounded by a means for absorbing the released energy, such 
as a water bath 24. 
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The device is fabricated as follows. The conducting layer 
56 is deposited using vacuum deposition, such as sputtering, 
or from a liquid by anodic or electroless deposition. The 
layers are patterned by methods known to those skilled in the 
art, such as electron-beam lithography or photolithography. 
Alternatively, the holes 54 can be formed using self-as- 
sembled monolayers to create the lithography mask, as 
known to those skilled in the art. The holes are etched to a 
high aspect ratio, e.g., ratio of depth-to-diameter of 20, such 
as by ion milling. The outer ring 58 is attached using epoxy, 
the region is filled with the desired working gas 59, and the 
diaphragm 57 is attached with epoxy. 

The materials and dimensions in the preferred embodi- 
ment are as follows. The substrate 52 is sapphire, and has 
diameter of 2.54 cm and a thickness of 250 microns. The 
conducting layer 56 is aluminum, of thickness t, of 1 micron. 
The hole 54 depth t, is 4 microns. The hole diameter d is 0.2 
microns and center-to-center spacing s is 0.3 microns. 

It is to be understood that the shape, dimensions, modu- 
lation techniques and materials can be varied greatly and 
still be part of this invention. The following is a list of some 
such variations, but it is far from exhaustive: 

1. The Casimir cavities may be composed of carbon 

nanotubes. 

11. The working fluid may be a wide variety of gases, in 
addition to the noble gases described earlier, so that all 
mentions of gas atoms may be extended to molecules of 
various types. 

111. The working fluid may be a liquid, so that all mentions 
of gases and gas atoms may be extended to liquids of 
various types. For operation of up to approximately 
100° C., one possible liquid is ethylene glycol. For high 
temperature operation, the liquid can be sodium. 

1v. Instead of actively causing the gas atoms to oscillate 
into and out from the Casimir cavity regions, the 
oscillations can result from ambient thermal vibrations 
(e.g., Brownian motion). 

v. The configuration of the device can be similar to that of 
the MEMS device of FIGS. 7A and 7B (described as 
part of a later embodiment), such that the working gas 
is pushed back and forth between the left-hand and 
right-hand regions. 

vi. The pattern may be formed using self-assembled 
layers. 

vii. The device may incorporate a naturally formed struc- 
ture. For example, diatom shells consist of silicon 
dioxide patterned with features, including holes, that 
are tens of nanometers in size. They can be coated as 
needed with conductors to form Casimir cavities. 

viii. The pumping can be driven by a naturally occurring 
mechanism. For example, some yeast cell have been 
found to naturally vibrate at 1.6 kHz (Goho, 2004b). 
This could be used to cause a gas to oscillate back and 
forth between Casimir cavity and exposed regions. 

ix. The water bath may be replaced with any other 
material or device that absorbs substantially the 
released energy wavelengths. Such materials include 
glass, organic polymers, thermophotovoltaic devices, 
among many possibilities known to those skilled in the 


x. Rather than surrounding the entire apparatus, the 
absorbing material may be placed in the apparatus, for 
example coating the channels through which the gas 
flows. Such placement can allow the absorber to reside 
within roughly an emission wavelength of the gas that 
is releasing the energy. 
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Casimir Cavities in Flexible Polymer 

Rather than moving the working gas by flowing it (FIGS. 
4A-4D) or vibrating it into and out of a Casimir cavity 
(FIGS. 5A-5C), the cavity wall characteristics can be 
switched, which results in a shift in the cavity’s allowed 
modes. This produces the same result of tapping vacuum 
electromagnetic energy that the flowing gas device of the 
embodiment of FIGS. 4A-4D produces. One way to accom- 
plish this is to put the working gas into gaps formed in 
flexible photonic crystals. A photonic crystal blocks and 
passes bands of electromagnetic radiation, where the band 
wavelength ranges depend upon the material properties and 
spacing of small repeated structures. A flexible photonic 
crystal can be formed by embedding an array or ngid 
objects, such as silicon pillars, in a thin film of flexible 
polymer. The electromagnetic (or optical) properties of such 
two-dimensional slab photonic crystal structures is well 
known to those skilled in the art (Park, 2002). 

FIGS. 6A and 6B show such a photonic crystal device. 
FIG. 6A is a top view, showing metal supports 62 at both 
ends of a polymer film 64. The rigid pillars that form the 
phonic crystal are buried in the polymer. As the film is 
stretched in the plane of the paper, the pillar spacing in the 
plane normal to the paper is decreased, which changes the 
electromagnetic passband. FIG. 6B is an edge view showing 
the supports 62, the polymer film 64, and gaps in the film 
that are filled with the working gas 69. (For clarity, the 
pillars are not shown.) The gap size is sufficiently narrow to 
produce a significant Casimir effect, e.g., 200 nm. The 
length or width need to be sufficiently small to maintain the 
narrow gap, e.g., 1 micron. The stretching takes place by 
attaching one support to a stationary object and attaching the 
other support to a vibrator, such as a piezoelectric crystal, 
which itself may be attached on its opposing side to another 
stationary support. As in the embodiment of FIGS. 4A-5D, 
the apparatus is surrounded by a means for absorbing the 
released energy, such as a water bath 24. 

It is to be understood that the shape, dimensions, modu- 
lation techniques and materials can be varied greatly and 
still be part of this invention. The following is a list of some 
such variations, but it is far from exhaustive: 

i. Instead of stretching the polymer, it can be modulated 
with an acoustic signal through the air, or through a 
liquid that surrounds it. 

11. Instead of stretching the polymer, it can be modulated 
with an ambient thermal vibrations. As the working gas 
and the structure heats up, the vibrations increase. 

111. The polymer embedded with rigid pillars may be 
formed into small spheres that are filled with the 
working gas. These spheres can fill or partially fill a 
volume in which the pressure is modulated, either by 
enclosing the volume and modulating the pressure in 
the entire volume, by passing an acoustic signal 
through the volume, or by thermal vibrations. This 
modulation causes the passband of the photonic crystal 
that surrounds the working gas to vary. Although the 
shape of the device is substantially different from that 
of FIGS. 6A-6B, the function is the same. 

iv. The working fluid may be a wide variety of gases, in 
addition to the noble gases described earlier, so that all 
mentions of gas atoms may be extended to molecules of 
various types. 

v. The working fluid may be a liquid, so that all mentions 
of gases and gas atoms may be extended to liquids of 
various types. For operation of up to approximately 
100° C., one possible liquid is ethylene glycol. For high 
temperature operation, the liquid can be sodium. 
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vi. The water bath may be replaced with any other 
material or device that absorbs substantially the 
released energy wavelengths. Such materials include 
glass, organic polymers, thermophotovoltaic devices, 
among many possibilities known to those skilled in the 
art. 


vii. Rather than surrounding the entire apparatus, the 
absorbing material may be placed in the apparatus, for 
example in the polymer film through which the gas 
flows. Such placement can allow the absorber to reside 
within roughly an emission wavelength of the gas that 
is releasing the energy. 


Modulating Casimir Cavity Wall Spacing 


Rather than moving the working gas by flowing it (FIGS. 
4A-4D), vibrating it into and out of a Casimir cavity (FIGS. 
5A-5C), or switching the characteristics of walls of the 
cavity to change the passbands (FIGS. 6A and 6B), the 
spacing between the cavity walls can be modulated. This 
produces the same result of tapping zero point energy that 
the flowing gas device of the previous embodiments pro- 
duce. One way to accomplish this is to put the working gas 
into gaps formed in micro-electro-mechanical systems 
(MEMS). 

MEMS technology makes use of semiconductor lithog- 
raphy techniques to build miniature mechanical devices. The 
Casimir effect has already been found to be in evidence in 
MEMS devices. In 2001, Chan and co-workers at Bell Labs 
Lucent Technologies first demonstrated the effect of the 
Casimir force in a MEMS device. A gold coated sphere was 
brought close to a MEMS seesaw paddle, consisting of a 
polysilicon plate suspended above a substrate on thin torsion 
rods. The Bell Labs researchers demonstrated the effect of 
the Casimir force in rocking the plate. 


In the current invention we make use of MEMS technol- 
ogy to modulate the spacing between Casimir cavity walls. 
(Note that we are not making use of the Casimir force to 
change this spacing, as was done in the Bell Labs demon- 
stration.) The basic MEMS device used to accomplish this is 
shown in FIGS. 7A and 7B. A side view is shown in FIG. 7A. 
Two conducting electrodes 76 are shown on the substrate. A 
pivoting polysilicon plate 74 is shown suspended above the 
substrate 72. A conducting layer 77 is formed on the 
underside of this plate. A top view is shown in FIG. 7B. The 
pivoting plate 74 forms the central rectangular region, which 
is surrounded by a gap 73. The pivoting arm 75 connects this 
plate to the surrounding region at the top and bottom of the 
rectangle. As in the earlier embodiments, the apparatus is 
surrounded by a means 24 for absorbing the released energy, 
such as a water bath 


The device functions as follows. The working gas fills the 
region between the pivoting plate 74 and the substrate 72. A 
voltage is applied first between the pivoting plate and the 
left-hand electrode. This causes the distance between the left 
side of the plate and the substrate to diminish, thereby 
changing the dimensions of the Casimir cavity formed by 
these two surfaces. Then the voltage is instead applied 
between the pivoting plate and the right-hand electrode. This 
causes the plate to pivot, such that the distance between the 
right side of the plate and the substrate diminishes, thereby 
changing the dimensions of the Casimir cavity formed by 
these two surfaces. The voltage is switched alternately 
between these two electrodes, causing the plate to oscillate 
back and forth. The oscillating action is greatly enhanced by 
the torsion of the pivots, so that very little energy is required 
to maintain the oscillation. 


US 7,379,286 B2 


17 


The techniques to fabricate such a MEMS device is well 
known to those skilled in the art. 

It is to be understood that the shape, dimensions, modu- 
lation techniques and materials can be varied greatly and 
still be part of this invention. The following is a list of some 
such variations, but it is far from exhaustive: 

1. Instead of using a MEMS device, the Casimir cavity can 
be formed between a substrate and a suspended con- 
ducting sheet. A similar technology has been used to 
form electrostatic acoustic speakers, albeit with larger 
spacings. 

i. Gaps can be formed in a polymer, with both sides of the 
gap coated with a conductor and the gap filled with a 
working gas. The polymer can then be stretched, as in 
the embodiment of FIGS. 6A and 6B, such that the 
spacing of the Casimir cavity formed by the two 
conductors is modulated. A figure of this would appear 
much like that depicted in FIG. 6B 

viii. Instead of stretching the polymer, it can be modulated 
with an acoustic signal through the air, or through a 
liquid that surrounds it. 

ix. Instead of stretching the polymer, it can be modulated 
with an ambient thermal vibrations. As the working gas 
and the structure heat up, the vibrations will increase. 

x. The polymer coated on its interior surface with a 
conductor may be formed into small spheres that are 
filled with the working gas. These spheres can fill a 
volume in which the pressure is modulated, either by 
enclosing the volume and modulating the pressure in 
the entire volume, by passing an acoustic signal 
through the volume, or by thermal vibrations. This 
modulation causes the spacing of the Casimir cavity in 
which the working gas is contained to vary. Although 
the shape of the device is substantially different from 
that of FIGS. 7A and 7B, the function is the same. 

xi. The working fluid may be a wide variety of gases, in 
addition to the noble gases described earlier, so that all 
mentions of gas atoms may be extended to molecules of 
various types. 

xii. The working fluid may be a liquid, so that all mentions 
of gases and gas atoms may be extended to liquids of 
various types. For operation of up to approximately 
100° C., one possible liquid is ethylene glycol. For high 
temperature operation, the liquid can be sodium. 

xili. The water bath may be replaced with any other 
material or device that absorbs substantially the 
released energy wavelengths. Such materials include 
glass, organic polymers, thermophotovoltaic devices, 
among many possibilities known to those skilled in the 
art. 

xiv. Rather than surrounding the entire apparatus, the 
absorbing material may be placed in the apparatus, for 
example coating the substrate and cap of the region 
containing the gas. Such placement can allow the 
absorber to reside within roughly an emission wave- 
length of the gas that is releasing the energy. 

We note that the MEMS device of FIGS. 7A and 7B can 
also be used to move the working gas back and forth 
between the left-hand and right-hand regions. This function 
is consistent with the embodiment of FIGS. 5A-5C, in which 
the working gas is vibrated into and out of a Casimir cavity. 


Jud 0 
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Assymetric Casimir Cavity Entry and Exits Including 
Absorbing Means 

As a prelude to this embodiment, we review the processes 
involved in the present invention. A general concept of this 
entire invention is that a gas that is in equilibrium with the 
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ambient electromagnetic modes, which include the vacuum 
field (also known as the zero point field), is caused to enter 
a Casimir cavity. For the purposes of this entire invention a 
Casimir cavity is defined as any region in which the elec- 
tromagnetic modes are restricted. Upon approaching this 
region, the electromagnetic modes that the space supports 
are restricted and the energy of the electron orbitals of the 
gas atoms is reduced. As a consequence of this reduction the 
excess energy is emitted and absorbed by the apparatus, 
providing heat energy. By the time the atoms are in the 
Casimir cavity, nearly all the excess energy has been radi- 
ated (unless the gas flow is extremely fast). The gas atoms 
pass through the Casimir cavity, and upon emerging from 
this region to a region that supports a broader range of 
electromagnetic modes, the energy of the electron orbitals of 
the gas atoms is again allowed to rise to its previous value. 
The compensation for the energy deficit is provided from the 
ambient electromagnetic modes. 

One of the tenets of the current invention is that excess 
energy released when the gas approaches the Casimir cavity 
is delivered locally and that the energy deficit that must be 
compensated for when it emerges from the cavity is supplied 
from global sources. In this way the ambient electromag- 
netic field is tapped to provide usable energy. There may be 
conditions in which it is possible that the excess energy 
release and the deficit energy supply are both local, in which 
case no net energy is provided. Similarly, there may be 
conditions in which it is possible that the excess energy 
release and the deficit energy supply are both global, in 
which case again no net energy is provided. To avoid these 
possibilities, we provide an asymmetry in the apparatus to 
ensure that the excess energy is released locally and that the 
energy deficit is supplied globally. 

The concept of embodiment is shown in FIG. 8. This 
figure depicts a channel 88, similar to that shown in some of 
the earlier embodiments. Gas is constricted between two 
substrates 82 and 83 and flows through the channel in the 
direction of the arrows. As in the previous cases, gas flows 
from a region in which the substrate is not coated 87 with a 
conducting layer to a region in which it is 86. The difference 
here is that an intermediate region 84 is provided in which 
the substrates are coated with an absorbing layer. This 
absorbing region absorbs the excess energy that is radiated 
from the atoms as they approach the Casimir cavity (con- 
ducting) region. The absorbing region is not substantially 
conducting, and therefore does not substantially restrict the 
electromagnetic modes that are supported in the region. 
Upon exiting the Casimir cavity (conducting) region, the 
atoms pass immediately into another region with no absorb- 
ing region 87. Thus upon approaching the Casimir cavity the 
atoms are forced to deliver their excess energy locally 
because it is absorbed by the absorbing region 87. Upon 
emerging from the Casimir cavity the gas atoms are forced 
to supply their energy deficit non-locally, i.e., globally, 
because there is no local source for this energy. 

As an option, a further aspect of this invention is to situate 
the absorbing region within roughly one emission wave- 
length of the gas atoms at the time that they are emitting. No 
such layer is provided within such a distance when the gas 
atoms emerge from the Casmir cavity and are supplied with 
energy. The substrate is chosen such that it does not absorb 
the emission wavelengths. 

The absorbing layers may comprise glass (amorphous 
silicon dioxide, usually with impurities), and the substrate 
may comprise sapphire. The glass has a much broader 
absorption band in the far infrared than does the sapphire. A 
wide range of other materials may be provided to form the 


AS Vin“ Vout a. 


Ground 
Question y 
If the input is a pure sine wave, what is the 
output? _ _—— 
Answer 


A pure sine wave 
5 The output sine wave has the same 
frequency as the input sine wave. A capacitor 


cannot change the frequency of the signal. 
But remember, with an AC input, the 
capacitor behaves in a manner similar to a 


resistor in that the capacitor does have some 
level of opposition to the flow of alternating 
current. The level of opposition depends upon 
the value of the capacitor and the frequency 


of the signal. Therefore, the output amplitude 
of a sine wave will be less than the input 
amplitude. 
Question 


With an AC input to a simple circuit like the 
one described here, what does the capacitor 
appear to behave like? | 
Answer 

It appears to have opposition to alternating 
current similar to the behavior of a resistor. 


6 If you connect a capacitor and resistor in 
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absorbing layers and non-absorbing or less absorbing sub- 
strate. Such materials are known to those skilled in the art, 
and are available in tables and handbooks. 

The sequence of regions depicted in FIG. 8 may be 
repeated to form the sort of multiply striped structure 
described in the embodiment of FIGS. 4A-4D. 

The dimensions of the channel and the apparatus are 
approximately the same as those of embodiment of FIGS. 
4A-4D. Similarly the attachments to provide for gas flow, 
the spacers, and other aspects of the apparatus are similar to 
those described in embodiment of FIGS. 4A-4D. The con- 
ducting layer length is chosen so that the emerging atoms do 
not have substantial access to radiation emitted from the 
absorbing regions. Note that, unlike embodiment of FIG. 2, 
it is not necessary to surround the apparatus with a means for 
absorbing the released energy 24, such as a water bath. 

The device fabrication is not described explicitly as it is 
well known to those skilled in the art. 

It is to be understood that the dimensions and materials 
can be varied greatly and still be part of this invention. The 
following is a list of some such variations, but it is far from 
exhaustive: 

i. The substrates may be other insulating or partially 
conducting materials, such as silicon, glass, ceramic, 
plastic, etc. 

11. The conducting stripes can be formed of other conduc- 
tors, such as copper, aluminum, gold, sliver, silicides, 
transparent conductors such as indium tin oxide, etc. 

111. The stripes may be recessed in the substrate or they 
protrude from the surface. 

iv. The individual devices may be sandwiched together to 
form thick structures. For example, in place of the 250 
micron thick substrates, micro-sheet having a thickness 
of 50 microns or far less may be used so that dense 
structures are formed. 

v. The working fluid may be a wide variety of gases, in 
addition to the noble gases described earlier, so that all 
mentions of gas atoms may be extended to molecules of 
various types. 

vi. The working fluid may be a liquid, so that all mentions 
of gases and gas atoms may be extended to liquids of 
various types. For operation within approximately of 
100° C., one possible liquid is ethylene glycol. For high 
temperature operation, the liquid can be sodium. 

vii. Micro-motors formed using micro-electro-mechanical 
systems (MEMS) technology can be used to pump the 
gas through the channels. 

vill. The Casimir cavities may be composed of carbon 
nanotubes. 

ix. The pattern may be formed using self-assembled 
layers. 

The device may incorporate a naturally formed structure. 
For example, diatom shells consisting of silicon dioxide 
patterned with features, including holes, that are tens of 
nanometers in size. To the extent necessary, these can be 
coated as needed with conductors to form Casimir cavities. 
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What is claimed is: 

1. A system for extracting and collecting electromagnetic 
radiation from the ambient surroundings, comprising: 

(a) a supply of fluid characterized by its ability to (1) take 
in electromagnetic radiation from the ambient sur- 
roundings and (11) release at least some of said energy 
when the fluid is caused to pass into a Casimir cavity; 

(b) a first arrangement configured to collect at least some 
of the electromagnetic radiation released by said fluid; 

(c) a second arrangement including means defining a 
given path for containing said fluid along said path; 

(d) a third arrangement including a Casimir cavity posi- 
tioned within said given path and cooperating with said 
second arrangement such that said fluid is caused to 
pass into and out of the cavity as the fluid is contained 
along said given path, said Casimir cavity being posi- 
tioned in sufficient communication with the ambient 
surroundings and with said first arrangement so as to (1) 
cause said fluid containing electromagnetic energy 
taken from the ambient surroundings to release at least 
some of said energy to said first arrangement when the 
fluid passes into said cavity and (11) to again take in 
electromagnetic energy from the ambient surroundings 
when the fluid passes out of said cavity. 

2. A system according to claim 1 wherein said second 
arrangement is configured such that said fluid is caused to 
flow along said path into and out of said Casimir cavity. 

3. Asystem according to claim 1 wherein said second and 
third arrangements are configured such that said Casimir 
cavity is caused to move with respect to said fluid such that 
the fluid is in turn caused to pass into and out of said Casimir 
cavity. 

4. A system according to claim 3 wherein said third 
arrangements configured so as to cause said Casimir cavity 
to move back and forth between first and second spaced 
apart positions. 
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5. A system according to claim 1 wherein said means 
defining said given path defines a closed passageway for 
containing said fluid and wherein said second arrangement 
is configured such that the same fluid is caused to cycle into 
and out of said Casimir cavity. 

6. Asystem according to claim 5 wherein said passageway 
defines a looped path and wherein said second arrangement 
includes a mechanism configured to cause said fluid to flow 
around said path through said passageway into and out of 
said Casimir cavity. 

7. A system according to claim 5 wherein said second 
arrangement includes a mechanism for causing said fluid to 
flow back and forth through said passageway into and out of 
said Casimir cavity. 

8. A system according to claim 7 wherein said absorbing 
material is a liquid. 

9. A system according to claim 8 wherein said liquid 
material is water. 

10. A system according to claim 1 wherein said fluid is a 
gas. 

11. A system according to claim 10 wherein said gas is a 
monatomic gas. 

12. A system according to claim 10 wherein said gas is a 
molecular gas. 

13. A system according to claim 1 wherein said first 
arrangement includes a container of material for absorbing 
electromagnetic energy, said absorbing material surrounding 
at least said Casimir cavity. 

14. A system according to claim 1 wherein said Casimir 
cavity includes opposing walls and wherein said third 
arrangement is configured so as to cause the position of said 
Casimir cavity walls to move back and forth between first 
and second spaced positions. 

15. Asystem for extracting and collecting electromagnetic 
energy from the ambient electromagnetic quantum vacuum, 
comprising: 

(a) a first arrangement defining at least one Casimir cavity 
configured to cause gas containing electromagnetic 
energy obtained from the ambient electromagnetic 
quantum vacuum to release at least some of said energy 
when said gas is passed into said cavity; 

(b) a second arrangement located in the ambient electro- 
magnetic quantum vacuum and including a source of 
said gas and a mechanism cooperating with said first 
arrangement so as to cause said gas to pass from the 
ambient electromagnetic quantum vacuum into said 
Casimir cavity and then out of said cavity and back into 
the ambient electromagnetic quantum vacuum, 
whereby the gas when passing into said Casimir cavity 
releases at least some of its energy and then, upon 
passing back into the ambient electromagnetic quantum 
vacuum, again takes in electromagnetic energy from 
the ambient electromagnetic quantum vacuum, said 
means and said first arrangement cooperating with one 
another such that said fluid passes into and out of said 
Casimir cavity by relative movement between the cav- 
ity and gas; and 

(c) a third arrangement for capturing at least some of the 
electromagnetic energy released by said fluid, said third 
arrangement including means located in a position with 
respect to said Casimir cavity such that at least some of 
the electromagnetic energy released by said gas is 
captured by said absorber. 

16. A system, comprising: 

(a) a first arrangement including a number of Casimir 
cavities, each of which is configured to cause fluid 
containing electromagnetic energy obtained from the 
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ambient surroundings to release at least some of said 
energy when said fluid is passed into said cavity; 

(b) a second arrangement located in the ambient surround- 
ings and including a source of said fluid and means 
cooperating with said first arrangement for causing said 
fluid to pass from the ambient surroundings into each of 
said Casimir cavities and then out of the cavity and 
back into the ambient surroundings, whereby the fluid 
when passing into said Casimir cavities releases at least 
some of its energy and then, upon passing back into the 
ambient surroundings, again takes in electromagnetic 
energy from the ambient surroundings, said means and 
said first arrangement cooperating with one another 
such that said fluid passes into and out of said Casimir 
cavities by relative movement between the cavities and 
fluid; and 

(c) a third arrangement for capturing at least some of the 
electromagnetic energy released by said fluid. 

17. A system according to claim 16 wherein said means 
includes at least one fluid passageway extending from the 
ambient surroundings into and though said Casimir cavities 
and back into the ambient surroundings and wherein said 
Casimir cavities are defined by a series of conducting strips 
located within said passageway, said series of conducting 
strips including a first group of spaced apart strips located on 
one side of the passageway and a second groups of spaced 
apart strips on a opposite side of said passageway in align- 
ment with respective strips of said first group, each of said 
aligned pair of strips being positioned relative to one another 
to produce a Casimir cavity. 

18. A method, comprising: 

(a) providing a first arrangement defining at least one 
Casimir cavity configured to cause fluid containing 
electromagnetic energy obtained from the ambient sur- 
roundings to release at least some of said energy when 
said fluid is passed into said cavity; 

(b) providing a source of said fluid; 

(c) causing said fluid to pass from the ambient surround- 
ings into said Casimir cavity and then out of said cavity 
and back into the ambient surroundings such that the 
fluid when passing into said Casimir cavity releases at 
least some of its energy and then, upon passing back 
into the ambient surroundings, again takes in electro- 
magnetic energy from the ambient surroundings, said 
fluid being cause to pass into and out of said Casimir 
cavity by relative movement between the cavity and 
fluid; and 

(c) capturing at least some of the electromagnetic energy 
released by said fluid. 

19. Amethod of extracting and collecting electromagnetic 

radiation from the ambient surroundings, comprising: 

(a) providing a supply of fluid characterized by its ability 
to (1) take in electromagnetic radiation from the ambi- 
ent surroundings and (11) release at least some of said 
energy when the fluid is caused to pass into a Casimir 
cavity; 

(b) providing a first arrangement configured to collect at 
least some of the electromagnetic radiation released by 
said fluid; 

(c) providing a second arrangement including means 
defining a given path for containing said fluid along 
said path; 

(d) providing a third arrangement including a Casimir 
cavity positioned within said given path; 

(e) causing said fluid to pass into and out of the cavity as 
the fluid is contained along said given path; and 
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(f) positioning said Casimir cavity in sufficient commu- 
nication with the ambient surroundings and with said 
first arrangement so as to (1) cause said fluid containing 
electromagnetic energy taken from the ambient sur- 
roundings to release at least some of said energy to said 
first arrangement when the fluid passes into said cavity 
and (11) to again take in electromagnetic energy from 
the ambient surroundings when the fluid passes out of 
said cavity. 


20. A system, comprising: 
(a) a first arrangement defining at least one mechanism 


designed to cause the atoms and molecules making up 
a given fluid containing electromagnetic energy 
obtained from the ambient surroundings to change in 
configuration in a way which releases at least some of 
said energy when said fluid is passed into said mecha- 
nism; 
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(b) a second arrangement located in the ambient surround- 


ings and including a source of said fluid and means 
cooperating with said first arrangement for causing said 
fluid to pass from the ambient surroundings into said 
mechanism and then out of said mechanism and back 
into the ambient surroundings, whereby the fluid when 
passing into said mechanism releases at least some of 
its energy and then, upon passing back into the ambient 
surroundings, again takes in electromagnetic energy 
from the ambient surroundings, said means and said 
first arrangement cooperating with one another such 
that said fluid passes into and out of said mechanism by 
relative movement between the mechanism and fluid; 
and 


(c) a third arrangement for capturing at least some of the 


electromagnetic energy released by said fluid. 


* * * * * 
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QEG SYSTEM DESCRIPTION 3-25-2014 


The Quantum Electric Generator system (QEG) is an adaptation of one of Nikola Tesla’s many patented electrical 
generator / dynamo / alternator designs. The particular patent referenced is No. 511,916, titled simply “Electric 
Generator”, and dated January 2, 1894 (see back of this manual). The adaptation is a conversion from a linear 
system, to a rotary system. 


The QEG prototype is scaled to produce electrical power in the range of 10-15 kW (kilowatts) continuously, and 
can be set up to provide either 120 Volt or 230-240 Volt single phase output. We are also planning future 
designs to provide 3-phase power. 


Service life of the device is limited only by certain replaceable components, such as bearings, v-belts, and 
capacitors. The basic machine should operate trouble-free (with minimal maintenance) for as long as any good 
quality electro-mechanical appliance, such as a quality washing machine or refrigerator. Heavy-duty mechanical 
components are used throughout for reliability. 


The QEG is not a complicated device, as it is designed (like Tesla’s other ‘discoveries’), to work in harmony with 
natural laws, rather than with the power-wasting symmetric motor and generator designs used in today’s 
mainstream industry. 


An effective way to understand the operating principle of the QEG is to think of it as a high-powered, self- 
resonant oscillator (a power tank circuit), which generates high-voltage AC (15 to 25kV). These HV oscillations 
are then transformed into line voltage AC output, at current levels up to approximately 85 A. In today’s 
alternative energy terminology, it would be called a type of resonance machine. 


The circuitry that develops high power in this device is really based on an existing but under-utilized power 
oscillator configuration, however, the “quantum” part of the design has to do with how the generator output is 
tuned for maximum power. Conventional alternators (AC generators) consume more input power than the 
output power they provide. For example, one brand of power take off (PTO) alternator uses 18,000 watts (24 
horsepower) to develop 13,000 watts of output power. In the QEG, input power is used only to maintain 
resonance in the core, which uses a small fraction of the output power (under 1000 watts to produce 10,000 
watts), and once running, the QEG provides this power to its own 1 horsepower motor. This is known as over- 
unity. Once the machine builds up to the resonant frequency, it powers itself (self-running). 


In the QEG, the exciter coil is used to provide a conduction path through the quantum field (zero point) into the 
generator core. This has the effect of polarizing the core, which increases power output over time. 


James M. Robitaille 


series (as shown in Figure 6.3 ), the circuit 
functions as a voltage divider. 
Figure 6.3 


í 


Question 
What formula would you use to calculate the 
output voltage for a voltage divider formed by 
connecting two resistors in series? 


Answer 
R 
2 
Y out — Vin A 
R, + KR, 
7 You can calculate a total resistance to 
the flow of electric current for a circuit 


containing two resistors in series. 
Question 
What is the formula for this total resistance? 


Answer 
Ry = R + KR, 
8 You can also calculate the total opposition 
to the flow of electric current for a circuit 


NOTICE 


TO BE READ AND UNDERSTOOD BY ALL QEG PROJECT CREWS 


Fix the World (FTW) is not responsible for the actions of others. We can only tell you our 
experience. We have discovered it is essential that those wishing to build a QEG use careful 
thinking, patience, and consideration for the greater good. 


The inhabitants of planet Earth are entering into a new paradigm and a new way of doing 
business. In honor of Nikola Tesla, the QEG is a gift freely given to the world, and FTW's 
involvement is strictly altruistic. 


The QEG is an electromechanical device and as such, safety for the individual and end user should 
always be of prime concern. It is therefore essential that persons assembling the device are 
experienced in the field of electro-mechanical assembly. A considerable level of knowledge in 
quantum physics is also required. 


IF YOU ARE TRAINED IN TRADITIONAL PHYSICS, AND HAVE NOT BEEN DOING THIS WORK 
FOR MANY YEARS, YOU MUST FIRST DO YOUR RESEARCH ON BASIC QUANTUM ENERGY 
DEVICES AND HOW THEY WORK (e.g. resonance and tuning). 


Electrical / Mechanical devices are inherently dangerous. Electrical shock hazards can cause 
serious injury and in some cases death. Mechanical hazards can result in dismemberment and in 
some cases death. 


Due diligence has been applied to ensure that the QEG instructions are complete and correct. All 
local and country-specific electrical and mechanical code implications, by which a QEG might be 
installed and operated, cannot possibly be known. Nor is it conceivable that any and all possible 
hazards and/or results of each procedure or method have been accounted for. 


It is for these reasons that the QEG must be either directly installed or supervised by an 
experienced electromechanical engineer to ensure the installation is done safely and in 
accordance with local electrical code, however, the QEG is installed the same way as any 
commercial generator and does not violate any electrical codes. Anyone who uses the QEG 
installation instructions (including but not limited to any procedure or method of installation) 
must first satisfy themselves that neither their safety, nor the safety of the end user, will be 
endangered over the course of the installation and operation of the QEG. 


It is imperative to understand YOU NEED PROFESSIONALS AND EXPERT ADVICE to build a 
QEG. 


The installation instructions are designed to show how we have found the building of the device to 
be accomplished, and any negative outcomes that result are completely the responsibility of the 
person/company building it; FTW provides no guarantee for the successful installation of the QEG. 


This notice serves the purpose of communicating the serious nature of building a quantum 
machine, as we are well aware that there have been severe restrictive agencies involved with their 
suppression. Quantum free energy isn't taught at University and most designers have heretofore 
been unsuccessful at mass distribution. Itis YOUR RESPONSIBILITY therefore to make certain you 
are building the QEG with positive intentions for humanity, and lashing out legally or otherwise to 
FTW, HopeGirl and/or the designer and his family, is a violation of goodwill and will in no way be 
attended to. We know of no other way to do this but to go back to the “HONOR SYSTEM.” 


In reading this notice l agree that: 


1) [WILL NOT ATTEMPT TO BUILD A QEG UNLESS I DO SO APPROPRIATELY WITH AN 
ELECTROMECHANCIAL ENGINEERING PROFESSIONAL. 


2) I WILL NOT COMMISSION (TURN ON) OR INSTALL THE QEG WITHOUT AN 
ELECTROMECHANICAL ENGINEERING PROFESSIONAL. 


3) UNDER THE ABOVE CONDITIONS, I MAY USE THE QEG INSTALLATION INSTRUCTIONS FOR 
PERSONAL USE, AND UNDERSTAND THE NEED FOR IMPECCABLE COMMITMENT TO THE 
BETTERMENT OF HUMANITY. IN THE BEST INTEREST OF THE PEOPLE OF PLANET EARTH, I 
WILL NOT ATTEMPT TO MISUSE OR MONOPOLIZE THE QEG INSTALLATION INSTRUCTIONS IN 
ANY CAPACITY, NOR WILL I ATTEMPT TO MAKE A HUGE PROFIT AT THE EXPENSE OF ANOTHER 
HUMAN BEING. 


IMPORTANT - Please make certain that persons who are to use this equipment thoroughly 
read and understand these instructions and any additional instructions prior to 
construction, installation and operation. In addition, we require you to read this notice 
again when you are ready to assemble the core. 


Letter from the Editor 3-25-2014 


Dear Builder, 

It is no easy task to build the QEG, and we want to encourage you by offering a short treatise on 
the importance of ‘consciousness’ in this endeavor. Many are becoming more familiar with 
Nikola Tesla, his desire for all people to have access to free energy, and his failed attempt to 
expose this technology to the world. Many have followed him with the same aspirations and, 
similar to Tesla’s plight, have also been prevented by powers beyond their control. The “free” 
energy movement is rife with horror stories ranging from government theft of patents, to 
reputations destroyed, to the murder of untold numbers of brilliant scientists/inventors. 


We must all consciously and constantly rise above these tyrannical infringements, and create an 
environment for ourselves and our neighbors, and rediscover Nature’s Laws to be able to live 
and thrive. We must leave off responding in incredulity to what was “done to us” when we were 
told and believed we couldn’t create free energy. We are now awake to the point that we know 
they were lying. Who’s they? The elite for starters — follow the money (watch THRIVE); J.P. 
Morgan couldn’t put a meter on an energy plan for the world, and so destroyed any chance of 
that happening through several vicious attacks on Tesla’s reputation and livelihood — basically 
got Tesla’s ideas out of the way for his own profit and power — and maliciously destroyed the 
man (youtube: Tesla’s Autobiography). While the electric companies have told the people theirs 
is the only way to get electricity, and we are dependent on them, the truth is that we have been 
deprived of this alternative (quantum) energy source for close to 130 years. Morgan’s grip on the 
energy supply has not loosened one bit in all that time, in fact, you are probably paying more for 
electricity than ever before, all things being equal. 


So how do we effect our future now, and free ourselves and the generations to come after us 
completely from energy tyranny? Building the QEG is one way. Itis a journey that requires you 
think deeply about processes that will, in turn, expand your senses to enable you to receive 
information from the quantum field of consciousness, or God if you prefer this reference. We 
believe we had Divine inspiration and help, which began with a burning desire to “get off the 
grid” and also do something significant for humanity. The timing is wonderful because, as of the 
writing of this, the entire planet is in turmoil as never before, and people will need to not only be 
self-sufficient, we will all need to live according to what is good for all (Ubuntu), and help each 
other for our continued evolution as species/planet. 


It is with great love that the QEG is offered to the world, and as you take on the task of building 
one, it is hoped that this becomes your path also: the mission of free energy for all! The next step 
we ask you to take on your journey, before and during building, is to listen to the discussion 


here: http://www. youtube.com/watch?v=3FqzTW7qh2Ué&feature=youtu.be with HopeGirl, 
Ralph and Marsha Ring, Fernando Vossa and the 3D Global Network. 


I am, in service to Gaia and its inhabitants, deeply grateful for this technology, and the 
opportunity to share it! 


Valerie Robitaille 


IMPORTANT ADDITIONAL INFORMATION 


We are not professional writers or photographers and didn't always have opportunities to 
document or photograph every step of development. Therefore, please take the level of 
engineer/electrical experience required to build a QEG very seriously as we are giving 
these to you under this premise. You will discover the advanced level of knowledge of 
mechanical /electrical processes needed quickly enough. The correct construction of the 
QEG requires patience and careful thought. We made several mistakes in development and 
have given here the steps that were successful. You will probably still make mistakes - and 
these will be your greatest learning opportunities as you gain more knowledge about this 
type of energy. 


Before beginning to build, consider how much you would like to outsource to one of the 
cottage industry community units (CICUs) near you! In the US we recommend Polaris for 
the steel stator/rotor construction, and Torelco for toroidal winding. As FTW continues to 
roll out the distribution plan, and more connections across the world are made, we think 
CICUs will be commonplace and hence, QEG parts accessible (many people will be making 
them!) 


When website URLs were available we provided links for the person reading this online. 
You may certainly use your own sources for materials but it is imperative you do not alter 
the instructions/parts herein if you are building a QEG. (We know with increased 
knowledge you will discover many applications for this technology.) When photographs 
can be shown to help you visualize a process, they are provided. Please remember, we are 
not professional manual writers. What we offer you here is free of charge and our gift to 
humanity - but it comes with great responsibility. Learn as much as you can, use 
discernment and wisdom, share freely, and you will be privileged to know the secrets of 
energy creation from the quantum field. 


We would like to dedicate the success we've experienced to our first teacher, Sir Timothy 
Thrapp, and WITTS Ministries, without whose guidance none of this would be available so 
soon. We acknowledge and honor the work WITTS has done for over 200 years bringing 
technology forward, and hope that you will consider making a donation to the ministry for 
their great work. 


We would also like to thank our greatest teacher and fellow humanitarian, Nikola Tesla. It 
is our most gratifying honor to present modern plans for a quantum energy generator to 
the world, based on Tesla's discoveries, especially at a time when we the people are being 
manipulated and controlled by a corrupt energy economy. Tesla wanted everyone on the 
planet to have energy. We continue to carry out his vision. 
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Parts List 


7/8” Three Bolt Flange 
Bearings 

Magnet Wire +10 Round HPT WM 620" 
or HAPT 


Magnet Wire +20 Round Pulse | HTAIHSD 6” SPL/060-Heavy | ~5200’ 
Shield MW35, 73, 36 


Capacitors | 
ee CC 
End Plates and Shrouds fF O O 
laminate (for 2 end plates) feet by 4 feet 
laminate (shrouds) 
A A O 
Exciter Coil 
Length 
AN 
generator core) 
AA A 
| V-Belts and Pulleys | G O 
A Pulley (Motor) 
1 Groove 2.50” Pulley 7/8” AK25X7/8 
bore type A (Generator) 
A VA VE 
Drive Motor DC PM Variable Speed, 2500 | 1 
shaft, with base 
NAAA A O 
Generator Core 
x 4-1/2” 
bonder) 


Wire) 
#10 HAPT wire (tubing) 
temp (outer wrap) RG48 (Intertape) 
high-strength 


Nomex Corner Insulation 


Shafting 7/8” dia. x 11.0” long | C1045 TGP Trukey 
w/standard 3/16” x 3/32” 


7/8” dia. x 11” 


keyway 


8 inch Bolts, 4 - 28 thread, 1050095555 (Instock 
Grade 8 Fasteners) 


Electrical Terminals 


Assorted ring, spade, and 
quick connect terminals 


Additional Parts 
Variac, 120/240V in, 0-280V | Type 1520 (STACO) 1 
out, 9.5 Amps 


Mfg.) 
2.3uF capacitors 
Electrical box PP 
50 amp plug TA |) A 
A 2 


50 amp receptacle 


240V 
connect terminals 


Nuts 4 - 28 Grade 8 ed 
Washers 
Frame and Base ee NN 
Angle aluminum 1 ⁄2” x 1” x 4 feet. 1/8” thk. 


Suppliers and Parts/Service List 


POLARIS LASER LAMINATIONS — Generator Core; Rotor 

TORELCO — Toroidal winding service and complete core processing ready to ship 
FASTENAL — Retaining (bonding) compound (Loctite 648: bonds rotor to shaft) with activator 
EIS — Mica tape; 20 gauge Magnet wire 

S & W — 10 gauge Magnet wire 

INDUSTRIAL SENSORS AND CONTROLS (ebay) — Motor controller KBIC-240D variable speed DC 
motor controller; Resistor 

MOUSER — Capacitors, Enclosures, Variac, Rectifiers, Start/Run switch 

JDS (ebay) — V belt; pulleys 

EMCO PLASTICS — End plates 

ASHEVILLE-SCHOONMAKER MICA — Mica plates 

DISCOUNT STEEL — Aluminum squares (spacers) 

BRIGHTON BEST - 8 in. bolts 

MCMASTER-CARR — Clear acrylic tube for exciter coil 

LAKE CITY ELECTRIC (ebay) — Variable speed DC Motor (1 hp) 

THE BIG BEARING STORE - 7/8” Three Bolt Flange Bearing w/set screws 


Additional Parts 


High-temperature fiberglass tape (outer wrap) 

4” x 4” electrical box 

50 amp plug 

50 amp receptacle 

Black fiberglass sleeving (pvc-coated) 

Black mylar insulating tape 

Wood or welded steel tubular frame for base 

12 - TPC Thomson / AVX Medium Power Film Capacitors 
Angle aluminum 

Start/run switch 


MAJOR GENERATOR COMPONENTS 


Stator 

Rotor 

Bearings 

V belts 

Capacitors 

External exciter coil 
End panels /plates 
Magnet wire 

Drive motor 
Control box 

Frame and packaging 
Variac 

Inverter 

Pulleys 


THE STATOR, or generator core, is made using 140 laminations of 24 gauge M19 C5 electrical steel 
forming a stack of 3 - % inches, with a 4 pole configuration. Corresponding ROTOR with 2 poles. Both 


STATOR and ROTOR are tig welded in 4 places. 


GENERATOR STATOR AND ROTOR DRAWING # 7410-1 


USE MATERIAL : 24GA / MI9C5 (0.025") 
STACK AND TIG WELD STATOR AND ROTOR TO = 3.500°+/-1 LAMINATION LENGTH 


REAM TO SIZE 
e 0250 
+/-0.001 

110K) 


4 TG WELDS ON OD OF ROTOR 
e PODO 


à TIG WELDS ON 00 OF STATOR, 


@ ¿5000 


containing a capacitor and resistor in series. 
This parameter is called impedance , and you 
can calculate it using the following formula: 


In this equation: 
Z = The impedance of the circuit in ohms 
X C = The reactance of the capacitor in ohms 
R = The resistance of the resistor in ohms 
Questions 
Use the following steps to calculate the 
impedance of the circuit, and the current 
flowing through the circuit, as shown in Figure 
6.4 . 
Figure 6.4 


A. 

Xc 
B. > 

£ 
C. 

[ — 
Answers 


A. 400 ohms 
B. 500 ohms 


Shaft 
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Shaft cont*d* 


4 SPLINES (RAISED STAKE) 
EQUIDISTANT AROUND SHAFT 
CIRCUMFERENCE 


SPLINE DETAIL 


* We didn’t use the splines, rather, we used Loctite 648 retaining compound to bond the rotor to 
the shaft. This technique works very well with a close slip fit between the parts. 


End Plates 


Fiberglass reinforced epoxy laminate (FR-4/G10) is used for end plate construction. End plates must be 
constructed of insulating material, but must also be structurally strong as they support all generator components, 
including bearings, shaft, rotor and stator. FR4 is the same material used to make circuit boards and is very 
strong, machinable, and dimensionally stable. Dimensions: End Plates: .500” Thk. G10/FR-4 15” X 16.5” with 
15” radius and 2.450” center hole. 
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Bearings 


The bearings should have a narrow inner ring with set screws for attaching to the shaft. Housing 1s cast 
iron with a grease zerk for re-lubing the bearing. We used a 3-bolt flange type mount, but 2-hole or 4- 
hole can also be used. Bearings are mounted on the inside of the end plates toward the rotor. 


Capacitors 


The capacitors are a critical part of the system. The initial configuration on our prototype uses 12 caps, 
2.5uF (microfarad) each. Each cap is rated for 2000V. These capacitors are wired in series in order to be 
able to withstand up to 25,000V in the primary circuit. The value and quantity of these capacitors will be 
adjusted to tune the frequency of the generator. 


Variac 


The variac 1s used to control the drive motor speed which effectively controls the system power. It’s 
used during construction/tuning, and prior to self-running set-up when it can be replaced with the 
smaller, lighter electronic motor drive circuit board. 


Drive motor control circuit board 


The drive motor control circuit board is an industry standard SCR type DC motor drive manufactured by 
KB Electronics. The control board can be mounted in the console box we have included in the parts list, 
and is provided with a speed control potentiometer for adjusting motor speed. 


End Plate Layout 


We used the bare core as a template to drill all the core mounting holes in the proper locations on the 
end plates. After end plates are cut and finished, place one on a flat work surface that will support 100 
Ibs. Place the bare core over end plate, aligning the center bore of the core with the center hole in the 
end plate. Make sure the pole pieces are right to the edge of the radius at the top of the end plate. We 
used an extra long drill bit to drill the 8 mounting holes. Repeat this process for the other end plate. 
Alternately, a long pin could be used as a center punch to mark hole locations and drill the holes using a 
drill press. If using the core as a template be sure to make assembly marks on the core and the end plate 
so that final assembly will have all the parts in the same orientation and the mounting bolts will go 
through without binding. Be sure to mark the in-facing and out-facing sides of each panel. 


CORE ASSEMBL Y 


This is the time to review the NOTICE and section on consciousness at 
the beginning. 


We highly recommend ordering your generator set (stator and rotor) from an experienced professional 
lamination house. When your stator/rotor 1s welded and drilled, you are ready to bolt down the 8 spacers 
and wrap the core with 2 types of tape: Wrap 2 layers mica tape around the steel core (round part) 
followed by 1 layer of 1” reinforced, high-strength black tape. These 3 layers will bring the thickness 
needed for insulation to 17 mil (be very mindful at the corners of the pole pieces making certain there is 
no opening in the insulation for the wire to fall down into contact with the steel. If this happens, the coil 
will be short-circuited). 


Mica Plate Cuts (16 pieces) 


Installing Mica Plates 


After you’ve cut 16 c-shaped mica plates, install them on the top and bottom of each pole piece (front 
and back). We used a small amount of contact cement to hold them in place for the rest of the 
processing, but they can also be taped in place with the reinforced black mylar tape. These are installed 
after core taping and before winding. 


Wiring 
You will need to commission a toroidal winding service. They might agree to process the entire core if 


you supply the materials (mica tapes and plates, corner insulation, aluminum spacers, bolts, outer taping, 
etc.). Proper winding 1s critical. 


Teflon sleeving is installed on the first complete turn of each winding of the #20 wire, and 
fiberglass/PVC sleeving on the #10 wire. Two coils of 3100 turns each of #20 wire are wound o’n 
opposing sides (left and right), and 2 coils of 350 turns each of #10 wire on the other sides (top and 
bottom). Leave about 3 feet of wire at the start of each winding and also at the finish for lead wires. Use 
enough sleeving to make sure the lead wires are completely insulated where they come through the back 
end panel. Be sure to secure the finish leads of each coil so that they don’t unravel during handling. 


Outer Wrap Taping 


Wrap a single layer of 1” white fiberglass tape tightly and securely around each coil making sure that all 
wire is covered and tape is butted up against the 4 pole pieces. 


Generator Assembly Steps 
Rotor/Shaft/Shroud Assembly 


Drawings are provided for the shaft showing an optional spline operation that can be used to mount the 
rotor to the shaft, if desired. We used Loctite 648 industrial adhesive (with activator), which 1s effective 
with close fitting parts. 


Drill a 7/8” center hole, and two 4” mounting holes into the shroud disks (mounting holes are lined up 
with the holes in the rotor). Slide one disk onto the shaft on each side of the rotor. Bolt both shrouds to 
the rotor using two 4” or 4-1/4” long 1⁄4 - 28 through-bolts and nuts. These bolts should not be any 


longer than necessary or a rotor imbalance can occur. Shrouds are used to quiet the windage noise 
generated by the spinning rotor. 


Bearings 


Mount bearings to the inside of the front and rear end plates. Center each bearing on the 2.450” hole in 
the center of the plate. Drill the holes oversize for the mounting bolts. This is done to provide 
adjustability in the position of the shaft at final assembly. The bearings will have to be moved slightly to 
center the rotor in the bore of the generator. The gap between rotor and stator 1s very small (.010”) and 
the rotor will need to be positioned so it does not rub on the stator bore. Only tighten finger tight at this 
time. 


We opted to bring the leads from the coils out directly through holes drilled in the rear end plate. You 
may decide to bring the leads out a different way. Here are the steps for our method: 


1) Insert all 8 bolts into the rear end plate, then lay the plate down on a flat work surface with the bolts 
pointing up. The work surface should have a hole under the center hole in the end plate to provide 
clearance when the rotor is inserted. About 1 Y inches of clearance is needed below the plate. 


2) With an assistant or two, place the fully processed core (about 90 lbs.) down onto the bolts. Slide the 
core all the way down into contact with the end plate. 


3) Insert the short end of the rotor/shaft/shroud assembly through the stator bore and into the rear 
bearing. Let the rotor assembly drop gently to the bottom and place the front end plate with bearing over 
the bolts and shaft end. Tap into place with rubber mallet if necessary. Once plate is in contact with 
stator assembly, install washers and nuts and tighten securely. 


4) With assistance, place the assembly upright onto the raised portion of the base. We used 5 lag bolts 
across the bottom of the end plates on each side to mount the assembly to the wood base/frame. Other 
methods could be employed. 


5) Mount the drive motor to the base/frame. We mounted the shaft end of the motor onto the aluminum 
angle on the front of the base with one bolt to provide adjustability for belt tightening. We built a sliding 
mount for the rear of the motor using sheet metal parts, but sliding motor bases are commercially 
available that provide adjustability for proper belt tensioning. 


6) When the motor is mounted to the base, install 3” pulley on motor shaft using set screws. 


7) At this point the rotor position should be adjusted so that it spins freely inside the core without 
rubbing. This is where you may need to adjust the bearing positions repeatedly until the rotor spins 
freely. (The gap between the rotor and stator is .010” making this step a little delicate.) however, once 
the rotor is tightened in position it does not tend to move. Place the 2 2” pulley on the generator shaft at 
this time; it can be used to turn the rotor by hand while adjusting its position. 


8) Place the V-belt over both pulleys and position pulleys as close to the motor and the generator as 
possible. Both pulleys should be positioned an equal distance from the faces of the motor and generator 
to assure that the belt runs true. 


9) The variac can be mounted on the base at this time. We used two 1/4 — 20 x 1” bolts with nuts to 
mount the variac to the aluminum angle. After all the components are mounted on the base, wiring and 
testing will be performed using the variac. (After set-up and testing is completed, the variac can be 
replaced with the electronic motor control circuit board for less bulk and weight. The console box in the 
parts list can be used as an enclosure/control panel for the motor speed control board, and for mounting 
the DPDT start/run switch.) 


10) With all components mounted on the base, wiring can begin. Please follow the schematic to make 
connections. We mounted a 4” x 4” electrical box on the base to support a large (50 Amp) receptacle to 
bring the power out of the generator. 


Wiring Notes: The generator output can be wired in series (220, 230-240V), or parallel (110, 115, 
120V). For the series connection shown on the schematic, the start leads from each coil are connected 
together. This connection provides the highest voltage output from the windings. If using a parallel 
connection for lower voltage/higher current, be careful to connect the four leads with polarity opposed 
(start lead of one coil connected to finish lead of other coil). 


The variac we used can be wired for 120 or 240 volt input, and provides 0-280 volts output, at up to 9.5 
amps. This is a versatile variac and can be used with either a 120 or 240 volt system. The output of the 
variac is connected to a 600 volt, 25 Amp full-wave bridge rectifier to power the variable speed DC 
drive motor. 


Set-up and testing 


Starting with the wiring setup as shown in the schematic, disconnect the primary coils from the series 
capacitor string on one end (disconnect capacitors). This will prevent resonance momentarily. 


Connect input power to the variac. We started with a full 240 volt series wired system, but parallel 120 
volt wiring can also be used. 


Test mechanical assembly by spinning up the motor/rotor/belt and observing operation. Adjust variac 
voltage from zero to about 3 through its range. The active rpm range is under 2500 rpm, so we don’t 
need to spin very fast. Assure there is no stack rub (rotor scrubbing on stator), or other mechanical issues 
that need to be corrected for smooth operation. 


When proper mechanical operation 1s assured, re-connect the series capacitor bank. The initial 
configuration of 12 (twelve) 2.5 uF, 2000 volt capacitors gives us .208uF, that will withstand up to 
24,000 volts. This initial value should be in the range to produce resonance. 


As the machine spins up to resonance, the sound will change, and the rotor speed will lock into the 
resonant frequency. At this point any further increase of the motor speed control will change the speed 
only slightly, but the additional mechanical power (horsepower) will drive the core deeper into 
resonance, thereby increasing the power output. With a single control, the voltage and current (power) 
can be increased or decreased. 


As previously mentioned, the exciter coil is used to provide a conduction path through the quantum field 
(zero point) into the generator core. This has the effect of polarizing the core, which increases power 
output over time. After the QEG 1s first built, the spark gap on the exciter coil should be adjusted (with 
power off) to between .005” and .010”. Start the generator and let it spark for 2-3 seconds, and repeat 
this 4 or 5 times. Do this whenever starting the generator for the first few weeks of operation. 


CAPACITORS 


WOUND CORE 


C. 20 mA pp 

9 Now, for the circuit shown in Figure 6.4 , 
calculate the impedance and current using the 
values provided. 
Questions 
A. C = 530 uF, R = 12 ohms, Vin = 26 V 
pp, f= 60Hz —_—_— 
B. C = 1.77 uF, R = 12 ohms, Vin = 150 V 
pp , f = 10 kHz 


Answers 
A. Z = 13 ohms, |! = 2 A pp 
B. Z = 15 ohms, I = 10 A pp 


10 You can calculate V out for the circuit 
shown in Figure 6.5 with a formula similar to 
the formula used in Chapter 5 to calculate V 


out for a voltage divider composed of two 
resistors. 
Figure 6.5 
o] 
C A 


The formula to calculate the output voltage 
for this circuit is as follows: 


Vout = Vin A 7 
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UNITED STATES 


PATENT OFFICE, 


NIKOLA TESLA, OF NEW YORK, N. Y. 


ELECTRIC GENERATOR. 


SPECIFICATION forming part of Letters Patent No. 811,916, dated January 2, 1824. 
Application Gled August 19,1893. Serial No. 483,562, (Nomodel.) 


To all whom it concern: 

Be it known that I, NIKOLA TESLA, a citizen 
of the United States, residing at New York,in 
the county and State of New York, have in- 
vented certain new and useful Improvements 
in Electric Generators, of which the follow- 
ing is a specification, reference boing had to 
the drawings accompanying and forming a 
part of the same. | | 

In an application of even date herewith, 
Serial No. 453,563, I have shown and described 
a form of engine invented by me, which, un- 


der the influence of an applied force such as 


the elastic tension of steam or a gas under 
pressure, yields an oscillation of constant 
period. 

In order that my present invention may be 
more readily understood I will explain the 
conditions which are to be observed in order 
to secure this result. . 

It is a well known mechanical principle 
that if a spring possessing a sensible inertia 
be brought under tension, AS by being 
stretched, and then freed, it will perform vi- 
brations which are isochronous, and as to 

eriod, in the main, dependent upon the ri- 
gidity of thespring, and itsown inertia or that 
of the system of which it may form an imme- 
diate part. This is known to-be true in all 
cases where the force which tends to bring the 
spring or movable system into a given position 
is proportionate to the displacement. 

La e construction of my engine above re- 
ferred to I have followed and applied this 
principle, that is to say, I employ a cylinder 
and a piston which in aby suitable manner I 
maintain in reciprocation by steam or gas 
under pressure. Totbhe moving piston or to 
the cylinder, in case the latter reciprocate 
and the piston remain stationary, a spring is 
connected soas to be maintained in vibration 
thereby, and whatever may be the inertia of 
the piston or of the moving system and the 
rigidity of the spring relatively to each other, 
provided, the practical limits within which 
the law holds true that the forces which tend 
to bring the moving system toa given position 
are proportionate to the co sage are not 
exceeded, the impulses of the power impelled 
piston and the natural vibrations of the spring 
will always correspond in direction and coin- 
cideintime. Inthecaseof the engine referred 


to, the ports are soarranged that the movement 
of the piston within the cylinder in either di- 


rection ceases when the force tending toimpel 55 


it and the momentam which it has acquired 
are counterbalanced by the increasing press- 
ure of the steam or compressed air in thatend 
of the cylinder toward which itis moving, and 


as in its movement the piston has shut off at 60 


agiven point, the pressure that impelled itand 
established the pressure that tendsto return it, 
it is then impelled iu the opposite direction, 
and this action is continued as long as the 


requisite pressure is applied. ‘I'he length of 65 


the stroke will vary with the pressure, bat 
the rate or period of reciprocation is no-more 
dependent upon the pressure applied to drive 
the piston, than wouid be the period of oscil- 
lation of a pendalum permanently maintained 
in vibration, upon the forco which periodically 
impels it, the effect of variationsin such force 
being merely to prodace corresponding varia- 
tions in the length of stroke or amplitude of 
vibration respectively. E 

In practice I have found that the best re- 
sults are secured by the cinployment of an 
air spring, that is, a body of confined air or 
gas which is coinpressed aud rarefied by the 
movements of the piston, and in order to se- 
cure a spring of constant rigidity I prefer to 
employ a separate chamber or cylinder con- 
taining air at the normal atmospheric press- 
ure, although it might be at any other press- 
ure, and in which works a plunger connected 
with or carried by the piston rod. The main 
reason why no engine heretofore bas been 
capable of producing results of this nature is 
that it has been customary to connect with 
the reciprocating parts a heavy fiy-wheel or 
some equivalent rotary system of relatively 
very great inertia, or in other cases where no 
rotary system was.employed,as in certain re- 
ciprocating engines or tools, no regard has 
been paid to the obtainmentof the conditions 
essential to the end which I have in view, 
nor would the pressure of such conditions in 
said devices appear to result in any special 
advantage. 

Such an engine as I have described affords 
a means for accomplishing a result heretofore 
unattained, the continued prodaction of elec- 
tric currents of constant period, by impart- 
ing the movements of the piston to a core or 
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aod a small force applied periodically in the 
proper direction to maintain it in motion, this 
orce would have no substantial control over 70 
the period of the oscillation, unless the in- 
ertia of the pendulum be small in'comparison 
to the impelling force, and this would be true 
no matter through what fraction of the period . 
the force may be applied.. In the case under 75 
consideration the engine is merely an agent 
for maintaining the vibration once started, 
although it will be understood that this does 
not. préclude the performance of usefal work 
which would simply result in a shortenin of 80 
the stroke, My invention, therefore, involves 
the combination of a piston free to recipro- 
cate under the influence of steam or a 
under pressure and the movable element of - 
an electric generator which is in direct mə- 85 
chanical connection with the piston, and it 

is more especially the objectof my invention 

to secure from such combination electric cur- 
rentsof a constant period. Inthe attainment 
of this object I have found it preférable to go 
construct the engine so that it of itself con- 
trols the period, but as I have stated before, 

I may so modify the elements of the combi- 
nation that the olectro-magnetio system may 
exert a partial or eyen com plete control of 95 
the period. 

Iw illustration of the manner in which tho 
invention is. carried out I now refer to the 
accompanying drawings. A 

Figure 1 is a central sectional view of an rco 
engine and generator embodying the inven- 
tion, Trig. 2 is a modification of the same. _ 

Referring to Fig. 1 A is the main cylinder 
in. which works a piston B. Inlet ports C C 
pass through the sides of the opona open- 
ing at the middle portion thereof and on opp 
sitesided. Exbanst ports D D extend thropgh 

| ed 
with branches that open into the interior. of 
the cylinder on each side of the inlet ports 
and on Opposite sides of the cylinder. The 
piston B is formed with two circumferential 
grooves E If which communicate through - 
openings G in the piston with the cylinder on 


-Coil in a magnetic field. Itshonld be stated 
however, that in applying the engine for this 
Purpose certain conditions are encountered 
which should be taken into consideration in 

- Order to satisfactorily secure the desired re- 
sult, hen a conductor is moved in a mag- 

netic field and a current caused to circulate 
therein,the electro-magneticreaction between . 
it and the field, might disturb the mechanical 
ro oscillation to such an extent as to throw it- 

outofisochronism. This, for instance, might 
occur when the electro-magnetic reaction is 
very great in comparison tot épowerof the en- 
gine, and there is'a retardation of the current 

r15 80 that the electro-magnetic reaction might: 
have an effect similar to that which would re- 
sult from a variation of the tension of the 

- Bpring, but if the circuit of the generator be 
BO adjrsted that the phases of the electromo- 

20 tive force and current coincide in time, that. 

is to say, when the current is not retarded, 

then the generator driven by the engine acts. 
merely as a frictional resistance and will no 
as a rule, alter the period of the mechani 
vibration, although it may vary its amplitude. 

This condition may be readily secured by 

properly proportioning the self induction and 

capacity of the circuit incladin the genera- 
tor, I have, however, observed the urther - 
fact in connection with the use of such en- 
gines as a means for running a generator, 
that it is advantageous that tbe period of the 
engine aná the natural period of electrical 
vibration of the generator should be the same, 
35 As in such case-the best conditions for electri- 
cal resonance are established and the possi- 
bility of disturbing the period of mechanical 
vibrations is reduced to a minimum. Ihave 
found that even if the theoretical conditions 
40 necessary for maintaininga constant riod in 
the engine itself are not exactly maintained, 
still the engine and generator combined will 
vibrate at a constant period. Forexample, if 
instead of ms de the engine an independent 

45 cylinderand plunger,asan air spring of prac- 

tically constant rigidity, I cause the Piston to. 
impinge upon air cushions at the ends of its 
own cylinder, although the rigidity of such 

. cushions orsprings might be considerably af- 
50 fected and varied by thevariationsof ressure 
within the cylinder, still by combining with 
such an engine a generator which has a period 

of its own approximately that of the engine, 
constant vibration may be maintained even 

55 througha considerable range of varying press- 

ure, owing .to the controlling action of the 
electro-magnetic system. I have even found 
that under certain conditions the influence 
of the electro-magnetic system may be made 
63 80 great as to entirely control the period of 
the mechanical vibration within wide limits 
of varying pressure. This is likely to occur 
in those instances where the power of the en- 


E 


2 


un 


3 


La) 


o5 


tul 


fo 


the piston and the ports controlling it may 
be very much varied, and ig not in itself ma- 
terial, except that in the Special case now un- 


to retard or affect the return of the piston ia 125 
either direction. The piston B ta secured to 
& piston rod H which works in suitable stuff- 
ing boxes ia the heads of the cylinder A. 
This rod is prolonged on one side and extends 
through bearings V in a cylinder I suitably 
mounted or supported in line with the first, 
and within which is a disk or plunger J cat- 
ried by the rod H. The cylinder I-is without 
ports of any kind and is air-tight:except asn . 


37 


65 vibration once started, is not sufficient to 
a its rate. So, for the sake of illustra- 
tion, if a pendulum is started in vibration, 


15 liver oil into the said 


o 


in 
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small leakage may occur through the besar- 
ings V, which experience has shown need 
not be fitted with any very considerable ac- 
curacy. The cylinder 1 is surrounded by a 
5 jacket K which leaves an open space or cham- 
ber around it. The bearings V in the cylin- 
der I, extend through the jacket K to the out- 
side airand the chamber between the cylin- 
der and jacket is made steam or air-tight as 


to by asuitable packing. -The main supply pipe 


L for steam or compressed air leads into this 
chamber, and the two pipes that lead to the 
cylinder A ran from the said chamber, oil 
cups M being conveniently arranged to de- 
ipes for lubricating 
the piston. In the particular form of engine 
shown, the jacket K which contains thecylin- 
der I is provided with a flange N by which it 
is sorewed to the end of the cylinder A. A 
small chamber O is thus formed which has air 
vents P in its sides and drip pipes Q leading 
out from it through which the oil which col- 
lects in it is carried off. 

To explain now the operation of the engine 
described, in the position of the parts shown, 
or when the piston is at the middle point of 
its stroke, the plunger J is at the center of 
the cylinder I and the air on both sides of the 
same is at the normal pressure of the outside 
> atmosphere. If a source of steam or com- 
pressed air be then connected to the inlet 

rts O C of the cylinder A and a movement 

imparted to the piston as by a sudden blow, 
the latter is caused to reciprocate in a man- 
ner well understood. The movements of the 
iston compress and rarefy the air in the cyl- 
nder I at opposite ends of the same alter- 
nately. A forward stroke compresses the air 
ahead of the plunger J which acts as aspring 
to returnit. Similarly on the back strake the 
air is compressed on the opposite side of the 
plunger J and tends to drive it forward. The 
oom pressions of the air in the cylinder I and 
the consequent loss of energy due mainly to 
the imperfect elasticity of the air, give rise to 
a very considerable amount of heat. This 
heat I utilize by conducting the steam or com- 
pressed air to the engine cylinder through tho 
chamber formed by the jacket surrounding 
the air-spring cylinder. The heat thos taken 
up and used to raise the temperature of the 
steam or air acting upon the rs isavailed 
of to.increase the efficiency of the engine. In 
any given engine of this kind the normal 
pressure will produce a stroke of determined 
length, and this will be increased or dimin- 
ished according to the increase of pressure 
above or the reduction of pressure below the 
normal. 

In constructing the apparatus proper allow- 
ance is made for a variation in the length of 
stroke by giving to the confining cylinder I 
of the air spring properly determined dimen- 
sions. The greater the pressure upon the 
piston, the higher the degree of compression 
of the air-spring, and the consequent coun- 
teracting force upon the plunger. The rate 


or period of reciprocation of the piston, how- 
ever, is mainly determined as described above 
by the rigidity of 
ertia of the moving system, and any: period 
of oscillation within very wide limits may be 
secured by proper] 
as by varying the dimensions of the air cham- 
ber which is equivalent to varying the rig- 75 
idity of the spring; or by adjusting the weight 

of the moving parts. These conditions are 
all readily determinable, and an engine con- -~ : 
structed as herein described may be made to 
follow the principle of operation above stated 
and maintain a perfeotly uniform period 
through very wide limits of pressure. 


the air spring and the in- 70 


portioning these factors, 


80 


The pressure of the dir confined in the cyl- 


inder when the plunget. 1 is in its central po- . 
sition will always be practically that of the 85 
surrounding atmosphere, for while the oylin- 
der is so constructed as -not to 
sudden escape of air as to sensibly impair or 


rmit such 


modify-the action of the air spring there will 


still be a slow leakage of air into or out of it go 
around the piston rod according to the press- 


ure therein, so that the pressure of the airon 

opposite sides of the plunger will always tend 

to remain at that of thre outside atmosphere. 
To the piston rod His secured a conductor 95 


or coil of wire D’ which by the movementsof 


the piston is oscillated in the magnetic fleld 
roduced by two magnets B’ B’ which may 
e permanent magnets oF energized by coils 
C’ O’ connected with a source of continuous 190 
currents E’. The movement of the coil D’ | 
across the lines of force established by the 
magnets gives rise to alternating currents in 
the coil. These currents, if the period of. 
mechanical oscillatiodábe constant will be of 105 


constant period, and may be atilized for any 


purpose desired. 

In the case under consideration it is as- 
sumed as a necessary condition that the ju- 
ertia of the movable element of the genera- 110 
tor and the electro-magnetic reaction which 


it exerts will not be of such character as to 


materially disturb the action of the engine. 

Fig. 2 is an example of a combination in 
which the engine is not of itself capable of 115 
determining entirely the period of oscillation, 
but in which the generator contributes to this 
end. In this figure the engine is the same as 
in Fig. 1. The exterior air spring is however 
omitted and the air spaces at the ends of the 120 
cylinder A relied on for accomplishing the 
same purpose. As the pressure in these 
spaces is liable to variations from variations 
in the steam or gas used in oe, pa pue the pis- 
ton they might affect the period of oscillation, 125 
and the conditions are not as stable and cer- 
tain as in the case of an engine constructed 
as in Fig. 1. But if the natural period of vi- 
bration of the elastic system be made to ap- 


proximately accord with the average period 130 


of the engine such tendencies to variation 


are very largely overcome and the engine will 


preserve its period even through a consid- 
erable range of variations ‘of pressure. The 


Questions 


Calculate the output voltage in this 
using the component values and input 
voltage and frequency listed on the 


diagram shown in Figure 6.6 . 
Figure 6.6 


Ky o] 
10 Vip E 


f= 1 kHz L 0.32 UF 


A. Find XC: 
B. Find Z: 


C. Use the formula to find V out : 
Answers 
A. XC = 500 ohms (rounded off) 
B. Z = 1120 ohms (rounded off) 
C. V out = 8.9 V pp 
11 Now, find V out for the circuit in 


6.5 using the given component values, 
voltage, and frequency. 

Questions 

A. C = 0.16 uF, R = 1 kQ, Vin = 10 
f = 1kHz | 

B. C = 0.08 uF, R = 1 KQ, Vin = 10 
f = 1 kHz 

Answers 


circuit 
Signal 
circuit 
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generator in this case is compose 
netic casing F’ in which-a laminated core Q’ 
secured to the piston rod H is caused to vi- 
brate. Surrounding the plunger are two ex- 
citing coils C’ C’, and one or more induced 
coils D’ D’. The coils C’ C are connected 
with a generator of continnous currents E’ 
and are wound to produce consequent poles 
in the core G’, Any movement o the latter 
will therefore shift the lines of force through 
coils D’ D’ and produce currents therein. 

In the circuit of coils D’ is shown a con- 
denser H’, 
use of a proper condenser the self induction 
15 of this circuit may be nentralized. Such a 

cironit will have a certain natural period of 
vibration, that is to say that when the eleo- 
tricity therein is disturbed in eny way an 
electrical or electro-magnetic vibration of a 
20 certain period takes place, and as this de- 
pends upon the capacity and self induction, 
such period may be varied to approximately 
accord with the period of the engine. 
- Iu case the power of the engine be coni- 
25 paratively small, as when the pressure is ap- 
plied through a very small fraction of the 
total stroke, the electrical vibration will tend 
to control the pa and it is clear that if 
the character of such vibration be not very 
3o widely different from the ay period of 


un 


o 


vibration of the engine under ordinary work- 


ing conditions such contro] may be entire- 
ly adequate to produce the desire resulta. 

Having now described my invention, what 

35 I claim is 

1, Thecombination with the piston or equiv- 
alent element of an engine which is free to 
reciprocate under the action thereon of steam 
Or a gas under pressure, of the moving con- 


— 


40 ductor or element of an electric generator in 


direct mechanical connection therewith. 
2. Thecombination with the wae or equiv- 
alent element of an engine which is free to 


reciprocate under the action of steam or & gas 


d of a mag- | 


currents of constant peri 


It need only be said that by the 


current of constant p 


under pressure, of the moving conductor or 45 
element of an electric generator in direct me- 


chanical conuection therewith, the engine and 


generator being adapted by their relative ad- 
justment with respect to iod to produce 
as set forth. 

8. Thecombination with an engine compris- 
ing a piston which is free to reciprocate un- 
der the action of steam ora gas under pren 
ure, and an electric generator having induc- 
me, Eo induced elements one of, which is ca- 
pable of oscillation in the field of force, the 
said movable element being carried by the . 
piston rod of the engine, as set forth, 

4. The combination with an engine oper- 
ated by steam ora gas under pressure and hay- 60 
ing a constant period of reciprocation, of an 
electric generator, the moving element of 
which is carried by the reciprocating part of 
the engine, the generator and its circuit be- 
ing 80 related to the engine with respect to 65 
the period of electrical vibration as not to 


o 


un 


w 


5 


| disturb the period of the engine, as set forth. 


5. The combination with'a cylinder and a 
piston reciprocated by steam. or a gas under 
eres of a spring maintained in vibration 

y the movement of the piston, and an elec- 
tric generator, the movable conductor or ele- 
ment of which is connected with the piston, 
these elements being constructed and akiapt- 
ed in the manner set forth for producing a 75 
eriod. 

6. The method of prodocing electric our- 
rents of” constant period herein described 
which consists in imparting the oscillations 
of an engine to the moving element of an eleo- 8c 
tric generator and regulating the period of 
mechanical oscillation by an adjustment of 
the reaction of the electric generator, as here- 


in set forth. 
NIKOLA TESLA. 
Witnesses: . l 


PARKER W. PAGB, 
R. F. GAYLORD. 
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Frequently Asked Questions 


Where is the energy this device is using coming from ? 
The quantum field 


How much overall power does the QEG produce? 
10 KW (same design scaled up can produce 40 KW) 


If ‘free’ energy devices work, why aren't the electric companies using them? 
This should be obvious but in case you need a reference, please see: 


http://hopegirl2012.wordpress.com/ 


How is the QEG started up if it doesn’t require fuel? 

All that’s needed is to spin the machine up to resonance. At that point it will run itself. It can be 
started using existing electrical power if available, or a crank mechanism, or a battery powered 
motor-start system. A battery start system could also keep its own batteries fully charged, by 
tapping some power from the generator. 


How long will the QEG run? 
Indefinitely (or until parts wear out) 


How did the QEG improve upon Tesla’s work? 

This design adapts the linear, reciprocating element of the Patent, to a rotating element, and 
some electronics are employed for added stability; controlled amount of power and correct 
frequency range. 


Does the QEG slow down when more of a load is added? 
No — it’s not that type of energy. 


Does the QEG emit radiation? 

No — it’s not that type of energy. 

What form of energy does QEG use? 
Electromagnetic and atmospheric charge 
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(57) ABSTRACT 


A system 1s disclosed for converting energy from the elec- 
tromagnetic quantum vacuum available at any point in the 
universe to usable energy in the form of heat, electricity, 
mechanical energy or other forms of power. By suppressing 
electromagnetic quantum vacuum energy at appropriate 
frequencies a change may be effected in the electron energy 
levels which will result in the emission or release of energy. 
Mode suppression of electromagnetic quantum vacuum 
radiation is known to take place in Casimir cavities. A 
Casimir cavity refers to any region in which electromagnetic 
modes are suppressed or restricted. When atoms enter into 
suitable micro Casimir cavities a decrease in the orbital 
energies of electrons in atoms will thus occur. Such energy 
will be captured in the claimed devices. Upon emergence 
form such micro Casimir cavities the atoms will be re- 
energized by the ambient electromagnetic quantum vacuum. 
In this way energy is extracted locally and replenished 
globally from and by the electromagnetic quantum vacuum. 
This process may be repeated an unlimited number of times. 
This process is also consistent with the conservation of 
energy in that all usable energy does come at the expense of 
the energy content of the electromagnetic quantum vacuum. 
Similar effects may be produced by acting upon molecular 
bonds. Devices are described in which gas is recycled 
through a multiplicity of Casimir cavities. The disclosed 
devices are scalable in size and energy output for applica- 
tions ranging from replacements for small batteries to power 
plant sized generators of electricity. 
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FIG. 7B 


A. V out = 7.1 V pp 

B. V out = 4.5 V pp 

Note Hereafter, you can assume that the 
answer IS a peak-to-peak value if the given 
value is a peak-to-peak value. 

12 The output voltage is said to be 
attenuated in the voltage divider calculations, 
as shown in the calculations in problems 10 
and 11. Compare the input and output 
voltages in problems 10 and 11. 

Question 
What does attenuated mean? 
Answer 


To reduce in amplitude or magnitude (that is, 
V out is smaller than V in. ). 
13 When you calculated V out in the 


examples in problems 10 and 11, you first 
had to find X C . However, X C changes as 
the frequency changes, while the resistance 
remains constant. Therefore, as the frequency 
changes, the impedance Z changes and also 


so does the amplitude of the output voltage V 
out . 

If V out is plotted against frequency on a 
graph, the curve looks like that shown In 
Figure 6.7 
Figure 6.7 
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QUANTUM VACUUM ENERGY EXTRACTION 


BACKGROUND OF THE INVENTION 


[0001] Max Planck proposed the concept of zero-point 
energy in 1912. The idea was then studied by Albert Einstein 
and Otto Stern in 1913. In 1916 Walther Nernst proposed 
that the Universe was filled with zero-point energy. The 
modern field of stochastic electrodynamics is based upon 
these ideas. 


[0002] At that same time the structure and stability of the 
atom were puzzles. The Rutherford model of the atom was 
based on analogy to the motions of planets (electrons) 
around the Sun (the nucleus). However this was not feasible. 
The orbiting electron(s) would emit Larmor radiation, 
quickly losing energy and thus spiraling into the nucleus on 
time scales less than one-trillionth of a second, thereby 
rendering stable matter impossible. It is now known within 
the context of stochastic electrodynamics (SED) theory that 
a possible solution involves the absorption of zero-point 
energy. It was shown in 1975 by Boyer that the simplest 
possible atom and atomic state, the hydrogen atom in its 
ground state, would be in a state of equilibrium between 
Larmor radiation and absorption of zero-point energy at the 
correct radius for a classical Rutherford hydrogen atom. 


[0003] Since this solution was not known in 1913, Niels 
Bohr followed a different path by simply postulating that 
only discrete energy levels were available to the electron in 
an atom. This line of reasoning let to the development of 
quantum theory in the 1920s. The concept of classical 
zero-point energy was forgotten for a decade. However the 
same concept found itself reborn in a quantum context in 
1927 with the formulation of the Heisenberg uncertainty 
principle. According to the principle, the minimum energy 
of a harmonic oscillator has the value hf/2, where h is 
Planck’s constant and f is the frequency. It is thus impossible 
to remove this last amount of random energy from an 
oscillating system. 


[0004] Since the electromagnetic field also must be quan- 
tized in quantum theory, a parallel is drawn between the 
properties of a quantum oscillator and the waves of the 
electromagnetic field. It is concluded that the minimum 
energy of any possible mode of the electromagnetic field, 
consisting of frequency, propagation direction and polariza- 
tion state, is hf/2. Multiplying this energy by all possible 
modes of the field gives rise to the electromagnetic quantum 
vacuum, which has identical properties—energy density and 
spectrum—to the classical zero-point energy studied by 
Planck, Einstein, Stern and Nernst a decade previously. 


[0005] The line of inquiry involving classical physics plus 
the addition of a classical zero-point field was reopened in 
the 1960s by Trevor Marshall and Timothy Boyer and has 
been named stochastic electrodynamics (SED). SED asks 
the question: “Which quantum properties, processes or laws 
can be explained in terms of classical physics with the only 
addition being a zero-point electromagnetic field.” Two of 
the early successes were a classical derivation of the black- 
body spectrum (i.e. one not involving quantum physics) and 
the discovery that a classically orbiting electron in a hydro- 
gen atom emitting Larmor radiation but absorbing zero- 
point radiation would have an equilibrium orbit at the 
classical Bohr radius. An initial approach to this problem by 
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Timothy Boyer (1975) was perfected by H. E. Puthoff 
(1987). Their analyses treated the orbiting electron as a 
harmonic oscillator. 


[0006] This result underwent a major new development 
with the recent work of Daniel Cole and Y. Zou which 
simulated the orbit of a classical electron in a true Coulomb 
field of a hydrogen nucleus and found that such a realistic 
electron would find itself in a range of distances from the 
nucleus, in agreement with quantum mechanics, owing to 
the random nature of the emission and absorption processes. 
The mean position is at the correct Bohr radius, but the 
actual distribution of positions very precisely duplicates the 
electron probability distribution of the corresponding Schró- 
dinger equation in which the electron is regarded as being 
represented by a wave function. (In the SED representation 
the electron is “smeared out” not because it is a wave 
function, but because as a point-like particle it 1s subject to 
the continuous perturbations of the electromagnetic quan- 
tum vacuum fluctuations.) 


[0007] A clear consequence of this theory is that a reduc- 
tion of the electromagnetic quantum vacuum at the fre- 
quency corresponding to the orbit of the electron will result 
in a decay of the orbit since there will thereby be an 
imbalance in the Larmor radiation vs. absorption. 


[0008] The electromagnetic quantum vacuum energy 
spectrum is proportional to the cube of the frequency. If the 
vacuum energy is suppressed at the frequency of the “nor- 
mal” orbit of the electron, this will cause the electron to 
spiral inward to a higher frequency orbit. In this fashion it 
will then encounter a new equilibrium situation with the 
electromagnetic quantum vacuum energy spectrum owing to 
that spectrum’s increase with the cube of the frequency. 


[0009] If the SED interpretation is correct for the hydro- 
gen atom as the analyses of Boyer, Puthoff, Cole and Zou 
indicate, it must apply as well to all other atoms and their 
multi-electron configurations. In that case, a transition of an 
electron from an excited state to a lower energy state 
involves a rapid decay from one stable orbit to another, not 
an instantaneous quantum jump. The details of the bases for 
stability of electron orbits has yet to be determined by SED 
theory, but the logical extrapolation from the single-electron 
hydrogen case is clear: electron orbits in all atoms must be 
determined by an emission vs. absorption balance and thus 
are subject to modification involving mode suppression of 
the electromagnetic zero-point field at appropriate frequen- 
cies. 


[0010] It is claimed that modification of electron orbits is 
in essence the same process as natural transition between 
energy levels of electrons in atoms and therefore that the 
energy released in such a process can be captured in the 
same way as ordinary transition energy. 


[0011] By moving an atom into and out of a microstructure 
that suppresses appropriate modes of the electromagnetic 
quantum vacuum, an extraction of energy from the electro- 
magnetic quantum vacuum may be accomplished. This can 
be done with micro Casimir cavities. 


[0012] The electromagnetic quantum vacuum as a real 
source of energy is indicated by the Lamb shift between s 
and p levels in hydrogen, van der Waals forces, the Ahara- 
nov-Bohm effect, and noise in electronic circuits. 
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[0013] However the most important effect of the electro- 
magnetic quantum vacuum is the existence of the Casimir 
Force, a force between parallel conducting plates which may 
be interpreted as a radiation pressure effect of electromag- 
netic quantum vacuum energy. Electromagnetic waves in a 
cavity whose walls are conducting are constrained to certain 
wavelengths for reasons having to do with transverse com- 
ponent boundary conditions on the wall surfaces. As a result, 
in a Casimir cavity between parallel plates there will be, in 
effect, an exclusion of radiation modes whose wavelengths 
are longer than the separation of the plates. An overpressure 
of electromagnetic quantum vacuum radiation on the outside 
then pushes the plates together. An extensive literature exists 
on the Casimir force and the reality of the force has moved 
from laboratory experimentation to micro-electro-mechani- 
cal structures (MEMS) technology both as a problem (so- 
called “stiction”) and as a possible control mechanism. 


[0014] The exclusion of modes does not begin all at once 
at the wavelength equivalent to the plate separation, d. Mode 
suppression will be strongest for wavelengths of d or greater, 
but will begin to occur as well for wavelengths falling in 
between the “stairway” d/n, with the effect diminishing as n 
increases. We propose to use the partial suppression of 
modes for wavelengths shorter than d occurring in this 
fashion in order to be able to employ Casimir cavities of the 
maximum possible physical size. 


[0015] Researchers have shown that thermodynamic laws 
are not violated when energy is “extracted” from zero-point 
energy, as energy is still conserved and the second law is not 
violated. Cole and Puthoff have carried out and published 
thermodynamic analyses showing that there is no violation. 
Indeed, a thought experiment by Forward (1984) showed a 
simple, but not practical, energy extraction experiment. 


[0016] In the stochastic electrodynamics (SED) interpre- 
tation of the hydrogen atom, the ground state is interpreted 
as effectively equivalent to a classically orbiting electron 
whose velocity is c/137. The orbit is stable at the Bohr radius 
owing to a balance between classical electromagnetic emis- 
sion and absorption from the electromagnetic zero-point 
field. This view, first obtained by Boyer (1975) and subse- 
quently refined by Puthoff (1987) has been further strength- 
ened by the detailed simulations of Cole and Zou (2003, 
2004) which demonstrate that the stochastic motions of the 
electron in this interpretation reproduce the probability 
density distribution of the Schrédinger wave function. Note 
that one apparent difference between this interpretation and 
that of quantum mechanics is that in quantum mechanics the 
ls state of the electron is regarded as having zero angular 
momentum, whereas in the SED interpretation the electron 
has an instantaneous angular momentum of mer/137=h/2n7. 
However SED simulations by Nickisch have shown that the 
time-averaged angular momentum is zero just as in the 
quantum case owing to the zero-point perturbations on the 
orbital plane. Thus averaged over enough “orbits” this 
“classical electron” will fill a spherical symmetric volume 
around the nucleus having the same radial probability den- 
sity as the Schródinger wave function and zero net angular 
momentum, completely consistent with quantum behavior. 


[0017] The Bohr radius of the atom in the SED view is 
0.529 A (Angstroms). This implies that the wavelength of 
zero-point radiation responsible for sustaining the orbit is 
2*2*0.529*137=455 A (0.0455 microns). It is claimed that 
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suppression of zero-point radiation at this wavelength and 
shorter in a Casimir cavity will result in the decay of the 
electron to a lower energy state determined by a new balance 
between classical emission of an accelerated charge and 
zero-point radiation at A<455 A, where à depends on the 
Casimir plate separation, d. Note that the tail end of the 
quantum probability density of the electron (as well as the 
SED simulation of Cole and Zou) extends beyond five Bohr 
radii, so that some change in the energy balance could be 
accomplished even at considerably longer wavelengths of 
perhaps 0.1 microns-0.2 microns 


[0018] Since the frequency of this orbit is 6.6x10'° s”*, no 
matter how quickly the atom is injected into a Casimir cavity 
the process will be a slow one as experienced by the orbiting 
electron. We therefore assume that the decay to a new 
sub-Bohr ground state will involve gradual release of energy 
in the form of heat, rather than a sudden optical radiation 
signature. 


[0019] Since the binding energy of the electron is 13.6 eV, 
we assume that the amount of energy released in this process 
would be on the order of 1 to 10 eV for injection of the 
hydrogen atom into a Casimir cavity of d=250 A or there- 
abouts (and perhaps even a larger cavity as noted above). 
Upon exiting the cavity the electron would absorb energy 
from the zero-point field and be re-excited to its normal 
state. The energy (heat) extracted in the process comes at the 
expense of the zero-point field, which in the SED interpre- 
tation flows at the speed of light throughout the Universe. 
We are in effect extracting energy locally and replenishing it 
globally. Imagine extracting thimbles-full of water from the 
ocean. Yes, the ocean is being depleted thereby, but no 
practical consequences ensue. 


[0020] Since naturally occurring hydrogen at standard 
temperature and pressure (STP) is a two-atom molecule, a 
dissociation process would need to precede an injection of 
hydrogen atoms into a Casimir cavity. We avoid this com- 
plication and take advantage of multi-electron modification 
by working with monatomic (noble) gases which also have 
the advantage of being safe and inexpensive. 


[0021] We work with naturally occurring monatomic 
gases for three reasons: 


[0022] (1) No dissociation process is required. 


[0023] (2) Heavier element atoms are approximately 
two to four times larger than hydrogen and thus can 
utilize and be affected by a larger Casimir cavity which 
is easier to fabricate. 


[0024] (3) Heavier elements have numerous outer shell 
electrons, several of which may be simultaneously 
affected by the reduction of zero-point radiation in a 
Casimir cavity. 


[0025] The following five noble gases are potentially 
suitable: 


[0026] 
[0027] 
[0028] 
[0029] 
[0030] 


He (Z=2, r=1.2 A) 
Ne (Z=10, r=1.3 A), 
Ar (Z=18, r=1.6 A) 
Kr (Z=36, r=1.8 A) 
Xe (Z=54, r=2.05 A). 
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[0031] All of these elements contain ns electrons. He has 
two 1s electrons. Ne has two each of 1s and 2s electrons. Ar 
has two each of 1s, 2s, and 3s electrons. Kr has two of each 
of 1s, 2s, 3s, and 4s electrons. Xe has two of each of 1s, 2s, 
3s, 4s and 5s electrons. 


[0032] Assuming an outermost electron which is com- 
pletely shielded by the other electrons (a crude assumption), 
its orbital velocity would scale as r”*” (the familiar Keple- 
rian period squared proportional to semi-major axis cubed 
relationship) and thus A proportional to r/v) will scale as 172. 
If that is the case, then the larger radii translate as r°? into 
larger Casimir cavities having an effect on the energetics of 
the outer electron shells. We would therefore expect that a 
Casimir cavity having d=0.1 microns (or perhaps even as 
large as one micron would have an effect on reducing the 
energy levels of the outermost pair of s electrons .. . and 
possibly also p electrons and intermediate shell s electrons 
as well. 


[0033] Itis reasonable to expect that a 0.1 microns Casimir 
cavity would result in a release of 1 to 10 eV for each 
injection of a He, Ne, Ar, Kr or Xe atom into such a cavity. 


[0034] According to a Jordan Maclay, who has done 
theoretical Casimir cavity calculations, a long cylindrical 
cavity results in an inward force on the cavity. In the 
“exclusion of modes” interpretation of the Casimir force, 
this implies that a cylindrical cavity of diameter 0.1 micron 
would yield the desired decay of outer shell electrons and 
subsequent release of energy. 


[0035] It is now recognized that an electromagnetic quan- 
tum vacuum field is formally necessary for atomic stability 
in conventional quantum theory (Milonni 1994). In the field 
of physics known as stochastic electrodynamics, this con- 
cept has been shown by theory and simulations to underlie 
the ground state of the electron in the hydrogen atom. The 
classical Bohr orbit is determined by a balance of Larmor 
emission and absorption of energy from the zero-point 
fluctuations of the electromagnetic quantum vacuum in SED 
theory. It follows that upon suppression of appropriate 
zero-point fluctuations the balance will be upset causing the 
electron to decay to a lower energy level not ordinarily 
found in nature with a release of energy during this transi- 
tion. A Casimir cavity of the proper dimensions can accom- 
plish this suppression of zero-point fluctuations. A Casimir 
cavity refers to any region in which electromagnetic modes 
are suppressed or restricted. Upon entering such a properly 
designed Casimir cavity the electron energy level will shift 
and energy will be released. Upon exiting the Casimir cavity 
the electron will return to its customary state by absorbing 
energy from the ambient zero-point fluctuations. This per- 
mits an energy extraction cycle to be achieved at the expense 
of the zero-point fluctuations. Although it has not yet been 
proven theoretically, a similar balance of Larmor emission 
and absorption of energy from the zero-point fluctuations 
must underlie the electron states of all atoms, not just 
hydrogen, permitting any atom to be used as a catalyst for 
extraction of zero-point energy (the energy associated with 
the zero-point fluctuations). An analogous process is also 
believed to underlie molecular bonds, yielding a similar 
energy extraction cycle. 

[0036] The following is a list of patents that deal with 
related phenomena: 


[0037] U.S. Pat. No. 5,018,180, Energy conversion using 
high charge density, Kenneth R. Shoulders. This concerns 
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the production of charge clusters in spark discharges. It is 
conjectured that the electrostatic repulsion of charges is 
overcome in charge clusters by a Casimir-like force. This 
invention does not deal with energy release from atoms in 
Casimir cavities and is therefore not relevant to the present 
invention. 


[0038] U.S. Pat. No. 5,590,031, System for converting 
electromagnetic radiation energy to electrical energy, Fran- 
klin B. Mead and Jack Nachamkin. This invention does not 
deal with energy release from atoms in Casimir cavities and 
is therefore not relevant to the present invention. 


[0039] U.S. Pat. No. 6,477,028, Method and apparatus for 
energy extraction, Fabrizio Pinto. Proposes to vary one or 
more of a variety of physical factors that affect the Casimir 
force, or by altering any of a variety of environmental 
factors that affect such physical factors and thereby render a 
Casimir force system as non-conservative. This invention 
does not deal with energy release from atoms in Casimir 
cavities and is therefore not relevant to the present invention. 


[0040] U.S. Pat. No. 6,593,566, Method and apparatus for 
energy extraction, Fabrizio Pinto. A method and apparatus 
for accelerating and a decelerating particles based on par- 
ticle surface interactions. This invention does not deal with 
energy release from atoms in Casimir cavities and is there- 
fore not relevant to the present invention. 


[0041] U.S. Pat. No. 6,665,167, Method for energy extrac- 
tion-I, Fabrizio Pinto. Similar to U.S. Pat. No. 6,477,028. 
This invention does not deal with energy release from atoms 
in Casimir cavities and is therefore not relevant to the 
present invention. 


SUMMARY OF THE INVENTION 


[0042] A system is disclosed for converting part of the 
energy of the electromagnetic quantum vacuum available at 
any point in the universe to usable energy in the form of 
heat, electricity, mechanical energy or other forms of power. 
This is accomplished using an effect on the electron con- 
figurations of atoms predicted by the theory of stochastic 
electrodynamics (SED). Within the context of SED theory it 
is predicted that the electron energy levels in atoms are 
determined by a balance of Larmor radiation vs. absorption 
of radiative energy from the electromagnetic quantum 
vacuum. By suppressing electromagnetic quantum vacuum 
energy at appropriate frequencies a change may be effected 
in the electron energy levels which will result in the emis- 
sion or release of energy. This change in energies is analo- 
gous to a standard emission of a photon as an electron makes 
a transition from an excited to a lower energy state, but on 
a longer time scale and with the change being a continuous 
one rather than a “jump” from one energy level to another. 
Mode suppression of electromagnetic quantum vacuum 
radiation is known to take place in Casimir cavities. A 
Casimir cavity refers to any region in which electromagnetic 
modes are suppressed or restricted. When atoms enter into 
suitable micro Casimir cavities a decrease in the orbital 
energies of electrons in atoms will thus occur, with the effect 
being most pronounced for outer shell electrons. Such 
energy will be captured in the claimed devices. Upon 
emergence form such micro Casimir cavities the atoms will 
be re-energized by the ambient electromagnetic quantum 
vacuum. In this way energy is extracted locally and replen- 
ished globally from and by the electromagnetic quantum 
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vacuum. This process may be repeated an unlimited number 
of times. This process is also consistent with the conserva- 
tion of energy in that all usable energy does come at the 
expense of the energy content of the electromagnetic quan- 
tum vacuum. Two example variations of a system are 
disclosed that permit multiple extractions of electromagnetic 
quantum vacuum energy during passage of a gas through a 
series of micro Casimir cavities and that operate in a 
self-sustaining, recycling fashion. Similar effects may be 
produced by acting upon molecular bonds. The disclosed 
devices are scalable in size and energy output for applica- 
tions ranging from replacements for small batteries to power 
plant sized generators of electricity. Since the electromag- 
netic quantum vacuum is thought to permeate the entire 
Universe, devices drawing power from the electromagnetic 
quantum vacuum in the fashion claimed will be effectively 
inexhaustible sources of power. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0043] The present invention may be understood by ref- 
erence to the following detailed description taken in con- 
junction with the drawings briefly described below. 


[0044] FIG. 1 is a diagrammatic illustration of a set of 
channels each containing a multiplicity of Casimir cavities 
in accordance with the present invention. 


[0045] FIG. 2 is a diagrammatic illustration of a system for 
converting quantum vacuum energy into locally usable 
power in accordance with the present invention. 


[0046] FIG. 3 is a diagrammatic illustration of a block of 
tunnels each containing a multiplicity of Casimir cavities in 
accordance with the present invention. 


[0047] FIGS. 4A-4D are diagrammatic illustrations of 
Casimir channels in bonded wafers in accordance with the 
present invention. 


[0048] FIGS. 5A-5C are diagrammatic illustrations of a 
device for oscillating a fluid though Casimir channels in 
accordance with the present invention. 


[0049] FIGS. 6A and 6B are diagrammatic illustrations of 
a device switching the reflecting characteristics of walls of 
Casimir cavities in accordance with the present invention. 


[0050] FIGS. 7A and 7B are diagrammatic illustrations of 
a device Casimir cavity wall spacing in accordance with the 
present invention. 


[0051] FIG. 8 is a diagrammatic illustration of a device 
incorporating asymmetric Casimir cavity entry and exits in 
accordance with the present invention. 


DETAILED DESCRIPTION 


[0052] The first embodiments of this concept utilize 
Casimir cavities consisting of volumes through which, or in 
and out of which, gases flow, and which on the size scales 
of atoms appear as regions bounded by parallel plates of 
conducting material in which the plate scales are much 
larger than the plate separations; or by cylinders of conduct- 
ing material in which the lengths of the cylinders are much 
larger than the diameters. It is claimed that other forms of 
Casimir cavity are capable of producing a similar effect, and 
the term Casimir cavity will be used to designate any volume 
capable of mode suppression of the zero-point field. The 
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necessary condition is that the mode suppression ability of 
the Casimir cavity be matched to the electron energy levels 
in such a way as to result in a significant difference of the 
electron energy levels inside vs. outside the cavity. 


[0053] These embodiments demonstrate the following 
concepts: 


[0054] A method, comprising: (a) use of a device 
including a series of Casimir cavities and causing a 
specific gas to flow through the cavities, said Casimir 
cavities being configured and said specific gas being 
selected such that as the gas flows through the cavities 
energy is released from the gas; and (b) means for 
collecting at least some of said released gas. 


[0055] A method, comprising: (a) providing a device 
including at least one Casimir cavity and causing a 
specific gas to enter and then exit the cavity, said 
Casimir cavity being configured and said specific gas 
being selected such that when the gas is caused to enter 
the cavity, energy is released from the gas; and (b) 
means for collecting at least some of said released 
energy. 


[0056] A means for effecting changes in the electron 
configurations. A system for converting part of the 
energy of the electromagnetic quantum vacuum avail- 
able at any point in the Universe to usable energy in the 
form of heat, electricity, mechanical energy or other 
forms of power. 


[0057] A means for effecting changes in the electron 
configurations in the process of which energy is 
released. 


[0058] A means for allowing the electron configurations 
to be re-energized by exposure to the ambient electro- 
magnetic quantum vacuum radiation. 


[0059] The use of microstructures consisting of many 
pairs of alternating Casimir cavities and regions in 
which the electromagnetic quantum vacuum radiation 
freely propagates. 


[0060] The use of conducting strips on facing pairs of 
plates so that atoms go through alternating regions in 
which they are exposed to the full electromagnetic 
quantum vacuum spectrum, and regions in which part 
of the spectrum is blocked. The result is that they dump 
(or radiate) the energy difference into the local medium. 


[0061] The use of spacers to separate the layer pairs. 


[0062] The use of multiple conducting strips to amplify 
the effect (hugely). 


[0063] The stacking of such plates with strips on both 
sides so that the top of one pair becomes the bottom of 
the next, each with identical conducting strips which 
form Casimir cavities with their partner strips in each 
pair. 

[0064] The use of sandwiched layers of alternating 
conducting and non-conducting plates having micron 
sized thicknesses in which micron or submicron diam- 
eter holes are introduced by etching or some other 
method. 


[0065] The stacking, co-registration and alignment of 
such sandwiched layers to produce many parallel 
Casimir tunnels having alternating Casimir and non- 
conducting segments. 
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[0066] The use of multiple segments to amplify the effect 
(hugely). 


[0067] The use of monatomic gases as the medium in 
such a system. 


[0068] The use of molecular gases in such a system for 
the purpose of modifying molecular bonds with the 
attendant release of energy. 


[0069] A closed recycling system in which these pro- 
cesses take place. 


[0070] Fabricatable and workable configuration and 
dimensions but with the claims not limited to these 
specific embodiments. 


[0071] A means whereby the flow of gas is initiated and 
maintained in a closed system. 


[0072] A means whereby the energy released from the 
electron orbital changes is converted into usable energy 
in the form of heat, electricity, mechanical energy or 
other forms of power. 


Casimir Channels 


[0073] This embodiment shown in FIG. 1 involves two 
square parallel plates 12 and 14, 10x10 cm in size for 
illustration. On each one lay down 5000 conducting strips 16 
that are 10 microns in width and the full 10 cm in length, 
separated by 10 microns non-conducting strips. Perpendicu- 
lar to the strips deposit a spacer material 18 at 0.1 to 1 cm 
intervals with a height of 0.1 microns. Put the plates face to 
face and align the strips so as to form 5000 Casimir strips. 


[0074] If we assume a gas flow rate of 10 cm/s parallel to 
the spacers and perpendicular to the strips, this would result 
in 1.3x10°° transitions/s. 


[0075] An energy release of 1 to 10 eV per transition 
corresponds to 21 to 210 watts of energy release for the 
entire Casimir cavity. A stacked set of 10 or more such layers 
could be fabricated yielding 210 to 2100 watts for a 10x10x 
10 cm block. 


[0076] This may be directly converted into electricity 
using a thermophotovoltaic process, or indirectly by using a 
heat exchanger. As in the previous embodiment, one means 
of capturing the emitted radiation is to surround the appa- 
ratus with a water bath. 


[0077] The dimensions above are solely examples. The 
device may be scaled to both smaller and significantly larger 
dimensions. 


[0078] The essential components of an energy generating 
device of this sort shown in FIG. 2 are: 


[0079] (1) An array of parallel Casimir channels with 
conducting strips 10 

[0080] (2) A pump 22 providing continuous recycling of 
gas through the tunnels 


[0081] (3) Ameans 24 for capturing the emitted energy 


[0082] (4) A thermal photovoltaic, heat exchanger or 
other device 26 capable of converting output heat into 
electricity or other usable forms of power. 


[0083] A desirable property of the system is its ability to 
radiate the accumulated energy locally and absorb it glo- 
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bally. Thus surprisingly the means 24 for capturing the 
emitted energy can capture the emitted energy without 
hindering the capture of the quantum vacuum energy by the 
gas. This is due to the fact that the vacuum field permeates 
all space and cannot be blocked. (Note that the reason that 
Casimir cavities have reduced vacuum energy modes is not 
that they block it, but rather that because of destructive 
interference they do not allow some of the electromagnetic 
modes to exist in their interior.) A second reason that the 
means 24 does not block the capture of the quantum vacuum 
energy is that the absorbed energy is dominantly shorter 
wavelength electromagnetic modes that are not absorbed by 
the means 24, whereas the radiated energy can be longer 
wavelengths for which the means 24 has a much larger 
absorption coefficient. Such is the case, for example, when 
the means 24 comprises a water bath. 


[0084] The first two components will be enclosed in sealed 
structure. The third and fourth components may be interior 
or exterior to this structure. 


[0085] A variation on the above device consists of stack- 
ing plates such that the top of one pair becomes the bottom 
in the next pair, etc. 


Casimir Tunnels 


[0086] One embodiment of the concept shown in FIG. 3 is 
multiple, parallel, 0.1 micron diameter Casimir tunnels. If 
we let the length of the cylinder be 100 times the width, this 
results in z=10 microns for the length of the Casimir tunnel. 
We propose a segmented tunnel consisting of alternating 
conducting and non-conducting materials, each 10 microns 
in length. In a length of 1 cm, there could be 500 such pairs 
in segments, resulting in 500 energy releases events (each 
yielding 1 to 10 eV) for each transit of an atom through the 
entire 1 cm-long segmented Casimir tunnel. 


[0087] Consider a one cubic cm “Casimir Block” that is 
built up of 10 micron thick alternating layers as shown in 
FIG. 3. Assume that tunnels 32 of 0.1 micron diameter could 
be drilled through the cube perpendicular to the layers 34 
(this is not physically possible, of course; tunnel manufac- 
ture must be done differently). Ten percent of the cross 
section comprises entrance to some 1.3 billion tunnels. The 
amount of energy released would be proportional to the flow 
rate of the gas through these tunnels. 


[0088] A flow rate of 10 cm s”* through a total cross 
sectional area of 0.1 cm? yields 1 cm? of gas per second 
flowing through the tunnels, which at STP would be 2.7x 
101? atoms. A very simple sealed, closed-loop pumping 
system could maintain such a continuous gas flow. Since 
each atom interacts 500 times during its passage, there 
would be 1.3x10”? transitions per second in the entire cube 
of one cubic centimeter. An energy release of 1 to 10 eV per 
transition corresponds to 2150 to 21500 watts of energy 
release for the entire Casimir cube of segmented tunnels. 


[0089] Obviously it is not possible to drill 1.3 billion 
tunnels having diameters of 0.1 microns. However it is 
feasible to use microchip technology to etch holes into the 
individual layers first and then assemble the stack. 
Extremely fine coregistration and alignment of stacks will 
need to be accomplished. 


[0090] This may be directly converted into electricity 
using a thermophotovoltaic process, or indirectly by using a 
heat exchanger. 
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[0091] One means to capture the emitted energy is to 
surround the apparatus with a water bath. Water absorbs 
infrared radiation very effectively. For the wavelength range 
of 2 microns to 200 microns, the absorption coefficient of 
water is greater than 10 cm”?*. Therefore a layer of water that 
is 1 mm thick and surrounds the apparatus will be sufficient 
to absorb nearly all the emitted infrared radiation. The water 
will be heated, and that heat converted into the desired form 
of energy. 


[0092] The dimensions above are solely examples. The 
device may be scaled to both smaller and significantly larger 
dimensions. 


[0093] The essential components of an energy generating 
device of this sort are: 


[0094] (1) An array of parallel segmented Casimir tun- 
nels 32 


[0095] (2) A pump 22 providing continuous recycling of 
gas through the tunnels 


[0096] (3) A means 24 for capturing the emitted energy 


[0097] (4) A thermal photovoltaic, heat exchanger or 
other device 26 capable of converting output heat into 
electricity or other usable forms of power. 


[0098] The first two components will be enclosed in sealed 
structure. The third and fourth components may be interior 
or exterior to this structure. 


Casimir Channels in Bonded Wafers 


[0099] The basic concept of the present invention is to 
flow gas into and out from multiple Casimir cavities. When 
the gas is outside of a Casimir cavity, a wide range of 
quantum mechanical vacuum electromagnetic modes are 
available to interact with the gas’s atomic electronic orbital 
states. When the gas passes into a Casimir cavity the range 
of available modes is restricted and the gas sheds some of its 
electromagnetic energy such that this energy is available 
locally. When the gas once again flows out from the Casimir 
cavity, the gas’s atomic electronic orbital state energy is 
recharged from quantum mechanical vacuum fields. Thus 
energy is harvested globally and delivered locally. 


[0100] The configuration for a basic device comprising 
bonded wafers is shown in FIGS. 4A-4D. A top view is 
shown in FIG. 4. The device is 1 sq. cm. As seen from the 
south edge 41 in FIG. 4B, it consists of two substrates 42 and 
44 separated by a series of spacers which extend across the 
device from the south to the north side. These spacers have 
a height d, a width w,, and a center-to-center spacing s,. The 
thin gaps delineated by the spacers 48 extend to openings at 
the south edge of the device, as seen in FIG. 4B and the north 
edge. As seen from the east edge in FIG. 4C, the upper 44 
and lower 42 substrates are each coated with conducting 
stripes 46 that extend from the east edge to the west edge. 
These stripes are discontinuous, such that the discontinuity 
occurs at each region where the stripe is intersected by a 
spacer 48. These stripes have a width w, and a center-to- 
center spacing s,. In the central region of the device there is 
a region of both substrates that has been removed to form a 
conduit 43 from close to the east edge to close to the west 
edge. This conduit does not extend all the way to the edges, 
but is instead sealed 45 at each end, as shown in FIG. 4A. 
Finally, as seen in FIG. 4D, which shows an east view of the 
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central cross section, and in FIG. 4A, a hole 47 extends 
through the upper substrate. This hole connects to the 
conduit 43 shown in FIGS. 4A and 4C. As can also be seen 
in FIGS. 4A and 4D, a connector ring 49 that surrounds the 
hole is affixed to the upper substrate. 


[0101] For the device to function, gas tubing 28, shown in 
FIG. 2, is attached to the connector ring 49 extending from 
the upper substrate, forming a sealed connection. Pressur- 
ized gas flows through the tubing and the hole 47 in the 
upper substrate into the conduit 43 between the substrates. 
From the conduit 43 the gas flows from the central region 
through the gap between the substrates to the north and south 
edges. The spacers guide the gas so that it flows alternately 
between regions coated with the conducting stripes 46 and 
regions that are not coated with these stripes, until 1t reaches 
the north and south edges, at which point it escapes from the 
gap between the substrates. The escaped gas is captured in 
a surrounding enclosure, not shown, and pumped back 
through the tubing 28 into the hole at the top center of the 
device, forming a close-loop system. In this way the gas is 
passed through multiple Casimir cavities. The gas atoms or 
molecules absorb energy from the surrounding electromag- 
netic field when they are in the non-conducting region and 
then release a portion of their energy as they enter the gap 
between the conductive coatings, 1.e., in the Casimir cavity. 


[0102] The apparatus is surrounded by a means 24 to 
capture the released energy, such as a water bath, shown in 
FIG. 2. Water absorbs infrared radiation very effectively. For 
the wavelength range of 2 microns to 200 microns, the 
absorption coefficient of water is greater than 10 cm™’. 
Therefore a layer of water that is 1 mm thick and surrounds 
the apparatus is sufficient to absorb a large proportion of the 
emitted infrared radiation, providing thermal energy to heat 
the water. That energy can be used directly as heating 
source, or converted into the desired form of energy, by 
means 26 well known to those skilled in the art. 


[0103] The materials and dimensions in the preferred 
embodiment are as follows. The upper 44 and lower 42 
substrates are sapphire, which is transparent to much of the 
ambient electromagnetic spectrum, is thermally conductive, 
and is rigid and robust. The thickness of each substrate is 
250 microns. The conducting regions 46 are formed by 
standard photolithography known to those skilled in the art. 
The width of each conducting stripe, w,, 1s 2 microns, and 
separated by a 2 micron nonconducting region, to form a 
center-to-center spacing 52 of 4 microns. The stripe has gaps 
where the spacers 48 are to be formed. The conductive 
coating 46 is platinum, having a thickness of 40 nm. The 
spacers 48 consist of silicon dioxide, deposited and pat- 
terned by standard means known by those skilled in the art. 
The total spacer height, d, is 200 nm, its width, w,, is 5 
microns, and the center-to-center spacing, s,, is 0.5 mm. The 
spacers are formed by depositing 100 nm thick layers on 
each substrate, and then joining them. The central conduit 
regions 43 are cut into the substrates using a standard 
diamond saw. The cuts are 100 microns in width and 50 
microns in depth, forming a conduit that is approximately a 
100 micron square. The hole 47 drilled through the upper 
substrate has a diameter of 1 mm, and is surrounded by a 
ring having a diameter of 2.5 mm. The ring 49 is affixed to 
the upper substrate by epoxy. The substrates are pressure 
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bonded together by direct bonding (Plól, 1999), with the 
bond forming between the silicon dioxide spacers layers on 
each substrate. 


[0104] The steps in the device fabrication that are not 
described explicitly are well known to those skilled in the 
art. 


[0105] Following the calculations presented in the back- 
ground section, the power produced by a single such device 
is estimated to be between 1 and 10 watts for an input 
pressure of 8 atmospheres. 


[0106] Pumping gas through the Casimir pores requires 
power. We examine how much power is required, as a check 
that it is not more than is produced by the device. Consider 
a Casimir block that contains 200 nm diameter pores over a 
1 cm? area, having a thickness of 1 cm and a porosity of 
0.25. We find the pressure and power required to produce a 
flux of 1 cm? per second at standard temperature and 
pressure (STP): 


[0107] According to FIG. 10(a) in a paper by Roy et al. 
(1993) a pressure drop of 760 torr (equal to one atmosphere) 
results from a flow of approximately 5 mol/m?-s through a 
thickness of 60 microns, which corresponds to a gas velocity 
of 10 cm/s. Reducing the velocity by a factor of ten, making 
the appropriate unit conversions and multiplying the result 
by the thickness ratio of 1 cm (10% microns) divided by 60 
microns gives the result that a pressure of 1700 Pa, corre- 
sponding to 17 atmospheres, is required to produce the 
desired gas flow. Multiplying this by the gas flux of 1 cm? 
s7* results in a required power of 1.7 milliwatts. These 
results are only approximate, as temperature and structural 
variations through the Casimir pores are expected to produce 
resistance which will then require a somewhat greater pres- 
sure. In any case the required power of approximately 1.7 
milliwatts is much lower than our estimate of 2.2 to 22 
kilowatts of power release, and so much more power is 
produced than is used to produce the gas flow. 


[0108] It is to be understood that the dimensions and 
materials can be varied greatly and still be part of this 
invention. The following is a list of some such variations, 
but it is far from exhaustive: 


[0109] i. The substrates may be other insulating or 
partially conducting materials, such as silicon, glass, 
ceramic, plastic, etc. 


[0110] ii. The conducting stripes can be formed of other 
conductors, such as copper, aluminum, gold, sliver, 
silicides, transparent conductors such as indium tin 
oxide, etc. 


[0111] iii. Instead of depositing the stripes so that they 
protrude from the surface and potentially interfere with 
the gas flow, they may be recessed, either by etching 
recesses into which the conductors are deposited, or by 
using planarization techniques to coat an insulating 
layer between the stripes, using techniques well known 
in the industry. 


[0112] iv. The spacer materials can be formed from 
polymers used, for example, as photoresist and elec- 
tron-beam resist, from metals, and other materials. 


[0113] v. Instead of depositing spacers they may be 
formed by the etching of one or both of the substrates 
to form grooves. 
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[0114] vi. The spacer height may be from 1 nm to many 
microns. 


[0115] vii. The substrates may be bonded by pressure 
bonding or the use of adhesives, such as cyanoacrylics. 


[0116] viii. The dimensions of the overall structure may 
be varied from the distance between a single pair of 
spacers and conductor/nonconductor region to large 
plates that are many meters in width. 


[0117] ix. The individual devices may be sandwiched 
together to form thick structures. For example, in place 
of the 250 micron thick substrates, micro-sheet having 
a thickness of 50 microns or far less may be used so that 
dense structures are formed. 


[0118] x. The working fluid may be a wide variety of 
gases, in addition to the noble gases described earlier, 
so that all mentions of gas atoms may be extended to 
molecules of various types. 


[0119] xi. The working fluid may be a liquid, so that all 
mentions of gases and gas atoms may be extended to 
liquids of various types. For operation within approxi- 
mately of 100° C., one possible liquid is ethylene 
glycol. For high temperature operation, the liquid can 
be sodium. 


[0120] xii. Micro-motors formed using micro-electro- 
mechanical systems (MEMS) technology can be used 
to pump the gas through the channels. 


[0121] xiii. The Casimir cavities may be composed of 
carbon nanotubes. 


[0122] xiv. The pattern may be formed using self- 
assembled layers. 


[0123] xv. The device may incorporate a naturally 
formed structure. For example, diatom shells (Goho, 
2004a) consist of silicon dioxide patterned with fea- 
tures, including holes, that are tens of nanometers in 
size. They can be coated as needed with conductors to 
form Casimir cavities. 


[0124] xvi. The water bath may be replaced with any 
other material or device that absorbs substantially the 
released energy wavelengths. Such materials include 
glass, organic polymers, thermophotovoltaic devices, 
among many possibilities known to those skilled in the 
art. 


[0125] xvii. Rather than surrounding the entire appara- 
tus, the absorbing material may be placed in the appa- 
ratus, for example coating the channels through which 
the gas flows. Such placement can allow the absorber 
to reside within roughly an emission wavelength of the 
gas that is releasing the energy. 


Gas Oscillating Through Casimir Channels 


[0126] The device described in the previous embodiment 
exposes the gas atoms to a very large number of transitions 
between Casimir cavity regions (between conducting layers) 
and exposed regions (without the conducting layers) by 
pumping them across multiple transitions. Instead of pump- 
ing gas through the device, gas atoms can simply be oscil- 
lated back and forth between Casimir cavity and exposed 
regions. 
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[0127] A simple way to visualize this, but not necessarily 
the most efficient working device, is to consider the device 
of FIGS. 4A-4D, but with the gaps sealed at the north and 
south edges. Instead of connecting to tubing via the con- 
nector ring, the ring is sealed with a thin metal diaphragm. 
Before sealing the device it 1s filled with the desired working 
gas. An ultrasonic transducer is then mated to the dia- 
phragm. When the ultrasonic transducer is powered, it 
rapidly compresses and decompressed the gas, causing it to 
oscillate back and forth between Casimir and exposed 
regions. 


[0128] A vertical oscillatory flow device is shown in 
FIGS. 5A-5C. FIG. 5A shows a top view, in which many 
small holes 54 are formed in the substrate surface. The 
device is surrounded by a connector ring 58. A magnified 
cross section of the holes is shown in FIG. 5B. The holes 54 
have a diameter d, a center-to-center spacing s, a depth t,, 
and the thickness of a conducting region 56 at the surface is 
t,. A central cross section of the entire device is shown in 
FIG. 5C. It shows the substrate (holes and conducting layer 
not shown), the connector ring at the periphery, and a thin 
diaphragm 57 attached to the top of the connector ring. 


[0129] The gap and holes are filled with the chosen 
working gas 59. An ultrasonic transducer or other source of 
high frequency vibrations is placed in contact with the 
diaphragm 57 and powered. This produces gas pressure 
oscillations that force gas atoms past the Casimir region 55 
formed at the top of each hole, alternately in upward and 
downward directions. Instead of a single conducting layer at 
the top, multiple alternating conducting and non-conducting 
layers can be formed at the top of the holes, to multiply the 
effect. As in the embodiment of FIGS. 4A-4D, the apparatus 
is surrounded by a means for absorbing the released energy, 
such as a water bath 24. 


[0130] The device is fabricated as follows. The conducting 
layer 56 is deposited using vacuum deposition, such as 
sputtering, or from a liquid by anodic or electroless depo- 
sition. The layers are patterned by methods known to those 
skilled in the art, such as electron-beam lithography or 
photolithography. Alternatively, the holes 54 can be formed 
using self-assembled monolayers to create the lithography 
mask, as known to those skilled in the art. The holes are 
etched to a high aspect ratio, e.g., ratio of depth-to-diameter 
of 20, such as by ion milling. The outer ring 58 is attached 
using epoxy, the region is filled with the desired working gas 
59, and the diaphragm 57 is attached with epoxy. 


[0131] The materials and dimensions in the preferred 
embodiment are as follows. The substrate 52 is sapphire, and 
has diameter of 2.54 cm and a thickness of 250 microns. The 
conducting layer 56 is aluminum, of thickness t, of 1 micron. 
The hole 54 depth t, is 4 microns. The hole diameter d is 0.2 
microns and center-to-center spacing s is 0.3 microns. 


[0132] It is to be understood that the shape, dimensions, 
modulation techniques and materials can be varied greatly 
and still be part of this invention. The following is a list of 
some such variations, but it is far from exhaustive: 


[0133] i. The Casimir cavities may be composed of 
carbon nanotubes. 


ii. The working fluid may be a wide variety o 
0134] ii. Th king fluid may b 1d iety of 
gases, in addition to the noble gases described earlier, 
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so that all mentions of gas atoms may be extended to 
molecules of various types. 


[0135] iii. The working fluid may be a liquid, so that all 
mentions of gases and gas atoms may be extended to 
liquids of various types. For operation of up to approxi- 
mately 100° C., one possible liquid is ethylene glycol. 
For high temperature operation, the liquid can be 
sodium. 


[0136] iv. Instead of actively causing the gas atoms to 
oscillate into and out from the Casimir cavity regions, 
the oscillations can result from ambient thermal vibra- 
tions (e.g., Brownian motion). 


[0137] v. The configuration of the device can be similar 
to that of the MEMS device of FIGS. 7A and 7B 
(described as part of a later embodiment), such that the 
working gas is pushed back and forth between the 
left-hand and right-hand regions. 


[0138] vi. The pattern may be formed using self-as- 
sembled layers. 


[0139] vii. The device may incorporate a naturally 
formed structure. For example, diatom shells consist of 
silicon dioxide patterned with features, including holes, 
that are tens of nanometers in size. They can be coated 
as needed with conductors to form Casimir cavities. 


[0140] viii. The pumping can be driven by a naturally 
occurring mechanism. For example, some yeast cell 
have been found to naturally vibrate at 1.6 kHz (Goho, 
2004b). This could be used to cause a gas to oscillate 
back and forth between Casimir cavity and exposed 
regions. 


[0141] ix. The water bath may be replaced with any 
other material or device that absorbs substantially the 
released energy wavelengths. Such materials include 
glass, organic polymers, thermophotovoltaic devices, 
among many possibilities known to those skilled in the 
art. 


[0142] x. Rather than surrounding the entire apparatus, 
the absorbing material may be placed in the apparatus, 
for example coating the channels through which the gas 
flows. Such placement can allow the absorber to reside 
within roughly an emission wavelength of the gas that 
is releasing the energy. 


Casimir Cavities in Flexible Polymer 


[0143] Rather than moving the working gas by flowing it 
(FIGS. 4A-4D) or vibrating it into and out of a Casimir 
cavity (FIGS. 5A-5C), the cavity wall characteristics can be 
switched, which results in a shift in the cavity’s allowed 
modes. This produces the same result of tapping vacuum 
electromagnetic energy that the flowing gas device of the 
embodiment of FIGS. 4A-4D produces. One way to accom- 
plish this is to put the working gas into gaps formed in 
flexible photonic crystals. A photonic crystal blocks and 
passes bands of electromagnetic radiation, where the band 
wavelength ranges depend upon the material properties and 
spacing of small repeated structures. A flexible photonic 
crystal can be formed by embedding an array or rigid 
objects, such as silicon pillars, in a thin film of flexible 
polymer. The electromagnetic (or optical) properties of such 
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two-dimensional slab photonic crystal structures is well 
known to those skilled in the art (Park, 2002). 


[0144] FIGS. 6A and 6B show such a photonic crystal 
device. FIG. 6A is a top view, showing metal supports 62 at 
both ends of a polymer film 64. The rigid pillars that form 
the phonic crystal are buried in the polymer. As the film 1s 
stretched in the plane of the paper, the pillar spacing in the 
plane normal to the paper is decreased, which changes the 
electromagnetic passband. FIG. 6B is an edge view showing 
the supports 62, the polymer film 64, and gaps in the film 
that are filled with the working gas 69. (For clarity, the 
pillars are not shown.) The gap size is sufficiently narrow to 
produce a significant Casimir effect, e.g., 200 nm. The 
length or width need to be sufficiently small to maintain the 
narrow gap, e.g., 1 micron. The stretching takes place by 
attaching one support to a stationary object and attaching the 
other support to a vibrator, such as a piezoelectric crystal, 
which itself may be attached on its opposing side to another 
stationary support. As in the embodiment of FIGS. 4A-5D, 
the apparatus is surrounded by a means for absorbing the 
released energy, such as a water bath 24. 


[0145] It is to be understood that the shape, dimensions, 
modulation techniques and materials can be varied greatly 
and still be part of this invention. The following is a list of 
some such variations, but it is far from exhaustive: 


[0146] i. Instead of stretching the polymer, it can be 
modulated with an acoustic signal through the air, or 
through a liquid that surrounds it. 


[0147] ii. Instead of stretching the polymer, it can be 
modulated with an ambient thermal vibrations. As the 
working gas and the structure heats up, the vibrations 
increase. 


[0148] iti. The polymer embedded with rigid pillars 
may be formed into small spheres that are filled with 
the working gas. These spheres can fill or partially fill 
a volume in which the pressure is modulated, either by 
enclosing the volume and modulating the pressure in 
the entire volume, by passing an acoustic signal 
through the volume, or by thermal vibrations. This 
modulation causes the passband of the photonic crystal 
that surrounds the working gas to vary. Although the 
shape of the device is substantially different from that 
of FIGS. 6A-6B, the function is the same. 


[0149] iv. The working fluid may be a wide variety of 
gases, in addition to the noble gases described earlier, 
so that all mentions of gas atoms may be extended to 
molecules of various types. 


[0150] v. The working fluid may be a liquid, so that all 
mentions of gases and gas atoms may be extended to 
liquids of various types. For operation of up to approxi- 
mately 100° C., one possible liquid is ethylene glycol. 
For high temperature operation, the liquid can be 
sodium. 


[0151] vi. The water bath may be replaced with any 
other material or device that absorbs substantially the 
released energy wavelengths. Such materials include 
glass, organic polymers, thermophotovoltaic devices, 
among many possibilities known to those skilled in the 
art. 
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[0152] vii. Rather than surrounding the entire apparatus, 
the absorbing material may be placed in the apparatus, 
for example in the polymer film through which the gas 
flows. Such placement can allow the absorber to reside 
within roughly an emission wavelength of the gas that 
is releasing the energy. 


Modulating Casimir Cavity Wall Spacing 


[0153] Rather than moving the working gas by flowing it 
(FIGS. 4A-4D), vibrating it into and out of a Casimir cavity 
(FIGS. 5A-5C), or switching the characteristics of walls of 
the cavity to change the passbands (FIGS. 6A and 6B), the 
spacing between the cavity walls can be modulated. This 
produces the same result of tapping zero point energy that 
the flowing gas device of the previous embodiments pro- 
duce. One way to accomplish this is to put the working gas 
into gaps formed in micro-electro-mechanical systems 
(MEMS). 


[0154] MEMS technology makes use of semiconductor 
lithography techniques to build miniature mechanical 
devices. The Casimir effect has already been found to be in 
evidence in MEMS devices. In 2001, Chan and co-workers 
at Bell Labs Lucent Technologies first demonstrated the 
effect of the Casimir force in a MEMS device. A gold coated 
sphere was brought close to a MEMS seesaw paddle, 
consisting of a polysilicon plate suspended above a substrate 
on thin torsion rods. The Bell Labs researchers demonstrated 
the effect of the Casimir force in rocking the plate. 


[0155] In the current invention we make use of MEMS 
technology to modulate the spacing between Casimir cavity 
walls. (Note that we are not making use of the Casimir force 
to change this spacing, as was done in the Bell Labs 
demonstration.) The basic MEMS device used to accom- 
plish this is shown in FIGS. 7A and 7B. A side view is shown 
in FIG. 7A. Two conducting electrodes 76 are shown on the 
substrate. A pivoting polysilicon plate 74 is shown sus- 
pended above the substrate 72. A conducting layer 77 is 
formed on the underside of this plate. A top view is shown 
in FIG. 7B. The pivoting plate 74 forms the central rectan- 
gular region, which is surrounded by a gap 73. The pivoting 
arm 75 connects this plate to the surrounding region at the 
top and bottom of the rectangle. As in the earlier embodi- 
ments, the apparatus is surrounded by a means 24 for 
absorbing the released energy, such as a water bath 


[0156] The device functions as follows. The working gas 
fills the region between the pivoting plate 74 and the 
substrate 72. A voltage is applied first between the pivoting 
plate and the left-hand electrode. This causes the distance 
between the left side of the plate and the substrate to 
diminish, thereby changing the dimensions of the Casimir 
cavity formed by these two surfaces. Then the voltage is 
instead applied between the pivoting plate and the right- 
hand electrode. This causes the plate to pivot, such that the 
distance between the right side of the plate and the substrate 
diminishes, thereby changing the dimensions of the Casimir 
cavity formed by these two surfaces. The voltage is switched 
alternately between these two electrodes, causing the plate to 
oscillate back and forth. The oscillating action is greatly 
enhanced by the torsion of the pivots, so that very little 
energy 1s required to maintain the oscillation. 


[0157] The techniques to fabricate such a MEMS device is 
well known to those skilled in the art. 


VW 


oul 


f [> F 
The medici de: of f1 (at which the curve 
starts to rise) and f2 (where it starts to level 
off) depend on the values of the capacitor 
and the resistor. 


Questions 
Calculate the output voltage for the circuit 
shown in Figure 6.8 for frequencies of 100 
Hz, 1 kHz, 10 kHz, and 100 kHz. 
Figure 6.8 
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[0158] It is to be understood that the shape, dimensions, 
modulation techniques and materials can be varied greatly 
and still be part of this invention. The following is a list of 
some such variations, but it is far from exhaustive: 


[0159] i. Instead of using a MEMS device, the Casimir 
cavity can be formed between a substrate and a sus- 
pended conducting sheet. A similar technology has 
been used to form electrostatic acoustic speakers, albeit 
with larger spacings. 


[0160] ii. Gaps can be formed in a polymer, with both 
sides of the gap coated with a conductor and the gap 
filled with a working gas. The polymer can then be 
stretched, as in the embodiment of FIGS. 6A and 6B, 
such that the spacing of the Casimir cavity formed by 
the two conductors is modulated. A figure of this would 
appear much like that depicted in FIG. 6B 


[0161] viii. Instead of stretching the polymer, it can be 
modulated with an acoustic signal through the air, or 
through a liquid that surrounds it. 


[0162] ix. Instead of stretching the polymer, it can be 
modulated with an ambient thermal vibrations. As the 
working gas and the structure heat up, the vibrations 
will increase. 


[0163] x. The polymer coated on its interior surface 
with a conductor may be formed into small spheres that 
are filled with the working gas. These spheres can fill 
a volume in which the pressure is modulated, either by 
enclosing the volume and modulating the pressure in 
the entire volume, by passing an acoustic signal 
through the volume, or by thermal vibrations. This 
modulation causes the spacing of the Casimir cavity in 
which the working gas is contained to vary. Although 
the shape of the device is substantially different from 
that of FIGS. 7A and 7B, the function is the same. 


[0164] xi. The working fluid may be a wide variety of 
gases, in addition to the noble gases described earlier, 
so that all mentions of gas atoms may be extended to 
molecules of various types. 


[0165] xii. The working fluid may be a liquid, so that all 
mentions of gases and gas atoms may be extended to 
liquids of various types. For operation of up to approxi- 
mately 100° C., one possible liquid is ethylene glycol. 
For high temperature operation, the liquid can be 
sodium. 


[0166] xiii. The water bath may be replaced with any 
other material or device that absorbs substantially the 
released energy wavelengths. Such materials include 
glass, organic polymers, thermophotovoltaic devices, 
among many possibilities known to those skilled in the 
art. 


[0167] xiv. Rather than surrounding the entire appara- 
tus, the absorbing material may be placed in the appa- 
ratus, for example coating the substrate and cap of the 
region containing the gas. Such placement can allow 
the absorber to reside within roughly an emission 
wavelength of the gas that is releasing the energy. 


[0168] We note that the MEMS device of FIGS. 7A and 7B 
can also be used to move the working gas back and forth 
between the left-hand and right-hand regions. This function 
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is consistent with the embodiment of FIGS. 5A-5C, in which 
the working gas is vibrated into and out of a Casimir cavity. 


Assymetric Casimir Cavity Entry and Exits Including 
Absorbing Means 


[0169] As a prelude to this embodiment, we review the 
processes involved in the present invention. A general con- 
cept of this entire invention 1s that a gas that 1s in equilibrium 
with the ambient electromagnetic modes, which include the 
vacuum field (also known as the zero point field), is caused 
to enter a Casimir cavity. For the purposes of this entire 
invention a Casimir cavity is defined as any region in which 
the electromagnetic modes are restricted. Upon approaching 
this region, the electromagnetic modes that the space sup- 
ports are restricted and the energy of the electron orbitals of 
the gas atoms is reduced. As a consequence of this reduction 
the excess energy is emitted and absorbed by the apparatus, 
providing heat energy. By the time the atoms are in the 
Casimir cavity, nearly all the excess energy has been radi- 
ated (unless the gas flow is extremely fast). The gas atoms 
pass through the Casimir cavity, and upon emerging from 
this region to a region that supports a broader range of 
electromagnetic modes, the energy of the electron orbitals of 
the gas atoms is again allowed to rise to its previous value. 
The compensation for the energy deficit is provided from the 
ambient electromagnetic modes. 


[0170] One of the tenets of the current invention is that 
excess energy released when the gas approaches the Casimir 
cavity is delivered locally and that the energy deficit that 
must be compensated for when it emerges from the cavity is 
supplied from global sources. In this way the ambient 
electromagnetic field is tapped to provide usable energy. 
There may be conditions in which it is possible that the 
excess energy release and the deficit energy supply are both 
local, in which case no net energy is provided. Similarly, 
there may be conditions in which it is possible that the 
excess energy release and the deficit energy supply are both 
global, in which case again no net energy is provided. To 
avoid these possibilities, we provide an asymmetry in the 
apparatus to ensure that the excess energy is released locally 
and that the energy deficit is supplied globally. 


[0171] The concept of embodiment is shown in FIG. 8. 
This figure depicts a channel 88, similar to that shown in 
some of the earlier embodiments. Gas is constricted between 
two substrates 82 and 83 and flows through the channel in 
the direction of the arrows. As in the previous cases, gas 
flows from a region in which the substrate is not coated 87 
with a conducting layer to a region in which it is 86. The 
difference here is that an intermediate region 84 is provided 
in which the substrates are coated with an absorbing layer. 
This absorbing region absorbs the excess energy that is 
radiated from the atoms as they approach the Casimir cavity 
(conducting) region. The absorbing region is not substan- 
tially conducting, and therefore does not substantially 
restrict the electromagnetic modes that are supported in the 
region. Upon exiting the Casimir cavity (conducting) region, 
the atoms pass immediately into another region with no 
absorbing region 87. Thus upon approaching the Casimir 
cavity the atoms are forced to deliver their excess energy 
locally because it is absorbed by the absorbing region 87. 
Upon emerging from the Casimir cavity the gas atoms are 
forced to supply their energy deficit non-locally, 1.e., glo- 
bally, because there is no local source for this energy. 
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[0172] Asan option, a further aspect of this invention is to 
situate the absorbing region within roughly one emission 
wavelength of the gas atoms at the time that they are 
emitting. No such layer is provided within such a distance 
when the gas atoms emerge from the Casmir cavity and are 
supplied with energy. The substrate is chosen such that it 
does not absorb the emission wavelengths. 


[0173] The absorbing layers may comprise glass (amor- 
phous silicon dioxide, usually with impurities), and the 
substrate may comprise sapphire. The glass has a much 
broader absorption band in the far infrared than does the 
sapphire. A wide range of other materials may be provided 
to form the absorbing layers and non-absorbing or less 
absorbing substrate. Such materials are known to those 
skilled in the art, and are available in tables and handbooks. 


[0174] The sequence of regions depicted in FIG. 8 may be 
repeated to form the sort of multiply striped structure 
described in the embodiment of FIGS. 4A-4D. 


[0175] The dimensions of the channel and the apparatus 
are approximately the same as those of embodiment of 
FIGS. 4A-4D. Similarly the attachments to provide for gas 
flow, the spacers, and other aspects of the apparatus are 
similar to those described in embodiment of FIGS. 4A-4D. 
The conducting layer length is chosen so that the emerging 
atoms do not have substantial access to radiation emitted 
from the absorbing regions. Note that, unlike embodiment of 
FIG. 2, it is not necessary to surround the apparatus with a 
means for absorbing the released energy 24, such as a water 
bath. 


[0176] The device fabrication is not described explicitly as 
it is well known to those skilled in the art. 


[0177] It is to be understood that the dimensions and 
materials can be varied greatly and still be part of this 
invention. The following is a list of some such variations, 
but it is far from exhaustive: 


[0178] 1. The substrates may be other insulating or 
partially conducting materials, such as silicon, glass, 
ceramic, plastic, etc. 


[0179] ii. The conducting stripes can be formed of other 
conductors, such as copper, aluminum, gold, sliver, 
silicides, transparent conductors such as indium tin 
oxide, etc. 


[0180] iii. The stripes may be recessed in the substrate 
or they protrude from the surface. 


[0181] iv. The individual devices may be sandwiched 
together to form thick structures. For example, in place 
of the 250 micron thick substrates, micro-sheet having 
a thickness of 50 microns or far less may be used so that 
dense structures are formed. 


[0182] v. The working fluid may be a wide variety of 
gases, in addition to the noble gases described earlier, 
so that all mentions of gas atoms may be extended to 
molecules of various types. 


[0183] vi. The working fluid may be a liquid, so that all 
mentions of gases and gas atoms may be extended to 
liquids of various types. For operation within approxi- 
mately of 100° C., one possible liquid is ethylene 
glycol. For high temperature operation, the liquid can 
be sodium. 
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[0184] vii. Micro-motors formed using micro-electro- 
mechanical systems (MEMS) technology can be used 
to pump the gas through the channels. 


[0185] viii. The Casimir cavities may be composed of 
carbon nanotubes. 


[0186] ix. The pattern may be formed using self-as- 
sembled layers. 


[0187] The device may incorporate a naturally formed 
structure. For example, diatom shells consisting of silicon 
dioxide patterned with features, including holes, that are tens 
of nanometers in size. To the extent necessary, these can be 
coated as needed with conductors to form Casimir cavities. 
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What is claimed is: 
1. Asystem for extracting and collecting electromagnetic 
radiation from the ambient surroundings, comprising: 
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(a) a supply of fluid characterized by its ability to (1) take 
in electromagnetic radiation from the ambient sur- 
roundings and (11) release at least some of said energy 
when the fluid is caused to pass into a Casimir cavity; 


(b) a first arrangement configured to collect at least some 
of the electromagnetic radiation released by said fluid; 


(c) a second arrangement including means defining a 
given path for containing said fluid along said path; 


(d) a third arrangement including a Casimir cavity posi- 
tioned within said given path and cooperating with said 
second arrangement such that said fluid is caused to 
pass into and out of the cavity as the fluid is contained 
along said given path, said Casimir cavity being posi- 
tioned in sufficient communication with the ambient 
surroundings and with said first arrangement so as to (1) 
cause said fluid containing electromagnetic energy 
taken from the ambient surroundings to release at least 
some of said energy to said first arrangement when the 
fluid passes into said cavity and (11) to again take in 
electromagnetic energy from the ambient surroundings 
when the fluid passes out of said cavity. 

2. A system according to claim 1 wherein said second 
arrangement is configured such that said fluid is caused to 
flow along said path into and out of said Casimir cavity. 

3. Asystem according to claim 1 wherein said second and 
third arrangements are configured such that said Casimir 
cavity is caused to move with respect to said fluid such that 
the fluid is 1n turn caused to pass into and out of said Casimir 
cavity. 

4. A system according to claim 1 wherein said means 
defining said given path defines a closed passageway for 
containing said fluid and wherein said second arrangement 
is configured such that the same fluid is caused to cycle into 
and out of said Casimir cavity. 

5. A system according to claim 4 wherein said passageway 
defines a looped path and wherein said second arrangement 
includes a mechanism configured to cause said fluid to flow 
around said path through said passageway into and out of 
said Casimir cavity. 

6. A system according to claim 4 wherein said second 
arrangement includes a mechanism for causing said fluid to 
flow back and forth through said passageway into and out of 
said Casimir cavity. 

7. A system according to claim 1 wherein said fluid is a 
gas. 

8. A system according to claim 7 wherein said gas is a 
monatomic gas. 

9. A system according to claim 7 wherein said gas is a 
molecular gas. 

10. A system according to claim 1 wherein said first 
arrangement includes a container of material for absorbing 
electromagnetic energy, said absorbing material surrounding 
at least said Casimir cavity. 

11. Asystem according to claim 6 wherein said absorbing 
material is a liquid. 

12. A system according to claim 11 wherein said liquid 
material is water. 

13. A system according to claim 3 wherein said third 
arrangements configured so as to cause said Casimir cavity 
to move back and forth between first and second spaced 
apart positions. 

14. A system according to claim 1 wherein said Casimir 
cavity includes opposing walls and wherein said third 
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arrangement is configured so as to cause the position of said 
Casimir cavity walls to move back and forth between first 
and second spaced positions. 

15. Asystem for extracting and collecting electromagnetic 
energy from the ambient electromagnetic quantum vacuum, 
comprising: 


(a) a first arrangement defining at least one Casimir cavity 
configured to cause gas containing electromagnetic 
energy obtained from the ambient electromagnetic 
quantum vacuum to release at least some of said energy 
when said gas is passed into said cavity; 


(b) a second arrangement located in the ambient electro- 
magnetic quantum vacuum and including a source of 
said gas and a mechanism cooperating with said first 
arrangement so as to cause said gas to pass from the 
ambient electromagnetic quantum vacuum into said 
Casimir cavity and then out of said cavity and back into 
the ambient electromagnetic quantum vacuum, 
whereby the gas when passing into said Casimir cavity 
releases at least some of its energy and then, upon 
passing back into the ambient electromagnetic quantum 
vacuum, again takes in electromagnetic energy from 
the ambient electromagnetic quantum vacuum, said 
means and said first arrangement cooperating with one 
another such that said fluid passes into and out of said 
Casimir cavity by relative movement between the cav- 
ity and gas; and 


(c) a third arrangement for capturing at least some of the 
electromagnetic energy released by said fluid, said third 
arrangement including means located in a position with 
respect to said Casimir cavity such that at least some of 
the electromagnetic energy released by said gas is 
captured by said absorber. 

16. A system, comprising: 


(a) a first arrangement including a number of Casimir 
cavities, each of which is configured to cause fluid 
containing electromagnetic energy obtained from the 
ambient surroundings to release at least some of said 
energy when said fluid is passed into said cavity; 


(b) a second arrangement located in the ambient surround- 
ings and including a source of said fluid and means 
cooperating with said first arrangement for causing said 
fluid to pass from the ambient surroundings into each of 
said Casimir cavities and then out of the cavity and 
back into the ambient surroundings, whereby the fluid 
when passing into said Casimir cavities releases at least 
some of its energy and then, upon passing back into the 
ambient surroundings, again takes in electromagnetic 
energy from the ambient surroundings, said means and 
said first arrangement cooperating with one another 
such that said fluid passes into and out of said Casimir 
cavities by relative movement between the cavities and 


fluid; and 


(c) a third arrangement for capturing at least some of the 

electromagnetic energy released by said fluid. 

17. A system according to claim 16 wherein said means 
includes at least one fluid passageway extending from the 
ambient surroundings into and though said Casimir cavities 
and back into the ambient surroundings and wherein said 
Casimir cavities are defined by a series of conducting strips 
located within said passageway, said series of conducting 
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strips including a first group of spaced apart strips located on 
one side of the passageway and a second groups of spaced 
apart strips on a opposite side of said passageway in align- 
ment with respective strips of said first group, each of said 
aligned pair of strips being positioned relative to one another 
to produce a Casimir cavity. 

18. A method, comprising: 


(a) providing a first arrangement defining at least one 
Casimir cavity configured to cause fluid containing 
electromagnetic energy obtained from the ambient sur- 
roundings to release at least some of said energy when 
said fluid is passed into said cavity; 


(b) providing a source of said fluid; 


(c) causing said fluid to pass from the ambient surround- 
ings into said Casimir cavity and then out of said cavity 
and back into the ambient surroundings such that the 
fluid when passing into said Casimir cavity releases at 
least some of its energy and then, upon passing back 
into the ambient surroundings, again takes in electro- 
magnetic energy from the ambient surroundings, said 
fluid being cause to pass into and out of said Casimir 
cavity by relative movement between the cavity and 
fluid; and 


(c) capturing at least some of the electromagnetic energy 
released by said fluid. 
19. A method of extracting and collecting electromagnetic 
radiation from the ambient surroundings, comprising: 


(a) providing a supply of fluid characterized by its ability 
to (1) take in electromagnetic radiation from the ambi- 
ent surroundings and (11) release at least some of said 
energy when the fluid is caused to pass into a Casimir 
cavity; 


(b) providing a first arrangement configured to collect at 
least some of the electromagnetic radiation released by 
said fluid; 


(c) providing a second arrangement including means 
defining a given path for containing said fluid along 
said path; 
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(d) providing a third arrangement including a Casimir 
cavity positioned within said given path; 


(e) causing said fluid to pass into and out of the cavity as 
the fluid is contained along said given path; and 


(f) positioning said Casimir cavity in sufficient commu- 
nication with the ambient surroundings and with said 
first arrangement so as to (1) cause said fluid containing 
electromagnetic energy taken from the ambient sur- 
roundings to release at least some of said energy to said 
first arrangement when the fluid passes into said cavity 
and (11) to again take in electromagnetic energy from 
the ambient surroundings when the fluid passes out of 
said cavity. 

20. A system, comprising: 


(a) a first arrangement defining at least one mechanism 
designed to cause the atoms and molecules making up 
a given fluid containing electromagnetic energy 
obtained from the ambient surroundings to change in 
configuration in a way which releases at least some of 
said energy when said fluid is passed into said mecha- 
nism; 


(b) a second arrangement located in the ambient surround- 
ings and including a source of said fluid and means 
cooperating with said first arrangement for causing said 
fluid to pass from the ambient surroundings into said 
mechanism and then out of said mechanism and back 
into the ambient surroundings, whereby the fluid when 
passing into said mechanism releases at least some of 
its energy and then, upon passing back into the ambient 
surroundings, again takes in electromagnetic energy 
from the ambient surroundings, said means and said 
first arrangement cooperating with one another such 
that said fluid passes into and out of said mechanism by 
relative movement between the mechanism and fluid; 
and 


(c) a third arrangement for capturing at least some of the 
electromagnetic energy released by said fluid. 
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Abstract -- The proposed device for forming an energy field comprises at least one collector (1) made up ofa 
plurality of energy sources (2) arranged along a closed line and separated by gaps, with a central open area (6). 
The energy sources (2) are interconnected and can move in relation to each other. 


DE 3433292 
Apparatus for the directed deflection or screening of so-called earth radiation - geopathogenic zones 


Inventor: VERZICHT DES ERFINDERS AUF NENNUNG 
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Abstract -- Antennas - bar antennas, V-shaped multiple-bar antennas, spirals, in connection with tubular sleeves 
which serve as wave guides and are or may be equipped with a ground reflector to increase their effect, emit all 
around a deflecting radiation or an interference radiation in the upright position in conjunction with a directional 
reflector mounted at the top, charged by a geopathic wave field. This radiation is capable in its effective range 
of drifting or neutralising other interfering stimuli/radiation caused by further interference zones (water veins, 
etc.). In the case of interference radiation/deflection radiation directed downwards due to a corresponding 
reflector shape there is no rod deflection above the erection site. In the case of interference radiation/deflection 
radiation directed upwards due to a corresponding reflector shape there is no rod deflection below the erection 
site. The effective range is influenced by the size of the antenna, the charge thereof (interference zone crossing) 
and by the shape of the reflector screen. 
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continuous material recovery_ 
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Abstract -- The device comprises, for example, a pyramid of dielectric material having the dimensions, as true 
to scale as possible, of the Cheops pyramid and in a size corresponding to the use to which it is put. The 
collector effect of the pyramid, one edge of which is to be aligned to magnetic north, bundles the positive pole 
energy of the magnetic earth field in the energy core of the device. As in a mirror image, "reflected" force fields 
with negative energy result above and below the pyramid. a) By appropriately positioning a person in, above or 
underneath the pyramid it is possible to supply the bundled energy resulting from the collector effect of the 
pyramid to the person in order to balance out energy disturbances of the body. b) If the subject-matter of the 
application is used for the continuous automatic material recovery a pyramid of appropriate size is to be fitted 
over the metal part (e.g. bearing) in such a way that the part is located within the energy core of the pyramid and 
the pyramid is aligned to the direction of magnetic north/south. 


DE 3823178 
Device for collecting and selectively transmitting programmed radiesthetically measurable radiation, in 
particular, to the human body 


Inventor: NEMITZ MANFRIED 
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Abstract -- The invention relates to a device for collecting and selectively transmitting programmed 
radiesthetically measurable radiation, in particular, to the human body. The device comprises three or four 
functional elements which are connected to one another, namely a pyramid-shaped body as a radiation collector, 
a vessel serving as radiation transmitter and a tubular radiation injector and, if appropriate, a radiation adapter. 


DE 8460071 
Device for accruing cosmobiological energy 


Inventor: RUDHARDT, ELFRIEDE, 8960 KEMPTEN, DE 
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Abstract -- A hollow body (10) in the form of a regular pyramid with a square base has an outer attachment 
(18) along its one bottom edge (14), on which attachment a magnetic compass (20) is secured, a marking (24; 
25), provided on the attachment (18), lying with the compass axis in a plane which is parallel to one pair of 


bottom edges (14) and at right angles to the other pair of bottom edges. The hollow body (10) can be moved 
quickly and accurately into a position in which two parallel bottom edges (14; 16) are aligned in the earth's 
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North-South direction. In this position, the hollow pyramid 1s able to accrue cosmobiological energy and to 
supply it to objects situated therein. 


EP 0838208 
DEVICE FOR TREATING AN ORGANISM WITH ENERGY 


Inventor: DENISOV STANISLAV GEORGIEVICH [RU] ; ATAEV DZHAVANSHIR ISMAIL OGLY 


Abstract -- Device by energetics affect to bio-object contains wire which 1s fixed on a substrate as open-ended 
space spiraling curve, and wire, 1s representing by not crossing coils, 1s located in spiral form, and the device 1s 
supplied by the element for regulation of intensity by affect, this element executed as closed electro- 
conductivity contour, which is located with possibility to change its position concerning space spiral-graphic 
curve. Space spiral-graphic curve can be ellepes -graphic form, and closed contour - form curve, located with a 
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draw a curve to fit the points. Use a 
separate sheet of paper to draw your graph. 
Answers 


A. V out = 0.1 volt 
B. V out = 1 volt 

C. V out = 7.1 volts 
D. V out = 10 volts 
E. 


The curve is shown in Figure 6.9 . 
Figure 6.9 


10 V b 
7V | 
SV | 
IV] | 
100 Hz | kHz 10 kHz 100 kHz 


(Note that this is a logarithmic frequency scale.) 
Note You can see that V out is equal to V in 
for the highest frequency and at nearly zero 
for the lowest frequency. You call this type of 
circuit a high-pass filter because it will pass 
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opportunity of turn and linear moving concerning space spiral-graphic curve. The wire can be executed as 
electro-conductiving cover, which 1s make up dielectric material. The device can be supplied having by bio- 
energetics activity chemical elements such as tellurium, lanthanum, gadolinium, bismuth and etc., which are 
located in a zone of wire arrangement.; The way of valuation at efficiency device's work by energetic affect to 
bio-object is concluded to measure conductivity of biologic active points by Foll's method at ten main points on 
each foot and brush before and after affect, to determine for each points its deviation from given significance, 
which 1s accepted 50+2 scale points of the device, thus repeated measurements conductivity make after period 
of time, equal 1, 24 or 48 hours, and the efficiency by affect is evaluate at size of deviations conductivity 1s 
received by results its measurement after effect, do not exceeding 40% from size of deviations conductivity, 
received by results of its measurement before the affect. 


EP 0673185 
Device for improving the efficiency of engines 


Inventor: BERGMANN HERMANN 
EC: HO5F7/00 
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The device has a plate (1) provided with a number of pyramids (2), with a pin (4) positioned centrally under the 
peak of each pyramid, supported by an electrically-conductive collector plate (3). A pair of electrical leads (5,6) 
extend between the collector plate and the fuel feed for the 1.c. engine, or the engine block, or between the 
collector plate and the electric motor leads, or the electric motor housing. Pref. the individual pyramids are 
made of Cu sheet and arranged in a matrix with eight pyramids in each direction. Magnets may be inserted in 
the leads between the collector plate and the 1.c. engine or electric motor. 


WO 9420702 
DEVICE FOR CONVEYING DAMP OR SALTS 


Inventor: MOHORN WILHELM 
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Abstract -- In a device for conveying damp or salts, e.g., to dry masonry, with at least one electrical conductor 
wound into a coil (100) and fitted in a housing, the winding diameter of the coil (100) diminishes spirally from 
one end to the other. Here the distance between the windings of a spiral or wedge-spiral coil (100) and the coil 
axis in the inward direction is 40 to 60 % smaller on each full revolution than the previous distance. On average, 
therefore, this gives: for the spiral radius measured at 90 DEG: R'1 = R1-R2/4; at 180 DEG: R"1 = R1-R2/2; at 
270 DEG: R"1 = R1-R2x3/4; at 360 DEG : R2 = R1/2. 


FR 2554354 
Device sensing telluric and cosmic waves and inhibiting their effects 


Inventor: DUPIN JACQUES 


Abstract -- Device ensuring physiological protection against the harmful effects of telluric and cosmic waves. 
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The invention 1s constituted by one or several oscillating circuits formed of rings associated with a bar parallel 
to their plane and extending on either side, the said device being placed horizontally oriented northwards. It is in 
this way that the device can comprise the rings | to 5 centred, side by side, on a single bar 6 or concentric 
according to 7 to 10 associated with the bar 11, their effect differing in power according to the disposition 
adopted. The invention can be used to increase physiological comfort and to improve health. 


GB 1077765 
Device for affecting the growth or properties of organic or mineral bodies 


Inventor: ROBERT ANFOSSO 


Abstract -- A device said to stimulate plants, or animal or mineral bodies, comprises one or more arcuate or 
bent member 3 of an electrically conductive material supported on an electrically insulating member 2 of 
ebonite or a synthetic plastics material. An animal or mineral body being treated may be positioned on an 
earthed plate. The effect is said to be improved if the member 3 is directed to the East. 
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GB 766886 
A device for screening or neutralising dowsing rays or fields 


Inventor: WALTER GISHFORD EDWARDS 
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Abstract -- A device for screening the body from dowsing rays or fields comprises a foundation 4 of paper or 
other suitable material to which is secured rings 1 or loops of metal wire or foil arranged in a comtiion plane so 
that they do not touch one another. The rings 1 or loops may be made of copper wire or foil and each ring may 
be broken to form a gap 2. 
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EP 0098656 
Earthing device 


Inventor: GIERKINK ALPHONS JOHANNES 
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Abstract -- The invention has for its object to counteract the negative influence of biologically active fields on 
living organisms and provides for this purpose a device for neutralizing such fields, said device comprising an 
electrically conductive strip or wire having an earth connection at the middle, said strip or wire being located 
substantially in one plane and being constructed in the form of a ring symmetrical to the middle, whilst the ends 
of the strip or wire are spaced by a small distance. 


WO 0240859 
SYSTEM AND METHOD FOR GENERATING A RIGHT TORSION FIELD 


Inventor: PAVLENKO ANATOLIY R [UA] ; PAVLENKO OLEXANDER 
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Abstract -- A device for generating a right torsion field having an outer body, a salt solution, and ring. The ring 
generates a first right torsion field. The ring and the salt solution are disposed within the outer such that a 
portion of the first right torsion field propagates through the salt solution.; A device for generating a right 
torsion field (43) having an outer body (10), a salt solution, and a ring (31, 32, 33). The ring (31, 32, 33) 
generates a first right torsion field (41). The ring (31, 32, 33) and the salt solution are disposed within the outer 
body (10) such that a portion of the first right torsion field (41) propagates through the salt solution. 


FR 1260006 
Emetteur de radiations calculées 


Inventor: BIENBOIRE GUY-EDOUARD-GABRIEL 


US 5449376 
System and method for producing highly amplified radio signals for feedback into the human body 


Inventor: CALLAHAN PHILIP 


SN SS SO GE GPES 
0 FIG. 1A 


Abstract -- The present invention includes an apparatus and method for generating, duplicating, and 
transmitting biophotonic radio frequencies that propagate along the atmospheric boundary layer of the human 
skin and the earth's atmosphere. These biophotonic radio frequencies are applied to a human patient for 
therapeutic purposes. This function 1s realized with the use of a series of oscillators (1.e., electronic function 
generators) designed to produce modulated or unmodulated sine and square wave photons. The oscillators are 
further adapted to emit the modulated or unmodulated sine and square wave photons from a dielectric or metal 
antenna built as loops into the walls of a diamagnetic-paramagnetic chamber. When a person is seated in the 
chamber, the photons of energy from the waves generated along the loop antenna penetrate the human body and 
provide a variety of therapeutic benefits. Among these therapeutic benefits are relief of rheumatic muscular 
pain, slowing the metabolism, increasing the efficiency of the immune system, eliminating certain 
psychosomatic ailments, and suppressing cancer. 


WO 9325270 
DEVICE FOR PROTECTION AGAINST THE BIOLOGICAL EFFECTS OF ELECTROMAGNETIC 
NON-IONISING RADIATIONS, PARTICULARLY THOSE EMITTED BY VDU EQUIPMENT 


Inventor: FILLION-ROBIN MAURICE SERGE 
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FIG 


EP 0551668 
Resonators eliminating the harmful effects on living beings from electromagnetic radiation 


Inventor: SURBECK JACQUES 
EC: HO5F7/00 


ES 2040624 
Electromotive power generator for therapeutic uses 


Inventor: RAMOS FERNANDEZ FELICISIMO 


EP 0302192 
Device for the treatment of living beings and plants with pyramid energy 


Inventor: OEHME RAINER 
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Abstract -- In a device for the treatment of living beings and plants with pyramidal energy, the energy 1s picked 
up on energy pick-up lines (12, 13), which are arranged electrically separate along the four edges of the pyramid 
(6). Since the emission of energy 1s particularly strong along the pyramid edges, a particularly large amount of 


energy can be picked up by energy pick-up lines (12, 13) of this type. Such energy pick-up lines (12, 13) are 
considerably cheaper to produce. 


FR 2618076 
Device for emitting beneficial wave forms 


Inventor: BOURGOUIN DOMINIQUE [FR] ; DACIER CHRISTOPHE 


Abstract -- The invention relates to a device allowing the emission of wave forms which are beneficial for all 
living things. It consists of a set of geometrical shapes whose arrangement generates a symbolic application and 
gives rise to the appearance of powerful emissions which are beneficial for all living beings. The device 
according to the invention is in particular intended for creating a beneficial vibrational field. 


Cited documents: FR2329089 // FR2554354 // FR1584210 // FR2421531 
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FR 2591494 
Ambience harmoniser consisting of a cube surmounted by three hemispheres which can move around a 
vertical axis 


Inventor: BABONNEAU BERNARD 


VUE DE O08809 


Abstract -- Device for harmonising a location. The invention relates to a device for obtaining or re-establishing 
maximum vibrational harmony of a location. It consists of a cube 1 surmounted by three hemispheres 2 which 
can move around a vertical axis 3. Twenty-four "runes" 4 are pyrographed on each hemisphere. The device 
according to the invention is intended in particular for general harmonisation working towards maintaining 
plants, animals and human beings in "good health" in the place in which they live. 


FR 930466 


Inventor: PEQUIGNOT MICHEL 
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FR 1153623 
Collecting and use of the cosmic rays 


Inventor: LARONZE JEAN-ANDRE 


DE 2457792 
TECHNISCHE ANORDNUNGEN 


Inventor: HANSCHMANN HORST 
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high-frequency signals with little attenuation 


and block low-frequency signals. 
Project 6.1: The High-Pass Filter 
Objective 


The objective of this project is to determine 
how V out changes as the frequency of the 
input signal changes for a high-pass filter. 
General Instructions 
When the circuit is set up, measure V out for 
each frequency; you will also calculate X C for 
each frequency value to show the relationship 
between the output voltage and the reactance 
of the capacitor. 
Parts List 
You need the following equipment and 
supplies: 
One 1 kQ, 0.25-watt resistor. 
One 0.016 UF capacitor. (You'll probably find 
0.016 uF capacitors listed as polypropylene 
film capacitors. A polypropylene film 
capacitor is made with different material 
than the more typical ceramic capacitor but 
performs the same function. If your supplier 
doesn't carry 0.016 UF capacitors, you can 
use the closest value the supplier carries. 
Your results will be changed slightly but will 
show the same effect.) 
One function generator. 
One oscilloscope. (You can substitute a 
multimeter and measure V out in rms 
voltage rather than peak-to-peak voltage.) 
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Construction of arrangements and technical apparatus among other things for the degradation of cancer cells. 


DE 8535780 
Probe 


Inventor: HANS BRUEGEMANN GMBH 
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FIG... 


Such probes with body electrode are known and come before all things for therapeutic purposes to the use. A 
known therapy procedure plans it to strengthen the bio alternating field in one, detected of the body of an 
patient with an acceptance probe, the probe downstream metre to diagnose and provide feeding back with the 
calculated complement either over the same acceptance probe or over an other particular 


DE 2559383 
Method «€ Apparatus for Programming of Cells 


Inventor: HANSCHMANN HORST 


GB 2117183 
Protective apparatus 


Inventor: ARENS CARL [DE] ; SCHMIDT PAUL 


FIG.1 FIG.2 


Abstract -- Apparatus for protecting living organisms against geo-biological radiation comprises a series of 
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layers of spaced apart electrically conducting metal rods 9. The rods in each layer are parallel to each other and 
are held in an electrically insulating holder member 1-4 of plastics material. The members 1 to 4 are clamped 
together by a knob 8 on a rod 5 which 1s screwed into a pedestal 7. The rods in adjacent layers are shown at 90 
degrees to each other, but this angle can be adjusted by loosening the rod 5, turning the holder members and 
then tightening the rod again. 


Also published as: FR2523850 // DE8208300 // CH658790 
Cited documents: DE3036085 // GB1077765 


DE 7143603 
Shielding Equipment 


Inventor: ANGELE J 


The invention relates to shielding equipment to weaken electrical radiation, caused from shafts by running water 
in the earth and variations of the earth's magnetic field, furthermore wave gate zones and other effects of other 
origins. 


CH 145271 
Mechanism to Collect Telluric Energy 
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Inventor: EDUARD HART 


EP0651595 
Process and associated device for the neutralisation of the effects of electromagnetic fields within open 
areas and/or volumes 


Inventor: CICCOLO ENZA 
Cited documents: GB385987 // DE3543765 // DE3433292 //DE4009003 


Abstract -- Device for neutralizing the effects of electromagnetic fields inside areas and/volumes in which said 
fields occur, consisting of a pyramid (1) having as its base a rhombus (2), the greater diagonal (D1) and smaller 
diagonal (d2) of which are respectively of a length such as to give rise to a so-called golden ratio D1/d2, and 
also of a height (h) such as to give rise to a ratio h/D1 also of the golden type, there also being provided at least 
one pair of arms (3) and (4) respectively parallel to the greater diagonal (D1) and to the smaller diagonal (d2) 
and respectively joining pairs of opposite edges (la,lc,1b,1d) of the pyramid (1), said arms (3,4) supporting in 
the region of said edges respective containers (3N,3S,4E,4W) designed to contain a predetermined quantity of a 
liquid and intersecting in the region of a further, central, container (5) arranged along the height of the pyramid. 
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WO 9212761 
DEVICE FOR ACCELERATING GROWTH 


Inventor: KOLAR GABOR 


Fig. 4 


Abstract -- The invention relates to a device for promoting and accelerating growth in human beings and 
animals and for accelerating the recovery of human beings and animals following illness and injury and to 
support healing processes. It consists of a combination of at least two of the items below, possibly with suitably 
selected intermediate components: a) pyramids with at least hexagonal bases; b) truncated pyramid with at least 
hexagonal base and summit surface; c) cylinders; d) tapered domes; e) truncated tapered domes; f) toroidal 
section; g) paraboloid region or cap; h) ellipsoid region or cap (9, 10); 1) ridged band (11) on the surface of one 
of items a) to h), which may be of various shapes. Two items of the same group with differing dimensions may 
also be combined, with the proviso that, if only one of items a) to h) is combined with item 1), there are at least 
six Items 1). 


Also published as: JP5505332 // HU66203 // EP0522117 //AU1176492 // AT397618 
Cited documents: EP0302192 // EP0229874 // FR2329089 // =FR2572289 // FR2591494 


WO 2006070213 
DEVICE TO TRANSFER BIOLOGICAL ENERGY INTO BIOMECHANICAL ENERGY 


Inventor: AKSZJONOVICS IGOR VASZILJEVICS 
Also published as: RU2007129006 // HU0402686 // EP1861163 
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Abstract -- The invention relates to a device realises the transformation of biological energy into biomechanical 
energy in the form of a geometric body. The characteristic feature of the invention is that 1t contains a number of 
pyramids or cones inserted into one another at their points or bases which form a unified geometric form, with a 
common space inside them, which may stand empty or be filled with organic or inorganic material, which may 
have any form, colour or extent, what is more the extent and form of the internal volume may be changed and 
regulated, the structure itself may be made of organic or inorganic material. 


WO 9404221 
DEVICE FOR ACCUMULATION OF BIOLOGICO-COSMIC ENERGY 


Inventor: DODONOV BORIS PETROVICH [RU]; DODONOV ROMAN BORISOVICH 


AKTSIONERNOE OBSCHESTVO ZAKRYT [RU] ; DODONOV BORIS PETROVICH [RU] (+1) 
Also published as: AU2517692 
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FIG. 1 


Abstract -- The device (1) comprises a body (2) with a cavity in its central area having the form of a linear 
channel (3) and connecting with the surrounding space by an inlet opening (4). The lateral wall (5) of the body 
(2) 1s provided with at least one linear tangential channel (6) connecting by an outlet opening (8) with the linear 
channel (3) and by an inlet opening (7) with the surrounding space. The longitudinal axis of the tangential 
channel (6) is situated in a cross-sectional plane of the channel (3). 


DE 3826890 


occurring in the area of action of a hollow pyramid 


Inventor: KEPPELER MANFRED 


EC: B01D9/00 


http: //www.rexresearch.com/radiesthpat/radiesthpat.htm 


23/37 


1/28/2019 Radiesthesia patents 


Fig. 1 


Abstract -- The invention includes a method for influencing the degree of order of an inorganic or organic 
system by using the change, occurring 1n the active region of a hollow pyramid, in the sub-region of the 
terrestial magnetic field otherwise prevailing there, by directing the terrestial magnetic subfield to at least one 
hollow pyramid face, which 1s inclined essentially at the local inclination angle, is aligned together with the 
inclination plane with the magnetic north-south direction and is formed from diamagnetic material, on to the 
system, which is preferably brought into the interior, below or in the immediate vicinity of the pyramid, and 
exposing the system to the influence of the pyramid in essence over the duration of its natural development 
time. In addition, the invention includes a hollow pyramid for carrying out this method, in which at least one 
pyramid face is inclined at the inclination angle which is decisive for the application site, and at least this 
pyramid face consists of diamagnetic material having a volumetric susceptibility below -15. The hollow 
pyramid preferably consists of brass, zinc, silver, bismuth, graphite or ytterbium with in each case a volumetric 
susceptibility of below -15, or else of an alloy or composition of these materials. The method according to the 
invention is suitable for improving the formation of crystals in solutions, cultivating microorganisms 
(microbes), improving the germination of seeds... 


EP 0259769 
Installation for pyramidal energy 


Inventor: OEHME RAINER 
Also published as: DE3630523 
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Fig. 


Abstract -- A conductor (2) runs externally over a pyramid (1) in the form of a conical spiral. Its outgoing 
conductor part (4) is passed over the apex of the pyramid (1). The conductor (2) consists either of an electrical 
conductor or alternatively of a tubular body through which a medium to be treated can be passed. Using such a 


conductor (2) as an energy absorbing device, the complete vibration spectrum of the pyramid (1) can be 
detected. 


EP 0287687 
Device for the treatment of living beings and plants by pyramidal energy 


Inventor: OEHME RAINER 
EC: A23L3/26; A61N 1/04 


Py =L dh oa 


Abstract -- Pyramidal energy 1s taken from a pyramid (6) by means of a vibration pick-up applied to 1t from 
above. Lines (13, 14) are guided down from this vibration pick-up (10) along an edge of the pyramid (6) and 
convey the picked-up energy to an upper and lower chakra electrode (8, 9), which are arranged on a support (7). 


EP 0229874 
Protection device 


Inventor: PALM HUBERT DR MED 
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Abstract -- The protective effect and healing action of the device for all life is based on its qualitative 
biological and structural equivalence to the harmonical system of the cosmos and especially, according to 
Kepler, of the solar system. Its construction starts from the assumption of all high religions and high cultures 
that the good part of the cosmos as a whole - as creation of God - and therefore with all 1ts parts 1s an integral 
unit of life. Harmonic equipment that bears a qualitative structural resemblence to life and, in particular, 1s 
capable of electromagnetic vibrations, must therefore process biologically the same cosmic life forces as it has 
to transmit inductively, which experience shows occur everywhere in the cosmos, especially in the form of 
vibrations. 


DE 3530841 
Chakra electrode 


Inventor: OEHME RAINER 


Ansicht in 
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One breadboard. 


Step-by-Step Instructions 
Set up the circuit shown in Figure 6.10 . If 
you have some experience in building circuits, 


this schematic (along with the previous parts 
list) should provide all the information you 
need to build the circuit. If you need a bit 
more help building the circuit, look at the 
photos of the completed circuit in the 
“Expected Results” section. 

Figure 6.10 


0.016 uF 


Function 
generator 


Carefully check your circuit against the 
diagram. 

After you have checked your circuit, follow 
these steps, and record your measurements 

in the blank table following the steps: 

1. Connect the oscilloscope probe for channel 
2 to a jumper wire connected to Vin, and 
connect the ground clip to a jumper wire 
attached to the ground bus. 

2. Connect the oscilloscope probe for channel 


1 to a jumper wire connected to V out , and 
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FR 2580180 
System for protection against the physiological effects of electromagnetic fields 


RAZE ETIENNE [FR] 


Abstract -- System intended for protecting living beings against the physiological effects of electromagnetic 
fields, characterised in that it is composed of at least two devices each consisting of a casing, on the bottom of 
which there are disposed at least a first bar made of a magnetisable material and at least one second bar made of 
a material which is non-magnetisable but which has a high coefficient of conductivity, these bars being disposed 
without touching each other in an open angular pattern, the remaining volume of the casing being filled with 
ferrite particles dispersed within a dry, inert microionised powder, and agglomerated using an inert binder, these 
devices being subjected before use to an activation treatment consisting in passing them through at least one 
pair of electromagnetic fields with inverted orientations,; the said devices together defining a protective screen 
situated in the space which separates them. 


FR 2572289 
Device having the ability to cure certain cancers 


LEMBEYE CHARLES [FR] 
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Abstract -- The invention relates to a device which has the ability to transmit an energy flux which cures 
certain cancers. This device consists of twelve hemispheres made of hard wood pierced with a hole 1 and 
threaded on a leather thong 2. A leather washer 3 1s placed under the stack thus constituted. 


CA 2043936 


Inventor: STOJANOVIC BRANISLAV 


Also published as: 
EP0460670 // AU7819491 
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Abstract -- The novelty about the device for accumulation, amplification and local direction of the positive 
cosmic energy 1s that between the V-shaped arms (11) of the support (1) there 1s anothed V-shaped piece (2) 
which is fixed tightly by its arms (21) between the convexity (16) and a semi-cylindrical convexity (13) on the 
arms (11). At the end of the arms (11) there are cylindrical convexities (11') over which there is a convexity (12) 
at the angle of 90 degrees in relation to the longitudinal axis of the cylindrical convexities (11). At the end of 
convexities (11') there is a cylindrical convexity (13).; On the outer surface of arms (11) there are three holes 
(15) on each side, respectively, and spherical convexities (14) around them, and two hemispherical convexities 
(16) on each side, respectively, next to them, whereas on arms (21) of the piece (2) there are three holes (24) on 
each side, lined with convexities (23) and there are two hemispherical convexities (22) on the outer surface of 
each side, as well as two hemispherical convexities (25) on the inner surface of the arms (21). 


EP 0296142 
Device to counterbalance the surrounding electromagnetic radiation 


Inventor: DECKERS FRANCOIS 


WO 9526215 
Method of Immunomodulation of the non-specific reactivity of an animal organism 


GB 1496582 
An Energy Reabsorption Enhancement Chamber 


Inventor(s): SACHER FRANCES VON 
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FR 48135 
Emetteurs d'ondes permettant de ranimer ou de transporter les ondes émises par les corps de la nature 


Inventor: TURENNE LOUIS 
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DE 1719878 
ANORDNUNG ZUR ABSCHIRMUNG ODER ZUR NEUTRALISIERUNG VON FELDSTOERUNGEN 


Inventor: JAKOB W F STAENGLE [DE] 
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DE 3320510 
Radiation switch for radiation deflection and irradiation 


Inventor: VOELKNER KARL HEINZ [DE] Applicant: VOELKNER KARL HEINZ 
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Abstract -- Radiation switch for radiation deflection and irradiation. b) Radiation surface suction probe 


for radiation deflection and irradiation. The patent specification for which a patent is applied is the 
combined result of my many years of research into environmentally harmful radiation returning to the 
sun. In fairly high concentration it is visible as livid-coloured light having a frequency of 40,000 mm. 
Livid radiation reflectors are produced and assembled by the industry over an uncontrolled, immense 


area. When used conscientiously and in a controlled manner, the switches and probes listed in the patent 
specification are suitable for preventing vegetation damage to man, animals, trees and plants. Measurable: 


with a 50 cm long golden chain on which a golden ring is threaded, shortened to 25 cm. The harmful 
radiation intensity starts at a pendulum deflection of 1 cm which leads absolutely to death of the 
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vegetation. Optically: photo/video: falsification of the spectral colours by superposition of the livid light. 
This livid radiation knows no obstacles. It can only be prevented by application and extension by experts 
of the law governing radiation protection. 


WO 0218007 
METHOD FOR PROTECTING A HUMAN BEING FROM THE ACTION OF A SPIN FIELD 
(RADIATION) HAVING LEFT POLARISATION OF SPACE 


Inventor: ORLOV IGOR IVANOVICH [UA] ; BACHISHEV GORCHMA NURY-OGLY 


SLL 
> ZZZZZ TRATA 
a |t]t |t 


bi 


1 


Abstract -- The invention relates to medical equipment which 1s directed at neutralising damaging effects 
produced by data display devices, more specifically terminal display devices, TV sets etc, and can be 
used for video devices, computers and power devices. Said invention can be also used for protecting 
against the negative effects of geopathogenic zones and geobiological systems. The inventive method is 
based on an additional field (radiation) having the opposite direction of a spin polarisation within the 
volume of the field. Said field is produced by the data display device. In addition, a supplementary 
compensating spin field having a right polarisation of environmental space is created with the aid of a 
physical vacuum polariser having a right polarisation which is based on the effect of prepolarisation of 
the polariser's substance. The inventive device comprises a compensating element embodied in the form 
of at least two coaxial sockets which are arranged on a common base. The internal socket has the lower of 
the dimensions d of the cross section thereof, which is equal to d> 0,5 H, where H represents the height of 
the socket. Said coaxial sockets have the cross section chosen from a range consisting of a polygon with 
the side number thereof m >= 3, a circle, a rotary body having an arbitrary shape and the combination of 
said figures. The walls of the sockets are embodied in such a way that they are sharp-edged on the side of 
the free ends thereof. 


WO 9632192 
DEVICE FOR INFLUENCING THE STRUCTURE OF MATERIAL OBJECTS 


Inventor: UVAROV VLADIMIR VASILIEVICH 
UVAROV VLADIMIR VASILIEVICH [RU] 
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Fig. 1 


Abstract --The technical problem addressed by the invention is that of enhancing an influence on 
material objects. To enhance a positive influence on material objects, regular rectangular pyramids are 
proposed, made from a dielectric material and set up in such a way that each of the side facets 1s aligned 
with the directions of the horizon, while the geometrical shape of the pyramid 1s determined by a ratio of 
the base sides to the pyramid height expressed as follows: A = 1.572302...H or A = 0.485868...H, wherein 
A is the base side of the regular rectangular pyramid and H is the height of the regular rectangular 


pyramid. 
WO 9319579 
METHOD AND DEVICE FOR INFLUENCING AN OBJECT AND APPARATUS USING 
SAID DEVICE 


Inventor: KARP YULY SEMENOVICH 
Also published as: WO9319579 // EP0646392 // EP0646392 // AU3098692 


Abstract -- A method for influencing an object participating in a technological process consists in 
directing an external energy on an intermediate element which changes its functional state and influences 
the object participating in the technological process, and the influence is formed as a secondary radiation 
which is interconnected with the external energy and which is generated from the substance contained in 
the material of the intermediate element. The formation of the secondary radiation flow with desired 
parameters is effected by periodical variation of the vector of anisotropy of the substance of the 
intermediate element and the thus formed flow of the secondary radiation is directed on the object.; The 
device comprises an external energy source (2) and an intermediate element (3) capable of generating an 
influence in the form of secondary radiation matching with the external energy from the source (2) and 
resulting from the periodical change of the vector of anisotropy of the substance contained in the material 
of the intermediate element (3). The device is used as apparatus for programmed stimulation of self- 
regulation of biological objects for correction of their functional state. 


DE 3320518 
Device for changing radiesthetically measurable fields 


Inventor: SCHWEITZER PAUL DR 
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connect the ground clip to a jumper wire 
attached to the ground bus. 

3. Set the function generator to generate a 
10 V pp , 25 Hz sine wave. 

4. Measure and record V out . 

5. Adjust the function generator to the 
frequency shown in the next row of the table. 
6. Measure and record V out . 

7. Repeat steps 5 and 6 until you have 
recorded V out for the last row of the table. 
8. Calculate the values of X C for each row 
and enter them in the table. 

fin X C V out 

25 Hz 

50 Hz 

100 Hz 

250 Hz 

500 Hz 

1 kHz 

3 kHz 

5 kHz 

7 kHz 

10 kHz 

20 kHz 

30 kHz 

50 kHz 

100 kHz 

200 kHz 

500 kHz 

1 MHz 

9. In the blank graph shown in Figure 6.11 , 
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FIG. 


Abstract -- The invention relates to a device for changing radiesthetically measurable fields with the 
object of avoiding the pathogenic effects of their biologically active regions, the so-called irritant zones. 
These fields are mainly caused by underground water veins. However, they are also found in space 
lattice-like structures, the so-called lattice systems incident from the atmosphere. All the measures and 
devices known to date for attenuating or eliminating the effect of the irritant zones have shortcomings or 
disadvantages. As a rule, they are ineffective with regard to the particularly dangerous crossing region of 
the irritant zones, or they detect only individual frequencies and must be adjusted with the risk of 
inefficacy due to maladjustment. The invention is based on the object of creating a device for changing 
radiesthetically measurable fields which avoids the aforesaid disadvantages. This object is achieved using 
a pyramidal body in that one or more elements, e.g. another pyramidal body, or an element which is 
resonant in the microwave range, e.g. a spiral, or a homeopathic preparation, is arranged within or 
directly underneath this body. 
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FM Crystal radio 


«Article Featured Image 


Larry writes — 


| have heard, even from a physicist, that it is impossible to build FM crystal radios. On the 
other hand some experimenters claim that they have built them. This argument intrigued me 
to try and build an FM crystal radio, which | have done successfully. To my surprise, the result 
is an astounding performer, pulling in four local stations in Tucson. When connected as a 
receiver to a good sound system the sound fidelity is as good or better than more expensive 
AM radios. In fact, it sounds “high-fidelity”. 
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FM Crystal Radio, thanks Pekar! — Link. 
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MATH 
MONDAY 


NATIONAL MUSEUM OF MATHEMATICS 


Today we revive an old snowflake drawing program by Evil Mad Scientist, and realize the designs in a 
modern meltingly sweet medium. Here's an updated version of that old program with the trigonometry 
corrected (cheers for applied math!) so that it will work with any number of sides to your snowflake. 
The program runs fine in the latest version of Processing; just download and install the development 
environment, and open the snowflake .pde file. Make sure to enter the number of sides you want your 
snowflake to have as the value of the variable “sides” on line 25 of the .pde file, overwriting the “6” that 
appears in the file as distributed. (If any reader would like to modify the program so that you can enter 
the number of sides in the running program without changing the code, please send the modification 
to mondays@momath.org and we'll post it here.) Then fire the program up by hitting the run button in 
Processing; it will look like this, shown with the number of sides set to seven. 
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snowflake2a ’ 


You can drag any of the circular “handles” to alter the outline of the snowflake, and every time you 
move the middle handle of a segment, more handles appear so that you can make that outline more 
intricate. The program will automatically replicate your changes throughout the snowflake, keeping it 
symmetrical with the number of sides selected. It’s ok to cross the outline segments over each other, 
in which case holes will appear within the snowflake, potentially adding to the interest of the design. 
Here's an example of a six-fold design in progress. 


snowflake2a | Processing 3.2.3 


When you have reached a symmetric polygon, a.k.a. snowflake, that you like, hit the “Save” button on 
the snowflake screen to write a pdf file of your design. | also suggest saving a screenshot to catalogue 
the open and closed areas of the snowflake. For example, here's the five-fold pattern used for the 
purposes of this column. 


snowflake2a 
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Using this program, three snowflake designs were created for today's making project: one five-fold, 
one six-fold, and one seven-fold. The idea is to render these designs as snowflake marshmallow 
cutouts to decorate festive winter-time drinks. Begin by printing out each design at dimensions just 
small enough to fit in the top of the cups or glasses you want to use. 


A 


Then cut carefully around the outlines of the printouts, and select what areas of the snowflakes you 
want to cut out of the marshmallow snowflakes; carefully slice those portions out. This processes 
creates paper templates for the snowflakes. 


GIANT MARSHMALLOW 
GIGA ODNO 


FULL SHEET 


DIMENSIONS 15" x 11" x 1/2" 


= 
> \. 2 f 7 - 
9, wee ee 
— OI 
l E le 
z 
> E A KO 


e Fe < AS 
j a Y 7 


1 PC NET WT 160z (4539 


Next you need sheets of marshmallow, available in some craft or specialty food stores. Here's a sheet, 
one half inch thick. Line up one of the templates on the marshmallow sheet, and use thumbtacks 
through the paper and into the marshmallow to hold it in place during the cutting. 
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Then you can begin transferring the design to the marshmallow sheet. | recommend cutting it out with 
an X-acto or similar craft knife. 


Here are some recommendations to make the cutting go more easily: first cut out roughly around the 
whole snowflake, but fairly close to its outline, because the cleanest cuts come from slicing along a 
segment of the design's perimeter all the way out to the edge of the marshmallow slab. Dip the knife 
blade in vegetable oil to prevent sticking, and keep it well oiled. Keep a damp cloth or paper towel 
handy to wipe off accumulated marshmallow stuff from the blade from time to time. To cut out 
interior holes in the pattern, cut around the entire outline of the hole once, go over it again lifting the 
marshmallow slab up to make sure the blade is going all the way through the marshmallow, and then 
push the cutout out from the front with the tip of a chopstick. Here's the seven-fold pattern just before 
and just after removing the template. 
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And here are all three different symmetries studied in airy sweetness: 


Of course, these geometric snowflakes cry out to serve as adornments for suitably wintry drinks — 
dark chocolate hot chocolate or eggnog, for example. 


Happy New Year from Math Mondays! 
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plot V out versus fin with the voltage on the 
vertical axis and the frequency on the X axis. 
The curve should have the same shape as 
the curve shown in Figure 6.8 , but don't 
worry if your curve is shifted slightly to the 
right or left. 

Figure 6.11 
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i] 


10 100 1000 10000 100000 1000000 
fa (Hz) 
Expected Results 


Figure 6.12 shows the breadboarded circuit 
for this project. 
Figure 6.12 
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Radio a cristallo e dintorni - Le Radio di Sophie - Crystal radio sets 


Ricevitore a cristallo con 
amplificatore 


Un progetto di Luciano Loria 


Si tratta di una classica radio a cristallo per O.M. con sintonia a variazione d’induttanza, (tramite 1l nucleo in 
ferrite che può scorrere all’interno della bobina di sintonia) con amplificazione del segnale audio rivelato. 


Lo schema elettrico è suddiviso, idealmente, in due parti: la prima, sulla sinistra, comprende il circuito di 
sintonia e di rivelazione; la seconda, a destra, è un tipico amplificatore Darlington (Trl e Tr2 collegati a 
cascata). 


L’amplificazione permette |’ascolto della stazione locale, in auricolare o in cuffia, anche se non si dispone di 
una lunga antenna filare, inoltre, nelle ore serali e con bel tempo, è possibile la ricezione d’altre stazioni radio, 
nazionali ed estere; il collegamento di terra, in presenza di segnali forti, potrebbe causare del ronzio; se ciò 
accadesse si può omettere. 


Schema elettrico 


Componenti: 
Amplificatore audio LI = bobina 60/70 spire 
l = 
Antenna i Cl = condensatore 4/0 pF 
Ae Ca = condensatore 240pF 
' Ca = condensatore 47 nF 
Seow C4 = condensatore 1 uF elettr. 
Co = condensatore 47 uF elettr. 
Cl Dl ¡LA Rl R2 ES Rl = resistore 1 Mobhm 
E + R2 = resistore 4.7 Eohm 


RS = resistore 4,4 E ohm 
pa Fa 


D1 = diodo al germanio 
IA) 5E 45Volt Ty = transistor NPN BC347 
HL a Tr? = transistor NPN BC547 
Auricolare = Z da 100 Kohm 
Ferrite = nucleo scorrewole di 
sintoria 


S Hct Saas 


Sullo schema elettrico c’è ben poco da aggiungere, si noti la linea tratteggiata che separa l’amplificatore audio 
dal rivelatore (diodo al germanio), il condensatore C4, oltre che da accoppiatore tra 1 due circuiti, funziona da 
filtro passa-basso, non permette, cioè, 11 passaggio di eventuali frequenze di A.F., presenti ancora dopo la 
rivelazione. 


Il condensatore C1, posto tra antenna ed il circuito accordato di sintonia, funziona, invece, da filtro passa- 
alto, quindi, lascia passare l”alta frequenza e si oppone al passaggio della bassa frequenza, come quella di rete, 
che puo disturbare la ricezione. 


La sintonizzazione della stazione radio si ottiene facendo scorrere un pezzetto di ferrite all’interno della bobina 
di sintonia, l'induttanza della bobina € minima con il nucleo completamente all’esterno, è massima quando il 
nucleo è completamente all’interno. 
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Per ottenere risultati soddisfacenti è necessario provvedersi d’adeguata antenna filare, dai 10 ai 30 metri, stesa 
all’aperto ad almeno tre/quattro metri dal suolo e ben isolata dai supporti, in un punto qualsiasi collegare il filo 
di discesa all’apparecchio radio. 


Allalimentazione provvede una comune pila piatta da 4,5 Volt che durerà tantissimo, l'assorbimento in 
corrente si aggira intorno ai 3-4 milliampere. 


La costruzione dell’apparecchio non è assolutamente impegnativa ed è alla portata di chiunque abbia pazienza, 
un minimo d’abilita manuale e qualche arnese d’uso comune, presente, ormai, in ogni casa. 


E” indispensabile, comunque, per il montaggio, usare un saldatore elettrico da circa 30 W max. di potenza ed 
un rotolino di stagno per elettronica (lega Sn/60 Pb/40), occorrono anche un martellino ed un paio di forbici, 
molto utile può rivelarsi una pinza a becchi lunghi o, in alternativa, una pinzetta da manicure. 


Tutti gli elementi della radio trovano posto su una tavoletta di legno di minime dimensioni e sono collegati, fra 
di loro, mediante saldatura ai punti d’ancoraggio che si predispongono piantando, in posizione opportuna sulla 
tavoletta, dei chiodini di ferro ottonato. 


Montaggio 


Per la buona riuscita della costruzione, seguendo 1 disegni e le foto, e per ottenere un effetto estetico discreto, 
date le dimensioni dei chiodini, occorre aiutarsi con delle pinzette per sostenere, perfettamente verticale, 1l 
chiodo mentre si va a battere col martello; lasciare la testa del chiodo fuori del piano per circa 3 o 4 mm. 


100 mm 


Si comincia proprio con chiodi e martello, le operazioni da specialisti le lasciamo ad un secondo tempo! 


Nella foto sopra ecco come vanno disposti 1 chiodini che serviranno come punti di collegamento per 1 vari 
elementi; le dimensioni indicate non sono tassative, dato che resistenze e condensatori hanno i terminali 
lunghi, si potrebbero aumentare di un buon 50%, l'importante è rispettare la disposizione indicata, anche la 
tavoletta della foto può essere sostituita da altra più grande e costituita, per chi lo desidera, da legno pregiato. 


L'operazione successiva consiste nella filatura: termine oramai desueto che prevede la disposizione dei fili di 
collegamento occorrenti da un ancoraggio all’altro; la filatura, nei moderni apparati elettronici è scomparsa 
quasi del tutto con luso dei circuiti stampati, dove le varie piste ramate, realizzate con un processo 
d’incisione, provvedono al collegamento elettrico dei vari elementi. 


La fotografia successiva mostra la disposizione del filo di rame rigido così come occorre per il nostro 
montaggio, si può utilizzare anche un filo rigido isolato in plastica, volta per volta occorrerà spellare lo 
spezzone occorrente e provvedere alla saldatura, questa andrà eseguita, su ogni chiodino interessato, appena 
sotto la testa. 
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Sara utile sagomare a forma d’anello aperto il terminale iniziale e quello finale del collegamento affinché, 
restando il filo in posizione, sia più agevole saldarlo al chiodino. 


I collegamenti sono stati numerati, sistemare lo spezzone di filo e saldarlo in corrispondenza d’ogni numero. 


A questo punto è possibile proseguire inserendo, al loro posto nell’ ordine: resistenze, condensatori, bobina, 
diodo e transistor; naturalmente occorre identificare con assoluta certezza ogni valore per evitare errori che 
faranno perdere tempo o determinare un insuccesso. 


Le spiegazioni successive che a molti parranno superflue sono destinate ai neofiti! 
Le resistenze sono cilindriche con 1 terminali assiali e sono identificate da strisce colorate: 
1 Megaohm = marrone-nero-verde-oro (il colore oro determina la tolleranza =5%) 
4,7 Kiloohm = giallo-viola-rosso-oro; 
2,2 Kiloohm = rosso-rosso-rosso-oro. 
I condensatori ceramici hanno forma di pastiglia e riportano scritto sul corpo il loro valore: 


470 picoFarad = 471 (le prime due cifre indicano il valore, la terza indica il numero di zeri da aggiungere: 47 + 
0 = 470) 


220 picoFarad = 221 (22 + 0 = 220) 
4,7 nanoFarad = 4700 picoFarad= 472 (per cui: 47 + 2 zeri = 4700 pF). 


I condensatori elettrolitici sono cilindretti d’alluminio ricoperti da una guaina plastica con sopra riportato il 
valore in microFarad e la tensione di lavoro, per il loro montaggio occorre rispettare la polarita indicata sullo 
schema, generalmente, sul corpo è segnato il terminale negativo: 


1 microFarad = luF/25V (la tensione indicata può essere anche piu elevata: 63 o 100 V); 
47 microFarad = 47uF/25V ( può essere anche da 100uF, il valore non ha influenza sul risultato). 


Il diodo è costituito da un cilindretto in vetro con terminali assiali ed 11 catodo (o terminale positivo) € 
contraddistinto mediante striscia colorata, generalmente nera; anche se nello schema elettrico, e sulle 
fotografie è riportato un preciso senso d’inserzione, per il funzionamento della radio non è necessario 
rispettare tale senso, vorrà dire che anziché rivelare la semi-onda positiva del segnale di BF, sarà rivelata 
quella negativa. 


I transistor sono gli unici ad avere tre terminali, quello centrale è la base, gli altri due ai lati sono 11 collettore e 
lemettitore, per 1l loro montaggio (da eseguire come ultima operazione) sara bene osservare attentamente 
figure e fotografie, infatti, un errore, in questo caso, comporta l’ immediata distruzione del semiconduttore. 
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La fotografia qui sopra mostra come deve essere eseguito il montaggio, ci sono ancora da inserire: la bobina, 1 
transistor ed 1 fili di collegamento alla pila ed all’auricolare; per proseguire è necessario costruire la bobina, 
questa sara avvolta, usando del filo smaltato da 0,3 mm di diametro, su di un tubetto di PVC lungo 6 cme di 
16mm di diametro. 


Iniziare ad avvolgere, a circa 1,5 cm dal bordo, fermando il capo iniziale con un pezzetto di nastro adesivo, 
non è necessario contare le spire, basta avvolgere il filo in modo da ottenere circa 3 cm di avvolgimento, il 
numero di spire sara, all’incirca, di 60/70. Le spire devono essere affiancate molto bene senza lasciare alcuno 
spazio fra luna e l’altra. 


Terminato l’avvolgimento, perché questo non si svolga, sara bene rivestirlo con un giro di nastro adesivo 
trasparente, 1 terminali vanno raschiati dallo smalto e stagnati, la bobina trova spazio sul lato sinistro della 
basetta e va collegata ai capi del condensatore da 220 pF, due gocce di colla saranno sufficienti a tenerla in 
posizione, anche la colla a caldo o il silicone sono una buona soluzione. 


60 - 70 spire 


raschiare e stagnare E mm 


A questo punto si salderanno, al loro posto direttamente sulla testa dei chiodini, 1 due transistor (occorre fare 


attenzione per non sbagliare nell’identificare 1 terminali), 1 fili rosso-nero provvisti delle pinzette a coccodrillo 
per il collegamento alla pila, l’auricolare o la cuffia ai capi della resistenza da 2,2 Kohm, il filo d’antenna al 
terminale del condensatore da 470 pF, il filo per il collegamento di terra al negativo. 


Il pezzetto di ferrite va infilato su un’estremita di un tubetto di PVC (lungo 10 cm circa e di diametro 
leggermente inferiore al diametro interno del tubetto della bobina) e fermato in posizione con colla, ovatta, 
nastro adesivo, elastici, collante a caldo, resina epossida, silicone,stecchini o quanto altro la fantasia puo 
suggerire. 


La radio è ora pronta, se non sono stati commessi errori clamorosi funzionerà certamente, collegare il filo 
rosso al positivo della pila ed il filo nero al negativo, infilare il tubetto col nucleo di ferrite all’interno della 
bobina e muoverlo lentamente avanti ed indietro, si troverà la posizione in cui la ricezione della stazione locale 
avrà un suo massimo; facilmente, a causa della scarsa selettività che contraddistingue le radio a cristallo, si 
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udranno anche altre emittenti sovrapposte, soprattutto se le stazioni hanno frequenze di trasmissione vicine O 
multiple. 


Certamente, nelle ore notturne, si riscontrera un maggior affollamento di stazioni, sara necessario muovere 1l 
tubetto, in maniera micrometrica, per l'esatta sintonizzazione. 


In alcuni momenti, specialmente se ci si trova nelle vicinanze del ripetitore radio, si potrebbe udire un ronzio 
molto fastidioso, in tal caso provare a scollegare il filo di terra, il fenomeno dovrebbe scomparire o attenuarsi. 


Chi vuole, può scollegare l’auricolare e collegare, sempre ai capi della resistenza da 2,2 Kohm, l'ingresso di 
un amplificatore per l'ascolto in altoparlante, ancora, sul sito è spiegato come utilizzare una normale cuffia 
stereo, più confortevole ad usarsi, dove occorre utilizzare, come in questo caso, un trasduttore ad alta 
impedenza. 


Nell’ultima immagine qui sotto ecco come appare la radio terminata e funzionante, naturalmente, se 
s’incontrassero dei problemi, relativi al montaggio ed all’uso, inviare un e-mail al seguente indirizzo: 


Antenna 


i 


Sintonia 
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This edition of the Newnes Radio and RF Engineer’s Pocket Book is 
something special. It is a compendium of information of use to engin- 
eers and technologists who are engaged in radio and RF engineering. 
It has been updated to reflect the changing interests of those commu- 
nities, and reflects a view of the technology like no other. It is packed 
with information! 

This whole series of books is rather amazing with regard to the 
range and quality of the information they provide, and this book is 
no different. It covers topics as diverse as circuit symbols and the 
abbreviations used for transistors, as well as more complex things as 
satellite communications and television channels for multiple countries 
in the English speaking world. It is a truly amazing work. 

We hope that you will refer to this book frequently, and will enjoy 
it as much as we did in preparing it. 
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1 Propagation of radio waves 


1.1 Frequency and wavelength 


There is a fixed relationship between the frequency and the wave- 
length, which is the distance between identical points on two adjacent 
waves (Figure 1.1), of any type of wave: sound (pressure), electro- 
magnetic (radio) and light. The type of wave and the speed at which 
the wavefront travels through the medium determines the relationship. 
The speed of propagation is slower in higher density media. 


Wavelength (A) 


| (metres) a 


Time 
(seconds) 
Figure 1.1 Frequency and wavelength 


> 


Sound waves travel more slowly than radio and light waves which, 
in free space, travel at the same speed, approximately 3 x 10% metres 
per second, and the relationship between the frequency and wavelength 
of a radio wave is given by: 


3 x 108 


À = metres 


where à is the wavelength and f is the frequency in hertz (Hz). 


1.2 The radio frequency spectrum 


The electromagnetic wave spectrum is shown in Figure 1.2: the part 
usable for radio communication ranges from below 10kHz to over 
100 GHz. 
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Figure 1.2 The electromagnetic wave spectrum 


The radio spectrum is divided into bands and the designation of 
the bands, their principal use and method of propagation is shown 
in Table 1.1. Waves of different frequencies behave differently and 
this, along with the amount of spectrum available in terms of radio 
communication channels in each band, governs their use. 


Table 1.1 Use of radio frequencies 


Frequency band Designation, use and propagation 


3-30 kHz Very low frequency (VLF). Worldwide and long distance 
communications. Navigation. Submarine communications. 
Surface wave. 

30-300 kHz Low frequency (LF). Long distance communications, time and 
frequency standard stations, long-wave broadcasting. Ground 
wave. 

300-3000kHz Medium frequency (MF) or medium wave (MW). Medium-wave 
local and regional broadcasting. Marine communications. 
Ground wave. 

3-30 MHZ High frequency (HF). ‘Short-wave’ bands. Long distance 
communications and short-wave broadcasting. lonospheric 
sky wave. 

30-300 MHz Very high frequency (VHF). Short range and mobile 
communications, television and FM broadcasting. Sound 
broadcasting. Space wave. 

300-3000 MHz Ultra high frequency (UHF). Short range and mobile 
communications. Television broadcasting. Point-to-point 
links. Space wave. Note: The usual practice in the USA is to 
designate 300-1000 MHz as ‘UHF’ and above 1000 MHz as 
‘microwaves’. 

3-30 GHz Microwave or super high frequency (SHF). Point-to-point links, 
radar, satellite communications. Space wave. 

Above 30GHz Extra high frequency (EHF). Inter-satellite and micro-cellular 
radio-telephone. Space wave. 


1.3 The isotropic radiator 


A starting point for considering the propagation of radio- or lightwaves 
is the isotropic radiator, an imaginary point source radiating equally 
in all directions in free space. Such a radiator placed at the centre of 
a sphere illuminates equally the complete surface of the sphere. As 
the surface area of a sphere is given by 4zr* where r is the radius of 
the sphere, the brilliance of illumination at any point on the surface 
varies inversely with the distance from the radiator. In radio terms, 
the power density at distance from the source is given by: 


Py = P 
4 rr 


where P, = transmitted power. 


1.4 Formation of radio waves 


Radio waves are electromagnetic. They contain both electric and mag- 
netic fields at right angles to each other and also at right angles to 
the direction of propagation. An alternating current flowing in a con- 
ductor produces an alternating magnetic field surrounding it and an 
alternating voltage gradient — an electric field — along the length of 
the conductor. The fields combine to radiate from the conductor as in 
Figure 1.3. 


H field 
Figure 1.3 Formation of electromagnetic wave 


The plane of the electric field is referred to as the E plane and that 
of the magnetic field as the H plane. The two fields are equivalent to 
the voltage and current in a wired circuit. They are measured in similar 
terms, volts per metre and amperes per metre, and the medium through 


Channel 2 
Channel 1 Channel 2 oscilloscope 
ground clip ground clip probe 


Black lead 
from function 
generator 


Channel 1 Red lead 
oscilloscope from function 
probe generator 


The input signal is represented by the upper 
sine wave shown in Figure 6.14 , and the 
output signal is represented by the lower sine 
wave. 

Figure 6.14 
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which they propagate possesses an impedance. Where E = ZI in a 
wired circuit, for an electromagnetic wave: 


E =H 


where 

E = the RMS value of the electric field strength, V/metre 
H = the RMS value of the magnetic field strength, A/metre 
Z = characteristic impedance of the medium, ohms 


The voltage is that which the wave, passing at the speed of light, 
would induce in a conductor one metre long. 

The characteristic impedance of the medium depends on its per- 
meability (equivalent of inductance) and permittivity (equivalent of 
capacitance). Taking the accepted figures for free space as: 


u = 4r x 10” henrys (H) per metre (permeability) and 


e = 1/367 x 10° farads (F) per metre (permittivity) 


then the impedance of free space, Z, is given by: 


E = 1207 = 377 ohms 
E 


The relationship between power, voltage and impedance is also the 
same for electromagnetic waves as for electrical circuits, W = E?/Z. 

The simplest practical radiator is the elementary doublet formed by 
opening out the ends of a pair of wires. For theoretical considerations 
the length of the radiating portions of the wires is made very short 
in relation to the wavelength of the applied current to ensure uniform 
current distribution throughout their length. For practical applications 
the length of the radiating elements is one half-wavelength (1/2) and 
the doublet then becomes a dipole antenna (Figure 1.4). 

When radiation occurs from a doublet the wave is polarized. The 
electric field lies along the length of the radiator (the E plane) and 
the magnetic field (the H plane) at right angles to it. If the E plane is 
vertical, the radiated field is said to vertically polarized. Reference to 
the E and H planes avoids confusion when discussing the polarization 
of an antenna. 

Unlike the isotropic radiator, the dipole possesses directivity, con- 
centrating the energy in the H plane at the expense of the E plane. 
It effectively provides a power gain in the direction of the H plane 
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transmitter 
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Figure 1.4 Doublet (dipole) antenna 
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Figure 1.5 Free space loss vs. distance and frequency 
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Figure 1.6 Major loss of microwave communications and radar systems due to 
atmospheric attenuation 


compared with an isotropic radiator. This gain is 1.6 times or 2.15 dBi 
(dBi means dB relative to an isotropic radiator). 

For a direct ray the power transfer between transmitting and receiv- 
ing isotropic radiators is inversely proportional to the distance between 
them in wavelengths. The free space power loss is given by: 


4rd)’ 
Free space loss, dB = 10 log, E > 


where d and A are in metres, or: 
Free space loss (dB) = 32.4 + 20 x logigd + 20 x logio f 


where d = distance in km and f = frequency in MHz. 
The free space power loss, therefore, increases as the square of 
the distance and the frequency. Examples are shown in Figure 1.5, 
With practical antennas, the power gains of the transmitting and 
receiving antennas, in dBi, must be subtracted from the free space loss 
calculated as above. Alternatively, the loss may be calculated by: 


(42d)? l 
Free space loss (dB) = 10 logy, 


— X ——— 
22 Gi x G; 


where G, and G, are the respective actual gains, not in dB, of the 
transmitting and receiving antennas. 

A major loss in microwave communications and radar systems 1s 
atmospheric attenuation (see Figure 1.6). The attenuation (in deci- 
bels per kilometre (dB/km)) is a function of frequency, with especial 
problems showing up at 22 GHz and 64 GHz. These spikes are caused 
by water vapour and atmospheric oxygen absorption of microwave 
energy, respectively. Operation of any microwave frequency requires 
consideration of atmospheric losses, but operation near the two princi- 
pal spike frequencies poses special problems. At 22 GHz, for example, 
an additional 1 dB/km of loss must be calculated for the system. 


1.5 Behaviour of radio waves 


1.5.1 Physical effects 


The physical properties of the medium through which a wave travels, 
and objects in or close to its path, affect the wave in various ways. 


Absorption 


In the atmosphere absorption occurs and energy is lost in heating the 
air molecules. Absorption caused by this is minimal at frequencies 
below about 10 GHz but absorption by foliage, particularly when wet, 
is severe at VHF and above. 

Waves travelling along the earth’s surface create currents in the 
earth causing ground absorption which increases with frequency. A 
horizontally polarized surface wave suffers more ground absorption 
than a vertically polarized wave because of the ‘short-circuiting’ by 
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the ground of the electric field. Attenuation at a given frequency is 
least for propagation over water and greatest over dry ground for a 
vertically polarized wave. 


Refraction and its effect on the radio horizon 


As radio waves travel more slowly in dense media and the densest part 
of the atmosphere is normally the lowest, the upper parts of a wave 
usually travel faster than the lower. This refraction (Figure 1.7) has 
the effect of bending the wave to follow the curvature of the earth and 
progressively tilting the wavefront until eventually the wave becomes 
horizontally polarized and short-circuited by the earth’s conductivity. 


Progressively tilting 
wavefront 


Path of 
refracted wave 


X ls Atmosphere 


Figure 1.7 Effects of refraction 


Waves travelling above the earth’s surface (space waves) are usu- 
ally refracted downwards, effectively increasing the radio horizon to 
greater than the visual. 

The refractive index of the atmosphere is referred to as the K 
factor; a K factor of 1 indicates zero refraction. Most of the time K is 
positive at 1.33 and the wave is bent to follow the earth’s curvature. 
The radio horizon is then 4/3 times the visual. However, the density of 
the atmosphere varies from time to time and in different parts of the 
world. Density inversions where higher density air is above a region 
of low density may also occur. Under these conditions the K factor 
is negative and radio waves are bent away from the earth’s surface 
and are either lost or ducting occurs. A K factor of 0.7 is the worst 
expected case. 

Ducting occurs when a wave becomes trapped between layers of 
differing density only to be returned at a great distance from its source, 
possibly creating interference. 


Radio horizon distance at VHF/UHF 


The radio horizon at VHF/UHF and up is approximately 15% further 
than the optical horizon. Several equations are used in calculating the 
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distance. If D” is the distance to the radio horizon, and A is the 
antenna height, then: 
D = ky H 


e When D is in statute miles (5280 feet) and H in feet, then k = 1.42. 

e When D is in nautical miles (6000 feet) and H in feet, then k = 
1.23. 

e When D is in kilometres and H is in metres, then k = 4.12. 


Repeating the calculation for the receiving station and adding the 
results gives the total path length. 


Diffraction 


When a wave passes over on the edge of an obstacle some of its 
energy is bent in the direction of the obstacle to provide a signal in 
what would otherwise be a shadow. The bending is most severe when 
the wave passes over a sharp edge (Figure 1.8). 


—_—» 
Y b” 
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Shadow 
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Approaching | Subsequent 
wavefront Obstacle wavefront 


Figure 1.8 Effects of diffraction 


As with light waves, the subsequent wavefront consists of wavelets 
produced from an infinite number of points on the wavefront, rays a 
and b in Figure 1.8 (Huygens” principle). This produces a pattern of 
interfering waves of alternate addition and subtraction. 


Reflection 


Radio waves are reflected from surfaces lying in and along their path 
and also, effectively, from ionized layers in the ionosphere — although 
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most of the reflections from the ionized layers are actually the prod- 
ucts of refraction. The strength of truly reflected signals increases 
with frequency, and the conductivity and smoothness of the reflecting 
surface. 


Multi-path propagation 


Reflection, refraction and diffraction may provide signals in what 
would otherwise be areas of no signal, but they also produce 
interference. 

Reflected — or diffracted — signals may arrive at the receiver in 
any phase relationship with the direct ray and with each other. The 
relative phasing of the signals depends on the differing lengths of their 
paths and the nature of the reflection. 

When the direct and reflected rays have followed paths differing by 
an odd number of half-wavelengths they could be expected to arrive 
at the receiver in anti-phase with a cancelling effect. However, in the 
reflection process a further phase change normally takes place. If the 
reflecting surface had infinite conductivity, no losses would occur in 
the reflection, and the reflected wave would have exactly the same or 
opposite phase as the incident wave depending on the polarization in 
relation to the reflecting surface. In practice, the reflected wave is of 
smaller amplitude than the incident, and the phase relationships are 
also changed. The factors affecting the phasing are complex but most 
frequently, in practical situations, approximately 180° phase change 
occurs on reflection, so that reflected waves travelling an odd number 
of half-wavelengths arrive in phase with the direct wave while those 
travelling an even number arrive anti-phase. 

As conditions in the path between transmitter and receiver change 
so does the strength and path length of reflected signals. This means 
that a receiver may be subjected to signal variations of almost twice the 
mean level and practically zero, giving rise to severe fading. This type 
of fading is frequency selective and occurs on troposcatter systems 
and in the mobile environment where it is more severe at higher 
frequencies. A mobile receiver travelling through an urban area can 
receive rapid signal fluctuations caused by additions and cancellations 
of the direct and reflected signals at half-wavelength intervals. Fading 
due to the multi-path environment is often referred to as Rayleigh 
fading and its effect is shown in Figure 1.9. Rayleigh fading, which 
can cause short signal dropouts, imposes severe restraints on mobile 
data transmission. 
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Figure 1.9 Multi-path fading 


Noise 


The quality of radio signals is not only degraded by the propagation 
losses: natural or manmade electrical noise is added to them, reducing 
their intelligibility. 

Atmospheric noise includes static from thunderstorms which, 
unless very close, affects frequencies below about 30 MHz and noise 
from space is apparent at frequencies between about 8 MHz to 
1.5 GHz. 

A type of noise with which radio engineers are continually con- 
cerned is thermal. Every resistor produces noise spread across the 
whole frequency spectrum. Its magnitude depends upon the ohmic 
value of the resistor, its temperature and the bandwidth of the follow- 
ing circuits. The noise voltage produced by a resistor is given by: 


En = VAKTBR 


where 
E, = noise voltage, V(RMS) 
k = Boltzmann’s constant 
= 1.38 x 107? joules/kelvin 
T = temperature in degrees K 
B = bandwidth of measurement, Hz 
R = resistance in ohms 


An antenna possesses resistance and its thermal noise, plus that of a 
receiver input circuit, is a limiting factor to receiver performance. 
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Noise is produced in every electronic component. Shot noise — it 
sounds like falling lead shot — caused by the random arrival of elec- 
trons at, say, the collector of a transistor, and the random division of 
electrons at junctions in devices, add to this noise. 


Doppler effect 


Doppler effect is an apparent shift of the transmitted frequency which 
occurs when either the receiver or transmitter is moving. It becomes 
significant in mobile radio applications towards the higher end of the 
UHF band and on digitally modulated systems. 

When a mobile receiver travels directly towards the transmitter 
each successive cycle of the wave has less distance to travel before 
reaching the receiving antenna and, effectively, the received frequency 
is raised. If the mobile travels away from the transmitter, each succes- 
sive cycle has a greater distance to travel and the frequency is lowered. 
The variation in frequency depends on the frequency of the wave, its 
propagation velocity and the velocity of the vehicle containing the 
receiver. In the situation where the velocity of the vehicle is small 
compared with the velocity of light, the frequency shift when moving 
directly towards, or away from, the transmitter is given to sufficient 
accuracy for most purposes by: 


V 
au 


cere 


where 

fa = frequency shift, Hz 

fi = transmitted frequency, Hz 
V = velocity of vehicle, m/s 
C = velocity of light, m/s 


Examples are: 


e 100 km/hr at 450 MHz, frequency shift = 41.6 Hz 

e 100 km/hr at 1.8GHz — personal communication network (PCN) 
frequencies — frequency shift = 166.5 Hz 

e Train at 250 km/hr at 900 MHz — a requirement for the GSM pan- 
European radio-telephone — frequency shift = 208 Hz 


When the vehicle is travelling at an angle to the transmitter the 
frequency shift is reduced. It 1s calculated as above and the result mul- 
tiplied by the cosine of the angle of travel from the direct approach 
(Figure 1.10). 
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Direction of travel 


Frequency shift = fj cos 8 


Transmitter 
Figure 1.10 Doppler frequency shift and angle to transmitter 


In a radar situation Doppler effect occurs on the path to the target 
and also to the reflected signal so that the above formula is modified to: 


2 
fash 


where fq is now the total frequency shift. 


1.6 Methods of propagation 


The effects of all of the above phenomena vary with frequency and 
are used in the selection of frequencies for specific purposes. The 
behaviour of waves of different frequencies gives rise to the principal 
types of wave propagation. 


Ground wave propagation 


Waves in the bands from very low frequencies (VLF, 3-30 kH2), 
low frequencies (LF, 30-300kHz) and medium frequencies (MF, 
300-3000 kHz) travel close to the earth’s surface: the ground wave 
(Figure 1.11). Transmissions using the ground wave must be verti- 
cally polarized to avoid the conductivity of the earth short-circuiting 
the electric field. 


Reflected ray 
Space wave 


Direct ray 
=~ 


Receiver 


Surface wave 


Figure 1.11 Components of the ground wave 


The ground wave consists of a surface wave and a space wave. The 
surface wave travels along the earth’s surface, and is attenuated by 
ground absorption and the tilting of the wavefront due to diffraction. 


2 divisions 
peak-to-peak 


2.8 divisions 
peak-to-peak 


As you change fin, you may need to adjust 
the TIME/DIV, VOLTS/DIV, and vertical 
POSITION controls. The controls shown in 
Figure 6.15 are adjusted to measure V out 
when fin = 7 kHz 


Figure 6.15 
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The losses increase with frequency and thus VLF radio stations have 
a greater range than MF stations. The attenuation is partially offset by 
the replacement of energy from the upper part of the wave refracted 
by the atmosphere. 

The calculation of the field strength of the surface wave at a dis- 
tance from a transmitter is complex and affected by several variables. 
Under plane earth conditions and when the distance is sufficiently 
short that the earth’s curvature can be neglected the field intensity is 
given by: 

2Eo 


Eu = — A 
d 


where 
Es, = field intensity in same units as Eo 
d = distance in same units of distance as used in Eo 
A = a factor calculated from the earth losses, taking frequency, 
dielectric constant and conductivity into account 
Eo = the free space field produced at unit distance from the 
transmitter. (With a short (compared with 1/4) vertical aerial, 
2Eo = 300 P mV/m at 1km where P is the radiated power 
in kW.) (Terman, 1943) 


For a radiated power of 1 kW and ground of average dampness, the 
distance at which a field of 1 mV/m will exist is given in Table 1.2. 


Table 1.2 Distance at which a field of 1 mV/m will 
exist for a radiated power of 1kW and ground of 
average dampness 


Frequency Range (km) 
100 kHz 200 
1 MHz 60 
10 MHz 6 
100 MHz 1.5 


The direct and reflected components of the ground wave produce 
multi-path propagation and variations in received single strength will 
arise depending on the different path lengths taken by the two com- 
ponents. When the transmitting and receiving antennas are at ground 
level the components of the space wave cancel each other and the 
surface wave is dominant. When the antennas are elevated, the space 
wave becomes increasingly strong and a height is eventually reached 
where the surface wave has a negligible effect on the received signal 
strength. 
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Sky wave propagation 


High frequency (HF) waves between 3 MHz and 30 MHz are effec- 
tively reflected by ionized layers in the ionosphere producing the 
sky wave. Medium frequency waves may also be reflected, but less 
reliably. 

The ionosphere contains several layers of ionized air at varying 
altitudes (Figure 1.12). The heights and density of the layers vary 
diurnally, seasonally and with the incidence of sunspot activity. The 
E and F, layers are semi-permanent while the F; layer is normally 
only present during daytime. 

Radio waves radiated at a high angle and reflected by these layers 
return to earth at a distance from the transmitter. The HF reflection 
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Figure 1.12 The ionosphere 
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process is in reality one of refraction in layers possessing a greater 
free electron density than at heights above or below them. The speed 
of propagation is slowed on entering a layer and the wave is bent and, 
if of a suitable frequency and angle of incidence, returned to earth 
(Figure 1.13). The terms used are defined as follows: 


e Virtual height. The height at which a true reflection of the incident 
wave would have occurred (Figure 1.13). 

e Critical frequency (f.). The highest frequency that would be 
returned to earth in a wave directed vertically at the layer. 

e Maximum usable frequency (muf). The highest frequency that will 
be returned to earth for a given angle of incidence. If the angle of 
incidence to the normal is 0, the muf = f./cos0. 

e Skip distance. The minimum distance from the transmitter, along the 
surface of the earth, at which a wave above the critical frequency 
will be returned to earth (Figure 1.12). Depending on the frequency, 
the ground wave will exist at a short distance from the transmitter. 

e Sporadic E-layer reflections. Reflections from the E layer at fre- 
quencies higher than those which would normally be returned to 
earth. They appear to be reflections from electron clouds having 
sharp boundaries and drifting through the layer. As the name implies 
the reflections are irregular but occur mostly in summer and at night. 


Escaped ray 
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Figure 1.13 Sky wave propagation 
Space wave propagation 


The space wave travels through the troposphere (the atmosphere below 
the ionosphere) between the transmitter and the receiver. It contains 
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Figure 1.14 Pictorial representation of radio coverage from a base station 
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both direct and reflected components (see Figure 1.11), and is affected 
by refraction and diffraction. The importance of these effects varies 
with frequency, the nature of the terrain and of objects close to the 
direct path, and the type of communication, e.g. data. Apart from 
medium-wave broadcasting, space waves are used mainly for com- 
munications using frequencies of VHF and upwards. 

The range of space waves is the radio horizon. However, places of 
little or no signal can arise in the lee of radio obstacles. Fortunately, 
they may be filled with either reflected or diffracted signals as depicted 
in Figure 1.14. 


Tropospheric scatter 


The tropospheric, or forward, scatter effect provides reliable, over 
the horizon, communication between fixed points at bands of ultra 
and super high frequencies. Usable bands are around 900, 2000 and 
5000 MHz and path lengths of 300 to 500 km are typical. 

The mechanism is not known with certainty but reflections from 
discontinuities in the dielectric constant of the atmosphere and scat- 
tering of the wave by clouds of particles are possibilities. It is an 
inefficient process, the scattered power being —60 to —90dB rela- 
tive to the incident power, so high transmitter powers are necessary. 
The phenomenon is regularly present but is subject to two types of 
fading. One occurs slowly and is due to variations of atmospheric 
conditions. The other is a form of Rayleigh fading and 1s rapid, deep 
and frequency selective. It is due to the scattering occurring at dif- 
ferent points over a volume in the atmosphere producing multipath 
propagation conditions. 

Troposcatter technique uses directional transmitting and receiving 
antennas aimed so that their beams intercept in the troposphere at the 
mid-distance point. To overcome the fading, diversity reception using 
multiple antennas spaced over 30 wavelengths apart is common. 


1.7 Other propagation topics 


Communications in the VHF through microwave regions normally 
takes place on a ‘line-of-sight’ basis where the radio horizon defines 
the limit of sight. In practice, however, the situation is not so neat and 
simple. There is a transition region between the HF and VHF where 
long distance ionospheric ‘skip’ occurs only occasionally. This effect 
is seen above 25 MHz, and is quite pronounced in the 50 MHz region. 
Sometimes the region behaves like line-of-sight VHF, and at others 
like HF shortwave. 
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1.7.1 Scatter 


There are a number of scatter modes of propagation. These modes 
can extend the radio horizon a considerable amount. Where the radio 
horizon might be a few tens of kilometres, underscatter modes permit 
very much longer propagation. For example, a local FM broadcaster 
at 100 MHz might have a service area of about 40 miles, and might 
be heard 180 miles away during the summer months when Sporadic- 
E propagation occurs. One summer, a television station in Halifax, 
Nova Scotia, Canada, was routinely viewable in Washington, DC in 
the United States during the early morning hours for nearly a week. 

Sporadic-E is believed to occur when a small region of the atmo- 
sphere becomes differentially ionized, and thereby becomes a species 
of ‘radio mirror’. lonospheric scatter propagation occurs when clouds 
of ions exist in the atmosphere. These clouds can exist in both the 
ionosphere and the troposphere, although the tropospheric model is 
more reliable for communications. A signal impinging this region may 
be scattered towards other terrestrial sites which may be a great dis- 
tance away. The specific distance depends on the geometry of the 
scenario. 

There are at least three different modes of scatter from ionized 
clouds: back scatter, side scatter, and forward scatter. The back scatter 
mode is a bit like radar, in that signal is returned back to the transmitter 
site, or in regions close to the transmitter. Forward scatter occurs 
when the reflected signal continues in the same azimuthal direction 
(with respect to the transmitter), but is redirected toward the Earth’s 
surface. Side scatter is similar to forward scatter, but the azimuthal 
direction might change. 

Unfortunately, there are often multiple reflections from the ionized 
cloud, and these are shown as ‘multiple scatter’ in Figure 1.15. When 
these reflections are able to reach the receiving site, the result is a 
rapid, fluttery fading that can be of quite profound depths. 

Meteor scatter is used for communication in high latitude regions. 
When a meteor enters the Earth’s atmosphere it leaves an ionized 
trail of air behind it. This trail might be thousands of kilometres long, 
but is very short lived. Radio signals impinging the tubular metre ion 
trail are reflected back towards Earth. If the density of meteors in the 
critical region is high, then more or less continuous communications 
can be achieved. This phenomenon is noted in the low VHF between 
50 and about 150 MHz. It can easily be observed on the FM broadcast 
band if the receiver is tuned to distant stations that are barely audible. 
If the geometry of the scenario is right, abrupt but short-lived peaks 
in the signal strength will be noted. 
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Figure 1.15 Multiple scatter 


1.7,2 Refraction modes 


Refraction is the mechanism for most tropospheric propagation phe- 
nomena. The dielectric properties of the air, which are set mostly by 
the moisture content, are a primary factor in tropospheric refraction. 
Refraction occurs in both light or radio wave systems when the wave 
passes between mediums of differing density. Under that situation, 
the wave path will bend an amount proportional to the difference in 
density of the two regions. 

The general situation is typically found at UHF and microwave 
frequencies. Because air density normally decreases with altitude, the 
top of a beam of radio waves typically travels slightly faster than the 
lower portion of the beam. As a result, those signals refract a small 
amount. Such propagation provides slightly longer surface distances 
than are normally expected from calculating the distance to the radio 
horizon. This phenomenon is called simple refraction, and is described 
by the K factor. 


Super refraction 


A special case of refraction called super refraction occurs in areas 
of the world where warmed land air flows out over a cooler sea 
(Figure 1.16). Examples of such areas are deserts that are adjacent to 
a large body of water: the Gulf of Aden, the southern Mediterranean, 
and the Pacific Ocean off the coast of Baja, California. Frequent 
VHF/UHF/microwave communications up to 200 miles are reported 
in such areas, and up to 600 miles have reportedly been observed. 


Ducting 


Another form of refraction phenomenon is weather related. Called 
ducting, this form of propagation is actually a special case of super 
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mass 


Figure 1.16 An example of super refraction 


refraction. Evaporation of sea water causes temperature inversion 
regions to form in the atmosphere. That is, layered air masses in 
which the air temperature is greater than in the layers below it (note: 
air temperature normally decreases with altitude, but at the boundary 
with an inversion region, it begins to increase). The inversion layer 
forms a ‘duct’ that acts similarly to a waveguide. Ducting allows 
long distance communications from lower VHF through microwave 
frequencies; with 50 MHz being a lower practical limit, and 10 GHz 
being an ill-defined upper limit. Airborne operators of radio, radar, 
and other electronic equipment can sometimes note ducting at even 
higher microwave frequencies. 

Antenna placement is critical for ducting propagation. Both the 
receiving and transmitting antennas must be either: (a) physically 
inside the duct (as in airborne cases), or (b) able to propagate at 
an angle such that the signal gets trapped inside the duct. The latter 
is a function of antenna radiation angle. Distances up to 2500 miles 
or so are possible through ducting. 

Certain paths, where frequent ducting occurs, have been identi- 
fied: in the United States, the Great Lakes region to the southeastern 
Atlantic seaboard; Newfoundland to the Canary Islands; across the 
Gulf of Mexico from Florida to Texas; Newfoundland to the Caroli- 
nas; California to Hawaii; and Ascension Island to Brazil. 


Subrefraction 


Another refractive condition is noted in the polar regions, where colder 
air from the land mass flows out over warmer seas (Figure 1.17). 
Called subrefraction, this phenomena bends EM waves away from 
the Earth’s surface — thereby reducing the radio horizon by about 30 
to 40%. 
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Figure 1.17 An example of subrefraction 


All tropospheric propagation that depends upon air-mass temper- 
atures and humidity shows diurnal (1.e. over the course of the day) 
variation caused by the local rising and setting of the sun. Distant 
signals may vary 20dB in strength over a 24-hour period. These tro- 
pospheric phenomena explain how TV, FM broadcast, and other VHF 
signals can propagate great distances, especially along seacoast paths, 
sometimes weak and sometimes nonexistent. 


1.7.3 Great circle paths 


A great circle is the shortest line between two points on the surface 
of a sphere, such that it lays on a plane through the Earth’s centre 
and includes the two points. When translated to ‘radiospeak’, a great 
circle is the shortest path on the surface of the Earth between two 
points. Navigators and radio operators use the great circle for similar, 
but different, reasons. Navigators use it in order to get from here to 
there, and radio operators use it to get a transmission path from here 
to there. 

The heading of a directional antenna is normally aimed at the 
receiving station along its great circle path. Unfortunately, many peo- 
ple do not understand the concept well enough, for they typically aim 
the antenna in the wrong direction. For example, Washington, DC in 
the USA is on approximately the same latitude as Lisbon, Portugal. 
If you fly due east, you will have dinner in Lisbon, right? Wrong. 
If you head due east from Washington, DC, across the Atlantic, the 
first landfall would be West Africa, somewhere between Ghana and 
Angola. Why? Because the great circle bearing 90 degrees takes us 
far south. The geometry of spheres, not flat planes, governs the case. 


Long path versus short path 


The Earth is a sphere (or, more precisely, an ‘oblique spheroid’), so 
from any given point to any other point there are two great circle 
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paths: the long path (major arc) and the short path (minor arc). In 
general, the best reception occurs along the short path. In addition, 
short path propagation is more nearly ‘textbook’, compared with long 
path reception. However, there are times when long path is better, or 
is the only path that will deliver a signal to a specific location from 
the geographic location in question. 


Grey line propagation 


The Grey line is the twilight zone between the night and daytime 
halves of the earth. This zone is also called the planetary terminator. 
It varies up to +23 degrees either side of the north-south longitudinal 
lines, depending on the season of the year (it runs directly north-south 
only at the vernal and autumnal equinoxes). The D-layer of the iono- 
sphere absorbs signals in the HF region. This layer disappears almost 
completely at night, but it builds up during the day. Along the grey 
line, the D-layer is rapidly decaying west of the line, and has not quite 
built up east of the line. 

Brief periods of abnormal propagation occur along the grey line. 
Stations on either side of the line can be heard from regions, and at 
distances, that would otherwise be impossible on any given frequency. 
For this reason, radio operators often prefer to listen at dawn and dusk 
for this effect. 


1.7.4 Scatter propagation modes 
Auroral propagation 


The auroral effect produces a luminescence in the upper atmosphere 
resulting from bursts of particles released from the sun 18 to 48 hours 
earlier. The light emitted is called the northern lights and the southern 
lights. The ionized regions of the atmosphere that create the lights form 
a radio reflection shield, especially at VHF and above, although 15 to 
20 MHz effects are known. Auroral propagation effects are normally 
seen in the higher latitudes, although listeners in the southern tier of 
states in the USA and Europe are often treated to the reception of 
signals from the north being reflected from auroral clouds. Similar 
effects exist in the southern hemisphere. 


Non-reciprocal direction 


If you listen to the 40 metre (7—7.3 MHz) amateur radio band receiver 
on the East Coast of the United States, you will sometimes hear 
European stations — especially in the late afternoon. But when the 


Time/div control for 
Horizontal both channel 1 and 
position knob channel 2 


Channel 1 Channel 1 vertical Channel 2 vertical Channel 2 
volts/div control position knob position knob volts/div control 


Your values should be close to those shown 
in the following table, and the curve should 
be similar to Figure 6.16 : 

fin XC Vot o 

25 Hz 400 kQ 0.025 volts 

50 Hz 200 kQ 0.05 volts 

100 Hz 100 kQ 0.1 volts 

250 Hz 40 kQ 0.25 volts 

500 Hz 20 kQ 0.5 volts 

1 kHz 10 kQ 1 volts 

3 kHz 3.3 kQ 2.9 volts 

5kHz 2 kQ 4.5 volts 

7 kHz 1.4 kQ 5.6 volts 

10 kHz 1 kQ 7.1 volts 
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US amateur tries to work those European stations there is no reply 
whatsoever. The Europeans are unable to hear the US stations. This 
propagation anomaly causes the radio wave to travel different paths 
dependent on which direction it travels, 1.e. an east—west signal is not 
necessarily the reciprocal of a west—east signal. This anomaly can 
occur when a radio signal travels through a heavily ionized medium 
in the presence of a magnetic field, which is exactly the situation when 
the signal travels through the ionosphere in the presence of the Earth’s 
magnetic field. 
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2 The decibel scale 


2.1 Decibels and the logarithmic scale 


The range of powers, voltages and currents encountered in radio en- 
gineering is too wide to be expressed on linear scale. Consequently, 
a logarithmic scale based on the decibel (dB, one tenth of a bel) is 
used. The decibel does not specify a magnitude of a power, voltage 
or current but a ratio between two values of them. Gains and losses 
in circuits or radio paths are expressed in decibels. 

The ratio between two powers is given by: 


P 
Gain or loss, dB = 10 log,, =” 
2 


where P; and P, are the two powers. 

As the power in a circuit varies with the square of the voltage or 
current, the logarithm of the ratio of these quantities must be multiplied 
by twenty instead of ten. To be accurate the two quantities under 
comparison must operate in identical impedances: 


V 
Gain or loss, dB = 20 log,, a 
2 


To avoid misunderstandings, it must be realized that a ratio of 6dB 
is 6dB regardless of whether it is power, voltage or current that is 
referred to: if it is power, the ratio for 6dB is four times; if it is 
voltage or current, the ratio is two times (Table 2.1 ). 


2.2 Decibels referred to absolute values 


While the decibel scale expresses ratios only, if a reference value is 
added to the statement as a suffix 1t can be used to refer to absolute 
values. For example, a loss of 10dB means a reduction in power 
to a level equal to one tenth of the original and if the statement is 
—10dBm the level referred to is 1/10 of a milliwatt. Commonly used 
suffixes and, where applicable, their absolute reference levels are as 
follows. Table 2.2 shows the relative levels in decibels at 50 ohms 
impedance. 
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Table 2.1 The decibel figures are in the centre column: figures to the left represent 
decibel loss, and those to the right decibel gain. The voltage and current figures 


are given on the assumption that there is no change in impedance 


Voltage or 
current 
ratio 


1.000 
0.989 
0.977 
0.966 
0.955 
0.944 
0.933 
0.912 
0.891 
0.841 
0.794 
0.750 
0.708 
0.668 
0.631 
0.596 
0.562 
0.501 
0.447 
0.398 
0.355 
0.316 
0.282 
0.251 
0.224 
0.200 
0.178 


3.16 x 1078 
10-6 


Power dB 
ratio  — 
+ —> 
1.000 0 
0.977 0.1 
0.955 0.2 
0.933 0.3 
0.912 0.4 
0.891 0.5 
0.871 0.6 
0.832 0.8 
0.794 1.0 
0.708 1.5 
0.631 2.0 
0.562 2.5 
0.501 3.0 
0.447 3:5 
0.398 4.0 
0.355 4.5 
0.316 5.0 
0.251 6.0 
0.200 7.0 
0.159 8.0 
0.126 9.0 
0.100 10 
0.0794 11 
0.0631 12 
0.0501 13 
0.0398 14 
0.0316 15 
0.0251 16 
0.0159 18 
0.0100 20 
10-3 30 
10-4 40 
10-° 50 
108 60 
107” 70 
1078 80 
10-9 90 
10710 100 
19% 110 
1072 120 


Voltage or 


current 
ratio 


1.000 
1.012 
1.023 
1.035 
1.047 
1.059 
1.072 
1.096 
1.122 
1.189 
1.259 
1.334 
1.413 
1.496 
1.585 
1.679 
1.778 
1.995 
2.239 
2.512 
2.818 
3.162 
3.55 
3.98 
4.47 
5.01 
5.62 
6.31 
7.94 

10.00 
3.16x 10 

102 
3.16 x 10? 

10% 

3.16 x 103 

104 
3.16 x 104 

10° 
3.16 x 10° 

108 


Power 
ratio 


1.000 
1.023 
1.047 
1.072 
1.096 
1.122 
1.148 
1.202 
1.259 
1.413 
1.585 
1.778 
1.995 
2.239 
2.512 
2.818 
3.162 
3.981 
5.012 
6.310 
7.943 
10.00 
12.6 
15.9 
20.0 
25.1 
31.6 
39.8 
63.1 
100.0 
10° 
104 
10° 
108 
107 
108 
109 
1010 
1011 
1012 


Table 2.2 Relative levels in decibels at 50 ohms impedance 


dB uV 


—20 
—19 
-18 
—17 
-16 
-15 
-14 
38 
=i 
—11 
—10 
-9 
-8 
7 
-6 
-5 


© 


Voltage 


100 nV 
115 
125 
140 
160 
180 
200 
225 
250 
280 
315 
355 
400 
450 
500 


dBV 


dBm 


197 
-126 
-125 
—124 
-123 
109 
-121 
120 
119 
-118 
117 
-116 
-115 
-114 
118 
442 
-111 
—110 
—109 
—108 
—107 
—106 
—105 
—104 
—103 
=102 
—101 
—100 
—99 
-98 
—97 
~96 
—95 
—94 
-93 
—92 
—91 
—90 
—89 
—88 
—87 
—86 
—85 
-84 
-83 
—82 


dBW Power 
—157 200 aW 
—156 250 
—155 315 
—154 400 
—153 500 
—152 630 
—151 800 
—150 1 fW 
—149 1.25 
—148 1.6 
—147 2.0 
—146 2.5 
—145 3.15 
—144 4.0 
—143 5.0 
—142 6.3 
—141 8.0 
—140 10 
—139 12.5 
—138 16 
—137 20 
—136 25 
—135 31.5 
—134 40 
—133 50 
—132 63 
—131 80 
—130 100 
—129 125 
—128 160 
—127 200 
—126 250 
—125 315 
—124 400 
—123 500 
—122 630 
—121 800 
—120 1 pW 
—119 1.25 
—118 1.6 
—117 2.0 
—116 2.5 
—115 3.15 
—114 4.0 
—113 5.0 
—112 6.3 


(continued overleaf) 
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Table 2.2 
dB uV 


(continued) 


Voltage 


20 
22.5 
25 
28 
31.5 


—56 
—55 
—54 


—36 
—35 


—91 


—T1 


Table 2.2 (continued) 


dB uV Voltage dBV dBm dBW Power 
73 4.5 —47 —34 —64 400 
74 5.0 —46 —33 —63 500 
75 5.65 —45 —32 —62 630 
76 6.3 —44 —31 —61 800 
77 7.1 —43 —30 —60 1 pW 
78 8.0 —42 —29 —59 1.25 
79 9.0 —41 —28 —58 1.6 
80 10 mV —40 —27 —57 2.0 
81 11.5 —39 —26 —56 2.5 
82 12.5 —38 —25 —55 3.15 
83 14 —37 —24 —54 4.0 
84 16 —36 —23 —53 5.0 
85 18 —35 —22 —52 6.3 
86 20 —34 —21 —51 8.0 
87 22.5 —33 —20 —50 10 
88 25 —32 —19 —49 12.5 
89 28 —31 —18 —48 16 
90 31.5 —30 —17 —47 20 
91 35.5 —29 —16 —46 25 
92 40 —28 —15 —45 31.5 
93 45 —27 —14 —44 40 
94 50 —26 —13 —43 50 
95 56.5 —25 —12 —42 63 
96 63 —24 —11 —41 80 
97 71 —23 —10 —40 100 
98 80 —22 —9 —39 125 
99 90 —21 —8 —38 160 
100 100 —20 —7 —37 200 
101 115 —19 —6 —36 250 
102 125 —18 —5 —35 315 
103 140 —17 —4 —34 400 
104 160 —16 —3 —33 500 
105 180 —15 —2 —32 630 
106 200 —14 —1 —31 800 
107 225 —13 0 —30 1 mW 
108 250 —12 1 —29 1.25 
109 280 —11 2 —28 1.6 
110 315 —10 3 —27 2.0 
111 355 —9 4 —26 2.5 
112 400 —8 5 —25 3.15 
113 450 —7 6 —24 4.0 
114 500 —6 7 —23 5.0 
115 565 —5 8 —22 6.3 
116 630 —4 9 —21 8.0 
117 710 —3 10 —20 10 
118 800 —2 11 —19 12.5 


(continued overleaf) 
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Table 2.2 (continued) 


dB uV Voltage dBV dBm dBW Power 
119 900 —1 12 —18 16 
120 1V 0 13 —17 20 
121 1.15 1 14 —16 25 
122 1.25 2 15 —15 31.5 
123 1.4 3 16 —14 40 
124 1.6 4 17 —13 50 
125 1.8 5 18 —12 63 
126 2.0 6 19 —11 80 
127 2.25 7 20 —10 100 
128 2.5 8 21 —9 125 
129 2.8 9 22 —8 160 
130 3.15 10 23 —7 200 
131 3.55 11 24 —6 250 
132 4.0 12 25 —5 315 
133 4.5 13 26 —4 400 
134 5.0 14 27 —3 500 
135 5.65 15 28 —2 630 
136 6.3 16 29 —1 800 
137 7.1 17 30 0 1W 
138 8.0 18 31 1 1.25 
139 9.0 19 32 2 1.6 
140 10 20 33 3 2.0 
141 11.5 21 34 4 2.5 
142 12.5 22 35 5 3.15 
143 14 23 36 6 4.0 
144 16 24 37 7 5.0 
145 18 25 38 8 6.3 
146 20 26 39 9 8.0 
147 22.5 27 40 10 10 
148 25 28 41 11 12.5 
149 28 29 42 12 16 
150 31.5 30 43 13 20 
151 35.5 31 44 14 25 
152 40 32 45 15 31.5 
153 45 33 46 16 40 
154 50 34 47 17 50 
155 56.5 35 48 18 63 
156 63 36 49 19 80 
157 71 37 50 20 100 
158 80 38 51 21 125 
159 90 39 52 22 160 
160 100 40 53 23 200 
161 115 41 54 24 250 
162 125 42 55 25 315 
163 140 43 56 26 400 
164 160 44 57 27 500 


165 180 45 58 28 630 
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Table 2.2 (continued) 


dB uV Voltage dBV dBm dBW Power 
166 200 46 59 29 800 
167 225 47 60 30 1 kW 
168 250 48 61 31 1.25 
169 280 49 62 32 1.6 
170 315 50 63 33 2.0 
171 355 51 64 34 2.5 
172 400 52 65 35 3.15 
173 450 53 66 36 4.0 
174 500 54 67 37 5.0 
175 565 55 68 38 6.3 
176 630 56 69 39 8.0 
177 710 57 70 40 10 
178 800 58 71 41 12.5 
179 900 59 72 42 16 
180 1kV 60 73 43 20 


Decibel glossary 


dBa stands for dB ‘adjusted’. This is a weighted circuit noise 
power referred to —85dBm, which is OdBa. (Historically 
measured with a noise meter at the receiving end of a line. 
The meter is calibrated on a 1000 Hz tone such that 1 mW 
(OdBm) gives a reading of +85 dBm. If the 1 mW is spread 
over the band 300-3400 Hz as random white noise, the meter 
will read +82 dBa.) 

dBa0 circuit noise power in dBa referred to, or measured at, a point 
of zero relative transmission level (OdBr). (A point of zero 
relative transmission level is a point arbitrarily established in a 
transmission circuit. All other levels are stated relative to this 
point.) It is preferable to convert circuit noise measurement 
values from dBa to dBaO as this makes it unnecessary to 
know or to state the relative transmission level at the point 
of measurement. 

dBd used for expressing the gain of an antenna referred to a dipole. 

dBi used for expressing the gain of an antenna referred to an 
isotropic radiator. 

dBwV decibels relative to 1 microvolt. 

dbm decibels relative to 1 milliwatt. The term dBm was originally 
used for telephone and audio work and, when used in that con- 
text, implies an impedance of 600 Q, the nominal impedance 
of a telephone line. When it is desired to define a relative 
transmission level in a circuit, dBr is preferred. 
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Table 2.3 Binary decibel values 


Bits Max. value Decibels (dB) 
1 2 6.02 
2 4 12.04 
3 8 18.06 
4 16 24.08 
5 32 30.10 
6 64 36.12 
7 128 42.14 
8 256 48.16 
9 512 54.19 

10 1024 60.21 
11 2048 66.23 
12 4096 72.25 
13 8192 78.27 
14 16384 84.29 
15 32 768 90.31 
16 65 536 96.33 
17 131072 102.35 
18 262 144 108.37 
19 524 288 114.39 
20 1048576 120.41 
21 2097152 126.43 
22 4 194 304 132.45 
23 8 388 608 138.47 
24 16777216 144.49 
25 33 554 432 150.51 
26 67 108 864 156.54 
27 134 217 728 162.56 
28 268 435 456 168.58 
29 536 870912 174.60 
30 1073741 824 180.62 
31 2 147 483 648 186.64 
32 4 294 967 296 192.66 


dBm0 dBm referred to, or measured at, a point of zero transmission 
level. 

dBmp a unit of noise power in dBm, measured with psopho- 
metric weighting. dBmp = 10 log,, pWp — 90 = dBa — 84 = 
dBm — 2.5 (for flat noise 300—3400 Hz). 
pWp = picowatts psophometrically weighted. 

dBm0p the abbreviation for absolute noise power in dBm referred 
to or measured at a point of zero relative transmission level, 
psophometrically weighted. 

dBr means dB ‘relative level’. Used to define transmission level 
at various points in a circuit or system referenced to the zero 
transmission level point. 


dBrn 


dBrnc 


dBrncO 


dBu 


dbV 
dbW 
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a weighted circuit noise power unit in dB referenced to 1 pW 
(—90 dBm) which is O dBrn. 

weighted noise power in dBrn, measured by a noise measuring 
set with “C-message” weighting. 

noise measured in dBrnc referred to zero transmission level 
point. 

decibels relative to 0.775 V, the voltage developed by 1 mW 
when applied to 600 Q. dBu is used in audio work when the 
impedance is not 600 Q and no specific impedance is implied. 
decibels relative to 1 volt. 

decibels relative to 1 watt. 


Note: To convert dBm to dB uV add 107 (e.g. —20 dBm = —20 + 
107 = 87 dB uV. 

The beauty of decibel notation is that system gains and losses can 
be computed using addition and subtraction rather than multiplication 
and division. For example, suppose a system consists of an antenna 
that delivers a —4.7 dBm signal at its terminals (we conveniently 
neglect the antenna gain by this ploy). The antenna is connected to 
a 40dB low-noise amplifier (A1) at the head end, and then through 
a 370 metre long coaxial cable to a 20dB gain amplifier (A2), with 
a loss (L1) of —48 dB. The amplifier is followed by a bandpass fil- 
ter with a —2.8 dB insertion loss (L2), and a —10 dB attenuator (L3). 
How does the signal exist at the end of this cascade chain? 


Sl —4.7 dBm 
Al 40.0 dB 
A2 20.0 dB 
LI —48.0 dB 
E2 —2.8 dB 
L3 —10.0dB 
Total: —5.5dBm 


Converting dBm to watts 


1Q¢Bm/10 


1000 


Converting any dB to ratio 


P1 
Power levels: — 1048/10 
P2 


20kHz 500 Q 8.9 volts 
30 kHz 330 Q 9.5 volts 
50 kHz 200 Q 9.8 volts 
100 kHz 100 Q 10 volts 
200 kHz 50 $ 10 volts 
500 kHz 20 $210 volts 

1 MHz 10 $210 volts 

Figure 6.16 


High-pass filter 


V out (Volts) 


10 100 1000 10000 l 00000 1000000 
fin (Hz 

Notice the relationship DE an X C and V out 
in this circuit. Low values of V out and the 
voltage drop across the resistor in this circuit 
occur at frequencies for which X C is high. 
When X C is high, more voltage is dropped 
across the capacitor, and less voltage is 
dropped across the resistor. (Remember that 
X C changes with frequency, while the value 
of the resistor stays constant.) Similarly, when 
X C is low, less voltage is dropped across the 
capacitor, and more voltage is dropped across 
the resistor, resulting in a higher V out . 
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V1 


Voltage levels: — = 10®/% 
V2 
1 


Current levels: 1048/20 


12 
Binary decibel values 


Binary numbers are used in computer systems. With the digitization of 
RF systems it is necessary to understand the decibel values of binary 
numbers. These binary numbers might be from an analogue-to-digital 
converter (ADC or A/D) that digitizes the IF amplifier output, or 
a digital-to-analogue converter (DAC or D/A) used to generate the 
analogue signal in a direct digital synthesis (DDS) signal generator. 


3 Transmission lines 


3.1 General considerations 


The purpose of any transmission line is to transfer power between a 
source and a load with the minimum of loss and distortion in either 
amplitude, frequency or phase angle. 

Electrons travel more slowly in conductors than they do in free 
space and all transmission lines contain distributed components: re- 
sistance, inductance and capacitance. Consequently, lines possess an 
impedance which varies with frequency, and loss and distortion occur. 
Because the impedance is not constant over a wide frequency band the 
insertion loss will not be the same for all frequencies and frequency 
distortion will arise. A wavefront entering a line from a source takes 
a finite time to travel its length. This transit time, because of the 
distributed components, also varies with frequency and creates phase 
distortion. 


3.2 Impedance matching 


To transfer the maximum power from a generator into a load the 
impedance of the load and the internal impedance of the gener- 
ator — and any intervening transmission line — must be equal. 
Figure 3.1 illustrates the simplest case of a generator of internal 
impedance Z, equal to 5ohms and producing an e.m.f. of 20 volts. 
When loads of varying impedance, Z,, are connected the output 
voltage, V (p.d.) and the power in the load, Pı, varies as follows: 


Z,=5Q2 1=20/10=2A V=10V 
As F=TSA V=7.5V 
Z¡=8.332 I=15A V =12.5V 
P, = V?/Z = 100/5 = 20W 

P, = V?/Z¡ = 56.25/3 = 18.75 W 

P, = V?/Z = 156.25/8.33 = 18.75 W 


When dealing with alternating current and when transmission lines, 
particularly at radio frequencies, are interposed between the source 
and the load, other factors than the power transfer efficiency must 
also be considered. 
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Zi 


E= 20 V (e.m.f.) 


Figure 3.1 Impedance matching 


3.3 Base band lines 


These are the lines which generally operate at comparatively low fre- 
quencies carrying information at base band, e.g. speech, music, video 
or data. Generally provided by the telecommunications or telephone 
companies, usually on a rental basis, they are no longer likely to be 
hard wired, solid copper lines, although these may still be obtain- 
able for lengths below about 10 km within one exchange area. Longer 
lines will probably be multiplexed, and comprised of radio and optical 
circuits over part of their length. 

Baseband line impedance may vary between 450 Q and 750 Q. 
Nominal impedance is 600 2. Most line parameters are specified when 
measured between 600 Q non-reactive impedance. 


3.4 Balanced line hybrids 


Radio transmitters and receivers are often controlled over a two-wire 
line. To facilitate this a balanced line hybrid circuit, consisting of 
two transformers connected back to back as in Figure 3.2, is inserted 
between the transmitter and receiver, and the line. 

A signal from the receiver audio output is fed to winding Lı of 
transformer Tı which induces voltages across Lz and L3. The resul- 
tant line current also flows through L4 and produces a voltage across 
Le which would appear as modulation on the transmitter but for the 
anti-phase voltage appearing across Ls. To ensure that the voltages 
cancel exactly a variable resistor, and often a capacitor to equalize the 
frequency response, is connected between L and Ls. 

A signal arriving via the line is applied to the transmitter as mod- 
ulation; that it is also applied to the receiver poses no problem. 
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Balance control 


Receiver Transmitter 
L, Le 


Ta 


2 wire line 


Figure 3.2 Balanced line hybrid 


3.5 Radio frequency lines 


Radio frequency transmission lines possess similar electrical charac- 
teristics to base band lines. However, they may be carrying large 
powers and the effects of a mismatched load are much more serious 
than a loss of transferred power. Three types of wire RF line are com- 
monly used: a single wire with ground return for MF and LF broadcast 
transmission, an open pair of wires at HF and co-axial cable at higher 
frequencies. Waveguides are used at the higher microwave frequen- 
cies. RF lines exhibit an impedance characterized by their type and 
construction. 


3.5.1 Characteristic impedance, Zo 


The physical dimensions of an RF transmission line, the spacing 

between the conductors, their diameters and the dielectric material 

between them, determine the characteristic impedance of the line, Zo, 

which is calculated for the most commonly used types as follows. 
Single wire with ground return (Figure 3.3(a)): 


4h 
Zo = 138 log, T ohms 


2-wire balanced, in air (Figure 3.3(b)): 


276 25 
Zo = —= logy T ohms 


ee 
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Figure 3.3 


UL RA AAA A 


(a) Single wire, ground return line 


(b) 2-wire balanced air dielectric line 


(c) Co-axial cable 


Co-axial (Figure 3.3(c)): 


where dimensions are in mm and e, = relative permittivity of contin- 
uous dielectric. 


138 R 
Zo = —= logio — ohms 
Y r 


3.5.2 Insertion loss 


The loss in RF cables is quoted in specifications as attenuation in 
dB per unit length at specific frequencies, the attenuation increas- 
ing with frequency. The electrical specifications for cables having a 
braided outer conductor are given in Tables 3.1 and 3.2. Those for 
the now commonly used foam dielectric, solid outer conductor cables 


are provided in Table 3.3. 


Table 3.1 RF cables USA RG and URM series 


o Attenuation (dB per 100 ft) O 
$ N y 
$ el 5 S 90 
$ So $ à Y SA 
Ñ SS SD © y Y Y R Sy 
S SS ES © Y RY S S S O Ze 
> NO Ù O Ry S O O Y S Y 
o ES 5 $ $ S S S g şə 
Q > O YX N N N N (eS) (©) S 
RG-6A/U 75.0 0.332 0.659 0.21 0.78 2.9 11.2 21.0 20.0 2700 
RG-11A/U 75.0 0.405 0.66 0.18 0.7 2.3 7.8 16.5 20.5 5000 
RG-12A/U 75.0 0.475 0.659 0.18 0.66 2.3 8.0 16.5 20.5 4000 
RG-16/U 52.0 0.630 0.670 0.1 0.4 1.2 6.7 16.0 29.5 6000 
RG-34A/U 75.0 0.630 0.659 0.065 0.29 1.3 6.0 12.5 20.5 5200 
RG-34B/U 75.0 0.630 0.66 - 0.3 1.4 5.8 - 21.5 6500 
RG-35A/U 75.0 0.945 0.659 0.07 0.235 0.85 3.5 8.60 20.5 10000 
RG-54A/U 58.0 0.250 0.659 0.18 0.74 3.1 11.5 21.5 26.5 3000 
RG-55/U 53.5 0.206 0.659 0.36 1.3 4.8 17.0 32.0 28.5 1900 
RG-55A/U 50.0 0.216 0.659 0.36 1.3 4.8 17.0 32.0 29.5 1900 
RG-58/U 53.5 0.195 0.659 0.33 1.25 4.65 17.5 37.5 28.5 1900 


(continued overleaf) 


Table 3.1 (continued) 


©% Attenuation (dB per 100 ft) O 
Y S Y 
$ $ $ RS Ò O 
$ Ca o 7 Y SA 
2 SE Sa 3 y Y RY N So 
S ES NE S y Y S S $ HS 
S So Y S 5 y L S 5 SL 
7 SAP ORS $ S X S S S e] = $ 
O oN Y Y y S S S S S y VS 
E S © X x N X N > O N 
RG-58C/U 50.0 0.195 0.659 0.42 1.4 4.9 24.0 45.0 30.0 1900 
RG-59A/U 75.0 0.242 0.659 0.34 1.10 3.40 12.0 26.0 20.5 2300 
RG-59B/U 15 0.242 0.66 - 1.1 3.4 12.0 - 21 2300 
RG-62A/U 93.0 0.242 0.84 0.25 0.85 2.70 8.6 18.5 13.5 750 
RG-83/U 35.0 0.405 0.66 0.23 0.80 2.8 9.6 24.0 44.0 2000 
RG-174A/U 50 0.1 0.66 1.83 3.35 11.0 32.0 64.0 30.0 1400 
RG-188A/U 50 0.11 0.66 - - 10.0 30.0 - - 1200 
*RG-213/U 50 0.405 0.66 0.16 0.6 1.9 8.0 - 29.5 5000 
TRG-218/U 50 0.870 0.66 0.066 0.2 1.0 4.4 - 29.5 11000 
+RG-220/U 50 1.120 0.66 0.04 0.2 0.7 3.6 - 29.5 14000 
URM43 50 0.116 0.66 0.396 1.25 3.96 - - 30.0 2600 
URM?7O 15 0.128 0.66 0.457 1.46 4.63 - - 20.5 1800 


URM?76 50 0.116 0.66 0.457 1.46 4.72 - - 30.0 2600 


*Formerly RG8A/U. 
TFormerly RG17A/U. 
+Formerly RG19A/U. 


Table 3.2 British UR series 


19* 
83* 
85* 
90 


0.855 
0.405 
0.870 
0.195 
0.870 
0.855 
0.555 
0.555 
0.242 


19/0.0066 
0.104 
0.265 
0.168 
0.109 
0.022 


1 25 000 
6000 
2600 
2600 
2500 


Attenuation (dB per 100 ft) 


0.7 
3.5 


0.9 
1.5 
1.3 
6.3 


2.5 
12.3 


59B/U 


All the above cables have solid dielectric with a velocity factor of 0.66 with the exception of those marked with an asterisk, which are helical 
membrane and have a velocity factor of 0.96. 
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Table 3.3 Foam dielectric, solid outer conductor co-axial RF cables 50 ohms 
characteristic impedance 


Superflexible FS-J LDF series 
series 
Cable type FSJ1-50A FSJ4-50B LDF2-50 LDF4-50A 
1/4” 1/2” 3/8” 1/2” 
Min. bending 1.0 1.25 3.75 5.0 
radius, in. (mm) (25) (32) (95) (125) 
Propagation 84 81 88 88 
velocity, % 
Max. operating 20.4 10.2 13.5 8.8 
frequency, GHz 
Att. dB/100 ft 
(dB/100 m) 
50 MHz 1.27 0.732 0.75 0.479 
(4.17) (2.40) (2.46) (1.57) 
100 MHz 1.81 1.05 1.05 0.684 
(5.94) (3.44) (3.44) (2.24) 
400 MHz 3.70 2.18 2.16 1.42 
(12.1) (7.14) (7.09) (4.66) 
1000 MHz 6.00 3.58 3.50 2.34 
(19.7) (11.7) (11.5) (7.68) 
5000 MHz 14.6 9.13 8.80 5.93 
(47.9) (30.0) (28.9) (19.5) 
10000 MHz 21.8 15.0 13.5 N/A 
(71.5) (49.3) (44.3) N/A 
Power rating, kW 
at 25°C (77°F) 
50 MHz 1.33 3.92 2.16 3.63 
100 MHz 0.93 2.74 1.48 2.53 
400 MHz 0.452 1.32 0.731 1.22 
1000 MHz 0.276 0.796 0.445 0.744 
5000 MHz 0.11 0.30 0.17 0.29 


10 000 MHz 0.072 0.19 0.12 N/A 


The claimed advantages of foam dielectric, solid outer conductor 
cables are: 


1. Lower attenuation 

2. Improved RF shielding, approximately 30dB improvement 

3. High average power ratings because of the improved thermal con- 
ductivity of the outer conductor and the lower attenuation. 


A disadvantage is that they are not so easy to handle as braided cables. 


3.5.3 Voltage standing wave ratio (VSWR) 


When an RF cable is mismatched, 1.e. connected to a load of a different 
impedance to that of the cable, not all the power supplied to the 
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cable is absorbed by the load. That which does not enter the load 
1s reflected back down the cable. This reflected power adds to the 
incident voltage when they are in phase with each other and subtracts 
from the incident voltage when the two are out of phase. The result 
is a series of voltage — and current — maxima and minima at half- 
wavelength intervals along the length of the line (Figure 3.4). The 
maxima are referred to as antinodes and the minima as nodes. 


Incident current phase 


Resultant current and voltage distribution 
Figure 3.4 Formation of standing waves 


The voltage standing wave ratio 1s the numerical ratio of the 
maximum voltage on the line to the minimum voltage: VSWR = 
Vinax / Vmin. It is also given by: VSWR = RL/Zo or Zo/R| (depending 
on which is the larger so that the ratio is always greater than unity) 
where R¡ = the load resistance. 

The return loss is the power ratio, in dB, between the incident 
(forward) power and the reflected (reverse) power. 

The reflection coefficient is the numerical ratio of the reflected 
voltage to the incident voltage. 

The VSWR is 1, and there is no reflected power, whenever the load 
is purely resistive and its value equals the characteristic impedance of 
the line. When the load resistance does not equal the line impedance, 
or the load is reactive, the VSWR rises above unity. 

A low VSWR is vital to avoid loss of radiated power, heating 
of the line due to high power loss, breakdown of the line caused by 
high voltage stress, and excessive radiation from the line. In practice, 
a VSWR of 1.5:1 1s considered acceptable for an antenna system, 
higher ratios indicating a possible defect. 


14 Refer to the curve you drew in Project 
6.1 for the following question. 
Question 
What would cause your curve to be moved 
Slightly to the right or the left of the curve 
shown in Figure 6.16 ? 
Answer ee 


Slightly different values for the resistor and 
Capacitor that you used versus the resistor 


and capacitor used to produce the curve In 
Figure 6.16 . Variations in resistor and 
capacitor values are to be expected, given 
the tolerance allowed for standard 
components. 


15 The circuit shown in Figure 6.17 IS 
used in many electronic devices. 
Figure 6.17 


in 


For this circuit, you measure the output 
voltage across the capacitor instead of across 
the resistor (between point A and ground). 

The impedance of this circuit is the same as 


that of the circuit used in the last few 
problems. It still behaves like a voltage 
divider, and you can calculate the output 


voltage with an equation similar to the one 
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3.5.4 Transmission line filters, baluns and matching circuits 


Use can be made of standing waves on sections of line to provide 
filters and RF transformers. When a line one-quarter wavelength long 
(aA/4 stub) is open circuit at the load end, i.e. high impedance, an 
effective short-circuit is presented to the source at the resonant fre- 
quency of the section of line, producing an effective band stop filter. 
The same effect would be produced by a short-circuited 1/2 section. 
Unbalanced co-axial cables with an impedance of 50 Q2 are commonly 
used to connect VHF and UHF base stations to their antennas although 
the antennas are often of a different impedance and balanced about 
ground. To match the antenna to the feeder and to provide a balance 
to unbalance transformation (known as a balun), sections of co-axial 
cable are built into the antenna support boom to act as both a balun 
and an RF transformer. 


Balun 


The sleeve balun consists of an outer conducting sleeve, one quarter- 
wavelength long at the operating frequency of the antenna, and con- 
nected to the outer conductor of the co-axial cable as in Figure 3.5. 
When viewed from point Y, the outer conductor of the feeder cable 
and the sleeve form a short-circuited quarter-wavelength stub at the 
operating frequency and the impedance between the two is very high. 
This effectively removes the connection to ground for RF, but not 
for DC, of the outer conductor of the feeder cable permitting the 
connection of the balanced antenna to the unbalanced cable without 
short-circuiting one element of the antenna to ground. 


Balanced 
Concentric sleeve dipole 


Figure 3.5 Sleeve balun 
RF transformer 


If a transmission line is mismatched to the load variations of voltage 
and current, and therefore impedance, occur along its length (standing 


45 


waves). If the line is of the correct length an inversion of the load 
impedance appears at the input end. When a 1/4 line is terminated in 
other than its characteristic impedance an impedance transformation 
takes place. The impedance at the source is given by: 


Za? 
= 
ZL 


where 

Zs = impedance at input to line 

Zo = characteristic impedance of line 
Zı = impedance of load 


By inserting a quarter-wavelength section of cable having the cor- 
rect characteristic impedance in a transmission line an antenna of any 
impedance can be matched to a standard feeder cable for a particular 
design frequency. A common example is the matching of a folded 
dipole of 300 Q impedance to a 50 Q feeder cable. 

Let Z, = Zo of feeder cable and Zo = Characteristic impedance of 
transformer section. Then: 


(ie 


Zo =x Zo Za, 
= 1300 x 50 = 1222 


3.6 Waveguides 


At the higher microwave frequencies waveguides which conduct elec- 
tromagnetic waves, not electric currents, are often used. Waveguides 
are conductive tubes, either of rectangular, circular or elliptical section 
which guide the wave along their length by reflections from the tube 
walls. The walls are not used as conducting elements but merely for 
containment of the wave. Waveguides are not normally used below 
about 3 GHz because their cross-sectional dimensions must be com- 
parable to a wavelength at the operating frequency. The advantages of 
a waveguide over a co-axial cable are lower power loss, low VSWR 
and a higher operating frequency, but they are more expensive and 
difficult to install. 

In a rectangular waveguide an electromagnetic wave is radiated 
from the source at an angle to the direction of propagation and is 
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Propagation (pre-reflection) 
Figure 3.6 Propagation in rectangular waveguide 


bounced off the walls (Figure 3.6). If the wave were transmitted 
directly along the length of the guide the electric field would be par- 
allel to one of the walls and be short-circuited by it. Radiating the 
wave at an angle to the walls creates the maximum field at the centre 
of the guide and zero at the walls, if the dimensions of the guide are 
correct for the frequency. However, because the wave does not travel 
directly along the length of the guide, the speed of propagation is less 
than in space. 

In an electro-magnetic wave the electric and magnetic fields, 
and the direction of propagation, are mutually perpendicular (see 
Figure 1.3 ) and such a wave may therefore be thought of as transverse 
electro-magnetic (TEM). In a waveguide though, because of the short- 
circuiting effect of the walls, a TEM wave cannot exist. A method of 
making the wave either transverse electric or transverse magnetic is 
needed. 

When a wave is propagated by a reflection either the magnetic 
or the electric field is changed. The changed field will now contain 
the normal component perpendicular to the direction of propagation 
and a component in its direction, 1.e. the wave is no longer wholly 
transverse. It must be either transverse electric or transverse magnetic. 
The terminology used to distinguish the type of wave differs: the 
American system uses the field which behaves as it would in free 
space to describe the type of wave, e.g. when there is no electric 
field in the direction of propagation the wave is called TE and the 
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mode with no magnetic field in the direction of propagation, TM; the 
European system uses the field that is modified and an American TE 
wave is a European TM wave. In the European system H and E may 
also be used in lieu of (American) TE and TM. 

The behaviour of waves in circular waveguides 1s similar to that in 
rectangular guides. Circular waveguides minimize feeder attenuation 
and are particularly suitable for long vertical runs. A single circular 
waveguide can carry two polarizations with a minimum isolation of 
30dB. Circular waveguides are recommended where attenuation is 
critical or where multi-band capability is needed. 

Elliptical waveguides have the advantages of flexibility, the avail- 
ability of long continuous runs and reduced cost. 


3.7 Other transmission line considerations 


3.7.1 Noise factor of coaxial cable transmission line 


Any lossy electrical device, including coaxial cable, produces a noise 
level of its own. The noise factor of coaxial line 1s: 


(L—1)T 


Fy(coax) = 1+ 500 


where 
Fy(coax) is the noise factor of the coax 
L is the loss expressed as a linear quantity 
T is the physical temperature of the cable in Kelvins 


The linear noise factor due to loss can be converted to the noise figure 
by 10log(Fx(coax)), Which can be added to the system noise decibel 
for decibel. 

The attenuation loss figure published in manufacturers” tables is 
called the matched line loss (Ly) because it refers to the situation 
where the load and characteristic impedance of the line are equal. But 
we also have to consider the Total Line Loss (TLL), which is: 


BPC 
TLL = 10log | ————— 
B(1 — C?) 


where 
B = antilog Ly 
C = (SWRjoap — IMSWR;ioap + 1) 
SWRryoap 1s the VSWR at the load end of the line 
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3.7.2 Types of coaxial cable 


Coaxial cable consists of two cylindrical conductors sharing the same 
axis (hence ‘co-axial’) and separated by a dielectric. For low fre- 
quencies (in flexible cables) the dielectric may be polyethylene or 
polyethylene foam, but at higher frequencies Teflon® and other ma- 
terials are used. Also used in some applications, notably high powered 
broadcasting transmitters, are dry air and dry nitrogen. 

Several forms of coaxial line are available. Flexible coaxial cable 
discussed earlier in this chapter is perhaps the most common form. 
The outer conductor in such cable is made of either braided wire or 
foil. Again, television broadcast receiver antennas provide an example 
of such cable from common experience. Another form of flexible or 
semi-flexible coaxial line is helical line (Figure 3.7) in which the 
outer conductor is spiral wound. This type of coaxial cable is usually 
2.5 or more centimetres in diameter. 


Outer Outer 
insulator conductor — Inner 
insulator 


Inner 
conductor 


Figure 3.7 The helical line 


Hardline is coaxial cable that uses a thin-walled pipe as the outer 
conductor. Some hardline coax used at microwave frequencies has a 
rigid outer conductor and a solid dielectric. Gas-filled line is a spe- 
cial case of hardline that is hollow (Figure 3.8), the centre conductor 


Outer conductor 


Perforated ceramic 


Holes for gas | 
insulators 


Centre conductor 


Figure 3.8 Gas-filled line 
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being supported by a series of thin ceramic or Teflon insulators. The 
dielectric is either anhydrous (1.e. dry) nitrogen or some other inert gas. 

Some flexible microwave coaxial cable uses a solid ‘air-articulated’ 
dielectric (Figure 3.9), in which the inner insulator is not continuous 
around the centre conductor, but rather is ridged. Reduced dielectric 
losses increase the usefulness of the cable at higher frequencies. Dou- 
ble shielded coaxial cable (Figure 3.10) provides an extra measure 
of protection against radiation from the line, and EMI from outside 
sources from getting into the system. 


Figure 3.9 Solid ‘air-articulated’ dielectric 


Figure 3.10 Double shielded coaxial cable 


3.7.3 Transmission line noise 


Transmission lines are capable of generating noise and spurious volt- 
ages that are seen by the system as valid signals. Several such sources 
exist. One source is coupling between noise currents flowing in the 
outer and inner conductors. Such currents are induced by nearby elec- 
tromagnetic interference and other sources (e.g. connection to a noisy 
ground plane). Although coaxial design reduces noise pick-up com- 
pared with parallel line, the potential for EMI exists. Selection of 
high-grade line, with a high degree of shielding, reduces the problem. 

Another source of noise is thermal noise in the resistances and con- 
ductances of the line. This type of noise is proportional to resistance 
and temperature. 

There is also noise created by mechanical movement of the cable. 
One species results from movement of the dielectric against the two 
conductors. This form of noise is caused by electrostatic discharges 
in much the same manner as the spark created by rubbing a piece of 
plastic against woollen cloth. 

A second species of mechanically generated noise is piezoelec- 
tricity in the dielectric. Although more common in cheap cables, one 
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should be aware of it. Mechanical deformation of the dielectric causes 
electrical potentials to be generated. 

Both species of mechanically generated noise can be reduced or 
eliminated by proper mounting of the cable. Although rarely a prob- 
lem at lower frequencies, such noise can be significant at microwave 
frequencies when signals are low. 


3.7.4 Coaxial cable capacitance 


A coaxial transmission line possesses a certain capacitance per unit 
of length. This capacitance is defined by: 


CH 24e pF 
o log(D/d) Metre 


where 

C is the capacitance 

D is the outside conductor diameter 

d is the inside conductor diameter 

e is the dielectric constant of the insulator. 


A long run of coaxial cable can build up a large capacitance. For 
example, a common type of coax is rated at 65 pF/metre. A 150 metre 
roll thus has a capacitance of (65 pF/m) (150m), or 9750 pF. When 
charged with a high voltage, as is done in performing breakdown 
voltage tests at the factory, the cable acts like a charged high voltage 
capacitor. Although rarely if ever lethal to humans, the stored voltage 
in new cable can deliver a nasty electrical shock and can irreparably 
damage electronic components. 


3.7.5 Coaxial cable cut-off frequency (Fe) 


The normal mode in which a coaxial cable propagates a signal is as a 
transverse electromagnetic (TEM) wave, but others are possible — and 
usually undesirable. There is a maximum frequency above which TEM 
propagation becomes a problem, and higher modes dominate. Coaxial 
cable should not be used above a frequency of: 


1 


FcuT-O0FF = ———— 
CUT-OFF 3.16(D + d)./é 


where 
F is the TEM mode cut-off frequency 
D is the diameter of the outer conductor in mm 
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d is the diameter of the inner conductor in mm 
€ 1s the dielectric constant 


When maximum operating frequencies for cable are listed it is the 
TEM mode that is cited. Beware of attenuation, however, when mak- 
ing selections for microwave frequencies. A particular cable may have 
a sufficiently high TEM mode frequency, but still exhibit a high atten- 
uation per unit length at X or Ku-bands. 
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4 Antennas 


4.1 Antenna characteristics 
4.1.1 Bandwidth 


Stated as a percentage of the nominal design frequency, the bandwidth 
of an antenna is the band of frequencies over which it is considered to 
perform acceptably. The limits of the bandwidth are characterized by 
unacceptable variations in the impedance which changes from resis- 
tive at resonance to reactive, the radiation pattern, and an increasing 
VSWR. 


4.1.2 Beamwidth 


In directional antennas the beamwidth, sometimes called half-power 
beamwidth (HPBW), is normally specified as the total width, in 
degrees, of the main radiation lobe at the angle where the radiated 
power has fallen by 3dB below that on the centre line of the lobe 
(Figure 4.14). 


Half-power (3 dB) 
points 


Figure 4.1A Half-power beamwidth 


4.1.3 Directivity and forward gain 


All practical antennas concentrate the radiated energy in some 
directions at the expense of others. They possess directivity but are 
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completely passive; they cannot increase the power applied to them. 
Nevertheless, it is convenient to express the enhanced radiation in 
some directions as a power gain. 

Antenna gain may be quoted with reference to either an isotropic 
radiator or the simplest of practical antennas, the dipole. There is a 
difference of 2.15dB between the two figures. A gain quoted in dBi 
is with reference to an isotropic radiator and a gain quoted in dBd is 
with reference to a dipole. When gain is quoted in dBi, 2.15 dB must 
be subtracted to relate the gain to that of a dipole. 


4.1.4 Effective height or length 


The current flowing in an antenna varies along its length (see 
Figure 1.4). If the current were uniform along the length of an antenna 
it would produce a field appropriate to its physical length, and the 
effective height or length of the antenna would be its physical length. 
In practice, because the current is not uniform, the effective length is 
less than the physical length and is given by: 


Lonys x [mean 


ls = 7 


where 
let = effective length 
lonys = Physical length 
I = current at feed point 


With an antenna which is short in comparison with a wavelength 
the current can be considered to vary linearly over its length and 
Imean = 1/2. Because the apparent length of a vertical radiator is twice 
that of its physical dimension due to the mirror image formed below 
the ground, the effective length of an electrically short vertical antenna 
may be approximated to be its physical length. 


4.1.5 Effective radiated power (erp) 


This is the power effectively radiated along the centre line of the main 
lobe. It is the power supplied to the antenna multiplied by the antenna 
gain with reference to a dipole. 


4.1.6 Radiation resistance and efficiency 


The power radiated by an antenna can conveniently be expressed in 
terms of the value of a resistor which would dissipate the same power 


you used for the high-pass filter circuit 
discussed in the last few problems. However, 
by switching the positions of the resistor and 
capacitor to create the circuit shown in Figure 


6.17 , you switch which frequencies will be 
attenuated, and which will not be attenuated, 
making the new circuit a low-pass filter, 
whose characteristics you explore in the next 
few problems. 

Questions 

A. What is the impedance formula for the 
circuit? 


B. What is the formula for the output voltage? 


Answers 
A. 2 
Z=,/X2+R 
B AC 
Vou ~ Vin A | 
L 
16 Refer to the circuit shown in Figure 


6.17 and the following values: 


Vin = 10 Vp, f =2kHz 
C=0.14F,R = 1kO 

Questions 

Find the following: 

A. XC: 


Answers 
A. 795 ohms 
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that the antenna radiates. This value is referred to as the radiation 
resistance and is defined as the ratio of the power radiated to the 
square of the current at the feed point. The efficiency is the ratio of 
the power radiated to that lost in the antenna. It is given by: 


R; 
eff = ——— x 100% 


rt RL 


where R, is the radiation resistance and R, represents the total loss 
resistance of the antenna. The sum of the two resistances is the total 
resistance of the antenna and, for a resonant antenna, is also the 
impedance. 


4.1.7 Front-to-back ratio 


The ratio, in dB, of the strength of the radiation (or received signal) 
in the forward (desired) direction to that in the reverse (unwanted) 
direction. The front-to-back ratio of the antenna shown in Figure 4.14 
is 13 dB. 


4.1.8 Impedance 


The impedance of an antenna is that presented to the feeder cable 
connecting it to the transmitter or receiver. It is the result of the vec- 
torial addition of the inductive, capacitive and resistive elements of the 
antenna. Each resonant antenna possesses an impedance characteristic 
of the type, and when an antenna operates at its resonant frequency 
the reactive elements cancel out and the impedance becomes resis- 
tive. The radiation resistance plus the losses in the antenna, 1.e. the 
series resistance of the conductors, the shunt resistance of the base 
material and losses in nearby objects, form the resistive portion of the 
impedance. 


4.1.9 Polarization 


The radiated field from an antenna is considered to be polarized in 
the plane of the length of the conductors which is the plane of the 
electric field, the E plane. Confusion arises when reference is made to 
vertical or horizontal polarization and it is preferable when referring 
to polar diagrams to use the E and H plane references. 

Circular polarization, produced by crossed dipoles or helical 
wound antennas, is occasionally used for point-to-point work at VHF 
and above to reduce multi-path propagation losses. 
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Cross polarization discrimination defines how effectively an 
antenna discriminates between a signal with the correct polarization, 
1.e. mounted with the elements in the same plane, and one operating 
at the same frequency with the opposite polarization. 20 dB is typical. 


4.1.10 Radiation pattern 


A plot of the directivity of an antenna showing a comparison of the 
power radiated over 360°. Two polar diagrams are required to show the 
radiation in the E and H planes. The polar diagrams may be calibrated 
in either linear (voltage) or logarithmic (decibel) forms. 


4.1.11 Voltage standing wave ratio (VSWR) 


Most VHF and UHF antennas contain an impedance matching device 
made up of lengths of co-axial cable. Thus the VSWR (see Chapter 3) 
of these types of antenna varies with the operating frequency, more 
so than the bandwidth of the antenna alone would produce. At the 
centre design frequency, the VSWR should, theoretically, be 1:1 but 
in practice a VSWR less than 1.5:1 1s considered acceptable. 


4.1.12 Receive aperture 


Receiving antennas also possess a property called aperture, or capture 
area. This concept relates the amount of power that is delivered to a 
matched receiver to the power density (watts per square metre). The 
aperture is often larger than the physical area of the antenna, as in the 
case of the half-wavelength dipole (where the wire fronts a very small 
physical area), or less as in the case of a parabolic reflector used in 
microwave reception. Figure 4.1B shows the capture area of a half- 
wavelength (0.54) dipole. It consists of an ellipse with major axes of 
0.514 and 0.344. The relationship between gain and aperture is: 


Gr 
Ann 


where 
Ae is the effective aperture 
G is the gain 
A is the wavelength of the signal 
n is the aperture effectiveness (n = 1 for a perfect no-loss 
antenna, real values are typically 0.3 to 0.55 


S6 


0.54 Dipole 


Figure 4.1B Capture area of half-wavelength (0.54) dipole 


4.2 Antenna types 


4.2.1 The dipole 


The half-wavelength (A/2) dipole as described in Section 1.4 is the 
antenna on which many others are based. Figure 4.2 shows the relative 
radiation in the E and H planes of a dipole in free space. 


Isometric view 


H plane 


E plane 


Figure 4.2 Radiation patterns of a half-wave dipole 


57 


The impedance of a half-wavelength dipole is 72 (2; that of a full 
wavelength or folded dipole is 300 £2. 


4.2.2 The quarter-wavelength vertical radiator 


The quarter-wavelength (A/4) vertical radiator is a commonly used 
antenna for MF broadcasting and for VHF and UHF mobile radio 
applications. It is derived from the 1/2 dipole and it is assumed that a 
mirror image of the radiator is formed below the ground to complete 
the 1/2 structure of the dipole as in Figure 4.3. The radiation pattern 
of a 1/4 vertical radiator mounted close to a perfect earth shows a 
strong similarity to that of a dipole. The effect of reducing the size 
and conductivity of the ground plane raises the angle of radiation. 


Radiation with 
reduced ground plane 


Radiation with 
perfect ground 
plane 


Figure 4.3 Quarter-wavelength vertical radiator 


The impedance of a perfect 1/4 vertical radiator is 36 Q but reduc- 
ing the effectiveness of the ground plane raises the impedance. 


4.2.3 LF, MF and HF antennas 


Because of the physical lengths involved, LF and MF antennas are usu- 
ally non-resonant and their impedances do not conform to the resistive 
70 2 or 36 Q of the basic resonant types. The impedance of a non- 
resonant antenna is usually higher and reactive so an antenna tuning 
or matching unit is used to couple the antenna efficiently to the trans- 
mission line and also act as filter to reduce out-of-band radiations. 
The matching unit comprises a tuned circuit with either a tap on the 
coil at the correct impedance point or a separate coupling coil to feed 
the antenna. 

Obtaining an adequate length is always the problem with low fre- 
quency antennas and various methods have been used based mainly on 
the 1/4 radiator. The horizontal section of the inverted L (Figure 4.4) 
extends the effective length but, as the ground wave is much used at 
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Effective 
radiating section 


Matching To receiver/transmitter 


Figure 4.4 Inverted L antenna 


the lower frequencies, these antennas are intended for vertical polariza- 
tion and it is therefore only the down-lead which radiates, or receives, 
effectively. An alternative method of increasing the effective height 
of a vertical radiator is to provide a capacitance top where the system 
of horizontal conductors provides a high capacitance to ground. This 
prevents the current falling to zero at the top of the antenna, maintain- 
ing a higher mean current and so increasing the antenna’s effective 
length. 

Dipoles used at HF are mounted horizontally because of their 
length and have directivity in the horizontal (E) plane. Propagation 
is mainly by the sky wave and the omni-directional properties in the 
vertical (H) plane, modified by ground reflections, produce wide angle 
upwards radiation. 


4.2.4 Directional arrays 
Broadside array 


A broadside array consists of several radiators spaced uniformly along 
a line, each carrying currents of the same phase. When each radiator 
has an omni-directional pattern, and the spacing between radiators is 
less than 34/4, maximum radiation occurs at right angles to the line 
of the array. The power gain is proportional to the length of the array, 
provided that the length is greater than two wavelengths; this means, 
effectively, the number of radiators. Figure 4.5 shows a typical H 
plane polar diagram for an array with vertically mounted radiators 
and a spacing of A/2. 


End-fire array 


Physically an end-fire array is identical to a broadside except for the 
feeding arrangements and the spacing of the elements. In an end-fire 
array the radiators are fed with a phase difference between adjacent 
radiators equal in radians to the spacing between them in wavelengths. 
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Dipoles Fed in phase 


Figure 4.5 Broadside array 


A spacing of 1/4 requires a phase shift of 90° between adjacent radi- 
ators. Figure 4.6 shows a typical radiation pattern. An end-fire array 
concentrates the power in both the E and H planes and the maximum 
radiation is in the direction of the end of the array with the lagging 
phase. 


Feed 
point Dipoles 
O O 


A A A A 
4 4 4 4 4 
Figure 4.6 End-fire array 


Rhombic antenna 


A rhombic is a wide band, directional antenna comprised of four non- 
resonant wire antennas, each several wavelengths long, arranged as 
shown in Figure 4.7(a) which also shows the radiation pattern for each 
leg of the rhombus. The lobe angle 0 can be varied by adjusting the 
length, in wavelengths, of each radiator. The antenna has greater direc- 
tivity than a single wire and can be terminated by an appropriate value 
resistor to ensure non-resonance and a wide bandwidth. However, 
because it must be terminated in a resistance equal to the characteris- 
tic impedance of the conductors, it cannot be more than 50% efficient. 
It also exhibits considerable side lobes of radiated power. Rhombics 
are used for sky wave working at HF and more than one frequency is 
allocated to allow for varying propagation conditions. The conductors 
of a rhombic are normally horizontal and the horizontal directivity is 
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determined by the tilt angle, 6 in Figure 4.7(a). If the lobe angle 0 
is equal to (90 — B)° the radiation in the A lobes cancels, while that 
from the B lobes, which point in the same direction, is added. The 
resultant pattern in the horizontal plane is shown in Figure 4.7(b). The 
vertical directivity is controlled by the height of the conductors above 
the ground. 


Terminating 


pec POIN resistor Zp 


(a) Rhombic antenna 


(b) Radiation pattern of rhombic 
Figure 4.7 


Log-periodic antenna 


An alternative, usable from HF through UHF, to the rhombic for wide 
band operation is the log-periodic antenna. It is comprised of several 
dipoles of progressive lengths and spacings as in Figure 4.8, and is 
resonant over a wide frequency range and may be mounted with either 
polarization. The dipoles are fed via the support booms and this con- 
struction ensures that the resultant phasing of the dipoles is additive in 
the forward direction producing an end-fire effect. However, because 
at any one frequency only a few of the dipoles are close to resonance, 
the forward gain of the antenna is low considering the number of 
elements it contains. 
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Figure 4.8 Log-periodic antenna at VHF frequency 
4.3 VHF and UHF antennas 


4.3.1 Base station antennas 


Apart from entertainment broadcasting and mobile telephony, most 
VHF and UHF systems use vertical polarization and a dipole — or to 
prevent noise from rain static, the folded dipole — with the conductors 
mounted vertically is a frequently used antenna for VHF and UHF 
base station installations. Unfortunately it 1s often mounted on the 
side of the support structure in a manner which seriously affects its 
omnidirectional radiation pattern. Where practical, there should be a 
minimum spacing of one wavelength between the structure and the 
rearmost element of the antenna. 

To obtain a good omni-directional pattern either an end-fed dipole 
(Figure 4.9) or a unipole antenna (Figure 4.10) protruding from the 
top of the mast or tower is the best option. A unipole is a varia- 
tion of the vertical quarter-wave radiator and provides a low angle of 
radiation. 

To reduce the likelihood of co-channel interference directional 
antennas are often necessary. The simplest of these is the combina- 
tion of a 1/2 dipole and reflector shown in Figure 4.11. The reflector 
1s slightly longer than the dipole and spaced one quarter-wavelength 
from it. The portion of the signal radiated by the dipole in the direction 
of the reflector is received and re-transmitted by the reflector, with a 
180° phase change occurring in the process. The signal re-transmitted 
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Dipole 
element 


M2 


Coax feed 


Figure 4.9 Type EDV end-fed antenna (by kind permission of C and S Anten- 
nas Ltd) 


to the rear of the antenna — the direction of the reflector — cancels the 
signal from the dipole, that towards the front of the antenna adds 
to the signal from the dipole giving the radiation pattern shown. 
The power gain of a dipole and reflector, a two-element array, is 
3 dBd. 

Directivity can be increased by adding directors forward of the 
dipole, the result is a Yagi—Uda array. The limit to the number of 
radiators is set by physical constraints and the reduction of bandwidth 
produced by their addition. At low VHF, a 3-element array is about 
the practical maximum, while at 1500 MHz, 12-element arrays are 
commonplace. As a rule of thumb, doubling the number of elements 
in an array increases the forward gain by 3dB. Where the maximum 
front-to-back ratio 1s essential the single rod reflector can be replaced 
by a corner reflector screen. 

Co-linear antennas provide omni-directional characteristics and 
power gain in the H plane. A co-linear consists of a number of dipoles 
stacked vertically and, in the normal configuration, fed so that they 
radiate in phase and the maximum power is radiated horizontally. 
Figure 4.12 shows alternative feeding arrangements. One advantage 
of the co-linear is that the horizontal angle of radiation can be tilted to 
about 15° downwards by changing the phasing of the elements. The 
gain of a co-linear is limited, because of the physical lengths involved 
and losses in the feeding arrangements to 3dBd at VHF and 6dBd 
at UHF. 


Driven element 


Ground plane radials 


Figure 4.10 Folded unipole antenna 


Reflector 


Support 
boom 


Figure 4.11 Dipole and reflector 
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B. 1277 ohms 
C. 6.24 volts 
17  — Again, refer to the circuit shown In 
Figure 6.17 to answer the following question. 
Question 
Calculate the voltage across the resistor using 
the values given in problem 16, along with 
the calculated impedance value. 


Answer 
VR = Vin X= LO a = 7.83 V pp 
£, 1277 
18 Use the information from problems 16 


and 17 to answer the following question. 
Question 
What is the formula to calculate V in using the 


voltages across the capacitor and the 
resistor? — ç 
Answer 
: dls 2 2 
The formula is Va = Vet Va: 
19 V out of the circuit shown in Figure 


6.17 changes as the frequency of the input 


signal changes. Figure 6.18 shows the graph 
of V out versus frequency for this circuit. 
Figure 6.18 
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1/2 dipole centre fed 


1/2 dipole end fed 


Cables are 

passed down 
the centre 
of antenna 


Phase shifters 


End or series fed 
Parallel fed 


Figure 4.12 General construction of co-linears 


Figure 4.13 shows a slot antenna cut into a flat metal sheet. Cur- 
rent (I) injected at the centre of the slot flows around the edge and 
creates a vertical electric field. The radiated field pattern is like a 
dipole. 

The type of slot antenna typically used for mobile telephony 
base stations is a cylindrical waveguide with slots cut width-wise. 
Current flowing along the waveguide creates an electric field along 
the length of the cylinder. The radiation pattern produced by a slot 
antenna cut into a cylinder is directional, with the main beam per- 
pendicular to the slot. Using two slot antennas side by side provides 
radio coverage over a 120° sector. Three pairs of slot antennas 
placed around a mast gives three sectors that can operate at different 
frequencies. 
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Metal sheet 


Figure 4.13 Slot antenna 


A wide-band alternative to the log-periodic is the conical (discone) 
antenna (Figure 4.14). It provides unity gain, is omni-directional and 
has a bandwidth of approximately 3:1, depending on the designed fre- 
quency range. In practice there has been a tendency to expect these 
antennas to perform outside their specified bandwidths with unsatis- 
factory results. 


Stacking and baying 


A method of increasing an antenna’s directivity 1s to mount two or 
more antennas vertically above one another (stacking) or side-by-side 
(baying), and to feed them so that they radiate in phase. Stacking two 
dipoles vertically increases the directivity in the E plane and baying 
them increases the directivity in the H plane, approximately halving 
the beamwidth in each case. 

An array of two stacked plus two bayed antennas approximately 
halves the beamwidth in both planes. 


4.3.2 Mobile antennas 


The aerial is the least expensive, and most abused, component of a 
mobile radio installation. Frequently installed in a manner which does 
not produce optimum performance it can have a profound effect on 
the performance of the whole installation. 

Most mobile antennas consist of a metal rod forming a quarter- 
wavelength radiator. The ideal mounting position is the centre of a 


Polar diagram E plane 
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Figure 4.14 Discone wide band antenna (by kind permission of Jaybeam Ltd) 
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metallic roof, and as the area of the ground plane is reduced the 
radiation pattern changes and more of the energy 1s radiated upwards 
(not always a bad thing in inner city areas); also, the impedance rises. 

The effect of the mounting position on the H plane radiation can be 
dramatic, resulting in ragged radiation patterns and, in some directions, 
negligible radiation. Advice on the installation of mobile antennas and 
the polar diagrams produced by typical installations are illustrated in 
MPT 1362, Code of Practice for Installation of Mobile Radio Equip- 
ment in Land Based Vehicles. 

As the installation moves away from the ideal and the antenna 
impedance rises a mismatch is introduced between the antenna and 
the feeder with the consequent production of standing waves on the 
feeder. Under high VSWR conditions the cable is subject to higher 
voltage stresses and it also behaves as an aerial radiating some of the 
reflected power. This spurious radiation adds to the radiation from the 
antenna in some directions but subtracts from it in others giving rise 
to jagged radiation patterns or deep nulls in radiated signal. 

Mobile antennas providing a small amount of gain, typically 3 dB 
and obtained by narrowing the radiation lobes, are on the market. 
These have a length of 5/8 wavelength and, because the extra length 
makes the impedance capacitive at the operational frequency, a loading 
coil is inserted at the lower end of the element to cancel the capacitive 
reactance. An adjustable metallic disk towards the base of the whip is 
often provided for tuning purposes. Note that gain figures quoted for 
mobile antennas are usually with reference to a quarter-wave whip. 


Low profile antennas 


Low profile antennas are available for use at UHF. They have a built- 
in ground plane approximately 150mm in diameter and a height of 
some 30mm and have obvious applications for use on high vehicles 
and, although not strictly covert, where a less obtrusive antenna is 
required. They are fitted with a tuning screw and when adjusted to 
resonance a VSWR of better than 1.2:1 is quoted by one maker and 
a bandwidth of 10 MHz at a VSWR of 2:1. Figure 4.15 shows the 
radiation pattern for one type. 


Motor-cycle antennas 
The installations of antennas on motor cycles poses problems because 


of the absence of a satisfactory ground plane. One frequently used 
method is to employ a 5/8 wavelength whip and loading coil. Another 
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Tunable range ............ 400-475 MHz 


Bandwidth at: 3:1 VSWR ..... 15 MHz 
2:1 VSWR ..... 10 MHz 


VSWR at resonance ............ < 1.2:1 


Typical radiation pattern 
(460 MHz) 


Wi 
PLL EER 
AS 


Vertical 
Antenna mounted on a 40 cm x 40 cm aluminium plate 


0° 180° 


Figure 4.15 Low profile UHF antenna (by kind permission of Panorama Anten- 
nas Ltd) 


method uses a pair of grounded downwards-pointing rods to form the 
lower half of a dipole. 


Hand-portable antennas 


Again, because of the lack of a ground plane high performance anten- 
nas are difficult to provide for hand-portables, particularly at VHF. 
Body-worn sets may have an antenna incorporated in the microphone 
lead but the high current portion of the antenna must then be at a 
low height and in some directions the radiation must pass through 
the body, which is highly absorbent, to reach the base station. Helical 
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antennas are frequently used on hand-held sets to reduce the physical 
length. Useful operating tips are to face the base station when using 
the radio in low signal areas, while placing the set on a nearby car 
roof effectively increases the performance of the antemna. 


Safety 


There are two safety aspects to consider when installing mobile anten- 
nas: physical and electrical. The physical considerations are that the 
antenna must be incapable of inflicting injury when it is in its cor- 
rect position, and also when it has been bent or damaged. Rear wing 
mounted antennas need particular care in their positioning; a Band 111 
aerial tip is just about eye height when bending over an open boot 
lid. The same considerations apply to hand-portables, helical antennas 
being perhaps safer than whips because they are thicker and thus more 
easily seen. They also have rounded tips. 

The electrical dangers are from radiation affecting the body either 
directly — radiation from a hand-portable helical into the eye is a pos- 
sible example — or indirectly by affecting electronic equipment. The 
danger of radiation affecting equipment in the vehicle is increased 
when the VSWR is high because of increased radiation from the 
feeder. Advice should be sought from the Radiological Protection 
Board. 


4.4 Microwave antennas 


The small antenna elements at microwaves facilitate the construction 
of highly directive, high gain antennas with high front-to-back ratios. 

At frequencies below about 2 GHz, 12- to 24-element Yagi arrays, 
enclosed in plastic shrouds for weather protection, may be used. At 
higher frequencies, antennas with dish reflectors are the norm. 

The aperture ratio (diameter/wavelength) of a dish governs both 
its power gain and beamwidth. The power gain of a parabolic dish is 
given to a close approximation by: 


Gain = 10log,, 6(D/A)* x N, dBi 


where D = dish diameter and N = efficiency. Dimensions are 
in metres. The half-power beam width (HPBW) in degrees is 
approximately equal to 701 /D. 

A microwave antenna with its dish reflector, or parasitic elements 
in the case of a Yagi type, is a large structure. Because of the very 
narrow beamwidths — typically 5° for a 1.8m dish at 2GHz — both 
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the antenna mounting and its supporting structure must be rigid and 
able to withstand high twisting forces to avoid deflection of the beam 
in high winds. Smooth covers, radomes, fitted to dishes and the fibre- 
glass shrouds which are normally integral with Yagis designed for 
these applications considerably reduce the wind loading and, for some 
antenna types, increase the survival wind speed. 

The electrical performance of a selection of microwave antennas is 
given in Table 4.1 and the wind survival and deflection characteristics 
in Table 4.2 (Andrew Antennas, 1991). 


Table 4.1 2.1-2.2 GHz antennas - electrical characteristics 


Type Dia. Gain (dBi) Beam Cross F/B VSWR 


number (m) = =———___ width pol. ratio max. 
Bottom Mid- Top (deg.) disc (dB) 
band (dB) 


Ultra High Performance Antenna, F-Series Unpressurized — Radome Inc. 

Single polarized 

UHP8F-21 2.4 31.9 32.1 32.3 4.2 32 61 1.10 
UHP10F-21 3.0 33.7 339 34.0 3.6 33 64 1.10 
UHP12F-21 3.7 35.4 35.6 35.8 2.9 32 65 1.10 
Dual polarized 

UHX8F-21 2.4 31.9 32.1 32.3 4.2 30 58 1.20 
UHX10F-21A 3.0 33.8 34.0 34.2 3.6 32 62 1.20 
UHX12F-21A 3.7 35.4 35.6 35.8 2.8 32 67 1.20 


High Performance Antenna, F-Series Unpressurized - Radome Inc. 
Single polarized 


HP6F-21B 1.8 29.4 29.6 29.8 5.5 30 46 1.12 
HP8F-21A 2.4 31.9 32.1 32.3 4.1 30 53 1.12 
HP10F-21A 3.0 33.8 340 34.2 3.4 32 55 1.12 
HP12F-21A 3.7 35.4 35.6 35.8 2.9 32 56 1.12 
Standard Antenna, F-Series Unpressurized 

Single polarized 

P4F-21C 1.2 26.4 26.6 26.8 7.6 30 36 1.15 
P6F-21C 1.8 29.8 30.0 30.2 4.9 30 39 1.12 
P8F-21C 2.4 32.3 32.5 32.7 3.8 30 40 1.12 
P10F-21C 3.0 34.0 342 34.4 3.4 30 44 1.12 
Grid Antenna, F-Series Unpressurized 

Single polarized 

GP6F-21A 1.8 29.6 29.8 30.0 5.4 31 36 1.15 
GP8F-21A 2.4 32.0 32.2 32.4 4.0 35 39 1.15 
GP10F-21A 3.0 34.0 342 34.4 3.3 40 42 1.15 
GP12F-21 3.7 35.5 35.7 35.9 2.8 40 44 1.15 


With shrouded Yagis and some dishes low loss foam-filled cables 
are generally used up to about 2 GHz although special connectors may 
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Table 4.2 Wind survival and deflection characteristics 


Antenna types Survival ratings Max. deflection in 
Wind Radial 110 km wind (degrees) 
velocity (km/h) ice (mm) 
P4F Series 
Without Radome 160 12 0.1 
With Radome 185 12 0.1 


Standard Antennas 
(except P4F Series) 


Without Radome 200 25 0.1 
With Standard Radome 200 25 0.1 
UHX, UMX, UGX 

Antennas 200 25 0.1 


be required. At higher frequencies, air-spaced or pressurized nitrogen- 
filled cables are frequently used with waveguides as an alternative. 


4.4.1 Omnidirectional normal mode helix 


The normal mode helix antenna shown in Figure 4.16 produces an 
omnidirectional pattern when the antenna is mounted vertically. The 
diameter (D) of the helical coil should be one-tenth wavelength (A/10), 
while the pitch (i.e. S, the distance between helix loops) is one- 
twentieth wavelength (A/20). An example of the normal mode helix 
is the ‘rubber ducky’ antenna used on VHF/UHF two-way radios and 
scanners. 


4.4.2 Axial mode helical antenna 


An axial mode helical antenna is shown in Figure 4.17. This antenna 
fires ‘off-the-end’ in the direction shown by the arrow. The helix is 
mounted in the centre of a ground plane that is at least 0.8A across. 
For some UHF frequencies some manufacturers have used aluminum 
pie pans for this purpose. The helix itself is made from either heavy 
copper wire (solid, not stranded) or copper or brass tubing. The copper 
tubing is a bit easier to work. The dimensions are: 


Dx=1/3 
Ss=1/4 
Length ~ 1.44) 


12 


plane Coaxial 
cable 


Figure 4.16 Normal mode helix antenna 


A ‘rule of thumb’ for the circumference is that maximum gain is 
obtained when circumference C is: 


C = 1.066 + [(N — 5) x 0.003] 


4.4.3 Small loop antennas 


Small loop antennas are used mostly for receiving, although some 
designs are also used for transmitting. One application for the small 
loop antenna is radio direction finding (RDF). Another use is for 
providing a small footprint antenna for people who cannot erect a 
full sized receiving antenna. Perhaps the greatest use of the small 
loop antenna is for receiving stations on crowded radio bands. The 
small loop antenna has very deep nulls that make it easy to null out 
interfering co-channel and adjacent channel signals. 
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Figure 4.17 Axial mode helical antenna 
4.5 Loop antennas 


4.5.1 Small loop antennas defined 


Large loop antennas are those with overall wire lengths of 0.54 to more 
than 2A. Small loop antennas, on the other hand, have an overall wire 
length that is much less than one wavelength (1A). According to a 
Second World War US Navy training manual such antennas are those 
with an overall length of <0.22A. Jasik’s classic 1961 text on radio 
antennas uses the figure <0.171, while John Kraus (1950) used the 
figure <0.101. An amateur radio source, The ARRL Antenna Book, 
recommends <0.085A for small loop antennas. For the purposes of 
our discussion we will use Kraus’s figure of <0.10A. 

A defining characteristic of small loops versus large loops is seen in 
the current distribution. In the small loop antenna the current flowing 
in the loop is uniform in all portions of the loop. In the large loop, 
however, the current varies along the length of the conductor, 1.e. there 
are current nodes and antinodes. 

The small loop antenna also differs from the large loop in the man- 
ner of its response to the radio signal. A radio signal is a transverse 
electromagnetic (TEM) wave, in which magnetic and electrical fields 
alternate with each other along the direction of travel. The large loop, 
like most large wire antennas, respond primarily to the electrical field 
component of the TEM, while small loops respond mostly to the mag- 
netic field component. The importance of this fact is that it means the 
small loop antenna is less sensitive to local electromagnetic interfer- 
ence sources such as power lines and appliances. Local EMI consists 
largely of electrical fields, while radio signals have both magnetic and 


Question 

What parameters determine f1 and f2 ? 
Answer 

The values of the capacitor and the resistor 
Note You can see in Figure 6.10 that V out is 
large for the lowest frequency and nearly 
zero for the highest frequency. This type of 
circuit is called a low-pass filter because it will 


pass low frequency Signals with little 
attenuation, while blocking high-frequency 
Signals. 
Project 6.2: The Low-Pass Filter 

Objective 


The objective of this project is to determine 

how V out changes as the frequency of the 

input signal changes for a low-pass filter. 
General Instructions 

After the circuit is set up, measure V out for 

each frequency. You also calculate X C for 
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electrical fields. With proper shielding, the electrical response can be 
reduced even further. 


4.5.2 Small loop geometry 


Small loop antennas can be built in any of several different shapes 
(Figure 4.18). Popular shapes include hexagonal (Figure 4.184), 
octagonal (Figure 4.18B), triangular (Figure 4.18C), circular 
(Figure 4.18D) and square (Figure 4.18EÉ ). 


(A) (B) (C) 


(D) (E) 
Figure 4.18 Small loop antennas: (A) hexagonal, (B) octagonal, (C) triangular, 
(D) circular and (E) square 


The far-field performance of small loop antennas is approximately 
equal provided that A <A /100, where A is the loop area and A is 
the wavelength of the desired frequency. 

The ‘standard’ loop used in this discussion is the square loop 
depicted in Figure 4.19. There are two forms of winding used: depth 
wound and spiral wound. The difference is that the depth wound 
has its turns in different parallel planes, while in the spiral wound 
version all of the turns are in the same plane. The spiral wound loop 
theoretically has a deeper null than depth wound, but in practical terms 
there is usually little difference. 

The length of each side of the loop is designated A, while the 
depth or width is designated B. These dimensions will be used in 
equations shortly. The constraint on the dimensions is that A should 
be <0.101/4 and B < A/5. 

The loop may be either tuned or untuned. The differences between 
tuned and untuned will be discussed shortly. 
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Figure 4.19 Square loop 
4.5.3 Small loop antenna patterns 


Small loop antennas have patterns opposite those of large loops. The 
minima, or ‘nulls’, are perpendicular to the plane of the loop, while 
the maxima are off the ends. Figure 4.20 shows the directions of 
maximum and minimum response. The loop antenna is viewed from 
above. The nulls are orthogonal to the loop axis, while the maxima 
are along the loop axis. 

The fact that the small loop pattern has nulls perpendicular to the 
loop axis, 1.e. perpendicular to the plane of the loop, is counterintuitive 
to many people. The advancing radio wave produces alternating 
regions of high and low amplitude. A potential difference exists 
between any two points. When the loop is aligned such that its axis 
is parallel to the isopotential lines low signal levels are induced into 
the loop. If the turns of the loop cut several isopotential lines, a larger 
signal is induced from this direction. 


4.5.4 Signal voltage (V,) developed by the loop 


The actual signal voltage (V,) at the output of the terminals of an 
untuned loop is a function of the direction of arrival of the signal (0), 
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Figure 4.20 Small loop azimuth 


as well as the strength of the arriving signal and the design of the 
loop. The angle œ is formed between the loop axis and the advancing 
isopotential lines of the radio signal. 

The output voltage of an untuned loop is: 


2 t ANE; cos a 
o = A 


While the output voltage of a tuned loop is: 


2TANOE;cos q 
Mo — 


where 

V is the output voltage of an untuned loop in volts (V) 

A is the length of one side of the loop 

N is the number of turns in the loop 

Ef is the strength of the incoming signal in volts per metre (V/m) 

a is the angle between the advancing wavefront and the loop axis 

A is the wavelength of the radio signal in metres (m), 1.e. the 
reciprocal of the frequency (A = 1/F) 

O is the loaded O (figure of merit) of the tuned circuit formed by 
CI and the loop inductance (typically 10 to 100) 


JI 
4.5.5 Effective height 


Loop antennas are sometimes described in terms of the effective height 
(Herp) of the antenna. This number is a theoretical construct that com- 
pares the output voltage of a small loop with a vertical piece of the 
same kind of wire that has a height of: 


2mNA 
A 


Hear = 
where Here is the effective height in metres, and all other terms are as 


defined above. 


Loop inductance 


A loop antenna essentially forms a coil of wire (or other conductor), 
so will have inductance. There are several methods for calculating 
loop inductance, but the most common are the Grover equation and 
the Patterson equation. 


Grover equation: 


K AN K4(N + 1)B 
L =| K N? AL — K MMM 
pa [K azh ++ AN | 


where all terms are as previously defined, except Kı—K4, which are 
defined in Table 4.3. 


Table 4.3 K factors for calculating loop inductance 


Shape K] Ko K3 Ka 


Triangle 0.006 1.1547 0.65533 0.1348 
Square 0.008 1.4142 0.37942 0.3333 
Hexagon 0.012 2.00 0.65533 0.1348 


Octagon 0.016 2.613 0.75143 0.07153 


Patterson equation: 


4A 
LuH = (0.00508A) x 2.303 log (=) a J 


where 
d is the conductor diameter 
@ is a factor found in Table 4.4 
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Table 4.4 @ Factor for calculating 
loop inductance 


Shape Factor (¢) 
Circle 2.451 
Octagon 2.561 
Hexagon 2.66 
Pentagon 2.112 
Square 2.853 


Triangle 3.197 


Of these equations, most people will find that the Grover equation 
most accurately calculates the actual inductance realized when a prac- 
tical loop is built. 
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5 Resonant circuits 


5.1 Series and parallel tuned circuits 


Tuned resonant circuits composed of inductance and capacitance are 
used to generate alternating voltages of a specific frequency and to 
select a wanted frequency or band of frequencies from the spectrum. 
Figure 5.1 contains the diagrams of series and parallel resonant cir- 
cuits including the resistances which account for the losses present 
in all circuits. In practice the greatest loss is in the resistance of the 
inductor, R, with a smaller loss, re, occurring in the dielectric of the 
capacitor. 


Series Parallel 
A A 


Line current and 


| Line current 
oscillatory current 


ae 
G= BL i 


R, (losses) 
R; (losses) 
Oscillatory 
current 
C on 


i 


Figure 5.1 Series and parallel resonant circuits 


5.1.1 Series resonance 


Off resonance, the series circuit exhibits a high impedance to a voltage 
applied across A and B. This impedance is formed by the vectorial 
addition of the reactances of the inductance and capacitance at the 
applied frequency plus the resistances. Ignoring the dielectric losses 
and the very small stray shunt capacitance C,, the resonant impedance 
is given by: 
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where 

R = resistance of components in ohms 
w = 21 x frequency in hertz 

L = inductance in henries 

C = capacitance in farads 


At resonance the reactances cancel out and the impedance falls to 
approximately the value of the resistance, R, and a maximum line 
current will flow. Figure 5.2 shows the response curves of series and 
parallel circuits near resonance. The resonant frequency is given by: 


i 


Tan 
27r LC 
where 

f = resonant frequency in hertz 

L = inductance in henries 

C = capacitance in farads 


Impedance —— 


Parallel circuit 


f, = resonant frequency 


Figure 5.2 Variation of impedance around resonance with series and parallel 
tuned circuits 


5.1.2 Parallel resonance 


At resonance, calculated by using the same formula as for a series 
circuit, the impedance of a parallel tuned circuit is also resistive, and 
the circulatory current in the circuit is high producing the maximum 
voltage across the inductance and capacitance. Consequently, at res- 
onance the minimum line current flows. The impedance at resonance 
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or dynamic resistance of a parallel tuned circuit of moderate to high 
O is given by: 
L 


Ba 
“CR 


where 

Ra = dynamic resistance of circuit 

R = resistance of components in ohms 
L = inductance in henries 

C = capacitance in farads 


5.2 O factor 


The voltages across the inductor and capacitor in a circuit at resonance 
are substantially opposite in phase (the loss resistances affect the phas- 
ing slightly) and cancel each other. The voltage developed across the 
inductor, usually the lossiest component, compared with the voltage 
applied in series to the circuit, is a measure of the ‘goodness’ of the 
circuit. This ratio is often referred to as the magnification factor, O, 
of the circuit. The O factor 1s calculated from: 


wL 1 


2 = -k " CER 


where L and C are in henries and farads respectively. 


5.3 Coupled (band-pass) resonant circuits 


5.3.1 Methods of coupling 


Radio signals carrying intelligence occupy a band of frequencies and 
circuits must be able to accept the whole of that band whilst rejecting 
all others. When tuned circuits are coupled together in the correct 
manner they form such a band-pass circuit. The coupling may be either 
by mutual inductance between the two inductances of the circuits as in 
Figure 5.3 or through discrete electrical components as in Figure 5.4. 

Mutual inductance can be defined in terms of the number of flux 
linkages in the second coil produced by unit current in the first coil. 
The relationship is: 


flux linkages in 2nd coil 


__ produced by current in Ist coil < 1078 
o current in 1st coil 
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Em 
Ĝi C; C; Co 
Link 
(a) (b) 


Figure 5.3 Mutual inductance (low impedance) coupling 


(a) Capacitive (b) Inductive 


High impedance, ‘top’ coupling 


(c) Capacitive (d) Inductive 


Low impedance, ‘bottom’ coupling 


Figure 5.4 Electrical coupling 


where M = mutual inductance in henries. The e.m.f. induced in the 
secondary is e, = —jwM h where J is the primary current. 

The maximum value of mutual inductance that can exist is Y L¡L£L> 
and the ratio of the actual mutual inductance to the maximum is the 
coefficient of coupling, k: 


A M 
V Lilo 


The maximum value of k is 1 and circuits with a k of 0.5 or greater are 
said to be close coupled. Loose coupling refers to a k of less than 0.5. 

An advantage of coupling using discrete components is that the 
coupling coefficient is more easily determined. Approximations for k 
for the coupling methods shown in Figure 5.4 are: 
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(a) k = —— where Cm 1s much smaller than (C¡C>) 


(b) k = m where Lm is much larger than (Lı L2) 


(ich k= Z where Cm 18 much larger than (C; C2) 


(d) k = —— where Ln is much smaller than (L; L2) 


5.3.2 Response of coupled circuits 
When two circuits tuned to the same frequency are coupled their 


mutual response curve takes the forms shown in Figure 5.5, the actual 
shape depending on the degree of coupling. 


Secondary current 


k> critical 
k = critical 


k< critical 


Figure 5.5 Effect of degree of coupling 


When coupling is very loose the frequency response and the cur- 
rent in the primary circuit are very similar to that of the primary 
circuit alone. Under these conditions the secondary current is small 
and the secondary response curve approximates to the product of the 
responses of both circuits considered separately. 

As coupling is increased the frequency response curves for both 
circuits widen and the secondary current increases. The degree of 
coupling where the secondary current attains its maximum possible 
value is called the critical coupling. At this point the curve of the 
primary circuit shows two peaks, and at higher coupling factors the 


each frequency value to show the relationship 
between the output voltage and the reactance 
of the capacitor. 
Parts List 
You need the following equipment and 
supplies: 
One 1 kQ, 0.25-watt resistor. (You can use 
the same resistor that you used in Project 
6.1.) 
One 0.016 UF capacitor. (You can use the 
Same capacitor that you used in Project 
6.1.) 
One function generator. 
One oscilloscope. (You can substitute a 
multimeter and measure V out in rms 
voltage rather than peak-to-peak voltage.) 
One breadboard. 

Step-by-Step Instructions 
Set up the circuit shown in Figure 6.19 . If 
you have some experience in building circuits, 
this schematic (along with the previous parts 
list) should provide all the information you 
need to build the circuit. If you need a bit 
more help building the circuit, look at the 
photos of the completed circuit in the 
“Expected Results” section. 
Figure 6.19 
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secondary response also shows two peaks. The peaks become more 
prominent and further apart as coupling is increased, and the current 
at the centre frequency decreases. 
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6 Oscillators 


6.1 Oscillator requirements 


Oscillators generate the frequencies used in radio and electronic 
equipment. The performance of those which determine the operating 
frequencies of radio systems is tremendously important. Most 
oscillators must: 


e Generate a precise frequency of high purity. 

e Be highly stable, 1.e. produce an output constant in frequency and 
level despite changes in temperature, supply voltage and load. 

e Be tunable in frequency. 

e Produce minimum noise and microphony (fluctuations in frequency 
with vibration). 


These requirements conflict. A readily tunable oscillator cannot be 
precise and highly stable, and compromises must be made; either a 
less stringent specification must be accepted where permissible or the 
facility for tuning restricted. 

Not all oscillators need to produce a pure output, devoid of spuri- 
ous frequencies. The clock generators in digital circuitry, for instance, 
produce square waves, but a radio transmitter carrier generator and 
receiver local oscillator must produce a pure sine wave output if spu- 
rious radiations and receiver responses are to be avoided. 


6.2 Tunable oscillators 


An oscillator is an amplifier with a portion of the output fed back to 
the input. The feedback must be positive, 1.e. in phase with the input, 
and the loop gain, input back to input via the feedback loop, must be 
sufficient to overcome the losses in the circuit. 

Most radio frequency oscillators — and some audio ones — use 
inductance and capacitance (LC) tuned circuits as the frequency deter- 
mining elements. Figure 6.1 shows two commonly used basic circuits, 
the Hartley and the Colpitts. 

The frequency is determined by the values of L and C; (the com- 
bined values of Cı in the Colpitts circuit) and the amount of feedback 
by the collector choke and C2. Such circuits produce a very pure out- 
put but, principally because the physical dimensions of the frequency 
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+E 


2 RF choke 
| Output 
C, (feedback) 


(a) Hartley circuit 


HE 


E RF choke 
C, (feedback) 


(b) Colpitts circuit 
Figure 6.1 Hartley and Colpitts oscillators 


determining components change with temperature, the accuracy of 
the set frequency is doubtful and is not very stable. Temperature 
compensation can be applied by selecting a capacitor for Cı with 
the correct negative temperature coefficient (assuming that the induc- 
tance increases with temperature), inserting temperature compensation 
for the rise in collector current with temperature and stabilizing the 
supply voltage. In the design of equipment an oscillator should be 


built into an area of low temperature change. 
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6.3 Quartz crystal oscillators 


The problems of frequency accuracy and stability are largely overcome 
by using a quartz crystal as the frequency determining element (see 
Chapter 7). 

Figure 6.2(a) shows a circuit for an oscillator using the crystal’s 
parallel resonant mode. In this circuit, the rising voltage developed 
across Re on switch-on is applied via C; to the base accelerating the 
rise of current through the transistor. When saturation is reached the 
voltage across Re becomes static and the voltage on the base falls, 
reducing the transistor current. The oscillations are only sustained 


(a) Parallel resonant 


(b) Series resonant 


Figure 6.2 Quartz crystal oscillators 
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at the parallel resonant frequency of the crystal where it presents a 
high impedance between base and collector. C, enables the parallel 
resonance of the crystal to be adjusted to a precise frequency. 

Figure 6.2(b) shows a series resonant crystal oscillator and here L4 
is the tuning inductor of a Colpitts oscillator. The loop gain is adjusted 
so that the circuit will oscillate only at the series resonant frequency of 
the crystal where it presents a very low resistance. At other frequencies 
the crystal presents an increasing impedance in series with L;, shunted 
by R which can be of a low value. When first setting the oscillator, 
L, is adjusted, with the crystal short-circuited, for oscillation at a 
frequency close to that desired. The short-circuit is then removed and 
L, used as a fine trimmer. 

The same circuit will operate at the parallel resonant frequency of 
the crystal by making Cı equal to the crystal load capacitance. 

The maximum frequency error permitted by the British 
Radiocommunications Agency specification MPT 1326 for mobile 
radio equipment designed for 12.5 kHz channel separation in the band 
100-300 MHz is plus or minus 1.5 MHz. This is an overall accuracy of 
0.0005% over the temperature range —10°C to +55 °C. Well-designed 
standard crystal oscillators meet this specification, but higher stability 
can be obtained by operating the crystal in an oven at a constant higher 
temperature. 

Until recently equipment which was required to change operating 
frequency quickly was fitted with several crystals, one for each oper- 
ating frequency, and a change of frequency was made by selecting the 
appropriate crystal. Frequency synthesizer circuits are now normally 
used for such applications. 


6.3.1 Overtone oscillators 


Piezoelectric crystals can oscillate at more than one frequency. 
The oscillations of a crystal slab are in the form of bulk acoustic 
waves (BAWs), and can occur at any frequency that produces 
an odd half-wavelength of the crystal’s physical dimensions (e.g. 
12/2, 30/2, 54/2, 74/2, 92/2, where the fundamental mode is 11/2). 
Note that these frequencies are not exact harmonics of the fundamental 
mode, but are actually valid oscillation modes for the crystal slab. The 
frequencies fall close to, but not directly on, some of the harmonics 
of the fundamental (which probably accounts for the confusion). 
The overtone frequency will be marked on the crystal, rather than 
the fundamental (it is rare to find fundamental mode crystals above 
20 MHz or so, because their thinness makes them more likely to 
fracture at low values of power dissipation). 
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The problem to solve in an overtone oscillator is encouraging oscil- 
lation on the correct overtone, while squelching oscillations at the 
fundamental and undesired overtones. Crystal manufacturers can help 
with correct methods, but there is still a responsibility on the part of 
the oscillator designer. It is generally the case that overtone oscillators 
will contain at least one L—C tuned circuit in the crystal network to 
force oscillations at the right frequency. 


6.4 Frequency synthesizers 


Frequency synthesizers offer the stability of a quartz crystal oscilla- 
tor combined with the facility to change operating frequency rapidly. 
They are essential for equipment operating on trunked or cellular net- 
works where the frequency of the mobiles is changed very rapidly on 
instructions from the network. 


6.4.1 Voltage controlled oscillators 


The advent of the variable capacitance diode (varicap), where the 
capacitance across the diode varies according to the applied DC volt- 
age, made the frequency synthesizer a practicality. 

When a varicap diode replaces the tuning capacitor in an oscillator 
the circuit becomes a DC-voltage-controlled oscillator (VCO). The 
two varicaps in Figure 6.3 are used to minimize harmonic production 
and to obtain a greater capacitance change per volt. 


Figure 6.3 Voltage variable capacitance diode 


The VCO is the circuit that directly generates the output frequency 
of a frequency synthesizer but, by itself, inherits the problem of fre- 
quency stability. To overcome this, the frequency and phase of the 
VCO are compared with those of a crystal-controlled high stability 
oscillator. Any frequency or phase difference between the two oscil- 
lators creates a DC voltage of the correct sense to change the frequency 
of the VCO to agree with that of the crystal oscillator. 
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While the stability of the crystal oscillator 1s transferred to the syn- 
thesizer output, additional noise is produced close to the operational 
frequency and the elimination of microphony requires careful physical 
design. 


6.4.2 Phase-locked loops 


Figure 6.4(a) and (b) are diagrams of a simple phase-locked loop 
(PLL). The outputs of both the crystal oscillator and the voltage- 
controlled oscillator are fed to the phase comparator which produces 
pulses whenever there is a frequency or phase difference between the 
two inputs. The pulses will be either positive or negative depending 
on the sense of the difference, and their width is dependent upon the 
magnitude of the differences. The pulses are then fed to a low pass 
loop filter which smooths them. If the time constant of the filter is 
sufficiently long it will completely remove the pulses and produce a 
DC output proportionate to the input pulse width which is applied to 
the VCO in the right sense to correct the frequency error. To enable 
the pulses to swing the VCO frequency in either direction, a small 
bias voltage of about 4 volts is applied to the varicap. 

Identical frequencies have been selected for both oscillators in 
Figure 6.4 but in practice this is seldom the case. More frequently, the 
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Figure 6.4 Simple phase-locked loop 
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VCO runs at a higher frequency than the crystal oscillator and a divider 
1s used to equate the frequencies applied to the phase comparator 
(Figure 6.5 ). Changing the division ratio provides a convenient means 
of tuning the oscillator. 


100 MHz 
O/P 


Figure 6.5 Frequency variable phase-locked loop 


While the division ratio is 1000, the VCO will run at 100 MHz 
but if the division ratio is changed to 999 the comparator will produce 
pulses which, when converted to a DC voltage by the loop filter, will 
change the frequency of the VCO to 99.9 MHz, and the loop will lock 
at this new frequency. 

The design of the loop filter is critical. Too long a time constant 
lengthens the settling time when changing frequency, yet if it is too 
short any deliberate frequency modulation will be removed. In prac- 
tice, a relatively long time constant is chosen which is shortened by a 
“speed up’ circuit introduced whenever a channel change is called for. 

The above values would enable a radio operating on a system 
with a channel separation of 100kHz to change channel, but mobile 
radio channel separations are 25kHz, 12.5 kHz or even 6.25 kHz at 
frequencies from 50 MHz to at least 900 MHz. To change channel at 
these frequencies a synthesizer must use a high division ratio. With 
a reference frequency applied to the comparator of 6.25 kHz and an 
operating frequency of, say, 450 MHz, the frequency select divider 
must have a ratio of 72000, and be programmable in steps of 1 with 
a minimum operating speed of at least 900 MHz. A problem is then 
that the technology capable of meeting these requirements, emitter 


92 


coupled logic (ECL), is power hungry, and the preferred LSI low 
power technology, CMOS, has a maximum operating speed of about 
30 MHz. A simple ECL pre-scaler to bring the VCO frequency to 
about 30 MHz needs a ratio of 20 (500 MHz to 25 MHz). However, 
every change of | in the CMOS divider ratio then changes the total 
division ratio by 20. The solution is to use a dual modulus pre-scaler. 


6.4.3 Dual modulus pre-scaler 


The division ratio of the dual modulus pre-scaler (Figure 6.6 ) is pro- 
grammable between two consecutive numbers, e.g. 50 and 51 (P and 
P +1) and, in conjunction with two CMOS dividers, +A and +N, 
provides a fully programmable divider. 


Ref. 
divider VCO 


Figure 6.6 Programmable frequency synthesizer 


The A and N dividers are pre-loaded counters. These count down 
and when the count value reaches zero they produce an output which 
changes the division ratio of the pre-scaler. The total division ratio, 
N, is decided by the initial programmed contents of the A and N 
counters and the setting of the pre-scaler. The initial content of the A 
counter must be less than that of the N counter. 

Consider the pre-scaler set to divide by P + 1. For every count of 
P + 1, the contents of the A and N counters are reduced by 1 until 
the contents of the A counter are zero. The difference between the 
original contents of the A and N counters, N — A, remains in the N 
counter, and the total count, \;, up to now, is A(P + 1). At this point 
the division ratio of the pre-scaler is changed to P. Now, for every 
P count, the contents of the N counter are reduced by | until zero is 
reached. Under these conditions the total division ratio is given by: 


N, = A(P +1)+(N—A)P 
=AP+A+NP-AP 
=NP+A 
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For example, let P = 50 so P + 1 = 51, let N = 10 and A = 7. Then: 


N, = 10 x 50+ 7 = 507 
Now, change A to 6: 
N, = 10 x 50+ 6 = 506 


a change of N, by 1. 
Programming a divider 


Example: 


VCO frequency = 455.6 MHz 
Reference frequency = 12.5 kHz 


Calculate N;, and the numbers which must be programmed into the A 
and N counters, assuming P = 50: 


. Calculate N, = 455.6 MHz/12.5 kHz = 36 448. 
. Divide N, by P:36488/50 = 728.96. Make N = 728. 
. For A, multiply fraction by P:0.96 x 50 = 48. 
. Check NM, = NP + A = 728 x 50 + 48 = 36448. 
Change A to 47: NP + A = 728 x 50 + 47 = 36447. 
36 447 x 12.5 kHz = 455.5875 MHz, the adjacent 12.5 kHz channel. 
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6.4.4 Direct digital synthesis 


A method of direct digital frequency synthesis replaces the voltage- 
controlled oscillator by a numerically controlled oscillator (NCO) 
where the function of the VCO is digitally synthesized. 

The direct digital synthesizer generates an analogue sine wave 
from digital sine wave samples applied to a digital to analogue (D/A) 
converter. There are limitations to the method in terms of bandwidth 
and spectral purity. 


6.5 Caesium and rubidium frequency standards 


Where extra high stability is required for, say, laboratory standards or 
in quasi-synchronous wide area coverage systems, oscillators utiliz- 
ing the atomic resonances of substances like caesium and rubidium, 
although expensive, may be employed. 


v in | ki 


out 


Function 


0.016 uF 
generator 


Carefully check your circuit against the 
diagram. 

After you have checked your circuit, follow 
these steps, and record your measurements 
in the blank table following the steps: 


1. Connect the oscilloscope probe for channel 
2 to a jumper wire connected to Vin, and 
connect the ground clip to a jumper wire 
attached to the ground bus. 

2. Connect the oscilloscope probe for channel 
1 to a jumper wire connected to V out , and 


connect the ground clip to a jumper wire 
attached to the ground bus. 
3. Set the function generator to generate a 


10 V pp , 25 Hz sine wave. 

4. Measure and record V out 

5. Adjust the function generator to the 
frequency shown in the next row of the table. 
6. Measure and record V out 

7. Repeat steps 5 and 6 until you have 
recorded V out for the last row of the table. 

8. Enter the values of XC for each row in 
the table. (Because you used the same 
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Caesium oscillators are used to provide standard frequencies such 
as 1, 5 and 10 MHz with accuracies of +7 x 1071? over a temperature 
range of 0 to 50°C with a long-term stability of 2 x 107??, 

Rubidium oscillators are used to provide secondary standards and 
in some quasi-synchronous radio systems. Their accuracy is less than 
that of caesium, the long-term drift being of the order of 1 x 107?! 
per month. 
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7 Piezo-electric devices 


7.1 Piezo-electric effect 


When electrical stress is applied to one axis of a quartz crystal it 
exhibits the piezo-electric effect: a mechanical deflection occurs per- 
pendicular to the electric field. Equally, a crystal will produce an e.m.f. 
across the electrical axis if mechanical stress is applied to the mechan- 
ical axis. If the stress is alternating — the movement of the diaphragm 
of a crystal microphone is an example — the e.m.f. produced will be 
alternating at the frequency of the movement. If the stress alternates 
at a frequency close to the mechanical resonance of the crystal as 
determined by its dimensions, then large amplitude vibrations result. 
Polycrystalline ceramics possess similar qualities. 

Quartz crystals used for radio applications are slices cut from a 
large, artificially grown crystal. The slices are then ground to the 
appropriate size to vibrate at a desired frequency. The performance of 
an individual slice — the crystal as the end user knows it — depends 
upon the angle at which it was cut from the parent crystal. 

Each crystal slice will resonate at several frequencies and if the 
frequency of the stimulus coincides with one of them the output, 
electrical or mechanical, will be very large. 

The vibrations occur in both the longitudinal and shear modes, and 
at fundamental and harmonic frequencies determined by the crystal 
dimensions. 

Figure 7.1A shows a typical natural quartz crystal. Actual crystals 
rarely have all of the planes and facets shown. There are three optical 
axes (X, Y and Z) in the crystal used to establish the geometry and 
locations of various cuts. The actual crystal segments used in RF 
circuits are sliced out of the main crystal. Some slices are taken along 
the optical axes, so are called Y-cut, X-cut and Z-cut slabs. Others are 
taken from various sections, and are given letter designations such as 
BT, BC, FT, AT and so forth. 


7.1.1 Equivalent circuit of a quartz crystal 


A quartz crystal behaves similarly to a very high Q tuned circuit and 
the equivalent circuit of a crystal is shown in Figure 7.1B. 

Cı and L, are equivalent to the inductance and capacitance of a 
conventional tuned circuit and R; represents the losses in the quartz 
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Figure 7.1B Equivalent circuit of a crystal 
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and the mounting arrangements. Co, typically 3-15 pfd, represents 
the shunt capacitance of the electrodes in parallel with the can capac- 
itance. If the oscillatory current is considered, the resonant frequency 
is decided by the values of Co in series with Cı, Lı and R;, and 
all crystals basically resonate in a series mode. Figure 7.2 illustrates 
the changes in impedance close to resonance. However when a high 
impedance, low capacitance, load is connected across the crystal ter- 
minals it behaves as a parallel tuned circuit exhibiting a high resistance 
at the resonant frequency. A crystal operating in the parallel mode 
oscillates at a higher frequency than that of series resonance. 


+ |X 


Frequency 


-jX 
J f 


Figure 7.2 Crystal reactance close to resonance 


A crystal will resonate at its fundamental frequency or at one 
or more of its harmonics. As the desired resonant frequency is 
increased, a crystal slice operating at its fundamental frequency 
becomes extremely thin and fragile. Consequently, overtone crystals 
are composed of larger slices of quartz operating close to, but not 
necessarily at, an exact harmonic of the fundamental frequency. 
Crystals operating at the 3rd, 5th and 7th harmonics are often 
employed at frequencies above approximately 25 MHz. 


7.2 Quartz crystal characteristics 


7.2.1 Resonant frequency 


The resonant frequency is determined by the mass of the finished 
crystal which can be adjusted by grinding and the deposition of gold or 
other metal onto the crystal faces during manufacture. The adjustment 
is made to suit the intended method of operation, series or parallel, 
and at a specific temperature, usually 25°C. When parallel mode is 
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specified, allowance is made for the load or circuit capacitance, usually 
20-30 pfd, in parallel with Co. 


7.2.2 Frequency stability 
Temperature coefficient 


A crystal’s resonant frequency varies with temperature and this tem- 
perature coefficient is determined by the angle at which the slice was 
cut from the parent crystal. Commonly used cuts are AT and BT. 
Because of its better performance AT is the most common. 

Typical examples of the temperature coefficients for these are 
shown in Figure 7.3. 

The temperature coefficient is specified, usually in parts per million 
(ppm) per degree C, or as a percentage, over a defined temperature 
range. The standard European temperature range is —10°C to +60°C. 
A crystal designed for a restricted temperature range has a better 
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Figure 7.3 Frequency vs. temperature curves AT and BT cut crystals 
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stability over that range than one designed for operation over a wide 
temperature range will have when used over a restricted range. 

For higher frequency stability crystals may be operated in 
a temperature-controlled oven operating at a more constant high 
temperature. 

Common frequency tolerance specifications are +0.005% or 
0.0025% from —55°C to +105°C. These include the frequency 
errors from all sources, including the calibration tolerance; thus, the 
temperature coefficient is slightly better than these figures. 


Ageing 


The resonant frequency shifts with age from that set at production, 
following a curve similar to that in Figure 7.4. Initially the frequency 
shift for a given period of time is rapid but slows with age. The 
frequency may shift in either direction, and although it is possible to 
specify crystals ageing in one direction — high stability oscillators for 
quasi-synchronous transmission systems is an application — they are 
selected from a batch, not specifically manufactured. Once a crystal 
has been operated, a subsequent long period of inactivity can produce 
a glitch in the ageing curve followed by a higher rate of change for a 
short time. 


Y 
y Period of non-operation 


Time 


Figure 7.4 Effect of ageing 


7.2.3 Load capacitance and pullability 


When a crystal is operated in the parallel mode across a low capaci- 
tance load the results are a higher frequency and larger output voltage 
to the load. Increasing the load capacitance causes a reduction in 
frequency approaching that of series resonance. 

The change in frequency that can be achieved by varying the load 
capacitance — a small trimmer capacitor is often connected across 
the crystal for this purpose — is the crystal’s pullability. A typical 
pullability is from —1 ppm/pfd to —20 ppm/pfd for a total shunt capac- 
itance of 40 pfd (Co + Cioaa). 
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7.2.4 Activity, effective series resistance (ESR) and O 


All these characteristics are interrelated. A crystal’s activity, its vibra- 
tional response, can be quoted in terms of the effective series resis- 
tance. A higher effective series resistance implies lower activity, lower 
output and lower O. The usual range of ESRs is from 20 Q to 100 Q 
although higher values occur in some low frequency crystals. Some 
manufacturers may quote activity levels for crystals for use in a paral- 
lel mode as effective parallel resistance (EPR). The EPR is the value 
of the resistor which, if connected in lieu of the crystal in an oscillator, 
would give the same output level as the crystal. The higher the EPR, 
the greater the crystal activity and O. 


7.2.5 Spurious responses 


Crystals will resonate at frequencies other than those of the funda- 
mental and harmonic modes for which they were designed; Figure 7.5 
shows the overtone (harmonic) and some typical spurious responses. 
The spurious responses of overtone crystals can occur with very little 
separation from the desired overtone frequency requiring very careful 
oscillator design if they are to be avoided. 
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Figure 7.5 Overtone response of a quartz crystal 


7.2.6 Case styles 


A wide range of mounting styles is available. The American military 
nomenclature is widely used to describe them and Figure 7.6 shows 
the outlines of some of the more popular styles. 
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Figure 7.6 Crystal case styles 


7.3 Specifying quartz crystals 


The details which must be specified when ordering crystals are: 


1. Frequency. Normally specified in kHz up to 9999.999 kHz and in 
MHz from 10.0 MHz upwards except for integer values which are 
all specified in MHz. The frequency must be described to seven 
significant figures, otherwise any figure that might follow those 
given will be taken as zero. 

2. Mounting or holder style. 

3. Frequency tolerance. This is the cutting or calibration tolerance 
acceptable at 25°C. It should be borne in mind that cost rises 
with increased manufacturing accuracy and a slight adjustment 
(pullability) is possible in the circuit. 
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4. Frequency stability. Normally specified as a plus or minus value 
measured over a defined temperature range. A crystal designed for 
a restricted range has a better performance over that range than one 
designed for a wider range so it is important not to overspecify. 

5. Temperature range. The range over which the crystal is required 
to operate and meet the performance specified in 4. Standard tem- 
perature ranges are: 


0 to 5°C 
—10 to 60°C 
—20 to 70°C 
—30 to 80°C 
—40 to 90°C 
—55 to 105°C 
—55 to 125°C 


It is sufficient when ordering from some manufacturers to quote 
only the lower temperature limit. 
For ovened operation the quoted figure, say 80°C, would denote 

the oven temperature. 

6. Circuit condition. This specifies the shunt capacitance that the cir- 
cuit will place across the crystal in parallel mode operation. 

7. Drive level. The maximum power that the crystal can safely dissi- 
pate. | mW is a typical value for crystals used in radio transmitters 
and receivers. 


A typical specification therefore reads: 


16.66667 MHz HC49 20 30 10 30 
1 2 3 4 5 6 


referring to the items listed above 

When the crystal is for operation in series mode, it is usually 
sufficient to replace the last figure with ‘S’. The drive level is not 
normally specified in the ordering details. 


7.4 Filters 


Both quartz and ceramic materials are used in the production of radio 
frequency filters. Ceramic filters do not have the same performance 
as quartz but have the advantages of a lower cost. They are used at 
lower frequencies and where the higher stability and lower spurious 
responses of quartz are not essential. 
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Crystal filters are obtainable at frequencies up to about 45 MHz. 
Most of these use either a number of discrete crystals arranged in the 
form of a lattice or a monolithic structure. A single crystal will behave 
as an extremely narrow band filter and it is possible to use a crystal 
bar in this way down to a very few kilohertz. 

The characteristics of filters can be divided into groups affecting 
the performance (Figure 7.7). 
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Figure 7.7 Filter characteristics 


7.4.1 


Passband performance 


Insertion loss. The loss at centre frequency, in dB, resulting 
from the insertion of the filter in a transmission system. 

Flat loss. The insertion loss at the frequency of minimum loss 
within the passband. 

Attenuation. The loss of a filter at a given frequency measured 
in dB. 

Passband (bandwidth, BW,). The range of frequencies attenu- 
ated less than a specified value, typically 3 or 6dB. 

Centre frequency (fo). The arithmetic mean of the passband 
limits. 

Fractional bandwidth. A specified frequency, typically the min- 
imum loss point or Fo, from which all attenuation measure- 
ments are made. 

Ripple. The amplitude difference, in dB, between the maximum 
peak and minimum passband valley. Both the peak and the 
valley are defined by a surrounding change in slope, 1.e. sign 
of the amplitude response. This is very important as a high 
ripple, particularly between a peak and the adjacent trough, 
produces rapid phase changes as the signal moves across the 


capacitor and resistor in Project 6.1, you can 
take the values XC from the table in Project 
6.1.) 

fin X C V OUT 

25 Hz 

50 Hz 

100 Hz 

250 Hz 

500 Hz 

1 kHz 

3 kHz 

5 kHz 

7 kHz 

10 kHz 

20 kHz 

30 kHz 

50 kHz 

100 kHz 

200 kHz 

500 kHz 

1 MHz 

9. In the blank graph shown in Figure 6.20 , 
plot V out versus fin with the voltage on the 
vertical axis and the frequency on the X axis. 
The curve should have the same shape as 
the curve shown in Figure 6.18 . 

Figure 6.20 
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7.4.2 


7.4.3 


7.4.4 


passband resulting in audio distortion and corruption in digital 
signals. 


Stopband performance 


Attenuation. The output of a filter at a given frequency relative 
to the defined insertion loss reference. 

Stopband. The range of frequencies attenuated by a greater 
amount than some specified minimum level of attenuation. 
Transition band (bandwidth, BW). The range of frequencies 
differently attenuated between the passband and stopband limits. 
Shape factor. The ratio of the bandwidth at some point within 
the transition region, typically 60 dB, to the specified passband 
bandwidth. It is given by: 


BW. 
Shape factor s 
BW; 


Spurious attenuation. The specified minimum level of attenu- 
ation received by all non-harmonic related resonances of each 
crystal resonator within the filter network. 


Time domain performance 


Insertion phase. The phase shift at the output load (measured 
at the reference frequency) resulting from the insertion of the 
filter. 

Differential phase. The measurement of phase at a given fre- 
quency relative to the phase at the reference frequency. 

Phase linearity. The phase error in degrees between the phase 
points and a straight line drawn through the phase points. 
Group delay. The time by which a signal will be delayed before 
1t appears at the filter output, 1.e. the derivative of phase with 
respect to frequency. 

Differential delay. The measurement of delay at a given fre- 
quency relative to the reference frequency. 


Source and load impedance 


Source impedance. The impedance of the circuit driving the 
filter, measured at the reference frequency. 

Load impedance. The impedance of the circuit terminating the 
filter at its output, measured at the reference frequency. 


7.4.5 
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Non-linear effects 


Maximum input level. The driving point power, voltage or cur- 
rent level above which intolerable signal distortion or damage 
to the device will result. 

Drive level stability. The ability of the filter to return within a 
specified tolerance of its original insertion loss, at a specified 
drive level, after experiencing changing environmental and/or 
drive level conditions. 

Drive level linearity. The maximum permissible variation in 
insertion loss, per dB change in drive level, measured over a 
specific dynamic range. 

Inband intermodulation distortion. The attenuation, in dB, of 
third and higher order signal products, inband, relative to the 
power level of two signals placed within the passband. 
Out-of-band intermodulation distortion. The attenuation, in dB, 
of third and higher order signal products, inband, relative to the 
power level of two signals placed in the stopband, or one signal 


in the transition region and the other in the stopband. 


A manufacturer’s specifications for two stock 10.7 MHz filters are 
given in Table 7.1. 


Table 7.1 Manufacturers’ specifications for two stock 10.7 MHz filters 
Centre Passband Attenuation Ripple Ins. Term. 
freq. width bandwidth (max) loss impedance 

(plus/minus) (max)  QS/pfd 
10.7MHz 3.75kHz 8.75kHz(45dB) 2.0dB 3.0dB  1.5k/1 

(6 dB) 

12.5 kHz (60 dB) 

10.7MHz 7.5kHz 15.0kHz(60dB) 2.0dB 4.0dB  3k/1 

(6 dB) 


20.0 kHz (80 dB) 


7.5 SAW filters and resonators 


The piezo-electric effect that some ceramic materials such as lithium 
niobate exhibit enables useful applications, such as pressure sensors 
and audible alarms. When piezo-electric material has an electric 
field applied across it, usually through metal electrodes, the material 
changes shape. This often takes the form of local material expansion 
or contraction (depending on the polarity of the applied voltage). In 
the case of the audible alarm, the material expansion and contraction 
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modulates the air pressure to give an audible tone if the electric field 
1s alternating at audio frequencies. 

One form of the piezo-electric effect 1s the SAW (surface-acoustic- 
wave) phenomenon, in which signals travel due to an acoustic wave in 
the ceramic material. To see this effect the piezo-electric material has 
one side bonded to a metal plate. The upper surface has metal elec- 
trodes applied to it, to provide an electric energizing force. The surface 
wave is created when a material is forced to expand (by the piezo- 
electric effect) beneath the metal electrodes. Physical bonds between 
molecules then force adjacent material to expand and this expansion 
propagates through the material. 

The piezo-electric effect is bi-directional, so that if the mater- 
ial between electrodes changes shape, an electric field is generated 
between the electrodes. This is the effect seen when a piezo-electric 
gas lighter is used: a sudden force across a piezo-electric element 
generates high voltages that force a spark to be produced. In the SAW 
device, the acoustic wave travels along the material and deforms the 
piezo-electric material between a second set of electrodes, which are 
located at the other end of the piezo-electric material. A voltage is then 
formed between these electrodes. By having two sets of electrodes, 
known as transducers, at opposite ends of a piece of piezo-electric 
material, a signal can be transmitted through the material by applying 
a voltage at one end and detecting it at the other. 

The range of frequencies that propagate through the piezo-electric 
material can be controlled by suitable transmit and receive trans- 
ducer spacing. The propagation frequencies can be further controlled 
by applying additional metallized areas (described later) between the 
transmit and receive transducers. Thus SAW devices could be used to 
make compact and low-cost filters. 

SAW resonators use piezo-electric material that is free to vibrate 
in one direction. The speed of wave propagation and the dimensions 
of the material are such that the wave reflects back and forth, resonat- 
ing at a certain frequency. This can replace quartz crystals in many 
oscillator circuits, where the frequency accuracy is not critical. 


7.5.1 Fundamentals of SAW transversal filters 


In its simplest form, a transversal SAW filter consists of two trans- 
ducers with inter-digital arrays of thin metal electrodes deposited 
on a piezoelectric substrate, such as quartz or lithium niobate (see 
Figure 7.8). The electrodes that comprise these arrays are arranged 
to have alternate polarities, so that an RF signal voltage of the proper 
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0 dB —6 dB 


Acoustic absorber 
Figure 7.8 Simple transversal SAW filter configuration 


frequency applied across them causes the surface of the crystal to 
alternately expand and contract along its length. This generates the 
Rayleigh wave, or surface wave, as it is more commonly called. 

These inter-digital electrodes are generally spaced at half or quar- 
ter wavelength of the operating centre frequency. Since the surface 
wave or acoustic velocity is 10° slower than the speed of light, an 
acoustic wavelength is much smaller than its free space electromag- 
netic counterpart. For example, a CW signal at 1000 MHz with a 
free space wavelength of 300 mm would have a corresponding acous- 
tic wavelength of about 3 ym. This wavelength compressing effect 
results in the SAW filter’s unique ability to provide considerable signal 
processing or delay in a very small volume. 

The wavelength compressing effect of the piezo-electric material 
has the effect of producing physical limitations at very high and low 
frequencies. At very high frequencies the electrodes become too nar- 
row to fabricate with standard photo-lithographic techniques. At low 
frequencies the devices become impracticably large. Consequently, 
SAW devices are most typically used over the frequency range 10 MHz 
to about 3 GHz. 

The basic SAW transducer is a bi-directional radiator. That is, half 
of the power (or —3dB) is directed towards the output transducer 
while the other half is radiated towards the end of the crystal and is 
lost. By reciprocity, only half of the intercepted acoustic energy at 
the output is reconverted to electrical energy; hence, the inherent 6 dB 
loss associated with this structure (refer to Figure 7.8). Numerous 
second-order effects, such as coupling efficiency, resistive losses, and 
impedance mismatch, raise the insertion loss of practical filters to 
about 15 to 30 dB. 
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A new low-loss structure is the single-phase unidirectional 
transducer (SPUDT). Unlike the traditional three-phase unidirectional 
filters, the SPUDT devices are generally as straightforward to 
fabricate as ordinary bi-directional transducers. In addition, the 
required impedance matching network is greatly simplified, usually 
consisting of an L-C network on each port. Most SPUDT structures 
contain acoustic reflectors within the inter-digital pattern, illustrated 
schematically in Figure 7.9 as wider electrodes. These internal 
reflectors serve to redirect most of the acoustic energy that is normally 
lost in a conventional bi-directional device. Second-order effects tend 
to limit the practical insertion loss to about 5 to 12 dB. 


0 dB —1 to -3 dB 


Acoustic absorber 
Figure 7.9 Single-phase unidirectional filter configuration 


7.5.2 SAW device design 


A better understanding of SAW device operation can be obtained by 
understanding how they are designed. SAW filters use finite impulse 
response design techniques, which are very similar to those used for 
digital filters. Hence, the Fourier transform is used to relate the time 
and frequency responses of the transducers and resultant filter. The 
desired total frequency response characteristics are used to find the 
impulse responses for the two transducers. These two impulse response 
shapes are then etched onto the surface of a metallized piezo-electric 
substrate to form transducers. When an impulse is applied to the trans- 
ducer, the output wave shape is the same as the shape of the metallized 
transducer pattern. 

To illustrate this relationship, the following examples may be valu- 
able. First, consider the case of the uniform-overlap (or unweighted) 
transducer as shown in Figure 7.10. Since all fingers have the same 
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Mh 


Time ——> Frequency ——> 
Unweighted Impulse Frequency 
transducer response response 


Figure 7.10 Uniform-overlap transducer 


length, the impulse response envelope of this transducer is a rectan- 
gle. The Fourier transform of a rectangle is a sin(x)/x function with 
a 4dB bandwidth roughly equal to the reciprocal of its time length. 
This illustrates the important trade-off between bandwidth and size, 
the narrower the bandwidth: the longer the transducer. 

The sin(x)/x response has 13 dB first side-lobe attenuation, which 
results in 26 dB of rejection when two of these unweighted transducers 
are cascaded on the substrate. The 26 dB frequency rejection and poor 
skirt selectivity make the unweighted transducer suitable for delay 
lines, but unsuitable for most filter applications where more rejection 
is needed close to the passband edge. 

According to Fourier transform theory, to obtain the rectangu- 
lar frequency response, a transducer must be built that is infinitely 
long with electrode lengths that have sin(x)/x weighting. This is 
impossible, but the principle behind this example will always hold 
true: the steeper the skirts (the more rectangular the response) for a 
given bandwidth, the longer the device must be. The longest possi- 
ble SAW device would exhibit a narrow bandwidth with a very steep 
roll-off. The transducer pattern must be limited in length but a grad- 
ual tailing off to zero length of the outer electrodes provides close 
to ideal performance (akin to the windowing function in digital FIR 
filters). 
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8 Bandwidth requirements 
and modulation 


8.1 Bandwidth of signals at base band 


8.1.1 Analogue signals 


The amount of information and the speed at which it is transmitted 
determines the base bandwidth occupied by a signal. For analogue 
signals, the base bandwidth is the range of frequencies contained in 
the signal; it is not the same as that occupied by a radio frequency 
carrier modulated by the signal. Examples of base bandwidths are 
given in Table 8.1. 


Table 8.1 Base bandwidths 


Application Frequency range 
(Hz) 

Speech 

High fidelity reproduction 15-15 000 

Good fidelity 150-7000 

Public address 200-5000 

Restricted bass and treble 500-4000 

Toll quality (good quality 300-3400 
telephone line) 

Communications quality (radio 300-3000 
communication) 

Mobile radio 300-2700 
(12.5kHz channel separation) 

Music (for FM broadcasting) 30-15000 


Video 60 Hz-4.2 MHz 


8.1.2 Digital signals 


Bit rate (b/s) and baud rate are terms used to specify the speed of 
transmitting digital information. Where the duration of all the sig- 
nalling elements is identical the terms are synonymous, but not where 
the duration of the information bits differs. 

As the term implies, the bit rate is the number of bits transmitted 
per second but the baud rate (after J.M.E. Baudot, the code’s inventor) 
is the reciprocal of the length, in seconds, of the shortest duration 
signalling element. Figure 8.1(a) shows a binary code pattern where 
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ims ims ims ims ims 


Symbol periods 
Bit rate = 1000 b/s = 1000 baud 


(a) 


Time ————— 


22 44 22 22 22 31ms 


Letter ‘J’? CCITT-2 code 


Average bit rate = 1/0.23 = 43.5 b/s 
Baud rate = 1/0.0 22 = 45.5 


(b) 
Figure 8.1 Bit rate and baud rate 


all the bits are of equal duration, in this case 1 millisecond; the bit 
rate is 1000 per second and the baud rate is 1/0.001 = 1000 also. 

On telegraphy systems all the bits may not be of the same duration 
and Figure 8.1(b) shows the pattern for the letter ‘J’ in the CCITT- 
2 code as used for teletype. In this code a letter is composed of 
5 elements, each of 22 ms duration, but each letter is preceded by a 
space of 22 ms and followed by a mark of 31 ms. The duration of each 
character is 163 ms — the time for 7.5 elements — but is comprised of 
only 7 bits. 


The baud rate is 1/0.022 = 45.5 baud. 
The average bit duration is 163/7 = 23.29 ms. 
The average bit rate is 1/0.023 = 43.5 bits per second. 


If the bandwidth were under consideration the baud rate, being faster, 
would be the figure to use. 

A stream of binary coded information is composed of pulses where, 
say, a pulse (mark) represents digit 1 and the absence of a pulse (space) 
represents digit O. The highest frequency contained in the information 
is determined by the bit — or baud — rate. Because a series of Is 
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or Os may be consecutive in the data stream, the pulse repetition 
rate will vary throughout the message although the bit rate will be 
constant, and over a long period of time as many spaces will be sent as 
pulses. Transmitting either a stream of spaces or of marks requires no 
bandwidth; it is only when a change of state occurs that frequencies 
are produced. In the duration of one cycle (Figure 8.1(a)) two bits 
may be carried and the maximum fundamental frequency contained 
in the wave is one-half the number of bits per second, i.e. the channel 
capacity, bits/second, equals twice the bandwidth in hertz. 


8.1.3 Channel capacity — Hartley — Shannon theorem 


Channel capacity as stated by Hartley’s law is, in the absence of noise: 
C = 2ôf log, N 


where 

C = channel capacity, bits per second 

ôf = channel bandwidth, Hz 

N = number of coding levels (2 in binary system) 


When noise is present, the channel capacity calculated according to 
the Hartley —Shannon theorem is: 


C = ôf log, (1 + S/N) 


where S/N = the ratio of total signal power to total noise power at 
the receiver input within the bandwidth, ôf. 


3.2 Modulation 


For radio transmission, the low frequency information signal is carried 
on a radio frequency wave and 1t must change (modulate) that carrier. 
The modulation may change the amplitude, frequency or phase of the 
carrier. Modulation aims to achieve: 


l. the transfer of information with the minimum distortion or 
corruption 

2. the modulation of the carrier with the minimum loss of power 

3. efficient use of the frequency spectrum. 
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8.3 Analogue modulation 


8.3.1 Amplitude modulation (AM) 


There are a number of methods of modulation where the amplitude of 
the carrier is varied by the information signal but the most commonly 
used is double sideband AM (DSB). Figure 8.2 shows a radio 
frequency carrier modulated by a low frequency signal. 

The amount or depth of modulation is expressed as percentage 
ratio, m%, of the maximum to minimum amplitude: 


Mod. depth = m% 


max. amplitude — min. amplitude 
= —___—_——_—— x 100% 
max. amplitude + min. amplitude 


When the modulation is increased to the point where the minimum 
amplitude falls to zero, 100% modulation occurs. Any further increase 
in modulation produces spurious, out-of-band frequencies (AM splash), 
a source of interference for other radio users. For this reason, the depth 
of amplitude modulation is usually limited to 70%. 


Input or audio — A A 


Unmodulated 
carrier 


Modulated carrier 


Figure 8.2 Amplitude modulation 


An alternative expression for modulation depth is in terms of a 
modulation index from O to 1. The peak carrier voltage in Figure 8.2 
is E. and the peak modulation voltage, Em. The modulation index, 
m, 1S: 


Amplitude modulation produces a band of frequencies above and 
below the carrier frequency — the upper and lower sidebands. The 
width of each sideband is equal to the highest modulating frequency 
so the bandwidth of an AM wave is 2 x the highest modulating 
frequency. To conserve spectrum, the range of modulating frequencies 
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Figure 6.21 shows the breadboarded circuit 


for this project. 
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Figure 6.22 shows a function generator 
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Input or Lower Upper 
audio sideband ° sideband 
frequencies 

Output 


Input 


300 Hz 3 kHz 100 MHz 
Output options 6 kHz 


Double sideband 


Singal sideband 


Single sideband ______ 
suppressed carrier 


Figure 8.3 Amplitude modulation — sidebands 


is restricted. For example, radio communication quality speech is 
limited to 300 Hz to 3000 Hz. The bandwidth occupied by a double 
sideband, amplitude modulated carrier for this service is 6 KHz 
(Figure 8.3 ). 


Power relationships in an AM wave 


The total power in an AM wave is the sum of powers of the carrier, 
the upper sideband and lower sideband: 


— Eaa de Egy” J Ey 
R R R 
where all values are RMS and R is the resistance in which the power 


1s dissipated. From the peak voltages shown in Figure 8.2 the power 
in the unmodulated carrier is: 


P= Ec/ v2? i = ES 
© R 2R 
The power in the sidebands 
a E 3) = mE? 
lsb — £ usb — /2 = QR 
B m? E? 
= 4 2R 
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As m cannot exceed 1, the maximum RMS power in the wave is 
P, = 1.5P,; but if m reaches 1, the peak sum of E. and Em is 2E, 
and so the instantaneous peak power is 2 P¿. Circuitry must be capable 
of handling this power level without distortion. 

Double sideband amplitude modulation wastes power and 
spectrum. Two-thirds of the power is in the carrier which conveys no 
information and one sideband is discarded in the receiver. Also, the 
modulation must be accomplished either in the final power amplifier of 
the transmitter necessitating a high power modulator, or in an earlier, 
low power stage when all subsequent amplifiers must operate in a 
linear, but inefficient, mode. 


8.3.2 Double sideband suppressed carrier (DSBSC) 


In an amplitude modulated wave the carrier conveys no information 
yet contains 2/3 of the transmitted power. It is possible to remove the 
carrier by using a balanced modulator (Figure 8.4), and improve the 
power efficiency by this amount. 


Modulating l DSBSC 
signal | o output 
input 


RF carrier 
input 


C; and C, are RF bypass capacitors 


Figure 8.4 Balanced modulator 


In a balanced modulator, the modulating voltage 1s fed in push—pull 
to a pair of matched diodes or amplifiers while the carrier is fed to them 
in parallel. The carrier components in the output cancel leaving the two 
sidebands. The result is a double sideband suppressed-carrier (DSBSC) 
wave, which is not sinusoidal, formed by the sum of the two sidebands. 
The carrier must be re-introduced in the receiver and its accuracy in 
both frequency and phase is critical. 


8.3.3 Single sideband suppressed carrier (SSB or SSBSC) 


The advantages of single sideband suppressed carrier transmission 
over double sideband AM are: 
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e removal of the carrier saves 2/3 of the total power 

e removal of one sideband saves 50% of the remaining power 

e an SSBSC transmitter only produces power when modulation is 
present 

e the occupied bandwidth is halved; a spectrum saving 

e the received signal-to-noise ratio is improved by 9dB for a 100% 
modulated carrier. Halving the bandwidth accounts for 3dB, the 
remainder from the improved sideband power to total power ratio. 
The S/N ratio improves further with lower modulation levels 

e reduced susceptibility to selective fading and consequent distortion. 


Two methods of generating a single sideband wave are in 
general use. One filters out the unwanted sideband after removal 
of the carrier by a balanced modulator. The other is a phase shift 
method (Figure 8.5). Here, the modulating signal is fed to two 
balanced modulators with a 90” phase difference. The output from 
both modulators contains only the sidebands but, while both upper 
sidebands lead the input carrier voltage by 90”, one of the lower 
sidebands leads it by 90° and the other lags it by 90°. When applied 
to the adder, the lower sidebands cancel each other while the upper 
sidebands add. 


Balanced 
modulator 


SSB 
output 


Modulating 


signal input - 
A Carrier 


90°C shift 


Carrier 
input 


90° shift modulator 


Figure 8.5 Phase shift production of single sideband 


A single sideband AM wave modulated by a sinusoid consists 
of a constant amplitude signal whose frequency varies with the 
frequency of the modulating wave. Note that this is not the same 
as FM: the frequency in SSB does not swing to either side of the 
carrier. It is higher than the carrier frequency if the upper sideband 
is transmitted, and lower 1f the lower sideband is selected. The single 
sideband waveform is sinusoidal and, although the frequency of the 
reintroduced carrier must be highly accurate (+2 Hz), the phase is 


117 


unimportant making a single sideband receiver less complex than one 
for DSBSC. 

On some systems a pilot carrier is transmitted and the transmitter 
output power is then specified in terms of peak envelope power (pep), 
the power contained in a wave of amplitude equal to the pilot carrier 
and transmitted sideband power. Where no pilot carrier is transmitted, 
the power is specified as peak sideband power (psp). 


8.3.4 Frequency modulation (FM) 


Both frequency and phase modulation (both may be referred to 
as angle modulation) effectively vary the frequency of the carrier 
rather than its amplitude. Frequency modulation varies the carrier 
frequency directly but its amplitude remains constant regardless of 
the modulating voltage. Angle modulation is employed at VHF and 
above for both communications and broadcasting services. 

When frequency modulated, a carrier frequency either increases or 
decreases when the modulation voltage is positive and varies in the 
opposite sense when the modulating voltage is negative (Figure 8.6 ). 
The amount of modulation, i.e. the ‘deviation’ of the carrier from 
its nominal frequency, is proportional to the amplitude, and not the 
frequency, of the modulating voltage. The modulation index, M, is 
defined as the deviation divided by the modulating frequency: 


fa wd 
=% or — 


M = 
fa Om 


where 
fa = deviation in hertz 
fm = modulating frequency in hertz 


Input Varied 
waveform | amplitude 
|Increase Decrease 
Maon frequency 
Modulated Fixed 
carrier amplitude 


| 
Unmodulated — + Modulated —— 


carrier carrier 


Figure 8.6 Frequency modulation 
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wa = 277 fa = deviation in radians 
On = 277 fm = modulating frequency in radians 


The ‘deviation ratio’, D, is given by: 


— facmax) 
fı m(max) 


D 


The peak deviation is the maximum amount of modulation occurring 
(equivalent to 100% amplitude modulation). With FM, this is limited 
only by the need to conserve spectrum; there is no technical limit 
where distortion occurs, as with 100% AM. The maximum permitted 
deviation for a service is determined by regulation. 

The bandwidth of a frequency modulated signal is made up of the 
carrier and a series of sidebands, sometimes referred to as sidecurrents, 
spaced apart from each other at the modulating frequency. The 
number of sidebands is proportional to the modulation index and 
their amplitudes decrease with spacing from the carrier. It is generally 
considered satisfactory to transmit those sidebands M + 1 in number, 
with amplitudes greater than 10% of that of the carrier for that 
modulation index (Figure 8.7). The sidebands occur on both sides 
of the carrier and: 


Ist order sidebands = fe + fm 
2nd order sidebands = fe + 2 fm, etc. 


When the modulation index approaches 6 a good approximation of the 
bandwidth (ôf ) required for an FM transmission is 2( fg + fm) Hz. For 
example, speech 300-3000 Hz, max deviation 15 kHz (relevant to a 
VHF, 50 kHz channel spacing system): 


f = (fa + fm) = 2015 + 3) kHz = 36 kHz 
M=15/3=5 


The bandwidth is also given by ôf = fm x highest needed sideband x 
2. From Bessel functions (Figure 8.7 ), a modulation index of 5 requires 
the 6th order sideband to be transmitted (M + 1). Therefore: 


Of = fmx6Ox2=3x6x 2 = 36kHz 


For specific values of M the carrier of an FM wave disappears. 
The successive disappearances and the modulation index are given 
in Table 8.2. 


tst order 4th order 


2nd order 
\ 3rd order S ordek 7th order 


Amplitude relative to unmodulated carrier amplitude 


Modulation index (or deviation ratio) 


Figure 8.7 Amplitudes of components of FM wave with variation of modulation index 
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Table 8.2 Successive disappearances and 
modulation index 


Order of disappearance Modulation index M 


2.40 

5.52 

8.65 
11.79 
14.93 
18.07 
n(n > 6) 18.07 + x(n — 6) 


OoahwhHN — 


Systems where the modulation index exceeds 2/2 are considered 
to be wide band FM (WBFM), those with a modulation index lower 
than 1/2, narrow band FM (NBFM). The bandwidth of an NBFM 
signal is 2 fmmax)- 

Pressure on spectrum necessitates narrower channel spacings for 
communications and, at VHF, 12.5 kHz is normal with +2.5 kHz as the 
maximum permitted deviation. Lower standards of performance with 
a restricted modulation index and a highest modulating frequency of 
3 kHz have had to be accepted. 

For transmitters used on 12.5kHz channel spaced systems the 
highest modulating frequency is, in practical terms, 2700 Hz because 
the specification requires the frequency response to fall above 2.55 kHz. 

The modulation index on such systems, assuming a highest 
modulating frequency of 3kHz, is 2.5/3 = 0.8333 (<x/2 and so 
system is NBFM) and the amplitude of the 2nd order sideband 
is <10% of carrier amplitude (Figure 8.7), so the bandwidth = 
2 mas = 6kHz. 


8.3.5 Phase modulation 


The end result of phase modulation is frequency modulation, but the 
method of achieving it and the definition of the modulation index 
is different. Phase modulation is used in VHF and UHF transmitters 
where the carrier frequency is generated directly by a crystal oscillator. 
The frequency of a crystal oscillator can be varied by only a few 
radians but if the oscillator frequency is multiplied to produce the final 
carrier frequency the phase variation is also multiplied to produce a 
frequency deviation. 

In frequency modulation deviation is proportional to the 
modulating voltage, but in phase modulation the frequency deviation 
1s proportional to both the modulating voltage and frequency. 
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The phase modulation, @g radians, equals the modulation index so, 
for phase modulation, the modulation index is ¢g = 04/00. 

Phase modulation has, therefore, a frequency response for the 
deviation that rises at 6dB per octave of the modulating frequency. 
The flat frequency response of FM can be produced on a phase 
modulated transmitter by installing a filter with a response falling 
at 6dB per octave in the audio amplifier, and the rising response of 
PM can be produced in an FM transmitter with a rising response filter. 


8.3.6 Pre- and de-emphasis 


Phase modulation, and FM modified to give a rising frequency re- 
sponse (pre-emphasis), offer an improved signal-to-noise ratio in the 
receiver. The +6 dB per octave response produced in the transmitter is 
restored to a flat response in the receiver by a —6dB per octave filter 
in the audio circuitry which reduces both the enhanced levels of the 
higher speech frequencies and the high frequency noise (de-emphasis). 


8.3.7 Merits of amplitude and frequency modulation 


The advantages and disadvantages of AM and FM are given in 
Table 8.3. 


Table 8.3 Advantages and disadvantages of AM and FM 


Advantages Disadvantages 
AM Simple modulators and Susceptible to man-made noise 
de-modulators 
Narrower bandwidth than Audio strength falls with 
wide-band FM decreasing RF signal strength 


Inefficient power usage 

Limited dynamic range 

Transmitter output power not 
easily adjusted 


FM Less susceptible to noise Wider bandwidth 
Constant audio level to almost the 
end of radio range 
Capture effect in receiver Capture effect may be 
undesirable, e.g. aviation 
communications 


More power-efficient 
Transmitter output power easily 
adjustable 


8.3.8 Stereo FM radio 


An important advantage of FM over AM radio broadcasting is 
the availability of stereo sound. This requires the transmission and 
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reception of the left and right audio signals, to produce a stereo 
image. However, the introduction of stereo had to be achieved while 
still catering for large numbers of listeners who wanted to continue 
receiving in mono. The introduction of stereo FM radio had to go 
unnoticed by anyone using old mono radios. Without this condition, 
a simpler method could have been chosen. 

The standard FM stereo system used by broadcasters around the 
world is illustrated in the block diagram of Figure 8.8. It uses fre- 
quency division multiplexing (FDM) to combine the two signals of 
the left and right channels. The signals are filtered to limit the band- 
width to 15 kHz. The left (L) and right (R) signals are then added to 
produce a sum signal and subtracted one from the other to produce a 
difference signal. 


Stereo FM system diagram 


Lowpass 
filter 
Lowpass 
filter 


Stereo FM spectrum 
19 kHz 38 kHz 


To FM 
modulator 


19 kHz 
pilot tone 


Frequency 


0 15 kHz 23 kHz 53 kHz 
Figure 8.8 FM stereo transmitter 


The sum signal provides a monophonic signal, which provides a 
baseband signal for the frequency modulator. This was the technique 
used in mono FM and thus was the obvious choice for stereo FM, 
to allow backward compatibility. An mono FM radio can receive this 
signal and recover the combined L and R channels, thereby satisfying 
the requirement for providing unchanged service to mono radios. 

The difference signal is used to amplitude modulate a 38kHz 
sinewave. By utilizing a balanced mixer, double sideband suppressed 
carrier (DSBSC) is generated. However, the modulation method must 
take into account the ease of demodulation. In particular, demodulat- 
ing a DSBSC signal can be difficult. Both frequency and phase of the 
carrier are needed to perform faithful demodulation. 
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In the stereo system the DSBSC demodulation problem is dealt 
with by including a 19kHz pilot tone in the broadcast. This tone is 
generated by a divide-by-two frequency converter circuit, which takes 
the 38 kHz carrier and produces the 19 kHz pilot tone. The 19 kHz pilot 
tone falls midway in the spectral region between the mono sum signal 
(up to 15kHz) and below the DSBSC difference signal information. 
The DSBSC signal extends from 23 kHz to 53 kHz, since the input 
modulating signals are band limited to 15kHz. The DSBSC output is 
added to the baseband (L and R sum) signal and the 19 kHz pilot tone 
before being sent to the FM modulator. 

A mono FM receiver ignores the stereo information by using a 
filter after its FM demodulator to block everything above 15 kHz. It 
passes the combined L and R channel signal, which is monophonic. 

A stereo receiver has an additional circuit after the FM demodu- 
lator to detect and demodulate the DSBSC signal. The stereo receiver 
detects a 19 kHz pilot tone and uses this to generate a 38 kHz signal. 
This is then used to demodulate the DSBSC signal that carries the 
L and R channel difference information. The stereo receiver then has 
both the sum and difference signals, which is all that is needed to 
recreate the separate left and right signals. Separation is achieved by 
adding and subtracting sum and difference signals. 

The noise power spectral density of a demodulated FM signal 
tends to increase with the square of the modulation frequency. This 
is why pre-emphasis is used to boost the high frequency baseband 
signals for maintaining the signal-to-noise ratio of the transmitted sig- 
nal. However, this means that there will be more noise in the 23 kHz 
to 53 kHz band used for the difference signal than for the 0-15 kHz 
band used for the sum signal. Consequently a significantly higher 
input signal level is required to receive a stereo transmission com- 
pared with a mono signal for the same output signal-to-noise ratio. 
Thus stereo reception requires far higher radio signal levels than for 
mono reception and is more susceptible to interference from other 
radio sources. 


8.4 Digital modulation 
8.4.1 Data processing 
Filtering 


A data pulse with a sharp rise- and fall-time produces harmonic 
frequencies and requires a wide bandwidth if it is to maintain its 


oscilloscope attached to the circuit. 
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The input signal is represented by the upper 
sine wave, as shown in Figure 6.23 , and the 
output signal is represented by the lower sine 
wave. Reading the number of divisions for the 
peak-to-peak output sine wave and 

multiplying it by the corresponding VOLTS/DIV 
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Figure 6.23 
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shape during transmission. Consequently, to transmit the data over a 
limited bandwidth the pulses must be shaped to reduce the harmonic 
content as much as possible without impairing the intelligibility of the 
signal. This is accomplished by the use of low-pass (Gaussian) filters 
of which the result is a string of smoother pulses, often referred to 
as ‘tamed’ (Figure 8.9(b)). Tamed FM permits high data rates within 
a limited channel bandwidth whilst maintaining acceptable adjacent 
channel interference levels. 


1 0 0O 1 O 1 1 0 


E Y L 


(a) Unprocessed ‘raw’ data 


MÍAS L 


(b) Filtered ‘tamed’ data 
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(c) Manchester encoded, ‘tamed’ data 
Figure 8.9 Data processing 


Manchester encoding 


A serious problem with the transmission of binary data is that unless 
the clocks in the transmitter and receiver are synchronous the digits 
become confused, particularly where a continuous string of Is or Os 
occurs. Manchester encoding makes Is change state from 1 to 0, and 
Os from O to 1 during each digit period (Figure 8.9(c)), facilitating 
the synchronization of the clocks and rendering the digits more easily 
recognizable. 


Gray coding 


For binary data the number of signalling levels is not restricted to two 
(mark and space). Multi-level signalling has the advantage that one 
signalling element carries the information for more than one informa- 
tion bit, thus reducing the bandwidth requirement. 

If the number of levels is increased to m, where m = 2” (i.e. n = 
log, m), the m-level data symbol is represented by n binary digits of O 
or 1 (see quaternary phase shift keying, Section 8.4.5). For example, 
in a quaternary data signal, m = 4 = 2° giving the binary sequences 
00, 01, 10, 11 for each signalling level. This process is Gray coding 
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where there is only one digit difference for each transition between 
adjacent levels. The number of levels is not restricted to four and 16 
level quadrature amplitude modulation (QAM), where n = 4, is an 
efficient system. 

In a Gray coded signal where each element contains n bits (n = 
log, m) and the signalling element rate is B bauds (elements per sec- 
ond), the transmission rate is B log, m bits per second. 


8.4.2 On/off and amplitude shift keying 
On/off keying 


The earliest modulation method. A continuous radio frequency wave 
(CW) is interrupted in a recognizable pattern (Morse code). To provide 
audibility the carrier is heterodyned with a beat frequency oscilla- 
tor (BFO) in the receiver. The use of a modulated continuous wave 
(MCW) eliminates the need for a BFO but the bandwidth of the signal 
is increased. The problem with on/off keying is the lack of a refer- 
ence level. If the signal strength temporarily falls below the sensitivity 
threshold of the receiver it appears to the operator as a series of spaces. 


Binary amplitude shift keying (ASK or BASK) 


This shifts the level of an audio frequency subcarrier which then mod- 
ulates a radio frequency carrier. 

Because the level of a subcarrier is changed, AM sidebands are 
produced. Also, because the keyed waveform is non-sinusoidal har- 
monics occur. The occupied sub-carrier bandwidth for ASK 1s: 


Bandwidth = 2B 


where B = bit repetition rate (bits/second). 
When the RF carrier is modulated its bandwidth is 2(f. + B) 
where f. = subcarrier frequency. 


8.4.3 Frequency shift keying (FSK) 


Although used for conveying digital information, frequency shift key- 
ing in reality employs frequency modulation. In its original form, 
developed for HF transmission, FSK changes the carrier frequency to 
indicate a 1 or a O but retains the nominal carrier frequency as a refer- 
ence and to represent a mark. A downwards shift of carrier frequency 
by 170 Hz represents a space in the HF radio system. 
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Table 8.4 Standard ITU-T frequencies for various 


bit rates 

Bit rate Frequencies Subcarrier 
(bps) 0 1 frequency 
600 1700 1300 1500 
1200 2100 1300 1700 
up to 300 1180 980 1080 


1850 1650 1750 


Modern FSK uses two different modulation frequencies to repre- 
sent 1s and Os. If intersymbol interference (ISI) is to be avoided the 
separation of the tones must be more than half the bit rate, and a factor 
of 0.7 is often used. Standard ITU-T frequencies for various bit rates 
are given in Table 8.4. 

The base bandwidth requirement is: 


Bandwidth = f — fi + 2B 
The bandwidth of a modulated carrier 1s: 
RF bandwidth = 2( f2 + B)(narrow band FM) 


Minimum shift keying (MSK) is a form of FSK where the frequency 
deviation is equal to half the bit rate. 


Gaussian minimum phase shift keying (GMSK) 


Similar to MSK, the Gaussian filters improve the adjacent channel 
performance against a small cost (approximately 1%) in ISI while 
achieving high data transmission rates. 


8.4.4 Fast frequency shift keying (FF SK) 


Fast frequency shift keying may either amplitude or frequency mod- 
ulate the carrier. In binary FFSK, the data is changed in a modem to 
tones of 1800 Hz to represent binary 0 and 1200 Hz to represent binary 
1. During transmission a binary 1 consists of 1 cycle of 1200 Hz, fi, 
and a 0, 13 cycles of 1800 Hz, fo, 1.e. a bit rate of 1200 bps. For 
acceptable intersymbol interference the distance between the tones 
cannot be less than half the bit rate and the 600 Hz separation in FFSK 
represents the fastest signalling speed — hence the description — and 
minimum bandwidth. For this reason it is sometimes called minimum 
frequency shift keying (MFSK). The base bandwidth is the same as 
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for FSK, but the RF bandwidth depends upon the system deviation. 
For example, on a 12.5 kHz channel spaced system carrying FFSK 
and complying with Radiocommunications Agency Code of Practice 
MPT 1317, deviation = 60% of system deviation = 1.5 kHz: 


fı = 1200 Hz 
fo = 1800 Hz 
B = 1200 bps 


fmax = fo + B = 3 kHz and the mod. index m = max. dev. / fmax < 
T /2 so the system is NBFM and the bandwidth = 2( f2 + B) = 6 kHz. 

Where more data states than binary are to be transmitted, multistate 
FSK (M-ary FSK) is also possible where M may be up to 32 states. 

Both FFSK and M-ary FSK are well suited to radio transmission 
as the change of state occurs while the signals are passing through 
zero, avoiding sudden phase changes (Figure 8. 10(a)). 

The minimum distance between the tones used in FFSK of 0.5 times 
the bit rate is not ideal for immunity to intersymbol interference (ISI). 


Logic O three half cycles 1800 Hz 
Logic 1 two half cycles 1200 Hz 


1200 Hz 1800 Hz 1200 Hz 


1/1200 s | 1/1200 s 1/1200 s 


(a) FFSK modulation 


1 0 1 1 0 0 0 1 
we AA 
baseband 
signal 


sox IIA 
FUI VO + 


(b) PSK modulation 
Figure 8.10 FFSK and PSK 
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A separation of 0.7 times the bit rate would improve the ISI but increase 
the bandwidth. 


8.4.5 Phase shift keying 


There are several variants of phase shift keying. Binary phase shift 
keying (BPSK or PSK) changes the phase of the carrier by 180° at the 
zero crossing point (Figure 8.10(b)). No carrier frequency is present 
with PSK as half the time the carrier is multiplied by +1 and the other 
half by —1 and cancels out, but the reference phase of the carrier must 
be re-inserted at the receiver. The bandwidths occupied are the same 
as for ASK, L.e.: 


Baseband = 2B 
RF bandwidth (AM or NBFM) = 2( fe + B) 


Differential phase shift keying (DPSK) advances the phase 90° or 270° 
at each change of logic state (Figure 8.11). Changing phase only at a 


Data | Phase change 
0 +90° 
1 +270° 


(a) DPSK modulation 
+45° +135° +225° +315° 


| l | 
I y i 


Dibit | Phase change 


(b) QPSK modulation 
Figure 8.11 DPSK and QPSK 
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change of logic state saves bandwidth which, for DPSK, is equal to 
the bit rate. 

An important advantage of both FFSK and PSK over FSK is that 
because the moment of change is predefined it is possible to recover 
data more accurately. However, the transition between signalling states 
is not smooth requiring large and rapid phase shifts. Multilevel systems 
with less phase shift between elements are preferable. 

Quaternary, or quadrature, phase shift keying (QPSK) is a four- 
level Gray-coded signalling method with 90° phase shift between 
adjacent signalling elements (Figure 8.11(b)). If the signal is con- 
sidered as a vector the points at 2/4 (45°), 37/4 (135°), 57/4 (225°) 
and 77/4 (315°) represent the transition points between states and the 
binary data. 


8.5 Spread spectrum transmission 


The spread spectrum technique spreads the carrier containing the 
information over a very wide bandwidth, typically 1.25 MHz, using 
pseudo-noise generation techniques as described in Chapter 12. The 
transmitter uses what is in effect a digital key to spread the bandwidth 
and the receiver is equipped with an identical key for despreading. A 
number of users with different keys can occupy the same band at the 
same time. The system operates well in poor signal-to-noise or high 
interference environments. 

A continuous wave (CW) transmission concentrates all the radiated 
energy on a single frequency (Figure 8.12 ). Amplitude modulation and 
narrow band FM widen the radiated bandwidth, reducing the energy at 
the carrier frequency and per kHz. Wide band FM carries the process 
a stage further until with spread spectrum the band width is increased 
to the extent that the signal almost disappears into the noise floor. 

Spreading of the bandwidth is achieved by multiplying the digi- 
tally modulated signal by a spreading code at a much higher bit rate 
(100-1000 times the signal bit rate). This is done by combining the 
signal with the output of a random code generator running at 2 or 3 
orders of magnitude faster than the binary signal rate. Figure 8.13 is 
a block diagram of a spread spectrum system. A clock running at the 
spreading rate R. is used to drive both the spreading generator and, 
after frequency division, the data encoder. The carrier is first BPSK 
modulated by the encoded data and then in a balanced modulator (the 
spreading correlator) by the high rate code from the spreading genera- 
tor. The resultant transmitted bits are referred to as chips to distinguish 
them from data bits. In the receiver, the clock pulses Re are recovered 
and used to drive both the despreading generator and decoder. 
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Figure 8.12 Comparative energy dispersal 
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Figure 8.13 CDMA (spread spectrum) system 
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Many users can be accommodated by allocating each a unique 
spreading code. It is common to use a pseudo-noise (PN) generator to 
multiply the bit rate and then to modulate the carrier with either FSK 
or PSK. 

Although spread spectrum is a digital system, in quality of signal 
there are similarities with analogue: 


Analogue Digital 
Signal/noise ratio Energy per bit, E,/No 
Intelligibility, signal/ Bit error rate 


noise + distortion 
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9 Frequency planning 


9.1 International and regional planning 


The International Telecommunications Union (ITU) administers the 
planning and regulation of the radio frequency spectrum on a world- 
wide basis through the World Administrative Radio Conferences. 

For planning purposes the world is divided into three regions as 
shown in Figure 9.1. The boundaries are formed by geographical fea- 
tures suited to the purpose such as seas, high mountain ranges or 
uninhabited remote areas. 


180° 160° 140° 120°100° 80° 60° 40° 20°0°20° 40° 60° 80° 100° 120° 140° 160° 180° 160° 
PE 3 ; NE TA 
75° F] Region 2 


60° 
Figure 9.1 ITU defined regions. For purposes of international allocations of fre- 
quencies the world has been divided into three regions 


The World Administrative Radio Conferences decide the use of 
blocks of the spectrum, e.g. sound broadcasting, television, marine 
communications, and the countries permitted to use the blocks for 
those allotted purposes. 


9.2 National planning 


Having been allocated blocks of frequencies for a particular type of 
use, the administration of each country determines the method of allo- 
cating frequency bands from each block to the user categories within 
their country. Every country has a radio regulatory department within 
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its administration. In the UK this is the Radiocommunications Agency 
of the Department of Trade and Industry. 


9.2.1 The role of the Radiocommunications Agency 


The aims of the Radiocommunications Agency in the UK, and, in 
general, the radio regulatory bodies of other countries are: 


1. To ensure that the radio frequency spectrum is used in ways which 
maximize its contribution to national social and economic welfare, 
having regard to safety of life factors. 

2. To make the maximum amount of spectrum available for commer- 
cial use. 

3. To provide an expert service to government as a whole in the field 
of radio regulation. 


The first stage of national planning is the assignment of the radio 
frequencies (channels) within a geographic area. Both the allocation of 
the blocks to users and the geographic assignment of channels if not 
wisely carried out can result in spectrum pollution — intermodulation 
products are one source (see Chapter 19) — and unacceptable interfer- 
ence between services and users. The incorrect allocation of blocks 
may not only cause interference in the home country but, even at VHF 
and UHF, between adjacent countries. Incorrect assignment of chan- 
nels causes a more local problem but, depending on the frequencies 
involved, the undesirable effects can spread over a wide area. 

The second stage of national planning is the assignment of discrete 
channels for use on multi-user sites where the selection of incom- 
patible frequencies causes interference, receiver de-sensitization and, 
possibly, blocking, and intermodulation products. 

Not all channels are allocated directly by the regulatory body. 
Blocks of channels, usually comprised of two frequencies, may be 
issued to responsible user organizations: the Home Office for the police 
and fire services is an example. These organizations then become 
responsible for the frequency planning and allocation within their user 
group. 

Additional to the allocation of frequencies, the Radiocommunica- 
tions Agency through the licensing procedure regulates the use of base 
station sites, the maximum transmitter power, and antenna directivity 
for each service. It also prepares and publishes technical specifications 
with which all equipment must comply. A list of the current speci- 
fications, of which single copies can be obtained, is available from 


2 divisions 
peak-to-peak 


4.5 divisions 
peak-to-peak 


As you change fin adjustments in the 
TIME/DIV control, the VOLTS/DIV and vertical 
POSITION controls for channel 1 may be 
needed. The controls shown in Figure 6.24 
are adjusted to measure V out when fin = 
20 kHz. 

Figure 6.24 
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The Information and Library Service, Radiocommunications Agency, 
Wyndham House, 189 Marsh Wall, London E14 9SX. 

The Radio Investigation Service (RIS) is the branch of the Agency 
which, in addition to investigating interference, inspects all radio 
installations prior to commissioning and, 1f in order, issues an inspec- 
tion certificate. No station is permitted to operate without a certificate 
and may not be modified subsequent to the issue of the certificate. 

Current policy throughout Europe is leading towards the de-regula- 
tion of radio communications while safeguarding the protection from 
interference. Allocation of frequencies by pricing is also under con- 
sideration on the basis that a scarce resource, the spectrum, will be 
allocated to the users having the greatest need. 


9.3 Designations of radio emissions 


Radio emissions should be expressed in a three-symbol code form, 
which defines the exact nature of carrier, signal and transmitted infor- 
mation. The first symbol defines the carrier, the second symbol defines 
the signal, and the third symbol defines the information. 


First symbol 


Double-sideband amplitude-modulated 

Independent sideband amplitude-modulated 

Vestigial sideband amplitude-modulated 

Amplitude- and angle-modulated simultaneously, or in a 
predefined sequence 

Frequency modulated 

Phase modulated 

Single-sideband, full carrier 

Single-sideband, suppressed carrier 

Amplitude-modulated pulse sequence 

Width-modulated pulse sequence 

Position phase modulated pulse sequence 

Unmodulated carrier 

Unmodulated pulse sequence 

Pulse sequence in which carrier is angle-modulated during 
the pulse period 

Single-sideband, reduced or variable level carrier 

Pulse sequence with a combination of carrier modulations, 
or produced by other means 

Carrier is modulated by two or more of angle, amplitude, 
and pulse modes, simultaneously or in a defined sequence 

Other cases 


Jaw 


A AA SAA 
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Second symbol 


No modulating signal 

Digital signal without modulating sub-carrier 

Digital signal with modulating sub-carrier 

Analogue signal 

Two or more channels with digital signals 

Two or more channels with analogue signals 

Composite system with one or more channels of digital 
signals and one or more channels of analogue signals 

X Other cases 


Third symbol 


VO UVR o 


No information transmitted 
Combination of any of the above 
Other cases 


A Aural telegraph 

B Automatic telegraph 

C Facsimile 

D Data 

E Telephony (and sound broadcasting) 
F Television 

N 

W 

X 


9.4 Bandwidth and frequency designations 


A four symbol code should be used to express bandwidth and fre- 
quency to three significant figures. A letter to denote the unit of 
frequency is placed in the position of the decimal point, where the 
letters and bandwidths are: 


Letter Bandwidth 

H Below 1000 Hz 

K Between 1 and 999 kHz 
M Between 1 and 999 MHz 
G Between 1 and 999 GHz 


So, a frequency of 120 Hz is 120H, while a frequency of 12 Hz is 
12HO0 etc. 


9.5 General frequency allocations 


VLF, LF, MF (frequency in kHz) 


10.0 140.5 Fixed; maritime; navigation 
140.5 283.5 Broadcast 
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255.0 526.5 Radio navigation; fixed 

526.0 1606.5 Broadcast 
1606.5 1800.0 Maritime and land mobile; fixed 
1810.0 1850.0 Amateur (shared in UK) 


1850 2000 Amateur 
1850 2045 Fixed; mobile 
2045 2173.5 Maritime mobile; fixed 
2160 2170 Radiolocation 
2173.5 2190.5 Mobile 
2190.5 2194 Maritime 
2194 2625 Fixed; mobile 
2300 2498 Broadcast 
2625 2650 Maritime mobile 
2650 2850 Fixed; mobile 
2850 3155 Aero mobile 
HF (frequency in kHz) 
3155 3400 Fixed; mobile 
3200 3400 Broadcast 
3400 3500 Aero mobile 
3500 3800 Amateur, fixed; mobile 
3800 4000 Amateur (region 2 only) 
3800 3900 Fixed; mobile 
3800 3950 Aero mobile 
3950 4000 Fixed; broadcast 
4000 4063 Fixed; maritime mobile 
4063 4438 Maritime mobile 
4438 4650 Fixed; mobile 
4650 4750 Aero mobile 
4750 5060 Fixed; mobile; broadcast 
5060 5480 Fixed; mobile 
5450 5730 Aero mobile 
5730 5950 Fixed; mobile 
5950 6200 Broadcast 
6200 6525 Maritime mobile 
6525 6765 Aero mobile 
6765 7000 Fixed; mobile 
7000 7100 Amateur 
7100 7300 Amateur (region 2 only) 
7100 7300 Broadcast (regions 1 and 3) 
7300 8195 Fixed 
8100 8815 Maritime mobile 


8815 9040 Aero mobile 


9040 

9500 
10000 
10 100 
10 100 
11 175 
11 400 
11 650 
12 050 
12 230 
13 200 
13 360 
13 600 
13 800 
14 000 
14350 
15000 
15 100 
15600 
16360 
17410 
17550 
17900 
18 030 
18 068 
18 168 
18 780 
18 900 
19 680 
19 800 
21 000 
21 450 
21 850 
21870 
22 000 
22855 
23 200 
23 350 
24 890 
25010 
25070 
21210 


9500 
10000 
10 100 
11 175 
10 150 
11 400 
11 650 
12 050 
12 230 
13 200 
13 360 
13 600 
13 800 
14 000 
14350 
15000 
15 100 
15600 
16360 
17410 
17550 
17900 
18 030 
18 068 
18 168 
18 780 
18 900 
19 680 
19 800 
21 000 
21 450 
21 850 
21870 
22 000 
22 855 
23 200 
23 350 
24 890 
24 990 
25070 
25210 
25550 


Fixed 

Broadcast 

Aero mobile 
Fixed 

Amateur 

Aero mobile 
Fixed 

Broadcast 

Fixed 

Maritime mobile 
Aero mobile 
Fixed 

Broadcast 

Fixed 

Amateur 

Fixed 

Aero mobile 
Broadcast 

Fixed 

Maritime mobile 
Fixed 

Broadcast 

Aero mobile 
Fixed 

Amateur 

Fixed 

Maritime mobile 
Fixed 

Maritime mobile 
Fixed 

Amateur 
Broadcast 
Fixed 

Aero mobile 
Maritime mobile 
Fixed; mobile 
Aero mobile 
Fixed; mobile 
Amateur 

Fixed; mobile 
Maritime mobile 
Fixed; mobile 


137 


138 


25 550 
25 670 
26 100 
26 175 
28 000 
29 700 


25 670 
26 100 
26 175 
28 000 
29 700 
30 000 


Radio astronomy 
Broadcast 
Maritime mobile 
Fixed; mobile 
Amateur 

Fixed; mobile 


VHF, UHF (frequencies in MHz) 


30.0 
47.0 
50.0 
50.0 
68.0 
70.0 
74.8 
1022 
87.5 
108 
118 
137 
138 
144 
146 
146 
156 
174 
220 
230 
328.6 
335.4 
400 
410 
430 
440 
470 
855 
902 
934 
1240 
1300 
1350 
1400 
1429 


50.0 
68.0 
52.0 
54.0 
74.8 
70.5 
75.2 
87.5 
108 
118 
137 
138 
144 
146 
148 
174 
174 
230 
22) 
328.6 
335.4 
400 
410 
430 
440 
470 
855 
1300 
928 
935 
1325 
1350 
1400 
1429 
1525 


Fixed; mobile 

Broadcast (TV) 

Amateur (UK) 

Amateur (regions 2 and 3) 
Fixed; mobile 

Amateur (UK) 

Aero navigation 

Fixed; mobile 

Broadcast (FM) 

Aero navigation 

Aero mobile 

Spacecraft; satellites 

Aero mobile; space research 
Amateur 

Amateur (regions 2 and 3 only) 
Fixed; mobile 

Maritime mobile 
Broadcast (TV) 

Amateur (USA) 

Fixed; mobile 

Aero navigation 

Fixed; mobile 

Space research; meteorology 
Fixed; mobile 

Amateur; radiolocation 
Fixed; mobile 

Broadcast (TV) 

Fixed; mobile 

Amateur (USA) 

Citizens band (UK) 
Amateur 

Aero navigation 

Fixed; mobile 

Space (uplink); fixed 
Fixed; mobile 


1525 
1600 
1670 
1710 
2290 
2300 
2310 
2300 
2500 
2700 
3300 
3400 
3600 
4200 
4400 
4500 
4800 
5000 
5650 
5850 
7250 
7900 
8500 
10 000 
10700 
12700 
17700 
24 000 


1600 Space (downlink) 

1670 Space (uplink) 

1710 Space (downlink) 

2290 Fixed; mobile 

2300 Space (downlink); fixed 

2450 Amateur; fixed 

2450 Amateur (UK) 

2500 Fixed; mobile 

2700 Fixed; space (downlink) 

3300 Radar 

3400 Radiolocation; amateur 

3600 Fixed; space (uplink) 

4200 Fixed; space (downlink) 

4400 Aero navigation 

4500 Fixed; mobile 

4800 Fixed; space (downlink) 

5000 Fixed; mobile 

5850 Radio navigation; radar 

5850 Amateur 

7250 Fixed; space (uplink) 

7900 Fixed; space (downlink) 

8500 Fixed; mobile; space 
10500 Radar; navigation 
10500 Amateur 
12 700 Space (downlink); fixed 
15 400 Space (uplink); fixed 
20 000 Space (up/down); fixed 
24 250 Amateur 


9.6 Classes of radio stations 


AL 
AM 
AT 
AX 
BC 
BT 
CA 
CO 
CP 
CR 
CV 


Aeronautical radionavigation land station 

Aeronautical radionavigation mobile station 

Amateur station 

Aeronautical fixed station 

Broadcasting station, sound 

Broadcasting station, television 

Cargo ship 

Station open to official correspondence exclusively 

Station open to public correspondence 

Station open to limited public correspondence 

Station open exclusively to correspondence of a private 
agency 
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140 


DR 
EA 
EB 


EC 
ED 
EE 
EF 
EG 
EH 
EJ 
EK 
EM 
EN 
EO 


EQ 


ER 
ES 
EU 
EV 


EW 
EX 
EY: 
FA 
FB 
FC 
FL 
FP 
FR 


FS 
FX 
GS 
LR 
MA 
ME 
ML 
MO 
MR 


Directive antenna provided with a reflector 

Space station in the amateur-satellite service 

Space station in the broadcasting-satellite service (sound 
broadcasting) 

Space station in the fixed-satellite service 

Space telecommand space station 

Space station in the standard frequency-satellite service 

Space station in the radiodetermination-satellite service 

Space station in the maritime mobile-satellite service 

Space research space station 

Space station in the aeronautical mobile-satellite service 

Space tracking space station 

Meteorological-satellite space station 

Radionavigation-satellite space station 

Space station in the aeronautical radionavigational-satellite 
service 

Space station in the maritime radionavigation-satellite 
service 

Space telemetering space station 

Station in the intersatellite service 

Space station in the land mobile-satellite service 

Space station in the broadcasting-satellite service 
(television) 

Space station in the earth exploration-satellite service 

Experimental station 

Space station in the time signal-satellite service 

Aeronautical station 

Base station 

Coast station 

Land station 

Port station 

Receiving station only, connected with the general network 
of telecommunication channels 

Land station established solely for the safety of life 

Fixed station 

Station on board a warship or a military or naval aircraft 

Radiolocation land station 

Aircraft station 

Space station 

Land mobile station 

Mobile station 

Radiolocation mobile station 


MS 
ND 
NL 
OD 
OE 
OT 


PA 
RA 
RC 
RD 
RG 
RM 
RT 
SM 
SS 
TA 
TB 


TE 
TD 
TE 
TF 
TG 
TH 
TI 


TJ 


TK 
TL 


TM 
TN 
TO 


TP 
TQ 


TR 
TS 
TT 
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Ship station 

Non-directional antenna 

Maritime radionavigation land station 

Oceanographic data station 

Oceanographic data interrogating station 

Station open exclusively to operational traffic of the service 
concerned 

Passenger ship 

Radio astronomy station 

Non-directional radio beacon 

Directional radio beacon 

Radio direction-finding station 

Maritime radionavigation mobile station 

Revolving radio beacon 

Meteorological aids station 

Standard frequency and time signal station 

Space operation earth station in the amateur-satellite service 

Fixed earth station in the aeronautical mobile-satellite 
service 

Earth station in the fixed-satellite service 

Space telecommand earth station 

Transmitting earth station 

Fixed earth station in the radiodetermination-satellite service 

Mobile earth station in the maritime mobile-satellite service 

Earth station in the space research service 

Earth station in the maritime mobile-satellite service at a 
specified fixed point 

Mobile earth station in the aeronautical mobile-satellite 
service 

Space tracking earth station 

Mobile earth station in the radiodetermination-satellite 
service 

Earth station in the meteorological-satellite service 

Earth station in the radionavigation-satellite service 

Mobile earth station in the aeronautical 
radionavigation-satellite service 

Receiving earth station 

Mobile earth station in the maritime 
radionavigation-satellite service 

Space telemetering earth station 

Television, sound channel 

Earth station in the space operation service 
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TU Mobile earth station in the land mobile-satellite service 

TV Television, vision channel 

TW Earth station in the earth exploration-satellite service 

TX Fixed earth station in the maritime radionavigation-satellite 
service 

TY Fixed earth station in the land mobile-satellite service 

TZ Fixed earth station in the aeronautical 
radionavigation-satellite service 


9.7 Radio wavebands 


N N 
J $ $ SS 
N Y N N SO LS 
SS $ è ES 
So g x Sy 
VLF 3 to 30kHz 100000 to 10000m  myriametric 
LF 30 to 300 kHz 10000 to 1000 m kilometric 
MF 300 to 3000 kHz 1000 to 100m hectometric 
HF 3 to 30 MHz 100 to 10m decametric 
VHF 30 to 300 MHz 10 to lm metric 
UHF 300 to 3000 MHz — 1to0.1m decimetric 
SHF 3 to 30 GHz 10 to 1 cm centimetric 
EHF 30 to 300 GHz 1 to 0.1 cm millimetric 
EHF 300 to 3000 GHz 0.1 to 0.01 cm decimillimetric 
Reference 


Pannell, W.M. (1979). Frequency Engineering in Mobile Radio Bands. Granta 
Technical Editions, Cambridge. 


10 Radio equipment 


10.1 Transmitters 


10.1.1 Transmitter functions 


The functions of all transmitters and the terminology used to describe 
them, irrespective of the modulation method, are: 


1. To generate the radio frequency carrier and amplify it to an appro- 
priate power level; the RF power output. 

2. To modulate the carrier with the intelligence to the pre-determined 
level; the modulation depth for AM, the deviation for FM or PM. 
The process must introduce the minimum noise and distortion, and 
prevent the modulation from exceeding the permitted level. 

3. Radiate the minimum signals at frequencies outside the permitted 
bandwidth. Out-of-band or spurious radiation is strictly controlled 
by the Radiocommunications Agency MPT specifications. 


10.1.2 Amplitude-modulated transmitters 


Figure 10.1 is a block diagram of an amplitude modulated transmitter; 
in this case a quartz crystal oscillator generates the carrier frequency, 
although a frequency synthesizer could equally well be used. The 
carrier frequency in an AM transmitter is usually generated either at 
the transmitted frequency or one of its subharmonics; 2nd, 3rd or 6th 
subharmonic frequencies are typical choices depending on the final 
frequency. 

The output of the oscillator is amplified to the level of the specified 
power output and if the oscillator runs at a subharmonic a frequency 
multiplier stage will be included, as in Figure 10.1, in the amplifier 
chain before the final stage, the power amplifier (PA). A tuned filter 
in the aerial circuit removes from the output unwanted frequencies 
which might cause interference with other users. A matching circuit 
correctly matches the impedance of the filter circuit to that of the 
aerial to ensure maximum power transfer. 

In the audio circuits, the speech input from the microphone is 
processed by controlling the range of frequencies it contains and lim- 
iting its amplitude. This eliminates the risk of over-modulation and 
the production of out-of-band frequencies. Over-modulation produces 
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Time/div control for 
Horizontal both channel 1 and 
position knob channel 2 


Channel 1 Channel 1 vertical Channel 2 vertical Channel 2 
volts/div control position knob position knob volts/div control 


Your values should be close to those shown 
in the following table, and the curve should 
be similar to Figure 6.25 . 

fin X C V out 

25 Hz 400 kQ 10 volts 

50 Hz 200 kQ 10 volts 

100 Hz 100 kQ 10 volts 

250 Hz 40 kQ 10 volts 

500 Hz 20 kQ 10 volts 

lkHz 10 kQ 10 volts 

3 kHz 3.3 kQ 9.4 volts 

5 kHz 2 kQ 9.1 volts 

7 kHz 1.4 kQ 8.2 volts 

10 kHz 1 kQ 7.1 volts 
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Figure 10.1 Crystal controlled AM transmitter 
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out-of-band frequencies in any transmitter, but with AM once 100% 
modulation is exceeded frequencies are produced across a wide range 
of the spectrum: a disastrous situation for other users. After processing, 
the audio is amplified in an AM transmitter to a high level and applied 
to the RF power amplifier to vary its output in the form illustrated in 
Figure 8.2. 

AM transmitters are power inefficient. The RF PA cannot operate 
in class C. It must be linear so as not to distort the speech, and 
the audio, when it is the power amplifier which is modulated, must 
be amplified to a high power. If the modulation is applied at a lower 
power level (in an early stage of the amplifier chain) all the subsequent 
amplifiers must operate in a linear, but inefficient, manner. 

The power output of an AM transmitter is normally specified in 
terms of the RMS value of the carrier power but the average and 
peak powers will depend on the depth of modulation, 100% modu- 
lation producing a peak power of twice the carrier peak power (see 
Chapter 8). 


10.1.3 Angle modulated transmitters 


Figure 10.2 is a block diagram of a frequency modulated transmitter 
using a frequency synthesizer for carrier generation. The frequency is 
generated at the final frequency and RF amplifiers raise the power level 
to that specified for the transmitter output. When a crystal oscillator 
is used for carrier generation, it must operate at a very low frequency 
because a quartz crystal oscillator can be frequency modulated by a 
few radians only. Several stages of the RF amplifier chain then operate 
as frequency multipliers. Similar filter and aerial matching circuits to 
those of an AM transmitter are necessary in the output arrangements 
of the transmitter. 

The audio processing circuitry is similar to that for AM transmit- 
ters but the modulation (deviation) is applied to a stage operating at 
a very low RF power level (directly to the VCO in a synthesizer- 
equipped transmitter and immediately following the crystal oscillator 
in a direct crystal controlled one); high power audio is not necessary. 
An additional simple circuit in an FM transmitter may be included to 
enhance the higher audio frequencies at a rate of 6 dB/octave. This is 
pre-emphasis and has the merit of improving the level of speech to 
noise at the receiver (signal-to-noise ratio). The audio level must still 
be limited because, while the effect of over-deviation is not as disas- 
trous as over-modulation in an AM transmitter, increasing deviation 
produces a steadily increasing range of frequencies, known as side- 
currents, outside the permitted bandwidth. 
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Figure 10.2 Synthesizer controlled FM transmitter 
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Angle modulated transmitters are more power efficient than ampli- 
tude modulated because the modulation is applied at a low power 
level and also, as no audio frequencies are directly present in the RF 
amplifier and PA stages, these can operate efficiently in class C. 

Phase modulated (PM) transmitters, because the phase shift with 
modulation is very small, generate the carrier at a very low frequency 
and use direct crystal control. The frequency is then multiplied many 
times, thirty-two to thirty-six is common, up to the final frequency. 
After multiplication, the phase modulation which was originally a few 
radians has effectively become frequency modulation. The phase mod- 
ulation process produces pre-emphasis inherently. As far as the user is 
concerned there is no practical difference between phase modulation 
and frequency modulation with added pre-emphasis. 


10.1.4 Transmitter specifications 


In the UK, the Radiocommunications Agency issues specifications 
with which all equipment must comply. Other countries have their 
own regulatory bodies, such as the FCC in the USA. These specifi- 
cations are concerned principally with the prevention of interference 
and obtaining the maximum use of the frequency spectrum. The char- 
acteristics defined in the MPT specifications and other features which 
affect the user, apart from the physical dimensions, are: 


Supply voltage. 

Operational frequency band. 

Modulation method. 

Channel separation. 

RF power output and impedance. Output ranges from about 0.5 W to 

5 W for hand-portables and 5 W to 25 W for mobiles. The maximum 

power permitted on a system will be specified in the Licence. Output 

impedance is commonly 50 Q. 

e Spurious emissions. The level of these is critical for the prevention 
of interference with other users on different frequencies. The limit 
for VHF and UHF is a maximum of 0.25 uW. 

e Residual noise. Not always quoted by manufacturers, it is the noise 
level existing on an unmodulated carrier. A typical figure is better 
than —40 dB referred to full deviation. 

e Audio frequency distortion. Typically <3% and usually measured 
with a modulating frequency of 1 kHz at 60% modulation. 

e Audio frequency response. This is the variation of modulation level 

over the audio frequency spectrum. Typically within +1 dB to —3 dB 

over a frequency range of 300 to 3000 Hz (2.55 kHz for 12.5 kHz 
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channel spacing equipment). It may be quoted with reference to a 
pre-emphasis curve. 

e Switching bandwidth. This is the frequency range over which the 
transmitter will operate without retuning and without degradation of 
performance. Much equipment is now specified to cover a complete 
frequency band, e.g. 146-174 MHz, without retuning. 


10.2 Receivers 


10.2.1 Receiver functions 


A receiver’s functions are: 


e Detect a weak signal; the minimum level, which may be as low as 
0.25 microvolts, defines the receiver sensitivity. 

e Amplify a received signal and maintain the information contained 
in a minimum strength signal at a minimum of 12dB above the 
electrical noise level (signal-to-noise ratio). If the audio distortion 
produced in the receiver is also taken into account the above figure 
becomes the signal-to-noise + distortion (Sinad) ratio. As the signal 
is increased, the ultimate Sinad should attain 50 to 55 dB. 

e Separate the wanted signal from any unwanted ones which may 
be very close in frequency (the adjacent channel may be 12.5 kHz 
away at UHF); the selectivity. 

e Recover the information from the carrier; demodulation. 

e Amplify the audio information to a level suitable for operating a 
loudspeaker; the audio power output. The audio amplification must 
introduce the minimum distortion. 

e Disenable the audio amplifiers in the absence of signal to cut out 
the electrical noise. This is done by the mute or squelch circuit. 


10.2.2 Types of receiver 


It is possible to amplify directly the incoming RF signal to a level suit- 
able for demodulation. This is done in a tuned radio frequency (TRF) 
receiver, but these are seldom used today because of the problems 
of obtaining sufficient selectivity and gain at one radio frequency, 
and the difficulty of retuning a number of RF stages to change fre- 
quency. Almost all receivers designed for analogue communications 
now operate on the superheterodyne principle where the incoming 
radio frequency is converted to a lower, more manageable, interme- 
diate frequency (IF). The fixed IF means that only the oscillator and, 
possibly, one RF amplifier stage need retuning for a change of channel. 
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The lower frequency of the IF facilitates the acquisition of adequate 
gain with stability and selectivity. 

There is little difference in the layout of receivers for AM and FM 
except that the circuits perform their functions differently. Figure 10.3 
is a block diagram of a typical FM receiver with a crystal controlled 
local oscillator. 

When two frequencies are applied to a non-linear circuit such as 
the mixer, they combine to produce other frequencies, their sum and 
difference being the strongest. The superheterodyne mixes a locally 
generated frequency with the received signal to produce a, usually 
lower, frequency retaining the modulation of the received signal. Com- 
monly used values for this intermediate frequency (IF) are 465 kHz 
for MF and HF receivers and 10.7 MHz for VHF and UHF. At these 
fixed frequencies the necessary high amplification with low noise and 
stability and the required selectivity are easier to obtain. The local 
oscillator (injection) frequency = signal frequency + IF frequency. 

Superheterodyne receivers are susceptible to a particular form of 
interference. Assume a local oscillator frequency of 149.3 MHz is 
mixed with a wanted signal of 160 MHz to produce the IF frequency 
of 10.7 MHz. A signal of 138.6 MHz would also combine with the 
local oscillator to produce 10.7 MHz. The frequency of this spurious 
response is the image, or second channel frequency. The IF ampli- 
fier cannot discriminate against it so some degree of selectivity must 
also be provided in the RF amplifier and input circuitry. Intermedi- 
ate frequencies are chosen which are a compromise between ease 
of obtaining adjacent channel discrimination and image frequency 
rejection. 

The IF amplifier contains a block filter, either crystal or ceramic 
(see Figure 7.7), necessary to discriminate between channels adjacent 
in frequency. The design of the filter is crucial. It must be wide enough 
to accommodate the band of frequencies present in the modulation plus 
an allowance for frequency drift and its response over this band must 
be uniform with minimal ripple, particularly if data is to be received, 
yet its response must be of the order of —100dB at the frequency of 
the adjacent channel. 

Apart from the demodulator the main difference between AM and 
FM receivers lies in the operation of the IF amplifier. The IF stages 
in an AM receiver are linear, although their gain is variable. Part of 
the IF amplifier output is rectified and used to control the gain to 
provide automatic gain control (AGC). An increase of signal above a 
predetermined level, with delayed AGC, causes a reduction in IF gain 
maintaining a sensibly constant audio output level. 
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Figure 10.3 FM single superheterodyne receiver 
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The IF amplifier in a FM receiver possesses a very high gain, 
some 100dB, and is non-linear. On receipt of a signal, or even with 
only the receiver noise, 1t runs into limitation, cutting off both positive 
and negative peaks of the signal or noise. This gives FM its constant 
level audio output over a wide range of signal levels. It also produces 
the capture effect where a strong signal, fully limiting, completely 
removes a weaker signal. A signal difference of some 6 dB is required 
to provide effective capture. 

Most receivers employ only one change of frequency, single super- 
heterodynes, but double superheterodynes are occasionally used at 
VHF and above. A double superheterodyne changes the frequency 
twice, perhaps to 10.7 MHz for the first IF and then, using a fixed 
frequency crystal second local oscillator, to a lower, often 1.2 MHz 
or thereabouts, second IF. The result is greater gain and selectivity 
but the incorporation of a second oscillator and mixer increases the 
number of possible spurious responses. 

A variation of a very old receiver circuit, the Autodyne, forgotten 
in about 1914, is now finding favour in receivers for digitally modu- 
lated signals. Under its new names of Homodyne or zero-IF receiver it 
lends itself to the purpose. In this type of receiver the local oscillator 
runs at the same frequency as the incoming signal, hence the zero-IF. 
Frequency or phase shifts of the incoming signal representing the data 
emerge from the mixer at base band and are applied directly to the 
processing circuits. 

In a communications receiver the noise generated in the aerial and 
RF stages in the absence of a signal is amplified to what may be, 
when demodulated, an unacceptable level. To eliminate the annoy- 
ance the loudspeaker is switched off during no-signal periods by a 
squelch or mute circuit. The mute circuit rectifies the high frequency 
noise at the demodulator and uses it to switch off the audio ampli- 
fier. When a signal is received the limiting action of the IF amplifier 
of an FM receiver depresses the noise in favour of the signal. Some 
AM mobile receivers use additional FM circuitry to provide improved 
mute action. 


10.2.3 Noise figure 


An ideal receiver would generate no noise and the signal-to-noise ratio, 
in a receiver of given bandwidth, would be determined by the level of 
the signal at the base of the antenna compared with the noise produced 
in the antenna. The noise factor of the ideal receiver is the number 
of times the signal power must exceed the antenna noise power to 
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produce a 1:1 ratio at the receiver. It is given by (see Section 1.5.1): 


2 
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When the receiver input impedance is matched to the antenna 
impedance, half the power is dissipated in the antenna and the noise 
factor is 2 (3 dB). In a practical receiver, the noise generated in the 
RF amplifier is the most significant, and the noise figure is the sum of 
the RF amplifier noise plus all the preceding losses. Figures between 
4 and 6 dB are common and the higher the noise figure, the worse the 
receiver sensitivity. 


Signal-to-noise ratio (SNR, S/N or Syn) 


Receivers are evaluated for quality on the basis of signal-to-noise ratio 
(S/N or ‘SNR’), sometimes denoted Sy. The goal of the designer is 
to enhance the SNR as much as possible. Ultimately, the minimum 
signal level detectable at the output of an amplifier or radio receiver 
is that level which appears just above the noise floor level. Therefore, 
the lower the system noise floor, the smaller the minimum allowable 
signal. 


Noise factor, noise figure and noise temperature 


The noise performance of a receiver or amplifier can be defined in 
three different, but related, ways: noise factor (Fy), noise figure (NF) 
and equivalent noise temperature (Tg); these properties are definable 
as a simple ratio, decibel ratio or Kelvin temperature, respectively. 


Noise factor (Fx). For components such as resistors, the noise factor 
is the ratio of the noise produced by a real resistor to the simple 
thermal noise of an ideal resistor. 

The noise factor of a radio receiver (or any system) is the ratio of 
output noise power (Pyo) to input noise power (Pyr): 


Pyi | T=290/K 


In order to make comparisons easier the noise factor is usually mea- 
sured at the standard temperature (T ) of 290K (standardized room 
temperature); although in some countries 299 K or 300 K are commonly 
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used (the differences are negligible). It is also possible to define noise 
factor Fy in terms of the output and input signal-to-noise ratios: 


S 
Fy = NM 


Sno 


where 
Snr is the input signal-to-noise ratio 
Sno is the output signal-to-noise ratio 


Noise figure (NF). The noise figure is the frequency used to measure 
the receiver’s ‘goodness’, 1.e. its departure from ‘idealness’. Thus, it 
is a figure of merit. The noise figure is the noise factor converted to 
decibel notation: 

NF = 10 log(Fy) 


where 

NF is the noise figure in decibels (dB) 

Fy is the noise factor 

log refers to the system of base-10 logarithms 


Noise temperature (Tę). The noise ‘temperature’ is a means for 
specifying noise in terms of an equivalent temperature. That is, the 
noise level that would be produced by a resistor at that temperature 
(expressed in degrees Kelvin). Evaluating the noise equations shows 
that the noise power is directly proportional to temperature in degrees 
Kelvin, and also that noise power collapses to zero at the temperature 
of Absolute Zero (0 K). 

Note that the equivalent noise temperature T, is not the physical 
temperature of the amplifier, but rather a theoretical construct that is 
an equivalent temperature that produces that amount of noise power 
in a resistor. The noise temperature is related to the noise factor by: 


Te = (Fy — DT, 


and to noise figure by 


Noise temperature is often specified for receivers and amplifiers in 
combination with, or in lieu of, the noise figure. 


20kHz 500 Q 4.5 volts 
30 kHz 330 Q 2.9 volts 
50 kHz 200 Q 2.0 volts 
100 kHz 100 Q 1 volt 
200 kHz 50 $ 0.5 volt 
500 kHz 20 20.2 volt 
1 MHz 10 $ 0.1 volt 
Figure 6.25 


Low-pass filter 
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Notice the relationship between X C and V out 


in this circuit. Low values of V out (The 
voltage drop across the capacitor in this 
circuit.) occur at frequencies for which XC is 
also low. When XC is low, more voltage is 
dropped across the resistor and less across 
the capacitor. (Remember that X C changes 
with frequency, whereas’ the value of the 
resistor stays constant.) Similarly, when XC is 
high, less voltage is dropped across the 
resistor, and more voltage is dropped across 
the capacitor, resulting in a higher V out. 
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Noise in cascade amplifiers 


A noise signal is seen by any amplifier following the noise source 
as a valid input signal. Each stage in the cascade chain amplifies 
both signals and noise from previous stages, and also contributes 
some additional noise of its own. Thus, in a cascade amplifier the 
final stage sees an input signal that consists of the original signal and 
noise amplified by each successive stage plus the noise contributed by 
earlier stages. The overall noise factor for a cascade amplifier can be 
calculated from Friis’ noise equation: 


fFy-1 Ff,-1 


Fs=F sa 
N=" GT GIGs 
sal 
Cie Gs 


where 
Fy is the overall noise factor of N stages in cascade 
Fı is the noise factor of stage-1 
Fy 1s the noise factor of stage-2 
Fy is the noise factor of the nth stage 
Gl is the gain of stage-1 
G2 is the gain of stage-2 
G,-1 is the gain of stage (n — 1). 


As you can see from Friis’ equation, the noise factor of the entire 
cascade chain is dominated by the noise contribution of the first stage 
or two. High gain, low noise radio astronomy RF amplifiers typically 
use low noise amplifier (LNA) circuits for the first stage or two in 
the cascade chain. Thus, you will find an LNA at the feedpoint of a 
satellite receiver’s dish antenna, and possibly another one at the input 
of the receiver module itself, but other amplifiers in the chain might 
be more modest (although their noise contribution cannot be ignored 
at radio astronomy signal levels). 

The matter of signal-to-noise ratio (S/N) is sometimes treated in 
different ways that each attempts to crank some reality into the pro- 
cess. The signal-plus-noise-to-noise ratio (S + N/N) is found quite 
often. As the ratios get higher, the S/N and S + N/N converge (only 
about 0.5 dB difference at ratios as little as 10 dB). Still another variant 
is the SINAD (signal-plus-noise-plus-distortion-to-noise) ratio. The 
SINAD measurement takes into account most of the factors that can 
deteriorate reception. 
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10.2.4 Signal-to-noise ratio and bandwidth 


To obtain the maximum signal-to-noise ratio the bandwidth of every 
circuit must be designed to admit its operational band of frequen- 
cies only. The wider its bandwidth the more noise a circuit admits, 
and the more the bandwidth exceeds that needed, the worse becomes 
the signal-to-noise ratio. There is a linear ratio between bandwidth 
and noise power admitted: doubling the bandwidth doubles the noise 
power. 

Improvements in local oscillator crystal frequency stability has 
resulted in improved signal-to-noise ratios by reducing the necessary 
width of the IF filter. 

Demodulation, the recovery of the audio from the IF bandwidth 
affects the signal-to-noise ratio. The relationship is complex, but con- 
sider two examples. First, for 12.5 kHz channel spacing FM: 


The audio frequency range is 300 Hz to 3000 Hz 
Bandwidth, b = 2700 Hz 
The modulation index M = Fa(max) i Fm(max) 
Signal/noise out = 3M?/2bx signal/noise in 
For a 12.5 kHz PMR channel: 

M = 2500/3000 = 0.83 

b = 2.7 kHz 

3M?°/2b = 0.38 
A 0.38 times reduction in power is —4.8dB. Demodulation in 
this case worsens the signal-to-noise ratio by some 5 dB, and if a 
signal-to-noise ratio of 12 dB is required at the loudspeaker, 17 dB 
is needed at the input to the demodulator. 


When channel separations were 25 kHz, and deviation 5 kHz, the sit- 
uation was: 


Audio frequency range, 300 Hz to 3000 Hz 
Bandwidth, b = 2700 Hz 
For a 50 kHz channel: 

M = 5000/3000 = 1.66 

b = 2.7kHz 

3M? /2b = 1.54 
A 1.54 times gain in power is +1.8dB. In this case the demod- 
ulation improved the signal-to-noise ratio slightly. Reducing the 
bandwidth would have the same effect. 


For AM, the signal-to-noise ratio is dependent on the modulation 
depth. The demodulation process reduces the signal-to-noise ratio by 
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6 dB but the recovered audio is less than the IF bandwidth by a factor 
of 3:1 which compensates for the demodulation loss. Reducing the 
modulation depth degrades the signal-to-noise ratio by 6 dB for every 
halving of the modulation depth. 


10.2.5 Receiver specifications 


The important features of receiver specifications are: 


Sensitivity. The minimum signal to which a receiver will respond. 
For an AM receiver, the generally accepted standard is the sig- 
nal (30% modulated with sinusoidal tone, either 400 Hz or 1 kHz) 
required to provide an audio output of 50 mW. For an FM receiver, 
the standard is the unmodulated signal required to produce a 20 dB 
reduction in noise. A typical figure is 0.234 V (p.d.) for 20dB 
quieting. However, sensitivity 1s often quoted in terms of either 
the signal-to-noise ratio or Sinad so, in modern parlance, sensi- 
tivity and signal-to-noise ratio are sometimes considered to be 
synonymous. 

Signal-to-noise ratio (may be quoted as Sinad, signal-to-noise and 
distortion). Typically 0.3 uV (p.d.) for 12dB Sinad. 


e Spurious response attenuation. Typically better than 80 dB. 
e Adjacent channel selectivity. Better than 65 dB at 12.5 kHz channel 


spacing. 

Cross modulation. The modulation, in the receiver, of a wanted 
signal by a stronger, unwanted signal. It is usually caused by non- 
linearity in the receiver RF stages. 

Blocking and de-sensitization. The reduction in sensitivity of a 
receiver due to overloading of the RF stages when a strong sig- 
nal is applied. A blocked receiver may take an appreciable time to 
recover. 

Audio frequency response. Typically within +1dB to —3dB of a 
6 dB/octave de-emphasis curve from 300 Hz to 3000 Hz (2.55 kHz 
for 12.5 kHz channel spacing, above which the response falls more 
rapidly). 

Audio output. Typically 3—4 W. For hand-portables, 100-500 mW. 
(Distortion may also be quoted, typically better than 5%.) 
Switching bandwidth. As for transmitter. 

Duplex separation. For a receiver/transmitter combination, the min- 
imum separation between the receiving and transmitting frequencies 
which will permit duplex operation with minimal degradation of the 
receiver performance. 
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10.3 Programmable equipment 


The current trend is for many of the functions of radio 
equipment — even down to the control buttons on the front panel — to 
be software controlled. In one manufacturer’s equipment the only 
screwdriver-adjustable control is that for setting maximum deviation; 
this is insisted upon by the Radiocommunications Agency for use in 
the UK. 

Software control enables radio sets to be cloned so that once a 
single piece of equipment is programmed with its frequencies, power 
output, selective calling, etc., the whole of a fleet of mobiles can be 
identically programmed in a short time. Some of the functions can 
be programmed by the user, but not all, and different manufacturers 
permit different degrees of programming. 

The functions are allocated degrees of priority which determine 
which functions can be changed by each class of person. Again, some 
of the priorities may be altered by the user but the highest priority 
functions are installed in a programmable read only memory (PROM) 
by the manufacturer and can only be altered by replacing the PROM, 
in most instances a job for the manufacturer. 

The essential equipment for major reprogramming is an IBM 
or equivalent computer and the equipment manufacturer’s software 
which is supplied as a package complete with hardware interface and 
instructions. 

Cloning may be carried out using an inter-connecting cable between 
the equipment, or restricted reprogramming via a unit supplied by the 
equipment manufacturer for the purpose. 

The functions which may be programmed from a computer are: 


e Channel frequencies. 

e Transmitter power and deviation. 

e Receiver squelch setting (referred to Sinad ratio). Selective call- 
ing details including encode or decode only, type of signalling, 
extension of first tone and call sign. 

Transmission time out timer. 

Channel busy light. Transmitter inhibit on busy channel. 

Alert tones. Tone decoder indicator. 

Low battery indicator. Battery saver. 


Restricted reprogramming may include: 


e Channel frequencies, including any offsets. 
e Lock out of any channels. 
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Channel spacing. 

Channel search priority. 
Frequency stability. 
Signalling type. 

Control functions. 
Synthesizer reference crystal (the frequency can be trimmed to com- 
pensate for ageing). 
Transmitter power. 

CTCSS (encode and decode). 
Timers. 

Alerts. 


Pagers are also programmable. The functions which can be changed 
include: 


Code number. 

Alert tone/vibrator/repeat. 
Urgency. 

Out of range warning. 
Printer on/off. 

Language of display. 
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11 Microwave communication 


11.1 Microwave usage 


Microwaves are loosely considered to be those at frequencies between 
1 GHz (30cm) and 100 GHz (0.3 cm). Principal ground communica- 
tions usage is for point-to-point links carrying information and control 
signals on systems such as multiplexed communication — including 
data networks, telemetry and mobile radio. The propagation of the 
higher frequencies, 30—100 GHz, is being studied for possible future 
use in micro-cellular radio-telephone systems. These higher frequen- 
cies are also used for satellite communications and radar applications. 
Microwave frequencies up to 3GHz have now been reserved for 
mobile use. 


11.2 Propagation 


The path loss is higher at microwave frequencies than at VHF and 
UHF: Figure 1.5 charts the free space loss between isotropic radiators 
for microwaves at frequencies of 1, 2, 3.5 and 7 GHz over distances 
of 10 to 1000 km. The free-space loss between isotropic radiators is 
given by 


Free space loss, dB = 32.4 + 20 log,)d + 20 logio f 


where d is in km and f in MHz. 
The free-space loss between practical antennas is given by: 


(4nd)? 1 
Loss, dB = 10 log 


A GG, 


where 

d = path length, metres 

à = wavelength, metres 
G, = power gain of transmitting antenna 
G, = power gain of receiving antenna 


The antenna gains are expressed relative to an isotropic radiator (not 
in dB). 

Absorption varies with atmospheric humidity, and as energy is 
also absorbed by the ground the path height therefore has an effect 
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on the losses. Absorption by rain is a factor at the higher frequencies 
but, although considered to be insignificant below about 3 GHz, it has 
an indirect effect. Wet foliage, for example, produces considerable 
absorption at frequencies as low as 450 MHz. 

Waves of millimetric lengths are special cases and narrow bands of 
very high absorption due to resonance effects exist at 22 and 183 GHz 
for water vapour, and 60 and 119 GHz for oxygen. Non-resonant atten- 
uation occurs due to scatter from rain, hail and snow. The attenuation 
increases with frequency as the wavelength approaches the dimensions 
of a raindrop. Bands of very low absorption, ‘atmospheric windows’, 
where the water vapour and oxygen attenuations are very low occur 
at 37, 97, 137 and 210 GHz. 

Objects close to a path may severely affect the received signal 
and a proposed path must be examined for the likely effects of these 
at the planning stage. The effects may be due either to diffraction 
bending the wave away from the line of sight between the antennas, 
or reflection causing multi-path signals. 

The additional losses in a microwave path caused by objects 
either intruding into the first Fresnel zone or close to it, and which 
exhibit ‘knife-edge’ or “smooth-sphere” characteristics, are shown in 
Figure 11.1. A negative F/F; indicates an intrusion. When the path 
clearance exceeds 0.6 times the first Fresnel zone radius, the free space 
loss is achieved. 
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Figure 11.1 Knife-edge and smooth-sphere diffraction 


Refraction also affects microwave propagation and temperature 
inversions may cause ducting resulting in a loss of signal and, possibly, 
interference. When ducting occurs, a layer of air of low refractive 
index is formed between two highly refractive layers and a wave may 
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be trapped between them. Under these conditions a signal can be 
carried an abnormal distance before 1t can return to Earth resulting in 
loss of signal at the intended receiver and possibly interference at a 
distant one on the same frequency. 


11.3 K factor 


The degree and sense of refraction of wave is related to a factor known 
as K. Refraction normally bends the wave downwards, extending the 
range, but the refractive index of the atmosphere varies from place 
to place and with time and height. At times, during an atmospheric 
inversion for instance, and in some places on the earth the effect 1s 
reversed: 


When no bending occurs, K = 1. 

When K > 1, the bending is downwards, effectively increasing 
the Earth’s radius. 

When K < 1, the bending is upwards, effectively reducing the 
Earth’s radius. 


For most of the time K > 1, 1.33 being accepted as the normal factor, 
but for small periods K may be less than one. 

For a point-to-point link, the path between the transmitting and 
receiving sites should be a clear line of sight, although by making 
allowances for refraction, the Earth’s radius has, up to now, generally 
been considered to be effectively increased by the factor of 1.33. 
However, in the interests of reliability a decrease to 0.7 times the 
radius (the minimum K factor considered likely to occur) 1s now often 
used in link planning. When a link has been planned using a higher K 
factor, a temporary reduction of K not only reduces the radio horizon 
but effectively raises objects close to the path, possibly to the point 
where they become significantly close to the first Fresnel zone. 

It is usual when planning a link to plot the profile of a path on 
paper with curved horizontal graduations to represent the amended 
Earth’s radius. The radio beam can then be drawn as a straight line 
between the antenna locations. Figure 11.2 is an example. 


11.4 Fresnel zones, reflections and multi-path 
fading 


Signals which arrive at the receiver by more than one path as the 
results of reflection or diffraction may arrive in any phase relationship 
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Figure 11.2 Example of path profile 
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to the direct wave. When they arrive anti-phase to the direct wave, 
cancellations result. The intensity and phase of the spurious signal 
may not be constant, thus providing random multi-path fading. 

Where a carefully drawn profile of a link path shows there to be 
a Clear line of sight, the effect of waves reflected or diffracted from 
objects close to the line of the direct wave must then be considered. 
The effect of these indirect waves can be predicted by calculating 
where the reflection occurs in relation to a series of ellipsoids which 
can be drawn around the line-of-sight path between the transmitting 
and receiving antennas. These ellipsoids, known as the Fresnel zones, 
contain the points where reflected waves will follow a path of constant 
length, as shown in Figure 11.3. 


Figure 11.3 Fresnel zone: reflected path lengths 


Waves reflected at the odd-numbered Fresnel zones will travel 
an odd number of half-wavelengths further than the direct wave but, 
because a 180° phase change usually occurs in the reflection pro- 
cess, will arrive at the receiver in phase with the direct wave. Waves 
reflected at even-numbered zones will arrive anti-phase to the direct 
wave with a cancelling effect. The effect of reflected waves dimin- 
ishes with reflections from the higher order zones. The radius of a 
Fresnel zone in metres at the point of intrusion is given by: 


Add 
F; = 31.6 
d 


did 
F, = 548 [2 
fd 


First zone, F): 


Or 


where 
fF, = radius in metres at point of intrusion 
dı +d = d (path length in km) 
à = wavelength in metres 
f = frequency in MHz 


Phase Shift of an RC Circuit 


20 In both of the = circuits shown in Figure 
6.26 , the output voltage is different from the 
input voltage. 
Figure 6.26 


( R 


Vin — V m — Vi Yin aan V out = Vo 


(1) (2) 


Question 
In what ways do they differ? | 
Answer 
The signal is attenuated, or reduced. The 
amount of attenuation depends upon the 
frequency of the signal. Circuit 1 will pass 
high-frequency signals while blocking 
low-frequency signals. Circuit 2 will pass 
low-frequency signals while blocking 
high-frequency signals. 

21 The voltage is also changed in another 
way. The voltage across a capacitor rises and 
falls at the same frequency as the input 


signal, but it does not reach its peak at the 
same time, nor does it pass through zero at 
the same time. You can see this when you 
compare the V out curves to the V in curves 
in Figure 6.27 

Note The numbered graphs in Figure 6.27 
are produced by the corresponding numbered 
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Second zone: 
Fo = V2~x Fi, 


Third zone: 
Fs = J3 xX Fy 


and so on. 

The degree of reflection from an object depends on its nature, the 
greatest reflection occurring from smooth flat ground or water. Where 
a path lies over the sea, variations in the path length of a reflected 
wave due to tides may render a path unusable. When the height of 
the antenna closest to the sea is varied, the effect of the reflected 
wave passes through a series of minima and maxima and adjustment 
of the height of that antenna can reduce or, occasionally, overcome 
the effect. 

Atmospheric conditions change giving rise to fading and variations 
of the multi-path effects. The reliability of a link may be crucial to 
the success of a complete system and, where a critical path in terms 
of performance exists, long-term tests are advisable to ensure that 
variations of propagation do not reduce the reliability to an unaccept- 
able level. Paths which contain obstacles in the line of sight which 
will cause additional losses are obviously suspect. So are those where 
objects or large stretches of water or flat ground which might produce 
diffraction or reflections of the wave lie close to the line of sight. 


11.5 Performance criteria for analogue 
and digital links 


The transmission quality for analogue modulated systems is based 
on the signal-to-noise ratio. The noise is specified relative to a stand- 
ard test tone level and is commonly expressed as either picowatts 
psophometrically weighted (pWp) or decibels (dB) of C-message 
weighted noise above a reference noise level of —90dBm (defined 
as 0 dBrncO). Typical objectives range from 28 dBrncO for long-haul 
routes to 34dBrncO for short-haul routes. When the signal fades the 
noise increases until the threshold noise level is reached. When the 
threshold (typically 55 to 58dBrncO) is exceeded, the transmission 
quality 1s considered unacceptable. 

With digitally modulated systems the bit error rate (BER) is the 
measure of transmission quality. The bit error rate is the number of bit 
errors per total received averaged over a period of time. If the trans- 
mission rate is 10 Mbits per second and 100 bit errors occur over a 100 
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second period, the BER is 107”, an average of 1 error in 10° bits. The 
acceptable level of transmission is determined by the type of traffic. 

For PCM voice traffic, bit errors manifest themselves as clicks and 
a threshold of 10~° (1 click approximately every 15 seconds) is usually 
considered acceptable. At this threshold the speech is intelligible, but 
beyond it the clicks become annoying and intelligibility falls rapidly. 

For data with error correction a higher BER of 107* is normally 
acceptable (Communications International, 1989). 


11.6 Terminology 


A number of different units are used worldwide to define the 
performance and transmission levels of a radio relay system (for 
decibel definitions see Chapter 2). Important international definitions 
and units are: 


e Zero transmission reference point. This is a point arbitrarily estab- 
lished in a transmission circuit, with all other levels in the circuit 
being stated with reference to this point. Its relative level is O dBr. 

e Standard test tone. The standard test tone for use at audio circuit 
points is defined as a power of | milliwatt (0 dBm) at a frequency 
of 1000 Hz applied at the zero transmission reference level point. 


11.7 Link planning 


Planning a link involves producing a profile of the path and calcu- 
lating the net loss in the system to arrive at a transmitter output 
power which will produce the designed signal-to-noise ratio at the 
receiver. A simple example using the profile of Figure 11.2 is shown 
in Section 11.8. 

Transmission lines and waveguides are discussed in Chapter 3 and 
microwave antennas in Chapter 4. 


11.8 Example of microwave link plan 


Frequency: 2000 MHz 


Antenna type, station A: P6F-17C height agl. 20m 
Antenna type, station B: P6F-17C height agl. 20m 
Feeder type, station A: LDFSPSOA loss, dB/100m 6.46 
Total length, antenna to equipment 30m 
Feeder type, station B: LDFSP30A loss, dB/100 m 6.46 


Total length, antenna to equipment 30m 
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Performance 

Path length: 20 km, therefore clear path loss 
Obstruction loss 

Feeder loss, station A: 

Feeder loss, station B: 

Feeder tail loss, total for link 

Connector loss, total for link 


Total loss 


Gain, antenna A 
Gain, antenna B 
Total gain 


Nett loss (total loss — total gain) 
Receiver threshold for max. signal/noise 
Design fade margin 


Design receiver input level 
(threshold — fade margin) 


Transmitter output power 
(receiver input — nett loss) 


Reference 


124.0 dBi 
0.0 dB 
1.9dB 
1.9dB 
1.5 dB 
1.5 dB 


130.8 dB 
28.6 dB 


28.6 dB 


57.2 dB 


73.6 dB 


—125.0dBW 


+30.0 dB 


—95.0 dB 


—21.4dBW 


Krzyczkowski, M. (1989). Communications International, August. 


12 Information privacy and encryption 


12.1 Encryption principles 


Radio communication was never secret, but since the advent of fast 
frequency scanning receivers the ability to overhear, even on cellular 
radio telephones, is within easy reach of anyone. Privacy systems are, 
however, available which will deter the casual listener and gain time 
against the determined eavesdropper. 

Messages, which may be either speech or data, are encrypted to 
prevent both eavesdropping and the injection of spurious information. 
The aim 1s to make the encryption and decryption as easy and inex- 
pensive as possible for authorized users and time-consuming, difficult 
and costly for the eavesdropper (cryptanalyst). Figure 12.1 shows a 
standard cryptographic channel. 


Estimated 
message M 


Plain text 
message M 


Cryptanalyst 


Secure chamnel 


Key K 
Figure 12.1 Cryptographic channel 


A plain text message M (speech, written or digital) 1s encrypted 
by mixing with a key K to produce a cipher text. The cipher text 
may be transmitted over a channel which is accessible to the public 
and hence to the cryptanalyst. The key is issued via a secure channel 
to the authorized recipient who uses it to decipher the message. The 
cryptanalyst without access to the key attempts to derive the maximum 
information from the cipher text to enable him or her to estimate the 
content of the message. 

One key may be used continuously or for long periods or, to 
increase the cryptanalyst’s confusion, the key may be changed fre- 
quently, perhaps even for each character of the message. A sequence of 
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key changes which repeats after a fixed number of characters produces 
what is known as periodic encryption. 

Encryption may be either symmetrical or asymmetrical. Symmet- 
rical encryption uses the same key for both encryption and decryption. 
Asymmetrical encryption uses a different key for each process, thus 
providing for different levels of authorization. Encryption keys may 
be supplied to many persons who are authorized to transmit encrypted 
messages but decryption keys may be issued to only a few authorized 
recipients. 


12.2 Speech encryption 


The encryption of speech offers fewer possibilities than does the 
encryption of written or digital data messages. The simplest method of 
encrypting speech is scrambling by inverting the speech frequencies; 
Figure 12.2 shows this process. 


Low-pass Low-pass 
Mixer filter Scrambled Mixer filter 
speech 


Speech Speech 


300-3400 Hz 
erect 


300-3400 Hz 
erect 


Oscillator Oscillator 
3700 Hz 3700 Hz 


Figure 12.2 Speech inversion 


The speech, contained in the band 300-3400 Hz, is mixed with a 
key frequency of 3700 Hz producing an erect, upper side band from 
4000—7100 Hz, and an inverted, lower side band where the 300 Hz 
components of speech have become 3400 Hz and the 3400 Hz have 
been inverted to 300 Hz. The upper side band is rejected by a lowpass 
filter and the inverted lower side band is transmitted. In the receiver 
the scrambled speech is mixed again with 3700 Hz to produce an erect 
side band — the original non-inverted speech message. 

Simple inverted speech is easily unscrambled. There is little choice 
of key frequency and if the eavesdropper uses a slightly different 
frequency the pitch is changed but the speech is readable. Also, if the 
centre frequencies only of the inverted band are selected by means of 
a band-pass filter, inverted speech becomes intelligible. 
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A sophistication which renders the speech more secure divides 
the speech band into sections and transmits them separately using 
a different key frequency for each band (audio frequency hopping). 
The divisions of the speech band may also be treated as blocks and 
transposed in time according to a user-programmable pattern to create 
further confusion in the mind of the eavesdropper. 

The most up-to-date methods of speech scrambling convert the 
speech into digital form by either pulse code modulation (PCM) or 
some other method. The digits corresponding to the speech may then 
be either transmitted as frequency modulation, e.g. FFSK, on an ana- 
logue radio system or, possibly after further encryption, transmitted 
directly on a digital system. Digitized speech creates improved security 
not only by the digitization itself but by offering the higher encryption 
capabilities of data. 

The price to be paid for security with analogue encryption is a 
degradation of the received signal-to-noise ratio by 9 dB, effectively 
reducing the range of a transmitter by approximately 40%. 


12.3 Data encryption 


Digital data may be encrypted by changing the digits, perhaps adding 
superfluous digits, and transmitting the resultant cipher message either 
in blocks of a fixed size or as a stream. 

Block encryption treats the blocks in the same way as in the 
encryption of speech, with different keys being used for each block — or 
each character — and the blocks re-distributed in time. 

Stream encryption has no fixed block size and each plain text 
bit, M;, is encrypted with the ith element, K;, of a pseudo-random, 
sometimes called pseudo-noise (PN), key. 

Figure 12.3 shows two methods of generating pseudo-random keys 
or pseudo-noise. The first, Figure 12.3(a), operates as follows. At each 
clock pulse the contents of the pre-loaded four-stage shift register are 
stepped forward from left to right. Immediately after the shift, the 
output bit is fed back into the Ist and 2nd stages. It introduces a new 
bit into stage 1, and is added by modulo 2 addition to the new content 
of stage 2, producing a new set of contents. The initial loading of 1100 
emerges as a pseudo-random 15 bit sequence which then repeats. The 
periodicity of the sequence is given by: 


Sequence length, characters = 2" — 1 


where N = the number of stages in the shift register. 
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Clock 


PN code 


100001111010100 
(Read from right to left) 


PN code 
Cipher 


Modulo 2 
(excl. OR) 
adders 


(b) Plain text bits 
Code length = 2" - 1 
e.g. N=5, length = 31 characters 

Figure 12.3  Pseudo-noise (PN) generation 


For a four-stage register, therefore, the sequence repeats after 
15 bits and is shown in Figure 12.3(a). 

A more commonly used method combines the outputs of two or 
more of the earlier stages in a modulo 2 adder and feeds the result 
back to the input of the register as in Figure 12.3(b). 

To form the cipher text the resultant pseudo-random key is mixed 
with the original data message in a second modulo 2 adder. If the 
clock rate for the shift register is the same as the bit rate of the 
plain text message, the plain text bits are exchanged for those of the 
modulo 2 sum, but if the shift register runs faster than the plain text 
bit rate, additional bits are added into the cipher text. This is more 
common and extends the time taken by a cryptanalyst to estimate the 
message. The price to be paid for the improved security is either a 
slower effective bit rate for the message or a higher overall bit rate 
and hence an increased bandwidth requirement. 

Mixing the cipher text with the output from an identical PN gen- 
erator in the receiver recovers the original text. 


Modulo 2 addition 


A modulo 2 adder is an exclusive-OR gate which produces a logic 
1 output whenever either of the inputs is at logic 1 and the other 
is at logic 0. When both inputs are identical, the exclusive-OR gate 
produces a logic O output. 
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The truth table for an exclusive-OR gate is: 


Input Output 


A Y 
0 0 0 
O 1 1 
1 0 1 
1 1 0 


Modulo addition is not limited to two inputs. Any quantity of binary 
numbers may be added: if there is an odd number of logic Is in a 
column, the adder produces a logic 1 output, if an even number, 1.e. 
no remainder in the binary addition, the output is logic 0. 


Synchronous encryption 


The key is generated independently of the message from a previ- 
ously loaded register. If a character is lost during transmission of a 
synchronous text, resynchronization of transmitter and receiver key 
generators is necessary before transmission can continue. 


Self-synchronous encryption 


The key for each character is derived from a fixed number of previous 
characters of the plain text message. For example, the shift register 
is pre-loaded with the plain text characters so that in a four-stage 
register the key used for encrypting the 4th character will be the 4th 
previous message character. If a self-synchronized transmission loses 
a character, the system automatically re-synchronizes the same number 
of characters (in this case four) later. 

Written messages may be encrypted using one of the classical 
mechanical methods of rearrangement of the letters before digital 
encryption. 

When sufficient RF channels exist frequency hopping is a further 
possibility, and the spread spectrum technique, where the signal energy 
is spread over a very wide band of frequencies, not only offers very 
high security but also makes detection of the signal difficult. The shift 
register techniques described above are also used for generation of 
the frequency hopping sequence and the spreading of the base band 
frequencies. 
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12.4 Code division multiple access (CDMA) 
or spread spectrum 


The extension of pseudo-random key or noise generation is code divi- 
sion multiple access or spread spectrum transmission, described in 
Chapter 8. The spread spectrum technique provides an extremely high 
level of security by reducing the radiated energy at any one frequency 
to very little above the ambient noise level by spreading the trans- 
mission over a very wide band. The transmitter uses what is in effect 
an extended digital key to spread the bandwidth and the receiver is 
equipped with an identical key for de-spreading. The transmission 
almost disappears into the noise and, without the appropriate key, the 
existence of a spread spectrum signal is very difficult to detect. 


12.5 Classification of security 
Unconditionally secure 


Those systems where the cryptanalyst has insufficient information to 
estimate the content of the cipher regardless of the amount of time 
and computation facilities available. This is only realistic when using 
what is known as a one-time pad where the key is used once and once 
only. 


Computationally secure 


Encryption systems are specified in terms of the amount of time taken 
by a cryptanalyst to estimate the cipher’s contents using the state of 
the art techniques. Unless an extremely long periodicity is used for a 
progressive key — months and even years in some instances — requiring 
many stages in the shift register, it is possible for a cryptanalyst who 
knows, or can estimate, a small part of the message to calculate all 
the parameters necessary to decipher the message. However, stream 
encryption with a pseudo-random key approaches perfect secrecy for 
a finite number of messages. 
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13 Multiplexing 


Multiplexing enables several information (speech or data) channels 
to be carried simultaneously over one bearer, a wide band, single 
frequency microwave radio link for example. Both frequency and 
time division multiplex are common methods. On trunked radio sys- 
tems where channels are allocated to users on demand the multi- 
plexing is referred to as frequency- or time-division multiple access 
(FDMA, TDMA). 

Frequency division multiplexing (FDM) used to be a common 
technique for sharing analogue trunk circuits between 12 (or mul- 
tiples of 12) separate channels. This is an analogue technique that 
been superseded by the use of digital trunk circuits, where digital 
multiplexing is employed. FDM is still used on some satellite and 
microwave links, although most links are now using digital techniques. 
Some systems such as cellular telephones use separate transmit and 
receive frequencies, which is known as frequency division duplex- 
ing (FDD). 


13.1 Frequency division multiplex 


Frequency division multiplex divides a broad band of frequencies into 
slots, each wide enough to accommodate an information channel. This 
is achieved by amplitude modulating a higher frequency subcarrier 
with each speech signal to form groups of channels. 

Each speech channel contains frequencies between 300 and 
3400 Hz plus, in some systems, an out-of-band signalling tone 
of 3825Hz and a guard band. Each channel modulates a base 
band subcarrier spaced at 4kHz intervals upwards from 64 kHz. 
This produces an upper and lower side band from each channel 
(Figure 13.1). The carrier and upper side band are removed by 
filters and the lower (inverted) side band is transmitted. At the 
receiver, the base band frequencies are again mixed with the same 
subcarrier frequency to restore the original speech. The subcarrier 
frequencies are maintained to an accuracy of +1 Hz which creates 
the +2 Hz frequency translation error quoted in some telephone line 
specifications. 

Twelve such channels form a ITU-T basic group B occupying 
the band between 60 and 108 kHz. This basic group B may now be 
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6.26 


circuits 
Figure 


in Figure 
6.27 


Questions 
A. Examine graph (1). Is the output voltage 
peak displaced to the right or the left?  —__ 
B. Examine graph (2). Is the output voltage 
peak displaced to the right or the left?  —__ 
Answers 
A. To the left 
B. To the right 

22 The output voltage waveform in graph 
(1) of Figure 6.27 is said to lead the input 
voltage waveform The output waveform In 
graph (2) is said to lag the input waveform 
The amount that V out leads or lags V in Is 
measured in degrees. There are 90 degrees 
between the peak of a sine wave and a point 
at which the sine wave crosses zero volts. 
You can use this information to estimate the 
number of degrees V out is leading or lagging 
Vin. The difference between these two 
waveforms is called a phase shift or phase 
difference 


Questions 
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Lower side band Upper side band 
retained removed by filters 
60 kHz Oscillator 68 kHz 
T 64 kHz j 
60.6 kHz 63.7 kHz 
(3400 Hz audio) (300 Hz audio) 


(a) Production of side bands in frequency division multiplex 


64 68 72 96 100 104108 
Oscillator frequencies (kHz) 


(b) Production of basic group B 
Base band 


Channels 


Channels 


10 11 1212423 22 


12 kHz 60 kHz 108 kHz 
Group A Group B 120 kHz 
(originally Group Band (inverted) 
now erect) 


(c) Production of groups A and B 
Figure 13.1 Frequency division multiplex 


mixed with 120kHz to produce a lower side band of 12 to 60 kHz, 
now basic group A. Filters leave 60 to 108 kHz free for a new basic 
group B. 

The process may be repeated by using five basic groups to mod- 
ulate still higher-frequency carriers, to produce super- and hyper- 
groups. 

For FDM data communications, the bearer circuit bandwidth of 
3000 Hz is divided into 12 channels each of 240 Hz bandwidth. Data is 
transmitted at 110 bits per second allowing a send-and-receive channel 
in each block of 240 Hz. 


13.2 Time division multiplex (TDM) 


A time division multiplex system conveys digital data, and speech 
must first be converted to data. TDM allocates short-duration time slots 
within a wider time frame to each information channel. For example, 
a continuous stream of data sent over a link at a rate of 2400 bit/s 
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could convey the information contained in four 600 bit/s channels in 
short sequential bursts. 

If the duration of one input bit is 1/600s or 1.666 ms, a seven- 
bit character occupies 11.66ms and 85 such characters can be sent 
per second. If the transmitted rate can be speeded up each bit sent at 
2400 bit/s has a duration of 416 us and 343 seven-bit characters can 
be sent per second. Such a system is shown in Figure 13.2. The data 1s 
stored in the buffers at the transmitter and the clock pulses are applied 
to each store/gate sequentially allowing one character from each data 
channel to be transmitted at a rate of 2400 bit/s. Perfect synchroniza- 
tion must be maintained between all channels and the transmitter and 
receiver to avoid data errors. 


Store and 
ate 
Link1 2 eats 


600 bit/s Link 1 


600 bit/s 
Clock 1 
Link 2 


Clock 1 


it 
600 bit/s Link 2 


600 bit/s 
Common line Clock 2 


2400 bit/s 


600 bit/s Link 3 


600 bit/s 
Clock 3 
.,. Link 4 
600 bit/s aed 


600 bit/s 


Clock 4 Clock 4 
Figure 13.2 Time division multiplex 


The principle is illustrated in Figure 13.3 where a 1s time frame 
at 2400 bit/s contains 343 time slots, each of 2.92 ms and containing a 
character from a specific information channel. Every second, therefore: 
channel A would occupy slots 1, 5, 9, ..., 337 
channel B would occupy slots 2, 6, 10, ..., 338 
channel C would occupy slots 3, 7, 11, ..., 339 
channel D would occupy slots 4, 8, 12, ..., 340 


This leaves three blank slots; in practice slots are also allocated for 
preamble, address and synchronization purposes. 
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1 s frame 
| Time slots of 2.92 ms each containing one seven-bit character at 2400 bps | 


olelsl isle lele] 
ABCDABCDA > C D 
Information channels 


Figure 13.3 TDM time frame 
13.2.1 European E1 multiplexing 


The digital base band signal adopted in Europe operates at 64 kbit/s 
and the multiplexed signal at 2048 kbit/s. An eight-bit word or sample 
of a PCM voice channel (see Chapter 14) occupies 3.9 us, and the 
interval between successive samples of a channel is 125 us, the time 
frame duration. Therefore, the number of channels (time slots) that 
can be accommodated in one frame is 125/3.9 = 32. Thirty of the 
slots are used for information channels and two for control purposes 
(Figure 13.4). 


125 us 


oOo 


TSO TS1 TS2 etc. TS30 TS31 


— þ— | 
3.9 us Each voice channel time slot 


contains 8 bits 0.488 us wide 


Figure 13.4 TSO, TS16 are used for signalling; TS1-TS15 and TS17-TS31 are 
used for voice channels 


In the European El system, timeslots are numbered 0 to 32. Time- 
slot zero (TSO) is used for synchronization and TS16 is used for 
signalling. The signalling channel is therefore operating at 64 kbit/s. 
Digitized voice is carried in the remaining 30 timeslots. Voice channels 
1 to 15 are carried over TS1-15. Voice channels 16-30 are carried 
over TS17-31. 


13.2.2 American T1 (D1) multiplexing 


The American T1 system is a 1.544 Mbit/s transmission system. The 
data format should be referred to as DS-1, but T1 is sometimes used 
instead. Timeslots (TS), or channels, in this system are numbered 1 
to 24; there are 23 available to carry traffic and TS24 is used for 
synchronization. Each timeslot carries 8 bits, sampled at 8kHz. An 
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additional bit is sent at the end of each frame (known as the frame- 
bit or F-bit) so there are 24, 8-bit timeslots, plus 1 bit = 193 bits per 
frame. 

The synchronization word sent in TS24 is codedas10111YRO. 
The Y and R are dependent upon the data multiplexer and are for the 
manufacturer’s use. 

Signalling information is transmitted using ‘stolen’ bits from each 
channel, rather than using a separate timeslot as in the European El 
system. Bits are not stolen from timeslots in every frame, because 
this would degrade the quality of a voice channel. Instead, the least 
significant bit of every sixth frame is used for signalling. Thus the 
effective word length of the encoded voice is 7.833 bits, rather than 
8 bits of the El system. 

There are two virtual signalling channels (A and B) created by 
the use of stolen bits. Signalling Channel A is derived from bits 
stolen from timeslots during the sixth frame. Signalling Channel B 
is derived from bits stolen from timeslots during the twelfth frame. 
This is repeated for every superframe. Each channel has a data rate of 
24 bits per 12 frames (1.5 ms), or 16 kbit/s, giving 32 kbit/s signalling 
in total. Although this data rate is half that of the El system, there 
are only 23 voice channels instead of the 30 used in the El system. 

The F-bit is used to identify the frame, which is important when 
extracting the signalling information. Because only one in six frames 
are used for signalling, it is vital to know which ones carry the 
information and which ones carry voice traffic. Also there are two 
signalling channels and these must be separated at the receiver end 
of the system. A six bit data pattern of 1 0 0 O 1 1 is transmitted, 
followed by the inverse: 0 1 1 1 0 0. The complete 12-frame sequence 
is known as a superframe. 


13.3 Code division multiple access (CDMA) 


Spread spectrum transmission (described in Chapter 8) is a form of 
multiplexing. In addition to high security it permits multiple occupa- 
tion of the wide — typically 1.25 MHz — frequency band. A number of 
users possessing keys of low correlation can occupy the same band 
at the same time. The system operates well in poor signal-to-noise or 
high interference environments. 

Digital signals can be multiplexed by coding each source indi- 
vidually. Instead of transmitting logical 1’s and 0’s, a data pattern 
is assigned to each bit. The pattern for a logical 1 could be a ten- 
bit word (e.g. 1011010011); a separate pattern would represent a 
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logical 0. Correlation (i.e. pattern matching) between a known sig- 
nal and a signal received with a certain code gives an indication of 
whether the bit received is a 1 or a 0. This technique allows the occa- 
sional error in the data path without affecting the received bit. More 
often, 1t allows several users to transmit at the same frequency. Each 
user is allocated a different data pattern so that only the correct person 
will be able to decode the signal; all other signals will be ignored. 
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14 Speech digitization and synthesis 


14,1 Pulse amplitude modulation 


The digitization of analogue waveforms by pulse code modulation is 
accomplished in two stages. First the waveform is sampled to produce 
pulse amplitude modulation (PAM). Short-duration samples are taken 
at regular intervals which are long compared with the sampling time 
but short in relation to the highest signal frequency. The result is a 
train of pulses whose amplitude envelope is the same as the analogue 
waveform. The envelope (Figure 14.1) will contain: 


e clock frequency fc, the sampling rate 

e all the signal frequencies contained in the waveform from the low- 
est, f¡, to the highest, f2 

e upper and lower side bands, (fe — f2) to (fe — fi) and (fe + fi) 
to (fe ae Í: 2) 

e harmonics of f. and the upper and lower side band frequencies 

e a DC component equal to the mean value of the PAM waveform. 


=7] E Sampling time 


Sampling rate, f, 


Figure 14.1 Pulse amplitude modulation 


The envelope contains the original signal frequencies and can be 
demodulated by a low-pass filter which will pass f2 but not the clock 
frequency. The clock frequency must therefore be higher than 2 f2. 
For line communications in the UK a clock frequency of 8kHz is 
used with a maximum modulating frequency of 3400 Hz. 


14.2 Pulse code modulation 


To overcome the susceptibility of PAM signals to corruption of the 
amplitude waveform by noise and interference, the waveform is pro- 
cessed further to produce pulse code modulation (PCM) before 
transmission. 
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In this process the magnitude of the PAM samples with respect to 
a fixed reference is quantized and converted to a digital (data) signal. 
Quantizing rounds off the instantaneous sample pulse amplitude to the 
nearest one of a number of adjacent voltage levels. Figure 14.2 illus- 
trates the process for an eight-level system. In the figure the amplitude 
at ty is 2, between 4 and 5 at tı, between 5 and 6 at t2, etc. After quan- 
tization the values would be 2 at fo, 5 at t}, 5 at t and so on. The 
difference between the amplitude levels and the rounded-off values is 
the quantization noise or distortion. 


bh bhii & t be by A 
(T= clock period) 


Figure 14.2 Eight-level pulse code modulation 


The binary pulse train — leaving a one-bit synchronizing space 
between each number — for this example would be as in Figure 14.3. 


© b iSi kh iS] b iSi b Is 
s = Synchronization space 


Figure 14.3 Binary pulse train (from Figure 14.2) 


The number of quantizing levels is 2” and the highest denary 
number represented is (2” — 1) where n is the number of bits used 
to represent each sample. If each train of pulses is accompanied by 
one synchronizing bit, the number of bits per sample is (n + 1). If the 
sampling rate is f., the transmitted bit rate is (n + 1) fe. For example, 
an eight-bit word — including the synch. bit — is commonly used to 
represent a sample, so, with a clock frequency of 8 kHz: 


number of quantizing levels = 2? = 128 
sampling rate, fe = 8 kHz 


therefore transmitted bit rate = (n + 1) fe 
= 64 kb/s 
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The maximum frequency of the pulses will be when transmitting alter- 
nate 1s and Os, and the occupied bandwidth, 1 x bit rate, 32 kb/s. 

Quantization as described above is linear, i.e. the spacing of the 
quantization levels is the same over the range of pulse amplitudes. 
This produces a poor signal-to-noise ratio for low-level signals which 
is improved by the use of more closely-spaced levels at small signal 
amplitudes than at large amplitudes. Where non-linear quantization 
is used the most significant bit of the sample character identifies the 
polarity of the signal. 

If linear quantization is used then about 12 bits per sample are 
needed to give a good voice quality, which requires a bit rate of about 
96 kbits/s. For coding speech using non-linear quantization 8 bits per 
sample is sufficient, which requires a bit rate of 64 kbits/s. Two slightly 
different non-linear PCM codecs were standardized in the 1960s. In 
America u-law coding is the standard, but in Europe A-law coding 
is used. 


14.3 ADPCM codecs 


Adaptive differential pulse code modulation (ADPCM) codecs are 
waveform codecs which quantize the difference between the speech 
signal and a prediction of the speech signal. If the prediction is accu- 
rate, then the difference between the real and predicted speech samples 
will be small. The signal will be accurately quantized with fewer bits 
than would be needed using standard PCM. At the decoder the quan- 
tized difference signal is added to the predicted signal to give the 
reconstructed speech signal. 

The performance of the codec is aided by using adaptive predic- 
tion and quantization. The predictor and difference quantizer adapt 
themselves to the changing characteristics of the speech being coded. 

The CCITT (now ITU-T) standardized a 32 kbits/s ADPCM, known 
as G721, in the 1980s. The quality of the reconstructed speech was 
almost as good as that from standard 64 kbits/s PCM codecs. Since 
then G726 and G727 codecs operating at 40, 32, 24 and 16kbits/s 
were standardized. 


14.4 The G728 low delay CELP codec 


At bit rates of around 16kbits/s and lower the quality of waveform 
codecs falls rapidly. Thus, at these rates, CELP codecs and their 
derivatives, tend to be used. CELP stands for Code Excited Linear 
Prediction. A code representing a voice pattern is transmitted, rather 
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than coding short samples of voice signal. The code is calculated by 
looking at the long-term changes in the voice and then predicting how 
the voice pattern will change. Since the pattern takes some time to 
establish, CELP codecs produce a delay. 

A backward adaptive CELP codec was standardized in 1992 as 
G728. This codec uses backward adaptation in its calculations. This 
means that, rather than buffer 20 ms or so of the input speech for its 
calculations, the pattern of previous speech is used. This means that 
the G728 codec has to analyse fewer samples than traditional CELP 
codecs. The G728 codec uses only 5 samples giving it a total delay 
of less than 2 ms. 


14.5 The GSM codec 


The “Global System for Mobile communications’ (GSM) is a digital 
mobile radio system which is extensively used throughout Europe, 
and also in many other parts of the world. The GSM codec provides 
good quality speech, although not as good as the slightly higher rate 
G728 codec. 

The GSM full rate speech codec operates at 13 kbits/s and uses 
a regular pulse excited (RPE) codec. This codec has short-term and 
long-term predictors to estimate how the voice pattern will change 
over time. 

The input speech is split up into 20 ms long sections, called frames, 
and for each frame a set of eight filter coefficients are calculated for 
the short-term predictor. Each frame is then divided into four 5 ms 
sub-frames, and for each sub-frame the encoder calculates the delay 
and gain needed for the codec’s long term predictor. Finally, after both 
short and long term prediction has been applied, the residual signal is 
quantized for each sub-frame. The filter coefficients for the short term 
predictor, the delay and gain of the long-term predictor and the coded 
residual signal are all transmitted. The receiver uses all these values 
to reconstruct the signal. 
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15 VHF and UHF mobile communication 


Mobile communication operating throughout the VHF and UHF bands 
is expanding rapidly and, although the fastest growth has been in the 
radio-telephone field, interest in private mobile radio (PMR) is undi- 
minished. Most of the procedures described for PMR are applicable 
to many other branches of radio communication, so traditional PMR 
is considered here. Other systems are discussed in later chapters. 

A private mobile radio system, comprising a base station and 
mobiles, is one that is effectively owned by the user and, under the 
conditions of the licence, may only be operated by the user’s own staff 
for his or her own business. Airtime cannot be leased to other persons. 


15.1 Operating procedures 


Frequencies are normally allocated in pairs, one for the up-link to 
the base station and one for the down-link to the mobile (not to 
be confused with a radio link used for control purposes). Such a 
pair of frequencies, spaced sufficiently apart to permit simultaneous 
transmission and reception by a station, comprises the radio channel. 
Occasionally, for special purposes and for small, low-power, and pos- 
sibly temporary, operations a single frequency only may be allocated. 
The mountain rescue teams are an example. 

The methods of operating are as follows. 


Single-frequency simplex 


This method uses a common frequency for transmission and reception 
by all stations operating on the system (Figure 15.1). Transmission 


rd Base station 
i receiving 
Mobile 1 
receiving 


Figure 15.1 Single-frequency simplex 
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A. What is the approximate phase shift of the 
two waveforms Shown in the graphs? = — 
B. Do you think that the phase shift depends 
on the value of frequency? ———__ 

C. Will an RC voltage divider with the voltage 
taken across the capacitor produce a lead or 
a lag in the phase shift of the output voltage? 
Answers 

A. Approximately 35 degrees. 

B. It does depend upon frequency because 
the values of the reactance and impedance 
depend upon frequency. 

C. A lag as shown in graph (2). 

23 The current through a capacitor Is out 
of phase with the voltage across the 
capacitor. The current leads the voltage by 
90 degrees. The current and voltage across a 
resistor are in phase. (That is, they have no 
phase difference.) 

Figure 6.28 shows the vector diagram for a 
series RC circuit. © is the phase angle by 
which VR leads Vin. ọ is the phase angle by 
which VC lags Vin. 

Figure 6.28 
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and reception cannot take place simultaneously at a station, and a 
receiver is switched off whenever the transmit switch is operated. 
This prevents blocking of the receiver by the transmitter and acoustic 
feedback occurring. The method allows all stations within range to 
hear both sides of a conversation and to relay messages to more distant 
stations; an obvious advantage for mountain rescue. 

At the end of a transmission an operator must say ‘over’ and 
switch off the transmitter to hear the reply. A conversation must end 
with the word ‘out’ so that other stations are aware that the system is 
unoccupied. 


Two-frequency simplex 


Separate frequencies are used for transmission and reception but whilst 
a station is transmitting its receiver is still switched off (Figure 15.2). 
Mobiles hear only the base station and, therefore, the relaying of mes- 
sages 1s not possible. A further disadvantage is that because mobiles 
hear only the base station, they may be unaware of the system occu- 
pancy and transmit, interfering with an existing conversation. The 
advantage of two-frequency simplex is the avoidance of receiver block- 
ing or de-sensitization, not only from the associated transmitter but 
also, at base stations where several channels within the same band are 
located, from nearby transmitters. 


Mobile 2 
2 receiving 


- Base station 
E transmitting 
Mobile 1 
receiving 


Figure 15.2 Two-frequency simplex 


Duplex and semi-duplex 


Separate frequencies are used for transmission and reception and, in 
full duplex, all stations can transmit and receive simultaneously as in 
a two-way telephone conversation (Figure 15.3). While a station is 
transmitting, its receiver audio output is switched from the loudspeaker 
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Figure 15.3 Duplex 


to an earpiece to prevent acoustic feedback. A mobile cannot receive 
other mobiles directly but full duplex enables all stations to break in 
on a conversation in an emergency or to query part of a message; 
it also facilitates the use of talk-through where mobiles can speak 
to each other via the base station. To maintain awareness of system 
occupancy the base station may transmit a series of pips as an engaged 
signal during pauses in the despatcher’s speech. 

Many systems operate semi-duplex where only the base station 
operates a duplex procedure and the mobiles use a simplex procedure. 
This avoids the higher cost of duplex mobiles and offers most of the 
facilities of duplex, except that a despatcher cannot break in on a 
transmitting mobile. 


Open channel/*All informed’ 


All mobiles hear all the calls from control, 1.e. no selective calling is 
in operation. 


Selective calling 


Mobile receivers remain quiescent until specifically addressed; the 
opposite of open channel working. Individual mobiles, groups and a 
whole fleet may be addressed. 


Auto-acknowledgement 


When selectively called a mobile automatically transponds, sending 
the code for its address and, possibly, its status information. 
Mobiles can only acknowledge when individually addressed; auto- 
acknowledgement on group and fleet calls is prevented to avoid 
mobiles transponding simultaneously. 
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Status updating 


The transmission, automatically or manually, of the data denoting the 
mobile”s current status. 


Call stacking 


The storage of calls from mobiles and their presentation in call order 
to the despatcher. Arrangements are usually made to raise urgent calls 
to the top of the stack with an enhanced display. 


15.2 Control of base stations 


Where adequate radio signals over the desired service area of the 
system can be provided by one base station sited at the control point, 
it can be easily controlled, either directly from the front panel or over 
a multi-way cable. 

In many instances, to obtain adequate coverage, the base station 
must be sited on high ground remote from the control point. Then, 
either a land line or a radio link, both of which will today probably be 
digital and the link microwave, must be used for control. A land line 
will most likely be rented but radio links are favoured by those users 
who insist on the complete system being under their direct control. 


15.3 Common base station (CBS) operation 


An economic method of providing mobile communication for users 
with a small quantity of mobiles and light traffic is a common base 
station or community repeater system. Although still referred to as 
private mobile radio, the base station is shared by several users who 
pay a fixed subscription for the service irrespective of airtime used. 
The station is controlled by radio using tone-controlled talk-through 
or what is sometimes called reverse frequency trigger (not normally 
permitted on a true PMR system). Figure 15.4 shows the layout of a 
single-station CBS system. Each participant’s office contains a fixed 
transmitter/receiver operating on the same frequencies as a mobile 
and equipped with CTCSS. Different CTCSS tones are assigned to 
each user to ensure privacy. All office stations must use a direc- 
tional antenna so that they access only the base station to which they 
subscribe. 

When a user transmits, from either the office station or a mobile, 
the base station, on receipt of a signal containing a valid CTCSS tone, 
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Figure 15.4 Common base station system 


enters a talk-through mode. The caller’s CTCSS tone is retransmitted 
and, in turn, opens the mute on all that user’s mobiles allowing com- 
munication via talk-through. Mobiles are equipped with ‘busy’ lamps 
to indicate whenever the system is engaged, and transmission time-out 
timers to prevent excessively long calls excluding other users. 


15.4 Wide area coverage 


Where the desired service area for one radio channel is larger than can 
be covered by a single base station the way in which the base stations 
are to be controlled requires special consideration. Crucial aspects are 
the presentation of the best received signal from a mobile to the control 
operator or despatcher and the selection of the transmitter most likely 
to provide the best signal at the location of the mobile. 


Receiver voting 


Well-proven receiver voting circuits which present the best received 
signal to the despatcher have been used for many years. These circuits 
sample the signals received from a mobile at each base station and, 
by means of coded information—which may be either digital or in the 
form of continuous tones—enable equipment at the control centre to 
automatically select the best. The selection may be made by comparing 
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either the signal-to-noise ratio or the signal strength of the received 
signal. If the information is to be used solely to select the best signal 
in terms of readability, the signal-to-noise ratio is probably the bet- 
ter characteristic to use, but if the information is also to be used to 
select a base transmitter, the signal strength could be considered more 
satisfactory. Some systems utilize both types of information. 

A typical 3-station voting system is shown in Figure 15.5 where 
signal sampling and vote encoding occur at the receiving sites and 
the coded information is passed over the base station control system 
to the control centre. This method is necessary when the selection is 
made on a signal strength basis, but where the signal-to-noise ratio is 
used for the selection the sampling and encoding can be done at the 
control centre taking into account the noise occurring in the control 
network. Receiver voting systems operate very quickly, and changes 


Site A Site B Site C 


MES 


Voting 
encoders 
RCP LTU LTU 
Land lines or Line 
radio links terminating 
units 


LTU and 


voting 
decoder 


Voted best received 
signal 


Operators 
control 
unit 


Figure 15.5 Radio scheme with one transmit/receive plus two receiver-only 
stations with voting 
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of the selected receiving site may occur several times during a message 
without the despatcher’s awareness. 

The broadcast transmit and receive paths are not always recipro- 
cal, for instance when low power hand-portables are integrated with 
higher power vehicular mobiles. In these circumstances the use of 
additional receiver-only fill-in stations is an economic and satisfactory 
proposition. 

Base transmitter control poses a problem much more difficult to 
resolve. The selection of a base transmitter to communicate with a 
mobile whose precise whereabouts may be unknown, the broadcast- 
ing of messages to all, or groups of, mobiles whose locations may 
be widespread, and the provision of talk-through between mobiles 
are all facilities required on major systems, and difficult to provide 
satisfactorily. Apart from trunking, which can be economic only on 
very large networks, there are three traditional methods of operating 
the base transmitters on wide area schemes: manual selection, auto- 
matic selection and simultaneous transmission from more than one 
transmitter. 


Manual transmitter selection 


On many systems the despatchers select the transmitters manually. It is 
the simplest and least expensive method but has serious disadvantages: 


1. Making the selection may entail trying a number of transmitters 
before sending the message, increasing the operator’s work load 
and wasting air time. 

2. Mobiles outside the service area of the selected transmitter may 
call, interrupting an existing conversation, either because they are 
unaware that the system is engaged or have received a poor signal 
that they believe may have been intended for them. Transmitting 
bursts of ‘engaged’ pips sequentially over the unselected transmit- 
ters during pauses in the despatcher’s speech alleviates the first 
situation; the use of selective calling overcomes the second. 

3. Broadcast messages must be transmitted on each transmitter in turn 
and talk-through between mobiles which are not in the service area 
of the same transmitter is not practicable. 


Automatic transmitter selection 


Selecting the transmitters automatically, or semi-automatically, is an 
improvement over manual selection. On a system where the mobiles 
are not equipped with selective calling and automatic acknowledge- 
ment of a call, automatic selection of transmitters can only occur on 
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receipt of a call from a mobile. The transmitter through which to reply 
is then selected by the receiver voting system at the same time as it 
selects the signal to present to the despatcher. The selection is made at 
the start of the call and, because of the switching times involved, the 
transmitter selected 1s retained for the duration of the call. On these 
open channel systems, a calling despatcher must initially manually 
select a transmitter. 

On systems where selective calling and auto-acknowledgement 
of a call are provided, the system can be made fully automatic by 
transmitting the data corresponding to a mobile’s call sign from each 
transmitter in turn until a satisfactory acknowledgement is received. 
The successful transmitter is then retained for the duration of the con- 
versation and, at its conclusion, is usually the one used to commence 
another call. 

Such a system overcomes the disadvantage of the need to manually 
select the transmitter but the problems with mobiles outside the service 
area of the selected transmitter, and of broadcasting and talk-through, 
remain. 


Simultaneous transmission 


Operationally, simultaneous transmission from all sites is ideal and, 
under various names such as Spaced Carrier, Simulcast and Quasi- 
synch., has been around since the mid-1940s. Its operational value is 
proven but systems require special care in their planning, adjustment 
and subsequent maintenance. 

An early form of simultaneous transmission was the amplitude 
modulated spaced carrier system. Used very successfully at VHF on 
systems using 25 kHz channel separation, the transmitter carrier fre- 
quencies were separated by 7 kHz — above the mobile receivers’ audio 
pass-band. With the reduction of channel spacings to 12.5 kHz, spaced 
carrier operation on this basis was no longer possible and alternatives 
are to either synchronize, or very nearly synchronize, the carrier fre- 
quencies. There are, however, undesirable effects of synchronous and 
quasi-synchronous transmission but, with care, these can be reduced 
to an acceptable level. They are: 


1. The beat note between transmitters being audible in the mobile 
receiver. 

2. Variations in signal level due to interference patterns between sig- 
nals from more than one transmitter. 

3. Distortion due to audio phase differences and differing modulation 
levels when signals of comparable strength are received from more 
than one transmitter. 
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The beat note is easily dealt with. It is rendered unobjectionable either 
by placing it outside the mobile receiver audio pass-band — which is 
the usual method — or by synchronizing the transmitter carrier fre- 
quencies so that no beat note is produced. Synchronization, however, 
raises other problems, which are particularly severe at VHF but less 
so at UHF. 

The spaced carrier system placed the beat note above the receiver 
pass-band, but modern systems place it below. This means that the 
beat note between the lowest and highest carrier frequencies must be 
below about 150 Hz if it is to be unobtrusive. Tests have shown the 
optimum carrier separation to be from 0.5 Hz to 4Hz between any 
two transmitters using amplitude modulation, and from 5 Hz to 40 Hz 
between adjacent frequency transmitters using angle modulation. 

Two transmitters on the same or closely-spaced frequencies pro- 
duce deep nulls in the received signal in the areas where they pro- 
vide almost equal strength signals. This is a natural phenomenon and 
the effect can only be reduced by the correct siting of stations and 
antenna configurations. Because of the longer wavelength the effect is 
more detrimental at VHF than UHF. Where the frequencies are quasi- 
synchronous the interference pattern is continually moving, but with 
synchronized carriers the pattern is virtually stationary and at low band 
VHF wavelengths it is possible to stop a vehicle in a place of semi- 
permanent zero signal. While moving slowly in an area of equal signal 
strengths from two transmitters, the cancellations become very objec- 
tionable. At 450 MHz the distance between the nulls is so short that 
it is almost impossible to remain in one, and while moving they are 
unnoticed. Strong signals in the overlap areas minimize the time that 
the signals fall below the receiver noise threshold at each cancellation. 
They are the key to reducing the annoyance from the cancellations. 
Amplitude modulated systems have an advantage in that the receivers 
produce less severe bursts of noise during the signal nulls. 

The audio distortion, provided the equipment does not introduce 
significant additional harmonic distortion, is attributable to audio phase 
differences in the signals received from more than one transmitter. 
For the distortion to be severe, the received signals must differ by 
less than 6dB on an angle modulated system; capture effect in the 
receiver removes the audible effects at greater differences. 

The phase differences arise from differing audio characteristics in 
all the circuits in the path including land lines, radio links and control 
equipment. Common to all systems are the phase differences due to 
the different path lengths from the control centre to a receiving mobile, 
but where land lines or multiplexed circuits are used for the control 
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of the base stations, variable bulk and group delays and frequency 
translation errors can present serious difficulties. Tests have shown 
AM to be slightly more tolerant than angle modulation in respect of 
this type of distortion, phase delays of 100 us being acceptable with 
AM compared with 70 us with FM. 

Differing path lengths between the control centre to the transmit- 
ting sites can be equalized by installing audio delay circuits at the 
transmitters. The path lengths from each transmitting site to all the 
places where equal signals occur must then be less than about 21 km 
(equivalent to 70 us) for acceptable quality. Modern techniques enable 
delays to be dynamically equalized to compensate for variations in 
the path. 

Figure 15.6 shows the layout of a multi-station scheme including 
the audio delays. However, signals do not confine themselves to neat 
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Figure 15.6 Quasi-synchronous transmitter system 
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circles and the worst situation is where the signals from two trans- 
mitters arrive at a mobile more or less equal in strength and phase. 
In this situation, apart from the ripple caused by the carrier frequency 
offset of the transmitters, a satisfactory signal would still be received 
but, occasionally, the presence of a weaker signal from a third, dis- 
tant station (C in Figure 15.6 ) intrudes during the cancellation periods 
and, because of its long path length, introduces severe distortion. The 
area where this situation occurs 1s often small and the areas of overlap 
can usually be moved slightly by adjustment of either the transmitter 
power or antenna directivity. 


V C 


Via 
Note Although the voltage across a resistor is 
in phase with the current through the 
resistor, both are out of phase with the 


applied voltage. 
You can calculate the phase angle by using 
this formula: 


| c l Xc 
tan = — = PA = 
Ve  2m7fRC R 
As an example, calculate the phase angle 


when 160 Hz is applied to a 3.9 kQ resistor 
in series with a 0.1 UF capacitor. 


| l | 
tan9 = - 7 7 = — 2.564 
2X 7X 160 X 3.9 X 10° X0.1 X10 * 
You can calculate the inverse tangent of 
2.564 on your calculator and find that the 
phase angle is 68.7 degrees, which means 


that V R leads Vin by 68.7 degrees. This also 
means that VC lags the input by 21.3 
degrees. 

In electronics, the diagram shown in Figure 
6.28 is called a phasor diagram , but the. 


16 Signalling 


Many radio receivers are required to respond to instructions sent to 
them over the radio channel to which they are tuned. Several methods 
of signalling these instructions are in use, from the continuous tones 
used for controlling the receiver mute operation to the rapid data 
to initiate channel changes and transmitter power control on cellular 
radio-telephones. 


16.1 Sub-audio signalling 


The slowest signalling system uses continuous sub-audio frequency 
tones. Known as continuous tone controlled signalling (previously 
squelch) system (CTCSS) its performance, in the UK, is specified 
in Radiocommunications Agency specification MPT 1306. The most 
common use for the system is to control receiver mute opening. Per- 
mitting a mute to open only on receipt of an authorized signal, its use 
enables privacy between users to be maintained on shared systems, 
common base station systems for example, and reduces the annoy- 
ance factor from interference in the absence of a signal. Thirty-two 
tones are permitted and assigned by the Radiocommunications Agency 
(Table 16.1). 


Table 16.1 CTCSS tones and modulation levels 


67.0 110.9 146.2 192.8 
71.9 114.8 151.4 203.5 
77.0 118.8 156.7 210.7 
82.5 123.0 162.2 218.1 
88.5 127.3 167.9 225.7 
94.8 131.8 173.8 233.6 
103.5 136.5 179.9 241.8 


107.2 141.3 186.2 250.3 


The tones are transmitted at very low modulation levels 
(Table 16.2). 


Table 16.2 Modulation levels 


System channel Amplitude modulation Angle modulation 


spacing Modulation depth (%) Peak deviation + Hz 
25 kHz 10 to 20 400 to 800 
12.5 10 to 20 200 to 400 


194 


195 


16.2 In-band tone and digital signalling 


16.2.1 Dual tone multi-frequency (DTMF) 


Developed for telephone work, dual tone multi-frequency signalling 
has crept into some radio systems but is slow to operate compared 
with other in-band systems. Two tones are transmitted simultaneously 
to represent each digit. In the UK they conform to the MF4 code 
(Table 16.3). 


Table 16.3 MF4 code of DTMF tones 


Digit Frequencies (Hz) 

1 697 1209 
2 697 1336 
3 697 1477 
4 770 1209 
5 770 1336 
6 770 1477 
7 852 1209 
8 852 1336 
9 852 1477 
0 941 1336 
x 941 1209 
# 941 1477 


Some push button telephones signal to the local exchange by gen- 
erating a combination of two frequencies. Each row and each column 
of the push button keypad is connected to an oscillator of set fre- 
quency. When any push button is pressed, tones corresponding to its 
row and column frequencies are therefore generated. The row and 
column oscillator frequencies are as shown below: 


1209 Hz 1336 Hz 1447 Hz 


679 Hz 
770 Hz 
852 Hz 


941 Hz 
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16.2.2 5-tone signalling 


So-called 5-tone signalling uses a series of tones — usually five but 
other quantities are used in some systems. The system is popular 
for selective calling and addressing purposes (Table 16.4). There are 
a range of tones established by various organizations but, although 
the tones in each series may be assigned to each digit, equipment 
manufacturers sometimes amend the code and the usage. The rel- 
evant Radiocommunications Agency document is MPT 1316, Code 
of Practice, Selective Signalling for use in the Private Mobile Radio 
Services. 


Table 16.4 5-tone codes 
Standard ZVEI DZVEI EIA CCIR/ CCITT EURO 


EEA 
Tone duration 70 70 33 100/ 100 100 
(ms) 40 
Pause duration 0 0 0 0 0 0 
(ms) 
Code/digit Tone frequency (Hz) 
0 2400 970 600 1981 400 980 
1 1060 1060 741 1124 697 903 
2 1160 1160 882 1197 770 833 
3 1270 1270 1023 1275 852 767 
4 1400 1400 1164 1358 941 707 
5 1530 1530 1305 1446 1209 652 
6 1670 1670 1446 1540 1335 601 
7 1830 1830 1587 1640 1477 554 
8 2000 2000 1728 1747 1633 511 
9 2200 2200 1869 1860 1800 471 
Repeat 2600 2400 459 2110 2300 1063 
Alarm 2800 2600 2400 
Free-tone 1153 
Group tone 970 825 2151 1055 


ZVEl Zuverein der Electronisches Industrie. Designed to operate on 20 kHz chan- 
nel spaced systems. On 12.5 kHz channel spaced systems transmission of 
2800 Hz creates difficulty and depressed ZVEI (DZVEI) was adopted and 
recommended in MPT 1316. 

EIA Electrical Industries Association. 

CCIR Committee Consultatif International Radio Communication. The longer tone 
duration offers robustness against corruption but is slow to operate. Orig- 
inally designed for marine use, each digit was transmitted twice to ensure 
reliability. 

EEA Electronic Engineering Association. Recommended in MPT 1316. 
CCITT International Telegraph and Telephone Consultative Committee. 
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16.3 Digital signalling 
FFSK 


Many analogue modulated systems use digital signalling in the form 
of 1200 bit/s fast frequency shift keying which is faster than 5-tone 
but less robust. 


DCS 


Digitally coded squelch (DCS) is a digital, but slower, alternative 
to CTCSS. It is not in current use in the UK. DCS continuously 
repeats the constant binary bit pattern of a 23 bit word. Golay error 
coding reduces the number of data bits to 12 of which 3 initiate the 
Golay sequence leaving 9 information bits, 1.e. a 9 bit word. With 
a Obit word, 2? = 512 codes are possible but, because of problems 
with the frequencies produced, the codes with 7 or more Is or Os in 
succession are discarded leaving 104 ‘clean codes’. The transmitted 
rate is 134bit/s and the highest fundamental frequency is therefore 
67 Hz. The lowest fundamental frequency is produced when 6 zeros 
follow 6 ones = 1/6th of the fundamental frequency = 11.7 Hz. The 
important harmonics are: 


third = 201 Hz 
fifth = 335 Hz 
seventh = 469 Hz 


The seventh harmonic is well within the audio pass band of most 
receivers but at 3 octaves from the fundamental is relatively weak. 


16.4 Standard PSTN tones 


Signal 
UK USA 
A A 
$ 5 $ 5 
Y O Y N 
N Y S Y 
Y SN N SN N 
§ $ § S § 
S R 2 g = 
Number unobtainable 400 Hz Continuous 500 + 600 Hz Interrupted every second 
Number busy 400 Hz 0.75 s on, 0.75 s off 480 + 620Hz Interrupted once per second 
System busy 400 Hz 0.4s on, 0.35 s off, 480 + 620Hz Interrupted twice per second 
0.225s on, 0.525 s off 
Dial tone 50 Hz 350 + 440 Hz 
33.3 Hz 
Ringing tone 400 Hz, or 0.4s on, 0.28 off, 440 + 480 Hz Interrupted once per second 
400 + 450 Hz, 0.4s on, 2s off 
modulated by 
17, 25, or 50 Hz 
Pay tone 400 Hz 0.125s on, 0.125 s off 
Time tones 900 Hz 0.15s on, 0.85s off. Three 


times every three minutes 
Recorder warning 1400 Hz One burst, every 15s 
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17 Channel occupancy, availability 
and trunking 


17.1 Channel occupancy and availability 


The usefulness of any communications network depends on successful 
calls. Assuming that no calls fail for technical reasons, the success rate 
depends on the amount of traffic on the channel and how well it is 
managed. Channel occupancy 1s a measure of the amount of traffic 
carried and is affected by: 


1. the number of subscribers (mobiles on a radio network) 
2. the number of calls per subscriber in a given time 
3. the average duration of each message. 


The occupancy of any system varies hourly, daily and possibly sea- 
sonally. To be successful the network must be able to cope with the 
traffic during the periods of highest occupancy and, when consider- 
ing occupancy it is usual to examine the conditions over one hour, 
the “busy hour”. The occupancy of a channel can be expressed as a 
percentage: 


nct 
Channel occupancy = T 
where 
n = number of subscribers (on a mobile radio system, mobiles on 
watch) 


c = call rate (number of calls per subscriber in 1 hour) 
t = average message duration in seconds 


Occupancy may also be expressed in erlangs where continuous traf- 
fic, 1.e. 100% occupancy over a specified period, is 1 erlang. Less 
than 100% occupancy is expressed as a decimal fraction, e.g. 30% 
occupancy is 0.3 erlang. Demand may also be expressed in traffic 
units, A: 


Ct 
A = — erlangs 
T 


where C is the number of calls in time T and í is the mean call 
duration. 

The amount of congestion occurring on a system can be defined 
by the grade of service it offers. Grade of service is expressed as a 
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percentage in terms of the probability of meeting either congestion or 
waiting more than a specified delay before a call can be established. 
Erlang’s formula is: 


AN IN! 


Grade of service = _—_—a2——————— ~~~ 
1 + A + A?/2! + A3/3!+---+A/M! 


where A is the number of traffic units (erlangs) and N is the number 
of outlets (trunked channels). 
The probability that delayed calls will have to wait more than a 
specified time (W > t) is: 
(C — A)t 
P(W > t) = exp (E) 


where 

A = traffic units (erlangs) 

C = number of trunked channels 

H = mean call duration in busy hour 


The above assumes that: 


. the number of users is infinite 

. the intervals between calls are random 

. call durations are random 

. call set-up times are negligible 

. delayed calls are queued so that they are dealt with on a first come, 
first served basis. 


nm BR WN RR 


The number of potential radio users is continuously growing and any 
technique that makes more effective use of the finite radio spectrum is 
welcome. Whenever technology has permitted, higher frequencies and 
reduced channel spacings have been employed in the attempt to meet 
the demand. A method of making more effective use of the available 
spectrum is trunking. 


17.2 Trunking 


The generally accepted term for the automatic allocation of communi- 
cation channels to subscribers on demand is trunking, and a “trunked 
radio system’ is one in which many users share the use of a common 
pool of radio channels. Channels from the pool are allocated to users 
on demand and as they become unoccupied; no channels are allocated 
to specific users or groups of users. 
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When making a telephone call, provided the speech quality is good 
it is immaterial which route the call takes. The same applies to radio; 
providing the message reaches the right person quickly, the radio fre- 
quency which carries it does not matter. 

Most trunked radio systems use a calling channel on which calls 
are requested. When a call is established and accepted a working 
channel from the pool is allocated for the duration of the call and at 
its termination the channel is returned to the pool for re-allocation to 
another user. The important principle is that any user has access to any 
free channel. This has the advantage that more mobiles per channel 
can be accommodated, or a better grade of service, i.e. less waiting 
time for access, can be provided. Basic trunked systems are unsuitable 
where everyone using the system needs to be a party to every call but 
the latest trunked mobile radio system arrange, on receipt of a call, to 
assign a working channel to a particular group of mobiles where they 
operate within the service area of one base station. They then operate 
on an ‘all informed’ basis. 

Trunking provides the most benefit when the number of channels 
required is greater than the number assigned to the system. The effec- 
tive gain in the number of mobiles that can be accommodated on a 
trunked system is illustrated by the following example: 


A single radio channel with an efficient signalling system offering a 30% 
grade of service can accommodate 90 mobiles with a mean waiting time 
of 20 seconds if each mobile makes I call. Twenty non-trunked channels 
cater for 1800 mobiles. A 20 channel trunked system under the same 
conditions can accommodate 3430 mobiles with a mean waiting time of 
16.4 seconds, a trunking gain of over 170 mobiles per channel. 


The mobile transmitter/receivers used on trunked systems are more 
complex than those used on systems where channels are permanently 
allocated because the mobiles must either scan the channels searching 
for an available one or one containing a call directed to them, or 
listen continuously on a channel designated for calling. In the latter 
case when a call is initiated, a complex ‘handshake’ procedure occurs 
and the mobile is automatically switched to the channel allocated for 
that conversation. The band II public access mobile radio (PAMR) 
networks use a calling channel and many common base station (CBS) 
systems use channel scanning methods with no calling channel. 
Working channels may be assigned for the duration of conversa- 
tion, which is message trunking, or for the duration of a transmission, 
which is transmission trunking. With either type of trunking the chan- 
nel is not returned to the pool immediately the signal from the mobile 
is lost; some waiting time is essential to cater for short-term signal 


203 


dropouts but with message trunking the channel is retained for a longer 
period of time to allow the complete conversation to take place. On 
a very busy system this is wasteful and, on a system with very rapid 
signalling, transmission trunking may be used. Then the use of the 
working channel is lost very soon after the cessation of transmission 
and a new working channel assigned on its resumption. Some net- 
works automatically migrate from message trunking to transmission 
as traffic increases. 


17.3 In-band interrupted scan (IBIS) trunking 


IBIS trunking is a method which is finding favour for common base 
station applications. All channels are used for communication with no 
dedicated calling channel, thus making the most effective use of the 
channels available. 

On a CBS system all users access the base station, which operates 
talk-through, by radio. Each user is allocated his own continuously 
coded squelch system (CTCSS) tone to access the base station and to 
prevent overhearing by other users. A trunked common base station 
contains the transmitters and receivers for a number of radio chan- 
nels and when the system is quiescent transmits bursts of an in-band 
(speech band) free-tone — 1953 Hz is one that is used — on one channel 
only. The mobiles, which are fitted with decoders to recognize both 
the free-tone and their CTCSS tone, scan all channels looking for one 
containing free-tone onto which they lock. Should the mobile operator 
press the transmit button the transmitter will only be enabled when 
the mobile receiver is on a channel containing either the free-tone 
or its CTCSS code. As soon as the channel becomes occupied the 
base station commences to radiate free-tone on another channel and 
mobiles of other user groups re-lock onto the new free channel. When 
either a mobile or the control station, which is a fixed mobile, makes 
a call it is on the channel radiating free-tone and the transmission 
contains the CTCSS code allocated to that user group. The repeater 
re-transmits the CTCSS code which activates the calling mobile and 
all other mobiles within that group. Mobiles of other user groups sens- 
ing the alien CTCSS tone leave the channel and continue scanning for 
a free channel. If all channels are engaged, the caller hears a ‘busy’ 
tone and must try again later. 


17.4 Trunking to MPT 1327 specification 


Specification MPT 1327 produced by the Radiocommunications 
Agency lays down a signalling standard for trunked private land 


mathematics involved are the same as for 


vector diagrams, with which you should be 
familiar. 

Question 

Sketch a phasor diagram using the angles © 
and QQ resulting from the calculations in this 
problem. Use a separate sheet of paper for 
your diagram. 

Answer 

See Figure 6.29 . Note that the phasor 


diagram shows that the magnitude of VC is 
greater than VR. 


Figure 6.29 
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24 Using the component values and input 
signal shown in Figure 6.30 , answer the 


following questions. 
Figure 6.30 
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mobile radio systems. The system uses fast frequency shift keying 
(FFSK) at 1200 bit/s with time division random access. The mobiles 
operate two-frequency semi-duplex and the base stations or trunking 
system controller (TSC) operate full duplex. A calling channel is used 
for call establishment but may be either dedicated or nondedicated. 
After a call is established messages are transmitted over a traffic 
(working) channel. The basic components of the signalling format, 
in sequence, are: 


1. The link establishment time (LET), a period of transmission of 
undefined modulation. 

2. A preamble comprising a sequence of bit reversals 1010. ..10, min- 
imum 16 bits and ending with a binary zero for the receiver data 
demodulator to achieve synchronization. 

3. A message. A contiguous transmission of a synchronization se- 
quence, address codeword and, where appropriate, data codewords. 

4. A hangover bit, H, of either binary zero or binary one, added 
to the last transmitted message identifying the end of signalling 
transmission. 


The message synchronization sequence for both control and message 
channels consists of 16 bits, the first bit being a binary one on a control 
channel and binary zero on a traffic channel. 

Messages, whether address or data, are transmitted in 64 bit code- 
words. The first bit, bit 1, indicates the status of the codeword. Binary 
one denotes an address word, binary zero, a message word. Bits 2—48 
are the information field and bits 49—64 are check bits. 
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18 Mobile radio systems 


18.1 Paging 


Where an immediate reply to a message 1s not essential, paging sys- 
tems, which are basically a one-way path from controller to mobile, 
are an economic option. Paging is also spectrally economic, only one 
frequency being required and messages being of very short duration. 
The recipient of a call may be merely alerted by means of a tone emit- 
ted by the paging receiver or, if silent alert is required, a vibration. 
Alternatively, pagers displaying, and storing, alpha-numeric messages 
are readily available. Message handling services are also offered on 
some paging systems. 

On-site paging systems are usually owned or rented by the user 
and consist of either a radio base station or, in the case of a non-radio 
system, an inductive loop around the perimeter of the service area. 
The details of on-site paging systems and the Radiocommunications 
Agency specifications governing them are: 


RF frequencies: 


on-site, 26 MHz and 31 MHz bands, MPT 1365 
49.0-49.5 MHz, MPT 1335 

160-161 MHz 

458-459 MHz, MPT 1305 


Channel spacings: 


12.5 kHz in the VHF bands and 25 kHz in UHF band 
Modulation: 


FM, FFSK data 


Wide area, national or international systems are generally owned by a 
network provider to whom the user subscribes for the service. There 
are frequencies allocated in the high VHF and UHF bands. The appro- 
priate specifications are MPT 1308 for receivers and MPT 1325 for 
transmitters. 

The Post Office Code Standardization Group (POCSAG) standard 
which has been adopted by the CCITT allows the transmission of mes- 
sages at arate of 10 calls per second and a capacity of 1 million pagers 
with up to four alternative addresses per pager. The recommended bit 
speed is 512 bit/s with direct FSK deviating the transmitter frequency 
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by +4.5kHz. Positive deviation indicates a binary zero and negative 
deviation a binary one. 

In America the Golay sequential code is widely used for paging 
addressing. The format for tone-only paging consists of 12 address 
bits followed by 11 parity bits for each 23 bit word. Two bit rates 
are used, 300 bit/s for address codewords and 600 bit/s for message 
codewords. 

There are European paging and message systems in operation 
including Euromessage and the frequency agile European Radio Mes- 
sage Service (ERMES). 


18.2 Cordless telephones 
CT1 


The first generation of cordless telephone, still very popular in the 
UK, is designed to serve the domestic environment with a range of 
100 m. The base station transmits on one of eight frequencies between 
1.6 MHz and 1.8 MHz, and the handset on one of eight frequencies 
in the 47 MHz band. Frequency modulation is used with a deviation 
of +4 kHz at the base station and 2.5 kHz at the handset. MPT 1322 
applies and permits an erp of 10mW at both the base station and the 
handset. 


CT2 


The second generation of cordless telephone. The services, under 
various names, telepoint, phonezone, etc. were planned to provide 
for the general public a lower cost alternative to the cellular radio- 
telephone networks which were seen at the time as a businessman’s 
preserve. However, the low market uptake caused their demise in the 
UK although services are thriving in some European and Far Eastern 
countries. 

One hand-portable transmitter/receiver can operate to a local base 
station installed in the home or office, or through one of a number 
of multi-channel base stations with a range of approximately 200m 
installed in public places. While away from the local base station the 
subscriber must initiate a call: calls cannot be made from the PSTN 
to a CT2 subscriber’s handset. 

The operational frequencies are in the band 864.1 to 868.1 MHz 
and employ time division multiple access. Speech is digitized at 
32 kbit/s, stored, and then transmitted at 64 kbit/s in 1 ms slots. This 
leaves the alternate 1 ms slots available for the digitized and stored 
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speech of a reply. Duplex operation is achieved in this way on a single 
radio frequency. 

Inter-operability between networks was to be ensured by specifi- 
cation MPT 1375 Common Air Interface. 


Digital European cordless telephone (DECT) 


A pan-European system complying with an ETSI standard, DECT 
operates in the 1880 to 1900 MHz band. It offers data handling facili- 
ties and the ability for a subscriber to receive calls while away from the 
local base station. The techniques are similar to those used for GSM 
although, because the mobile is virtually stationary, the constraints 
on data transmission are less severe and no hand-off is required. The 
20 MHz RF bandwidth is divided into 13 carriers spaced at 1.7 MHz 
intervals, each carrier containing 12 TDMA channels with GMSK 
modulation. 

CT3 is developed from DECT and operates in the band 800 to 
900 MHz. Each 8 MHz section of that band is divided into 1 MHz 
blocks, each containing sixteen 1 ms time slots. 


18.3 Trunked radio 
Bank III trunked radio 


So-called because it occupies part of the now redundant television 
band III, 174 to 225 MHz, and often referred to as private mobile radio, 
this is a subscriber access system. The network has almost nationwide 
coverage in the UK, arranged on both local and regional bases. The 
network permits radio communication between a fixed office station 
and mobiles, mobile to mobile, and limited access from mobiles to 


the PSTN. 
The relevant Radiocommunications Agency specifications are: 


MPT 1323 Angle-modulated Radio Equipment for Use at Base 
and Mobile Stations Private Mobile Radio Service 
Operating in the Frequency Band 174-225 MHz. 

MPT 1327 A Signalling Standard for Trunked Private Land 
Mobile Radio Systems. 

MPT 1343 System Interface Specification for Radio Units to be 
Used with Commercial Trunked Networks 
Operating in Band III sub-band 2. 

MPT 1347 Radio Interference Specification for Commercial 
Trunked Networks Operating in Band III 
sub-band 2. 
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MPT 1352 Test Schedule. For Approval of Radio Units to be 
Used with Commercial Trunked Networks 
Operating in Band III sub-band 2. 


Frequency modulation is used with FFSK signalling, a channel spacing 
of 12.5kHz and TDMA techniques (Section 17.4). 


Trans-European trunked radio (TETRA) 


A new European standard for digital trunking. The system is aimed 
at PMR users and will employ TDMA with four users sharing a 
25 kHz radio channel with the option of two users on a 12.5 kHz 
channel. Speech will be digitally encoded at 4.8 kbit/s and transmitted 
at 36 kbit/s (gross bit rate including error correction overhead) using 
11 /4 differential quaternary phase shift keying (DQPSK). 


Digital short range radio (DSRR) 


This utilizes trunking techniques but with no infra-structure of control 
or switching centres; mobiles work to mobiles via a locally installed 
repeater. It offers great potential for short-term hire for local events. 
The band 933 to 935 MHz has been allocated to the service and accom- 
modates 76 traffic and 2 control channels separated by 25 kHz. The 
operating procedure may be either single-frequency simplex or two- 
frequency semi-duplex. Mobiles remain on standby waiting to receive 
their selective signalling code (SSC) on one of the two control chan- 
nels; mobiles with even serial numbers normally listen on control 
channel 26 and those with odd serial numbers on control channel 27. 
A mobile wishing to initiate a call first scans for a free traffic channel 
and, having obtained one, selectively addresses the intended recipients 
of the call over the relevant control channel. The recipient mobiles are 
then instructed automatically by the system to go to the appropriate 
traffic channel. 

The modulation is GMSK at 4 kbit/s for addresses and 16 kbit/s 
for speech and data messages. The maximum transmitter erp is 4 W. 


18.4 Analogue cellular radio-telephone networks 


Analogue networks are becoming obsolete and are being replaced by 
digital cellular networks. There are no analogue networks operating 
in the UK and the frequency bands that they used to occupy are now 
reassigned to GSM operators. 
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However some countries still have an analogue service based on 
AMPS or TACS. These provide national coverage with roaming facil- 
ity and hand-off from cell to cell as a mobile travels across the 
network, calling for more complex signalling than local trunking. 

The control system must know at all times the location of all 
operational mobiles. It does this by continuously monitoring signal 
strength and instructing the mobile to change channel as it crosses 
cell boundaries. 

To permit the maximum re-use of frequencies mobiles are 
instructed by the system controller to reduce transmitted power to the 
minimum necessary for acceptable communications in either eight or 
five steps, depending on the mobile classification, to 0.01 W. Mobiles 
are classified by their maximum effective radiated power output: 


Class 1 10 W erp, vehicle mounted 
Class 2 4 W erp, transportable 
Class 3 1.6 W erp, transportable 
Class 4 0.6 W erp, hand-portable 


The channel separation is 25kHz with a peak speech deviation of 
+9.5 kHz. Signalling is by Manchester encoded PSK at 8 kbit/s with 
6.4 kHz deviation. 

To discriminate between stations transmitting on the same RF 
channel an FM supervisory audio tone (SAT) is transmitted concur- 
rently with speech at +1.7 kHz deviation. There are three such tones: 
5970, 6000 and 6030 Hz. 

An FM signalling tone (ST) of 8kHz transmitted for 1.8 seconds 
(deviation = +6.4kHz) indicates the clear-down of a conventional 
telephone call. 

The advanced mobile phone service (AMPS) is the American cel- 
lular system designed for 30kHz channel spacing with a 10 kbit/s 
signalling rate. TACS is based on the AMPS system but modified for 
reduced channel spacing. Narrower channel spacing systems (NAMPS 
and NTACS) are also found in some countries. 


18.5 Global system mobile 


Global system mobile (GSM), formerly known as Groupe Speciale 
Mobile, is the pan-European digital cellular radio-telephone service. 
The operational requirements for GSM are severe, e.g. 1t must operate 
satisfactorily to a person walking, or in a slowly moving vehicle, in a 
street where much of the furnishings will introduce multi-path fading, 


210 


and operate to a train travelling at 250 km/hr where Doppler frequency 
shift becomes significant. To reduce the corruption, a high degree 
of error detection and correction must be applied which increases 
the occupied bandwidth. To compensate, to some extent, for this, the 
system takes full advantage of the redundancy in speech to reduce the 
bandwidth during synthesis. 

GSM operates full duplex in the band 890-915 MHz, up-link and 
935-960 MHz, down-link. 

A combination of FDMA and TDMA is employed. Each allocated 
band of 25 MHz is divided into 125 carriers spaced 200 kHz apart. 
The subdivision of each transmitted bit stream into 8 TDM time slots 
of 540 us gives 8 channels per carrier and 1000 channels overall. 
Modulation is Gaussian minimum shift keying (GMSK). 

Speech synthesis is by speech codec using linear predictive coding. 
It produces toll quality speech at 13 kbit/s. 


18.5.1 Emergency locator service 


The FCC in the US has placed a requirement on mobile phone oper- 
ators to provide an emergency location service, referred to as E911. 
The aim is to locate people who need emergency services, but are not 
able to indicate their location either through injury or through lack 
of local knowledge. The locator service may also deter hoax calls (or 
help to catch people making hoax calls) and could have commercial 
applications in providing directions to businesses such as garages and 
restaurants. 

There are two options: handset based solutions or network-based 
solutions. The handset-based solutions generally rely on signals picked 
up from the global positioning system (GPS). Network-based solutions 
rely on the timing difference in the arrival of signals from neighbour- 
ing cell sites. In network based solutions, the E911 requirement is 
for the mobile phone to be located within 100 metres at least 67% 
of the time and to within 300 metres in 95% of cases. In handset- 
based solutions, the location distances are 50 metres and 100 metres, 
respectively. 


18.5.2 Data over GSM 


Standard GSM data service allows a maximum of 9600 baud data rate 
transmission. An enhanced data rate of 14.4 kbps is also possible with 
some terminals. 
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The data link can be either synchronous or asynchronous and the 
data is conveyed through the network using an ISDN-based data proto- 
col, the ITU-T standard V.110 rate adaptation scheme. Asynchronous 
transmission requires start and stop bits to be added, so the net data rate 
is reduced to 7680 bits per second (bps). Synchronous transmission 
potentially allows a faster data rate, but error checking is employed 
that requests re-transmission of data when errors are identified and 
this can produce a lower overall data throughput. 


18.5.3 High-speed circuit switched data (HSCSD) 


HSCSD allows higher data rates by combining up to four 14.4 kbps 
data channels together. A maximum data rate of 57.6 kbps is possible. 


18.5.4 General packet radio service (GPRS) 


GPRS combines up to eight 14.4kbps channels to give data rates of 
up to 115.2 kbps. At these rates, Internet browsing is possible. GPRS 
supports X.25 and IP based transmission, which includes wireless 
application protocol (WAP) data. 


18.6 Other digital mobile systems 


Second generation mobile systems are digital systems. The GSM sys- 
tem has been described in Section 18.5. This section describes the 
GSM1800 system, the personal communications system (PCS1900, 
sometimes known as personal communications network or PCN) and 
third generation systems. 


18.6.1 GSM1800 (DCS1800) 


The GSM1800 system operates in the 1840-1880 MHz band, with a 
carrier spacing of 200 kHz. Each carrier gives multiple access through 
time division multiple access (TDMA). It is a lower power version of 
GSM900, which operates in the 900 MHz band. A GSM1800 handset 
has a maximum power output level of 1 watt, rather than the 2 watts 
of a GSM900 handset. 

Voice coding can be either: half-rate using VSELP at 5.6 kbps, 
full-rate using RPE-LTP at 13 kbps, or enhanced full rate (EFR) using 
ACELP at 12.2 kbps. Convolutional coding is used at a rate of 5 to 
reduce the effects of noise and errors on the radio channel. The radio 
carrier modulation is Gaussian minimum shift keying (GMSK). 
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18.6.2 PCSI900 (IS-136, or PCN) 


The personal communications system (PCS) is based on GSM and 
used time division multiplexing to provide separate channels over 
each radio frequency. Convolutional coding is used at a rate of 1 
to reduce the effects of noise and errors on the radio channel. Each 
carrier is spaced 30 kHz apart and offset quadrature phase-shift keying 
(OQPSK) is used to modulate the carrier. 

The voice-coder (vocoder) used by PCS1900 is either full-rate 
using VSELP at 7.95 kbps or enhanced full rate (EFR) that uses 
ACELP at 7.4kbps. The EFR scheme was developed for use in 
PCS1900 and has since been adopted by both GSM900 and GSM1800 
networks because it improves the audio quality. Previously, GSM used 
either a half-rate (HR) or full-rate (FR) vocoder. 


18.6.3 Third generation systems 


The so-called 3G systems have been described using a number of 
terms: UMTS, IMT-2000, cdma-2000, w-cdma, etc. There are varia- 
tions between the proposed standards, but in general they all use code 
division multiple access (CDMA), convolutional coding, quadrature 
phase shift keying and time or frequency division duplexing. 

Third generation systems will operate in the 1885-2025 MHz band 
and in the 2110-2200 MHz band. Initially the lower band between 
1980 and 2010 MHz will not be allocated, nor will the upper band 
between 2170 and 2200 MHz. However, the full bands will be avail- 
able when existing services in these bands can be moved (such as 
PCS1900, PHS and DECT). 

The code division multiple access (CDMA) modulation scheme 
allows several channels to occupy the same frequency band. CDMA 
1s a form of spread spectrum encoding. The digitized speech signals are 
coded using a unique code, known as a spreading code, so that one bit 
of speech code produces many encoded bits. When demodulated and 
mixed with the same spreading code, the original data is recovered. 
Receivers that use a different spreading code are unable to recover 
this data, but they are able to recover data intended for them. 


18.7 Private mobile radio (PMR) 


These systems are privately owned or rented and may be used only 
by the owner’s own staff for the purpose of the owner’s business. The 
leasing of air-time is forbidden. Common base station or community 
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repeater systems where several users subscribe to, and use, the station 
1s often also referred to as PMR. 


18.8 UK CB radio 


27 MHz band: 27.60125 to 27.99125 MHz 


40 channels at 10 kHz spacing. 

Max. erp, 2 W; max. transmitter output power, 4 W. 

Antenna: single rod or wire, 1.5m overall length, base loaded. 

If mounted higher than 7m transmitter output to be reduced at 
least 10 dB. 

Modulation: FM only, deviation +2.5 kHz max. 


934 MHz band: 934.025 to 934.975 MHz 


20 channels at 50 kHz spacing (may be reduced later to 25 kHz). 
If synthesizer used spacing may be 25kHz on precise channel 
frequencies specified. 

Max. erp, 25 W; max. transmitter output power 8 W. If antenna 
integral, max. erp, 3 W. 

Antenna: may have up to four elements, none exceeding 17 cm. 
If mounted higher than 10m, transmitter output to be reduced at 
least 10 dB. 

Modulation: FM only, deviation +5.0 kHz max. 


Spurious emissions: for both bands, not exceeding 0.25 uW except 
for specified frequency bands where the limit is 50n W. 

For latest full specifications see publications MPT 1320 (27 MHz 
band) and MPT 1321 (934 MHz band) obtainable from the Information 
and Library Service of the Radiocommunications Agency. 
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Questions 
Find the following: 


The current flowing through the circuit: 


F. The phase angle: 


Answers 
A. l 
2Ti 
B. =" g? + 6" =100hms 
C. 


: | Xe 
Vout = Ve = Vin A a =% volts 


| Vr = Vin A > = 6 volts 
E y 10 V 
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19 Base station site management 


The information in this chapter applies mainly to sites for stations 
operating at VHF and above. Some conditions will be different for 
stations working at lower frequencies due to the generally physically 
larger transmitters and antennas. 


19.1 Base station objectives 


The objectives of a radio base station are: 


1. To provide an adequate service over the whole of the desired ser- 
vice area in a well-defined manner. Special consideration must be 
given to those areas where, because of their location, weak signals 
or a high ambient electrical noise level might be expected. 

2. To create the minimum interference with other radio users and be 
designed to receive the minimum from other users. 

3. To be electromagnetically compatible with neighbouring installa- 
tions, possibly on the same site. 

4. To create the minimum impact on the environment. 


19.2 Site ownership or accommodation rental? 


The question of whether to privately develop a base station site or 
rent space on someone else’s site may be resolved by the planning 
authorities rather than the developer. Before planning consent will be 
given the developer must normally prove that no existing site will 
meet the requirements. However, assuming that land is available and 
planning consent might be forthcoming, other factors to consider are 
costs, both initial and recurring, and access for services, materials 
during building and tower erection and for maintenance during bad 
weather (Table 19.1). 


19.3 Choice of site 


The first stage in selecting a site 1s to look for an existing site which 
might appear to cover the service area. Information may be avail- 
able from the operators of such sites regarding their coverage, and 
coverage tests may be made or computer predictions obtained. For a 
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Table 19.1 


Initial costs 


Recurring costs 


Other considerations 


Ownership 


Legal charges 
Land clearance 
Provision of services 
Erection of buildings 

and mast or tower 
Installation of equipment 
Provision of standby power 


Maintenance of site 

Power 

Insurance (other than 
radio equipment) 


Very long 
commissioning time 
Site under user's control 
Space may be leased 

to other users 
creating revenue 
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Factors affecting the decision to own or rent 


Rental 


Legal charges 
Connection fee 


Installation of equipment 
Provision of standby power 


Rental 
Normally included in rental 
Normally included in rental 


Very short 
commissioning time 

Site under landlord’s control 

Accommodation will be 
shared with other users 
(install equipment in 
locked cabinet to 
preserve security) 


receiving site the ambient noise level at the base station must also 
be considered. It should be realized that a site, or an antenna, can be 
too high, particularly when coverage is required at very short range 
or 1f interference from other users is likely to occur. Antennas radiate 
the minimum signal along the line of their elements so that vertically 
polarized antennas, 1.e. with the E plane vertical, provide very little, 
if any, signal immediately below them. This creates a hole in the 
coverage, ‘the Polo mint effect’, close to the antenna. 
Where there is capacity on an existing site the possibilities are: 


1. Sharing an existing lightly used radio channel, e.g. common base 
station. 

2. Sharing equipment space in an existing building or providing own 
building or extension on a communal site. 

3. Sharing an antenna by means of multi-coupling or erecting own 
antenna on existing structure. 


19.4 Masts and towers 


Apart from short, unguyed poles mounted on the side of buildings, 
antenna supports fall into two types: guyed masts and self-supporting 
towers. 
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A guyed mast may be a single pole, or a square or triangular section 
lattice structure. The range of single-pole masts includes those of about 
4m maximum height mounted on chimney stacks and secured by wire 
lashings, and poles supported on the ground or the roof of a building. 
The latter types may be up to 30 m high. They are usually constructed 
from steel or aluminium hollow tubular sections — the bottom section 1s 
invariably steel — with a set of guys at about every 5m. Mast erection 
is specialist work but to estimate the approximate height that a site 
can accommodate, a four-guy, single-pole mast requires a minimum 
spacing for the anchorage points in the form of a square with sides 
equal to half the height of the mast. The guys may be of steel, possibly 
plastic-coated, or more likely of synthetic fibre. Steel guys may affect 
the directivity of antennas in close proximity, and if the guys corrode 
at their fixing points, intermodulation interference may result. 

Self-supporting towers come in all heights up to many hundreds 
of feet and may be made of a variety of materials from steel sections 
to concrete. 

The factors determining the type of structure to be erected are the 
number and types of antenna, and the site conditions. 

Antenna considerations: 


Physical dimensions and space requirements. 

Weight. 

Wind loading. 

Directivity. For example, the beam width of a 6.5 GHz, 3.0m dia. 
microwave dish is 0.9 degrees. A tower supporting such an antenna 
must twist, therefore, less than about 0.3 degrees in the highest wind 
likely to be experienced at the site. 

e Access for riggers to antenna mounting positions. 


Site conditions: 


e Availability of space for tower footings, and guys and anchorages 
if a mast is contemplated. 

e Stability and type of ground. 

e Weather conditions. High winds. Accumulation of ice and snow. 
Build-up of ice increases wind loading of antenna — and of mast 
or tower — considerably. There is no point in using grid microwave 
antennas where icing is likely to occur. 

e Aesthetic and planning consent considerations. 


19.5 Installation of electronic equipment 


For radio equipment, safety is one of the first priorities and in addi- 
tion to the electrical considerations, physical hazards must be avoided. 
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Adequate working space must be provided around the equipment 
racks. Much equipment is now wall-mounted but tall, floor-standing 
cabinets must be firmly bolted down to prevent toppling when units 
are partially withdrawn for servicing and cables need to be routed 
safely. Overhead cable trays are generally considered the most satis- 
factory method but, to avoid interaction, it is recommended that cables 
for the various functions be segregated to reduce cross-talk and inter- 
ference. Where cabling enters a cabinet at floor level, mounting the 
cabinet on a hollow plinth and running the cables through the plinth 
avoids damage to the cables and persons tripping over them. 

For low voltage installations (see classifications below) the IEE 
wiring regulations apply. For high voltage installations, recommenda- 
tions are given in BS 6701: part 1: 1990 which also covers accom- 
modation, lighting levels and access arrangements. 

Classification of installations: 


e Extra low voltage. Normally not exceeding 50 V AC or 120 V DC. 

e Low voltage. Exceeding 50V AC or 120 V DC but not exceeding 
1000 V AC or 1500 V DC between conductors, or 600 V AC or 
900 V DC between conductors and earth. 

e High voltage. Exceeding 1000 V AC or 1500 V DC between con- 
ductors, or 600 V AC or 900 V DC between conductors and earth. 


19.6 Earthing and protection against lightning 


Recommendations for earthing are given in BS 7430: 1991. This doc- 
ument covers the earthing of equipment and the principles of earthing 
for protection against lightning. All equipment metalwork must be 
bonded together and connected to the electricity supply earth point, 
the main earth terminal. In addition a connection must be made to the 
earthing system provided for protection against the effects of lightning. 

Antenna systems by their nature are vulnerable to lightning strikes. 
Nearby taller structures may reduce the risk but precautions must still 
be taken. The zone of protection — a cone with its apex at the tip of the 
protecting structure and its base on the ground forming an angle of 45° 
to the perpendicular — does not necessarily protect structures above 
20m high. BS 6651: 1985 is the Code of Practice for the Protection 
of Structures against Lightning. Lightning protection begins at the top 
of the mast or tower where, ideally, the highest item should be a finial 
bonded to the tower. However, a finial mounted alongside an omni- 
directional antenna will affect is radiation pattern. Grounded antennas 
are preferred and the outer conductor of each feeder cable must be 
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bonded to the tower at the top and bottom of its vertical run. Ground- 
ing kits for the purpose are obtainable. The feeder cables must also be 
bonded to an earthing bar at their point of entry to the equipment build- 
ing. The codes of practice should be consulted regarding the routes to 
be taken by earthing tape and the methods of jointing. An important 
point is that neither very sharp bends nor ‘U’ bends are created. 

The legs of the tower must be bonded together with earthing tape 
and each leg connected to an earthing system which may consist of a 
buried plate or rods. Several rods may be necessary for each subsystem 
to attain the specified earth resistance of not more than 10 ohms. The 
rods should, except in rock, be driven into ground which is not made 
up or backfilled or likely to dry out. Where several rods are necessary 
to achieve the specified earth resistance these should be spaced well 
apart, the reduction in earth resistance being small with parallel rods 
closely spaced. Joints to facilitate testing of each subsystem separately 
must be provided either above ground or in a purpose-built pit or 
chamber. Figure 19.1 shows a typical earthing system. 


,__ Lightning finial 
Ss. bonded to tower 
ee Feeder cable outer conductor 
Yi-——— bonded to tower at lop and 
‘bottom of vertical run via 
A feeder grounding kit 


\ Zone of protection 
\ provided by tower 
\ 

N 


hS 
Feeder cable outer conductor 
bonded to earth bar via feeder 
grounding kit | 


Earth bar below 
feeder entry 


Independent earthing 
N s functions, e.g. DC power, 
rT AC power, etc. 
ie (el eae 
Each tower leg bonded Tower and building 
via sacrificial earth lug earth rings interconnected 
to tower earth ring (driven electrode system shown) 


Figure 19.1 Typical example of good earthing practice (© Crown Copyright 1991, 
Radiocommunications Agency) 


The system should be tested regularly, at least annually, and the 
results recorded in a lightning protection system log book. The test 
comprises: 
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1. Measurement of the resistance to earth of each termination network 
and each earth electrode. 

2. Visual inspection of all conductors, bonds and joints or their mea- 
sured electrical continuity. 


BS 7430 recommends the method of testing. 
Other vulnerable systems are overhead cables for either the elec- 
tricity supply or telephone and control purposes. 


19.7 Erection of antennas 


The installation of the antenna probably influences the performance of 
a radio system more than any other part. The heights involved render 
supervision of the installation difficult and, although antennas are rel- 
atively inexpensive, labour charges raise the cost of their replacement, 
and bad weather may delay rigging work. It is therefore important that 
good quality antennas are specified and that the initial installation is 
correct. In addition to the physical mounting arrangements, the dispo- 
sitions of antennas on the structure are important. Some aspects are 
detailed below and MPT 1331 contains more information. 


19.7.1 Directivity 


The radiation pattern diagrams provided in the antenna manufacturers’ 
catalogues are produced by an isolated antenna. They can be greatly 
affected by the proximity of the support structure, e.g. if a dipole is 
mounted close to the leg of a tower, the leg behaves as a reflector and 
the radiation pattern of the antenna approaches that of two-element 
Yagi. The less directional the antenna, the worse the effect. Omni- 
directional antennas should not be mounted on the side of a mast or 
tower if it can be avoided. If an omni-directional antenna must be so 
mounted it should be spaced two wavelengths from it. This is difficult 
to achieve at the lower frequencies considering the antenna dimen- 
sions, weight and windloading. The rear element of a Yagi antenna 
must be one wavelength clear of the structure. To obtain a nominally 
omni-directional pattern a better, albeit expensive, solution is to mount 
a number of antennas, phased correctly, around the tower. 

All antennas should point directly away from the structure, 1.e. at 
right angles to the side of the tower. 

The proximity of metalwork also adversely affects the VSWR of an 
antenna, causing standing waves with their additional voltage stresses 
on the feeder and possibly producing interference. 
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19.7.2 Practical aspects of antenna installation 


All installation components must be made from compatible materials, 
electrically dissimilar metals, e.g. steel and brass, brass and aluminium, 
being avoided at all costs; they will corrode and cause intermodula- 
tion. Preferred materials are aluminium, and galvanized or stainless 
steel. Mounting brackets must be secure — remembering that antennas 
and feeders vibrate — but not overtightened so as to distort and weaken 
antenna support booms. 

Connectors of the correct impedance, and preferably with a captive 
centre pin, are vital. Type N connectors are available at either 50 or 
70ohms impedance, are robust and can be used at frequencies up 
to 10GHz. UHF 83 series connectors, although very robust, are of 
imprecise impedance and, from first-hand experience of interference 
aggravated by a UHF 83 used to connect an antenna feeder to a 
receiver tail, should not be used on base station installations. Assembly 
instructions for a range of connectors are shown in Chapter 23. All 
joints must be waterproofed, preferably by first wrapping with a self- 
amalgamating tape for two inches either side of the joint, then a layer 
of PVC tape covered by a further layer of Sylglass or Denso tape. 
When installing feeder cables the required length should be loosely 
coiled and taken up the tower and paid out as it is secured, working 
from top to bottom. It must not be dragged from a drum on the ground. 
Feeders must be cleated at the intervals specified by the manufacturer. 
Route cables where they are easily accessible but least likely to suffer 
physical damage. 


Health and safety 


Apart from the physical risks to riggers, there are radiation hazards. 
Large amounts of RF power may be radiated from antenna systems 
and research is continuing into its effects on health. The most recent 
recommendations of the National Radiological Protection Board and 
the Department of Trade and Industry should be sought and followed. 
Riggers should be aware of the power levels present on a structure 
before climbing, and equipment switched off where levels are consid- 
ered unsafe. 


19.7.3 Antenna checking and fault finding 


The majority of VHF and UHF antennas present a short-circuit across 
the antenna and to ground as a means of reducing their vulnerability to 
static charges. An ohmmeter applied to the lower end of the feeder will 
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indicate a circuit through the feeder and antenna but may also indicate 
a short-circuit or low resistance fault, water in the feeder for instance. 
Most antenna system faults increase the VSWR present on the feeder 
cable. A good antenna, operating within its design bandwidth, exhibits 
a VSWR of 1:1. When connected to a length of co-axial cable this may 
be raised and a VSWR of 1.5:1 for the system is generally considered 
acceptable. However, faults can be masked by conditions occurring 
on the feeder, and a measurement taken with a standing wave, or 
forward and reflected power meter at the bottom of the feeder, may not 
indicate the true condition of the antenna. A measurement taken with 
an accurate dummy resistive load connected to the top of the feeder 
will prove the cable, and a measurement of the VSWR should also be 
taken directly at the antenna. A record of the VSWR at installation 
and any subsequent measurements is helpful. 


19.8 Interference 


There are two sources of radio interference induced by antenna sys- 
tems. One occurs from strong signals radiated by either the system’s 
own transmitter antenna or from a co-sited system operating on a 
close neighbouring frequency. The other source is intermodulation, 
‘rusty bolt effect’, the mixing of two or more signals to produce the 
interfering frequency. 


19.8.1 Antenna isolation 


One solution to the problem of direct radiation is to space the antennas 
so that there is sufficient isolation between them. Because minimum 
radiation is present immediately below and above the ends of the 
elements of vertically polarized antennas, maximum isolation occurs 
when such antennas are mounted in a vertical line. Maximum radia- 
tion, and hence minimum isolation, occurs when antennas are mounted 
side-by-side. The degree of isolation depends on the spacing but a 
figure of 40-45 dB between a transmitter and a receiver antenna, and 
20-23dB between transmitting antennas, should be the target. To 
achieve 25 dB isolation requires a vertical separation of 0.9 wave- 
lengths between the centres of vertically polarized dipoles; 45 dB 
requires a vertical separation of 3 wavelengths. The spacing for hor- 
izontal separation of vertically polarized antennas is 2.5 wavelengths 
for 25 dB isolation and 25 wavelengths for 45 dB. To preserve this 
isolation the feeder cables should also be separated over their routes. 
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Antenna multi-coupling 


A precise method of controlling the RF isolation between mutually 
sited systems where the frequencies are moderately spaced is for sev- 
eral systems to share one antenna by using multi-coupling techniques 


(see Section 19.9). 


19.8.2 Intermodulation 


Any two or more RF signals applied to a non-linear device intermod- 
ulate, that is, they combine to form additional frequencies. Table 19.2 
lists the combinations for two input frequencies. It must be remem- 
bered that the side frequencies produced by modulation of the original 


carriers will also be present. 


Table 19.2 Low order intermodulation products 


2nd 


3rd 


4th 


A+B 
A-B 


2A +B 
2A — B* 
2B+A 
2B — A* 


2A + 2B 
2A — 2B 
2B + 2A 
2B — 2A 
3A +B 
3A -B 
3B +A 
3B — A 


oth 


6th 


3A + 2B 
3B + 2A 
3A — 2B* 
3B — 2A* 
4B+A 
4A+B 
4A—B 
4B-A 


SA +B 
5B +A 
SA —B 
5B — A 
4B + 2A 
4B + 2B 
4B — 2A 
4B — 2B 
3A + 3B 
3A — 3B 
3B — 3A 


4A + 3B 
4B + 3A 
4A — 3B* 
4B — 3A* 
SA + 2B 
5B + 2A 
5A — 2B 
5B — 2A 
6A +B 
6B +A 
6A -B 
6B- A 


*indicates in-band products. No eighth-order products fall in-band but 


ninth-order in-band products are produced by: 
5A — 4B 
5B — 4A 


19.8.3 Control of intermodulation 


A clue to the source of interference will be obtained from examination 
of the relationship of all frequencies produced on site, and also those 
produced nearby. That the side frequencies produced by modulation 
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must be considered was proved in an intermodulation situation where 
the interference was only received when a nearby band III television 
transmitter radiated a peak white signal. 

Corroded joints in metalwork close to the site, receiver RF stages 
subjected to very large signals and transmitter output stages are all 
non-linear devices and can create intermodulation. 

Regular maintenance of the metalwork around the site reduces 
the chances of intermodulation from this source, but it is difficult to 
see and eliminate all corrosion on an inspection. Should interference 
from this cause be suspected after elimination of the other sources, a 
successful method of locating the offending joint requires a receiver 
tuned to the interfering signal and fitted with a whip antenna. While 
receiving the interference, a very sharp null in signal strength occurs 
when the tip of the whip points directly at the source of the signal. 

Receiver RF amplifiers are usually designed to cope with small 
signals. When a strong signal radiated from a nearby transmitter is 
received the stage may well be overloaded and driven into non- 
linearity, or even into a blocked state where the receiver is effectively 
dead and may take some seconds to recover after the signal is removed. 
In the non-linear state the receiver is in an ideal condition to create 
intermodulation. If this situation is suspected a method of identifying 
it is to install a variable RF attenuator in the antenna feed to the sus- 
pect receiver. With zero attenuation the interference will be received 
but, if the receiver is the cause, increasing attenuation will produce 
little reduction of the interference until a point is reached where the 
interference suddenly disappears — the receiver at this point has re- 
entered a linear state. If the interference reduces gradually to zero with 
increased attenuation, the source is elsewhere. 

Most amplifiers are designed to be linear, that is, the output signal 
level will follow that of the input signal. However, with a suffi- 
ciently high input signal overloading occurs, the amplifier becomes 
non-linear and compression of the signal results (Figure 19.2). The 
point where 1dB of compression occurs is a commonly referred to 
amplifier parameter. If the input level is increased further the gain of 
the amplifier is reduced until saturation is reached when the output 
level can no longer increase. 

At the onset of non-linearity harmonics and intermodulation, if any 
other frequencies are present, are produced. The strength of these rises 
rapidly with an increase of input, and the point where an extension 
of the almost linear portion of their curve crosses an extension of the 
linear gain line of the amplifier is the third-order intercept — usually it 
is only the third-order products which are considered for this purpose. 


Therefore, 8 = 53.13 degrees. 


25 Use the circuit shown in Figure 
answer the following questions. 
Figure 6.31 
RW 175 0 
|50 V op —— A, A A— 
120 Hz 
Questions 7 
Calculate the following parameters: 
A XC: — č 
Be 2 on 
C. V out: —__—_— 
D VR: — č 
E. The current flowing through the 


F. The phase angle: 
Answers 
A. XC = 2605 ohms 


> Z=,]175 +265 = 317.570 
C. VC = 125 volts 
D. VR = 83 volts 
E. | = 0.472 ampere 
F. 2650 
tanð = — = 1.5 
1750 


Therefore, 8 = 56.56 degrees. 


-V 


6.31 to 


Dul 


circuit: 
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Third order 
intercept 


Saturation 


Output power 


Third order intermodulation 
product 2f + fp 


Onset of non-linearity 


Input power 


Figure 19.2 Production of intermodulation 


The class C operated output stages of transmitters are by design 
non-linear. Strong signals from a neighbouring transmitter or antenna 
applied via the antenna feed will mix with the transmitted frequency 
to create intermodulation products. Increased isolation between anten- 
nas and feeders may be the simplest remedy. Alternatively, a cir- 
culator or filters may be connected to the output of the transmitter, 


Port 2 
Port 1 Port 3 
Port 4 
(a) RF circulator 
Antenna 
2 


1 


Transmitter 3 


Terminating load 
(b) RF isolator 


Figure 19.3 RF circulator and isolator 
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and the possibility of direct radiation from transmitters must not be 
ignored. 

A circulator is a uni-directional device with either three or four 
ports as shown in Figure 19.3(a). A signal entering at port 1 will leave 
at port 2 but not at ports 3 or 4. Similarly, a signal entering at port 2 
will leave at port 3 but not ports 1 or 4. Circulators are used for com- 
bining the outputs of transmitters for application to a single antenna 
but if a three-port circulator is connected as in Figure 19.3(b) it forms 
an isolator. Typical isolation over a 1.5% bandwidth is 20-30 dB with 
an insertion loss of 0.7 dB. 


19.9 Antenna multi-coupling 


The sharing of antennas and feeders between a number of co-sited 
services is not only a precise method of controlling frequency iso- 
lation, it is an economic solution to the problems of antenna and 
tower management. An antenna may be shared between a number of 
receivers or transmitters, or shared simultaneously by both receivers 
and transmitters. Receiver sharing requires a splitter, i.e. a filter, to 
separate the frequencies for each receiver and an amplifier to make 
up the filter losses. Transmitters can share an antenna through circu- 
lator/isolators and filters. To obtain the required selectivity, stability 


Tx system Rx system 


SSS SSS Se ee 


pectrum pectrum 
dividing dividing 
filter filter 


Ferrite Cavity 
isolator resonator 


l Receiver 
NA | € 
splitter 
T E) 2 amplifier 
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s 
Rx outputs 
TX. P 
2 
S DEEA A E 
D 0 dB —- ~ — 3 dB gain 
TN 
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A —50 dB Tiipun 


Return 


Loss -0.1% +0.1% 


Figure 19.4 Typical sub-band transmitter/receiver sharing (© Crown Copyright 
1991, Radiocommunications Agency) 
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and power handling capability the filters are often solidly constructed 
cavity resonators with an insertion loss of 1dB and a bandwidth of 
0.1% to the —20dB points. Figure 19.4 shows the layout of a trans- 
mitter/receiver sharing system. 


19.10 Emergency power supplies 


The installation of equipment to provide power for all the equip- 
ment on a site during a failure of the public supplies has declined 
in recent years. But although lengthy power failures seem to be a 
thing of the past, they could recur, and electricity supplies do still 
fail for short periods. To provide a complete supply for large station 
necessitates a standby generator. On smaller stations batteries may be 
capable of supplying the demands of the electronic equipment and 
emergency lighting for one or two hours. The trend on multi-user 
shared sites appears to be for the individual user to provide the emer- 
gency power, derived from batteries, for his own equipment. Factors 
to consider are: 


1. Standby motor generators are expensive. They need housing, ven- 
tilation and fuel storage. They take time to start up, 45 seconds 
being typical. 

2. Uninterruptible power supplies (UPS). Where no interruptions can 
be tolerated the most efficient supply 1s provided by batteries alone 
but the equipment must be designed to operate directly from a DC, 
low voltage supply. 

To supply power at 220/240 V AC an inverter is the accepted 
method. Double inverters permanently charge a battery from the 
AC supply and the battery drives an oscillator to reproduce the AC 
supply voltage, a very inefficient process. Also, should any item 
of the inverter break down the supply is lost. This is overcome in 
some inverters by a switch which transfers the load to the public 
supply when a failure of the inverter occurs. Single inverters charge 
a battery and supply the equipment directly from the public supply 
until a failure occurs. When this happens the supply changes over 
to the battery and oscillator. Single inverters are more efficient 
but there is a short break in supply while the change-over occurs. 
Adequate stabilization and filtering to avoid disturbances on the 
supply must be provided. One possible hazard with all inverter 
supplies is that where more than one inverter is used, the outputs 
of the inverters are unlikely to be in phase and a 480 V difference 
could exist between the supplies for two items of equipment. 
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For all battery-operated supplies correct charging of the battery is 
crucial. Nickel—cadmium batteries require constant-current charging 
with a fall to the trickle rate when fully charged and sophisticated 
circuitry is needed to identify the precise point of full charge (see 
Section 21.3.2). 

Lead acid batteries produce hydrogen if over-charged so their stor- 
age must be designed so that no danger, either to personnel or of 
explosion, exists. For reliability, natural ventilation is preferred to 
forced. Recommendations for the accommodation of lead acid bat- 
teries other than sealed are given in BS 6133: 1985. Batteries which 
gas also need more frequent maintenance. Because of the reduction in 
performance of batteries at low temperatures the ambient temperature 
of the battery storage room should not fall below 4°C, and to reduce 
water evaporation lead acid batteries should not be run continuously 
above 40°C. 

The period of time over which a lead acid battery must be fully 
recharged determines the capacity of the battery more than the period 
of time over which it must supply power. Because of the need to 
reduce the charge rate — to avoid gassing — to a very low level as the 
battery approaches full charge, the last 15% of capacity takes a very 
long time to acquire (see Section 21.3). 


19.11 Approval and certification 


No base radio station may be operated in the UK prior to inspection of 
the installation by the Radio Investigation Service of the Radiocom- 
munications Agency and the issue of their certificate of approval. The 
installation may not subsequently be modified without re-approval and 
certification. 
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20 Instrumentation 


20.1 Accuracy, resolution and stability 


All measurements are subject to error and two instruments applied to 
the same piece of equipment under test may give a different answer. 
Tolerances must therefore be accepted. The errors arise from the fol- 
lowing sources: 


1. Human error, e.g. precision in reading a scale, use of incorrect 

instrument or range setting for the purpose. 

2. The accuracy to which the instrument is able to display the result 
of a measurement or, in the case of a generator, the frequency or 
output level. 

. Accuracy of calibration. 

4. Tolerances in the components used in the construction of the instru- 
ment. Variations in the load applied to the instrument. 

. Variations caused by long-term drift in the values of components. 

6. Variations due to temperature and supply voltage fluctuations, and 

the warm-up time required by some instruments. 

7. An effect on the circuit under test by the connection of the 

instrument. 


Go 


Nn 


There is an important difference between the accuracy and the reso- 
lution of an instrument. The accuracy is a statement of the maximum 
errors which may occur from the causes in statements 3 to 6 above. 
In instrument specifications, stability defined by statements 5 and 6 is 
usually quoted separately. 

The accuracy of analogue measuring instruments is normally 
quoted as a percentage of full scale deflection (FSD). This is the 
accuracy of the instrument movement and components plus the scale 
calibration. The scale graduations, though, may not permit the user 
to determine the reading to the accuracy of the instrument perhaps 
because the graduations are cramped or parallax reading error occurs. 
These factors decide the resolution or precision of reading. 

The accuracy of instruments with digital displays is usually quoted 
as a percentage of the reading plus or minus one count or one digit. 
While digital instruments are generally more accurate than their ana- 
logue counterparts, the fact that the least significant figure may be 
in error affects the resolution. Figure 20.1 shows how this can arise. 
Most digital instruments use a gating process to switch the input to 
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Figure 20.1 Gating error introduced by signal phasing 


the measuring circuitry for the appropriate period of time. The gating 
time itself may vary and affect the accuracy, but even with a perfectly 
accurate and stable gating time, the phase of the input signal at the 
time of switching affects the number of pulses passing through the 
gate and thus the resolution. 

Performance figures taken from a number of manufacturer’s cata- 
logues are listed below. They show only the more important features of 
the specifications and are typical of those for high quality instruments 
used in radio work. 


20.2 Audio instruments 


20.2.1 Output power meters 


Those for radio applications measure RMS audio power and are usu- 
ally calibrated in watts and dBW or dBm. They usually contain a 
dummy load resistor of adjustable impedance as a substitute for the 
receiver loudspeaker when in use. 


20.2.2 Distortion factor and Sinad meters 


These may be separate instruments or combined, and may also be 
incorporated within an audio output power meter. Both operate on the 
same principle. An audio input amplifier, with automatic gain control 
to give a fixed reference level at its output, applies the output from 
the unit under test, first to a notch filter to remove the test frequency 
of 1000 Hz, then to an AC voltmeter. The voltmeter is calibrated in 
percentage distortion or dB Sinad. 

In testing a receiver Sinad ratio, the instrument is connected across 
the loudspeaker or equivalent dummy load. An RF signal generator 
connected to the antenna socket is adjusted to apply a moderately high 
level signal modulated with a 1 kHz tone — which must be pure and 
match the notch filter in the Sinad meter — at 60% of the system peak 
modulation. To be correct, the receiver volume control is adjusted 
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to give the rated audio output but if only Sinad sensitivity is being 
measured a lower level is acceptable. The Sinad meter will now dis- 
play the combined level of all the frequencies except 1000 Hz present 
in the receiver’s output. These are the noise and distortion products. 
With the high level input applied these will be low and the meter 
deflection will be small indicating a high Sinad ratio. The RF input 
level is now reduced until the meter reads 12 dB (the standard refer- 
ence) and the RF level, uV or dBm, is the Sinad sensitivity for the 
receiver. 

The oscillator to produce the test tone may be included in the 
meter and filters may be provided to comply with various weightings. 


20.2.3 Audio signal generators 


The instrument provides an output for synchronizing to an external 
standard and a TTL compatible output. A high power version capable 
of delivering 3 watts into a 3 Q load in the audio band is available. 


20.3 Radio frequency instruments 
20.3.1 RF power meters 


Direct reading RF power meters either contain a non-reactive load 
or use an external load and may be calibrated in watts or dBm. RF 
calorimeters convert the RF energy into heat and measure the tem- 
perature of the heated element. At low powers, ‘dry?’ calorimeters are 
used but their long thermal time constant inhibits their use at high 
power levels. To measure high powers ‘flow’ calorimeters, where a 
fluid flows around a closed system and the output temperature of the 
fluid is measured, are used. Power can be determined from: 


P= F (Tout wt Tin )c(T) 


where 
P = power 
F = mass flow rate of the fluid 
c(T) = the fluid’s specific heat 
Tin = temperature of the fluid entering the load 
Tout = temperature of the fluid after being heated by the load 
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Thruline type instruments require an external load which may be either 
an antenna system or a load resistor. This type of meter reads forward 
and reflected power and, in some instruments, VSWR directly. 


20.3.2 RF signal generators 


The range of instruments designed for use on specific systems, e.g. 
cellular and digitally modulated, is so wide that manufacturers” cat- 
alogues must be consulted for each application. In addition to the 
accuracy of the carrier frequency and output level, RF leakage, spec- 
tral purity and modulation noise levels are important. The output level 
may be calibrated in uV, dBV or dBm, and may refer to either an 
unterminated instrument (p.d.) or terminated in a load equal to the 
output impedance of the generator (e.m.f.). If the instrument is cali- 
brated in p.d., the output voltage must be halved when the instrument 
is terminated in an equal impedance. 

The 50 ohm output impedance of many signal generators matches 
the input impedance of most VHF and UHF receivers directly. To 
simulate the impedance of antennas at HF and below a dummy antenna 
is usually inserted between the generator and the receiver under test. 
Figure 20.2 shows the circuit of a standard dummy antenna. 


200 pfd 20 uH 
ot Output 
from signal 
to receiver 
generator 


400 pfd 400 0 


Figure 20.2 Standard dummy antenna 


20.3.3 Frequency counters 


Instruments are necessary to measure not only the precise frequencies 
of transmitters and receiver local oscillators but also those of low 
frequency signalling tones. Consequently they have a wide operating 
range. 

The output of a transmitter must never be connected directly into 
a counter. The signal should either be obtained off-air or through a 
‘sniffer’, appropriate for the frequency range, which siphons off a 
fragment of the transmitter output. It is also essential to ensure that 
the frequency displayed is the fundamental and not a harmonic or 
some other spurious frequency. 
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20.3.4 Modulation meters 


The remarks in the above section relating to the connection of a trans- 
mitter and the selection of the fundamental frequency apply equally 
to modulation meters. 


20.3.5 Spectrum analysers 


Today’s tight regulation of spectrum usage makes a spectrum analyser 
an essential tool for the precise alignment of radio equipment and for 
the measurement of modulation products and the noise content of 
signals. 

A spectrum analyser is essentially a superheterodyne receiver with 
an adjustable IF bandwidth which sweeps across a portion of the 
frequency spectrum in synchronism with the horizontal trace of a 
cathode ray tube display. A signal at any frequency within the swept 
band will, while it remains within the IF passband, appear as a vertical 
displacement of the display trace. The design of the filter is crucial but 
must be a compromise. An analyser using multiple filters permits fast 
measurement but low resolution; a single filter offers high resolution 
but slower response time. Also, the shape factor of a wide filter inhibits 
the display of low level signals close to the centre frequency of the 
filter and a narrow filter, while permitting the display of these signals, 
may fail to display transients. The bandwidth determines the sweep 
speed, narrower bandwidths requiring slower speeds. 

The possibility exists of spurious signals, e.g. intermodulation, 
being produced within the analyser with large input signals. A method 
of reducing the possibility is to insert a circulator and a notch filter 


Figure 20.3 Amplitude-vs-frequency spectrum analyser display 


Resistor and Capacitor in 
Parallel 


26 The circuit shown in Figure 6.32 Is a 
common variation on the low-pass filter circuit 
introduced in problem 15. 

Figure 6.32 


Because a DC signal will not pass through 
the capacitor, this circuit functions like the 
circuit shown in Figure 6.33 for DC input 
Signals. 

Figure 6.33 


In 
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An AC signal will pass through both the 
capacitor and R2. You can treat the circuit 
as if it had a resistor with a value of r 
(where r is the parallel equivalent of R 2 and 
X C ) in place of the parallel capacitor and 
resistor. This is shown in Figure 6.34 . 

Figure 6.34 ee 
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between the unit under test and the analyser input to reduce the funda- 
mental frequency amplitude. The circulator must be installed between 
the filter and the unit under test to absorb the reverse power produced 
by the impedance variations of the filter. 

Many instruments are programmable and suitable for incorporation 
in automatic testing (ATE) systems, and instruments with similar fea- 
tures to those described are also offered in a combination test set form. 


20.3.6 Network analysers 


A network analysers examines incident, reflected and transmitted sig- 
nals through a circuit or device, and displays the magnitude and phase 
of these signals. A spectrum analyser, on the other hand, measures 
only one channel, and displays magnitude and frequency. 

Figure 20.4 shows an optical analogy to the network analyser. A 
“device” of different optical density than ambient is in the path of an 
incident ray of light (R). When the light hits the surface, part of it 
is reflected (A) and part is transmitted through the ‘devices’ (even 
though refracted a bit). 


Reflected (A) Device _ 


Incident (A) 


Transmitted (B) 


Figure 20.4 Optical analogy to network analyser 


A network analyser consists of a three-channel RF receiver and a 
display. The incident signal is considered the reference signal, so is 
designated the R-channel. The other two channels receive the reflected 
signal on the A-channel, and the transmitted signal on the B-channel. 

The uses of scalar and vector network analysers differ from the 
uses of spectrum analysers. The spectrum analyser measures exter- 
nal signals of unknown frequency and modulation type. Even when a 
tracking generator is added, to allow the spectrum analyser to per- 
form stimulus-response tests, the spectrum analyser cannot do the 
job of the network analyser. The network analyser, by contrast, con- 
tains a known signal source, and is capable of sweeping a range 
of frequencies and power output levels. It can also perform ratio 
measurements. 
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21 Batteries 


21.1 Cell characteristics 


Batteries are composed of cells which exhibit characteristics pecu- 
liar to their chemical constituents and construction. Common features, 
important to users, are their ability to store energy within a small space 
and with the least weight, and to release 1t at an adequate rate for the 
purpose under consideration. 


21.1.1 Capacity 


The amount of energy a battery can store 1s measured in ampere hours 
(Ah) at a specified discharge rate. For large cells this is usually the 
10 hour rate but American practice, which is now almost universal, 
at least for smaller cells, is to use the 1 hour rate. It is important, 
therefore, to be certain which rate is referred to. The capacity reduces 
as the rate of discharge increases. Thus a battery of 60 ampere hours 
capacity at the 10 hour rate will provide 6 amps for ten hours before 
reaching the point at which it is considered to be discharged. If a 
current of 12 amps is taken, the battery will become discharged in 
less than 5 hours, and if the current is 3 amps, it will last longer than 
20 hours. The rate of discharge is often referred to in terms of the 
C-rate which may be expressed in several ways. 1C, C or Cı are 
numerically the same as the rated capacity, e.g. a 500 mA Nicad cell 
supplying 500 mA, which may be expressed as C, 1C or C; continu- 
ously will be discharged in approximately 1 hour. If the cell supplies 
current at a reduced rate, 0.5C, 0.5C;,, or C/2, 1.e. 250 mA, it will 
last approximately 125 minutes. The subscript, e.g. Cs, indicates the 
hourly discharge rate. 

The terminal voltage at which a cell is considered discharged also 
varies with the discharge rate; a lead acid cell discharged at 1C is 
considered to be discharged when the terminal voltage falls to 1.75 V. 
At Cjo the cell is considered to be discharged at 1.85 V. 

The capacity of a battery or cell may also be specified at a given 
ambient temperature, usually 20°C. Lower temperatures reduce the 
effective capacity and maximum current off-take, higher temperatures 
increase them slightly. 

For radio use battery duration may be quoted in terms of standby, 
receive and talk time. The duty cycle obviously varies from user to 
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user but a useful standard for a radio-telephone is 90% standby, 
5% receive and 5% transmit. On an open channel PMR system, 
80%/15%/5% is more typical. Measuring the current drains during 
these activities enables the battery requirements to be calculated. 


21.1.2 Internal resistance 


The maximum instantaneous current which a battery can deliver is 
determined by its internal resistance. In this respect a battery behaves 
like any other generator (see Section 21.3.2), where increasing load 
currents produce an increasing voltage drop across the internal resis- 
tance. The internal resistance of a battery is seldom specified, but for 
a battery in good condition it is extremely low (one quoted figure 
is 15m for a fully charged 500 mAh Nicad cell) and the voltage 
drop in the connecting leads will govern the maximum withdraw- 
able current. Equally, the resistance of the meter used will affect the 
measurement of charge or discharge currents. If using an analogue 
meter, the older low resistance types are preferable (I keep a model 
40 Avometer, 0.03 Q int. res. on 12 amp range, for the purpose). Low 
current-rating fuses also present a resistance higher than that of a bat- 
tery (4 Q measured for a 250 mA fuse, 0.5 Q for a 1 A) and, probably, 
the connecting leads. 


21.1.3 Power:weight and volume ratios 


It is the battery that now limits the size to which radio equipment 
can be reduced. Recent developments have increased the power to 
weight and power to volume ratios which are possible. Typical ratios 
are referred to in the sections dealing with individual battery types. 


21.1.4 Recharging conditions 


The initial charge rate is the current flowing through a discharged 
battery to replace the charge in a specified time. Unless supplied from 
a constant current charger the current will fall as the battery voltage 
rises, but as full charge is approached the charge rate is usually reduced 
to a trickle or finishing charge rate. 

Trickle charging maintains the cells in a fully charged condition by 
passing a very small current through them sufficient merely to replace 
any self-discharge losses through leakage. 

Finishing charge is a rate to which the charging current is reduced 
when a battery reaches about 85% of its full capacity. It is a rate at 
which gassing is unlikely to occur. 
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Float charging maintains the cell voltage at its nominal while it is 
supplying continuous and variable loads. 


21.2 Non-rechargeable, primary batteries 


While rechargeable batteries are the obvious choice for use in equip- 
ment which is in use continuously, disposable types have economic 
and logistic advantages for some applications — the batteries are more 
expensive long term but no charger is needed. Also primary batter- 
ies have up to 4 times the available capacity of their nickel cad- 
mium equivalents with less weight. Details of disposable batteries with 
some standard nickel-cadmium rechargeable equivalents are given in 
Table 21.1. 

Lithium primary batteries are now available and have the following 
qualities: 


1. A high cell voltage of 3.6 V on load. The voltage is constant — after 
an initial fall when load is first applied — until discharged when a 
rapid fall occurs. 

2. An operating temperature range of —55°C to +75°C is possible. 

3. Energy densities up to 630 mWh/g. A standard AA size cell has a 
power/weight ratio of 340 mWh/g. 

4. Long shelf life. Ten years at room temperature for a 10% fall in 
capacity is envisaged. 


They have a disadvantage in that fire, explosion or severe burns may 
result if the batteries are mistreated. They must not be recharged, 
disassembled, heated above 100°C, incinerated or the contents exposed 
to water. 

One use of lithium batteries is as a power source for memories 
but protection against charging is needed. Figure 21.1 shows a typical 
circuit. 


Voc D2 


/\ D4 Anti-charging protection 
Lithium 


| battery 


Figure 21.1 Typical lithium battery application 


Table 21.1 Cells and batteries 


Maximum dimensions (mm) 


S 
O OA 
3 : S s S 3 ? X $ 
x g O Sy $ Š y S = 
à È y $s S F S 3 K 
Zine N D23 R1 12 - 00.1 Cap and base 1-5 7 
carbon AAA HP 16 RO3 105 - 45 Cap and base 0-10 000 8.5 
AA HP7 R6 145 - 50.5 Cap and base 0-75 16.5 
AA C7 R6 14.5 - 50.5 Cap and base 0-75 16.5 
C SP11 R14 26.2 - 50 Cap and base 20-60 45 
C HP1 1 R14 26.2 - 50 Cap and base 0-1000 45 
C C11 R14 26.2 - 50 Cap and base 0-5 45 
D SP2 R20 34.2 - 61.8 Cap and base 25-100 90 
D HP2 R20 34.2 - 61.8 Cap and base 0-2000 90 
4.5 AD28 3R25 1016 34.9 105 Socket 30-300 453.6 
1289 3R12 62 22 67 Flat springs 0-300 113 
6.0 PP8 4-F100-4 65.1 51.5 200.8 Press studs 20-151 1100 
PJ996 4-R25 67 67 102 Spiral springs 30-300 581 
991 135.7 72.2 125.4 Two screws 30-500 1470 
PP3-P 6-F22 26.5 17.5 48.5 Press studs 0-50 39 
PP3-C 6-F22 265 17.5 48.5 Press studs 0-50 39 


(continued overleaf) 


Table 21.1 (continued) 


Maximum dimensions (mm) 


D 
WO) 
Ww 
yj S D X 
o S S y % S O 
y æ AN X sé $ 9? N $ 
y o € E 4 SE E 9 Š S S 
S ə A y JS 5 E 3 o 3 
PP3 6-F22 26.5 17.5 48.5 Press studs 0-10 38 
PP4 6-F20 26.5 - 50 Press studs 0-10 51 
PP6 6-F50-2 36 34.5 70 Press studs 2.5-15 142 
PP7 6-F90 46 45 61.9 Press studs 5-20 198 
PP9 6-F100 66 52 81 Press studs 5-50 425 
PP10 6-F100-3 66 52 225 Socket 15-150 1250 
15.0 B154 10-F15 16 15 35 End contacts 0.1-0.5 14.2 
B121 10-F20 27 16 37 End contacts 0.1-0.1 21 
22.5 B155 15-F15 16 15 51 End contacts 0.1-0.5 20 
B122 15-F20 27 16 51 End contacts 0.1-1.0 32 
Manganese ED 1.5 MN1300*  LR20 34.2 - 61.5 Cap and base 10.00% 125 
alkaline C MN1400* LR14 26.2 - 50 Cap and base 5.501 65 
AA MN1500* — LR6 145 - 50.5 Cap and base 1.801 23 
AAA MN2400* ~~ LRO3 10.5 - 44.5 Cap and base 0.807 13 
N MN9100* LR1 12 - 30.2 Cap and base 0.651 9.6 
Mercuric 1.35/1.4  RM675H NRO7 116 - 5.4 Cap and base (button) 0.211 2.6 


oxide RM625N MR9 15.6 - 6.2 Cap and base (button) 0.251 4.3 


Silver oxide 


Nickel 
cadmium 


ENE 


1.25 


10.0 
12.0 
9.0 

1.25 


TCapacity in ampere hours. 
+BEREC types unless otherwise indicated. 


*Also Duracell (Mallory). 


RM575H 
RM1H 
10L14 
10L124 
10L123 
10L125 
NC828 
NCC50 
NCC200 
NCC400 
NC828/8 
10/2250K 
TR7/8 
501RS 
RS1.8 
RS4 


11.6 
16.4 
11.56 
11.56 
7.75 
7.75 


See HP7 
See HP11 
See HP2 


See PP3 
See HP7 
See HP11 
See HP2 


button 
button 
button 


Cap and base ) 
) 
) 
button) 
) 
) 


Cap and base 
Cap and base 
Cap and base 
Cap and base 
Cap and base 
Button 
Button 
Button 
Button 
Button stack 
Button stack 
Press studs 
Press studs 
Press studs 
Press studs 


button 
button 


ON ON ON NN _ mm 


0.121 
1.001 
0.131 
0.131 
0.08% 
0.041 
0.28? 
0.601 
2.0014 
4.0014 
0.281 


0.2251 


0.071 
0.501 
1.801 
4.00 


1.4 
12.0 
2.2 
1.7 
1.0 
0.8 
16.5 
30.0 
78.8 
170.0 
125.0 
135.0 
45.0 
30.0 
65.0 
150.0 
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21.3 Rechargeable batteries 


21.3.1 Lead acid batteries 


Lead acid batteries, whether of free electrolyte or low-maintenance 
sealed construction, have a nominal terminal voltage on load of 2.0 V 
per cell. This voltage falls on load in a gradual curve, shown in 
Figure 21.2, until the discharged voltage of between 1.75 and 1.85 volts 
per cell is reached. 


1 2 3 4 5 6 7 8 9 10 
Discharge time (hours) 
Figure 21.2 Typical lead acid cell discharge characteristics 


A discharged battery will, because of its inefficiencies, require 
a recharge equal to the amperes x hours discharged +11%, e.g. a 
cell discharged at Samps for 10hours will require a recharge of 
55.5 ampere hours with a constant current at the 10 hour rate. Because 
of the reducing current as full charge is approached a recharge time of 
1.4 to 1.5 times the capacity to be restored is more practical. The final 
on-charge cell voltage can increase to approximately 2.7 volts. Gassing 
occurs and hydrogen is liberated when the cell voltage reaches 23 V 
but provided the charging current is sufficiently low above this point 
gassing will be avoided. This lower charge rate, the ‘finishing rate’ 
can be applied by maintaining the charging voltage at about 2.4 volts 
when the battery will automatically limit the charging current. The 
specific gravity of the electrolyte in a fully charged cell is between 
1.205 and 1.215. 

The trickle charge current must be low enough to avoid gassing. 
A current of 7% of the 10 hour capacity is typical. 

Float charging should maintain a cell voltage of approximately 
2.2 volts. 

The power:weight ratio of lead acid batteries is poor, a small 
(4 Ah), 6.0 V, sealed lead acid battery having a power:weight ratio 
of 26mWh/g. 
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21.3.2 Nickel-cadmium (Nicad) batteries 


At present the Nicad is probably the most commonly used recharge- 
able battery for portable applications. A standard size AA cell has a 
power:weight ratio of 27 mWh/g. The on-load Nicad cell voltage, after 
an initial fall from the on-charge voltage of between 1.3 and 1.4 V, 
remains substantially constant at about 1.2 V until the discharged volt- 
age of 0.9 to 1.1 V is reached. Thereafter the voltage falls rapidly. This 
is illustrated in Figure 21.3. While the constant voltage is ideal during 
discharge it poses a problem in that it is difficult to reliably measure 
the intermediate state of charge which created difficulties with recharg- 
ing. A Nicad battery which is repeatedly partially discharged and then 
recharged may, after many cycles, behave as though it were fully dis- 
charged when the repeated recharge condition is reached (the memory 
effect) and, with a fixed time charger, the possibility of over-charging 
is present. One solution fully discharged all batteries after use to a 
predetermined level, typically 1.1 V per cell, and then recharged them 
at a constant current for a fixed period of time. Unfortunately, this 
procedure shortened the life of the batteries; Figure 21.4 shows the 
life expectancy of a cell with repeated discharges. The present solu- 
tion is to charge the batteries automatically to the fully charged state 
and then reduce the current to the trickle charge level. Batteries which 
are subjected to repeated partial discharge may then be occasionally 
fully discharged to obviate the memory effect. 


1.4 
1.38 
1.2 
1.1 
1.0 
0.9 


Cell voltage 


20 40 60 80 100 120 140 
Discharge time (minutes) 
Figure 21.3 Typical Nicad cell discharge characteristics 


Constant current, automatic charging is recommended. Chargers 
vary in complexity, some detecting the end-of-charge point by sensing 
a variation of voltage. At end of charge the cell voltage first rises and 
then falls slightly as in Figure 21.5. More sophisticated chargers also 
sense the cell case temperature which rises during charge. Batteries 
are available for standard charging at the ten hour rate where 14 to 
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Calculating the exact parallel equivalent (r) is 
complicated and beyond the scope of this 
book. However, to demonstrate the usefulness 
of this circuit, you can make a major 
simplification. Consider a circuit where XC is 
only about one-tenth the value of R 2 or less. 
This circuit has many practical applications, 
because it attenuates the AC and the DC 
differently. 

The following example can help to clarify 
this. For the following circuit, calculate the AC 
and DC output voltages separately. 


For the circuit shown in Figure 6.35 , you 
can calculate the AC and DC output voltages 
separately by following the steps outlined In 
the following questions. 

Figure 6.35 

25 V R 

20 V A- Vin | Vout 
15 V 60 Hz 


OW 


Questions 
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5000 
3000 
2000 
1000 


500 


300 
200 


Life expectancy (cycles) 


20 40 60 80 100 
Depth of discharge per cycle (per cent) 


Figure 21.4 Nicad cell: effect of repeated discharge vs. cell life 


Volts 


2 4 6 8 10 12 14 16 
Charge time (hours) 


(a) Standard charge, C/10 x 15 hrs 


10°C 
1.5 20°C 
45°C 
2 14 
> 
1.3 
1.2 
1.1 
20 40 60 80 100 


Charge time (minutes) 
(b) Rapid charge, 1 C x 90 mins 


Figure 21.5 Nicad cell: discharging characteristics 
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15 hours will be required to recharge a fully discharged battery, fast 
charging at 5C and rapid charging at C rate. 

Cells may be fitted with a re-sealing one-way vent which opens at 
about 200 psi and closes at about 175 psi to relieve any excess internal 
pressure caused by a fault or abuse. 


22 Satellite communications 


22.1 Earth orbits 


Communications satellites are required to illuminate the earth with 
radio signals and their orbits are chosen according to the size and 
location of the part of the earth’s surface they must light up. 

A satellite orbiting the earth is continuously pulled by a centripetal 
force, in this case gravity, towards the centre of the earth. It 1s also 
pulled by centrifugal force to leave its orbit at a tangent. When these 
opposing forces are equal in magnitude the satellite is in a stable orbit. 
There is, then, for a given height (the radius of the path minus the 
radius of the earth, 6378km), a velocity at which the conditions for 
stable orbit apply, and which determines the orbiting time. 


22.1.1 Geostationary orbits 


Satellites relay information from ground stations, either fixed or mobile, 
or between satellites. It is an advantage for some purposes, therefore, 
to use satellites with an orbit time identical to that of the earth so that 
no tracking from the ground stations is needed. Geostationary satellites 
have the same angular velocity as the earth making them appear to be 
stationary. Their height is 35788 km and four such satellites cover the 
earth from latitude 81.3°N to 81.3°S as in Figure 22.1. 

The disadvantages of geostationary satellites are that they are in 
a high earth orbit (HEO) resulting in a signal delay of 240 ms for 
the complete go and return path. Also they are in an equatorial orbit 
so that signals to the higher latitudes travel at a shallow angle to 
the earth’s surface rendering them unsuitable for mobile use where 
communications must be achieved at street level in cities. 

As each satellite covers a large portion of the earth, the design of 
their antennas to permit repeated frequency re-use is important and 
antennas with small, steerable footprints have been developed for this 
purpose. An advantage, in addition to the lack of tracking, 1s that the 
shadowing by the earth is minimal so that solar power cells receive 
almost continuous illumination. 


22.1.2 Elliptical orbits 


A polar orbit, where the satellite follows a North/South track, provides 
the opportunity to survey the earth in a series of strips. The satellites 
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used for this purpose are in low each orbit (LEO) and consequently 
have a high velocity. Their orbit time is approximately 1.5 hours and 
between successive orbits the earth has rotated 22.5”. Sixteen orbits 
are therefore needed to scan the earth’s surface. Until recently polar 
orbits were used only for optical surveillance but now several projects 
for radio communication are either in the early stages of installation 
or under development. These use a number of satellites so that for 
mobile communications, for instance, there 1s a satellite continuously 
in view. Tracking of these extremely fast satellites by the ground 
stations, which may themselves be moving, along with Doppler effect 
has been a major obstacle which is now being overcome. 


22.2 Communications by satellite link 


Satellites are radio links and receive signals from the ground and other 
satellites which they must re-transmit. The signals from ground sta- 
tions are comparatively weak and require high power amplification 
for onward transmission. As the satellite’s receive and transmit anten- 
nas must be close together, the possibility of RF instability prohibits 
on-frequency repetition. The up-link, from ground station to satel- 
lite, must therefore be converted to another before re-transmission. 
The up-link frequency is normally higher than the down-link and the 
frequency converter is referred to as a “down-converter”. 

The frequency bands used for communications purposes are listed 
in Table 22.1. 


Satellite television 


The broadcasting of television may be via either communications 
satellites or Direct Broadcasting by Satellite (DBS) satellites. The posi- 
tions of non-DBS satellites relative to the UK are shown in Figure 22.2 
and Table 22.2 lists the European channels. Figure 22.3 shows the 
world allocations of DBS satellites and Tables 22.3 and 22.4 list the 
channel frequencies and national allocations. The frequency plan for 
the Astra satellite is in Table 22.5. 


22.3 Proposed satellite television formats 


Most current European satellite television programmes (non-DBS) are 
broadcast as fairly standard PAL signals, FM modulated into the satel- 
lite channel. DBS transmissions, and those from Astra satellite, will 
probably be of a multiplexed analogue component (MAC) format. 
In MAC, data corresponding to sound tracks and subtitles, etc., an 
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Table 22.1 Communications satellite frequencies 


Frequency Link European International 


band (GHZ) telecom links telecom links 
1.5-1.6 Down Mobile 
1.6-1.7 Up Mobile 
3.4-4.2 Down Fixed Fixed 
4.5-4.8 Down Fixed Fixed 
5.9-7.0 Up Fixed Fixed 
10.7-11.7 Down Fixed (+ Non-DBS television) 
11.7-12.5 Down Fixed (+ television) 
12.5-12.75 Down Fixed (private links) 
12.75-13.75 Up Fixed (private links) 
14.0-14.8 Up Fixed 
17.3-18.3 Up Fixed 
17.7-20.2 Down Fixed 
20.2-21.2 Down Mobile 
27.0-30.0 Up Fixed 
30.0-31.0 Up Mobile 
22.5-23.55 Allocated for intersatellite links 
32.0-33.0 Allocated for intersatellite links 
54.25-58.2 Allocated for intersatellite links 
59.0-64.0 Allocated for intersatellite links 
North 


Geo-stationary 
orbit 


West East 


ce E NI Degrees 
west east 


A A 


Astra 
Eutelsat 1 F1 
Eutelsat 1 F2 


Intelsat VA F11 
Telecom 1 F2 
Intelsat V F2 
South 
Figure 22.2 Non-DBS satellite television: positions of the main non-DBS satellites 
relevant to the UK 
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Table 22.2 European satellite television channels broadcast via communications 


satellites 


3Sat 
Anglovision 
Arts Chamnel 
BBC1/2 
CanalJ 
Children’s 
Channel 
CNN 
Filmnet 
Moscow 1 
Moscow 2 
Infofilm & 
Video 
La Cing 
Lifestyle 
M6 
MTV 
Norsk 
Rikskringkasti 
Premiere 
RAI-Uno 
RTL-Plus 
SAT1 
Satellite 
Information 
Screensport 
Skychannel 
Superchannel 
SVT-2 
SVT-2 
Teleclub 
TV5 
Worldnet 
Worldnet 
Worldnet 


3.675 
3.0 


11.015 
12.606 
11.135 
12.648 
10.975 


11.644 
11.015 
11.007 
11.091 
11.507 


11.575 
11.135 
11.650 
10.674 
11.178 
11.133 
11.987 
11.472 
11.512 
11.591 
12.732 


ETS CSI 


S< ELE 


<ET ELST 28% TE E 


5.8 
6.65 


Digital 
6.6 
6.6 
6.65 
6.65 


Digital 
6.6 
6.65 
6.65 
Digital 
Digital 
6.5 
6.65 
6.65 
6.6 
5.8 


Eutelsat 1 F1 
Intelsat VA-F11 
Intelsat VA-F11 
Intelsat VA-F11 
Telecom 1 F2 


Intelsat VA-F11 
Intelsat VA-F11 
Eutelsat 1 F1 
Gorizont-12 
Gorizont-7 


Intelsat F2 
Telecom 1 F2 
Intelsat VA-F11 
Telecom 1 F2 
Intelsat VA-F11 


Eutelsat 1 F2 
Intelsat VA-F11 
Eutelsat 1 F1 
Eutelsat 1 F1 
Eutelsat 1 F1 


Intelsat VA-F11 
Intelsat VA-F11 
Eutelsat 1 F1 
Eutelsat 1 F1 
Intelsat F2 
Intelsat F2 
Eutelsat 1 F1 
Eutelsat 1 F1 
Eutelsat 1 F1 
Eutelsat 1 F1 
Telecom 1 F2 


analogue signal corresponding to chrominance and an analogue signal 
corresponding to luminance are transmitted separately in each broad- 
cast line of the picture. 

In order to achieve multiplexing of the three parts of the format, 
time compression of chrominance and luminance signals occurs before 
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Table 22.3 DBS television channels 


x 
N Q 

23 FR 

$ < ws X 
1 11.72748 21 12.11108 
2 11.74666 22 12.13026 
3 11.76584 23 12.14944 
4 11.78502 24 12.16862 
5 11.80420 25 12.18780 
6 11.82338 26 12.20698 
T 11.84256 27 12.22616 
8 11.86174 28 12.24534 
9 11.88092 29 12.26452 


10 11.90010 30 12.28370 
11 11.91928 31 12.30288 
12 11.93846 32 12.32206 
13 11.95764 33 12.34124 
14 11.97682 34 12.36042 
15 11.99600 35 12.37960 
16 12.01518 36 12.39878 
17 12.03436 37 12.41796 
18 12.05354 38 12.43714 
19 12.07272 39 12.45632 
20 12.09190 40 12.47550 


Luminance 
(= 35 us) 


Chrominance 
(= 18 us) 


-  _ _ _— naana 64 US AAA AAA A a 


transmission, and they must be reconstituted at the receiver. Two main 
variations of the MAC format have been selected for European broad- 
casters, D-MAC and D2-MAC. They differ basically in the number of 
data channels, and hence the overall bandwidth required. Both modu- 
late video signals in FM, and data signals in duobinary FM. 


22.4 Global positioning system (GPS) 


This system uses an American government satellite network comprised 
of 24 satellites in three circular orbits at a height of 20 000km and 
with twelve-hour periods. At least six satellites should be visible from 
any point around the earth at any one time. 


6€ ‘GE ‘LE ‘ZZ “ES "HO 
ueoe/ 

LE “ee ‘6S ‘SZ ‘Le “HO 
:O98UON| 


Oz “91 “cl “8 “E "HO 
¡BuOpuy 

61 “SL “LL ZE "HO 
:U/93SU9Y 917 

¿1 “EL “6S ‘L HO 
:OULE yn] ues 


M LE 


6€ ‘GE ‘LE ‘ZZ ‘Sz “HO 
suleds 

LE ‘S£ ‘6S ‘SZ ‘Le “HO 
jpuejao] 


6L “SL “LL ZE “HO 
:¡e6nuoy 

Oc “91 ‘ZL “8 “y "HO 
MAN 

8L “pl ‘OL “92 "HO 
:9413 


MoLE 
uonIsod [equO 


'USpams “AÁemion “puejulY MIeLWuuag :sjeuueyo weaq api , 


Or ‘9E ZE ‘82 “V2 HO 
-Arel 

8E “VE “OE “93 “23 "HO 
¡DUBJISZUMS 

6€ ‘GE Le ‘ZZ “ES "HO 
¿SPUBLISYI9N 

LE ‘SE “Be ‘SZ “Lo “HO 
swnibjeg 

Od “91 ‘Zl “8 “y "HO 
¡Buisny 

8L ‘vl ‘OL “92 "HO 
¿RUBUuLIOL) 

6L “SL ‘LL ZE "HO 
¿BInoquuexn7 

ZL “EL 651 HO 
:99UBJ4 


M 6L 


8€ ‘HO ‘Aeon 

VE “HO -USpams 

Or ‘9E “ZE “OE 

8z “93 “va ‘22 “HO 
¿ANOIÓ DIPION 

6€ ‘GE “LE ‘ZZ “Ez “HO 
979 “puelao] 

LE “SE 63 “Sc “Lo “HO 
¿snidÁD 

03 “91 “2k “HO 4ewusg 
8 ‘v ‘HO USpams 

81 “yl “HO ‘Aeon 
OL “9 ‘Z “HO “puejuly 
6L “SL ‘LL ZE "HO 
:9299.1£) 

LL EL 651 HO 
¿ÑoyIn L 


4S 


paziejod H] 
ZHD Gcl-l Cl 


peziuejod HY 
ZHD Gcl-l cl 


paziejod H] 
ZHD LcL-2Z"LL 


peziuejod HY 
ZHD Feck- EL 


pueg 


suo!jeziejod pue jauueyo “suonisod Əyijjazes jo uoneooje ueadoing “uoIsinajal (Sga) sn jeyes Aq seopeoq HIG pss 91qelL 


A. Find X C. Check that it is less than 
one-tenth of R2. 


Xc = 
B. For the circuit in Figure 6.35 , determine 
through which circuit components DC signals 


will flow. Then use the voltage divider formula 
to find DC V out . 


DC Vont ~ 
C. For the circuit in Figure 6.35 determine 
which circuit components AC signals will flow 


through. Then use the voltage divider formula 
to find AC V out . 

AC Vou = 
D. Compare the AC and DC input and output 
voltages. > 
Answers 
A. XC = 106 ohms and R 2 = 1000 ohms, 


so X C is close enough to one-tenth of R2. 


B. Figure 6.36 shows the portion of the circuit 
that a DC signal passes through. 
| LkQ | 
Voa = 20 X = 10 volts 
IKk0+1k(0 


Figure 6.36 


2 () V V Lit 


> 1kQ 


C. Figure 6.37 shows the portion of the circuit 
that an AC signal passes through. 


Table 22.5 Astra television channels 


Channel Astra 1-A (GHz) Channel Astra 1-B (GHZ) Channel Astra 1-C (GHz) Channel Astra 1-D (GHz) 
1 11.21425 17 11.46425 33 10.96425 49 10.71425 
2 11.22900 18 11.47900 34 10.97900 50 10.72900 
3 11.24375 19 11.49375 35 10.99375 51 10.74375 
4 11.25850 20 11.50850 36 10.00850 52 10.75850 
5 11.27325 21 11.52325 37 10.02325 53 10.77325 
6 11.28800 22 11.53800 38 10.03800 54 10.78800 
7 11.30275 23 11.55275 39 10.05275 55 10.80275 
8 11.31750 24 11.56750 40 10.06750 56 10.81750 
9 11.33225 25 11.58225 41 10.08225 57 10.83225 

10 11.34700 26 11.59700 42 10.09700 58 10.84700 
11 11.36175 27 11.61175 43 10.11175 59 10.86175 
12 11.37650 28 11.62650 44 10.12650 60 10.87650 
13 11.39125 29 11.64125 45 10.14125 61 10.89125 
14 11.40600 30 11.65600 46 10.15600 62 10.90600 
15 11.42075 31 11.67075 47 10.17075 63 10.92075 


16 11.43550 32 11.68550 48 10.18550 64 10.83550 
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Each satellite transmits continuously updated information about its 
orbit on two frequencies, 1227 MHz and 1575 MHz. One radio channel 
carries two pseudo-random codes, one very long and the other very 
short. The second channel is modulated only with the short code. The 
codes enable the satellite to be positively identified, and the distance 
from a receiver on, or close to, the earth to be calculated. 

A receiver’s position, in three-dimensional space, is identified by 
measuring and calculating the distance from three satellites. The short 
codes provide the initial fix but increased precision is obtained from 
the long codes. There is an error due to time variations arising from 
various sources of which satellite speed is one, but taking a measure- 
ment from a fourth satellite enables a correction factor to be applied. 

Receivers which utilize only the short PN codes provide a resolu- 
tion accurate to about 100 m. Those which can process the long codes 
provide a fix accurate to about 45 m. 
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23 Connectors and interfaces 


23.1 Audio and video connectors 


Audio connectors 


The DIN standards devised by the German Industrial Standards Board 
are widely used for the connection of audio equipment. The connectors 
are shown below. The 3-way and 5-way 45 are the most common and 
connections for those are listed. 


DIN 41524 DIN 41524 DIN 54322 DIN 45327 
722 45%4-45° 604600 90° 

CA ESEJÓOS 
902 


3 Way 4 Way 5 Way 45° 5 Way 60° 5 Way domino 
DIN 45322 DIN 45329 DIN 45326 DIN 41524 


6 Way 7 Way 8 Way 45° 8 Way 41° 


S 3 
Microphone Input 1 Input LH 1 
OV2 Input RH 4 
OV2 
Pin 3 available Pins 3 and 5 
for polarizing available for 
voltage polarizing voltage 
Tape recorder Input 1 Input LH 1 
inputs and O V 2 Input R4 4 
monitor outputs Output 3 O V 2 
Output LH 3 
Output RH 5 
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S 
N 


y 


Tape recorder Output, low Z1 


replay output O V 2 


Output, high Z3 


Amplifiers Output to tape 1 


OV 2 


Input from tape 3 
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$ 

À 
Output LH, low Z1 
Output RH, low Z4 
OV2 
Output LH, high Z3 
Output RH, high Z5 
Output LH 1 
Output RH 1 
OV2 
Input LH 3 
Input RH 5 


Variations on the above exist between different manufacturers. 


Videorecorder/televisions/camera connectors 


Standard pin configurations for videorecorders, televisions and 
videocameras are shown below. Many follow standard DIN connector 
pinouts, but videocamera and SCART connectors differ significantly. 


(a) 5-pin DIN (b) 6-pin DIN 
1,4 Audio in 1 AV select, 
2 Chassis For VCR 
3,5 Audio out high = all 
or stereo outputs, 
1 Laudio in low = all 
2 Chassis inputs, 
3 Laudio out Opposite 
4 R audio in for TV set 
5 R audio out 2 Video in/out 
3 Chassis 
4 L audio in/ 
out 
5 12V 
6 R audio in/ 


out 


(c) 7-pin DIN 


1 L audio in 

2 Chassis 

3 L audio out 

4 R audio in 

5 R audio out 

6 Remote 
control 
data 

7 Chassis 
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SCART (BS 6552) 


SCART connectors, also known as Peritelevision or Euroconnector 
connectors, feature two control systems which allow remote control 
over the television’s or videorecorder’s functions. 


(d) 8-pin DIN (e) SCART 

1 L audio in 1 R audio out 9 Chassis (G video) 16 Fast video 

2 Remote 2 R audio in 10 Data bus blanking 
control 3 L audio out 11 G video in 17 Chassis 
data 4 Chassis 12 Data bus (composite 

3 R audio in (audio) 13 Chassis video) 

4 Chassis 5 Chassis (B (data bus) 18 Chassis (fast 
(audio) video) 14 Chassis video 

5 Chassis 6 L video in (data bus) blanking) 
(remote 7 B video in 15 R video in 19 Composite 
control) 8 Source video out 

6 Chassis switching 20 Composite 
(video) video in 

7 Chassis 
(audio) 

8 Video in 


The simplest is a source switching input (pin 8) in which an exter- 
nal source (videorecorder, computer, etc.) can, by issuing a 12 volt 
signal, cause the television to switch to baseband inputs. 

A more complex control system, called domestic data bus (D?B), 
is given through pins 10 and 12, in which serial data can be passed 
between controlling microprocessors in the television and external 
equipment. No standard yet exists for D?B. 


23.2 Co-axial connector 


The most commonly used connectors for RF cables are: 


Type Impedance, Max. Maximum Notes 
Zo (ohms) VSWR to proof RF 
(frequency voltage 
GHz) 


N 50 or 75 1.30 (4) 1.5kV Screw together 
(5 MHz at 
sea level) 


Type 


Max. 


Maximum 
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Notes 


Impedance, 


BNC 


TNC 


SMB 


SMC 


SMD 


BT 43 


PL259/ 


SO239/ 
UHF 83 


Zo (ohms) 


50 or 75 


50 or 75 


50 


50 


50 


75 


50 


50 


75 


VSWR to 
(frequency 
GHz) 


1.01 (1) 
1.30 (4) 


As BNC 


1.46 (4) 


1.41 (4) 
1.69 (10) 


As SMB 


1.3 
(5 GHz) 


proof RF 
voltage 


I kV 
(5 MHz at 


sea level) 
As BNC 


1.5 kV 
(At sea 
level. Cable 
dependent) 
As SMB 


As SMB 


2.7 
(connector) 


500 (pk) 


Miniature. 
Bayonet 
fitting 


Miniature. 
Robust screw 
together 

Sub-miniature. 
Snap 
together 


Sub-miniature. 
Screw 
together 

Sub-miniature. 
Push together 

Developed from 
SMB range 
for use in 
telecomms 
and data 
transmission 

Suitable for 
medium to 
high power 
applications 
in the cellular 
and broadcast 
industries. 
Screw 
together 

Non-constant 
imp. High 
VSWR makes 
1t unsuitable 
for use above 
144 MHz and 
for extending 
RF cables. 
Very robust. 
Screw 
together 


Bayonet fitting 


Belling 
Lee 


GR 


Phono 


Impedance, Max. Maximum Notes 


Zo (ohms) 


50 


50 


50 


VSWR to proof RF 
(frequency voltage 
GHz) 


= — American 
CCTV 
connector 
used on some 
144 MHz 
hand-portable 
transceivers. 
Plugs use 
inner 
conductor of 
cable as 
centre pin 
= — British TV 
antenna 
connector. 
Aluminium 
versions may 
corrode when 
used outdoors 
1 MHz max. — Constant imp. 
frequency sexless 
connector 
= — American 
connector for 
audio use 


Examples of assembly instructions for co-axial RF 
connectors (by kind permission of M/ACOM 
Greenpar Ltd.) 


pa) 


MS 


Measuring instrument — a rule is shown, but better 
results are obtained by using a Vernier gauge 


Stout trimming blade, suitable for cutting copper 
wire braid 


Crimping tool 


261 


= ) Soldering iron 
L Side cutters, also for trimming braid 


Spanner, of the relevant size for the connector 


Hacksaw, sometimes appropriate for semi-rigid 
cable, although for repetitive operations a power 
trimmer should be considered 


oQ Small screwdriver 


Assembly instructions Type N 


Cable types: 
50 ohm: PSF1/4M (BBC), RG 8A/U, RG 213/U, URM 67 
75 ohm: RG 11A/U, RG 63B/U, RG 114A/U, URM 64 


Side clamp nut and plain gasket over cable and trim 
outer sheath from cable as shown. 


Clamp nut Plain gasket 

2 Fold back braid and push ferrule over dielectric to 
trap braid between outer sheath and ferrule. Trim 
off surplus braid. 


Ferrule 
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3 Trim back dielectric and check the length of the 
protruding centre conductor. 


A Tin centre conductor, then slide rear insulator over 
dietectric, to butt against ferrule. 


Real insulator 


5 Fit contact (male for plugs, female for jacks) onto 
centre conductor. Hold cable and contact tightly 


together and solder. 


=> 


Male contact 


Slide plain gasket and clamp nut up to ferrule 
trapping braid. Fit front insulator over contact 
to butt against rear insulator and press sub-assembly 


into body as far as possible. 


gH p= U 


Front insulator Body 


7 Engage and tighten clamp nut. 


1 Slide crimp sleeve over cable 


Crimp sleeve 


Trim back outer sheath and braid to dimensions 
2 shown. Any foils adjacent to the dielectric should 
be left in place but trimmed 1.5 mm from the face 


of the dielectric a 18.2 


—» 4.7 


3 Fit contact (male for plugs, female for jacks) 
over centre conductor to butt against dielectric 


and crimp. E : 


Male contact 


Push fit sub-assembly into body until contact clicks 
4 into insulator. In all cases, braids {and any 
intermediate foils) slide over ferrule while any 
foil adjacent to the dielectric should enter 
the ferrule bore. 


5 Slide crimp sleeve forward over braid and ferrule to 
butt against rear of the connector and crimp. 


Ww ae AVA 
SR 


v 


$ 
+ 
$ 
©) 

es 


O 
ALA 


«0.0, 


ee 
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106 


Vout = 10 X FT = 1.05 volts 
¿1(1000) +(106) 
Figure 6.37 
AG YA Vout 
10 Vin ji 
D. Figure 6.38 shows the input waveform on 
the left and the output waveform on the 
right. You can see from the waveforms that 


the DC voltage has dropped from 20 volts to 
10 volts and that the AC voltage has dropped 
from 10 volts to 1.05 volts. 

Figure 6.38 


- - 
27 Figure 6.39 shows two versions of the 
circuit discussed in problem 26 with changes 


to the value of the capacitor or the frequency 
of the input signal. The DC input voltage is 20 
volts, and the AC input voltage is 10 V pp 
Use the same steps shown in problem 26 to 
find and compare the output voltages with 
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Assembly instructions Type BNC 


Cable types: 
RG 58C/U, RG 141A/U, URM 43, URM 76 


A Slide clamp nut and plain gasket over cable and 


trim outer sheath from cable, as shown. 


Plain gasket 


Clamp nut 


Fold back braid and push ferrule over dielectric to 
trap braid between outer sheath and ferrule. Trim off 


surplus braid. ak 


3 Trim back dielectric and check the length of the 


protruding centre conductor. 


4 Tin centre conductor, then slide rear insulator over 


dielectric, to butt against ferrule. 


Rear insulator 


Fit contact (male for plugs, female for jacks) 

5 onto centre conductor, with collar pressed into 
recess in rear insulator. Hold cable and contact 
tightly together, and solder. 


= 


t j af 
2 | | = 0 aaa 
A 


Male contact 


Slide plain gasket and clamp nut up to ferrule, 
trapping braid. Fit front insulator over contact 

to butt against rear insulator and press sub-assembly 
into body as far as possible. 


4 Slide metal crimp sleeve over cable, trim outer 
sheath from cable as shown. 


- 16 - 
[| Beer: — 


Sleeve 


Trim back braid and dielectric to the 
2 dimensions shown. 
8.0 he SN 


3 Fit contact over centre conductor to butt against the 


dielectric, then crimp. 


Male contact 
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A Press sub-assembly into body, until contact clicks 
into place and ensuring that the knurled ferrule is 
inserted between the dielectric and braid. 


5 Slide the sleeve along the cable, until it butts 
against the body sub-assembly. Crimp, using the 
tool listed below. 


Note: A plug is shown, but these instructions are 
relevant to both plugs and jacks. The shape of 
contacts and insulators may also vary from the 
drawings shown. 


Assembly instructions Types SMB/SMC/SMD 


Cable types: 


TM 3306, RG174A/U, RG188A/U, RG316/U 
TM 3263, RG178B/U, RGI96A/U, URM 110 


Slide clamp nut, a washer, a gasket and the other 
washer over the cable trim outer sheath to 
dimension shown. 


Washer 3.9 
p Washer 10 
r y n E | ES : 
— un AA «ER 
Clamp Gasket 
nut 


a Fold back braid. Push ferrule over dielectric to trap 
braid between outer sheath and ferrule. 


— Pom 4 


Ferrule 


Trim off surplus braid. Trim dielectric flush with 
3 ferrule and check length of centre conductor. Tin 
centre conductor. 
1.5- = 


ne =>) 


insulator 


A Side rear insulator over centre conductor until 
it butts against ferrule. 


Poneman 
IA 7 


pe 
| Contact 


5 Fit contact onto centre conductor until it butts 
against rear insulator. Hold cable and contact 
tightly together and solder. 


e = 
—- k A E ee 

Y” Front 

insulator 


6 Fit front insulator over contact until it butts against 
internal shoulder. 


a ica eG 


Body 


7 Press sub-assembly into body as far as possible. 
Engage and tighten clamp nut. 
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4 Place crimp sleeve over sheat and trim cable to the 
dimensions shown. Ensure that the centre 
conductor is not damaged. 


ll PS = 


Crimp sleeve 


? Place contact on centre conductor and crimp. 


| =. com 


Contact 


3 Push contact into body sub-assembly. Ensure the 
contact ‘clicks’ into rear insulator with the ferrule 
between the braid and the dielectric. 


A Slide crimp sleeve over the braid and crimp. 


23.3 Interfaces 


23.3.1 Connectors and connections 
Data interchange by modems 


When transmitting and receiving data across telephone or other cir- 
cuits, the equipment which actually generates and uses the data (e.g. 
a computer or VDU terminal) is known as data terminating equip- 
ment (DTE). The equipment which terminates the telephone line and 
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converts the basic data signals into signals which can be transmitted is 
known as data circuit-terminating equipment (DCE). As far as the user 
is concerned the interface between DTE and DCE is the most impor- 
tant. ITU-T recommendation V24 defines the signal interchanges and 
functions between DTE and DCE; these are commonly known as the 
100 series interchanges circuits: 


Interchange circuit Data 


A 
N 
S 


101 


110 


111 
112 


113 


Van, 


Protective ground 
or earth 

Signal ground or 
common return 

Transmitted data ° 

Received data e 

Request to send 

Ready for 
sending 

Data set ready 

Connect data set 
to line 

Data terminal 
ready 

Data channel 
received line 
signal detector 

Signal quality 
detector 

Data signalling 
rate selector 
(DTE) 

Data signalling 
rate selector 
(DCE) 

Transmitter signal 
element timing 
(DTE) 


Control Timing 
9 9 
O O 
JD SS 
SI S § Q 
È s Eos 
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Interchange circuit Data 


Ny be, 


po 
pa 
KK 


115 


116 
117 
118 


119 


120 


121 


122 


123 


124 


125 
126 


127 


Van, 


Transmitter signal 
element timing 
(DCE) 

Receiver signal 
element timing 
(DCE) 

Select stand by 

Standby indicator 

Transmitted @ 
backward 
channel data 

Received 9 
backward 
channel data 

Transmit 
backward 
channel line 
signal 

Backward 
channel ready 

Backward 
channel 
received line 
signal detector 

Backward 
channel single 
quality detector 

Select frequency 
groups 

Calling indicator 

Select transmit 
frequency 

Select receive 
frequency 


Control 


G 


À 
$ 


N 


Interchange circuit 


A 
N 
J 


128 
130 


132 
133 
134 
191 


192 


v 
g 


Receiver signal 
element timing 
(DTE) 

Request to 
receive 

Transmit 
backward tone 

Received 
character 
timing 

Return to 
non-data mode 

Ready for 
receiving 

Received data 
present 

Transmitted voice 
answer 

Received voice 
answer 


Modem connector pin numbers 


Control Timing 
9 9 
O O 
SN Y 
SI S § X 
¿gs € g 


The connectors used with 100 series interchange circuits and its pin 
assignments are defined by international standard ISO 2110 and are 
(for modems following the ITU-T recommendations V21, V23, V26, 
V26bis, V27 and V27bis) as follows: 
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Interchange circuit numbers 


S 
N N > 5 y 
&s A 9 SS ES 
1 gl “q “l Ground 
2 103 103 103 TXD 
3 104 104 104 RXD 
4 105 105 105 RTS 
5 106 106 106 RFS 
6 107 107 107 DSR 
7 102 102 102 Signal return 
8 109 109 109 Signal DET 
9 *N *N *N 
10 *N *N *N 
11 126 *N *N STF 
12 *F 122 122 
13 *F 121 121 
14 *F 118 118 
15 *F "2 114 
16 *F 119 119 
17 *F a 115 
18 141 141 141 
19 *F 120 120 
20 108/1-2 108/1-2 108/1-2 DTR 
21 140 140 140 
22 125 125 125 Call ind. 
23 *N 111 111 
24 *N *N 113 
25 142 142 142 
Notes: 


*1 Pin 1 is assigned for connecting the shields between tandem 
sections of shielded cables. It may be connected to protective 
ground or signal ground. 

*F Reserved for future use. 

*N Reserved for national use. 
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9-Pin connector 


9 
$ S 
N N 

1 DCD Data carrier detect 
2 RXD Receive data 
3 TXD Transmit data 
4 DTR Data terminal ready 
5 GND Ground 
6 DSR Data set ready 
7 RTS Ready to send 
8 CTS Clear to send 
9 RI Ring indicator 


Automatic calling 


A similar series of interchange circuits is defined in ITU-T recommen- 
dation V25 for automatic calling answering between modems over the 
telephone network. This is the 200 series interchange circuits: 


Interchange circuit 


& 
$ sg 
9 S $ N 
S 3 S S 
201 Signal ground e 
202 Call request 
203 Data line occupied e 
204 Distant station connected e 
205 Abandon call e 
206 Digit signal (2°) e 
207 Digit signal (2!) ° 
208 Digit signal (27) e 
209 Digit signal (23) 9 
210 Present next digit e 
211 Digit present e 


213 Power indication a 


the input voltages for the two circuits shown 
in Figure 6.39 . 
Figure 6.39 

600 Hz | kQ2 


Y V 


out la in 


60 Hz | k£2 


out 


| k£? | ke 


25 UF 250 uF 


(1) (2) 


Questions 

L 

A XC= č Ż 

B. DC V out = — 

C. AC V out = — č 

D. Attenuation: —— — 

2. 

A XC s č 

B. DC V out =s — 

C. AC V out = — 

D. Attenuation: —— — 
Answers 

L. 

A. XC = 10.6 ohms. 

B. DC V out = 10 volts. 
C. AC V out = 0.1 volts. 
D. Here, the DC attenuation is the same as 


the example in problem 26, but the AC 


output voltage is reduced because of the 
higher frequency. 
2. 


A. XC = 10.6 ohms. 
B. DC V out = 10 volts. 
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RS 232C 


The EIA equivalent of CCITT V24 interface is the RS 232C specifi- 
cation, which similarly defines the electrical interface between DTE 
and DCE. Although the two have different designations, they are to all 
practical purposes equivalent. The RS 232C interchange circuits are: 


Interchange circuit 


MS 
§ 
$ 
N 
S 


DA 
DB 


DD 


S 
2 
Protective ground 
Signal 
ground/common 
return 
Transmitted data 
Received data 
Request to send 
Clear to send 
Data set ready 
Data terminal ready 
Ring indicator 
Received line signal 
detector 
Signal quality 
detector 
Data signal rate 
selector (DTE) 
Data signal rate 
selector (DCE) 
Transmitter signal 
element timing 
(DTE) 
Transmitter signal 
element timing 
(DCE) 
Receiver signal 
element timing 
(DCE) 


Data 


À 
$ 


S) 


ky 
© 
Q 


N 


Control Timing 
Q 9 
O O 
E 2 
S S § <A 
¿sx € 8 


Interchange circuit Data Control Timing 
E 9 x) x) 
§ , SE SESE 
S § SS SR 
S 2 Re 8 XK SS KE $8 
SBA Secondary e 

transmitted data 
SBB Secondary received e 

data 
SCA Secondary request to e 

send 
SCB Secondary clear to e 

send 
SCF — Secondary received e 

line signal 

detector 
RS 449 


The EIA RS 232C standard, although the most common, is by no 
means perfect. One of its main limitations is the maximum data rate 
—18.2K baud. Various improved interchange circuits (RS 422, RS 
423) have been developed. The RS 449 standard is capable of very 
fast data rates (up to 2 Mbaud): 


Interchange circuit Data Control Timing 
$ E O 
$ ' SI oS 
$ § ES O F 
y = $ S EEEF 


SG Single ground 

SC Send common 

RC Receive common 

IS Terminal in service 

IC Incoming call e 
TR Terminal ready e 
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Interchange circuit Data Control Timing 


2 
N 

S 
N Y 


DM Data mode ® 

SD Send data e 

RD Receive data e 

TT Terminal timing e 
ST Send timing 

RT Receive timing 

RS Request to send o 
CS Clear to send 

RR Receiver ready 

SQ Signal quality 

NS News signal 

SF Select frequency 

SR Signalling rate selector 

SI Signalling rate indicator e 


SSD Secondary send data e 

SRD Secondary receive data e 

SRS Secondary request to send e 
SCS Secondary clear to send 

SRR Secondary receiver ready 

LL Local loopback 

RL Remote loopback 


Primary channel 


Secondary 
channel 


TM Test mode o 
SS Select standby è 
SB Standby indicator e 


Centronics interface 


Most personal computers use the Centronics parallel data transfer to a 
printer. The pin connections of the connector, abbreviations and signal 
descriptions are shown. 

All signals are standard TTL, although not all signals necessarily 
exist in any given interface. 


Py 
72 7 umi, 
F 


a ad dl — pad 
hh UN OO OANA MN BW NY e 


= = e 
JIN ODA 


18 
19 
31 
32 
33 
34 
Sa 
36 


to 30 


SLCT 
AUTO FEED XT 


NC 
OV 
CHASSIS GND 


NC 

GND 
INIT 
ERROR 
GND 

NC 
Logic 1 
SLCT IN 
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Y 
N 
S 
Q 
S 
> 
S 
N 
& 


OS 


Strobe 

Data line 1 

Data line 2 

Data line 3 

Data line 4 

Data line 5 

Data line 6 

Data line 7 

Data line 8 

Acknowledge data 

Busy 

Paper end 

Select printer 

Automatic line feed at end 
of line 

No connection 

Logic ground 

Printer chassis (not 
necessarily the same as 
logic ground) 

No connection 

Single ground 

Initialize 

Error 

Signal ground 

No connection 

Logic 1 

Select input to printer 
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Reference 


M/ACOM Greenpar Ltd, catalogue 1993. 


24 Broadcasting 


24.1 Standard frequency and time transmissions 


à X 
ox 5 `~ $ 

LS 2 © O 
60 kHz 5000 MSF 

— — WWVB 
75kHz 4000 HBG 
77.5kHz 3871 DCF77 
1.5 200 HD210A 
2.5 120 MSF 

— — WWV 

— — WWVH 

— = ZLF 

— — RCH 

— — JJY 

= = ZUO 
3.33 90.09 CHU 
3.81 78.7 HD201A 
4.5 66.67 VNG 
4.996 60.05 RWM 
5 60 MSF 

— — WWWVB 

— — WW VH 

= — ATA 

— — LOL 

— — IBF 

— — RCH 

— — JJY 

= = ZUO 
5.004 59.95 RID 
6.10 49.2 YVTO 
7.335 40.9 CHU 
7.5 40 VNG 


Rugby 
Colorado 
Mainflingen 
Guayaquil 
Rugby 

Fort Collins 
Kekaha 


Wellington 


Tashkent 


Olifantsfontein 
Ottawa 
Guayaquil 
Victoria 
Moscow 
Rugby 

Fort Collins 
Kekaha 

New Delhi 
Buenos Aires 
Turin 
Tashkent 
Olifantsfontein 
Irkutsk 
Caracas 
Ottawa 
Lyndhurst 


281 


England 
USA 
Switzerland 
DDR 
Ecuador 
England 
USA 

Hawaii 

New Zealand 
USSR 

Japan 

South Africa 
Canada 
Ecuador 
Australia 
USSR 
England 
USA 

Hawaii 
India 
Argentina 
Italy 

USSR 

Japan 

South Africa 
USSR 
Venezuela 
Canada 
Australia 
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2 $ 
$ S 
EY $ 
SE Ss 
16 39.4 
8 37.5 
8.1675 36.73 
9996 30.01 
10 30 
10.004 29.99 
12 25 
14.67 20.45 
14.996 20.01 
15 20 
15.004 19.99 
16.384 18.31 
15.55 17.09 
20 15 
100 3 


Y 
£ 


S 2 


N 
S S 
S O 
O 


HD210A Guayaquil 


JJY 
LQB9 
RWM 
MSF 
WWVB 
WWVH 
BPM 
ATA 
JJY 
LOL 
RTA 
RCH 
RID 
VNG 
CHU 
RWM 
WWVB 
WWVH 
LOL 
RTA 
BPM 
ATA 
JJY 
RID 


LQC20 
WWVB 
ZUO 


Buenos Aires 
Moscow 
Rugby 

Fort Collins 
Kekaha 

Xian 

New Delhi 


Buenos Aires 
Novosibirsk 
Tashkent 
Irkutsk 
Lyndhurst 
Ottawa 
Moscow 
Fort Collins 
Kekaha 
Buenos Aires 
Novosibirsk 
Xian 

New Delhi 


Irkutsk 
Allouis 
Buenos Aires 
Fort Collins 


Olifantsfontein 


Co “nip, 


Ecuador 
Japan 
Argentina 
USSR 
England 
USA 
Hawaii 
China 
India 
Japan 
Argentina 
USSR 
USSR 
USSR 
Australia 
Canada 
USSR 
USA 
Hawaii 
Argentina 
USSR 
China 
India 
Japan 
USSR 
France 
Argentina 
USA 
South Africa 


pd. 


R a 
RWOOOuyCO mu WO 


24.2 Standard frequency formats 


Station ID 
440 Hz 1 Hour mark 


WWY broadcast format 


via telephone (303) 499 7111 NBS reserved 


Location 
40-40" 490° N 


UTC vorce 
announcement 


600 Hz tone 
S 


z excelent 
an TE E tick 
CS 
en, 


Beginning of each hour is identified by 
0.8 second lang 1500 Hertz tone 
Beginning of each minut is identified by 
0.8 second long 100 Hertz tone 


: Standard broadcast frequencies 
tone == p and radiated power 
2.5 MHz 25kW 10MHz 10kW 
5 MHz 10kW  15MHz- 10 kW 
20 MHz 2.5 kW 
UT 1 corrections 
For additionalintormation contact 
NBS Radio Station WWV 
2000 East Country Road 58 
FT Collins CO 80624 
(303) 483 2372 


Station ID: 


Minutes 


MSF Rugby 
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The 29th and 59th second pulse of each minute is omitted 


Time is inserted in the 60 kHz transmission in two ways, illustrated 


below. 
Fast-code 
transmission 
Minute identifier 
4 1 
i Seconds past 4 DUTI 
each minute transmission 
Minute 
2 
4 
4 
2 
80 Leap 
Hour 8 second 


4 g 4 
10201 2 4 0 
Day of month | | Mont 


C. AC V out = 0.1 volts. 

D. The DC attenuation is still the same, but 
the AC output voltage is reduced because of 
the larger capacitor. 


Inductors in AC Circuits 


28 Figure 6.40 shows a voltage divider 


circuit using an inductor, rather than a 
capacitor. 

Figure 6.40 

V in k ou 
L 
R 

As with previous problems, consider all the 
inputs to be pure sine waves. Like the 
capacitor, the inductor cannot change the 


frequency of a sine wave, but it can reduce 
the amplitude of the output voltage. 

The simple circuit, as shown in Figure 6.40 , 
opposes current flow. 


Questions 

A. What is the opposition to current flow 
called? > 

B. What is the formula for the reactance of 


the inductor? > 
C. Write out the formula for the opposition to 
the current flow for this circuit. 


Answers 
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Slow code time and date information is transmitted between the 
17th and 59th seconds of the minute-long cycle, in normal BCD 
coding. Fast code time and date BCD coded information is inserted 
into a 500 ms window in the first second of each minute-long cycle, 
as illustrated below. 


Time of day Day of month 


Marker bit Parity bit BST on 10 month PES 
Control pulse : hr hr 10min min| [10 day day| Monthf Parity bit 


2184214218421 21842118421 


60 kHz 60 kHz 
carrier 7 carrier 
-— 
0 254550 200 330 500ms 
Minute edge 
24.3 UK broadcasting bands 
A A 
§ § 
Y Y 
§ S 
AS 
Long wave 150-285 kHz (2000-1053 m) AM radio 
Medium wave 525-1605 kHz (571-187 m) AM radio 
Band Il (VHF) 88—108 MHz FM radio 


Band IV (UHF) 470-582 MHz (channels 21 to 34) TV 
Band V (UHF) 614-854 MHz (channels 39 to 68) TV 
Band VI (SHF)  11.7-12.5GHz (channels 1 to 40) Satellite TV 


24.4 BBC VHF test tone transmissions 


Transmission starts about 4minutes after the end of Radio 3 pro- 
grammes on Mondays and Saturdays. 


N 
y 5 
: a S 
$ S Si 
— 250 Hz at zero 440 Hz at zero 
level level 
2 900 Hz at 900 Hz at 
+7 dB +7 dB, 
antiphase to 
left channel 
6 900 Hz at 900 Hz +7 dB, 
+7 dB in phase 
with left 
channel 
q 900 Hz at No modulation 
+7 dB 
8 No modulation 900 Hz at 
+7 dB 
9 Tone sequence No modulation 
at —4 dB: 
40 Hz 
6-3 kHz 
100 Hz 
10 kHz 
500 Hz 
12.5 kHz 
1000 Hz 
14 kHz 
This 
sequence is 
repeated 
1140” No modulation Tone sequence 
as for left 
channel 
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2 
S 
$ 


g 


Identification of left and 
right channels and 
setting of reference level 

Adjustment of phase of 
regenerated subcarrier 
(see Note 4) and check 
of distortion with L-R 
signal only 

Check of distortion with 
L + R signal only 


Check of L to R cross-talk 
Check of R to L cross-talk 


Check of L-channel 
frequency response and 
L to R cross-talk at high 
and low frequencies 


Check of R-channel 
frequency response and 
R to L cross-talk at high 
and low frequencies 
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NG 
N v 
N S 
N S Y Y 
N S SN S 
N 
Y me N N 
S N 0 S 
S N Y x 


14/20” No modulation No modulation Check of noise level in the 


presence of pilot 


15’20” End of test transmissions 


Notes: 


l. 


2: 


This schedule is subject to variation or cancellation to accord with 
programme requirements and essential transmission tests. 

The zero level reference corresponds to 40% of the maximum level 
of modulation applied to either stereophonic channel before pre- 
emphasis. All tests are transmitted with pre-emphasis. 


. Periods of tone lasting several minutes are interrupted momentarily 


at one-minute intervals. 


. With receivers having separate controls of subcarrier phase and 


crosstalk, the correct order of alignment is to adjust first the sub- 
carrier phase to produce maximum output from either the L or the 
R channel and then to adjust the crosstalk (or ‘separation’) control 
for minimum crosstalk between channels. 


. With receivers in which the only control of crosstalk is by adjust- 


ment of subcarrier phase, this adjustment of subcarrier phase, this 
adjustment should be made on the crosstalk checks. 


. Adjustment of the balance control to produce equal loudness from 


the L and R loudspeakers is best carried out when listening to 
the announcements during a stereophonic transmission, which are 
made from a centre-stage position. If this adjustment is attempted 
during the tone transmissions, the results may be confused because 
of the occurrence of standing-wave patterns in the listening room. 


. The outputs of most receivers include significant levels of the 


19-kHz tone and its harmonics, which may affect signal-level 
meters. It is important, therefore, to provide filters with adequate 
loss at these frequencies 1f instruments are to be used for the 
above tests. 
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24.5 Engineering information about broadcast 
services 


Information about all BBC services as well as advice on how best to 
receive transmissions (including television) can be obtained from: 


British Broadcasting Corporation 
Engineering Liaison 

White City 

201 Wood Lane 

London W12 7TS 


Telephone: 020 8752 5040 


Transmitter service maps for most main transmitters can also be 
supplied, but requests for maps should be accompanied by a stamped 
addressed A4 sized envelope. 

Similarly, information about all IBA broadcast services can be 
obtained from: 


Radio: 

Radiocommunications Agency 
Wyndham House 

189 Marsh Wall 

London E14 9SX 


Telephone: 020 7211 0211 


Television: 

The Independent Television Commission 
Kings Worthy Court 

Kings Worthy 

Winchester 

Hants SO23 7QA 


Telephone: 01962 848647 
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24.6 Characteristics of UHF terrestrial television 


systems 


24.6.1 World systems 


Y 
N S S S 
ë xs X So § F 
N d 9 IY y S IS 
> S S Y 9 a X 9S S 
$ 3. SS ¥ 8 S S æ 
S Ņ Tha Ses AS a. 2 S n 
Y S SO SP SS. RAS AS 
$ S SELF EEE LX S E 
E SS Sr ae F R 
A 625 8 55 +6 1.25 Neg. FM 50 
B 625 8 50 +5.5 1.25 Neg. FM 50 
C 625 8 50 +5.5 0.75 Neg. FM 50 
D 625 8 60 +6.5 1.25 Pos. AM 50 
E 625 8 60 +6.5 0.75 Neg. FM 50 
F 525 6 42 ++4.5 1.25 Neg. FM 60 
A — UK and Eire 
B — Eastern Europe 
C — Most of Western Europe, Australia, New Zealand 
D — France 


E — Russia and Eastern Europe 
F — USA, most of Central and South America, Japan 


24.6.2 European systems 


N S ~ 
S 5 S 
Austria C PAL 
Belgium B PAL 
Bulgaria No UHF system 
Cyprus C PAL 
Czechoslovakia E SECAM 
Denmark No UHF system PAL 
Finland C PAL 
France D SECAM 
Germany E PAL 
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$ j 

S S 

© © 
German DR E SECAM 
Greece B PAL 
Holland C PAL 
Hungary E SECAM 
Iceland No UHF system 

Ireland A PAL 
Italy C PAL 
Luxembourg D SECAM 
Malta B PAL 
Monaco D SECAM 
Norway C PAL 
Poland E SECAM 
Portugal C PAL 
Romania E PAL 
Spain C PAL 
Sweden C PAL 
Switzerland C PAL 
Turkey No UHF system 

UK A PAL 
USSR E SECAM 
Yugoslavia B PAL 


Channel bandwidth 

Upper sideband (vision signal) 

Lower sideband (vision signal) 

Vision modulation 

Sound modulation 

Sound deviation (max.) 

Sound pre-emphasis 

Sound carrier relative to vision 
carrier 

Aspect ratio 

Blanking and black level 

White level 

Sync. level 

Video bandwidth 


24.6.3 UK 625-line television system specification 


8 MHz 

5.5 MHz 

1.25 MHz 
AM negative 
FM 

+50 kHz 

50 us 

+ 


4:3 

76% 

20% peak 
100% peak 
5.5 MHz 
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Field frequency 
Line frequency 
Field sync. signal 


Field sync. and flyback intervals 
Line period (approx.) 

Line syn. pulses (approx.) 

Line blanking (approx.) 

Field sync. pules (broad) 

Field sync. pulses (equalizing) 
Colour subcarrier frequency 
Burst duration 

Burst amplitude 

Burst phase 


50 Hz 

15 625 Hz 

5 equalizing then 5 
broad pulses, 
followed by 5 
equalizing pulses 
in 7.5 line periods 

2 x 25 line periods 

64 us 

4.7 us 

12 us 

27.3 Ws 

2.3 us 

4.43361875 MHz 

2.25 Ws 

equal to sync 

180° + 45° 


24.6.4 UK 625-line television system field blanking details 


Carrier amplitude % 


Field sync 
datum 
T 


=æ- Field blanking — (25 Lines and line blanking)  -————-==: 


2.5 Lines—æ 2.5 Lines = 2.5 Lines 
5 Equalising i Field sync 5 Equalising 
pulses’: 5 broad pulses | 
! pulses | 
End of odd fields ~~~» Beginning of even fields 


Line number 6236240625001 emo. 2 wee 3 ~one on Sof 6 e =e! 23 pa 


75- +> i j oo iss 
i. i; Equalising pulses 
| t Broad pulses SEENA ps 
— — 27.3 + 0.2 us 
20 s= --- ww = = mae , aber 
0 H l | ' 


End of even fields ———=+=— Beginning of odd fields 
{ Line number 181 jete-3] 2ao31 3-03 | ap] 1 5-31 Gapo-3 1 7-31 30 
o- - - Y > 


Blanking and black level $ Sync level 


7 Peak white level 


Field blanking 0.3 + 0.1 us 
Field sync 0.25 + 0.05 us 
Equalising pulses 0.25 + 0.05 us 


Rise times 
(10% — 90%) 


24.7 Terrestrial television channels 


UK 


Frequency (MHz) 


gos 
615.25 621.25 
623.25 629.25 
631.25 637.25 
639.25 645.25 
647.25 633.25 
655.25 661.25 
663.25 669.25 
671.25 677.25 
679.25 685.25 
687.25 693.25 
695.25 “701.25 
703.25 709.25 
TEL25 725 
T1925, -725.23 
T2425: T33.29 


Republic of Ireland 


Frequency (MHz) 


$ X 
a S 
S 8 

45.75 51.75 
53.75 59.75 
61.75 67.75 
173.25 81.25 
183.25 189.25 


Frequency (MHz) 


ie, 


735.25 
743.25 
751.25 
T3923 
767.25 
T1525 
783.25 
191,25 
799.25 
807.25 
815.25 
823.25 
831.25 
839.25 
847.25 


Frequency (MHz) 


Souny 


741.25 
749.25 
757.25 
765.25 
T1323 
781.25 
789.25 
191.23 
805.25 
813.25 
821.25 
829.25 
837.25 
845.25 
853.25 


291 


292 


South Africa 


Duna] CZ 
any 
el 


Australia 
Y 
N 
N 
Y 
O 


0 
1 
2 
3 
4 
5 
5 


A 


New Zealand 


Frequency (MHz) 


S X 
A S 
sg 8 

175.25 181.25 
183.25 189.25 
191.25 197.25 
199.25 205.25 
207.25 213.25 


Frequency (MHz) 


g g 
46.25 7 
57.25 62.75 
64.25 69.75 
86.25 91.75 
95.25 100.75 

102.25 107.75 
138.25 143.75 


Frequency (MHz) 


S X 
A S 
S 8 

45.25 50.75 
55.25 60.75 
62.25 67.75 
175.25 180.75 
182.25 187.75 


VO 0 N DN Chay nej 


Frequency (MHz) 


Visio, 


215.25 
2239:23 
231.23 
247.43 


>” 


22 1:23 
229.25 
2371:23 
253.43 


Frequency (MHz) 


Frequency (MHz) 


cone 


189.25 
196.25 
203.25 
210.25 


Somn y 


194.75 
201.75 
208.75 
215.75 
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USA 
Frequency (MHz) Frequency (MHz) 
Y Y 
Ñ $ S S Ș X 
A N 9 A A 

3) ES aS S S $ 

2 39.25 59.75 43 645.25 649.75 

3 61.25 65.75 44 651.25 655.75 

4 67.25 71.75 45 657.25 661.75 

5 TLDS 81.75 46 663.25 667.75 

6 83.25 87.75 47 669.25 673.75 

7 175.25 179.75 48 675.25 679.75 

8 181.25 185.75 49 681.25 685.75 

9 187.25 191.75 50 687.25 691.75 
10 193.25 197.75 51 693.25 697.75 
11 199.25 203.75 52 699.25 703.75 
12 205.25 209.75 53 705.25 709.75 
13 211525 215.75 54 TL25 715.75 
14 471.25 475.75 55 717.25 721.75 
15 477.25 481.75 56 LAZO TAE 
16 483.25 487.75 57 129323 733.75 
17 489.25 493.75 58 735.25 739.75 
18 495.25 499.75 59 741.25 745.75 
19 501.25 505.75 60 747.25 751.75 
20 507.25 511.75 61 153.23 757.15 
21 513.25 517.75 62 759.25 763.75 
22 519.25 523.75 63 765.25 769.75 
23 525.25 529.75 64 7711.25 715.15 
24 531.25 535.75 65 Tid) 781.75 
23 537.25 541.75 66 783.25 787.75 
26 543.25 547.75 67 789.25 793.75 
27 549.25 553.75 68 795.25 799.75 
28 533.23 559.75 69 801.25 805.75 
29 561.25 565.75 70 807.25 811.75 
30 567.25 571.75 71 813.25 817.75 
31 573.23 577.15 T2 819.25 823.75 
32 5179:23 583.75 73 825.25 829.75 
33 585.25 589.75 74 831.25 835.75 
34 591.25 595.75 75 837.25 841.75 
35 597.25 601.75 76 843.25 847.75 
36 603.25 607.75 71 849.25 853.75 
37 609.25 613.75 78 855.25 859.75 
38 615.25 619.75 79 861.25 865.75 
39 621.25 625.75 80 867.25 871.75 
40 627.25 631.75 81 873.25 877.75 
41 633.25 637.75 82 879,25 883.75 


42 639.25 643.75 83 885.25 889.75 


A. Impedance 
B. XL = 2nfL. 


© Z= [xi +R? 


In many cases, the DC resistance of the 
inductor is low, so assume that it is O ohms. 
For the next two problems, make that 
assumption in performing your calculations. 

29 You can calculate the voltage output for 
the circuit shown in Figure 6.41 with the 
voltage divider formula. 

Figure 6.41 


x 


Y 


7 _f 
cut F. 


Question 
What is the formula for V out ? — 
Answer 
R 
No — Vin K — 
£ 


30 Find the output voltage for the circuit 
shown in Figure 6.42 . 
Figure 6.42 


24.8 Terrestrial television aerial dimensions 


Channel Dimensions in cm 
A B C D E F G H a b c Channels covered in the UHF groups are: 

UHF Groups Group letter Colour Code Channels 
A 30.1 30 241 23 228 21.1 20.4 199 10.3 10.3 1.8 A Red 21-34 
B 26.5 21.7 189 18 17.8 165 16 155 89 89 1.8 B Yellow 39-51 
C 23.2 18.2 16 153 15 14 133 122 75 7.5 1.8 C Green 50-66 
D 26.1 23.5 18.4 16 15.5 14.8 13.8 13 7.6 76 1.8 D Blue 49—68 
E 27 26.5 21.1 18.6 17.9 17.6 16 15.8 15.8 15.8 1.8 E Brown 39—68 
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UHF Groups 
Band Ill 
Bands 
land IM 
C l | 


eee Cross 
Pri e boom 


Pattern of general-purpose 
Yagi array to be used in 
conjunction with the 
dimensions given below. 


Reflector cross member 


24.9 AM broadcast station classes (USA) 


The US AM broadcast band is 540kHz to 1700kHz, with 10kHz 
channel spacings with centre frequencies divisible by ten (e.g. 780 kHz 
or 1540 kHz). Other countries in the western hemisphere operate on 
either 10kHz channel spacings with frequencies ending in ‘5’, or 
9kHz spacing. The Domestic Class is generally the class of station 
defined in 47 CFR Section 73.21. The Region 2 Class is generally 
the class of station as defined in the Region 2 [Western Hemisphere] 
AM Agreement. This class also corresponds to the class in the 1984 
US—Canadian AM Agreement and the 1986 US—Mexican Agreement. 


24.9.1 Class A station 


A Class A station is an unlimited time station (that is, it can broadcast 
24hours per day) that operates on a clear channel. The operating 
power shall not be less than 10 kilowatts (kW) or more than 50 kW. 


24.9.2 Class B station 


A Class B station is an unlimited time station. Class B stations are 
authorized to operate with a minimum power of 250 watts and a max- 
imum power of 50kW. (If a Class B station operates with less than 
250 W, the RMS must be equal to or greater than 141 mV/m at 1 km 
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for the actual power.) If the station is authorized to operate in the 
expanded band (1610 to 1700 kHz), the maximum power is 10kW. 


24.9.3 Class C station 


A Class C station is an unlimited time station that operates on a local 
channel. The power shall not be less than 250 W nor more than 1 kW. 
Class C stations that are licensed to operate with 100 W may continue 
to operate as licensed. 


24.9.4 Class D station 


A Class D station operates either daytime, limited time, or unlimited 
time with a night-time power less than 250 W and an equivalent RMS 
antenna field less than 141 mV/m at 1 km for the actual power. Class 
D stations shall operate with daytime powers not less than 0.250 kW 
nor more than 50kW. Vote: If a station is an existing daytime-only 
Station, its class will be Class D. 


24.10 FM broadcast frequencies and channel 
numbers (USA) 


From US Code USC 47 CFR 73. The FM broadcast band consists 
of that portion of the radio frequency spectrum between 88 MHz and 
108 MHz. It is divided into 100 channels of 200 kHz each. For con- 
venience, the frequencies available for FM broadcasting (including 
those assigned to non-commercial educational broadcasting) are given 
numerical designations which are shown in the table below: 


Frequency (MHz) Channel No. 


88.1 201 
88.3 202 
88.5 203 
88.7 204 
88.9 205 
89.1 206 
89.3 207 
89.5 208 
89.7 209 
89.9 210 
90.1 211 
90.3 212 


90.5 213 
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Frequency (MHz) Channel No. 


90.7 214 
90.9 215 
91.1 216 
91.3 217 
91.5 218 
91.7 219 
91.9 220 
92.1 221 
92.3 222 
92.5 223 
92.7 224 
92.9 223 
93.1 226 
93.3 227 
93.5 228 
93.7 229 
93.9 230 
94.1 231 
94.3 232 
94.5 233 
94.7 234 
94.9 235 
95.1 236 
95.3 231 
95.5 238 
95.7 239 
95.9 240 
96.1 241 
96.3 242 
96.5 243 
96.7 244 
96.9 245 
97.1 246 
97.3 247 
97.5 248 
97.7 249 
97.9 250 
98.1 231 
98.3 232 


98.5 253 


298 


Frequency (MHz) Channel No. 


98.7 254 

98.9 255 

99.1 256 

99.3 251 

99.5 258 

997 259 

99.9 260 
100.1 261 
100.3 262 
100.5 263 
100.7 264 
100.9 265 
101.1 266 
101.3 267 
101.5 268 
101.7 269 
101.9 270 
102.1 271 
102.3 212 
102.5 273 
102.7 274 
102.9 275 
103.1 276 
103.3 Zid 
103.5 278 
103.7 279 
103.9 280 
104.1 281 
104.3 282 
104.5 283 
104.7 284 
104.9 285 
105.1 286 
105.3 287 
105.5 288 
105.7 289 
105.9 290 
106.1 291 
106.3 2972 


106.5 293 


Frequency (MHz) 


24.11 US television channel assignments 


106.7 
106.9 
107.1 
107.3 
107.5 
107.7 
107.9 


Channel No. 


Channel No. 


294 
293 
296 
297 
298 
299 
300 


Frequency (MHz) 
(No Ch. 1 assigned) 


54—60 
60-66 
66-72 
76-82 
82-88 
174-180 
180-186 
186-192 
192-198 
198-204 
204-210 
210-216 
470-476 
476-482 
482-488 
488-494 
494-500 
500-506 
506-512 
512-518 
518-524 
524-530 
530-536 
536-542 
542-548 
548-554 
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300 


Channel No. Frequency (MHz) 
28 554-560 
29 560-566 
30 566-572 
31 572-578 
32 578-584 
33 584-590 
34 590-596 
35 596-602 
36 602-608 
37 608-614 
38 614-620 
39 620-626 
40 626-632 
41 632-638 
42 638-644 
43 644-650 
44 650-656 
45 656-662 
46 662-668 
47 668-674 
48 674-680 
49 680-686 
50 686-692 
51 692-698 
52 698-704 
53 704-710 
54 710-716 
55 716-722 
56 722-728 
57 728-734 
58 734-740 
59 740-746 
60 746-752 
61 752-758 
62 758-764 
63 764-770 
64 710-776 
65 716-782 
66 782-788 


67 788-794 
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Channel No. Frequency (MHz) 
68 794-800 
69 800-806 


Notes: 


1. In Alaska, television broadcast stations operating on Channel 5 
(76—82 MHz) and on Channel 6 (82-88 MHz) shall not cause 
harmful interference to and must accept interference from non- 
Government fixed operations authorized prior to 1 January 1982. 

2. Channel 37, 608-614 MHz is reserved exclusively for the radio 
astronomy service. 

3. In Hawaii, the frequency band 488-494 MHz is allocated for 
non-broadcast use. This frequency band (Channel 17) will not be 
assigned in Hawaii for use by television broadcast stations. 


24.12 License-free bands 


In Europe there are a number of license-free bands that can be used by 
anyone. However, there are restrictions on the use of these bands, both 
in terms of the application and the transmitted power. In particular, 
the manufacturer of transmitters operating in these bands must certify 
the equipment as meeting the required emission limits. 


49.82 to 49.98 MHz — general purpose 

173.2 to 173.35 MHz — telemetry. Note: 173.225 MHz is for short 
range alarms only 

433.05 to 434.79 MHz — telemetry and vehicle security 

458.5 to 458.95 MHz — industrial or commercial telemetry 

868 to 870 MHz — general purpose. 


Worldwide agreement has resulted in two bands, at 2.4GHz and 
5 GHz, being allocated to wireless LANs. Both of these bands are for 
industrial, scientific and medical (ISM) use. 

The 2.4 GHz allocation covers 2.4 to 2.4835 GHz. Restrictions on 
the use of this ISM band include the use of carrier frequency hopping 
in step multiples of 1 MHz. This band is used by wireless LANs 
operating under IEEE802.11B and Bluetooth. 

The IEEE802.11B standard uses 5 MHz carrier frequency steps, 
with some international variations. Europe allows the use of 13 channels 
(channel | to 13, with centre frequencies 2412 MHz to 2472 MHz), but 
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the USA only allows the use of 11 channels (channel 1 to 11, with 
centre frequencies 2412 MHz to 2462 MHz). In Japan only channel 14 
1s allowed (no hopping), using a carrier centre frequency of 2477 MHz. 

Bluetooth uses 79 hop frequencies, with multiples of a 1 MHz step 
size. The lowest carrier frequency 1s at 2402 MHz (channel 0) and the 
highest is 2480 MHz (channel 78). The frequency hopping pattern 1s 
psuedo-random, with 1600 hops per second. 

The 5 GHz allocation 1s actually two sub-bands, one covering 5.15 
to 5.35 GHz and the other covering 5.47 GHz to 5.725 GHz. The higher 
frequency ISM band allows 1 watt radiated power, rather than the 
200 mW limit of the lower frequency band. As with the 2.4 GHz ISM 
band, sources in the 5 GHz band must use carrier frequency hopping 
with 5 MHz steps. 


24.13 Calculating radio antenna great 
circle bearings 


Aiming radio antennas to target a particular area of the world requires 
calculation of the great circle bearing between your location and the 
other stations’ location. That bearing is calculated from some simple 
spherical trigonometry using a hand-held calculator or a computer pro- 
gram. Before talking about the maths, however, we need to establish 
a frame of reference that makes the system work. 


24.13.1 Latitude and longitude 


The need for navigation on the surface of the Earth caused the creation 
of a grid system uniquely to locate points on the surface of our globe. 
Longitude lines run from the north pole to the south pole, 1.e. from 
north to south. 

The reference point (longitude zero), called the prime meridian, 
runs through Greenwich, England. The longitude of the prime merid- 
ian is 0 degrees. Longitudes west of the prime meridian are given a 
plus sign (+), while longitudes east of the prime are given a minus 
(—) sign. If you continue the prime meridian through the poles to 
the other side of the Earth it has a longitude of 180 degrees. Thus, 
the longitude values run from —180degrees to +180 degrees, with 
+180 degrees being the same line. 

The observatory at Greenwich is also the point against which 
relative time is measured. Every 15 degree change of longitude is 
equivalent to a one hour difference with the Greenwich time. To the 
west, subtract one hour for each 15 degrees and to the east add one 


303 


\ 
North \ 
latitude \ 


„m =r 
——— um e m ee ee a o- e e a 


Prime meridian 


„e 


South 
latitude 


E 
UE) 
2 
oy) 
Y 


al 


/ 


Figure 24.1 Lines of longitude and latitude 


hour for each 15 degrees. Thus, the time on the East Coast of the 
United States is —5 hours relative to Greenwich time. At one time, we 
called time along the prime meridian Greenwich mean time (GMT), 
also called Zulu time to simplify matters for CW operators. 

Latitude lines are measured against the equator, with distances 
north of the equator being taken as positive, and distances south of 
the equator being negative. The equator is 0 degrees latitude, while the 
north pole is +90 degrees latitude and the south pole is —90 degrees 
latitude. 

Long ago navigators learned that the latitude can be measured 
by ‘shooting’ the stars and consulting a special atlas to compare the 
angle of certain stars with tables that translate to latitude numbers. 
The longitude measurement, however, is a bit different. For centuries 
sailors could measure latitude, but had to guess longitude (often with 
tragic results). In the early eighteenth century, the British government 
offered a large cash prize to anyone who could design a chronometer 
that could be taken to sea. By keeping the chronometer set accurately 
to Greenwich mean time, and comparing GMT against local time (i.e. 
at a time like high noon when the position of the sun is easy to judge), 
the longitude could be calculated. If you are interested in this subject, 
then most decent libraries have books on celestial navigation. 


Use the steps in the following questions to 
perform the calculation. 

Questions 

A. Find the DC output voltage. Use the DC 
voltage divider formula. 


DC Vou = 
B. Find the reactance of the inductor. 
AL = 
C. Find the AC impedance. 
A = 
D. Find the AC output voltage. 
AC Vou = 


E. Combine the outputs to find the actual 
output. Draw the output waveform and label 


the voltage levels of the waveform on the 
blank graph shown in Figure 6.43 . 
Figure 6.43 


out 
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24.13.2 The great circle 


On the surface of a globe, a curved line called a great circle path 1s 
the shortest distance between two points. 

Consider two points on a globe: ‘A’ is your location, while ‘B’ is 
the other station’s location. The distance ‘D’ is the great circle path 
between ‘A’ and ‘B’. 


North 


South 


Figure 24.2 Great circle path 


The great circle path length can be expressed in either degrees 
or distance (e.g. miles, nautical miles or kilometres). To calculate 
the distance, it 1s necessary to find the difference in longitude 
(L) between your longitude (LA) and the other station’s longitude 
(LB): L=LA-—LB. Keep the signs straight. For example, if 
your longitude (LA) is 40 degrees, and the other station’s longitude 
(LB) is —120degrees, then L = 40 — (—120) = 40 + 120 = 160. 
The equation for distance (D) 1s: 


cos D = (sin A x sin B) + (cos A x cos B x cos L) 


where: 

D is the angular great circle distance 
A is your latitude 

B is the other station’s latitude. 
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To find the actual angle, take the arccos of the above equation, 1.e. 
D = arccos(cos D) 


In the next equation you will want to use D in angular measure, but 
later on will want to convert D to miles. To do this, multiply D in 
degrees by 69.4. Or, 1f you prefer metric measures, then D x 111.2 
yields kilometres. This is the approximate distance in statute miles 
between ‘A’ and ‘B’. 

To find the bearing from true north, work the equation below: 


ES — (sin A x cos 2? 
C = arccos | ————— 


(cos A x sin D) 


However, this equation won't always give you the right answer unless 
you make some corrections. 

The first problem is the ‘same longitude error’, 1.e. when both sta- 
tions are on the same longitude line. In this case, L = LA — LB =0. 
If LAT A > LAT B, then C = 180 degrees, but if LAT A < LAT B, 
then C = 0 degrees. If LAT A = LAT B, then what’s the point of all 
these calculations? 

The next problem is found when the condition —180° < L < +180° 
is not met, i.e. when the absolute value of L is greater than 180°, 
ABS(L) > 180°. In this case, either add or subtract 360 in order to 
make the value between +180°: 


If L > +180, then L = L — 360 
If L < —180, then L = L + 360 


One problem seen while calculating these values on a computer or 
hand calculator is the fact that the sin(X) and cos(X) cover different 
ranges. The sin(X) function returns values from 0° to 360°, while the 
cos(X) function returns values only over 0° to 180°. If L is positive, 
then the result bearing C is accurate, but if L is negative then the 
actual value of C = 360 — C. The following test is necessary: 


If L < 0 then 
L=360- L 
Else L= L 
End if 
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Another problem is seen whenever either station is in a high lati- 
tude near either pole (+90°), or where both locations are very close 
together, or where the two locations are antipodal (i.e. on opposite 
points on the Earth’s surface). The best way to handle these problems 
is to use a different equation that multiplies by the cosecant of D (i.e. 
cosec(D)), rather than dividing by sine of D (i.e. sin(D)). 


25 Abbreviations and symbols 


25.1 Abbreviations 


Many abbreviations are found as either capital or lower case letters, 
depending on publishers” styles. Symbols should generally be stan- 
dard, as shown. 


CCIR 


Ampere or anode 

Auxiliary bass radiator 

Alternating current 

Acknowledgement 

Analogue to digital 

Analogue to digital converter 

Aerial 

Audio frequency 

Automatic frequency control 

Automatic gain control 

Amplitude modulation 

Advanced mobile phone system 

American National Standards Institute 

Acoustical Society of America 

American Standard Code for Information 
Interchange 

Aerial tuning unit 

Auxiliary 

Automatic volume control 

American Wine Gauge 

Base of transistor 

Bonded acetate fibre 

Brown & Sharpe (U.S.) wire gauge 

Bits per second 

Bass reflex 

British Standards Institution 

Bandwidth 

Capacitor, cathode, centigrade, coulomb 

Collector of transistor, speed of light 

Citizen’s band 

Charge coupled device 

International Radio Consultative Committee 
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International Telegraph and Telephone 
Consultative Committee 

Closed circuit television 

Code division multiple access 

Characters per second 

Comité International Special Des Peturbations 
(radio interference standards body) 

Clock signal 

Complementary metal oxide semiconductor 

Chromium dioxide 

Central processor unit 

Continuous tone controlled signalled system 

Charge transfer device 

Continuous wave 

Diode 

Drain of an f.e.t. 

Digital to analogue 

Digital to analogue converter 

Decibel 

Direct current 

Double cotton covered 

Data circuit-terminating equipment 

Digital Communications Service 

Direction finding 

Dual-in-line 

German standards institute 

Direct memory access 

Double pole, double throw 

Differential phase shift keying 

Double pole, single throw 

or dsbam. Double sideband amplitude 

modulation 

Digital short range radio 

Data terminal equipment 

Diode-transistor logic 

Dual tone multi-frequency 

Long distance reception 

Emitter of transistor 

Electrically alterable read only memory 

Emitter coupled logic 

Enhanced Data for GSM Evolution 

Extremely high tension (voltage) 


IB 

ion 

IF 

IHF 
ÉL(HL) 
1.m.d. 
i/p 

1.p.S. 


l.e.d. 
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Effective Isotropic Radiated Power 

Electromotive force 

Enamelled 

Erasable programmable read only memory 

Equalization 

Erasable read only memory 

Effective radiated power 

Extended total access communications system 

Farad, fahrenheit or force 

Frequency 

Frequency Division Duplex 

Frequency division multiplex 

Frequency division multiple access 

Ferrous 

Ferri-chrome 

Field effect transistor 

Fast frequency shift keying 

Frequency modulation 

Frequency response or range 

Full-scale deflection 

Frequency shift keying 

Giga (10?) 

Grid, gravitational constant 

Gaussian minimum shift keying 

Global system mobile 

Henry 

High frequency 

Hertz (cycles per second) 

Current 

Infinite baffle 

Integrated circuit 

Intermediate frequency 

Institute of High Fidelity (U.S.) 

Integrated injection logic 

Intermodulation distortion 

Input 

Inches per second 

Kilo, in computing terms (= 2!° = 1024), or 
degrees Kelvin 

Kilo (10°) or cathode 

Inductance or lumens 

Light emitting diode 


Low frequency 

Linear 

Logarithmic 

Loudspeaker 

Large scale integration 

Long wave (approx. 1100-2000 m) 
Mega (10°) 

Milli (1073) or metres 

Moving coil 

Megahertz 

Microphone 

Metal oxide semiconductor 
Microprocessor unit 

Multiplex 

Mobile Switching Centre 

Minimum shift keying 

Medium wave (approx. 185-560 m) 
Nano (10?) 

National Association of Broadcasters 
Nickel-cadmium 

Not connected; normally closed 
Normally open 

Negative channel metal oxide semiconductor 
Non-return to zero 

Open channel; open circuit 

Output 

Operational amplifier 

Pico (1077) 

Public address 

Private automatic branch exchange 
Phase alternation, line 

Pulse amplitude modulation 

Printed circuit board 

Pulse code modulation 

Personal communications network 
Personal communication system 
Programmable logic array 

Phase locked loop 

Phase modulation 

Positive channel metal oxide semiconductor 
Peak programme meter 

Pulse repetition frequency 


Programmable read only memory 

Phase shift keying 

Packet SwitchStream 

Public Switched Telephone Network 

Power supply unit 

Polytetrafluoroethylene 

Pickup 

Programmable unijunction transistor 

Quality factor; efficiency of tuned circuit, charge 

Quadrature (or quaternary) amplitude 
modulation 

Quadrature (or quaternary) phase shift keying 

Resistance 

Random access memory 

Recommended crossover frequency 

Radio frequency 

Radio frequency choke (coil) 

Radio frequency interference 

Record Industry Association of America 

Root mean square 

Read only memory 

Resistor transistor logic 

Read/write 

Receiver 

Siemens 

Source of an f.e.t. 

Short circuit 

Silicon-controlled rectifier 

Super high frequency 

International system of units 

Signal-to-noise. 

Sound pressure level 

Single pole, double throw 

Single pole, single throw 

Single sideband amplitude modulation 

Single sideband diminished carrier 

Single sideband suppressed carrier 

Small scale integration 

Short wave (approx. 10—60 m) 

Standard wire gauge 

Standing wave ratio 

Tesla 


311 


Total access communications system 

Time division duplex 

Time division multiplex 

Time division multiple access 

Total harmonic distortion 

Transient intermodulation distortion 
Transformer 

Tuned radio frequency 

Transmitter repeater station 

Transistor transistor logic 

Teletype unit 

Television interface; television interference 
Transmitter 

Universal asynchronous receiver transmitter 
Ultra high frequency (approx. 470-854 MHz) 
Unijunction transistor 

Uncommitted logic array 

Volts 

Volt-amps 

Voltage controlled amplifier 

Voltage controlled oscillator 

Voltage to current transactor 

Very high frequency (approx. 88—216 MHz) 
Very low frequency 

Vestigial side band 

Voltage standing wave ratio 

Volume unit 

Watts 

Wireless application protocol 

Weber 

Wow and flutter 

Wireless mark-up language 

Words per minute 

Reactance 

Crystal 

Impedance 

Zener diode 
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25.2 Letter symbols by unit name 


Unit 


ampere 
ampere (turn) 


ampere-hour 
ampere per metre 


angstrom 
apostilb 


atmosphere: 
standard 
atmosphere 
technical 
atmosphere 

atomic mass unit 
(unified) 


bam 
bar 
baud 


becquerel 
bel 


bit 
British thermal unit 


Symbol 


A 
At 


Am” 


atm 


Btu 


Notes 


SI unit of electric current. 
SI unit of magnetomotive 
force. 


SI unit of magnetic field 
strength. 

1 Å = 10m. 

l asb(1/7)cd m"? A unit of 
luminance. The SI unit, 
candela per square metre, 
is preferred. 


l atm = 101 325 N m?. 
l at = 1kgf cm”. 


The (unified) atomic mass 
unit 1s defined as 
one-twelfth of the mass of 
an atom of the !7C nuclide. 
Use of the old atomic mass 
unit (amu), defined by 
reference to oxygen, 1s 
deprecated. 

1 b107% m?. 

1 bar = 100 000 N m ?. 

Unit of signalling speed equal 
to one element per second. 

1 Bq = 1s7!. SI unit of 
radioactivity. 


Answers 
A 


| LkQ 
DC Vou = 10 volts X = 10 volts 
IKQ+0 


B XL = 1 kQ (approximately). 


C Z= IP +P = J2 =1.414k0 
D 1kQ) 


KV ge TX = 1.414V, 
PPT" '1.414kO PP 

E. The output waveform is shown in Figure 

6.44 

Figure 6.44 


Vout 10 VW 
93 


31 For the circuit shown in Figure 6.45 
the DC resistance of the inductor is large 
enough that you should include that value in 
your calculations. 


Figure 6.45 
=- IZV- 


vV- -A 


8V- 1 kHz 


, 
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Unit 


calorie (International 
Table calorie) 


calorie (thermochemical 
calorie) 


candela 
candela per square inch 


candela per square metre 


candle 


centimetre 

circular mil 

coulomb 

cubic centimetre 
cubic foot 

cubic foot per minute 
cubic foot per second 
cubic inch 

cubic metre 

cubic metre per second 
cubic yard 

curie 


cycle 

cycle per second 
decibel 

degree (plane angle) 


Symbol 


calrr 


cal 


Notes 


1 cal°— = 4.1868 J. The 9th 
Conférence Générale des 
Poids et Mesures adopted 
the joule as the unit of 
heat, avoiding the use of 
the calorie as far as 
possible. 

1 cal = 4.1840 J. (See note 
for International Table 
calorie.) 

SI unit of luminous intensity. 

Use of the SI unit, candela 
per square metre, is 
preferred. 

SI unit of luminance. The 
name nit has been used. 

The unit of luminous 
intensity has been given 
the name candela; use of 
the word candle for this 
purpose is deprecated. 


1 cmil = (7 /4)10~-° in’. 
SI unit of electrical charge. 


Unit of activity in the field of 
radiation dosimetry. 


Deprecated. Use hertz. 


Unit 


degree (temperature): 


degree Celsius 
degree Fahrenheit 


degree Kelvin 
degree Rankine 
dyne 
electronvolt 

erg 

erlang 

farad 

foot 

footcandle 


footlambert 


foot per minute 
foot per second 


foot per second squared 


foot pound-force 
gal 
gallon 


gauss 


gigaelectronvolt 


ft min”! 
ft s7! 

ft s7? 

ft lbs 
Gal 


gal 


GeV 
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Notes 


Note that there is no space 
between the symbol ° and 
the letter. The use of the 
word centigrade of the 
Celsius temperature scale 
was abandoned by the 
Conférence Générale des 
Poids et Mesures in 1948. 

See Kelvin. 


Unit of telephone traffic. 
SI unit of capacitance. 


Use of the SI unit of 
illuminance, the lux (lumen 
per square metre), 1s 
preferred. 

Use of the SI unit, the 
candela per square metre, 
is preferred. 


1l Gal = 1 cm s?. 

The gallon, quart, and pint 
differ in the US and the 
UK, and their use is 
deprecated. 

The gauss is the 
electromagnetic CGS 
(Centimetre Gram Second) 
unit of magnetic flux 
density. The SI unit, tesla, 
is preferred. 


316 


Unit Symbol Notes 
gigahertz GHz 
gilbert Gb The gilbert is the 


electromagnetic CGS 
(Centimetre Gram Second) 
unit of magnetomotive 
force. Use of the SI unit, 
the ampere (or 
ampere-turn), is preferred. 


grain gr 

gram g 

gray Gy 1 Gy = 1J kg ?. SI unit of 
absorbed dose. 

henry H 

hertz Hz SI unit of frequency. 

horsepower hp Use of the SI unit, the waitt, 
is preferred. 

hour h Time may be designated as in 
the following example; 
9546™308. 

inch in 

inch per second ins! 

joule J SI unit of energy. 

joule per Kelvin JK! SI unit of heat capacity and 
entropy. 

Kelvin K SI unit of temperature 
(formerly called degree 
Kelvin). The symbol K is 
now used without the 
symbol’. 

kiloelectronvolt KeV 

kilogauss kG 

kilogram kg SI unit of mass. 

kilogram-force kg; In some countries the name 
kilopond (kp) has been 
adopted for this unit. 

kilohertz kHz 

kilohm ko 

kilojoule kJ 


kilometre km 


Unit 


kilometre per hour 
kilopond 

kilovar 

kilovolt 
kilovoltampere 
kilowatt 
kilowatthour 

knot 

lambert 


litre 
litre per second 
lumen 


lumen per square foot 


lumen per square metre 


lumen per watt 
lumen second 
lux 


maxwell 


megaelectronvolt 
megahertz 
megavolt 
megawatt 
megohm 

metre 

mho 
microampere 
microbar 


ubar 
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Notes 


See kilogram-force. 


lkn = 1 nmi h”?. 

The lambert is the CGS 
(Centimetre Gram Second) 
unit of luminance. The SI 
unit, candela per square 
metre, is preferred. 


SI unit of luminous flux. 

Use of the SI unit, the lumen 
per square metre, is 
preferred. 

SI unit of luminous excitance. 

SI unit of luminous efficacy. 

SI unit of quantity of light. 

1 Ix = 1 Im m”?. 

SI unit of illuminance. 

The maxwell is the 
electromagnetic CGS 
(Centimetre Gram Second) 
unit of magnetic flux. Use 
of the SI unit, the weber, 1s 
preferred. 


SI unit of length. 
1 mho = 1 Q7! = 1S. 
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Unit Symbol Notes 
microfarad ME 
microgram ug 
microhenry MH 
micrometre um 
micron The name micrometre (um) 
is preferred. 
microsecond uS 
microwatt uW 
mil mil 1 mil = —0.001 in. 
mile 
nautical nmi 
statute mi 
mile per hour mi h`! 
milliampere mA 
millibar mbar mb may be used. 
milligal mGal 
milligram mg 
millihenry mH 
millilitre ml 
millimetre mm 
conventional millimetre mm Hg 1mm Hg = 133.322N m”?. 
of mercury 
millimicron The name nanometre (nm) 1s 
preferred. 
millisecond ms 
millivolt mV 
milliwatt mW 
minute (plane angle) H 
minute (time) min Time may be designated as in 
the following example: 
94630". 
mole mol SI unit of amount of 
substance. 
nanoampere nA 
nanofarad nF 
nanometre nm 
nanosecond ns 
nanowatt nW 


nautical mile nmi 


Unit 


neper 

newton 

newton metre 

newton per square 
metre 

nit 


oersted 


ohm 


ounce (avoirdupois) 
pascal 


picoampere 
picofarad 
picosecond 
picowatt 
pint 


pound 
poundal 
pound-force 
pound-force feet 
pound-force 

per square inch 
pound per square inch 


pdl 


lbs ft 
lbs in”? 
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Notes 


SI unit of force. 
See pascal. 


Int = 1cd m7. See candela 
per square metre. 

The oersted 1s the 
electromagnetic CGS 
(Centimetre Gram Second) 
unit of magnetic field 
strength. Use of the SI 
unit, the ampere per metre, 
is preferred. 

SI unit of electrical 
resistance. 


SI unit of pressure or stress. 
lPa= 1N m”. 


The gallon, quart, and pint 
differ in the US and the 
UK, and their use is 
deprecated. 


Although use of the 
abbreviation psi is 
common, it is not 
recommended. See 
pound-force per square 
inch. 
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Unit 


Quart 


rad 


revolution per minute 


revolution per second 
roentgen 


second (plane angle) 
second (time) 


siemens 


square foot 
square inch 
square metre 
square yard 
steradian 
stilb 


tesla 


tonne 

(unified) atomic mass 
unit 

var 

volt 

voltampere 

watt 

watthour 


Symbol 


Notes 


The gallon, quart, and pint 
differ in the US and the 
UK, and their use is 
deprecated. 

Unit of absorbed dose in the 
field of radiation dosimetry. 

Although use of the 
abbreviation rpm is 
common, it is not 
recommended. 


Unit of exposure in the field 
of radiation dosimetry. 


SI unit of time. Time may be 
designated as in the 
following example: 
994630, 

SI unit of conductance. 
SiO 


SI unit of solid angle. 

l sb = 1cdcem”?. A CGS 
unit of luminance. Use of 
the SI unit, the candela per 
square metre, 1s preferred. 

SI unit of magnetic flux 
density. 1 T = 1 Wb m?. 

1t = 1000 kg. 

See atomic mass unit 

(unified). 

Unit of reactive power. 

SI unit of electromotive force. 

SI unit of apparent power. 

SI unit of power. 
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Unit Symbol Notes 
watt per steradian W sr! SI unit of radiant intensity. 
watt per steradian W (sr SI unit of radiance. 
square metre mî)! 
weber Wb SI unit of magnetic flux. 
1 Wb = 1 Vs. 
yard yd 


25.3 Electric quantities 


Quantity Symbol Unit Symbol 
Admittance Y siemens S 
Angular frequency w hertz Hz 
Apparent power S watt W 
Capacitance C farad F 
Charge Q coulomb C 
Charge density p coulomb per square Cm? 
metre 
Conductance G siemens S 
Conductivity K, Y, O siemens per metre Sm”! 
Current I ampere A 
Current density j, J ampere per square Am”? 
metre 
Displacement D coulomb per square Cm? 
metre 
Electromotive force E volt V 
Energy E joule J 
Faraday constant F coloumb per mole C mol`! 
Field strength E volt per metre Vm! 
Flux Y coulomb C 
Frequency v, f hertz Hz 
Impedance Z ohm Q2 
Light, velocity of c metre per second ms”! 
in a vacuum 
Period T second S 
Permeability y henry per metre Hm! 
Permeability of space uo henry per metre Hm! 


Permeance A henry H 
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Quantity 


Permittivity 

Permittivity of space 

Phase 

Potential 

Power 

Quality factor 

Reactance 

Reactive power 

Relative permeability 

Relative permittivity 

Relaxation time 

Reluctance 

Resistance 

Resistivity 

Susceptance 

Thermodynamic 
temperature 

Time constant 

Wavelength 


2 
= 
> 
= 


mM © 
O 


PEOXAOTUES 
E 


3059 XA] 


> A 


Unit 


farad per metre 
farad per metre 
volt 
watt 


second 
reciprocal henry 
ohm 

ohm metre 
siemens 

kelvin 


second 
metre 


26 Miscellaneous data 


26.1 Fundamental constants 


Constant Symbol Value 
Boltzmann constant k 1.38062 x 107% JK7! 
Electron charge, proton e +1.60219 x 107! C 
charge 
Electron charge-to-mass e/m 1.7588 x 10!! Ckg”! 
ratio 
Electron mass Me 9.10956 x 1077! kg 
Electron radius Te 2.81794 x 107 m 
Faraday constant F 9.64867 x 10* C mol”! 
Neutron mass Mn 1.67492 x 1077” kg 
Permeability of space Mo 4r x 107” Hm"! 
Permittivity of space Eo 8.85419 x 107)? Fm”! 
Planck constant h 6.6262 x 107% Js 
Proton mass Mp 1.67251 x 10” kg 
Velocity of light c 2.99793 x 108 ms”! 


26.2 Electrical relationships 


Amperes x ohms = volts 

Volts + amperes = ohms 

Volts + ohms = amperes 
Amperes x volts = watts 
(Amperes)? x ohms = watts 
(Volts)? + ohms = watts 

Joules per second = watts 
Coulombs per second = amperes 
Amperes x seconds = coulombs 
Farads x volts = coulombs 
Coulombs — volts = farads 
Coulombs — farads = volts 
Volts x coulombs = joules 
Farads x (volts)? = joules 
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Questions 

For the circuit shown in Figure 6.45 , calculate 
the DC and AC output © voltages, using the 
steps listed in problem 30. 


A. DC V out =s — 

B XL =s č 

C. Zs o Y 

D. AC V out =s — 

E. Draw the output waveform and label the 


voltage levels of the waveform on the blank 
graph in Figure 6.46 . 

Figure 6.46 

A ae 


Answers 
A. 

1... = 10 volt ca 6.67 volt 
A AA a 
Note The 500 Q DC resistance of the 
inductor has been added to the 1 kQ resistor 
value in this calculation. 

B XL = 2 kQ, 


“ 7 =,/1.57 + 2? =2.5kO 


Note 
The 500 Q DC resistance of the inductor has 
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26.3 Dimensions of physical properties 


Length: metre [L]. Mass: kilogram [M]. Time: second [T]. Quantity 
of electricity: coulomb [Q]. Area: square metre [L?]. Volume: cubic 


metre [L°]. 


Velocity: metre per second 

Acceleration: metre per 
second? 

Force: newton 

Work: joule 

Power: watt 

Electric current: ampere 

Voltage: volt 

Electric resistance: ohm 

Electric conductance: siemens 

Inductance: henry 

Capacitance: farad 

Current density: ampere per 
metre? 

Electric field strength: volt per 
metre 

Magnetic flux: weber 

Magnetic flux density: tesla 

Energy: joule 

Frequency: hertz 

Pressure: pascal 


26.4 Fundamental units 


Quantity 


Amount of a substance 
Charge 

Length 

Luminous intensity 

Mass 

Plane angle 

Solid angle 

Thermodynamic temperature 
Time 


[LT] 
[LT*] 


[MLT?] 
[ML?T?] 
[ML?T?] 
[QT7!] 
[ML’ T QT] 
[ML*T-*Q77] 
[M?*L2TQ?] 
[ML7Q 7] 
[M-!L-*T?Q?] 
[L-?T~'Q] 


[MLT-2Q”"] 


[MLT?T-'Q7!] 
[MT 'Q7'] 
[ML2T~?] 
[T"] 
[ML-"T-2] 


Unit Symbol 


mole mol 
coulomb C 
metre m 
candela cd 
kilogram kg 
radian rad 
steradian sr 
kelvin K 
second S 
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26.5 Greek alphabet 


E y $ S y 

Y Y 8 YY > Y 8 Y Y 
y Y Y SE E y ¥ SS 
ES SS ST SS 
O S GS "OSO RY y 
A «& Alpha a N v Nu n 
B £ Beta b BS E Xi X 
rT y Gamma g O o Omicron 0 
A ô Delta d H x Pi p 
E œe Epsilon eœ P p Rho r 
L € Zeta Z 2 o Sigma S 
H n Eta é T zt Tau t 
© 0 Theta th Y «v Upsilon u 
I ıı Iota 1 $ gd Phi ph 
K «x Kappa kK X x Chi ch 
A à Lambda | W w Psi ps 
M u Mu m 2 «w Omega 0 


26.6 Standard units 


Ampere Unit of electric current, the constant current which, if 
maintained in two straight parallel conductors of infinite length of 
negligible circular cross-section and placed one metre apart in a 
vacuum, will produce between them a force equal to 2 x 107” newton 
per metre length. 


Ampere-hour Unit of quantity of electricity equal to 3 600 coulombs. 
One unit is represented by one ampere flowing for one hour. 


Candela Unit of luminous intensity. It is the luminous intensity, in 
the perpendicular direction, of a surface of 1/600 000 m~? of a full 
radiator at the temperature of freezing platinum under a pressure of 
101 325 newtons m ?. 


Coulomb Unit of electric charge, the quantity of electricity transported 
in one second by one ampere. 


Decibel (dB) Unit of acoustical or electrical power ratio. Although the 
bel is officially the unit, this is usually regarded as being too large, so 
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the decibel is preferred. The difference between two power levels is 
P¡ and P,, is given as 


Pia 
101080 P decibels 


Farad Unit of electric capacitance. The capacitance of a capacitor 
between the plates of which there appears a difference of potential of 
one volt when it is charged by one coulomb of electricity. Practical 
units are the microfarad (107° farad), the nanofarad (107? farad) and 
the picofarad (107?? farad). 


Henry Unit of electrical inductance. The inductance of a closed circuit 
in which an electromotive force of one volt is produced when the 
electric current in the circuit varies uniformly at the rate of one ampere 
per second. Practical units are the microhenry (107° henry) and the 
millihenry (107° henry). 


Hertz Unit of frequency. The number of repetitions of a regular occur- 
rence in one second. 


Joule Unit of energy, including work and quantity of heat. The work 
done when the point of application of a force of one newton is dis- 
placed through a distance of one metre in the direction of the force. 


Kilovolt-ampere 1000 volt-amperes. 


Kilowatt 1000 watts. 


Light, velocity of Light waves travel at 300 000 kilometres per second 
(approximately). Also the velocity of radio waves. 


Lumen m~’, lux Unit of illuminance of a surface. 
Mho Unit of conductance, see Siemens. 


Newton Unit of force. That force which, applied to a mass of one 
kilogram, gives it an acceleration of one metre per second per second. 


Ohm Unit of electric resistance. The resistance between two points 
of a conductor when a constant difference of potential of one volt, 
applied between these two points, produces in the conductor a current 
of one ampere. 


Pascal Unit of sound pressure. Pressure is usually quoted as the root 
mean square pressure for a pure sinusoidal wave. 
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Siemens Unit of conductance, the reciprocal of the ohm. A body hav- 
ing a resistance of 4 ohms would have a conductance of 0.23 siemens. 


Sound, velocity of Sound waves travel at 332 metres per second in 
air (approximately) at sea level. 


Tesla Unit of magnetic flux density, equal to one weber per square 
metre of circuit area. 


Volt Unit of electric potential. The difference of electric potential 
between two points of a conducting wire carrying a constant current 
of one ampere, when the power dissipated between these points is 
equal to one watt. 


Volt-ampere The product of the root-mean-square volts and root- 
mean-square amperes. 


Watt Unit of power, equal to one joule per second. Volts times 
amperes equals watts. 


Weber Unit of magnetic flux. The magnetic flux which, linking a 
circuit of one turn, produces in it an electromotive force of one volt 
as it is reduced to zero at a uniform rate in one second. 


26.7 Decimal multipliers 


E) EN 
N ~ N N 
S Ñ S ws 
© SE ÉS 
À N N À N N 
Q 5 X Q 5 X 
tera T 102 centi c 107? 
giga G 10? milli m 107? 
mega M 10° micro u 1079 
kilo k 10? nano n 107? 
hecto h 10? pico p 107! 
deka da 10 femto f 1071 
deci d 1071 atto a 10718 
26.8 Useful formulae 
Boolean Algebra (laws of) 
Absorption: A+(AB) = A 


A(A+B) =A 
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Annulment: A+1 = 1 
A0=0 
Association: (A+B)+C = A+(B+C) 
(A.B).C = A.(B.C) 
Commutation: A+B = B+A 
A.B = B.A 
Complements: A+ A -0 
AA =0 
De Morgan's: (A+B) = A.B 
(A.B) = A+B 
Distributive: A(B+C) = (A.B) + (A.C) 
A+ (B.C) = (A+B).(A+4+C) 
Double negation: A=A 
Identity: A+O=A 
Al =A 
Tautology: AA =A 
A+A =A 
Capacitance 


The capacitance of a parallel plate capacitor can be found from 
0.885 KA 
d 


C is in picofarads, K is the dielectric constant (air = 1). A is the area 
of the plate in square cm and d the thickness of the dielectric. 


C= 


Calculation of overall capacitance with: 
Parallel capacitors -C = Ci +C2 ++- 
1 1 


1 
Series capacitors —— = — + — 
p C CG, + O + 


Characteristic impedance 
E 2D 
(open wire) Z = 276 log JS 


where 
D = wire spacing 


; f | in same units. 
d = wire diameter 


, 138 do 
(coaxial) Z = —— log — 


V(K) di 


ohms 
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where K = dielectric constant, d, = outside diameter of inner con- 
ductor, d; = inside diameter of outer conductor. 


Dynamic resistance 


In a parallel-tuned circuit at resonance the dynamic resistance is 


es QoL Q h 
=== w = — onms 
OCF oC 


where L = inductance (henries), C = capacitance (farads), r = 
effective series resistance (ohms). O = Q-value of coil, and œ = 
2m x frequency (hertz). 


Frequency — wavelength — velocity 


(See also Resonance) 
The velocity of propagation of a wave is 


v = fà metres per second 


where f = frequency (hertz) and à = wavelength (metres). 

For electromagnetic waves in free space the velocity of propa- 
gation v is approximately 3 x 10% m/sec, and if f is expressed in 
kilohertz and à in metres 


300000 |. 00 
Ju kilohertz J E ca megahertz 
or 
300 000 00 
K= metres à = —— metres 
f 
f in kilohertz f in megahertz 
Impedance 


The impedance of a circuit comprising inductance, capacitance and 
resistance in series is 


2 
Z = r+ (or -Z ) 
wC 


where œR = resistance (ohms), œ = 2z x frequency (hertz). L = 
inductance (henries), and C = capacitance (farads). 
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Inductance 


Single layer coils 


2AJ2 


L(in microhenries) = cies ia 
9a + 101 


approximately 


If the desired inductance is known, the number of turns required 
may be determined by the formula 


5L 0.36n2a? 
N = —~/1+ 1+ —_ 


where N = number of turns, a = radius of coil in inches, n = number 
of turns per inch. L = inductance in microhenries (mH) and / = length 
of coil in inches. 


Calculation of overall inductance with: 
Series inductors —L F E; TH + T 


Parallel inductors —— = — + — 
j LL DE 
Meter conversions 


Increasing range of ammeters or milliammeters 

Current range of meter can be increased by connecting a shunt resist- 
ance across meter terminals. If Rm is the resistance of the meter; R, 
the value of the shunt resistance and n the number of times it is wished 
to multiply the scale reading, then 


Rm 
R, = 
(n -— 1) 


Increasing range of voltmeters 

Voltage range of meter can be increased by connecting resistance in 
series with it. If this series resistance is R, and Rm and n as before, 
then R, = Rn x (n — 1). 


Negative feedback 


Voltage feedback 


Gain with feedback = 
1+ Ab 
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where A is the original gain of the amplifier section over which feed- 
back is applied (including the output transformer if included) and b is 
the fraction of the output voltage fed back. 


Distortion with feedback = approximately 


d 
1 + Ab 
where d is the original distortion of the amplifier. 


Ohm’s Law 
V 
IT==V=IRR=-— 
R 
where / = current (amperes), V = voltage (volts), and R = resistance 
(ohms). 
Power 
In a d.c. circuit the power developed is given by 


y? 
W = VI = ÓN I?R watts 


where V = voltage (volts), Z = current (amperes), and R = resistance 
(ohms). 


Power ratio 
Pı 
P = 10 log — 
Py 


where P = ratio in decibels, P; and P, are the two power levels. 


Q 


The Q value of an inductance is given by 


nata 
© R 


Radio horizon distance 


The radio horizon at VHF/UHF and up is approximately 15% further 
than the optical horizon. Several equations are used in calculating the 
distance. If D is the distance to the radio horizon, and H is the antenna 


height, then: 
D=kVH 
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1. When D is in statute miles (5280 feet) and H in feet, then K = 
1.42. 

2. When D is in nautical miles (6000 feet) and H in feet, then K = 
1.23. 

3. When D is in kilometres and H is in metres, then K = 4.12. 


Reactance 


The reactance of an inductor and a capacitor respectively 1s given by 


1 
XL = æL ohms Xc = — ohms 
wC 


where w = 2x x frequency (hertz), L = inductance (henries), and 
C = capacitance (farads). 

The total resistance of an inductance and a capacitance in series 
1S XL = Xc. 


Resistance 


Calculation of overall resistance with: 
Series resistors — R = R +R2 +... 


l 1 l 
Parallel resistors — a ss abs 


Resonance 


The resonant frequency of a tuned circuit is given by 


1 
= — — hertz 
f 2ry LC 


where L = inductance (henries), and C = capacitance (farads). If L 
is in microhenries (H) and C is picofarads, this becomes 


0° 
f = — — kilohertz 


2ry LC 


The basic formula can be rearranged 


henries C farads 


L == = 
412 f2C 4r? fL 
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Since 277 f is commonly represented by œw, these expressions can 
be written 


1 1 
L = — henries C = —— farads 
wC wL 


Time constant 


For a combination of inductance and resistance in series the time 
constant (1.e. the time required for the current to reach 63% of its 
final value) is given by 


T = — seconds 
R 


where L = inductance (henries), and R = resistance (ohms). 

For a combination of capacitance and resistance in series the time 
constant (i.e. the time required for the voltage across the capacitance 
to reach 63% of its final value) is given by 


t = CR seconds 


where C = capacitance (farads), and R = resistance (ohms). 
Transformer ratios 


The ratio of a transformer refers to the ratio of the number of turns 
in one winding to the number of turns in the other winding. To avoid 
confusion it is always desirable to state in which sense the ratio 1s 
being expressed: e.g. the “primary-to-secondary’ ratio np/ns. The turns 
ratio is related to the impedance ratio thus 


Ny [Lp 
ns NV Z 


n 


where np = number of primary turns, n, = number of secondary turns, 
Zp = impedance of primary (ohms), and Z; = impedance of secondary 
(ohms). 


Wattage rating 


If resistance and current values are known, 


W =I°R when Z is in amperes 


been added to the 1 kQ resistor value in this 


calculation. 
D. AC V out = 16 V pp , 
E. See Figure 6.47 . 


Figure 6.47 
TAF 
6.67 F e 
5.87 


32 To calculate V out , in problems 30 and 
31, you also had to calculate XL. However, 


because X L changes with the frequency of 
the input signal, the impedance and the 
amplitude of V out also change with the 
frequency of the input signal. If you plot the 
output voltage V out against frequency, you 


Should see the curve shown in Figure 6.48 . 


Figure 6.48 
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or 
milliamps? 


A x 
1 000 000 


If wattage rating and value of resistance are known, the safe current 
for the resistor can be calculated from 


watts 


milliampers = 1.000 x 
ohms 


Wavelength of tuned circuit 


Formula for the wavelength in metres of a tuned oscillatory cir- 
cuit is: 1885y LC, where L = inductance in microhenries and C = 
capacitance in microfarads. 


26.9 Colour codes 


26.9.1 Resistor and capacitor colour coding 


CEE A 
A a — B 
B KX W'W’WDR GG Ca — G 
C | E E 
D 
E ! 
Tubular ‘Candy stripe’ 
Capacitors Capacitors 
Resistors Resistors 
(old type) 
Tantalum capacitors 1 
1 2 3 4 > 
Black - 0 x1 10V 4 ÉS 
Brown 1 1 x 10 
Red 2 2 x 100 
Orange 3 3 — 
Yelow 4 4 — 6.3 V 
Green 5 5 - 16V 
Blue 6 6 — 20 V 
Violet 7 7 — 
Grey 8 8 x 0.01 25V 
White 9 9 x 0.1 3V 


(Pink 35 V) 


Resistor and capacitor colour coding 


Band C (multiplier) Band D (tolerance) Band E Note that adjacent bands may be 
of the same colour unseparated. 
= 5 
S ` S S S S 9 $ S © 2 N 
8 Y Y P S $ o ` S vs 
N Ss 3 $ § S SA 3 $ SS 
O S S $ > x TS S x vs 
Black = 0 1 J -s= 2 pF £20% — — Preferred values 
Brown 1 1 10 10 +1% O.1pF +1% — — E12 Series 
Red 2 2 100 100 +2% — +2% — 2507W: 1.0 1:2 15 1.8 2.2 2.7 
Orange 3 3 1 000 1 000 — — 42.5% — — 3.3 3.9 4.7 5.6 6.8 8.2 
Yellow 4 4 10 000 10 000 — — — — — and their decades 
Green 5 5 100 000 — — 0.5 pF +5% — — 
Blue 6 6 1 000 000 — — — — — — E24 Series 
Violet 7 7 10 000 000 — — — — — — 10 11 12 13 15 1.6 
Grey 8 8 108 0.01 pF — 0.25 pF — — — LS ZO 22 24: 2d 30 
White 9 9 10? 0! uF — 1 pF +10% — — 3.3 3.6 3.9 4.3 4.7 5.1 
Silver — — 0.01 — +10% — — — — 5.6 6.2 6.8 7.5 8.2 9.1 
Gold — — 0.1 — +5% — — — — and their decades 
Pink — — — — — — — Hi-Stab. — 
None — — — — +20% — — — — 
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26.9.2 Resistor and capacitor letter and digit code table 
(BS 1852) 


Resistor values are indicated as follows: 


0.47 Q marked R47 


1Q 1RO 
4.7 Q2 AR” 
47 QQ 47R 
100 £2 100R 
1kQ 1KO 
10kQ 10K 
10 MQ 10M 


A letter following the value shows the tolerance. 

Flo; GSE o J=25%; Ke EN M207; 
R33M = 0.339 + 20%; 6K8F = 6.8 kQ + 1%. 

Capacitor values are indicated as: 


0.68 pF marked p68 
6.8 pf 6p8 
1000 pF 1n0 
6.8 nf 6n8 
1000 nF 1.0 
6.8 WF 68 


Tolerance is indicated by letters as for resistors. Values up to 999 pF 
are marked in pF, from 1000pf to 999000 pF (= 999nF) as nF 
(1000 pF = InF) and from 1000 nF (= 1 F) upwards as uF. 

Some capacitors are marked with a code denoting the value in pF 
(first two figures) followed by a multiplier as a power of ten (3 = 
10°). Letters denote tolerance as for resistors but C = +0.25 pf. E.g. 
123J = 12pF x 10% + 5% = 12000 pF (or 0.12 uF). 


Index 


Abbreviations, 307 

Absorption, 7, 159 

Activity, 100 

Adaptive Differential Pulse Code 
Modulation (ADPCM), 181 

Adjacent channel selectivity, 156 

Ageing, 99 


AM broadcast station classes (USA), 


295 
AM splash, 114 
AM transmitter, 143 
Ampere-hour, 325 
Ampere’s rule, 325 
Ampere’s theorem, 325 
Amplitude Modulation (AM), 113 
Amplitude modulation transmitters, 
143 
Amplitude modulation, 113 
Amplitude Shift Keying (ASK), 
125 
Analogue modulation, 113 
Analogue signals, 110 
Analogue to Digital Converter 
(ADC), 179 
Angle modulated transmitters, 145 
Angle modulation, 117 
Antenna characteristics, 52 
Antenna gain, 52, 67, 159 
Antenna placement, 66, 214 
Antenna radiation angle, 52 
Antenna types, 52 
Antenna, dummy, 232 
Antennas, 52 
Aperture, 55 
Assembly of connectors, 260 
AT-cut crystal, 95 
Atmospheric attenuation, 6 
Atmospheric conditions, 164 
Atmospheric losses, 6 
Atmospheric noise, 11 
Attenuation, 103 
Audible frequency range, 110 
Audio connectors, 256 
Audio frequency response, 156 
Audio output, 156 
Aurora propagation, 23 
Auto-acknowledgement, 185 


Automatic Gain Control (AGC), 149 


Axial mode helix, 71 


Back-scatter, 19 

Balanced line hybrids, 36 

Balanced modulator, 116, 122 

BALUN, 44 

Bandpass circuit, 81 

Bandwidth (BW), 52, 110, 135 

Bandwidth requirements, 110, 125 

Base band lines, 36 

Base band, 110 

Base bandwidth, 110 

Base station antennas, 61, 215 

Batteries, 236 

Baud rate, 110 

Baying antennas, 65 

BBC VHF test tone transmissions, 
284 

Beam-width, 65 

Bessel functions, 118 

Binary amplitude shift keying 
(BASK), 125 

Binary decibel values, 34 

Binary FFSK, 126 

Binary phase shift keying, 128 

Binary signal rate, 110 

Bit error rate, 164 

Bit rate, 110 

Block encryption, 169 

Blocking, 156 

Bluetooth, 301 

Boolean algebra, 327 

Broadcasting, 281 

Broadside array, 58 

BT-cut crystal, 95 

Bulk acoustic wave, 105 

Bulk delay, 105 


Caesium frequency standard, 93 
Camera connectors, 257 
Candela, 325 

Capacitance, 58, 79, 328 


337 
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Capacitance, coaxial cable, 50 

Capacitive reactance, 79 

Capacitor colour code, 334 

Capacitor letter code, 336 

Capacity, cell, 236 

Capture area, 55 

CCITT (see ITU) 

Cell characteristics, 239 

Cellular telephones, 208 

Centre frequency, 103 

Centronics interface, 276 

Ceramic filter, 102 

Ceramic resonator, 105 

Channel capacity, 112, 200 

Characteristic impedance, 37, 328 

Characteristics of UHF TV, 288 

Cipher text, 167 

Circuit condition, 102 

Circular polarization, 54 

Circulator, 224 

Class-A stations, 295 

Class-B stations, 295 

Class-C stations, 295 

Class-D stations, 295 

Classes of radio station, 139 

Coaxial cable capacitance, 50 

Coaxial cable cut-off frequencies, 50 

Coaxial cable, 48 

Coaxial cable, types, 39, 48 

Coaxial connector, 258 

Co-channel interference, 61 

Code Division Multiple Access 
(CDMA), 129, 172, 177, 212 

Code Excited Linear Prediction 
(CELP), 181 

Co-linear antennas, 62 

Colour codes, 334 

Colpitt’s oscillators, 85 

Common base-station control, 186 

Communications by satellite link, 
248 

Conical antenna, 65 

Connectors, 256 

Constant-current automatic charging, 
243 

Continuous wave, 129 

Cordless Telephony, 206 

Coulomb, 325 

Coulomb’s law, 325 

Coupled bandpass circuits, 81 

Critical coupling, 83 

Critical frequency, 16 


Cross modulation, 156 
Cross polarization, 54 
Cryptographic channel, 167 
Crystal case styles, 101 
Crystal filter, 102 

Crystal oscillator, 87, 90 


Data Communications Equipment 
(DCE), 269 

Data encryption, 169 

Data over GSM, 210 

Data Terminating Equipment (DTE), 
268 

dB to any ratio conversion, 33 

DB, 25 

dBa, 31 

dBa0, 31 

dBd, 31 

dBi, 31 

dBm to watts conversion, 33 

dBm, 31 

dBmo0, 32 

dBm0p, 32 

dBmp, 32 

dBr, 32 

dBrn, 33 

dBrnc, 33 

dBrnc0, 33 

DBS transmission, 248 

dBu, 33 

dBuV, 31 

dBV, 33 

dBW, 33 

DCE, 269 

Decibel glossary, 31 

Decibel scale, 25 

Decibel, 325 

Decibels referred to absolute values, 
25 

Decimal multipliers, 327 

De-emphasis, 121 

Density inversion, 160 

Depth of modulation (AM), 113 

Desensitisation, 156 

Designation of radio emissions, 134 

Deviation (FM), 117 

Deviation ratio, 118 

Differential delay, 104 

Differential phase shift keying, 128 

Differential phase, 104 


Diffraction, 9, 160 

Digital European Cordless 
Telephone (DECT), 207 

Digital modulation, 123 

Digital multiplexing, 174 

Digital signalling, 195, 197 

Digital signals, 110 

Digitally coded squelch, 197 

DIN standards, 256 

Dipole antenna, 5, 55 

Dipole, 53, 56, 63 

Direct Broadcasting Satellite, 
248 

Direct digital synthesis, 93 

Direct wave, 163 

Direction of propagation, 46 

Directional array, 58 

Directivity, 52, 62 

Directors, 62 

Discone antenna, 65 

Distortion, 230 

Doppler effect, 12 

Doppler frequency shift, 12 

Double sideband amplitude 
modulation (DSB), 113 

Double sideband suppressed carrier 
(DSBSC), 115, 122 

Doublet antenna, 5 

Drive level linearity, 105 

Drive level stability, 105 

Drive level, 102 

DTE, 268 

Dual modulus pre-scaler, 92 

Ducting, 20, 160 

Duplex separation, 156, 173 

Duplex, 173, 184 

Dynamic resistance, 81, 329 


El multiplex, 176 

Earth conductivity, 218 

Earth orbits, 246 

Effective height, 53, 58, 77 
Effective length, 53 

Effective parallel resistance, 100 
Effective radiated power, 53 
Effective series resistance, 100 
Efficiency, 53 

EIA, 274 

Electric field, 3, 54, 106 
Electrical relationships, 323 
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Electromagnetic wave, 2 
Elliptical orbit, 246 
Encryption key, 169 
Encryption, 167 

End-fed dipole, 61 

End-fire array, 58 

E-plane, 3, 54 

Equivalent circuit (crystal), 95 
Erlangs, 200 


Farad, 80, 326 

Far-field, 74 

Fast frequency shift keying (FFSK), 
126, 197 

Field strength, 73 

Filter, 102 

Five-tone signalling, 196 

Flat loss, 103 

FM broadcast frequencies (USA), 
296 

FM transmitter, 145 

FM, 117 

Folded dipole, 61 

Forward gain, 69 

Forward scatter, 19 

Fractional bandwidth, 103 

Fr-cut crystal, 95 

Free space loss, 6 

Frequency band table, 2 

Frequency designations, 2, 134 

Frequency Division Duplex (FDD), 
173 

Frequency Division Multiplex 
(FDM), 122, 173 

Frequency modulation deviation, 
117 

Frequency modulation, 117 

Frequency planning, 132 

Frequency response, 109 

Frequency shift keying, 125 

Frequency stability, 89, 98, 102 

Frequency synthesizer, 89 

Frequency tolerance, 102 

Frequency, 1, 102, 232, 329 

Fresnel zone, 160 

Friis noise equation, 154 

Front-to-back ratio, 54, 69 

Fundamental constants, 323 

Fundamental frequency, 87, 112 

Fundamental units, 324 
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Gain, 4, 25 In band intermodulation distortion, 
Gas-filled line, 48 105 
Gaussian minimum phase shift In band signalling, 195 
keying (GMSK), 126 Inductance, 79, 329 
General frequency allocations, 135 Industrial Scientific and Medical 
Geostationary orbits, 246 (ISM) band, 301 
Global positioning system (GPS), Insertion loss, 38, 103 
252 Insertion phase, 104 
Global System for Mobile Instrumentation, 229 
communications (GSM), 102, Interfaces, 256, 268 
209 Interfering waves, 113, 221 
Grade of service, 201 Intermediate frequency (IF), 149 
Gray coding, 124 Intermodulation, 222 
Great Circle Bearings, 302 Internal resistance, 237 
Great circle path, 22 International planning, 132 
Great circle, 302 International Telecommunications 
Greek alphabet, 325 Union (ITU), 132 
Grey line propagation, 23 Intersymbol interference, 127 


Ground plane antenna, 57 
Ground wave, 13 

Group delay, 104 

Grover equation, 77 


Half-power beam width, 52 
Hand-portable antenna, 68 
Hard-line, 48 

Hartley oscillators, 85 
Hartley-Shannon theorem, 112 
Helical antenna, 68 

Helical line, 48 

Henry, 80, 326 

HF band, 2, 136 

High earth orbit (HEO), 246 
High frequency, 2 

Holder style, 102 
Homodyne, 151 

H-plane, 3, 54 

Human voices, 156 
Huygen’s principle, 9 


TEEE802.11b, 301 

IF amplifier, 151 

IF bandwidth, 149 

Image frequency, 149 
Impedance at resonance, 330 
Impedance matching, 35 
Impedance of free space, 4 
Impedance, 54, 104, 329 
Impulse response, 109 


Inverted speech, 168 
Inverted-L antenna, 57 
Ionised layers, 15 
Ionosphere, 15 
Isolator, 224 

Isotropic radiator, 3 


J.M.E. Baudot, 110 
Joule, 326 
Joule’s law, 326 


K-factor, 20, 82, 161 
Kilovolt-ampere, 326 
Kilowatt, 326 


Lead acid batteries, 242 
LF, 2, 135 

License-free bands, 301 
Light, velocity, 323, 327 
Link planning, 165 
Lithium battery, 238 
Load capacitance, 99 
Load impedance, 104 
Location, 255 
Log-periodic antenna, 60 
Loop antennas, 73 

Loop filter, 90 

Loop inductance, 77 
Loss, 25 


Low profile antennas, 67 
Lower sideband, 113 

Low-pass (Gaussian) filter, 124 
Lumen, 326 


MAC format, 248 

Magnetic field, 3 

Manchester encoding, 124 

Mark, 111 

M-ary FSK, 127 

Matched line loss, 47 

Maximum input level, 105 

Maximum usable frequency (MUP), 
16 

Medium frequency (MP), 2, 135 

Memory effect (NiCad batteries), 
243 

Meteor ion trail, 19 

Methods of coupling, 83 

Metre conversion, 330 

Mho, 326 

Microwave antennas, 69 

Microwave communications, 159 

Microwave frequencies, 159 

Minimum frequency shift keying 
(MFSK), 126 

Mismatch, 35 

Mobile antennas, 65 

Mobile data transmission, 210 

Mobile radio, 183, 205 

MODEM connector, 271 

Modulation depth, 113 

Modulation index, 117 

Modulation, 112 

Motorcycle antenna, 67 

Mounting, 102 

MPT-1317, 127 

MPT-1326, 88 

MPT-1362, 67 

MSF Rugby, 283 

Multi-coupling, 225 

Multipath propagation, 10 

Multiplexing (analogue), 173 

Multiplexing (digital), 174 

Mutual inductance, 81 


Narrow band FM, 127 
National planning, 132 
Near-field, 74 
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Negative feedback, 330 
Newton, 326 

Ni-cad, 243 

Nickel cadmium batteries, 243 
Noise factor, 47, 152 

Noise figure, 47, 151 

Noise in cascade amplifiers, 154 
Noise temperature, 152 

Noise voltage, 11 

Noise, 11 

Non-chargeable batteries, 238 
Non-reciprocal direction, 23 
Number code, 336 

Numerically controlled oscillator, 93 


Ohm, 327 

Ohm's law, 326 

Omni-directional normal mode 
helix, 71 

Omni-directional radiation pattern, 
61 

Omni-directional, 71 

On-off keying, 125 

Oscillator frequency, 85 

Oscillator requirements, 85 

Oscillators, 85 

Out-of-band intermodulation 
distortion, 105 

Overtone crystals, 88 

Overtone frequency, 88, 100 

Overtone oscillator, 88 


Paging, 205 

PAL signals, 248 

Parallel resonance, 80 

Parallel resonant circuits, 80, 96 

Pascal, 326 

Passband, 103 

Patterson equation, 77 

Peak envelope power, 117 

Personal Communication System, 
212 

Phase comparator, 90 

Phase linearity, 104 

Phase locked loops, 90 

Phase modulated transmitters, 120 

Phase modulation, 120 

Phase shift keying (PSK), 128 

Physical properties, 324 
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Piezoelectric devices, 95, 105 

Piezoelectric effect, 95, 105 

Pilot carrier, 117 

Pilot tone, 122 

Plain text, 167 

Polarisation, 4, 54 

Polarised, 4 

Potential difference, 75 

Power in unmodulated carrier, 114 

Power output, 143 

Power ratio, 237, 331 

Power relationships AM wave, 114 

Power supplies, 226, 236 

Power, 114, 231, 331 

Power-Volume ratio, 237 

Power-Weight ratio, 237 

Pre-emphasis, 121 

Pre-scaler, 92 

Primary batteries, 238 

Privacy, 167 

Private Mobile Radio (PMR), 183, 
212 

Programmable equipment, 91, 157 

Programmable read only memory 
(PROM), 157 

Propagation velocity, 1, 106, 323 

Propagation, 3, 159 

Propagation, direction of, 3 

Propagation, methods of, 13 

Pseudo-noise generation, 131 

Public Access Mobile Radio 
(PAMR), 202 

Pull-ability, 99 


Pulse Amplitude Modulation (PAM), 


179 
Pulse Code Modulation (PCM), 179 


Q (figure of merit), 81, 100, 331 

Q factor, 81 

Quadrature phase shift keying 
(QPSK), 116 

Quarter wave section, 57 

Quartz crystal characteristics, 97 

Quartz crystal oscillator, 87 

Quartz crystal, 87, 95 

Quartz filter, 102 


Radiation lobe, 52, 67 
Radiation pattern, 55, 67 


Radiation resistance, 53 

Radiation, 3, 67 

Radiator, 56—63 

Radio equipment, 143 

Radio frequency lines, 37 

Radio frequency spectrum, 1, 139 

Radio horizon, 8, 331 

Radio Investigation Service, 134 

Radio station classes, 139 

Radio waves, formation, 3 

Radio-communications Agency 
(RA), 133 

Reactance of capacitors, 332 

Reactance of inductors, 332 

Reactance, 332 

Receive aperture, 55 

Receiver functions, 148 

Receiver specifications, 156 

Receiver voting, 187 

Receiver, types of, 148 

Rechargeable batteries, 226, 242 

Recharging conditions, 237 

Reflected component, 163 

Reflected wave, 161 

Reflection, 9, 160 

Reflectors, 62 

Refraction modes, 20 

Refraction, 8 

Refractive index, 8 

Regional planning, 132 

Regulation of radio, 132 

Resistor colour code, 334 

Resistor digit code, 336 

Resistor letter code, 336 

Resonance, 332 

Resonant circuits, 79 

Resonant frequency, 80, 97 

Response of coupled circuits, 83 

RF cable, 39 

RF transformer, 44 

Rhombic antenna, 59 

Ripple, 103 

RMS, 230 

RS-232C, 274 

RS-449 275 

Rubidium frequency standard, 93 


Safety, 69, 217 
Sampling rate, 179 
Satellite communications, 246 


Satellite television formats, 248 

Satellite television, 248 

SAW filter, 105 

SCART (BS-6552), 258 

Scatter propagation modes, 19, 23 

Scatter, 19 

Scrambling, 168 

Selective calling, 185 

Sensitivity, 156 

Series resonant (crystal), 87 

Series resonant circuits, 79 

Shape factor, 104 

Side scatter, 19 

Sideband, 113, 118 

Signalling channel, 176-7, 194 

Signal-to-noise ratio, 152-6 

Simplex, 183 

SINAD, 230 

Single sideband AM wave, 114 

Single sideband suppressed carrier, 
114, 115-7 

Skip distance, 16 

Sky wave propagation, 15 

Slot antenna, 64 

Small loop antenna patterns, 75 

Small loop antenna, 72 

Small loop geometry, 74 

Sound velocity, 327 

Source impedance, 104 

Space (digital signal), 111 

Space wave propagation, 16 

Space wave, 16 

Specification of quartz crystals, 101 

Spectrum, 2, 233 

Speech encryption, 168 

Speed of light, 327 

Sporadic E-layer reflections, 16 

Spread spectrum transmission, 129 

Spread spectrum, 172 

Spreading code, 177 

Spurious attenuation, 104 

Spurious response attenuation, 156 

Spurious responses, 100 

Squelch, 197 

Stability, 98 

Stacking antennas, 65 

Standard frequency formats, 283 

Standard frequency transmissions, 
281 

Standard test tone, 165 

Standard time transmissions, 281 

Standard units, 325 
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Stereo radio modulation scheme, 
121 

Stopband performance, 104 

Stopband, 103 

Stream encryption, 169 

Sub-audio signalling, 194 

Sub-refraction, 21 

Super refraction, 20 

Switching bandwidth, 156 

Symbols, 313 

Synchronisation, 176-7, 180 

Synchronous encryption, 171 


T1 multiplex, 176 

Television channels (USA), 299 

Television connectors, 257 

Temperature coefficient, 86, 98 

Temperature compensation, 86 

Temperature range, 102 

Tesla, 327 

Thermal noise, 11 

Time constant, 333 

Time division multiplex (TDM), 174 

Total line loss, 47 

Transducer, 108 

Trans-European Trunked Radio 
(TETRA), 208 

Transformer ratios, 333 

Transition band, 104 

Transmission line considerations, 47 

Transmission line filters, 44 

Transmission line noise, 49 

Transmission lines, 35 

Transmission quality, 164 

Transmitter specifications, 147 

Transmitter, FM, 146 

Transmitters, angle modulated, 145 

Transmitters, phase modulated, 147 

Transmitters 143 

Transverse electric, 46 

Transverse electromagnetic wave, 46 

Transverse magnetic, 47 

Trickle charge current, 242 

Trickle charging, 242 

Tropospheric scatter, 18 

Trunked radio, 202, 207 

Trunking, 201 

Tuned radio frequency (TRF), 148 

Tuned resonant circuits, 79 

TV channels (Australia), 292 


The values of the inductor and resistor 
determine the frequency at which V out starts 
to drop (f 1), and the frequency at which V 
out levels off (f 2 ). 

The curve in Figure 6.48 shows that using 
an inductor and resistor in a circuit such as 


the cone shown in Figure 6.42 produces a 
low-pass filter similar to the one discussed In 
problems 15 through 19. 

Question 

What values control f1 and f2? | 

Answer 


The values of the inductor and the resistor 
33 You can also create a circuit as shown 
in Figure 6.49 , in which the output voltage is 
equal to the voltage drop across the inductor. 

Figure 6.49 
Vin 


Questions 
A. What formula would you use to find V out 


B. If you plot the output voltage versus the 
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TV channels (New Zealand), 292 
TV channels (Republic of Ireland), 


291 


TV channels (South Africa), 292 


TV channels (UK), 291 
TV channels (USA), 293 


UHF, 2, 61, 67, 138, 183 
UK, 625-line TV system, 289 
UK broadcasting band, 284 
Unipole antenna, 61 
Unweighted transducer, 109 
Upper sideband, 113 


Varicap diode, 89 

Velocity of sound, 329 

Vertical (H) plane, 4 

Very low frequency, 2 

VHF, 2, 18, 61, 68, 138, 183 

Video recorder connectors, 
257 

Virtual height, 16 

VELEZ 135 

Volt, 327 

Voltage controlled oscillators 
(VCO), 89 


Voltage standing wave ratio 
(VSWR), 42, 55, 221 
Volt-ampere, 327 


Watt, 327 

Wattage rating, 333 

Wave-guide, 45 

Wavelength of tuned circuit, 334 

Wavelength, 1, 107, 329 

Weber, 327 

Wide-area coverage, 187 

World Administrative Radio 
Conference, 132 


X-cut crystal, 95 


Yagi array, 62, 69, 294 
Y-cut crystal, 95 


Z-cut crystal, 95 

Zero transmission reference point, 
165 

Zero-IF receiver, 151 

Zulu time, 303 


THE WIRELESS CONNECTION 


ur earlier crystal receiver projects 

proved popular, so here’s another 

crystal receiver with an odd twist: 
it’s intended to intercept stations on the 
88- to 108-MHz FM band! With some 
modification, it'll also copy nearby VHF 
AM aviation band traffic, just the ticket 
for eavesdropping while watching the 
activity at your local airfield! FM crystal 
receiver projects aren’t new; this project 
is based on material from an article that 
ran back in the 1950s, but with some 
modern refinements to improve perfor- 
mance. Most of the parts you'll need to 
build this project can be found in your 
junkbox, but I'll also provide some mail- 
order sources for those of you who don’t 
have goodies hoarded away! 

Monitoring FM signals is more chal- 
lenging than tuning in your local AM sta- 
tions with a simple crystal set. There are 
two reasons: AM signals are readily 
detected by a crystal-diode detector, and 
a simple longwire antenna will usually 
suffice in providing enough signal level 
so you can hear at least a few of the local 
stations. FM is a different animal. A crys- 
tal detector recovers both a DC and audio 
signal from an AM carrier, a simple diode 
detector will only produce a DC signal 
component when monitoring a FM sig- 
nal. Since there are no AM sidebands to 
mix with the carrier in the detector, none 
of the audible information is recovered. 


Slope Detection 


ESA ESTE 


So, how’s it possible to make a work- 
ing FM crystal radio? Good question. The 
answer lies in using a technique called 
“Slope Detection.” FM is simply a carri- 
er being shifted in frequency at an audi- 
ble rate. The rate of shift corresponds to 
the frequency of the audio signal while 
the excursion, or carrier deviation, repre- 
sents the audio signal level, or amplitude. 
U.S. FM broadcasters are allowed a devi- 
ation of + 75 kHz, or 150 kHz total. This 
means we can hear FM signals on a sim- 
ple crystal radio, providing the tuned cir- 
cuit has enough Q for the recovered audio 
to be great enough to drive a pair of head- 
phones. Whereas a crystal detector will 
detect AM signals without tuned circuits, 
the FM set relies on a very sharply tuned 
high-Q circuit to work, If we tune the FM 


by Peter J. Bertini, radioconnection @juno.com 


Building An FM Crystal Receiver! 


Siope Detection 


Figure 1. Here's a representative tuning curve for an LC tuned circuit as found in our FM 

Crystal Set. Slope detection occurs when the FM carrier straddles either side of the tuning 

curve between points A and B or C and D. An AM carrier would be centered between points 
B and C for best AM detection. 


Figure 2. Here's the schematic for the simple and basic FM crystal receiver. FM performance 
is about 20 dB down from AM signals in the same tuning range. It makes a good companion 
at the local airfield to monitor AM aircraft and tower traffic in the 120-MHz region. 


station so it falls on either side of the 
slope, the modulated FM carrier will be 
converted to AM since its signal ampli- 
tude will vary depending on where it falls 
on the tuning slope at any given instant. 

Many early 2-meter amateur FM 
repeater operators used AM transceivers, 
modified with simple external FM mod- 
ulators, while using slope detection to 
hear the FM repeaters. Most of these early 
AM receivers were 15 or 30 kHz wide; 
the IF bandpass curves easily recovered 
the + 5-kHz FM deviation! The trick was 
to tune to one side of the signal or the 
other, carefully centering the FM carrier 
on the center of the tuning skirt, not dead 
on at the peak! In short: The steeper the 
slope, the greater the recovered audio for 
a given deviation. 

Figure 1 illustrates how slope detec- 
tion works. The curve on the drawing 


represents a typical, but not exact, rep- 
resentation of how a tuned circuit 
responds as it is tuned across a carrier. 
Points A and D denote the bandwidth of 
the tuned LC circuit. The areas between 
points A and B and C and D represent 
the slopes of the tuning curve. Ideally, 
an AM signal would be tuned so its car- 
rier is at the apex, or center, of the tun- 
ing curve. If we center the carrier fre- 
quency of the FM transmitter tothe same 
spot, the carrier will swing over both 
slopes, and any recovered audio would 
be canceled. Instead, the “sweet spot” is 
where the FM carrier falls near the mid- 
point of the slope between A and B, or 
likewise on the slope of the curve 
between points C and D. The AM detec- 
tor output will then swing in correspon- 
dence with the aural information carried 
on the FM carrier. 
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View from bottom, flat side down. 


Figure 3. The infinite-impedance detector offers several advantages over a germanium diode 
detector. It has gain, doesn’t load the tuned circuit, and it features better weak-signal detection. 


Ideally, for maximum audio recovery, 
the FM deviation will “sweep” over the 
largest area of one side of the slope as is 
possible. It’s hard to match the tuning 
curve to the FM deviation, and also any 
non-linearity in the slope along the rise or 
fall on the curve (a straight line, like a saw 
tooth, is ideal) will cause distortion. Too 
wide a slope and the FM deviation will 
fall on a very small area on the slope, giv- 
ing very poor recovered audio. Too much 
deviation, where the carrier swings 
beyond the cutoff and into the opposing 
slope, yields large amounts of distortion 
on the recovered audio. In practice, these 
sets do work, but don’t expect anything 
approaching high-fidelity reception! 


aoe 2 es Ree ee! 


There are several key elements needed 
for this project to work, most importantly, 
having a very strong local FM station or 
two or listen to. Most urban locations are 
so blessed. You'll also probably need a 
good outdoor FM or TV antenna to cap- 
ture enough signal for the set to work, and 
it’s a big plus if your system includes an 
inline VHF/FM preamplifier. 

Let’s get started by looking at Figure 
2, the starting point for our project. It 
closely resembles the primitive FM crys- 
tal set projects shown in those early mag- 
azines. The heart of the receiver is the 
high-quality tuning capacitor and induc- 
tor. The tuning capacitor can be salvaged 
from an old FM tuner or converter, if need 
be. The tuning capacitor (C1 in the draw- 
ings) is a 35-pF capacitor with a built in 
3:1 vernier dial reduction, and was sal- 
vaged from my junkbox. Any capacitor 
with a maximum capacity of 25 to 45 pF 
will work. 

The set tunes rather broadly, thus the 
vernier tuning isn’t a necessity, but it is 
nice to have. One source for the cap is Fair 


Photo A. The tuning capacitor and coil form 
the heart of the crystal set. The Q of these parts 
determines the tuning slope, and ultimately 
audio recovery on FM signals. The capacitor 
should be the best quality available. Often mil- 
itary surplus capacitors with ceramic insula- 
tion are available on the surplus market or at 
hamfests. If you can find one, use it. The tap 
point for the antenna is visible. Use a short 
lead between the tap and JI connector. 


Radio; its 3G-25 variable cap has a 
vernier drive and three sections with 4- 
25, 4-20, and 3-17 pF. Two of these sec- 
tions could be paralleled to yield a larger 
tuning range. The inductor (Ll in all 
drawings) is wound from a length of #8 
copper ground wire, available from any 
hardware store. You can substitute a 
smaller gauge if necessary. The circuit Q 
could be improved by silver-plating the 
coil—if you have a means to do So try it. 
Otherwise, I suggest polishing the copper 
to asheen, followed by applying a coat of 
clear Krylon to prevent tarnishing. The 
coil consists of six turns; I used a half- 
inch wood dowel as a form to wind the 
coil. The antenna tap 1s made at one-half 
turn above ground on the coil. Photo A 
shows the tap point and also the tuning 
capacitor. Table 1 lists the parts values 
and sources for all the components used 
in three versions of the receiver shown in 
this month’s column. 


Photo B. Here’s the Millen Grid Dip Meter in 
action! When tuned to the resonant frequen- 
cy of the capacitor and coil, the meter on the 
Millen will dip to a lower value. Fifty or 60 
years ago, every ham owned one of these use- 
ful pieces of test equipment. That was a time 
when hams built their own gear. Now using 
one has become an archaic art. 


I know finding parts can be difficult. I 
listed a few resources in Table 1, includ- 
ing one for a basic kit, sans headphones, 
for building the basic FM crystal set. This 
five-dollar postpaid kit can serve as the 
nucleus for the more advanced versions 
shown here as well. 


eee ee Uning Sange 


A grid-dip meter is the easiest way to 
check the tuning range of your coil and 
tuning capacitor combination. A ham 
friend who is also a builder is a likely can- 
didate to have one of these units in his 
workshop. Photo B shows my venerable 
James Miller ‘dipper being used to check 
that my set will tune the entire FM band. 
These devices are variable oscillators 
with calibrated tuning ranges. A set of 
companion plug-in coils allows covering 
from the broadcast band up through 300 
MHz. When the 'dipper”s coil is held near 
a tuned circuit, and the grid dipper 1s 
tuned to that frequency, the grid current 
in the 'dipper will drop (or “dip”), as 
shown on the 'dipper's built-in meter. 

Alternately, a signal generator would 
also do for checking the tuning range. 
Compressing orexpanding the coil slight- 
ly will shift the range: squeezing the coil 
will allow lower frequency tuning, while 
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Phones 


Figure 4. Adding the infinite-impedance detector to the basic FM crystal 
receiver might make the difference between hearing a station or not! 


Photo C. The leads for the infinite-impedance detector should be kept short 
and direct for VHF. The J-FET leads and associated parts are mounted to 
the capacitor terminals and frame. § ——————> 


Table 1. Parts List And Recommended Suppliers 


#8 Copper wire, see text 
variable capacitor, 5 to 50 pF max. with knob 
IN34A germanium diode, or equivalent 
RCA phono jack or suitable RF connector for antenna 
10 utd @ 16 volts electrolytic 
10 ufd @ 16 volts electrolytic 
10 ufd @ 16 volts electrolytic 
0.1-mfd ceramic capacitor E 16 volts 
220 to 470 ufd E 16 volts electrolytic 
500-pF ceramic disc or silver mica capacitor 
47k-ohm 1/4-watt resistor 
47k-ohm 1/4-watt resistor 
10k-ohm variable potentiometer, audio taper/with knob 
9-volt transistor battery with battery clip 
2000-ohm vintage headset or crystal earpiece 
Speaker 8-ohm speaker in enclosure 
QI J-FET, type J-310 
Ul LM-386 DIP package 8-pin audio IC 


Resources 


e Dan’s Small Parts, PO Box 3634, Missoula, MO 59806-3634, (406) 258-2782, 
www.danssmallpartsandkits.net 

This is an excellent resource for all components (ICs, FETs, small parts, and vari- 
able caps). Dan’s features low prices and is set up to deal with home experimenters. 
Dan’s offers an online catalog and ordering system. Minimum order might apply, 
check with seller. 


e Bill Turner, 1117 Pike Street, St. Charles, MO 63301, (636) 949-2210, 
www.dialcover.com 

Bill offers a kit and copy of the original vintage magazine article for the FM 
Crystal receiver for $5 postpaid. No frills or headphones, just the basic parts. No 
minimum order. 


e Fair Radio Sales, 2935 St. Johns Road, PO Box 1105, Lima, OH, (419) 227- 
6573, www.fairradio.com 

Surplus stalwart Fair Radio has a nice three-section variable (catalog #3G-25) that 
will work well. Price is $6. They also offer some high-Q ceramic military versions, 
but these are more expensive. Minimum orders might apply, check with seller. 


expanding the coil will increase the high- 
er end of the tuning range. A 40-pF vari- 
able capacitor shouid tune from 80 MHz 
through at least 130 MHz into the aircraft 
band. At worst, you may have to wind a 
new coil with a turn added or removed 
before you’re able to tune the desired 
range. Adding a full or partial turn will 
lower the frequency. Photo B shows my 
Millen dip meter in action. 


e INO EES ION 


Crystal diodes make poor detectors. 
Germanium diode detectors don’t work 
well on weak signals; for a weak enough 
signal they act more like resistors than 
diodes. Figure 3 shows a circuit for a neat 
device called an Infinite Impedance 
Detector. This detector offers some gain 
and doesn’t load the tuned circuit as much 
as a diode detector would; hence the Q 
and selectivity are also improved. The J- 
FET gate adds some capacity to the tuned 
circuit, and this can reduce the high-fre- 
quency tuning by several MHz. 

Photo C shows how the J-FET and 
associated parts for the infinite-imped- 
ance detector are mounted using short 
leads. The gate is tied directly to the tun- 
ing capacitor stator terminal, and the 
FET’s source lead bypass caps and bias- 
ing resistor are tied directly to the capac- 
itor frame for good VHF performance. 

Figure 4 shows how the infinite- 
impedance detector is incorporated in the 
FM crystal receiver. Parts values are given 
in Table 1. The detector will drive a pair 
of vintage high-impedance headphones 
(2000 ohms or better) directly. I use a pair 
of military sound-powered headphones 
with a matching transformer. Adding the 
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Photo D. The audio amp IC is mounted using 

“dead bug” construction techniques. The 

larger parts are glued to the pc board to alle- 
viate stress on the IC leads. 


Photo E. Here's a top view of the completed 

receiver. Ugly, but it works—and it was 

intended as an experimental prototype to 
begin with. 


infinite-impedance detector allowed me 
to hear some FM stations from my rural 
home when using some high-gain tower- 
mounted VHF antennas. 

You might want to try this detector on 
your AM BCB crystal sets; it makes a big 
improvement! 


Adding An Audio Amplifier 


E ER OREA 


Figure 5 shows the final phase of the 
FM crystal receiver. A small 8-pin LM- 
386 audio IC gives enough gain for loud- 
speaker level volume, or to drive more 
contemporary low-impedance head- 
phones. I mounted the IC and supporting 
parts “dead bug” fashion on the pc board. 
If you’re not familiar with this bread- 
boarding technique, the parts are sol- 
dered directly to the copper side of an 
unetched pc board for ground, and are 
self-supporting or glued in place as need- 
ed. (ICs were sometimes mounted on 
their backs, looking like little dead bugs; 
hence the name.) 

It’s not very pretty, as shown in Photo 
D, but it works and is good for quickly 
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Figure 5. Adding the high-gain audio stage gives loudspeaker volume on strong Stations. 


Photo F. This is my 68321 Stars-and-Bars 
Zenith! Sorry for the mix up! As you can see, 
this cabinet needs a bit of work. I'd started 
scraping the old lacquer off the top when the 
photo was taken. Chemical strippers risk 
damaging the photo-etched lacquered pat- 
terns on the front, which I intend to restore 
and save. 


prototyping circuits on the fly. I think 
some builders call this technique Ugly 
Board construction. Hot glue assisted in 
mounting and supporting the IC and larg- 
er components to the board. Photo E 
shows an overall view of the entire receiv- 


er. Again, it isn’t pretty, since I consid- 
ered this to be an experimental project. 
An off/on switch is needed to preserve 
battery life. 


An Apology 


ANNIE 


Our opening photograph in the July 
2004 issue purportedly showed the 
deplorable condition of my Zenith 6832] 
cabinet. What accidentally got forward- 
ed for publication was a photo of a nice- 
ly restored example from the webpages 
of Mike Urban’s Internet site at 
www.urban-antiqueradio.com. I had 
saved his photo as an example to follow 
when restoring my Zenith. Hopefully 
Photo F is the correct photo. Anyway, 
visit Mike’s website to see some nicely 
restored radios in his collection, and to 
check out a few he’s offering for sale. 

Well, that’s it for this month. If you 
build one of these sets, I'd like to hear 
about it, and photos would be great! Let 
me hear about your other projects, as well. 
Until next month, keep those soldering 
irons warm and those letters coming in'M 
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PROLOGO 


Estimado lector : 


Después del rotundo éxito de "Tu futuro es la electrónica”, y el "Curso práctico de ELECTRONICA 
DIGITAL y Circuitos integrados", CEKIT S.A. presenta una nueva obra en el campo de la electrónica, 
el Curso de Radio AM, FM, Banda Ciudadana y Radicafición. 


En esta obra estudiaremos una rama muy importante de la electrónica, la parte que se refiere a 
las ondas de radio, Conoceremos qué son, cómo se producen, transmiten y reciben en un lugar re- 
moto, los aparatos receptores, transmisores y sus componentes. 


De esta manera entraremos en el campo de la radio, las comunicaciones y la radioaficion, uno 
de los hobbies o pasatiempos más difundidos en todo el mundo y que no sólo ha tenido una gran 
influencia en el desarrollo técnico y científico de la electrónica,sino que ha colaborado exitosamente 
con el hombre en momentos de grandes dificultades. 


Con este curso se pueden complementar y profundizar los conocimientos adquindos con la 
obra anterior, pero también está diseñado para que se pueda tomar como un curso de iniciación sin 
que para hacerlo se requiera de ningún curso anterior. 


De esta manera es también el curso ideal para aquellas personas que se quieran iniciar en el 
maravilloso mundo de la electrónica, la radio y la radioafición.¿Quién,en algun momento, no ha 
sentido deseos de armar su propio radio o su propio transmisor, asi las señales no lleguen muy 
lejos ?. 


El curso de Radio AM, FM, Banda Ciudadana y Radivaficién es una obra amena, clara, 
concisa y sencilla, tratada con un lenguaje comprensible y agradable, con muchas ilustraciones y 
ejemplos que ayudan a asimilar los conceptos teóricos y prácticos tratados. 


Todas las leyes y teorías son explicadas en párrafos cortos, fáciles de leer y entender, 
apoyadas por medio de ejemplos y comparaciones sencillas, mostradas de una manera muy clara, 
sin caer en la simplicidad o superficialidad. 


El estudio de la teoría y práctica de la radio es muy importante dentro de la electrónica en 
general, va que si nos remontamos a los orígenes de la electrónica descubrimos que lodo empezó 
con los primeros experimentos acerca de las ondas de radio u ondas electromagnéticas. Los 
pioneros de estos descubrimientos buscaron la forma de transmitir una onda o señal de un sitio a 
otro sin necesidad de tener alambres conectados entre las dos estaciones. 


Es entonces el conocimiento de estos principios lo que ha llevado a esta ciencia y tecnología 
hasta el lugar que ocupa actualmente,en donde casi ninguna actividad humana está libre de utilizar 
los aparatos electrónicos con el fin de que se pueda realizar mejor. 


La importancia de la radio en la historia es muy grande, ya que originá después de su des- 
cubrimiento, una verdadera revolución de las comunicaciones entre los hombres. Después de ella, 
éstas no han sido las musmas, 


Los principios de transmisión y recepción de las ondas de radio, utilizados inicialmente para 
transmitir la voz, luégo la música y por último la televisión con sus imagenes a todo color desde y 
hasta cualquier lugar del mundo, han acercado a los hombres de tal manera que ya nadie es ajeno a 
los acontecimientos de todo el planeta. 


Los grandes avances tecnológicos, como los viajes espaciales y muchos otros, han dependido en 
gran parte del desarrollo en las comunicaciones. La radio además de llevar información, también ha 
contribuido al esparcimiento y entretensión del hombre, irradiando música y cultura de todo tipo, 
que se puede seleccionar fácilmente, de acuerdo a las preferencias, moviendo un simple botón. 


La masificación de la industria electrónica,con la llegada del transistor y los circuitos integrados, 
ha permitido la fabricación de miles de millones de receptores de radio a precios muy bajos, lo que 
hace casi imposible que alguna persona no tenga un radioreceptor disponible para su utilización 
diaria y permanente, Diriamos sin temor a equivocarnos que el radio es el aparato electrónico más 
numeroso sobre la tierra. 


Es entonces muy importante para los aficionados y las personas dedicadas a la electrónica como 
profesión, conocer qué es un radio, cómo está fabricado, cómo funciona, cómo podemos 
ensamblarlo nosotros mismos y cómo podemos repararlo cuando se dañe. 


El curso tendrá como característica principal la metodología teórico-práctica en donde se irán 
tratando los temas y principios teóricos de una manera muy sencilla pero profunda a la vez, y se van 
complementando con las prácticas de ensamble de un radioreceptor transistorizado de alta calidad 
que,al final del curso,quedará completamente armado y funcionando y que usted exhibirá orgulloso 
como una de sus grandes realizaciones. | 


Inicialmente en el curso haremos una introducción general al tema de la radio y sus 
características principales. Luego haremos un repaso de su historia, un tema fascinante y muy 
agradable lleno de anécdotas, sueños y decepciones. La lucha de los pioneros fué grande, casi 
todos pasaban por locos y nadie creía en sus ideas o teorías. 


Después conoceremos el tema de las ondas electromagnéticas en sus aspectos generales para 
ver cómo se aplican en la teoría de la radio. Con el estudio de las ondas pasamos a ver cómo se 
transmite una señal sonora de un punto a otro,tan distante como se quiera, analizando en palabras 
comunes el proceso de transmisión y recepción de señales de radio. 


Una vez que conozcamos los aspectos generales de la teoría que se va a estudiar, entramos en 
materia con las lecciones del curso,que se van presentando en forma sencilla y muy didáctica. 


Es necesario primero conocer los aspectos fundamentales de la estructura interna de la materia 
que nos rodea,con el fin de entender de dónde sale la corriente eléctrica y para ello estudiamos las 
As y constitución de la materia, tocando el tema de las moléculas, los átomos y los 


El conocimiento de la materia es muy importante para entender muchos fenómenos, que se 
producen en los diferentes materiales que se utilizan para fabricar los componentes electrónicos, que 
a su vez,se utilizan en todos 105 aparatos electrónicos que se van a estudiar en este curso, 


Una vez conocida la materia y los electrones, veremos cómo se produce una corriente eléctrica, 
veremos cómo hay varios tipos de corrientes y cómo se aplican en los diferentes circuitos para 
hacerlos funcionar correctamente. 


Después estudiaremos cuáles son los componentes básicos y los diferentes tipos que se utilizan 
para formar los aparatos de radio y comunicaciones, que son el tema central del curso. 


Iremos conociendo primero los componentes más sencillos, llamados " componentes pasivos ," 
como son las resistencias, los condensadores y las bobinas;para luégo pasar a los componentes 
llamados " componentes activos,' que son los que realizan los trabajos más importantes en los 
circuitos y aparatos electrónicos, como son los diodos, los transistores y los circuitos integrados. 


Pero como un componente solo no realiza ningún trabajo real, se estudia la forma como en la 
electrónica se unen dos o más componentes para formar un circuito y según las conexiones se 
forman circuitos diferentes. Además estudiaremos cómo, uniendo varios circuitos, se forma un 
aparato completo; en este caso veremos cómo está compuesto un radio de AM; o un radio de FM o 
frecuencia modulada;y cómo se construye y funciona un transmisor de radio, y, además, cómo opera 
una emisora de radio en sus diferentes funciones. 


Simultáneamente con las lecciones teóricas se irán desarrollando las actividades de práctica,que 
consisten fundamentalmente en las instrucciones detalladas y muy ilustradas para ensamblar un 
radio completo y superdidáctico de AM con seis transistores. Esto es lo que hace realmente 
diferente este curso, A medida que se va estudiando la teoría vamos practicando y comprobando 
que lo que se ha conocido es verdad y realmente funciona. 


Este radio se va armando por etapas, que están claramente defimdas en cuanto a los 
componentes que la forman y a su función específica dentro del aparato total de radio. Así veremos 
cómo llega una determinada señal a la antena, cómo se separa de las otras señales y cómo se 
amplifica hasta quedar convertida,casi inmediatamente, en una señal sonora igual a la que se habia 
originado en una distante emisora, 


Para armar el radio se entregan varias láminas o ilustraciones con toda la información para guiar 
al alumno sobre la forma de ensamblar correctamente cada etapa y de cómo distinguir fácilmente 
los componentes para su correcta instalación, Para estas prácticas solamente se requieren unas 
pocas y económicas herramientas, que además le serán de gran utilidad al experimentador y al 
aficionado para continuar con su afición o trabajo en una forma mucho más eficiente. 


Dentro del curso aprenderemos a fabricar algunos instrumentos muy útiles en el ajuste y 
reparación de todo tipo de radios y otros aparatos electrónicos relacionados con el tema, para lo cual 
se entrega una sección dedicada a esta labor, 


Estamos seguros que al final de este curso estará muy satisfecho ya que habrá aprendido 
muchas cosas que le aumentarán su cultura electrónica y que le serán útiles en sus momentos de 
esparcimiento o trabajo en esta rama de la electrónica, la radio y la radioafición, 


Introducción 


Aspectos básicos de la teoría de 
Radio 


Qué es la radio o el radio 


La palabra radio se utiliza para diferentes cosas: 
En química para referirse a un elemento que es 
radioactivo o sea que emite radiaciones; en geome- 
tría radio se refiere a una línea que une el centro del 
círculo con un punto de su circunferencia; también 
existe en el cuerpo humano un hueso del brazo 
llamado radio. 


En electrónica, qe es lo que nos interesa, el 
término radio se utiliza como una abreviatura para 
radiocomunicación y se refiere principalmente a la 
técnica tanto teórica como práctica y a los aparatos 
que nos permiten enviar y escuchar mensajes, mú- 
sica o información en general de un sitio a otro, y 
ya sea lejano O Cercano, 


Radiocomunicación 


Radiocomunicación es la transmisión por medio 
de un proceso radioeléctrico o de ondas electromag- 
néticas, de textos, signos, imágenes o sonidos de 
toda naturaleza de un lugar a otro. 


Antes de entrar a explicar cómo se produce una 
radiocomunicación, vamos aestudiarquées la radia- 
ción y qué son las ondas, pues debemos tener es- 
tos conocimientos básicos para lograr entender có- 
mo opera este proceso. 


Radiación y ondas 


Cuando estamos cerca de una llama, no sólo la 
vemos sino que sentimos el calor que produce. Ese 
calor es la energía que se genera en la combustión y 
se llama energía calorífica. La energia que nos 
permite ver las cosas se llama luz visible. 


La propagación o transmisión del sonido se 
efectúa en forma de una energía invisible pero que 
se puede sentir. 


Estos fenómenos y muchos otros corresponden a 
formas de radiación de energía que se realiza por 
medio de ondas. La palabra onda se refiere a algo 
que sube y baja alternadamente y está relacionada 
con el movimiento. 


Para entender más fácilmente qué es una onda 
vamos a traer dos ejemplos muy comunes y que se 
presentan en la vida diana. 


El primer ejemplo es el de las "ondas" u 
ondulaciones que se producen en la superficie de un 
lago cuando arrojamos en él una piedra, figura 1. 


La piedra al caerforma ondas en el agua 


Podrá observarse que a partir del punto en que 
cayó la misma y sobre la superficie del elemento 
líquido comienzan a formarse una gran cantidad de 
ondas concéntricas que, aparentemente, se van 
alejando del punto en que cayó la piedra y terminan 
por desvanecerse a la distancia, una vez extinguida 
la energía que las originó. 


Pareciera que el agua se traslada y que al hacerlo 
se lleva consigo las ondas; mas en realidad no es 
así. Prueba de ello es que si ubicamos sobre las 
ondulaciones un objeto flotante, como una pelota 
pequeña notaremos que él mismo asciende y 
desciende sobre las ondas, pero que no se aleja del 
lugar en que ha sido puesto, tal como da la 
impresión que lo hicieran ellas. 


Queda así comprobado que la masa de agua no se 
desplaza y que sólo asciende o desciende con 
respecto a su nivel normal. Como resultado de esta 
observación cabe deducir que lo que en realidad se 
desplaza no es otra cosa que "energia". x 


frequency, what would you expect the curve 
to be? Use a separate Sheet of paper to 
draw your answer. 


Answers 
A. AL 

Vot ~ Vin% — 
B. See Figure 6.50 . 
Figure 6.50 

Y out 
J | = f 

The curve in Figure 6.50 demonstrates that 
using an inductor and resistor in a circuit, 
such as the one shown in Figure 6.49 , 


produces a high-pass filter similar to the one 
discussed in problems 6 through 13. 


Higher-Order Filters 


Filter circuits that contain one capacitor or 
inductor are called first-order filters . Filter 
order numbers reflect the number of 
capacitors, inductors, or operational amplifiers 
(a component discussed In Chapter 8, 
“Transistor Amplifiers”) in the filter. For 
example, a filter that contains four capacitors 
is a fourth-order filter, whereas a filter that 


contains six capacitors is a sixth-order filter. 


Lo que ocurre con las ondas de energía 
que se desplazan en el agua, provocando ondas, 
ocurre también con las ondas sonoras, con la 
diferencia que éstas se trasladan de un lugar a otro 
a través del aire. 


Al pulsar una cuerda de guitarra, ella vibra con 
rapidez y se desplaza hacia uno y otro lado; al 
hacerlo comprime o empuja el aire o las moléculas 
del mismo durante todo el tiempo que tarda la 
vibración u oscilación de la cuerda en extinguirse. 
(figura 2), 


Onda de sonido 


La cuerda al vibrar forma ondas en el aire | 
F Ha 2 | 


Pese a la pequeñez de la oscilación de la cuerda, 
la presión originada por su desplazamiento se 
traslada o propaga bajo la forma de ondas de aire, 
tal cual ocurre en el agua con las ondas de energía 
originadas por la caida de la piedra. 


Las variaciones descritas respecto a la presión del 
aire, al llegar a nuestros oídos, provocan idénticas 
vibraciones en los timpanos, dándonos una 
sensación que llamamos sonido, por lo tanto las 
ondas sonoras no las podemos ver sino oir o sentir. 


Características de las ondas 


Existen diferentes tipos de ondas según su 
naturaleza y características lo que hace que tengan 
manifestaciones distintas en cada caso, 


El sonido, la luz, el calor, los rayos X y las 
ondas de radio son todos ondas. Pero por qué unas 
ondas las podemos sentir y son invisibles y otras 
las podemos ver pero no sentir ?. Y por qué unas 
ondas pueden viajar miles o millones de kilómetros 
y otras sólo se pueden enviar unos cuantos metros 
más adelante ? 
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Todo ésto se puede explicar conociendo las 
características de cada una de ellas. Las principales 
características de una onda son su frecuencia, su 
tamaño o amplinid de onda y su forma. 


Frecuencia 


Denominamos frecuencia de una onda la cantidad 
de veces que se produce el fenómeno completo de 
irradiación en un segundo. Llamamos fenómeno 
completo a la acción de una onda cuando parte de 
cero, toma su valor máximo, va a su valor mínimo 
y luego vuelve a cero. Esto se llama también un 
ciclo, (figura 3). 


Ciclo de una onda 


Sa AA A a 


1 Ciclo 


Valor máximo 


Amplitud 
Liempo (seg) 


Valor minimo 


Fig. 3 a 


Es así como la frecuencia de una onda se mude en 
ciclos por segundo, 


La amplitud de la onda es la distancia o tamaño 
existente entre el valor estable o cero y el punto 
máximo de vibración que alcanza la onda. 


Dependiendo de la frecuencia y de la amplitud 

sb tenga una onda se puede oír, ver o puede viajar 

istancias muy grandes desde su sitio de ongen o 
creacion. 


Las ondas sonoras o sonidos se encuentran entre 
las frecuencias de 20 a 20.000 ciclos por segundo. 
Esto se debe a que el oído humano está hecho para 
que responda a ese tipo de ondas o señales. Á un 
grupo de frecuencias que tienen un límite bajo y 
uno alto se le llama una banda. 


En cuanto a la amplitud de una onda sonora se 
relaciona con la que llamamos volumen o intensidad 
de sonido, Mientras más amplitud tenga un sonido, 
más fuerte escuchamos su efecto en nuestros oidos. 
Si un sonido tiene una amplitud muy baja no 
podemos escucharlo ya que los timpanos no 
alcanzan a vibrar con ese débil estímulo. 


Si la frecuencia de una onda sonora se pasa de 
20.000 ciclos por segundo ya no podemos escuchar 
ese sonido y a ese tipo de onda se les llama ultraso- 
nidos. Algunos animales, como el perro, tienen la 
capacidad de escuchar los ultrasonidos. 


Otro tipo de ondas con las cuales estamos €n 
contacto permanente son las ondas luminosas O 
radiación visible. Las ondas luminosas tienen una 
frecuencia muy alta y hay diferentes tipos o bandas 
según esta frecuencia, 


La luz de más baja frecuencia es llamada infraroja 
y la de más alta frecuencia es la ultravioleta. Entre la 
luz infraroja y la luz ultravioleta tenemos la banda 
de la luz visible formada por los diferentes colores 
o frecuencias, Asi el rojo tiene la frecuencia más 
baja dentro de la banda de la luz. 


Podemos "ver" estas ondas porque el ojo 
humano está hecho de tal manera que pueda captar 
este tipo de radiaciones. 


Después de estas ondas tenemos los rayos A , 
los rayos gamma y los rayos cósmicos. Como 
todos sabemos los rayos X se utilizan para tomar 
radiografías o fotografías de la parte interna del cuer- 
po humano. 


Entre las ondas sonoras o sonidos y las ondas 
luminosas tenemos un grupo de ondas que es el que 
nos interesa para este curso y que se llaman ondas 
de radio. Las ondas de radio empiezan más o me- 
nos desde los 30.000 ciclos por segundo y llegan 
hasta los 300.000 millones de ciclos por segundo. 


Las ondas sonoras sólo pueden viajar algunos 
metros debido a que el aire va absorviendo su 
energía y al final ésta desaparece tolalmente. 


Las ondas de radio tienen la característica muy 
especial de que pueden viajar grandes distancias sin 
perder su energía y al descubrirlas el hombre 
encontró la mejor manera para poder comunicarse 
de un sitio a otro fácilmente. 


Antes de descubrir y aplicar las ondas de radio, 
se utilizaban las transmisiones por teléfono y 
telégrafo con hilos en donde los dos lugares a 
comunicar tenfan que estar unidos por medio de 
cables eléctricos para transportar la señal. 


Ondas electromagnéticas 


Hay una diferencia muy importante entre las 
ondas sonoras, las ondas de radio y la luz. Esta 
diferencia se refiere no sólo a su frecuencia sino a 


su comportamiento, la forma en que se generan O 
producen y el medio de propagación. 


Las ondas sonoras se producen por medios 
mecánicos o sea por vibración de algun elemento 
físico; además este tipo de ondas necesitan de un 
medio de propagación que en este caso es el aire. 
En el vacío no podemos transmitir o escuchar 
ningún sonido. 


Cuando por algún medio se hacen vibrar los 
electrones de un átomo, la vibración es transmitida 
en cadena a los otros átomos, produciéndose una 
transmisión de vibraciones de un lugar a otro; a es- 
te fenómeno se le conoce con el nombre de “onda 
electromagnética”, 


La palabra electromagnética se refiere a que este 
fenómeno tiene una parte eléctrica y otra magnética. 
Las ondas de radio y la luz tienen naturaleza 
electromagnética y para las dos se aplican muchas 
leyes y principios similares. 


Entre los años 1865 a 1870 el gran físico inglés 
James Clerk Maxwell afirmó después de muchos 
estudios teóricos y matemáticos que las ondas 
producidas por oscilaciones eléctricas de frecuencia 
muy elevada se podían propagar por el espacio. 


Maxwell, así mismo afirmó que la luz también 
tenía la misma naturaleza de las ondas eléctricas y 
magnéticas y a partir de ese momento se estableció 
el término electromagnético. Maxwell estableció 
que estas ondas electromagnéticas y la luz se pro- 
pagan a una velocidad de 300.000 kilómetros por 
segundo aproximadamente, 


Nacimiento de la radio 


Breve historia de los primeros anos 


Después de las afirmaciones de Maxwell se 
comprobó esta teoría por medio de los experimen- 
tos realizados por el físico alemán Enrique Rodolfo 
Hertz en los años 1887 y 1888, 


Hertz observó que si hacía que saltara una chispa 
a través del aire en un circuito eléctrico, saltaba otra 
chispa a través del aire en un segundo circuito 
colocado cerca, pero que no estaba en contacto con 
el primero. (figura 4). 


Por lo tanto, se había transmitido energía en 
alguna forma misteriosa a través del espacio y en 
ese momento crucial para el hombre había nacido la 
radiocomunicacién por medio de ondas electromag- 
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Transmisor y receptor de Hertz 


paapa ee 
CTET 


Transmisio 


Placa de metal 


Receptor 


néticas que tanto le ha servido para su desarrollo y 
progreso. 


Durante mucho tiempo estas ondas de energía 
producidas por Hertz fueron conocidas como ondas 
Hertzianas y actualmente se les llama ondas de 
radio. 


En honor a Hertz y a su descubrimiento se ha 
asignado el nombre de Hertzia (Hz) para la unidad 
de medida de la frecuencia, en cambio de ciclos por 
segundo. Por lo tanto, para una determinada señal 
se puede decir que tiene una frecuencia de 100.000 
Hertrios por ejemplo. 


Después del descubrimiento de Hertz fué el 
italiano Guglielmo Marconi, nacido en Bologna en 
el año 1874, quien continuó trabajando en el desa- 
rrollo de las radiocomunicaciones hasta lograr avan- 
ces muy significativos. 


Marconi se interesó en el fenómeno de la radia- 
ción electromagnética al asistir a varias conferencias 
del profesor Augusto Righi, autoridad de la materia 
en esa época en Italia y a los 20 años ya había leído 
mucho sobre el tema. El momento definitivo en la 
vida de Marconi fué cuando leyó sobre el descubri- 
miento de Hertz. 

Inmediatamente quedó sumergido en la idea de 
trabajar en ese mismo tipo de experimentos. 


El empezó fabricando un aparato similar al de 
Hertz y después de muchos intentos fallidos tuvo 
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éxito y logró tener un aparato que produjece una 
chispa más grande cada vez y a mayor distancia en 
el receptor. i 


Uno de los primeros avances significativos y 
originales de Marconi fué la invención de la antena 
hecha por medio de una placa metálica suspendida 
en un mástil y el otro terminal del transmisor 
conectado a la tierra. En el receptor la disposición 
era la misma, una placa metálica elevada y el otro 
terminal del receptor conectado a la tierra. 


La distancia lograda con este método fué mucho 
mayor y Marconi tuvo que sacar sus aparatos fuera 
de su laboratorio a campo abierto para continuar 
con $us experimentos. 


Marconi logró por medio de mucho trabajo y 
experimentación transmitir señales en clave o 
código Morse, utilizado en telegrafía, enviando 
puntos y rayas que logró imprimir en un papel en el 
receptor que estaba ahora a una distancia de una 
milla en el año de 1895. 


En ese año Marconi le ofreció su invento al 
Ministerio Italiano de Correos y Telégrafos que lo 
rechazó por no considerarlo de utilidad, El se 
estableció entonces en Inglaterra durante un tiempo 
al tener allí familiares y mostrarse algún interés por 
parte de algunas entidades oficiales de ese país y 
mejorando los equipos logró comunicaciones hasta 
de ocho millas. 


Después Marconi desarrolló y patentó en el año 
de 1900 el sistema de selección de frecuencias, 
tanto de transmisión como de recepción por medio 
de los circuitos resonantes, lo que permitió la 
escogencia de diferentes transmisiones en el mismo 
receptor, lo que evitaba la interferencia con otras 
señales. Este fué uno de los avances definitivos 
más importantes en el desarrollo de las radiocomuni- 
caciones. 


En 1901 Marconi se propuso transmitir señales 
de radio a través del Océano Atlántico y luego de 
muchas dificultades e intentos fallidos logró trans- 
mitir varias veces la letra 5 en código Morse (La 
letra S en el código Morse está formada por tres 
puntos ...) 


El intento empezó el 9 de Diciembre y finalmente 
se logró la primera recepción de la señal el 12 de 
Diciembre a la 12:30 PM a una distancia de 2000 
millas aproximadamente. 


La maravilla de las comunicaciones a larga 
distancia sin alambres era una realidad y nadie se 
imaginaba en ese momento hasta donde se iría a 
llegar con el avance de la radio y luego de la electró- 
nica. 


Las ondas de radio 


Las ondas descubiertas por Hertz y exprerimen- 
tadas por Marconi son por lo tanto ondas 
electromagnéticas irradiadas desde la antena de un 
transmisor. Como las ondas de radio no utilizan nin- 
gún medio para desplazarse, su pérdida de energía 
es sumamente pequeña y pueden recorrer distancias 
muy grandes. 


Las ondas de radio pueden atravesar obstáculos 
sólidos como paredes, muros, vidrios, etc y pueden 
llevar información como voz, música e imagenes 
como en el caso de la televisión. 


Las ondas de radio están comprendidas entre las 
frecuencias de 30K Hz y 300 GHz (30 Kilohertzios 
y 300 Gigahertzios) y a su vez se han dividido en 
diferentes bandas o grupos según su frecuencia. 


A estas bandas se les ha dado un nombre y tienen 
diferentes aplicaciones ya que su comportamiento 
es diferente. En la tabla 1 tenemos estas bandas con 
sus frecuencias, símbolo y nombre. 


Espectro de las radiofrecuencias 


Baja tr 


Frecuencia axXtrema-| _ 
damente elevada | 


Longitud de onda 


A menudo se refiere a las ondas de radio no por 
su frecuencia en Hertzios sino por su longitud de 
onda medida en metros, centímetros o milimetros 
según sea el caso. 


La longitud de onda es el espacio recorrido 
durante la realización completa del ciclo de la onda 
electromagnética, figura 5, 


Longitud de onda 


Longitud de onda 


La longitud de onda, que se indica con la letra 
lambda), se obtiene dividiendo la velocidad de 
propagación que es de 300.000.000 metros por 


segundo por la frecuencia en Hertzios de la señal. 


O) = 990.900.000 


F (Hz) 


Por ejemplo para una señal de radio de 3MMHz o 
3.000.000 de Hertzios tenemos: 


A medida que aumenta la frecuencia disminuye la 
longitud de onda y se pueden tener ondas con 
longitudes de onda desde metros hasta milimetros. 


El tamaño de las antenas depende de la ro ers 
de onda de la señal que van a transmitir o a recibir. 

Tomando la longitud de onda se mencionan 
comunmente las bandas de radio, Por ejemplo, la 
banda en onda corta de 49 metros, la banda de 11 
metros o banda ciudadana para radioteléfonos, la 
banda de 2 metros para radioaficionados, etc. 


Tipos de ondas de radio 


Según su frecuencia o longitud de onda las 
señales de radio se comportan en forma diferente. 
En cuanto a su propagación o forma de viajar se 
refiere, los principales tipos son: ondas terrestres, 
ondas directas y las ondas espaciales o reflejadas. 
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Ondas terrestres 


Este tipo de ondas viaja alrededor de la super- 
ficie curva de la tierra sin penetrar en la atmósfera; 
siempre hay contacto con la superficie, lo que crea 
flujos de corriente que alenúan la onda hasta desa- 
parecerla, Por esta razón este tipo de onda es de 
corto alcance. Las ondas de las estaciones de radio 
locales de AM o amplitud modulada con frecuencias 
entre 500 y 1.500 Khz se comportan en forma de 
ondas terrestres. 


Ondas directas ( Alcance visible ) 


Son un tipo de ondas que viajan en línea recta si 
no existe ningún obstáculo entre el emisor y el 
transmisor, en este caso la onda no toca el terreno 
ni la atmósfera. Las ondas de radio de frecuencia 
muy alta y de frecuencia ultra alta ( VHF y UHF ) 
se transmiten siempre en forma de ondas directas. 


Este tipo de radiación se utiliza principalmente en 
las transmisiones de televisión, emisoras de FM 
(frecuencia modulada), radioteléfonos para 
servicios públicos y radioaficionados y transmi- 
siones por satélite. Su alcance está limitado por la 
topografía del terreno y por la altura entre las dos 
antenas, la transmisora y la receptora. (figura 6). 


Ondas de radio directas 


¿La onda 
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Ondas espaciales o reflejadas 


En la atmósfera existe una capa ionizada compues- 
ta por gases conocida con el nombre de tonostera. 
Esta capa refleja las ondas de radio de ciertas 
frecuencias. 


Debido a que una antena transmisora irradia on- 
das electromagnéticas en todas las direcciones, 
algunas se elevan y chocan contra la ionosfera, 
siendo reflejadas de nuevo a la tierra, (figura /). 


De esta manera las ondas de radio pueden llegar a 
un sitio más lejano obteniéndose un mayor alcance. 
14 


En las horas de la noche la intensidad de las 
capas de la ionosfera es mayor, lo cual produce un 
mayor reflejo de las ondas; por esta razón podemos 
escuchar en la noche estaciones de radio muy leja- 
nas. 


No todas las ondas son reflejadas por la 
ionosfera, sólo es posible para señales dentro de un 
rango de frecuencias altas, conocidas también como 
ondas cortas. La banda de las ondas cortas se 
extiende desde 3 hasta 30 Mhz y tienen su principal 
utilización en emisoras internacionales de ti 
institucional y en la comunicación entre radioaficio- 
nados, tema que estaremos tratando ampliamente en 
este Curso. 


| Ondas de radio reflejadas 


¿End 


Transmisión y recepción 


Las ondas de radio por sí solas no tienen ninguna 
utilidad práctica. Su descubrimiento aporta el 
medio o vehículo por medio del cual se podía 
transportar información o inteligencia desde un sitio 
a otro. 


Esta información que inicialmente fué el código 
Morse, luego sonidos, imágenes fijas, imágenes en 
movimiento, datos de computador y muchos otros 
tipos se debe montar o pegar a las ondas de radio 
para que viaje con ellas. Las dos señales, una de 
alta frecuencia y otra de baja frecuencia forman la 
señal de radio completa. A la primera se le llama la 
portadora y a la segunda la moduladora. 


El proceso de unión de las dos señales se le llama 
modulación y existen dos métodos principales para 
hacerlo: modulación en amplitud o AM y modula- 
ción en frecuencia o EM. Trataremos cada uno de 
estos sistemas ampliamente en próximas lecciones 
de este curso. 


De lo anterior resumimos que para que haya 
una radiocomunicación se requiere de un transmisor 
que produzca las ondas de radio y un receptor que 
las capte. (figura 8). 7 


Transmisor y receptor 


Toma da 
tierra 


Al transmisor debe estar conectado un micrófono 
ue recibe las ondas sonoras; allí se mezclan con las 
ondas de radio que salen por la antena y se 
propagan el espacio. El receptor tiene otra 
antena que recoge esas ondas mixtas è obtiene de 
ellas los sonidos que deben ser una réplica lo más 
exacta posible a la información original. 


Mirando un poco más en el interior de los 
bloques básicos del transmisor y del receptor de 
radio tenemos que cada uno tiene a su vez varios ele- 
mentos fundamentales, 


El transmisor tiene cinco componentes prin- 
cipales que son: fuente de sonido, un amplificador 
para esos sonidos, un oscilador o generador de 
señales de alta. frecuencia, un modulador o mez- 
clador con amplificador y una antena. (figura 9). 
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Los elementos del receptor realizan las funciones 
inversas al transmisor con el fin de recuperar la 
información transmitida. (figura 10). 


Receptor de radio 
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En próximas lecciones estudiaremos cómo son 
los circuitos electrónicos de cada una de estas 
etapas, sus componentes y cómo funcionan. 


Principales componentes electrónicos 
utilizados en los aparatos de radio 


Presentaremos en forma rápida inicialmente los 
componentes electrónicos que se utilizan para la 
construcción de los transmisores y de los receptores 
de radio con el fin de que el lector se vaya 
familiarizando con ellos. 


Más adelante haremos un estudio más profundo 
de cada uno de ellos con sus diferentes tipos, 
características, modos para probarlos y toda la 
información indispensable para este curso. 


Conectando estos componentes en configura- 
ciones diferentes se obtienen los distintos circuitos 
de los aparatos de radio, 


Los principales componentes utilizados en los 
circuitos de radio son: las resistencias, los potenció- 
metros o resistencias variables, los condensadores 
en sus tres tipos, de cerámica, electrolíticos y varia- 
bles, las bobinas, los transformadores, los diodos, 
los transistores, los circuitos integrados, los micró- 
fonos y los parlantes. 


Podemos observar estos componentes en la 
figura 11. 


Para citar un ejemplo sencillo mostramos en la 
figura 12 un circuito de un receptor muy simple 
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formado por muy pocos componentes. Este 
receptor recibe el nombre de “ radio de galena © y 
estaremos expernmentando próximamente con él, 


Componentes alactronicos en los radios 


COndensadores 


A 


n 


Trarustores Cranto integrado 


Fig, 11 E 
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Actividad práctica N°1 


Durante este curso de radio y comunicaciones 
remos ensamblando un radio de AM con seis tran- 
sistores con el fin de practicar y comprobar la teoría 
estudiada. Nuestra primera actividad consiste en 
fijar la lámina con el diagrama completo del radio y 
que servirá de guía para la instalación de los compo- 
— en un pedazo de madera o tablero aglome- 
rado . 


Materiales necesarios: 


| Tablero o tabla de madera de 40cms x 18 ems con 
un espesor mínimo de Y mms. Preferiblemente se 
debhe utilizar tablero de 100 12 mms. 

| Lámina con el diagrama del radio AM de CEKIT. 
De las dos láminas entregadas, utilizar la que 
tiene líneas de colores. 
Pegante para Carton y madera que no sea demasia 
do liquido. 


Paso 1. Cómo preparar el diagrama 
Asegúrese de que el tamaño del tablero sea igual 


al diagrama o plano esquemático y recorte en este 
último, el papel sobrante (figura Al). 
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Paso 2. Pegar la lámina sobre el tablero 


Tome su tablero de madera y pegue el esquema 
sobre él, Unte el pegante en poca cantidad 
solamente en los bordes y un poco en el centro en 
forma de cruz. (figura AZ). 
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Lección il 
La materia y 


los electrones 


En la introducción anterior estudiamos en forma 
general el fenómeno de las ondas, especialmente las 
ondas de radio y su aplicación en las radiocomuni- 
caciones. Estudiamos también la estructura básica 
de un transmisor y de un receptor de radio,enume- 
rando los componentes electrónicos que se utilizan 
en su fabricación, 


Se mencionó en esta introducción que las ondas 
de radio se producen al aplicar corriente eléctrica a 
un circuito, que éste las entrega a una antena y que 
por ella salen al espacio extenor propagándose de 
diferentes formas según su frecuencia . 


Ántes de continuar con el estudio de la teoría de 
los aparatos de radio es necesario conocer qué es la 
corriente eléctrica, de dónde sale, cuál es su 
comportamiento, cuál es su forma y otros aspectos 


importantes, ya que ella interviene y hace posible 


todos los procesos de las radiocomunicaciones, 


Para entender mejor qué es la corriente eléctrica 
o electricidad, debemos estudiar qué es la materia y 
cuál es su estructura interna. 


Qué es la materia 

Todo lo que se puede yer, sentir O usar es 
materia. En realidad, la materia es cualquier cosa 
que tenga peso y que ocupe espacio. Esta puede en- 
contrarse en forma de un sólido, un líquido o un 
gas. (figura 13). 


Formas de la materia 


Las rocas, la madera y ¢l metal son formas de 
materia sólida; el agua, el alcohol, o la gasolina son 
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liquidos y el oxígeno, el hidrógeno y el bióxido de 
carbono son gases. 


Los elementos 


Los elementos son la materia prima básica que 
constituye toda la materia y se encuentran en forma 
natural en la tierra, El oxígeno y el hidrógeno son 
elementos, lo mismo que el aluminio, el cobre, la 
plata, el oro y el mercurio. En efecto, existen poco 
más de 103 elementos conocidos, 92 de los cuales 
son naturales y los demás son artificiales, o hechos 
por el hombre, 


Los compuestos o materiales 


Los elementos básicos pueden combinarse para 
producir materiales cuyas características son total- 
mente distintas de las que tienen los elementos en 
su estado natural, Desde luégo, hay mucho más 
materiales que elementos. 


El agua, por ejemplo, es un compuesto formado 
por los elementos hidrógeno y oxigeno; la sal de 
mesa ordinaria está formada por los elementos 
sodio y cloro, 


Cabe anotar que el hidrógeno y el oxígeno, 
aunque son gases, pueden producir el agua que es 
un liguido. 


La molécula 


La molécula es la partícula más pequeña a la que 
puede reducirse un material, conservando sus ca- 
racterísticas propias como tal antes de descomponer- 
se en sus elementos básicos, 


Por ejemplo, si se tomara un grano de sal de 
mesa y se la dividiera sucesivamente en dos, hasta 
obtener el trocito más pequeño posible y que siga 
siendo sal, este trocito sería una molécula de sal. Si 
logramos descomponer la molécula por algún 
método, desaparece la sal como tal y aparecen sus 
elementos básicos, el sodio y el cloro, 


El átomo 
El átomo es la partícula más pequeña a la que se 
puede reducir un elemento, conservando las propie- 
dades de ese elemento. 


Si una gota de agua se reduce a su tamaño 
mínimo, se producirá una molécula de agua. 
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Pero si la molécula se redujera aún más, pese 
rían átomos de hidrógeno y oxígeno. (figura 14). 


Moléculas y átomos 


Agua Moléculas Hidrógeno + Oxigeno 


Fig. 14 f 


Estructura del átomo 


Ahora bien, si el átomo de un elemento se divide 
aún más, este elemento como tal deja de existir y 
aparece formado varios tipos de partículas, 
Estas partículas más pequeñas que el átomo y que 
resultan de su división, se encuentran presentes en 
todos los átomos de los diferentes elementos. 


El átomo de un elemento difiere del átomo de 
otro elemento, sólo en virtud de que los dos con- 
tienen números diferentes de estas pequeñísimas 


partículas. 


Básicamente, un átomo está formado por tres 
tipos de partículas subatómicas que son de interés 
en el estudio de la electricidad: electrones, protones 
y neutrones. 


Los protones y neutrones se localizan en el 
centro, formando el núcleo del átomo y los elec- 
rones giran en órbitas alrededor del núcleo. Esta 
disposición de los átomos es similar al sistema de 
los planetas que giran alrededor del sol en nuestro 
PAR solar, como se puede apreciar en la figura 
1 


El nucleo 


El núcleo es la parte central de un átomo y está 
formado por dos tipos de partículas : los protones y 
los neutrones. El número de protones en el núcleo 
determina la forma en que el átomo de un elemento 
difiere de otro. 


Por ejemplo, el núcleo de un átomo de 
hidrógeno contiene un protón, el del oxígeno con- 
tiene 8, el del cobre 29, el de la plata 47 y el del 
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Estructura del átomo 


oro 79. De hecho, ésta es la forma en que se 
identifican los diferentes elementos, es decir, por 
sus números atómicos, Así que el número atómico 
de un elemento es el número de protones que 
contiene cada átomo en su núcleo. 


El protón es muy pequeño. Se estima que tiene 
1.778 trillonésimas de milímetro de diámetro; el 
protón mide la tercera parte del diámetro de un 
electrón, pero tiene casi 1,840 veces su masa ; es 
decir, el protón es casi 1.840 veces más pesado que 
el sale 


Es muy difícil desalojar el protón del núcleo de 
un átomo. Por lo tanto, en la teoría eléctrica, se 
considera que los protones son partes permanentes 
del núcleo. 


Los protones no toman parte activa en el flujo o 
transferencia de energía eléctrica. El protón tiene 
una carga eléctrica positiva. 


El eloctrón 


Según se ha explicado anteriormente, el electrón 
licne un diámetro tres veces mayor que el del pro- 
tón, o sea, aproximadamente 5.588 tnllonésimas de 
milímetro; pero es 1.840 veces más liviano que el 
protón. 


Los electrones son más faciles de mover y Son 
las partículas que participan activamente en el flujo 
o transferencia de energía eléctrica, 


Los electrones giran en órbitas alrededor del nú- 
cleo de un diame y tienen cargas eléctricas negati- 
vas. 


Ley de las cargas eléctricas 


La carga negativa de un electrón es igual, pero 
opuesta, a la carga positiva de un protón. 


Las cargas de un electron y un proton se llaman 
carpas electrostáticas. Las líncas de fuerza asocia- 
das con cada partícula producen campos electrostá- 
ticos. Debido a la forma en que interactúan estos 
campos, las partículas cargadas pueden atracrse o 
repelerse entre sí. (figura 16). 


Ley de las cargas eléctricas 


"Los protones se repelen 


electrones se repelen 
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ones y fos protones se atraen 


Fig 16 A 


La ley de las cargas eléctricas dice que las par- 


Si un átomo contiene menos electrones que 
protones, tendrá una carga positiva. Si tiene más 
electrones que protones tendrá una carga negativa. 
Los átomos cargados reciben el nombre de iones. 


Materiales cargados eléctricamente 


Cuando en un trozo de material eléctricamente 
néutro,muchos átomos pierden o ganan electrones, 
el material quedará cargado. 


Hay muchas maneras de producir estos cambios 
en los átomos, según se explica más adelante. El 
método que descubrieron los antiguos griegos fue 
el de la fricción Por ejemplo, si se frota una varilla 
de vidrio con un trozo de seda, la vanilla de vidrio le 
donará algunos electrones a la seda. La varilla de 
vidrio se cargará positivamente y la seda quedará 
cargada negativamente, A este fenómeno se le ha 
Hamado electricidad estática. (figura 17). 


Cargas eléctricas en un material 
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Orbitas de los electrones 


tículas que tienen cargas del mismo tipo se repelen, 


y las que tienen carpas diferentes, sé atraen. 


Un protón (+) repele a otro protón (+). 
Un electrón (-) repele a otro electrón (-) 
Un protón (+) atrae a un electrón (-). 


Cargas atómicas 


Normalmente, un átomo contiene el mismo 
número de electrones y protones de manera que las 
cargas iguales y opuestas, es decir, las negativas y 
positivas, se equilibran entre sí y hacen que el átomo 
sea eléctricamente neutro. 


Ahora bien, según ya se explicó, lo que le da al 
átomo de un elemento sus propiedades caracterís- 
ticas,es el número de los protones que tiene en el 
núcleo; pero el número de electrones en diferentes 
tipos de átomos puede variar. 


Según se ha visto, la electricidad se produce 
cuando los electrones salen de sus átomos. 


Para entender los distintos métodos usados para 
lograrlo, se necesita saber algo más acerca de la 
naturaleza de las diferentes órbitas electrónicas que 
rodean el núcleo de un átomo. 


Los electrones giran en sus órbitas a gran 
velocidad alrededor del núcleo del átomo. Debido a 
la gran velocidad del electrón, la fuerza centrífuga 
tiende a sacar al electrón de su órbita. 


Por otra parte, la atracción positiva del núcleo 
impide que se escape el electrón. 


Sin embargo, si se aplica suficiente fuerza exter- 
na para ayudar a la fuerza centrifuga, puede lihe- 
rarse el electrón, 

19 


If you want a Sharper drop- off between 
frequencies, you can connect first-order filters 
in series. This effect is demonstrated in the 
following figure. 
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| —@ 8th order low-pass filter —e— Ist order low-pass filter 
This graph shows how V out changes as f in 
changes for the first-order low-pass filter used 


in Project 6.2, and for an eighth-order 

low-pass filter. V out for the  eighth-order filter 
drops by 80 percent at approximately 10 
kHz, whereas V out for the first-order filter 
doesn't drop by 80 percent until the 


frequency reaches approximately 50 KHz. 
Phase Shift for an RL Circuit 


34 Filter circuits that use inductors (such as 
those shown in Figure 6.51 ) produce a 
phase shift in the output signal, just as filter 
circuits containing capacitors do. You can see 
the shifts for the circuits shown in Figure 6.51 
by comparing the input and output 


Capas orbitales 


Los electrones que giran cerca del núcleo son 
difíciles de liberar debido a su proximidad a la 
fuerza positiva que los sujeta. Cuanto más lejos se 
encuentren los electrones del núcleo, más débil será 
la fuerza positiva que ejerce el núcleo, 


Como ya lo habrán notado en algunas figuras 
anteriores, mientras más electrones tiene un átomo, 
mayor será el número de sus órbitas. Estas trayecto- 
rias orbitales comúnmente se llaman capas, (figura 
18). 


Orbitas de los electrones 


Los átomos de todos los elementos conocidos 
pueden tener hasta siete capas. La capa exterior de 
un átomo no puede tener más de 8 electrones. 


Los electrones de esta capa exterior de un átomo 
reciben el nombre de electrones de valencia . 


El número de electrones en la capa de valencia 
de un átomo es muy importante en la electricidad, 
como se verá más adelante, 


Energía del electrón 


Aunque todo electrón tiene la misma carga 
negativa, no todos los electrones tienen el mismo 
nivel de energía. 


Los electrones cuya órbita está próxima al 
núcleo contienen menos energía que los que se 
encuentran en órbitas externas. Cuanto más lejanas 
estén las órbitas electrónicas del núcleo, mayor será 
su energía. 


Electrones libres 
Si se añade suficiente energía a un electrón, 


saldrá fuera de su órbita, hacia la órbita inmediata- 
mente superior, Y, si se aplica suficiente energía a 
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un electrón de valencia, el electrón se desligará de 
su átomo, ya que no existe una órbita inmediata su- 
perior, A estos electrones se les llama electrones 
libres. 


Cuándo se produce la electricidad 


La electricidad se produce cuando los electrones 
se liberan de sus átomos y quedan libres. Puesto 
que los electrones de valencia son los más alejados 
de la fuerza atractiva del núcleo y además tienen el 
nivel de energía más alto, son los que pueden libe- 
rarse más cien. 


A este tipo de electricidad se le llama electricidad 
estable o electricidad estática. 


La electricidad estática se manifiesta por ejemplo, 
en la carga que toman las nubes con su movimiento 
y que se descarga por medio de los rayos. 


Materiales conductores 


De acuerdo a su comportamiento con la 
electricidad los materiales se clasifican en conduc- 
tores, aislantes o no conductores y semiconduc- 
tores. 


Los materiales que tienen muchos electrones 
libres se llaman conductores. 


La mayor parte de los metales son buenos 
conductores; los más conocidos son: el cobre, la 
plata, el aluminio y el oro. 


Comparación de los conductores 


Algunos metales son mejores conductores que 
otros y aunque los átomos de cobre, plata y oro 
tienen, cada uno, un solo electrón de valencia que 
puede liberarse fácilmente, la plata es el mejor 
conductor. 


Le sigue el cobre y luego el oro. Esto se debe al 
hecho de que en una misma cantidad de material, la 
plata tiene más atomos que los demás metales y por 
consiguiente, se dispone de un mayor número de 
electrones libres, 


Sin-embargo, como el cobre es más barato que 
la plata,es el que más se utiliza en todo tipo de apli- 
caciones eléctricas. 


Aislantes 


Los aislantes o aisladores son materiales que no 
dejan que sus electrones se liberen fácilmente. Los 
átomos de los aisladores tienen capas de valencia 
que están llenas con 8 electrones o, bien llenas, o 
más de la mitad. 


Cualquier energía que se aplique a uno de estos 
átomos, se distribuirá entre un número de electrones 
relativamente grande. 


Además, estos átomos se resisten a despren- 
derse de sus electrones, debido a un fenomeno que 
se conoce como estabilidad quimica. 


Un átomo es completamente estable cuando su 
capa exterior está completamente saturada,o cuando 
tiene § electrones de valencia. 


Así pues, no solamente es difícil liberar a sus 
electrones, sino que los átomos de los aisladores 
también se opondrán a la producción de electricidad, 
debido a su tendencia a atrapar a todos los electro- 
nes que puedan ser liberados. 


Los átomos con siete electrones de valencia, son 
los que tratan más activamente de llenar la capa de 
valencia y constituyen excelentes aisladores eléc- 
Ticos. 


Compuestos aislantes 


Debido a la tendencia hacia la estabilidad que 
tienen los átomos, los materiales son mejores aislan- 
tes cuando se combinan. 


Asi los mejores aisladores son compuestos, 
come el vidrio, el caucho, el plástico, la mica, la 
biguelita y OTFOS. 


Sin embargo, cabe anotar que no existe un 
aislador perfecto, simplemente es muy dificil liberar 
electrones de tales materiales, y en unos la dificultad 
es mayor que en olros, convirtiéndose en mejores 
aislantes. 


Los aislantes se utilizan para recubrir los 
conductores de cobre,con el fin de que no se tenga 
cuntacto directo con la corriente eléctrica en el caso 
de altos voltajes. 


Estos matenales se utilizan con mucha 
frecuencia para fabricar una gran cantidad de com- 
ponentes electrónicos, como suiches, bornes de 
conexión, perillas para aparatos electrónicos, ys 
como soportes para las resistencias, los conden- 
sadores, las bobinas, los transistores, etc. 


En la figura 19 podemos observar la estructura 
atómica de un conductor y de un aislante. 


Los semiconductores 


Puesto que los conductores tienen sus capas de 
valencia llenas hasta la mitad, y los aisladores tienen 
las suyas llenas a más de la mitad, las sustancias 
que tienen átomos con cuatro electrones de valencia 


Conductores y aislantes 


Atomo de Cobre 


Conductor 


Atomo de Bromo 


Aislante 


reciben el nombre de semiconductores. Estos 
conducen mejor que los aislantes, pero no tan bien 
como los conductores. 


Algunos ejemplos son: el germanio, el silicio y 
el selenio. 


Los semiconductores son de mucha importancia 
en la electrónica, ya que con ellos se fabrican los 
diodos, los transistores y los circuitos integrados, 
que son los componentes que han revolucionado 
toda la práctica de la electrónica, debido a su peque- 
ño tamaño, bajo costo y gran confiabilidad, 


Estaremos estudiando los semiconductores, los 
componentes fabricados con ellos y sus aplicacio- 
nes en los circuitos de radio, en próximas lecciones. 
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Lección 2 _ 


La corriente eléctrica, los 
circuitos y la Ley de Ohm 


La corriente eléctrica 


En la lección anterior nos referimos a los 
materiales conductores, como aquellos que tenían 
muchos electrones libre que tenian una forma de 
electricidad llamada electricidad estática. Este tipo 
de electricidad no tiene aplicación real ni práctica, ya 
que su energía es muy baja. 


Tomando como principio la ley básica de las 
cargas eléctricas, podemos imaginarnos que, si se 
aplica alguna fuerza similar de tipo eléctrico, las 
cargas negativas o sea los electrones, se pueden 
hacer mover y crear asfuna corriente o flujo de elec- 
trones, con una energía muy poderosa. 


51 utilizamos como fuerza o fuente de energía 
una pila, que tiene un terminal positivo y un 
terminal negativo, y la aplicamos a un conductor en 
sus extremos, se producirá un fuerte movimiento de 
electrones libres dentro del conductor, creando lo 
que se ha llamado la corriente eléctrica. 


Esta corriente se produce debido a que los elec- 
trones, que tienen carga negativa, buscan el 
terminal positive de la pila, generando un movimien- 
to de cargas eléctricas. Para entender mejor esto, 
estableceremos una analogía entre un sistema eléctri- 
co y un sistema hidráulico como el que se muestra 
en la (figura 20). 


E A 


Para que el agua pueda fluír por la tubería, se 
requiere que haya una fuerza aplicada por una 
bomba. En un circuito eléctrico,para que la corriente 
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pueda fluir por los conductores, se requiere un vol- 
taje o tensión que empuje los electrones; la acción 
del voltaje sobre el circuito eléctrico es similar a la 
acción de la bomba en el circuito hidráulico. 


La unidad de medida de la corriente eléctrica es 
el amperio. Este nombre se ha dado en honor del 
físico y matemático francés André Marie Ampere, 
quién vivió entre 1775 y 1836 , Sus experimentos 
sobre la corriente eléctrica y el magnetismo, fueron 
uno de los primeros trabajos que se hicieron al 
respecto, y que ayudaron a conocer la verdadera 
naturaleza de estos importantes fenómenos. 


Cuando decimos que por un conductor circula 
una comente de un amperio, significa que por 
dicho conductor pasan 6.300.000.000.000.000.- 
000 de electrones libres durante un segundo. 


Esta forma de medir la corriente es comparable a 
la medida de "litros por segundo, que se utiliza para 
medir la cantidad de agua que circula por una tu- 
beria en ese periodo de tiempo. La corriente eléc- 
trica se representa en los diagramas con la letra 1, ya 
que también recibe el nombre de Intensidad de 
Corriente. 


El voltaje 


Se habla de terminal positivo de una pila porque 
tiene un valor mayor de carga que el terminal 
negativo. Esta diferencia de cargas se ha llamado 
fuerza electromotriz, tensión, diferencia de poten- 
cial o voltaje, que es el término más común utiliza- 
do actualmente. La unidad de medida del voltaje es 
el Voltio. Esta unidad se ha llamado así en honor al 
científico italiano Alessandro Volta,quién inventó la 
primera pila eléctrica. Existen diferentes formas de 
producir o generar un voltaje; mencionaremos aquí 
as más utilizadas: 


a) Por un proceso químico, introduciendo dos 
electrodos de metales diferentes en una solución qui- 
mica. Este es el caso de los diferentes tipos de pilas 
que existen en el mercado, 


b) Mecánicamente, utilizando el proceso de induc- 
ción magnética por medio de los generadores o plan- 
tas eléctricas. 


c) El método de la fricción, para producir elec- 
tncidad estática, haciendo frotar un material como la 
ebonita contra un paño de lana. 


d) Por medio del efecto piezoeléctrico, utilizando la 
propiedad que tienen algunos cristales comoel cuar- 
zo, que producen un voltaje cuando se someten a 
una presión mecánica. 


e) Mediante el fenómeno fotovoltaico, caso de las 
pilas solares, en donde se produce un voltaje cuan- 
do le llega luz a un material especial como el sele- 
nio. 


Los métodos más utilizados en la práctica para 
a un voltaje utilizable,son los dos primeros y 
os estaremos estudiando próximamente, cuando 
tratemos el tema de la corriente continua y de la co- 
mente alterna. 


Además de la corriente y el voltaje, encontramos 
en los sistemas eléctricos un fenómeno llamado 
resistencia. 


La resistencia 


La resistencia es cierta dificultad que encuentran 
los electrones para circular libremente por los 
conductores. (figura 21), Esta dificultad está relacio- 
nada con el diámetro de los conductores, la longitud 
y el material del cual están conformados, como ya 
habíamos visto al estudiar la estructura atómica de 
los conductores. 


Resistencia 


Podemos comparar este fenómeno con un 
grupo de vehiculos que fluyen por una carretera. 


Si la carretera es muy angosta, los vehículos 


encuentran mucha dificultad en fluir por ella, lo mis- 
mo si tene muchas curvas o si se encuentra en muy 


mal estado. Una carretera en esas condiciones 
ofrece resistencia al flujo de vehículos. 


En un circuito hidráulico, el agua encuentra 
cierta dificultad para fluir libremente por los tubos, 
especialmente por su diámetro y curvas, los que 
ofrecen resistencia u Oposición a su paso, 


Por lọ tanto, resistencia es en términos 
eléctricos, la oposición que un cuerpo presenta al 
paso de la comiente. 


Así como la corriente se expresa en amperios y 
la fuerza electromotriz en voltios, la resistencia 
también tiene su unidad de medida y se ha 
denominado el Ohmio, que se expresa general- 
mente con la letra £2 ( Omega ) del alfabeto griego. 


El nombre de esta unidad se ha dado en honor al 
gran físico George Simón Ohm, quien descubrió 
una ley muy importante y básica que relaciona la 
corriente, el voltaje y la resistencia, conocida como 
la Ley de Ohm,a la cual dedicaremos un estudio 
completo un poco más adelante. 


El circuito eléctrico 


Un circuito está formado por uno o más 
caminos cerrados o completos, por donde puede 
circular un flujo de electrones o corriente eléctrica 
para realizar un trabajo. Sin un circuito no puede 
haber cornente eléctrica, ya que no tendría por 
dónde circular. | 


El circuitoeléctrico está fomado básicamente por 
una fuente de energía o voltaje, por los conductores 
que la transportan y por una carga que utiliza esa 
energía, transformándola en otras formas de energía, 
como mecánica, en el caso de un motor, energía 
calorífica en el caso de una resistencia, o energía 
luminosa en el caso de un bombillo. 


_ La figura 22 muestra la apariencia física y el 
diagrama de un circuito eléctrico elemental confor- 
mado por una pila, un bombillo pequeño y los 
conductores o alambres. 


La pila es la fuente de energía, los conductores, 
llevan la corriente y el bombillo es la carga. 


Si se interrumpe cualquiera de los conductores 
se suspende la circulación de la corriente por el 
circuito. 

Debemos tener en cuenta que en todos los 
circuitos eléctricos y electrónicos, sin importar su 
complejidad, tienen tres factores asociados a ellos, 
Estos son: Corriente, Voltaje y Resistencia. 
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La comente o electricidad es la cantidad de 
electrones que fluyen a través de los conductores; 
el voltaje es la fuerza que hace que fluya esta 
corriente; y la resistencia se opone al paso de la 
comente. 


De lo anterior se deduce que en un circuito 
sometido a una tensión o voltaje constante,se puede 
lograr que fluyan distintos valores de corriente, 
modificando en cada caso el valor de la resistencia 
de la carga. 


Si la resistencia es alta, la oposición es mayor y 
por tanto fluye menos corriente, y ante una resis- 
tencia baja, la corriente es alta. 


El circuito que se describió anteriormente es el 
más elemental de todos. Existen circuitos muchi- 
simo más complejos, con una enorme variedad de 
elementos que crean numerosos caminos para el 
flujo de la corriente. 


Estos circuitos se forman con los componentes 
enumerados en la lección anterior, como son:las 
resistencias, los condensadores, las bobinas, los 
diodos, los transistores y otros, en diferentes 
configuraciones o conexiones, como son los circui- 
tos en serie, en paralelo y mixtos,o sea en serie- 
paralelo. 


Á su vez todos los aparatos electrónicos como 
un radio, un televisor, un equipo de sonido, un 
computador, un satélite, etc., están constituidos por 
varios circuitos con diferentes formas y funciones. 


24 


Un circuito eléctrico por muy complejo que sea, 
siempre estará basado en otros circuitos más senci- 
llos. 


La ley de Ohm 


Hasta ahora se ha hecho mención a los tres 
elementos básicos en todo circuito eléctrico: Volta- 
je, Corriente y Resistencia, pero no hemos visto 
cómo se relacionan entre sí. 


En los circuitos eléctricos es muy fácil modificar 
el valor de los elementos básicos,como la corriente 
que circula por él. Esto lo podemos lograr vanando 
el voltaje o la resistencia del circuito. 


Si hacemos por ejemplo que el voltaje aumente, 
ya sea agregando una pila más, obtendremos una 


mayor cormiente circulante. Por otra parte, si 
dejamos el voltaje constante, pero de algún modo 
aumentamos la resistencia del circuito, notaremos 
que la corriente disminuye. (figura 23) 


De lo anterior se concluye que existe una 
relación muy estrecha entre el voltaje y la comente. 
Esta relación la establece la resistencia del circuito. 


De lo anterior nació la ley fundamental que nge 
los circuitos eléctricos, llamada la La ley de Ohm, 
descubierta y enunciada por el físico alemán George 
Simon Ohm, quien relacionó en una sencilla fdr- 
mula matemática a los tres elementos fundamen- 
tales en todo circuito eléctrico. 


La ley de Ohm permite encontrar uno de los tres 
factores que no se conoce si tenemos el valor de los 
otros dos.Así, si en un circuito conocemos el 
voltaje dado en voltios y la resistencia en ohmios, 
podemos hallar la comente en amperios. 


La Ley de Ohm dice: 


En todo el circuito electrónico, la corriente que 
circula por él,es directamenente proporcional al 
voltaje aplicado, e inversamente proporcional a 

la resistencia propia del circuito. 


Su expresión matemática es la siguiente: 


En donde: 
Y: Voltaje o tensión expresado en Voltios 


I: Corriente expresada en Amperios 
R: Resistencia expresada en Ohmios (42). 


En otras palabras: 


De esta fórmula general podemos obtener las 
fórmulas para calcular los otros dos valores, el de 
corriente y resistencia, cuando se conocen los otros 
dos factores en cada caso. 


Para recordar fácilmente esta expresión 
podemos acomodarla en forma de círculo,en donde 
al tapar con un dedo el factor que se quiere 
averiguar, basta con visualizar las letras que quedan 
libres. (figura 24), 


La ley de Ohm es muy importante, ya que nos 
permite calcular la corriente que circula por una 
parte o por todo el circuito, dependiendo del o de los 
voltajes aplicados en parte. 


Utilización de la ley de Ohm 


Una de las principales aplicaciones para la ley de 
Ohm es determinar cuánta corriente circula por los 
conductores de un circuito,con el fin de utilizar el 
diámetro correcto para este conductor, 


Si no se hace ésto, y se utiliza un conductor o 
cable más delgado, éste introduce una resistencia 
adicional al circuito y la corriente disminuye gene- 
rando pérdidas de energía, 


Recordando la ley de Ohm — 
EN, 


La ley de Ohm nos permite calcular con facilidad 
en un circuito el voltaje, la corriente y la resistencia, 
usando las respectvas fónnulas así: 


Tomaremos como primer ejemplo el circuito 
sencillo de la figura 22. Si tenemos conectada una 
pila de 9 voltios y el bombillo tiene una resistencia 
en su filamento de 30 Ohmios, podemos averiguar 
cuánta corriente en amperios circula por el circuito. 
Utilizando la ley de Ohm tenemos : 


9 Voltios 


i = 0.3 Amperios 


Por lo tanto, la corriente que circula por el circuito 
es de 300 millamperlos 


Observando el ejemplo anterior vemos que se ha 
utilizado la palabra miliamperios. 


Esto se debe a que en los circuitos y sobre todo 
en electrónica, se tienen corrientes muy pequeñas 
que son mucho menores que la unidad del 
Amperio, Estas unidades se llaman submúltiplos y 
las más empleadas son los miliamperos y los micro- 
amperios. Un miliamperio es la milésima parte de 
un amperio, y un microamperio es la millonésima 
parte 
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de un amperio. Por lo tanto,en algunas operaciones 
con la ley de Ohm podemos obtener estos valores. 


El mismo caso anterior ocurre con los voltios,y, 
en muchos circuitos electrónicos tenemos voltajes 
de milivoltios y microvoltios, 


Como otro ejemplo: mediante la fórmula 
R=W/L, podemos conocer la resistencia de un circul- 
to, conocida la corriente y el voltaje. 


En este caso tenemos que cuando se acciona el 
pito de un carro,un amperímetro marca 10 amperios 
y la pie eg a alimenta al pito entrega un voltaje de 
12 voltios#Cual será entonces la resistencia interna 
de la bobina del pito ? 


12 Voltios 


E e 
10 Amperios 


R æ 1.2 Ohmios 


Debido a que esta resistencia es muy baja, la 
corriente que consume el pito es Alta, si se deja 
accionado en forma permanente,se puede descargar 
rápidamente la batería. 


En otro ejemplo: podemos hallar también el 


voltaje con que se está alimentando un radio portátil, 


si conocemos que su consumo de corriente es de 
200 miliamperios 6 0.2 Amperios y que la resis- 
tencia interna es de 45 Ohmios. 


V=lx BH 


V =0.2 Amperlos x 4512 


V= 9 Voltios 


Potencia eloctrica 


La potencia es el factor que resume el trabajo 
total que realiza un circuito; por ejemplo, producir 
luz, irradiar calor, emitir sonidos, producir movi- 
muentos, etc. 
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La potencia o trabajo en un circuito eléctrico, 
resulta de la acción de una corriente eléctrica ante la 
presencia de una fuerza electromotriz o voltaje. Una 
batería sola no realiza ningún trabajo, se requiere 

ue tenga conectada una carga para que haya flujo 
de corriente, La potencia eléctrica se mide en Vatios 


De esta manera se obtiene la energía total que 
consume o que transforma un aparato. En términos 
de energía sabemos que ésta no se produce, ni se 
crea ni se destruye, solamente se transforma. En 
cualquier circuito eléctrico o electrónico,por sencillo 
o complejo que sea, lo que se realiza es una 
transformación de un tipo de energía en otro, 


Así se menciona,por ejemplo,que un bombillo es 
de 100 vatios. Lo que se está diciendo es que toma 
esa energía de una fuente de electricidad y la 
transforma, parte en energía luminosa y parte en 
energía calorifica. 


Un motor por ejemplo, toma energía eléctrica y 
la transforma en energía mecánica o movimento. 


En un circuito de un radio, éste toma energía de 
unas pilas o de un tomacorriente y la transforma en 
energía sonora,captando las ondas de radio y toman- 
do la información de los sonidos que ellas traen. 


Para determinar el valor de la potencia en un 
circuito se multiplica la corriente que circula por el 
voltaje aplicado a ese circuito, ast : 


Donde: 
P = Potencia en vatios 
V = Voltaje en voltios 
1 = Corriente en amperios 


Con frecuencia se utilizan múltiplos y submúl- 
tiplos para expresar la potencia, 


Por ejemplo: el MILIVATIO que equivale a una 
milésima parte de un Vatio (1/1000); o el KILOVA- 
TIO que equivale a mil vatios (1000 Vatios). A 
menudo se utiliza la letra W para indicar los Vatios, 


Veamos un ejemplo que nos ayude a entender 
mejor: Calculemos la potencia de un bombillo de un 
automóvil que requiere 5 amperios y se alimenta 
con un voltaje de 12 voltios. | 


P=VWxl 


P= 12 voltlos x 5 amperios 


P =60 Vailos 


Lo anterior quiere decir que el reflector disipa 60 
vatios de potencia. 

Existe otra forma de calcular la potencia, 
partiendo del volta taje y la resistencia,o de la corriente 

la resistencia, Esto se logra reemplazando cada 


actor por su equivalente,tomado de la ley de Ohm; 
así tenemos: 


P=V yl 
De la ley de Ohm tenemos: 
V 


[= —— 


VelxA e 
Reemplazando: 
1) PslxAxl = fx R 


Potencia en función de la 
corriente y la resistencia 


y2 
R 


Potencia en función del 
voltaje y la resistencia 


Con lo anterior podemos averiguar el trabajo rea- 
lizado por un circuito,conocien lo su resistencia y 
la corriente o el voltaje, Ejemplo: 


Un equipo de sonido o amplificador de audio 
entrega en su salida una señal que tiene una tensión 
o voltaje de 20 Voltios. 


¿ Cuánta potencia entregará en sonido a un parlante 
de 8 £1 conectado en su salida ? 


La potencia que entrega el parlante es de 50 W 
{vatos}. 


Otros ejemplos 


aCuánta potencia se disipa en una resistencia de 
15 Ohmios Por la que está circulando una corriente 
de | amperio? 


Como conocemos la corriente y la resistencia 
aplicamos la fórmula : 


P=PxR 
Reemplazando los valores tenemos : 
P=(1x1)x.15 = 15 Vatios 


Esta potencia que se disipa o gasta en la resisten- 
cia se convierte en calor. 


También podemos hallar el valor de la resisten- 
cia, la corriente y el voltaje conociendo la potencia y 
otro factor. 


b)Cudl es la resistencia de un bombillo de 100 
vatios que está conectado a 110 Voltios ? 
Sabemos que P = VY/R de donde R = V?/P 
Reemplazando tenemos : 

R= (110)? / 100 = (12.100) / 100 = 121 Q 


El bombillo convierte los 100 vatios que recibe 
de energía eléctrica, en energía calorífica una parte, 
y la otra en energía luminosa. 


Formas de la corriente eléctrica 


La corriente eléctrica en un circuito circula de 

muchas maneras, dependiendo del tipo de corriente 

ue suministre la fuente que alimenta a un circuito 
“terminado, 


Hay corrientes que se mantienen constantes, 
otras están fluctuando o variando en el transcurso 
del tiempo, otras invierten su sentido de circulación 
cada tiempodeterminadgcambiandoperiodicamente 
su polaridad, otras comentes suben y caen brus- 
camente. Todo lo anterior de diferentes formas y 
magnitudes. 


Las formas más conocidas de corriente son: 
Corriente continua (CC) o Corriente directa (CD) 
Corriente pulsante 


Corriente alterna (CA) 


Lección 3 


Corriente continua 


Cuando tenemos una fuente que suministra una 
corriente constante que siempre fluye en un solo 
sentido, es decir el polo positivo siempre sera 
positivo y el polo negativo siempre será negativo, 
estamos ante la presencia de una Corriente Continua 
(CC). Las pilas y las baterías suministran cornente 
continua. 


Cuando los electrones libres se mueven en una 
dirección, ellos sólo viajan una distancia muy corta. 
O sea, cada electrón se mueve una fracción de 
distancia muy pequeña, pero el efecto total es como 
si un electrón se moviera a través de todo el 
conductor. Esto trabaja más o menos así, corno se 
muestra en la figura 25. 


Bolas de ping-pong 


Cada una se mueve auna corta distancia E 


Fig. 255 


Suponga que hay un tubo lieno de pelotas de 
ping-pong. Si usted mete otra pelota -A-,una sale 
por el otro extremo -B-. En el interior del tubo cada 
pelota sólo se mueve una corta distancia, pero el 
efecto se siente en todo el tubo. 


Esto es lo que pasa en un circuito eléctrico. Las 
bolas de ping-pong son los electrones, cada cual 
empujando a otro, aunque cada electrón se mueve 
sólo a una corta distancia. (figura 26). 


En el circuito que se muestra en la figura 27 (y en 
todos los circuitos eléctricos) cuando se cierra un 
suiche, los electrones se mueven en la dirección 
indicada. Esto pasa en todo el circuito al mismo 
tiempo. 

Por cada electrón que sale del terminal negativo 


de la pila, llega uno inmediatamente al terminal 
positivo de la misma. 


La corriente es, para términos prácticos, instán- 
fanea en todo el circuito. 
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Actividad práctica N*2 


En esta segunda actividad vamos a instalar en el 
tablero del radio AM las puntillas de cobre o sopor- 
tes que servirán para sostener y soldar los diferen- 
tes componentes del radio. 


Materiales y herramientas necesarios 


150 Puntillas de cobre calibre 18 x 5/8 ". Estas 
deben ser de cobre para facilitar la soldadura 
sobre ellas, 


1 — Martillo 
Paso 1 


Tome las puntillas y el martillo, Clave las 
puntillas en cada punto marcado con un círculo 
sombreado en el diagrama esquemático, figura A3. 


Haga este trabajo cuidadosamente. Las puntillas 
deben estar en ángulo recto con la superficie de la 
tabla y deben entrar por lo menos siete (7 ) milime- 
tros en la tabla para que queden bien sostenidas. Si 
no es suficientemente gruésa la tabla, las puntillas 
saldrán al otro lado o no se sostendrán firmemente. 


Fig. AS MH 


a ie ANA PT RRR AA 


Movimiento de los electrones 


Necesidad de corriente continua 

La corriente continua pes ig que fluye en una 
sola dirección y que no cambia con el tiempo; a la 
comente continua también se le llama cornente 
directa y se representa con las siglas CC y CD. 


En la figura 28 tenemos la representación gráfica 
de dos tipos de corriente continua. 


Corriente continua 


Corriente 


Tiempo 
a) Corriente continua estable 


9 Tiempo 


b) Corriente continua variable 


En la forma de onda a, la corriente es positiva y 
sempre bene el mismo valor, 


En la forma de onda b, la corriente sigue siendo 
ira pero cambia de valor con el tempo sin 
llegar a ser negativa, 


La necesidad de tener corriente continua es muy 
amplia. Si usted mira alrededor y piensa en la gran 
variedad de aparatos electrónicos que se utilizan 
actualmente en los hogares, en las oficinas y en la 
industria, quizás no se imagina que todos trabajan 
internamente con corriente continua. 


Por lo tanto, todos los equipos electrónicos 
necesitan alimentación de corriente continua (CC). 


Métodos de producción de CC 
Hay dos métodos de producción o suministros 


principales de corriente continua: las pilas y las fuen- 
tes de poder. 


Fuentes de poder 


Las fuentes de poder o convertidores son 
aparatos electrónicos que convierten la comente 

terna (CA) de 110 o 220 voltios, que se encuentra 
en los tomacorrientes en corriente continua (CC), 
con voltajes que van desde 1 hasta cientos o miles 
de voltos. (figura 29). 


Fuente de poder 


ay 


Entrada 


Si no se necesita que un aparato sea portátil y 
liviano, se usan las fuentes de poder, ya sean inter- 
nas externas. La gran mayoría de los aparatos elec- 
trónicos tienen una fuente de poder interna. (figura 
30). 


Estaremos estudiando el tema de las fuentes de 
poder tanto internas como externas, cuando conozca- 
mos los componentes que se utilizan en ellas. como 
son los transformadores, los condensadores, los 
semiconductores y otros. 
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waveforms shown below the circuit diagrams. 
Figure 6.51 


Vin Vout = 


Question 
In which circuit does the output voltage lead 
the input voltage? 
Answer 
In graph (1), the output voltage lags the 
input voltage, and in graph (2), the output 
voltage leads. 

35 Figure 6.52 shows a vector diagram for 
both the circuits shown in Figure 6.51 . The 


current through the inductor lags the voltage 
across the inductor by 90 degrees. 
Figure 6.52 


Fuente a 


e poder inte rna 


Otros circuitos 


Fuente poderl| 
| interna | | 


Aparatoalectrónico Fig Si ; 


AA 
TI Ma a" ataia momon a, a a PEE 


Pilas y Baterias 


Los primeros experimentos y desarrollos de la 
radio y la electrónica se hicieron con corriente 
continua utilizando las primeras pilas y baterías que 
se inventaron. 


La invención de la pila se le debe a Alessandro 
Volta, físico italiano que vivió entre 1745 y 1827. 
Su invento lo anunció en el año de 1800 ante la 
Royal Society de Inglaterra. 


Volta se basó en el principio descubierto por 
Galvani, otro científico italiano quien experimentó 
con tejidos animales, observando que al ponerlos en 
contacto con dos metales diferentes se contralan. 


Inicialmente se pensó que existía la electricidad 
animal,pero Volta refutó esa teoría y afirmó que la 
electricidad generada se podía obtener con otros 
métodos, colocando alguna sustancia húmeda entre 
dos metales diferentes, 


Así siguió experimentando, hasta llegar a oblener 
una pila fabricada con láminas de plata y zinc,sumer- 
gidas en un líquido o solución salina. Volta unió va- 
rias pilas logrando voltajes mayores y así fue perfec- 
cionande su invento hasta lograr pilas y baterías 
muy funcionales. 


Utilizando una pila volraica , como se le llamó en 
honor a su inventor, se logró descomponer el agua 
en sus dos elementos, el hidrógeno y el oxigeno, 
por medio de un proceso llamado electrólisis. 


Durante muchos años las pilas fueron el principal 
método de producción a corriente eléctrica 
continua, hasta que se utilizó el fenómeno de la 
inducción magnética para fabricar los primeros 
generadores, tanto de corriente continua como de 
corriente alterna. 


Luego, en la época de los tubos de radio o valvu- 
las electrónicas, se utilizó principalmente la corrien- 
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te alterna, que se convertía luego en corriente con- 
tinua, debido al alto consumo de potencia de estos 
aparatos. 


Un radio, un amplificador de sonido o un tele- 
visor de tubos,consumia fácilmente de 100 a 300 0 
más vatios de corriente eléctrica y por lo tanto era 


muy difícil alimentarlos con baterías 


La tendencia en la fabricación de los aparatos 
electrónicos modernos es hacia la máxima reduc- 
ción de tamaño y al mínimo consumo de corriente. 
Esto ha hecho desarrollar rápidamente la tecnología 
de las pilas y las baterías,produciéndose actualmen- 
te una gran variedad de ellas en todos los tipos, 
formas, tamaños y voltajes. 


La mayoría de los aparatos y circuitos modernos 
se pueden alimentar con voltajes muy bajos, no 
mayores a 5 voltios y su consumo de corriente es 
mínimo, del orden de pocos miliamperios y aún mi- 
croamperios y por lo tanto, permiten el uso de pilas 
y baterias. 


He aquí algunas ventajas de las pilas y baterías: 
poco peso, larga duración, fácil instalación y 
reemplazo y alta eficiencia. 


Estas ventajas y otras no enumeradas han hecho 
muy popular el uso de pilas y baterías en los 
equipos electrónicos actuales. Asi vemos, por ejem- 
plo, una gran variedad de calculadoras, relojes, 
radios, equipos de sonido portátiles tipoWalkman, 
televisores, mupe de comunicaciones y computa- 
dores personales alimentados con baterias. 


Aunque su uso esté creciendo rápidamente, son 
una fuente de energía costosa, comparándola con la 
energía que tenemos en los tomacorrientes comu- 
nes. Sin embargo el desarrollo de baterías de gran 
duración y recargables hace que su costo se haga 
cada vez mas bajo. 


La celda basica 


La celda básica, llamada comúnmente pila, es el 
elemento principal de producción de voltaje de 
comente continua. 


La pila o celda básica almacena energía en forma 
química. 


Cuando se libera esa energía al establecerse un 
circuito cerrado, se convierte en energía eléctrica 
para nuestro uso. Varias pilas o celdas se pueden 
unir y forman una batería. 


Por lo tanto, aungue se hace con mucha 
frecuencia, no debemos confundir estos dos tér- 


minos; pila es una celda básica y batería es un con- 
junto de celdas unidas internamente y empacadas en 
un solo envase. 


Una pila básica está formada por dos placas de 
metales diferentes, sumergidas en una solución 
química o electrólito, (figura 31), 


Celda o pila básica 


Debido a la acción química, los electrones en 
exceso se acumulan en el terminal negativo, mien- 
tras que en el terminal positivo hacen falta electro- 


De esta manera se crea una diferencia de cargas o 
voltaje. Este voltaje es el que utilizamos para 
producir la corriente que alimenta los circuitos elec- 
rónicos. 


En la figura 32 se muestra el símbolo utilizado 
para las pilas en los diagramas de los aparatos 
eléctricos y electrónicos. La línea más grande indica 
el polo positivo y la línea más corta es el polo nega- 
uyo. 


Podemos fabricar algunos tipos de celdas básicas 
con elementos caseros comunes, con el fin de 
comprobar la teoría y el proceso de producción de 
voltaje por medio de métodos químicos. 


Uno de estos métodos es la pila de limón. 
Podemos fabricarla con un limón que suministra el 


ácido y dos objetos de metal diferentes, una puntilla 
de hierro y un alambre grueso de cobre. (figura 
33). Esta pila puede suministrar hasta 1 voltio,que 
se puede medir con un voltimetro digital sensible. 


Pila de limón 


ALAMBRE GRUESO 
DE COBRE 


PUNTILLA DE 


Principales tipos de pilás 


Las pilas se dividen en dos grandes grupos: las 
pilas y baterías primarias y las pilas y baterías secun- 


Las pilas primarias no se pueden recargar y se 
utilizan en forma de descarga simple, y las secun- 
darias se pueden recargar,o sea que se utilizan en 
or de descargas sucesivas o de reciclaje repe- 


Los principales tipos de celdas primarias son los 
de zinc carbón, las alcalinas, las de litio, las de 
mercurio, las de magnesio, las de plata zinc y las de 
estado sólido o pilas solares. 


Los principales tipos de pilas y baterías secun- 
darias son las de plomo ácido y las de níquel cad- 
uo, 


La pila de zinc - carbón o pila seca 


La pila de zinc-carbón está formada por una placa 
negativa de zinc, una placa positiva de carbón y un 
compuesto químico o electrólito de sal de amoníaco 
y cloruro de zinc. Estos elementos se distribuyen en 
+ empaque cilíndrico como se muestra en la figura 


Se llama también pila seca debido a que el elec- 
trólito es seco y está impregnado en un medio 
absorbente, y por lo tanto no hay líquidos dentro de 
ellas. Este tipo de pila es el que se fabrica y distri- 
buye.en mayor cantidad en el mundo y por su bajo 
costo y abundancia es el de mayor utilización. 
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Pila seca 
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Las características básicas de una pila de zinc- 
carbón son: . 


- Tiene larga duración. 

- Produce 1.5 voltios. 

- Esla pila más usada. 

- Viene en tamaños AAA, AA, C y D. 

- Es una celda primana. | 

- Mientras más grande la pila, produce más 
corriente en un período de tiempo. 


La pilas de zinc-carbón se encuentran en 
juguetes, radios, equipos portátiles que requieren 
una corriente moderada, etc. Hay que recordar que 
por ser de tipo primario no se pueden recargar. 


La pila alcalina 


La pila alcalina es similar a la de zinc-carbón y 
puede ser intercambiada en la mayoría de los casos. 
Esta pila también es conocida como de zinc-bióxido 
de manganeso. 


La principal ventaja de la pila alcalina es que 
produce mayor corriente en tiempo largo. Aunque 
es más costosa que la de zinc-carbón, su duración 
compensa este valor. 


Además, algunos tipos de pilas alcalinas son re- 
cargables. 


Las pilas alcalinas son ideales para alimentar lám- 
paras de destello en fotografía, juguetes con moto- 
res, linternas y otros equipos que requieren una 
corriente más o menos alta. 


La pila de mercurio 


La pila de mercurio está formada por los 
siguientes elementos: una placa negativa de óxido 
de mercurio, una placa positiva de zinc y un ácido 
o electrólito de hidróxido de potasio. 


Las características básicas de una pila de mer- 
curio Son: 
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- Entrega aproximadamente de 1.33 a 1.4 voluos 
con una rata de descarga muy constante. 

- Es muy pequeña, algunas son tan delgadas como 
una aspirina. 

- Tiene alta eficiencia, 

- Son primarias, 0 sea, no se recargan. 


La pila de niquel - cadmio 


Las pilas de niquel-cadmio se encuentran en 
tamaños comunes y en formas especiales. 51 es una 
sola celda, produce 1.25 voltios. 


Generalmente, se encuentran agrupadas en serie 
formando baterías recargables de diferentes volta- 
jes.5u principal ventaja consiste en que se pueden 
recargar hasta 1.000 veces en muchos casos, 


Como este es el tipo de pila o batería más utili- 
zada en los equipos portátiles de radiocomunica- 
ciones, entregaremos toda la información necesaria 

ara la construcción de un cargador de este tipo de 
aterías en la sección de Banda Ciudadana y Radioa- 
fición. 


Una pila de níquel-cadmio está formada por una 
placa negativa de cadmio metálico, una placa posi- 
tiva de hidróxido de níquel y un ácido o electrólito 
de hidróxido de potasio. 


Las pilas o baterías de niquel-cadmio se usan 
cuando se necesitan recargas y una larga vida, espe- 
cialmente en equipos portátiles de radiocomunica- 
ción, linternas recargables y otros aparatos. 


Las pilas solares 


- Hay un aumento creciente en el uso de las pilas y 
las baterías solares. Estas son pilas que convierten 
energía luminosa en energía eléctrica directamente. 


Aunque su rendimiento es muy bajo (20%), una 
vez que se han instalado, la energía que producen 
no tiene costo. 


Hay dos tipos de celdas o pilas solares, de 
selenio y de silicio, Las dos convierten luz en 
electricidad. Cada tipo tiene un rango de voltaje y 
corriente. Es posible conectar estas celdas en sene y 
paralelo para obtener mayor corriente y voltaje. 


Características eléctricas de las pilas 


De acuerdo a los diferentes tipos de pilas 
estudiadas anteriormente,se producen en ellas carac- 
terísticas eléctricas distintas en cada una. 


Las principales características eléctricas que se. 
deben tener en cuenta en las pilas son ` voltaje en. 
vacío o tensión nominal, capacidad de suministro 


de energía, voltaje o tensión con carga y su resisten- 
cia interna. 


El voltaje o tensión nominal es aquel que está 
marcado en el empaque exterior de la pila, y depende 
de su fabricación y composición química. El voltaje 
nominal más común es de 1,5 voltios. 


La capacidad de suministro de energía se refiere, 
pnncipalmente,al tempo que puede suministrar una 
pila una determinada cantidad de corriente en ampe- 
ros, 


Esta característica se expresa en nultamperios 
hora o Amperios / hora, La duración se especifica 
para determinada carga. Si la carga que se le 
conecta es mayor, lógicamente la pila se descarga 
más rápidamente. 


El voltaje o tensión con carga y la resistencia 
interna están relacionados entre sí. Los elementos 
internos de la pila no son conductores perfectos y 
tienen cierta resistencia al paso de la corriente, lo que 
se denomina resistencia interna. Esta resistencia 
aumenta con el uso, con el tiempo de almacenaje y 
con la disminución de la temperatura ambiente en la 
cual está la pila. 


Esta resistencia interna produce una rebaja del 
voltaje que entrega la pila al circuito externo, Por lo 
tanto, cuando se conecta alguna carga, el voltaje 
real sobre esa carga es ligeramente menor que el vol- 
taje nominal. (figura 35). 


Voltaje real de una pila 
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Baterías 

Una celda química o pila básica produce un 
voltaje muy bajo y por lo tanto se deben agrupar 
para obtener voltajes mayores,que son necesarios 
para alimentar los circuitos de los aparatos elec- 
trónicos. 


Varias celdas básicas o pilas se pueden conectar 
en serie y de esta forma se obtiene una batería. 


Las baterías más comunes en el mercado son: la 
batería de 9 voltios y las baterías de plomo-ácido de 
6, 12 y 24 voltios, que se utilizan en las motos, 
automóviles y similares. (figura 36), También po- 
demos ver en la figura 36 el símbolo utilizado para 
representar una batería en un diagrama o plano elec- 
o las diferentes líneas indican que hay varias 
celdas. 


Baterías 


| 
Simbolo de bateria + j | ph 
Fig. 36 
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Baterias de plomo-acido 


Uno de los tipos de batería más utilizados como 
suministro de corriente continua son las de plomo- 
ácido, también llamadas acumuladores. 


Estas baterías son las que utilizan los automóviles 
y se pueden recargar muchas veces. 


Se fabrican con voltajes de 6, 12 y 24 voltios y 
su caracteristica más importante es la alta corriente 
que pueden suministrar, 


En electrónica se utilizan para alimentar equipos 
de sonido portátiles, radioteléfonos, sistemas de 
iluminación de emergencia, plantas telefónicas, etc. 


Conexiones de las pilas y las baterias 


Las pilas y las baterías se pueden conectar o unir 
entre si para obtener voltajes © corrientes de 
alimentación, mayores que los que pueden producir 
por sí solas. 


las conexiones que se pueden hacer se llaman 
conexión en serie, en paralelo y en serte paralelo. 
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Conexión en serie 


Pilas en paralelo 


Las pilas y las baterías se pueden conectar en 
serie,con el fin de obtener un voltaje mayor entre 
los terminales del nuevo conjunto. 


Una conexión en serie significa que el polo 
negativo de la primera pila se conecta al polo 
positivo de la siguiente, y así sucesivamente hasta 
terminar con todas las pilas del circuito. 


El voltaje de las pilas en serie se suma, obte- 
niéndose así un voltaje mayor. 


En la figura 37 podemos observar la conexión y 
los voltajes de un conjunto de cuatro pilas de 1.5 
voltios conectadas en serie, obteniendo un voltaje 
total de 6 voltios. 


características de un mayor voltaje y una mayor co- 
miente en un solo conjunto. 


Pilas en serie 


En la figura 39 podemos observar este tipo de 
conexión con un ejemplo del voltaje y la cornente 
resultantes. 


Conexión en paralelo 


Se llama conexión en paralelo cuando se unen 
todos los terminales o polos positivos de varias 
pilas o baterías a una línea común,que es el terminal 
positivo de todo el conjunto, y todos los terminales 
negativos a otra línea común que es el terminal 
negativo del conjunto. (figura 38). 


El voltaje de salida de esta conexión es igual al de 
una sola pila o batería,pero la cornente en amperios 
que puede entregar esta nueva configuración es 
igual a la suma de las corrientes de todas las pilas. 


De esta manera un conjunto de este tipo puede 
alimentar circuitos con más consumo de comente o 
proporcionar una mayor duración en el mismo Cir- 
cuito alimentado por una sola pila. 

Conexión serie - paralelo 8 pilas. de 1.5. 
cada ung 
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Se pueden combinar los dos tipos anteriores de 0 ! 
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Lección 4 


Corriente alterna (CA o AC) 


El estudio de la comente alterna, la otra forma 
de energía eléctrica, es de mucha importancia en 
este curso de radio,ya que todas las señales que se 
utilizan en los circuitos de radio y comunicaciones 
son señales de corriente alterna. 


Utilizamos el término señales para indicar una 
forma de energía eléctrica,con un voltaje y corriente 
determinados. 


Las ondas de radio que se emiten en un trans- 
misor,son producidas por señales de cornente alter- 
na que llegan a la antena. Los sonidos que se trans- 
miten por radio, son también señales de cornente 
alterna y, la energia que se utiliza para alimentar 
muchos aparatos electrónicos,es corriente alterna, 


Hemos llegado a uno de los temas más impor- 
tantes y apasionantes dentro de todo este curso, ya 
que la corriente alterna se encuentra en todas partes 
y los fenómenos que involucra son muy variados y 
especiales. 


Haremos especial énfasis en el estudio del 
comportamiento de los diferentes componentes de 
los radios,como son los condensadores, las bobinas 
y los semiconductores cuando tienen aplicada a sus 
terminales una O vanas señales de corriente alterna. 


La comente alterna, que se escribe a menudo 
abreviadamente con las letras CA o AC (Alternate 
Current), se puede considerar como una corriente 
que invierte periódicamente su polaridad, variando 
su magnitud de un valor mínimo a un valor máximo 
en rápidos intervalos de tempo. 


En la figura 40 podemos observar la representa- 
ción de una de las formas más comunes de corriénte 
alterna, la onda senoidal o sinusoidal, 


Onda senoidal 


Una fuente de corriente alterna no tiene borne 
positivo y borne negativo, ya que un borne es nega- 
tivo en un instante y se vuelve positivo en otro ins- 
tante, es decir la corriente circula en un sentido y 
luego en sentido opuesto,en un movimiento de ir y 
venir que se repite indefinidamente, 


En la corriente alterna, el flujo de electrones va 
primero en una dirección, se detiene y luego circula 
en dirección contraria. (figura 41). 


Corriente alterna _ 


Características de la corriente alterna 


Una energía o señal de corriente alterna tiene di- 
ferentes características que las hace distinguir unas 
de otras. 


Cuando hablamos de las ondas de radio, que 
son señales de corriente alterna, adelantamos algu- 
nas características de este tipo de cornente. 


Las principales características de una señal de 
corriente alterna son: 


a) La forma de onda 
b) La amplitud o voltaje 
c) La frecuencia 


Cuando existen dos señales de corriente alterna 
en un mismo circuito, se tene además otro factor 
importante que se llama relación de fase. 


La forma de onda 
La corriente alterna se produce por diferentes 


métodos. Los más utilizados son los generadores 
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electromagnéticos O plantas eléctricas y los circuitos 
osciladores electrónicos. 


Una señal de corriente alterna varía en su 
amplitud o tamaño con respecto al tiempo de varias 
maneras, dependiendo del sistema utilizado por el 
generador o la fuente de voltaje. 


Si representamos esta variación por medio de 
una figura de amplitud y tiempo se producen 
gráficas con diferentes formas geométricas, Estas 
gráficas nos indican la forma de onda con las cuales 
se identifica la señal. 


Las formas de onda más conocidas son: la 
senoidal, la triangular, la de diente de sierra, la on- 
da cuadrada y los pulsos. (figura 42). 


Formas de onda 


Pulsos 


La onda seno 


La forma más generalizada de corriente alterna 
en los circuitos de radio y comunicaciónes €s la 
onda seno o senoidal. 


Para entender mejor de dónde sale la forma de 
onda seno, debemos saber primero qué una cir- 
cunferencia se puede dividir en 360 segmentos o 
pedazos llamados grados. 


Asi un cuarto de circunferencia son 90%, media 
circunferencia son 180% y asi hasta completar el 
círculo completo con los 360°, llegando al mismo 
punto de partida O sea (02 Como su nombre lo 
indica, su valor se toma de la función trigono- 
mética seno. Para obtener la gráfica se va tomando 
el valor del ángulo de rotación de un eje en uña 
circunferencia,o sea 360°, Para cada ángulo se toma 
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el valor del seno y se va colocando en el eje A. 
Uniendo los puntos obtenemos la gráfica para un 
ciclo o vuelta completa. (figura 43). 


Formación de la onda seno 
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Esta forma de onda se deriva del método de 
producción obtenido en los generadores electro- 
magnéticos rotativos,en donde una bobina gira den- 
tro de un campo magnético obteniéndose asi mayor 
o menor voltaje, dependiendo de la posición de la 
bobina. (figura 44). 


Salida del alternador 


Lineas de luerza 


Lineas de fuerza 
| Densidad undorme ) 


Todos los valores por encima del eje horizontal 
teje Xy} son positivos y por debajo del eje A son 
negativos. Como notamos En la gráfica, la cornente 
alterna senoidal no cambia bruscamente. 


En un tiempo inicial el voltaje es cero, luego 
empieza a aumentar progresivamente hasta llegar a. 


su máximo valor positivo, a partir de este momento 
empieza a decrecer hasta llegar a cero; en este 
momento se invierte empezando a hacerse cada vez 
más negativo, alcanzando su máximo valor nega- 
tivo, subiendo nuevamente a cero, retornando a su 
valor positivo, repitiéndose indefinidamente el ci- 
clo. 


Otras formas de onda 


Otra de las formas más comunes de corriente 
alterna es la onda cuadrada en la cual los cambios 
de magnitud de la corriente son bruscos, van desde 
cero hasta su valor máximo en un período de 
tiempo muy corto, En la onda soit el semi- 
ciclo positivo es igual en duración al semiciclo 
negativo. 


Como una variación de la onda cuadrada se 
pueden tener señales llamadas pulsos,en donde la 
duración del semiciclo positivo es menor o mayor 

ue el semiciclo negativo. En la figura 45 se 
ilustran formas de onda de estos dos tpos. 


En una corriente triangular los cambios de la 
corriente son un poco menos bruscos y siguen una 
línea recta. (figura 46). 


Onda triangular 


we 


Otra forma de onda muy común en los circuitos 
de radio y comunicaciones es la onda llamada de 
diente de sierra, y que se puede presentar en dife- 
rentes formas. (figura 47). 


Onda diente de sierra 


AMAS 


Además de estas formas que llamaríamos regu- 
lares, ya que siempre conservan la misma forma, 
existen las formas de onda complejas que no siguen 
ninguna forma exacta. Este es el caso, por ejemplo, 
de las señales de audio o sonido que salen de un 
micrófono y se alimentan a los circuitos amplifica- 
dores o transmisores de radio. 


En estas formas de onda la amplitud y la frecuen- 
cia están variando continuamente. (figura 48). 


AAA 


Corriente alterna amortiguada 


Existe una forma especial de corriente alterna 
llamada onda amortiguada. 


Su polaridad se invierte de la misma forma que 
en cualquier corriente alterna, pero la diferencia 
radica en que su magnitud decrece cada vez más 
conel tiempohasta que desaparece totalmente. (figu- 
ra 49). 


Podemos pensar en esta onda como el resultado 
del movimiento de un péndulo al cual se le aplica un 
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Onda amortiguada 


Armplitud 


" Tiempo $ 


Fig. 49 | 


impulso una sola vez. El péndulo empezará a balan- 
cearse de lado a lado, cada vez con menos fuerza, 
hasta detenerse. 


Ruido 


El mido es una forma de onda irregular,que se 
presenta en todos los circuitos electrónicos por dife- 
rentes Causas. 


Los componentes electrónicos generan ruido 
internamente, las señales de radio toman ruido de 
las descargas eléctricas y de otros fenómenos atmos- 
féricos, llevándolo a los aparatos de radio. 


También,se produce una gran cantidad de ruido 
por el fenómeno de inducción magnética sobre los 
cables que llevan la corriente y las señales en los 
aparatos electrónicos. Esta inducción proviene de 
las líneas que transportan la energía eléctrica de 60 
ciclos, en las instalaciones de potencia en los 
hogares, oficinas, fábricas, etc. 


Los motores eléctricos, las lámparas fluores- 
centes, los sistemas eléctricos de los automóviles y 
otros,son responsables de que exista mucho ruido 
eléctrico en el medio ambiente. 


Este ruido es indeseable y los circuitos electró- 
nicos se deben fabricar, de tal manera,que sean lo 
menos sensibles a todo tipo de ruidos o tener 
sistemas para eliminarlo. 


Aunque este ruido es muy débil,se puede volver 
muy grande si se amplifica junto con las señales de 
un micrófono,por ejemplo, o con la señal muy débil 
de una emisora lejana de radio en onda corta, (11- 
gura 50), 


Amplitud 


La amplitud de una señal de corriente alterna es 
el tamaño o nivel que alcanza la onda en su punto o 
valor máximo con respecto al valor cero. (figura 
51). La amplitud puede ser posiliva O negativa, se- 
gún el valor de la onda en un momento dado. 


Señales y ruido 
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La amplitud de una señal de corriente alterna se 
relaciona directamente con el voltaje y existen dife- 
rentes formas de expresarla o medirla . 


Amplitud de una onda 


- Amplitud posilive 


Amplitud negaliva 


Si usted tiene una batería de 9 voltios, usted 
sabe que el voltaje de salida es de 9 voltios de CC. 
Pero si usted tiene un generador de CA que produce 
una señal de CA en forma senoidal;tcudl es el 
voltaje de salida ? 


Usted puede decir: No sé, porque el voltaje está 
constantemente cambiando y la polaridad de las 
salidas también. 


Si usted dice esto, es correcto, porque el voltaje 
de una señal de CA está constantemente cambiando, 
y la polaridad de las salidas del generador también 
están cambiando constantemente, 


Así, la primera conclusión importante es que 
usted no puede indicar la polaridad de las salidas de 
un generador de CA y tampoco puede decir: Este ¢s 
el terminal positivo y este es el negativo. 


Ahora veremos cómo describir el voltaje de una 
señal de CA, Explicaremos esto por valores de vol- 


taje. Pero esta explicación es también válida en CA 
para corriente y potencia, 


Existen diferentes formas de expresar el valor o 
voltaje de una señal de CA dependiendo de la parte 
de la onda que se mida. 


En radio y en electrónica,en general, es muy 
importante determinar cuál de estos valores se está 
expresando en un momento dado, 


Los principales valores para una señal de CA 
el voltaje pico, el voltaje pico a pico, el voltaje 
efectivo o RMS y el voltaje promedio, 


Valores de voltaje pico y pico a pico 


El valor pico de una señal de corriente alterna,es 
el valor máximo de amplitud que alcanza una señal 
en un momento dado, Este valor puede ser positivo 
O negativo, 


El voltaje pico positivo de una señal CA es el 
valor más positivo de voltaje, y se representa como 
Vp. Por ejemplo, en la señal de CA que se muestra 
en la figura 52, el voltaje pico positivo es ; Vp+ = 
20 Voltios. 


En cambio, el voltaje pico negativo de una señal 
de CA es el valor más negativo del voltaje. En nues- 
tro ejemplo: Vp - =- 20 Voltios. 


El voltaje pico a pico de una señal es el valor 
absoluto,medido entre los picos máximos positivo y 
negativo de la onda; se representa como Vpp. 


Eso significa que el valor pico a pico es igual a 
la suma de los valores absolutos de los dos voltajes 
pico. En nuestra señal, el voltaje pico a pico será 
de 40 voltios. 


Valor absoluto es aquel que sólo tiene en cuenta 
la magnitud de la señal pero no su signo o polari- 
dad. Por ejemplo, para un voltaje pico negativo de 
-20Valtios, el valor absoluto será de 20 Voltios. El 
signo menos desaparece y en una cantidad positiva 
el valor absoluto es la misma cantidad 


En nuestro ejemplo el valor pico a pico será : 


Vpp = (Vp+) + (Vp-) = 20 V +20 V =40 Vpp 


Voltaje efectivo o RMS 


El voltaje efectivo o RMS ( Root Mean Square ) 
de CA no es fácil de ver,como el voltaje pico o 
voltaje pico a pico. Para explicarlo, supongamos 
que tenemos un generador de CA conectado a una 
carga,como se muestra en la figura 53, 


ceneradol 
de CA 


Una corriente altema comenzará a fluir a través 
del resistor y como consecuencia de esto, el resistor 
se calentará y disipará calor. Ahora,medi s la 
cantidad de calor que este resistor ha disipado. 


La energía que se entrega al resistor no es cons- 
tante sino que aumenta y disminuye por ser una se- 
ñal de CA. 


_ Por esta razón el calor trata de subir y bajar, 
siguiendo las variaciones de la señal de voltaje, 


Estas variaciones hacen que la energía efectiva 

de calor sea menor que si se aplicara un voltaje 

constante o de CC,con valor igual al valor pico o 
máximo de la señal de CA. 


El valor del voltaje etecuvo con esta señal de 
cormente alterna es igual al valor del voltaje en 
cornente continua, que aplicado por un minuto a este 
circuito, producirá la misma disipación de calor que 
la comente alterna. 

y 


The phase angle is easily found: 


Vi _ AL _ 27fL 


Question 
Calculate the phase angle for the circuit 
discussed in problem 30. 


Answer 
45 degrees 
36 Refer to the circuit discussed in problem 
31. 
Question 
Calculate the phase angle. — 
Answer 
o X 2kQ) 
tanUd = — = = ].33 
R 1.5kQ) 
Therefore, © = 53.1 degrees. 
Summary 
This chapter has discussed the uses of 
Capacitors, resistors, and inductors in voltage 


divider and filter circuits. You learned how to 
determine the following: 

The output voltage of an AC signal after it 
passes through a high-pass RC filter circuit 
The output voltage of an AC signal after it 
passes through a low-pass RC circuit 

The output voltage of an AC signal after it 
passes through a high-pass RL circuit 

The output voltage of an AC signal after it 
passes through a low-pass RL circuit 


Actividad práctica N= 3 


Para realizar esta práctica usted debe tener todas 
las puntillas correctamente aseguradas en el tablero 
del radio según la actividad antenor. 


Herramientas y materiales necesarios 
1 Cautín de 25 o 40 W para uso en electrónica 
1 pedazo de soldadura de estaño de 60/40 

La soldadura en la práctica electrónica 


Es indispensable para todas las personas que tra- 
bajen con electrónica a nivel experimental, de 
estudio o aficionados, saber soldar correctamente. 
De esta habilidad depende en gran parte el éxito, el 
correcto funcionamiento de los circuitos y aparatos 
que se armen. 


Escogiendo el soldador 


En electrónica se debe usar un cautín entre 25 y 
40 watios como máximo, para que no se destruyan 
los componentes, en especial los semiconductores. 


Nunca se debe usar pistola de soldar para este ti- 
po de trabajo con componentes delicados. Asegúre- 
se que el cautin sea de buena marca, ya que los muy 
económicos no dan calidad en el trabajo y su dura- 
ción es muy poca. Recuerde : Lo barato sale caro. 


La punta del cautín debe ser delgalda para poder 
trabajar en los circuitos impresos. Preferiblemente 
que la punta sea atomillable, para poder reemplazar- 
la cuando se desgaste. (figura Ad), 


La soldadura es un material compuesto por una 
aleación de estaño y plomo que se funde fácilmente 


Punta de cobre 


y hace muy buen contacto eléctrico. La soldadura 
más recomendada es aquella que tiene und composi- 
ción o aleación de 60 % de estaño y 40 % de pilo- 
mo, con un espesor de 1/2 o 1 milímetro. 


La función del cautín es calentar la conexión . 
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Luego el calor de la conexión debe fundir la solda- 
dura. Es obligatorio que las superficies que se van 
a soldar estén perfectamente limpias. Para soldar 
correctamente se deben seguir dos pasos simples 
en orden que son: 


IM Caliente primero muy bien las superficies antes 
de aplicar la soldadura. Este es el paso más impor- 
tanie en el proceso de soldar, Caliente bien y la sol- 
dadura se pega sola, 


2% Luego derrita la soldadura sobre cada una de 


las partes a soldar, hasta que esta y las partes for- 


men una sola pieza. 


Vamos ahora a realizar nuestra primera práctica 
de soldadura,estafiando las cabezas de las puntillas 
de cobre . 


Antes de soldar limpie iagi bien las cabezas de 
las puntillas para que queden libres de grasa, polvo 
u Óxido, Caliente el cautín por lo menos unos 15 
minutos antes de empezar a soldar y realice los 
siguientes pasos para cada una de las puntillas del 
tablero del radio: 


Paso 1:Coloque la punta del cautín dos o tres se- 
gundos sobre la cabeza de la puntilla, hasta calen- 
tarla bien. 


Paso 2: Sin retirar el cautín aplique un poco de 
soldadura al lado opuesto de la punta de éste y deje 
que el calor de la conexión derrita la soldadura. 
can A5). No es necesario aplicar mucha solda- 
dura sino que ésta quede bien asegurada, 


Paso 3:Una vez que la soldadura se derrita, retírela 
del circuito antes de quitar el cautín, 


Paso 4:Retire el cautín rápidamente. Observe que 
la soldadura quede brillante y bien distribuida. 


2 E as | p = 

A ness ff i 
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Tabla del radio Fig. A5 E 


Podemos definir el voltaje efectivo o RMS de 
una señal de CA como el valor cansado por la mis- 
ma fuerza al ser disipada en un resistor, como un 
voltaje de CC equivalente. El voltaje RMS es, en 
otras palabras, el voltaje útil y aprovechable. El 
valor del voltaje efectivo, depende de la forma de 
onda de la señal. No podemos dar una fórmula para 
calcular el valor del voltaje efectivo de todas las 
formas de onda. Como la forma de onda senoidal 
es la más utilizada daremos la fórmula para calcular 
el voltaje RMS o efectivo para este tipo de señal. 


vms «WP ComoY2 = 1.41 
JE 


Vrms =P = Vrms = 0.707 x Vp 


Asi: Vrms = 0.707 Vp 
Vp = 1.41 x Vrms 


Valor de voltaje promedio 

Existe otra forma de expresar el voltaje de una 
señal de corriente alterna que se llama valor pro- 
medio. 


Este valor se obtiene dividiendo el valor del área 
del semiciclo por su base. (figura 54). 


Voltaje promedio de CA 


ce h 
Serie OD 


Haciendo varios cálculos matemáticos se obtiene 
que el valor del voltaje promedio, que se expresa 


como Vm, será ; 


Vm = 0.637 x Vp 


Ahora, usted se Bid iene medimos un 
voltaje de CA con el multímetro, qué voltaje de la 
señal mediremos?, El Vp, el Vpp, el voltaje efectivo 
o el valor promedio ? 


El multímetro corriente o voltímetro, mide el 
voltaje efectivo o RMS de la señal. 


El siguiente ejemplo le ayudará a entender mejor 
la relación entre las diferentes formas de medir un 
voltaje de CA, el Vrms, el Vp y el Vpp. 


En la salida de un tomacorrente de su casa debe 
tener una señal de CA de 117 voltios, 51 toma su 
multímetro y mide el voltaje, leerá en el aparato los 
117 voltios de CA aproximadamente, 


Ya se el multímetro mide voltaje efectivo o 
RMS y la forma de onda de la CA que usted tiene 
es una onda senoidal, usted puede calcular el voltaje 
pico de ésta, como sigue: 


También usted puede calcular el valor del voltaje 
pico a pico : 


Vpp =2.x Vp =2 x 164.97 = 329.94 Voltios pico 
a pico 


Por eso la representación del voltaje de la señal 
de CA que usted tiene en la salida de pared será 
como muestra la figura 55, 


Diferentes voltajes de CA 


+164.97 


Los instrumentos eléctricos y electrónicos están 
fabricados para medir el voltaje o la corriente de una 
determinada forma ya sea pico, pico a pico o RMS 
y para una forma de onda específica, 


Por lo general los voltímetros y amperímetros 
comunes de CA están hechos para medir el voltaje 
efectivo o RMS en ondas senoidales. 
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Para medir voltajes pico, o pico a pico en ondas 
senoidales o en otras formas de onda, se utiliza el 
osciloscopio, instrumento que estudiaremos en una 
próxima lección. 


Existen voltímetros especiales para medir voltaje 
RMS en formas de onda que no son senoidales. 


Antes de estudiar las características de fre- 
cuencia y relación de fase en señales de CA, estu- 
diaremos algunos términos necesarios para entender 


mejor estas características. 
El ciclo 


En términos generales un ciclo es una serie de 
fenómenos = suceden en un tiempo determinado. 


Los meses del año constituyen un ejemplo de la 
repetición cíclica. 


El ciclo se comienza en Enero, se continúa a 
través de los meses restantes y termina en Diciem- 
bre que es el último mes del año. Tan pronto se 
cierra un ciclo anual, de inmediato se abre el siguien- 
te y así sucesivamente. 


Ahora analicemos el período cíclico de una on- 
da senoidal. Como ya sabemos una onda senoidal 
está conformada por dos curvas iguales contrapues- 
tas, la cual se repite indefinidamente, (figura 56). 


Forma de un ciclo 


Af p> F 
NJ horizsomial E 


Fig 56 p 


La sección sombreada corresponde a la parte 
positiva ya que está por encima del eje horizontal; lo 
no sombreado es la parte negativa por estar debajo 
del eje horizontal. Si partimos del punto A y recorre- 
mos la onda hasta llegar al punto B, hemos comple- 
tado un ciclo. 


Un ciclo está compuesto por dos mitades de 
ciclos llamadas semicic oponavo y semiciclo nega- 
tivo. Hasta ahora hemos dicho que sobre el eje hori- 
zontal representamos el tiempo, el cual lo hemos 
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dividido en milisegundos debido a que los cambios 
que se suceden en una onda ocurren en milésimas 
e segundo y en tiempos aún más cortos. 


Expresando el ciclo en grados 
La longitud del ciclo se mide en segundos, pero 


también se puede medir en grados de rotación. La 
longitud de un ciclo es 360%, (figura 57). 


Ciclo en grados 


Grados 


Fig, 57 


La medida en grados se deriva de su relación 
con el giro mecánico de los generadores de corrien- 
te alterna. Cada que un alternador da un giro de 
360€ eléctricos, genera un ciclo completo de CA. 


Si el alternador gira más rápido, se producirá 
mayor cantidad de ciclos, o sea el tiempo de dura- 
ción de cada ciclo es más corto. 


Frecuencia 


Frecuencia es la cantidad de ciclos de una onda 
que ocurren en un período de tiempo, en electrónica 
se toma como período el segundo, es decir, la 
cantidad de veces que una señal de CA toma valores 
positivos y negativos en un segundo. En la figura 
58 tenemos la representación gráfica de una señal 
de 4 ciclos por segundo. 


Frecuencia en ciclos 


4 Ciclos 
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La frecuencia de la tensión generada por un alter- 
nador tiene estrecha relación con la velocidad con 
que éste gira y con el número de polos o imanes 
con que esté fabricado. 


En electrónica se expresa la frecuencia en 
Hertzios. Un Hertzio equivale a un ciclo por segun- 
do. 


_ Para cantidades grandes se utilizan los Kilo- 
hertzios y los Megahertzios y se representan por las 


Un KHz es igual a 1.000 ciclos por segundo y 1 
MHz es igual a 1.000.000 de ciclos por segundo. 


Es el tiempo necesario para que ocurra un cielo 
completo, o sea el tiempo que transcurre desde que 
se inicia hasta que finaliza el ciclo. 


El período se mide en segundos, milisegundos o 
microsegundos según sea la frecuencia y se repre- 
senta con la letra T. Mientras más grande sea la 
frecuencia de una señal más corto es el período, ya 
by un ciclo tarda menos tiempo en suceder, (figura 


Periodo de las ondas 


Frecuencia baja 
Ciclos grandes 
Parlodo año 


Conociendo la frecuencia de una señal, se puede 
conocer el período. Su cálculo se realiza con la si- 
guiente fórmula: 


En donde: 
T = Período de la onda dado en segundos. 


F = Frecuencia de la onda dada en ciclos por 
segundo. 


Ej ( jemp lo 


Un alternador genera 60 ciclos por segundo. 


¿Cuál es el periodo de la onda generada ? 


Lo anterior quiere decir, que nuestro alternador 
tarda 0.0167 segundos o 16.7 ceo ing para 


enerar un ciclo completo. Esto nos da una ligera 
idea de lo rápido que cambia una onda de CA. 


Armónicos 


En los circuitos de CA, sobre todo en los de 
radio, es muy común encontrar señales que tenen 
frecuencias con valores que son múltiplos enteros 
de una frecuencia original. 


Así podemos tener señales con frecuencias de 
dos, tres, cuatro o cinco veces una determinada 
frecuencia. A estas señales se les llama armónicos y 
pueden ser pares (2, 4, 6, etc) o impares (3, 5, 7, 
etc). A la tonene original se le llama funda- 
mental. 


En la figura 60 podemos ver una onda seno 
fundamental y algunos de sus armónicos. 


Armónico de 
: Fundamental 
| Primer armónico 

d Segundo armónico 


Relación de fase o Fase 


La relación de fase es el tiempo a separa dos 
hechos que están relacionados entre sí. 


Por ejemplo, en una ceps contra reloj en la cual 
toman parte dos ciclistas llamados A y B, cuando 
parte el ciclista Á ocurre un hecho: su partida; 
transcurrido un periodo de tiempo o espera, ocurre 
otro hecho relacionado: la partida del corredor B. 


De lo anterior se puede decir que el ciclista A 
está adelantado en tiempo al ciclista B. Si los dos 
ciclistas hubieran partido al mismo tiempo y 
corrieran a la misma velocidad se diría que están en 
fase, En realidad los dos ciclistas están desfasados 
o defasados. 


Refinéndonos a ondas eléctricas, la fase tiene 
que ver con el adelanto o atraso de una señal u on- 
con respecto a Otra. 


Estas señales bien pueden ser corriente o 
voltaje. Dos señales están en fase si cumplen las 
siguientes condiciones: 


- Los ciclos o frecuencia son iguales, 


- Los valores máximos y mínimos ocurren en el 
mismo tiempo o ángulo. 


La figura 61 muestra dos ondas en fase. 
Observemos que en O° el valor de las ondas A y B 
es cero, para 90° las ondas A y B tienen su máximo 
valor, para 180% las ondas A y Btienen un valor de 
cero, para 270° las ondas tienen su máximo valor 
negativo, En otras palabras las ondas Á y B viajan 
juntas y alternan simultánenamente. 


Ondas en fase 
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A continuacion, en la figura 62 mostramos dos 
ondas A y B que estan desfasadas o delasadas. 
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La onda A está adelantada 45° con respecto a la 
onda B,o lo mismo, B está atrasada 45° con respec- 
toa A. 


Observemos que las dos ondas toman sus 
valores máximos y mínimos,cada una en tiempos o 
ángulos distintos, es decir no cambian al mismo 
tiempo. 

La figura 63 muestra dos ondas desfasadas. En 


la figura Á las ondas tienen un desfase de 90* y en 
la figura B el desfase es de 180". 


o Pe 


Destase de 90° 


Desfase de 180" 


En los circuitos de radio y electrónica donde se 
aplica corriente alterna a ciertos componentes como 
los condensadores y las bobinas, ocurren fenóme- 
nos de desfase entre la corriente y el voltaje que esta- 
remos estudiando en una próxima lección. 


Lección 5 | 


1 ES _— — AA 


Los componentes electrónicos 


Cuando abrimos un televisor, un betamax, un 
equipo de sonido, un radio o cualquier aparato 
electrónico,nos sorprendemos al observar en su inte- 
rior una gran cantidad de elementos extraños con 
múltiples formas, colores y tamaños. Son los com- 
ponentes electrónicos. 


Esto nos causa frustración y pensamos que la 
electrónica es muy difícil y no es para nosotros, 


Pero se trata de una falsa apreciación, en verdad 
todo esto es muy fácil y está al alcance de todos. 


Como se dará cuenta,un equipo electrónico tiene 
muchos componentes o partes pero éstos son de 
pocos tipos o grupos; es decir,hay muchos elemen- 
tos repetidos, además están agrupados en bloques 0 
circuitos gue se identifican fácilmente, ya que cada 
uno cumple una función específica. 


Un conjunto de elementos conectados adecuada- 
mente, forman un circuito, uno o más circuMos 
forman un bloque y varios bloques forman un apara- 
to electrónico. 


La figura 64 muestra la unión de dos bloques 
para formar un radio. 


Bloques básicos de un radio 
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La primera etapa lamada de radiofrecuencia o RF 
está compuesta por circuitos que se encargan de 
captar las señales del aire, dejar pasar una sola 
señal, separar esa señal y obtener los sonidos 
débiles para entregarla al bloque siguiente, llamado 
amplificador de audio. 


De otra parte el bloque de audiofrecuencia o AF 
se encarga de recibir la señal del bloque de RF y 
amplificarla a un nivel adecuado para que pueda ser 
entregada al parlante. 


Los circuitos electrónicos o bloques más utili- 
zados en los aparatos de radio y comunicaciones 
son: amplificadoresderadiofrecuencia, amplificado- 
res de audio, osciladores, sintonizadores, detecto- 
res, filtros, controles automáticos de ganancia, recti- 
ficadores y reguladores de voltaje. 


Todos estos circuitos se forman con los mismos 
componentes. La diferencia entre cada uno está en 
la forma como s¢ conectan esos componentes entre 
sí, y en las señales que se le aplican. 


Después de conocer los componentes electróni- 
cos, estudiaremos en detalle cada uno de estos cir- 
cuitos. 


Incialmente conoceremos los componentes en for- 
ma individual, su funcionamiento básico , sus dife- 
rentes tipos y su símbolo, 


Empecemos entonces por estudiar los componen- 
tes más utilizados en los circuitos electrónicos de 
los aparatos de radio. Los principales son: 


- Las resistencias o resistores 

- Los condensadores o capacitores 
- Las bobinas y los transformadores 
- Los diodos o rectificadores 

- Los transistores 

- Los circuitos integrados 

- Los suiches o interruptores 

- Los parlantes 


Ahora conoceremos brevemente cada uno de 
estos componentes,con el fin de familiarizarnos con 
ellos para entender mejor las próximas lecciones, 


Más adelante, en este curso, tendremos lecciones 
completas sobre los componentes más importantes 
en la teoría del radio,como son los condensadores, 
las bobinas y transformadores, los diodos, los 
transistores y los circuitos integrados. 


Resistencias o resistores 


Las resistencias son los componentes que más 
abundan en todos lo aparatos electrónicos, su 
función principal es la de controlar o limitar el paso 
de la corriente en los circuitos y distribuir la tensión 
adecuada en cada punto del circuito. 


Las resistencias están construidas de grafito, de 
película metálica o de alambre y se dividen en resis- 
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tencias fijas y resistencias variables. Las resisten- 
cias variables tienen un eje o tornillo que permite 
cambiar su valor. (figura 63). 


Resistencias fijas y varlables 
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Condensadores o capacitores 


Los condensadores o capacitores son uno de los 
conjuntos de componentes más importantes que 
nunca faltan en todos los aparatos de radio y comu- 
nicaciones; se les encuentra en una gran variedad de 
formas y tamaños. 


Un condensador está construido por dos láminas 
metálicas separadas por un material aislante llamado 
dieléctrico. 


La función principal de un condensador es la de 
almacenar energía en forma temporal, para luégo 
devolverla al circuito. 


Los condensadores se dividen en fijos y 
variables. Los condensadores fijos se dividen a su 
vez en condensadores polarizados o electrolíticos y 
los no polarizados. 


Dentro del grupo de los condensadores fijos no 
solarizados están: los condensadores de poliéster, 
os condensadores de mica, los condensadores de 
cerámica y los condensadores de papel. (figura 66). 


Cada tipo de condensador tiene su aplicación 
especial, dependiendo del voltaje, la frecuencia y el 
tipo de señal a manejar. 
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Condensadores fijos y variables 


Poliéster 
Electrolítico 


as E 
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Por ejemplo, los condensadores variables se utili- 
zan en los circuitos de sintonía de las emisoras de 
los radios. Los condensadores cerámicos se utilizan 
para acoplar dos etapas o bloques, y los conden- 
sadores electrolíticos se utilizan en las fuentes de 
alimentación. 


Bobinas 


Otro elemento que se encuentra con mucha 
frecuencia en los receptores de radio y televisión 
son las bobinas, llamadas también inductores. 


Junto con los condensadores forman circuitos 
muy importantes en los aparatos de radio,como los 
osciladores, los circuitos de sintonía, los filtros y 
los amplificadores sintonizados entre otros. 


Un inductor o bobina está conformada por dos 
partes principales: un núcleo y un arrollamiento de 
alambre de cobre. 


De hecho esto origina una extensa variedad de 
tipos, formas y tamaños de bobinas, cada una con 
una aplicación muy concreta,dependiendo del tipo 
de señal a manejar, la frecuencia y la magnitud de la 
corriente. 


Tipos de bobinas 
De acuerdo con el material utilizado como núcleo, 


estas pueden ser: con núcleo de hierro, con núcleo 
de ferrita,o con núcleo de aire. 


Por su valor las bobinas pueden ser fijas o varia- 
bles; una bobina variable tiene un núcleo ajustable 
que permite que éste esté más cerca o más alejado 
del arrollamiento de alambre,obteniéndose diferen- 
tes valores en su inductancia. (figura 67). 


Bobinas 


Transformadores 


Los transformadores están formados por dos o 
más bobinas y un núcleo. Son uno de los compo- 
nentes de mayor tamaño y peso, Se encuentran en 
la mayoría de los aparatos de radio. 


La principal función de los transformadores en 
los aparatos de radio es la de acoplar la señal de una 
etapa a otra,y también para aumentar o disminuir los 
niveles de voltaje y corriente. 


Según su construcción, tipo de núcleo y aplica- 
ción, se encuentran en diferentes tipos. (figura 68). 


En un transformador existe una bobina que recibe 
la señal llamada primario y una o más bobinas que 
entrega la señal (salidas), llamadasbobinas secun- 
darias o secundario. (figura 69), 


Los Semiconductores 

Uno de los más grandes avances de la electrónica 
en las últimas décadas se debe al descubrimiento de 
los materiales semiconductores. 
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Núcleo de ferrita 


i 


Este descubrimiento hizo posible la creación de 
pequeños elementos como los diodos, los transis- 
tores y los circuitos integrados,los cuales son más 
compactos, consumen menos energía, cumplen con 
exactitud múltiples funciones y duran mucho más 
que sus antecesores, los tubos de radio, 


Utilizando estos componentes como reemplazo 
de los tubos de radio o tubos de vacio, se han 
podido construir transmisores y receptores de radio 
y televisión mucho más avanzados,provocando una 
verdadera revolución en las comunicaciones huma- 
nas. 
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Qué son los semiconductores 


Los semiconductores son materiales que ocupan 
un lugar intermedio entre los metales y los aisla- 
dores, es decir no son buenos ni malos conductores 
de electricidad: entre estos materiales tenemos: el 
germanio, el silicio, el arseniuro de galio, etc. 


A los componentes electrónicos fabricados con 
material semiconductor,se les agrupa en una familia 
muy numerosa llamada los semiconductores, Actual- 
mente existe una gran variedad de semiconductores, 

vizás cientos de miles de ellos, cada uno con 
características diferentes y una gran cantidad de apli- 
caciones. | 


Diodos o rectificadores 


Son los componentes electrónicos más simples, 
fabricados con material semiconductor y tienen Gos 
terminales conocidos como cátodo y ánodo. 


El diodo es muy importante ya que,con dos de 
ellos se fabrica un transistor, y con muchos transis- 
tores se fabrican los circuitos integrados. Además 
los diodos, los transistores y los circuitos integra- 
dos están en la gran mayoría de los aparatos electró- 
nicos. 


La función principal de los diodos es permitir el 
paso de la cornente eléctrica en una sola dirección. 


En los receptores de radio existe un diodo cuya 
función es la de detectar la señal de audio de una 
señal de radiofrecuencia, o sea, extraer la señal de 
sonido de la señal de RF. Los diodos son emplea- 
dos para convertiruna corriente continua en corrien- 
te directa ,mediante el proceso de rectificación. 


Los diodos se clasifican de acuerdo con su mate- 
rial y de acuerdo con la cantidad de corriente que 
pueden manejar. 


Tipos 


Los tipos más importantes de diodos son: el dio- 
do rectificador, el diodo detector, el diodo zener, el 
diodo led. o diodo emisor de luz, el fotodiodo y el 
+ o rectificador controlado de silicio. (figura 
70). 


Cada uno de estos tiene una tarea específica, la 
cual explicaremos en su lección correspondiente, 


Es frecuente encontrar en un solo empaque varios 
diodos; es el caso de los puentes rectificadores que 
traen internamente 2 a 4 diodos. 


Igualmente sucede con los displays visualiza- 
dores numéricos de las calculadores, éstos están 


4g 


conformados por diodos luminosos o leds, que ha- 
AN de segmentos para formar un número. (figura 
71). 


Diodos agru pados 
Puente rectificador 


Los Transistores 


El transistor es el reemplazo de los tubos de vacio 
y fue el que marcó el inicio de la revolución de la 
electrónica. 


El transistor consume poca energía, tiene una 
larga duración, sólida construcción y resiste las vi- 
braciones. Tiene la cualidad de oscilar, operar 
como mezclador, modulador y suiche, Además, 
opera a altas temperaturas, resiste los choques, es 
pequeño y liviano. 


Un transistor es un elemento de estado sólido 


que tiene tres terminales y se divide en dos — 
grupos: transistores bipolares y transistores FET. 


Transistores bipolares 
Un transistor bipolar tiene tres terminales 
llamados emisor, base y colector y dependiendo de 


la polaridad de los materiales empleados para su 
construcción, pueden ser NPN o PNP. (figura 72). 


Transistores bipolares 


Ela Base E = Emisor C = Colector 


C te 
E E 
NPN PNP 


Función de los transistores 


A partir de una pequeña corriente de control que 
se aplica a la base, se obtiene una corriente amplifi- 
cada en su salida. 


Esta corriente permite que el transistor amplifique 
una señal, actúe como suiche, o pueda oscilar en 
conjunto con una bobina y un condensador para 
producir señales de radio o de audiofrecuencia. 


Transistores FET ( Field Effect Transitor ) 


Llamados también transistores de efecto de 
campo, tienen tres terminales llamados: Drenador 
(Drain), fuente (Source) y compuerta (Gate). 


1 Fig. 72 Al 


Los transistores tipo FET se fabrican también con 
material semiconductor, pero su forma es diferente a 
la de los transistores bipolares y se controlan por 
medio de voltaje,de la misma manera que se hacía 
con los tubos de radio. 


Dependiendodel material utilizadoen su construc- 
ción,pueden ser de canal N,o de canal P. 


Existe dentro de los FET un tipo especial llamado 
transistor Mosfet, que es muy empleado en los 
aparatos de radio y comunicaciones. 


Clasificación de los transistores 


De acuerdo con la potencia que maneja un tran- 
sistor puede ser de baja potencia, mediana potencia 
y alta potencia. 


De acuerdo con la frecuencia y el tipo de señales, 
pueden ser de baja frecuencia para aplicaciones en 
circuitos de sonido o audio, y de alta frecuencia pea 
circuitos de radiofrecuencia (RF) y video o televi- 
sión. 


Los Circuitos Integrados 


El circuito integrado es el componente más po- 
pular en la actualidad ya que ha permitido la minia- 
turización de los equipos electrónicos,y junto con él 
se ha creado la microelectrónica, haciendo posible 
la construcción de novedosos sistemas y complejos 
aparatos electrónicos en un espacio muy reducido, 


Un circuito integrado es la reunión de una gran 
cantidad de elementos, principalmente diodos, tran- 
sistores y resistencias, en un sólo encapsulado o 
paquete. (figura 73), 


- Circuito integrado 


Fig. 73 f 
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The output waveform of an AC or combined 
AC-DC signal after it passes through a filter 


circuit 

Simple phase angles and phase differences 
Self-Test 

These questions test your understanding of 
this chapter. Use a separate Sheet of paper 
for your calculations. Compare your answers 
with the answers provided following the test. 
For questions 1-3, calculate the following 
parameters for the circuit shown in each 
question. 

A. XC 

B. Z 

C. V out 

D. | 


E. tan 6 and @ 

1. Use the circuit shown in Figure 6.53 . 
Figure 6.53 

o C = 0.053 UF 


R=4k0 
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Con un circuito integrado se pueden conformar 
uno o más aE so completos de un aparato de ra- 
dio, sonido o televisión, razón por la cual ha reduci- 
do enormemente el tamaño de los equipos actuales. 


Los circuitos integrados han facilitado enorme- 
mente la fabricación y reparación de los aparatos 
electrónicos. 


Función 


_ Las funciones que desempeñan los circuitos 
integrados no tienen límites, ya que se fabrican 
integrados para cada función específica que se 


necesite. 


Existen, por ejemplo, circuitos integrados que 
conforman un circuito amplificador de sonido com- 
pleto, existen otros que forman un oscilador, otros 
reguladores de voltaje, controles de temperatura, 
memorias de computadores, microprocesadores, 
celo. 


Tipos 

Desde el punto de vista de su aplicación existen 
dos grandes grupos de circuitos integrados: los 
circuitos integrados digitales y los circuitos integra- 
dos-andlogos o lineales, 


Un circuito integrado digital maneja señales 
digitales, es decir, sólo admite una señal que toma 
los dos valores posibles: uno y cero, o alto y bajo. 


Un circuito integrado análogo o lineal maneja 
señales que varían en el tiempo, tomando diferentes 
valores. Las ondas de radio que llegan a la antena 
son análogas, lo mismo que el sonido que entrega 
un parlante. 


La mayoría de los circuitos de radio utilizan este 
tipo de circuitos integrados lineales, aunque para las 
funciones de sintonía y programación digital con 
memorias, que se encuentran en muchos receptores 
modemos, se utilizan circuitos digitales. 


Desde el punto de vista de la cantidad de 
elernentos que los circuitos integrados reúnen, se 
clasifican en circuitos de baja integración, circuitos 
T a integración y circuitos de muy alta integra- 
ción. 


Un circuito de alta integración puede reunir hasta 
un millón de transistores. 


En la figura 74 podemos observar algunos tipos 
de circuitos integradosutilizadosen aparatos electró- 
nicos. 
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Suiches o interruptores 


La totalidad de los equipos electrónicos y eléc- 
tricos incorporan uno o varios elementos capaces de 
interrumpir o conectar, a voluntad,un determinado 
circuito o bloque interno, siendo más común el del 
interruptor de encendido y apagado de un aparato, 


Función 


La función más importante de los interruptores es 
la de interrumpir o permitir el paso de la corriente, 
es decir, conectar o desconectar uno o varios cir- 
Cultos. 


También se utiliza para seleccionar a voluntad 
una señal que se ha de aplicar a un circuito o 
bloque, por ejemplo: el selector de funciones de un 
equipo de sonido permite que se seleccione 
cualquiera de las señales provenientes del casette, el 
radio, el tocadisco u Otras. 

En los aparatos de radio se utilizan con gran 
frecuencia los suiches,en el caso de selección de las 
diferentes bandas y otras funciones. 


Tipos 


Los principales tipos de suiches son; deslizantes, 
de palanca, de codillo, pulsadores, rotatorios, 
electromagnéticos o relés, de mercurio, de imán y 
de estado sólido. (figura 75). 


Respecto al número de contactos pueden ser de 
una posición, dos posiciones, tres posiciones, 
cuatro posiciones o más. (figura 76), 


Pueden existir suiches independientes eléctri- 
camente pero que son accionados simultáneamente 


Posiciones de los suiches 


sonal A, ML 


| Posición 2 Posiciones 


3 Posiciones 


por un mismo eje. A cada suiche se le denomina un 
polo. (figura 77). 


Polos de los suiches 
Ed A 1 Polo 


- 2 Polos 


Un suiche puede ser de varios polos y vanas 
posiciones en el caso de los suiches rotatorios o 
deslizantes muy utilizados en los aparatos de radio. 
Al grupo de suiches llamados pulsadores corres- 
ponden los teclados de las calculadoras y los com- 
putadores. Un pulsador puede ser normalmente 
abierto o normalmente cerrado. (figura 78). 


Pulsadores 


Normal Cerrada (NC) 
Fig. 78 


Micrófonos y parlantes 


Con la invención del micrófono y el parlante se 
inventó el teléfono y posteriormente el amplificador 
de audio. 


Los micrófonos y los parlantes son elementos 
trasductores que convierten un tipo de energía en 
otro. 


En el caso del micrófono, éste convierte energía 
sonora o de movimiento de aire en energía eléctrica. 


El parlante convierte energía eléctrica en energía 
sonora. Los parlantes y micrófonos realizan tareas 
opuestas, 


Función 


Los micrófonos captan las vibraciones de las 
ondas sonoras y las convierte en corriente eléctrica 
a oscila y varia en la misma forma que el sonido. 
En las emisoras de radio es de gran importancia la 
calidad de los micrófonos utilizados, ya que de ellos 
depende en gran parte la pureza del sonido emitido 
al aire. 


Los parlantes reciben una corriente fluctuante la 
cual hace alimentar una bobina interna que hace 
vibrar un cono de cartón produciéndose el sonido. 


Para que la señal que capta el micrófono pueda 
ser enviada al parlante, es necesario amplificarla 
mediante circuitos amplificadores de audio, ya q 
la corriente que entrega un micrófono es muy débil 
y el parlante requiere corrientes altas para que pueda 
responder al sonido. (figura 79). 


Tipos 
Los principales tipos son: de carbón, dinámicos o 


magnéticos, de condensador y de cristal. 
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Actividad práctica N° 4 


Alambrando el circuito de potencia 


En esta práctica vamos a soldar el alambre para 
conexión sobre la cabeza de algunas de las puntillas 
del circuito con el fin de establecer el circuito de ali- 
méntación o sea el que lleva el voltaje desde la bate- 
ría de 9 voltios,hasta las diferentes etapas del radio. 


Para hacerlo, siga fielmente las instrucciones que 
entregaremos más adelante. Ántes de empezar esta 
actividad debemos tener listo el tablero de madera 
con la lámina del radio, y, sobre él las puntillas de co- 
bre bien clavadas y estañadas. 


Si usted nunca ha soldado antes, estudie o repase 
la lección sobre soldadura que entregamos en la 
práctica anterior. 


Herramientas y materiales necesarios 


Cautín de 25 6 40 vatios 

Cortador de alambre o corta-frio 

Pinzas de punta plana y alicate 

3 Metros de alambre sólido, sin aislar,para conexio- 
nes 

2 Pedazos de alambre aislado de 15 cms 

| Conector para batería de 9 voltios 

| Trozo de soldadura de estaño de 60/40 


Alambrando el sistema de alimentación de potencia 


En esta actividad conectaremos todos los alam- 
bres y partes mostradas en color rojo sobre el dia- 
grama, menos lqs condensadores C10 y C14 y la 
resistencia R12,que se instalarán en una próxima 


Importante: El alambre debe estirarse lo más que 
se pueda para lograr una buena presentación y ase- 


gurar buena calidad en el ensamble del radio. 


En la figura AÓ podemos observar el aspecto 
correcto de cómo deben quedar los alambres de 
conexión, 


Para hacerlo, debemos ejecutar los siguientes pa- 


sos, utilizando como referencia para la numeración 


de las puntillas la lámina " Guía para la instalación 
de componentes ": 


Paso 1; Corte un trozo de alambre de conexión,que 
bien estrado mida 33 cms. 


Suelde un extremo de este alambre a la cabeza de 
la puntilla l, situada en la parte inferior izquierda. 
Suelde el otro extremo a la puntilla 21. Sueide el 
ARETE a la cabeza de todas las puntillas entre la 1 
y la 21. 


Paso 2: Usando el mismo proceso descrito en el 
aso anterior, suelde un alambre de conexión entre 
as puntillas 18 y 22.Suelde otro alambre de cone- 

xión entre las puntillas 22, 23 y 24, 


Paso 3: Usando un pedazo de alambre aislado, 
conecte las puntillas 23, 25 y las puntillas 26 y 27, 


Paso 4: Usando un alambre de conexión, conecte 
las puntillas 19 y 29. 


Paso 5: Usando alambre de conexión, conecte las 
puntillas 29 y 31. 


Paso 6: Usando alambre de conexión, conecte las 
puntillas 30 y 31. 


Nota: En este punto usted ya ha conectado la línea 
negativa de su radio y ahora se conectará la línea de 
alimentación positiva. 


Payo 7: Usando alambre de conexión, conecte las 
puntillas 32, 33 y 34. Usando otro alambre de 
conexión, conecte las puntillas 34, 35 y 36. 


Paso 8: Usando alambre de conexión, conecte las 
puntillas 36, 37 y 38. 


Paso 9: Conecte con alambre de conexión las 
puntillas 39, 40, 41, 42, 43, 44 y 45. 


Paso 10: Usando alambre de conexión, conecte las 
puntillas 46 y 47, 


Paso Ii: Tome B1, el borne para la batería. 
Conecte el alambre negro en la puntilla 28 y el rojo 
a la puntilla 32, 


Usted puede pegar la batería a la tabla con un 
pedazo de cinta de doble cara, o unir la batería a la 
tabla, usando una abrazadera o soporte para batería. 
Si no está provista se puede hacer de una pequeña 
faja de lámina de acero inoxidable, 


- Amplificador para micrófono 


Parñania 


if 


' Etapa gè póolencia 


Micrótono amplificador 


Fig. 79 


Respecto a los parlantes los principales tipos 
son: el magnético y el de cristal. 


Existen tipos de parlantes especiales, como los 
audífonos,que están construidos para entregar baja 
potencia y alta calidad de sonido. 

Respecto a la frecuencia o tonos que los parlan- 
tes manejan se clasifican en tres grupos: parlantes 
para bajos, parlantes para medios A parlantes para 
sonidos altos o tweeters, (figura 50). 


Parlantes y audífonos 


Audlono. de costal 


i | | 
An iF A gh! 
fg TH 
: 


Pweg! stici 
gier Auditono maagnetica 


(sonidos altos) 


Fig. 80 E 


Los parlantes también se clasifican por su poten- 
cia en parlantes de baja, media y alta potencia, ex- 
presada en vatios. 


El tamaño de los parlantes depende de la frecuen- 
cia de trabajo y de la potencia sonora que pueden 
transmitir. 


Otra característica de un parlante es la impedan- 
cia oresistencia de la bobina . 


Esta puede ser de 4 (1, 8 £2, 16 N 0 32 £1 La 
potencia nada tiene que ver en este caso con la 


impedancia. 


Para lograr un mejor sonido y buena reproduc- 
ción de los tonos, los parlantes se deben encerrar en 
cajas de madera especiales llamadas baffles. (figura 
$1). 


Es posible mejorar notablemente el sonido de 
cualquier aparato de radio solamente conectando un 
parlante externo con su bafle adecuado. 


Para esta conexion se debe tener en cuenta que 
el radio suministre la potencia minima para alimen- 
tar ese parlante. 


SE 
dere! 
7“ 
rete 
paño! 
Fi 
Lan 
AP 
7 
¡aer 
cat. 
ER 


El tamaño de la caja acústica depende de la po- 
tencia total de los parlantes,que están instalados en 
ella,y también de la frecuencia mínima de trabajo, 


Para frecuencias bajas, los bafles son más gran- 
des que para frecuencias medias o altas. Cuando 
hay varios parlantes para distintas frecuencias se 
utiliza un filtro para separar cada banda de sonidos. 
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Lección 6 _ 


Las Resistencias 


Tipos y características 


Como se sabe, la resistencia considerada en un 
sentido general es la oposición que presenta un 
material al paso de la comente. 


Tomado en un sentido particular y común la 
palabra resistencia se refiere a un elemento ocompo- 
nente muy utilizado en electricidad y electrónica. 
Este elemento está construido con un material resis- 
tivo y adopta diversas formas y tamaños dependien- 
do de su uso. 


En electricidad las resistencias se utilizan para 
producir calor. Es el caso de las estufas, hornos, 
planchas y calentadores eléctricos. 


En electrónica las resistencias tienen formas y 
tamaños más reducidos, y su utilidad está en la pro- 
piedad que éstas tienen de limitar y controlar el ‘eu 
de la corriente,distribuyendo los niveles de voltaje 
diferentes que requiere cada parte de un circuito, 


Existen dos grupos principales de resistencias, 
las resistencias fas y las resistencias variables, 


En la figura 82 tenemos los símbolos con los 
que se representan las resistencias en los diagramas 
electrónicos. 


Hasistencia fija Resistencia variable 


Al observar los circuitos internos de un radio, 
un televisor, una grabadora o un betamax, notare- 
mos que siempre habrá una buena cantidad de 
resistencias interconectadas a los demas elementos 
del aparato. 


Ya habrá notado que hay una gran cantidad de 
ellas en el plano del radio que usted está armando, 
como complemento de este curso. 
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Las resistencias, también llamadas resistores, 
son el elemento o componente más sencillo que se 
encuentra en los aparatos electrónicos y no por eso 
deja de ser importante, ya que sin ellas no sería 
posible que trabajaran los otros componentes, 


Las resistencias se miden en Ohmios y tienen 
otra característica adicional que son los Varios, Este 
valor nos indica hasta cuánta energía calorífica 

ueden soportar sin dañarse. Existen resistencias de 
1/8, 1/4, 1/2, 1,5, 10, 20, 50 y más vatios en los 
aparatos electrónicos. 


Resistencias fijas 


Á este grupo pertenecen todas las resistencias 
que presentan un mismo valor, sin tener la posibili- 
dad de modificarlo a voluntad. 


De acuerdo con su material de construcción, las 
resistencias fijas se clasifican en dos grandes gru- 
pos principales: de carbón y de alambre o bobina- 
das. 


Resistencias de carbón 


Estas resistencias se fabrican de grafito ( carbón 
casi puro ) o de carbón puro pulverizado. El grafito 
se mezcla con talco y con un material adhesivo, y se 
comprime con una prensa para darle forma y consis- 
tencia. 


Después de que la resistencia ha adquirido su 
forma,se recubre con una capa de material aislante, 
ue puede ser fibra de vidrio o baquelita, con el fin 
e inte un buen acabado y proveerla de aisla- 
miento térmico y eléctrico. (figura 83). 


Resistencia de carbón 
Código de cólores 


| Elemento 
_ de resistencia 


_ Terminal $ 


my 


Existe otro método de fabricación de las resisten- 
cias de carbón que consiste en recubrir un tubo o 
cilindro de porcelana con una película de carbón, o 
haciendo una ranura en espiral sobre la porcelana y 
recubriéndola luégo con la película de carbón, que- 
dando parecida a una bobina. 


Resistencias de alambre 


Son resistencias hechas para soportar altas tem- 
peraturas sin que sé altere su valor. 


Se construyen de alambre de micromo u otro 
material con características eléctricas similares. El 
alambre se arrolla sobre un núcleo aislante, tal como 
la cerámica, y luego se recubre con una capa de 
esmalte víteeo, con el fin de proteger el alambre y la 
resistencia contra golpes y corrosión. (figura 84). 


Resistencia de alambre 


Algunas resistencias de este tipo poseen aparte 
de sus dos terminales, otros contactos intermedios 
para facilitar un cambio en el ohmiaje, haciendo las 
veces de varias resistencias en un e cuerpo o en- 
voltura. 


Resistencias variables 


Son aquellas resistencias cuyo valor en ohmios 
puede ser variado dentro de un rango, ya sea de for- 
ma manual o mediante algún estímulo externo, tal 
como la luz, el calor, el sonido, el voltaje, etc. 


Los potenciómetros son resistencias variables, 
cuyo valor en ohmios se puede ajustar a voluntad 
por medio de un éje o tornillo. 


La aplicación más conocida de los potenció- 
metros la tenemos en los controles de volumen y 


tono en los aparatos de radio y de sonido, en el con- 
trol de brillo y contraste en los televisores y para fi- 
nes especiales en algunos instrumentos electróni- 
Cos. 


Los potenciómetros se fabrican depositando una 
capa de carbón sobre una sección circular o rectan- 
gular de fibra o material compacto y aislante. Un 
eje en el centro permite que un contacto móvil se 
deslice a través de la sección resistiva. (figura 85). 


Potenciómetro de carbón 


Terminales 


Carbón 


Existen también potenciómetros de alambre, ge- 
neralmente de bajo valor en ohmios, Estos son 
costosos pero son más exactos y seguros. En un 
potenciómetro de este tipo,el alambre resistivo está 
sobre la superficie aisladora,de tal manera que el 
contacto móvil se desliza sobre la superficie recu- 
bierta de alambre. (figura 86). 


Potenciómetro de alambre 


Contacto móvil § 


Un potenciómetro puede ser lineal, Lo, ig 


oantilogarítmico. Un potenciómetro lineal es aquel 
cuya variación es constante durante el giro del eje o 
cursor. Por ejemplo, si se gira 15* la resistencia 
aumenta 1.000 (2, y si se gira WP l4 resistencia 
aumenta 2.00002. 


En un potenciómetro logarítmico o antilogarit- 
mico no ocurre esto, se obtiene menos variación al 
principio y mayor variación al tinal del giro. 
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En la figura 87 se pueden observar los diferen- 
> comportamientos o curvas de resistencia para ca- 
da tipo. 


Curvas de poten ciómetros 


AVE 


8 
[= 
5 
= 
T 
5 
| 
5 
2 


Existe un tipo de potenciómetro que se fabrica 
especialmente para ser montado en los circuitos im- 
presos, que son esas tabletas o tarjetas de baquelita 
en donde se montan los componentes de un aparato 
y sé realizan todas las soldaduras para sus conexio- 
nes. 


Estos potenciómetros se utilizan para ajustar vol- 
lajes o corrientes en algunos circuitos y se mueven 
por medio de un destornillador. Se fabrican de car- 
bón o de cerámica y Óxido metálico (cermet). 
(figura 88). 


Potenciómetros para circuito impreso 


Fig. 88 E 


Termistores 


_ Un termistor es una resistencia especial que va- 
ría con la temperatura y puede ser de características 
directas o inversas. 


Un termistor con características directas es aquel 
cuyo valor en Ohmios aumenta ante un incremento 
de la temperatura, mientras que un termistor con 
características inversas aumenta su valor ante una 
disminución de la temperatura. 


Los tennistores se utilizan como protección de 
sobrecorriente en algunas etapas de audio,o como 
sensores de calor en controles electrónicos de tem- 


La fotocelda 


Una fotocelda es una resistencia,cuyo valor en 
ohmios varía ante las variaciones de la luz. 


Estas resistencias están construidas con un 
material sensible a la luz,de tal manera que cuando 
la luz incide sobre su superficie, el material sufre 
una reacción química, alterando su resistencia eléc- 
tricalfigura 89). 


eg |. Oscuridad o 


“He | E are ra ae e? Le TA 5 MA Po T 
Aumentá la resistencia a ronnie diamimuye 


MUCHOS OHMIOS POCOS OHMIOS Fig. 89 : 


Una fotocelda presenta un bajo valor de su resis- 
tencia ante la presencia de luz,y,un alto valor de re- 
sistencia ante la ausencia de luz. 


La fotocelda se emplea para controlar el encen- 
dido automático del ello público. También 
se utiliza ampliamente en circuitos contadores elec- 
trónicos de objetos y personas, en alarmas, etc. 


Micrófono de carbón 


Un micrófono de carbón es una resistencia que 
cambia su valor en ohmios ante las vanaciones de 


sonido, Estos micrófonos están construidos por 
una membrana metálica que vibra al ser golpeada 
por la ondas sonoras. (figura 90), 


Micrófono de carbón 


Membrana 


Las vibraciones de sonido hacen que se compri- 
man con mayor o menor intensidad los gránulos de 
carbón que están aprisionados entre las dos placas, 
la membrana o diafrag la caja, obteniéndose 
una variación de la resistencia eléctrica. 


Esta variación se utiliza en un circuito que tiene 
aplicado un voltaje de corriente continua,producien- 
do una corriente que varía siguiendo a las ondas 
sonoras, Si alimentamos esta comente a un circuito 
amplificador de sonido podemos escuchar estas 
ondas en un parlante, 


Resistencias VDR ( Voltage dependent 
resistors ) 


Son otro tipo especial de resistencias llamadas 
también varistores. Su valor en ohmios disminuye 
ante un aumento de la tensión aplicada. 


Los varistores se emplean en circuitos de protec- 
ción contra sobretensiones O ma abruptos de vol- 
taje,que podrían dañar los delicados circuitos elec- 

nicos. 


Cuando el voltaje aplicado a sus terminales se 
pasa del valor para el cual está fabricado, su 
resistencia baja notablemente,haciendo que el pico 
de voltaje se reduzca. Cuando el pico de voltaje es 
de mucha duración, se ponen en cortocircuito y no 
dejan pasar ese pico hacia el resto del circuito, prote- 
gléndolo. 


En la figura 91 tenemos el símbolo, la conexión y 
un circuito típico de aplicación para un varistor. 


Unidad de medida 


Toda resistencia o resistor tiene cierta cantidad de 
ohmios, que es su unidad de medida. Para los 


| Varistor 


diagramas y fórmulas esta unidad se representa con 
la letra (2 (omega). El nombre de esta unidad se 
adoptó en homenaje a George Simon Ohm,quien 
descubrió la Ley de Ohm. 


Una resistencia de 100.000 ohmios presenta una 
oposición a la corriente cuatro veces mayor que una 
de 25.000 ohmios. 


Otras caracteristicas 


Además de su tipo, y su valor en ohmios, las 
resistencias tienen una característica adicional. Se 
llama variaje y representa cuánta energía se disipa 
en ellas, ya que cuando circula corriente por una 
resistencia, se produce calor a su alrededor. (figura 


92). 


Una resistencia disipa calor — 


DE 
a 


Este vatiaje determina el tamaño físico de las resis- 
tencias, siendo las más grandes las de mayor vatiaje. 


Las resistencias de vatiajes altos como 5, 10, 20, 
50, 100 W, etc se fabrican de alambre y las de 
vatiajes bajos para los circuitos electrónicos se fa- 
brican de carbón o de película de carbón en tamaños 
de 1/8, 1/4, 1/2, 1 y 2 vatios. (figura 93) 
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Tamaño de las resistencias 


NAN) Las 
| eh, J e Sich = m ag 
ay TA g’ si m a 


El código de colores 


El valor en ohmios de las resistencias se puede 
indicar de dos formas. Una de ellas es marcando 
irs número en su cuerpo o utilizando el código de 


Para las resistencias de alambre o de carbón de | 
vatio en adelante,es fácil utilizar el primer método 
para las resistencias más pequeñas es muy 

ificil hacerlo, ya que su tamaño lo impide. 


Para las resistencias pequeñas de carbón y 
película de carbón, que son las más utilizadas en los 
circuitos de radio y comunicaciones, $e inventaron 
un código de colores utilizando tres, cuatro o cinco 
líneas de colores que se pnn alrededor del cuerpo 
de la resistencia para indicar su valor en Ohmios, y 
el rango de tolerancia o precisión. 


El sistema de las líneas de colores resuelve dos 
problemas principalmente: 


Uno: Sería demasiado difícil ver números grandes 
marcados en resistencias pequeñas, 


Por ejemplo: 1.000.000 ohmios en una resis- 
tencia de 1/4 de vatio no se vería muy bien. 


Dos: Si la resistencia queda en cierta posición, se 
taparía este número y no se podría leer su valor, 


Las bandas de colores que tiene toda resistencia 
alrededor de su cuerpo parece que resuelven todos 
estos problemas. 


Cuando se va a leer el código de colores de una 
resistencia, se debe colocar de esta forma: la línea o 
banda de color que está más cerca del borde es el 
primer número, la segunda línea es el segundo nú- 
mero, la tercera línea es el número de ceros O 


multiplicador, y la cuarta línea o banda es la toleran- 


Además, cada color corresponde a un número en 
particular. (figura 94). 


Código de colores 


E Tolerancia 


Numero de Caros 


Segundo digito 
Primer digito 


Cuando leemos el código de colores debemos 


1. La primera banda representa la primera cifra. 
2. La segunda banda representa la segunda cifra. 


3. La tercera banda representa el número de ceros 
que siguen a los dos primeros números. (51 la 
tercera banda es negra,no hay ceros en el nume- 
ro, y si esta banda es plateada, se divide por 10). 


4. La cuarta banda representa la tolerancia. Esta es 
usualmente dorada que representa un 5%, platea- 
da que es del 10% y,si no tiene banda,es del 20%, 


En la figura 95 tenemos dos ejemplos de utiliza- 
ción del código de colores. 


Es muy importante practicar mucho con este 
código hasta que se aprenda de memoria,ya que las 
resistencias que lo utilizan se encuentran en gran 
número en todo tipo de circuitos, y, si tenemos que 
consultar un libro o manual, cada vez que tengamos 


Ejemplos del cód igo 
JAN) h~ = 75000 0 1.5K 


| | t Plateado =_+ 10% 
_"ARojb=  00(Dos ceros) 


— Verde = 5 


Dorado =+ 5% 

Café  =0(Un cero) 

Negro = 0 
: Cale = | Fig. 95 E 


que identificar una resistencia , vamos a perder mu- 
cho tempo. 


Después de algún tiempo de trabajar en electró- 
nica, este código se hace tan familiar que ya se 
identifica una resistencia con sólo mirar brevemente 
su combinación de colores. 


Tolerancia 


Se ha mencionado que la cuarta banda indica la 
tolerancia de la resistencia. Esta tolerancia significa 
que el valor real no es necesariamente el mismo 
que indica el código. Un 10% de tolerancia sig- 
nifica que el valor real puede ser un 10% mayor o 
menor que el valor que indica el código. 


Esta tolerancia se debe a la precisión del proceso 
de fabricación de esas resistencias, debido a que las 
máquinas depositan una capa ligeramente mayor O 
menor del compuesto resistivo. 


Se fabrican resistencias con tolerancias del 20 %, 
10 %, 5.% (que son las más comunes), 2 %, 1%, 
0.5 %, 0,1 % y más. 


El valor de las resistencias aumenta considera- 
blemente a medida que su precisión aumenta,o sea 
que la tolerancia es menor. Debemos utilizar por lo 
tanto las resistencias más económicas posibles,pero 
que no alteren la operación del circuito. 


Para una resistencia de 10,000 ohmios con una 
tolerancia del 5 %,se puede tener cualquier valor 
real entre 9.500 y 10.500 ohmios. 

Muchos ceros 


Hay otra cosa importante, Á menudo encon- 
tramos que no es fácil escribir todos los ceros 


que aparecen en un número. Escribir 220.000 oh- 
mios d 10.000.000 ohmios puede ser difícil o gasta 
demasiado espacio. 

Para resolver el problema, se ha creado un sis- 
tema de abreviación que utiliza letras para indicar 
Miles y Millones. 

K = Kilo, que significa mil, o tres ceros (000). 


M = Mega, que significa millón o seis ceros 
000000) 


( 
Ejemplos 


En vez de escribir 22.000 ohmios escribimos 
Kohmios o 22K 42. 


En vez de escribir 11.000.000 ohmios escn- 
bimos 11 Ma. 


47KQ sería 47.000 Q (47 Kiloohmios). 
IOMO sería 10.000.0000 (10 Megaohmios). 


¿Cómo descifraría una resistencia de 4.7KQ ? 


Es sencillo, corremos el punto decimal tres pues- 
tos quedando 4.70002. 


Una resistencia de 33M sería entonces de 
3,300.00002 


Valores preferidos o normalizados 
para las resistencias 


Las resistencias de carbón se fabrican en ciertos 
valores llamados preferidos o normalizados. Esto 
se debe a que sería imposible tener resistencias en 
todos los valores posibles, y no se justifica en la 
mayoría de los circuitos electrónicos, 


Los valores preferidos son 1, 1.1, 1.2, 1.3, 1.5, 
16 18.2.:22.-24 24:2,:1.5,,3.0, Dd. Md 
47, 5.1, 5.6, 6.2, 6.8, 7.5, 8.2 y 9.1 y en todos 
sus múltiplos. 


Estos valores son los que tienen las resistencias o 
resistores que se encuentran en el mercado, en los 
almacenes o distribuidores especializados y que se 
utilizan para toda clase de circuitos electrónicos. 


Asi tenemos resistencias de 1 KO, 10 KO, 430 
KO, 82 KO, 33 Q, etc. Para conseguir valores que 
no se encuentran en esta tabla,se pueden conectar 
resistencias en serie o en paralelo, 


Las resistencias o resistores se pueden conectar 
en serie o en paralelo con el fin de obtener valores 
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2. 


For 


nm O 1 - 


Use the circuit shown in Figure 6.54 . 


Figure 6.54 


C=0.4 uF 
Y 


out 


~R=300 


Use the circuit shown in Figure 6.55 . 


Figure 6.55 


R=12Q0 


questions 4-6, calculate the 


following 


parameters for the circuit shown in each 


question. 


A. 


X C 


preferidos para reemplazar resistencias en un cir- 
cuito que no tengamos a la mano,o también para lo- 
grar resistencias de mayor vatiaje. 


Resistencias en Serie 


En una conexión en serie se conectan dos o más 
resistencias,uniendo un terminal de una de ellas con 
un terminal de la siguiente, formando una cadena. 
Este conjunto de resistencias forman una nueva 
resistencia con características diferentes, llamada 
resistencia equivalente (figura 96). 


Resistencias en serie 


El valor de la resistencia equiv+lente para resisten- 
cias en serie,es igual a la suma de todas las resisten- 
cias que intervienen en la cadena, 


Req o Rt= R1+R2+R3+..+ Rn 


Como se lo para entender mejor cómo se deter- 
mina el valor de la resistencia equivalente de una co- 
nexión o circuito de resistencias en serie, estudie- 
mos el siguiente caso: 


Tenemos un circuito con tres resistencias conec- 


tadas en serie con valores de 2.2 KQO, 33 K£ y 
100 QéCudl será su resistencia equivalente?. 


Ai +R? + A3 2.2200 + 33000) + 100 


r ay ey Pe = A i P 
2530000 35.3422 


Corriente y voltaje en un circuilo de resistencias 
en serie 


El tema que vamos a estudiar aquí es muy impor- 
tante en este curso de radio, ya que es el primer 
análisis del comportamiento del voltaje y la corrien- 
te en un circuito con varios componentes electróni- 
cos. Este análisis se utilizará de ahora en adelante 
para todo tipo de circuitos y componentes, 


Caida de voltaje 


Cuando tenemos una carga como un bombillo o 
una resistencia, conectada a una pila en el circuito 
eléctrico elemental estudiado anteriormente, todo el 
e aparece en los terminales de esa carga. (figu- 
ra 97). 


Voltaje en la carga 


Pero si tenemos dos o más resistencias en serie 
en un circuito electrónico sencilloocurre un fenóme- 
no llamado caída de voltaje . Esta caída de voltaje 
nos indica que en cada resistencia se aplica una 
parte del voltaje total del circuito dependiendo de su 
valor en ohmios. (figura 98). 


i 
Caiga dê 


voltaje 


Este principio se complementa con una ley que 
dice que si se suman todos los voltajes de los cle- 
mentos de un Circuito en serie siempre debe dar co- 


mo resultado el voltaje total aplicado al circuito, 
(figura 99). 


Suma de voltajes 


Otro principio fundamental y muy importante di- 
ceque: En todo circuito en serie la corriente que cir- 
cula es la misma en todos los elementos de ese 
circuito. 


Para calcular la caída de voltaje en cada elemento 
del circuito, se utiliza la ley de Ohm, multiplicando el 
valor de la corriente que circula, por el valor en 
ohmios de cada uno de los componentes; en este 
caso, de las resistencias. 


Reg = A1 + A2 
Reg = 40 + 50 

V ay 
"Ged — = 1Amp 


Vl= Rixl= 404x 14m = 4 Voltios 
V2= R2x|= 50x 14m+=5 Voltios 


Divisores de voltaje 


Utilizando el principio de la caída de voltaje se 
pueden formar circuitos llamados divisores de vol- 
taje, que permiten obtener varios voltajes de una 
fuente de valor fijo, Por ejemplo, con una pila de 9 
voltios podemos obtener un voltaje de 6 voltios por 
medio de dos resistencias. (figura 100), 


Si utilizamos una resistencia variable o potenció- 
metro, podemos obtener un voltaje variable de una 
pila u otra fuente de voltaje de corriente continua, 
(figura 101). 


Divisor de voltaje 


AAA ten ee 


Di 


Estos principios se utilizan mucho en el estudio y 
análisis de los diferentes circuitos de radio,que esta- 
remos estudiando en próximas lecciones, y por lo 
tanto los debemos tener muy en cuenta. 


resistencias en paralelo 


En la conexión de resistencias en paralelo se co- 
nectan todos los terminales de un lado de las resis- 
tencias a un punto común, y todos los terminales del 
otro lado a otro punto común. (figura 102), 


ats 


= pa 


Resistencias en paralelo 


mirig 


area al io 


E 
i 
$ 


El valor de la resistencia equivalente para un 
conjunto de resistencias en paralelo,no es tan fácil 
de obtener como en las resistencias en serie. Su va- 
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lor es igual al inverso de la suma de los inversos de 
cada resistencia del conjunto. 


Se llama inverso de un número a la cantidad que 
resulta de dividir a la unidad ( 1 ) por ese número. 


Ejemplo : el inverso de 5 será 1/5, el inverso de 
100 será 1/100, etc. 


Entonces el inverso de la suma de los inversos se 
escribe así : 


FORMULA PARA CALCULAR 
RESISTENCIAS EN PARALELO 


Cuando tenemos solamente dos resistencias en 
paralelo, la fórmula se puede simplificar de la si- 
guiente manera : 


Ejemplos : 


a) Tenemos un circuito con dos resistencias en 
paralelo de 10 KQ y 22 K(2,y encontraremos el 
valor de la resistencia equivalente o total, Aplicando 


la fórmula tenemos : 
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Rix R2 _ 10Kx 22K _ 220K" 
Ai + R2 10K + 22K 42K 
Reg = 68750 o 6.875% 


Reg = 


b) Tenemos otro circuito con dos resistencias en 
paralelo, de 1 MÁ cada una. Hallamos el valor de la 
resistencia equivalente : 


c ) En otro circuito de tres resistencias de 220 Q, 
470 Q y 6.8 KO en paralelo, hallamos la resistencia 
equivalente : 


gg j a 
220 470 
. 1 
Req 


————EE—————_—_ E 
0.0045 + 0.0021 + 0.00014 0.00674 
Req = 148.9602 


Como conclusión debemos tener en cuenta que, si 
conectamos dos resistencias iguales en paralelo, el 
valor de la resistencia equivalente será la mitad del 
valor de una de estas resistencias. 


Otro principio importante es el que dice que, en un 
circuito de resistencias en paralelo, la resistencia 
equivalente será menor que la menor de las resis- 
tencias del conjunto. 


El voltaje y da corriente en un circuito de 
resistencias en paralelo, 


En un circuito de resistencias en paralelo, el 
voltaje para cada una de ellas será igual y es el 
mismo de la fuente de alimentación del circuito. 


Sin embargo la corriente se divide o distribuye 
por cada una de las resistencias o ramales, de 
acuerdo al valor en ohmios de cada resistencia. 


Debemos observar entonces que en el circuito en 
paralelo,ocurre lo contrario que en el circuito en se- 
ne,en cuanto a voltaje y corriente se refiere. 


Para calcular cómo se divide la corriente por cada 
uno de los circuitos, se utiliza la ley de Ohm, 
dividiendo el voltaje total, que es el mismo, por el 
valor de cada resistencia. 


En este tipo de configuración se establece una ley 
que dice : La suma de las corrientes de todas las 
ramas de un circuito en paralelo, debe ser igual a la 
corriente total del circuito. 


Ejemplo: 
Vamos acalcular la resistencia equivalente y la co- 


miente que circula por cada una de las resistencias 
del circuito de la figura 103, 


División de la corriente 


menni 


j E 1 


re AAA O 


1000 ` 2200 *3300 


1 
0.001 + 0.00045 + 0.00030 0.00175 


Reg = 571.40 


OV 


= = 0,0157 Amp 
of 1.40 


— = 0.009 Amp 


= 0.0040 Amp 


= 0.0027 Amp 


lip=!, + b + ly =0.0094+ 0.004 + 0.0027 


lr =0.0157 Amp 


Resistencias en serie - paralelo 


Las resistencias se pueden conectar en circuitos 
mixtos, o sea, combinando las dos conexiones ante- 
nores, serie y paralelo. (figura 104). 


Este tipo de conexión, utilizando componentes 
mezclados, es decir, resistencias, condensadores, 
bobinas y otros,es el que se encuentra realmente en 
los aparatos electrónicos. 


Más adelante estaremos estudiando las diferentes 
combinaciones de componentes, llamadas circuitos 
RC, RL, LC y RLC. 


_La letra R indica resistencia, la letra C indica 
condensador y la letra L indica bobina. 
63 


Actividad práctica N* 5 


En esta actividad vamos a instalar en el tablero 
del radio las resistencias correspondientes al circui- 
to amplificador de audio o,sea la etapa marcada con 
el color azul en su lámina del diagrama del radio, 


Para hacerlo, siga cuidadosamente las instruc- 
ciones sl iguientes utilizando como ayuda la lámina " 
Guía para la instalación de componentes”. Recuerde 
lasinstrucciones para soldar correctamente, entrega- 
das en las prácticas anteriores. 


Componentes y herramientas necesarios 


1 Resistencia de 680 Q ( Azul-Gris-Café) 

2 Resistencias de 0.5 O ( Verde-Negro-Plateado) 
1 Resistencia de 150 KO ( Café-Verde-Amarillo) 
1 Resistencia de 560 © ( Verde-Azul-Café) 


Todas las resistencias de 1/4 de vatio y 5% de tole- 
rancia, por lo tanto la cuarta banda debe ser dorada. 
1 Cautín o soldador de 25 vatios 

1 Pinzas de punta 

1 Cortador de alambre o cortafrio 

1 Pedazo de soldadura 


Paso 1: Localice la resistencia R13 de 680 ohmios 


¿tar AMPLIF de F | 


ii aida CE PEf E 


o © AMPLE DE Fl 


(Azul-Gris-Café-Dorado) e instálela entre las punti- 
llas A9 y A25, en la parte superior derecha del radio, 
Suelde primero un terminal en la puntilla A¥ 
fijándoseque la resistencia que de sentrada entre las 
dos puntillas. Luégo suelde el otro terminal en la 
puntilla A25, fijándose que la resistencia que de bien 
recta. Y recorte los terminales sobrantes. 


Paso 2 : Localice las dos resistencias R14 y R15 de 
0.5 ohmios (Verde-Negro-Plateado-Dorado). Insta- 
le una entre las po A19 y A20 y la otra entre 
las puntillas A20 y A21. Colóquelas en el centro de 
las puntillas, suelde bien sus terminales y recorte 
los alambres sobrantes. 


Paso 3 : Localice la resistencia R16 de 150 KO 
(Café-Verde-Amarillo-Dorado) e instálela entre las 

untillas A7 y A17, soldando bien sus dos termina- 
es. 


Paso 4 : Localice la resistencia R12 de 560 Q 
(Verde-Azul-Café-Dorado), e instálela entre las 
puntillas 39 y 38 . 


Después de pegar estas cinco resistencias su 
radio debe quedar como se muestra en la figura A7. 


OCTEGTOR Pr oriin CE cil T 


Conexión mixta 


Para aplicar la ley de Ohm a los circuitos muxtos 

o complejos como el de la figura 104 debemos pri- 

mero encontrar la resistencia equivalente de todo el 

circuito. Para hacerlo, debemos ir resolviendo cada 

pupi hasta llevarlo a un circuito más simple y al 

inal poder calcular fácilmente el valor de esa resis- 
lencia, 


Con el fin de aclarar esta afirmación, vamos a 
realizar un ejemplo con un circuito real. Supon- 
gamos que tenemos un circuito con diferente combi- 
nación de resistencias en serie y paralelo y se debe 
hallar su resistencia equivalente. 


Solución; 


Para hallar la resistencia equivalente en el circuito 
debemos resolver primero los dos grupos de 
resistencias en paralelo. 


Después reemplazando estos dos valores en el 
circuito quedará como muestra la gráfica. 


Y aplicando la fórmula para resistencias en serie 
se obtiene el resultado. 


R2x R3 _ 1Kx22k  22k” 
R24 R3 1K +22K 3.2K 
Req 1 = 0.6875K o 687.50 


Reqi = 


| i 
poo cate a A PE EEE esos 
0.0001 + 0.000045 + 0.000014 0.000159 
2200 


687.50 


à 7H 


Req 


f 11-B8K0 


Req = 2200 + 687,50 + 47000 + 6.2800 
Reg = 11887 Q o 1188KO 
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Lección 7 


Los condensadores 


Los condensadores o capacitores son uno de los 
componentes más importantes utilizados en casi to- 
dos los circuitos electrónicos y sobre todo en los cir- 
cuitos de radio. 


_ Sus aplicaciones son muy variadas y tienen como 
función principal almacenar energía temporalmente. 


Prácticamente puede considerarse al condensador 
como una pequeña pila que recibe y entrega energía 
eléctrica en rápidos intervalos de tempo. 


Otra función muy importante de los condensa- 
dores es la de bloquear el paso de la corriente con- 
tinua y permitir el paso de la corriente alterna de un 
circuito a otro. 


Construcción de los condensadores 


Un condensador está compuesto por dos super- 
ficies conductoras o placas metálicas, separadas por 
un material aislante llamado dieléctrico. (figura 
105). 


Construcción de un condensador 
Hojas de 
poliéster 


El dieléctrico de un condensador puede ser de di- 
ferentes materiales. Entre los más utilizados tene- 
mos el papel, la cerámica, el poliéster, la mica, el 
papel impregnado en aceite, el aire, etc. 


Las placas de los condensadores tienen la fun- 
ción de almacenar los electrones. Dependiendo de la 
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polaridad de la fuente a que estén conectadas, una 
placa adquiere carga positiva y la otra placa ad- 
quiere carga negativa. (figura 106). 


Carga de un condensador 


Esta condición crea una diferencia de cargas entre 
las dos placas. La función del dieléctrico o aislante 
es mantener esa diferencia de cargas. 


En la figura anterior los electrones de la placa B 
no pueden pasar a la placa A debido a que éstas 
están separadas por un dieléctrico o aislante que en - 
este caso es el aire. 


Funcionamiento de un condensador 


El funcionamiento de un condensador esta basa- 
do en la ley básica de las cargas que dice : " Cargas 
eléctricas iguales se rechazan y cargas eléctricas 
apuestas se atraen ”. 


Consideremos el circuito de la figura 107, en el 
cual el suiche está abierto y no permite que fluya 
corriente hacia el condensador. 


En estas condiciones, el condensador permanece 
inactivo por encontrarse aislado de la fuente y por 
lo tanto no se crea diferencia de carga entre sus 
placas. Veamos lo que sucede al cerrarse el suiche. 
(figura 107). 


Al cerrarse el suiche, el exceso de electrones del 
borne negativo de la pila circula a través del hilo 
conductor depositándose en la placa A, cargándola 
negativamente, 


suche abierto 


Condensador |B 
sin carga 


Suiche cerrado 


Campo T 
eléctrico y 


Condensador 
cargado 


El borne positivo de la fuente atrae electrones de 
la otra placa (B) dejándola con un faltante de electro- 
nes, en otras palabras, cargándola positivamente. 
Durante el proceso anterior se establece una diferen- 
cia de cargas entre las dos placas sin existir flujo de 
electrones o corriente entre ellas, debido a que el die- 
léctrico por ser aislante lo impide. Asi el condensa- 
dor queda cargado, 


Como las dos placas presentan cargas opuestas y 
están muy cerca entre sí, se crea una fuerza de atrac- 
ción entre los átomos de las dos placas. 


Esto permite que el condensador mantenga su 
carga después de desconectada la pila, es decir, se 
crea una fuerza que amarra la carga de las placas. 
Esta fuerza se conoce con el nombre de campo 
eléctrico. 


Una vez que el condensador está cargado, po- 
dríamos unir $us terminales, notando que se produce 
una pequeña chispa al hacerlo. (figura 108). 


_El condensador cargado actúa como una pequeña 
pila. 


Los electrones sobrantes de la placa negativa se 
pasan a la placa positiva por medio de los conduc- 
tores, estableciendo una corriente eléctrica, 


Casi inmediatamente las dos placas quedan con 
igual cantidad de electrones libres, desapareciendo la 
diferencia de cargas con lo cual el condensador se 
considera descargado. 


Descarga de un condensador 


Capacidad de un condensador 


Un condensador puede almacenar mayor o me- 
nor cantidad de carga eléctrica, dependiendo de su 
forma y tamaño, Los condensadores se pueden com- 
parar con los estanques de agua, hay unos con ma- 
yor capacidad de almacenamiento que otros, 


Unidad de medida de la capacidad de los 
condensadores 


A la cantidad de carga eléctrica que puede almace- 
nar un condensador se le conoce como Capacidad 
i se mide por medio de una unidad llamada Fara- 

i 


10. 


Aligual que la capacidad de un tanque de agua se 
mide en metros cúbicos, en litros o en galones, la 
capacidad de un condensador se mide en Faradios. 


_ Esta unidad se ha llamado así en honor a Michael 

Faraday, quien realizó grandes descubrimientos en 

Š braaa y aplicación de las leyes de la electrici- 
ad. 


Debido a que la unidad de un faradio corres- 
ponde a la capacidad de un enorme condensador 
que no existe en la práctica, se utilizan frecuente- 
mente unidades de medida muchísimo más peque- 
ñas. 


Para esto se ha establecido el microfaradio, que 
se abrevia como F y que equivale a una millo- 
nésima parte de un faradio. 


También se utilizan el nanofaradio que se ecribe 

como nF y el picofaradio que se escribe como pF 

y que equivale a una millonésima parte de un 
microfaradio. 


1 Faradio = 1.000.000 LF 
= 1.000.000.000.000 pF 
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Es muy comun encontrar en los aparatos elec- 
trónicos condensadores de 100 picofaradios, 10 mi- 
crofaradios, 2200 microfaradios y que se expresan 
como 100 pF, 10 HF, 2200 uF, etc. 


Factores que determinan la capacidad de un 
condensador 


Existe una gran variedad de condensadores de 
diferentes valores, desde un picofaradio, hasta va- 
nos miles de microfaradios. 


Hay dos factores físicos que determinan la 
capacidad de almacenamiento de electrones de un 
condensador, Estos dos aspectos: son el tamaño o 
superficie de las placas y la separación entre ellas o 
sea el espesor del dieléctrico. 


A mayor tamaño o área de las placas, o a menor 
separación entre ellas, se obtiene una mayor capa- 
cidad en el condensador. Esta separación tiene 
cierto límite, ya que si se tienen las placas muy cerca 
entre sí puede saltar el voltaje de una placa a la otra 
quemando el condensador. 


Por esta razón los condensadores de mayor capa- 
cidad son más grandes que otros de menor capaci- 
dad. 


El voltaje de trabajo 


Otro aspecto muy importante en los condensa- 
dores es el máximo voltaje que soportan conecta- 
dos a un circuito. Á esta característica se le llama 
voltaje de trabajo. 


Dos condensadores pueden tener la misma 
capacidad en microfaradios, pero soportar diferentes 
voltajes. El voltaje de trabajo de un condensador 
está relacionado con el material del diélectrico 
utilizado y con la separación entre sus placas. 


Un condensador cuyas placas están más cerca 
entre, sí soporta menor voltaje, rompiéndose con 
mayor facilidad el aislamiento del dieléctrico. Por 
esta razón los condensadores de mayor voltaje son 
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más voluminosos, ya que requieren que sus placas 
estén más separadas y su superfice sea mayor para 
no alterar su capacidad de voltaje. 


Los voltajes de trabajo más comunes para los 
condensadores son de 25 voltios, 50 voltios, 100 
voltios, 250 voltios, 400 voltios y 600 voltios. En 
los transmisores de radio se pueden encontrar 
condensadores con un voltaje de trabajo de 1000, 
2000, 4000 0 más voltios. También se encuentran 
este tipo de condensadores en algunos circuitos de 
los aparatos de televisión. 


Tipos de condensadores 


Los condensadores se dividen en dos grandes 
grupos: condensadores fijos y condensadores 
variables. 


Condensadores fijos 


Como su nombre lo dice, presentan un mismo 
valor de capacidad. Hay diferentes tipos de conden- 
sadores fijos, clasificados principalmente por el tipo 
de dielécinico utilizado en su fabricación, 


Según el tipo de dieléctrico toman diferentes for- 
mas como veremos más adelante. Los principales 
tipos de condensadores fijos son: de mica, de cerá- 
mica, de papel y los electroliticos, 


Los condensadores de cerámica y los electroli- 
ticos son los más utilizados en los actuales circuitos 
electrónicos y de radio, pero existen otros tipos de 
condensadores que se utilizan mucho, sobre todo en 
los aparatos de radio y televisión fabricados con 
tubos. 


Condensadores de mica 


Están formados por láminas metálicas delgadas, 
separadas entre sí por láminas de mica, Todo el 
conjunto está contenido dentro de una envoltura 
de plástico. Los condensadores de mica presentan 
bajas pérdidas de energia, soportan altos voltajes, 
son compactos y de buena precisión (figura 109), 


Condensadores de papel 


Los condensadores de papel son baratos y su 
construcción es muy sencilla, lo cual ha hecho muy 
popular su empleo. Consiste en tiras metálicas muy 
delgadas, separadas entre sí por bandas de papel 
aislante impregnado en cera como dieléctrico. Las 
placas y el papel del condensador vienen enrollados 
en forma cilíndrica, con el fin de obtener una mayor 
área de las placas, logrando así una capacidad 
utilizable, (figura 110). 


Condensadores de mica 


Condensadores de papel 


Papel de estaño 


Papel encerado 


Terminal 


Los voltajes de trabajo con que se fabrican estos 
condensadores son de 200, 400 y 600 voltios, Para 
voltajes mayores es necesario utilizar condensado- 
res de papel con baño de aceite. 


Condensadores de cerámica 


Los condensadores de cerámica, llamados tarn- 
bién condensadores de disco, son de tamaño redu- 
cido, baratos y versátiles. Estos condensadores es- 
tán constituidos por dos delgadas placas o películas 
de plata en forma de disco y tienen cerámica como 
material dieléctrico. (figura 111). 


Condensadores de cerámica 


Las formas más usuales de los condensadores 
cerámicos son la de disco y la tubular. Son con- 
densadores relativamente pequeños y se utilizan mu- 
cho en todos los circuitos electrónicos, Su capaci- 
dad está comprendida entre 1pF y 0.02pF. 


En el circuito de radio AM que estamos cons- 
truyendo, tenemos varios condensadores de cerdmi- 
ca. Estos están identificados como Cl, C2, C3, 
C5, C6, C7, C8, C9 y C12, 


Condensadores electrolitions 


Los condensadores electroliticos, conocidos tam- 
bién como condensadores polarizados, constan de 
una placa positiva y otra placa negativa, hechas ge- 
neralmente de aluminio o tantalio poroso. La placa 
positiva está sumergida en un líquido, que hace 
las veces de electrolito en el caso de los condensa- 
dores electroliticos húmedos. En el caso de los 
condensadores electrolíticos secos, las placas es- 
da en contacto con una gasa impregnada de electró- 
ito. 


La principal ventaja de los condensadores elec- 
trolíticos es la de presentar una capacidad muy alta 
para un tamaño relativamente pequeño, sin exceder 
su costo, Su capacidad puede alcanzar el orden de 
los miles de microfaradios. 


En la figura 112 emos observar el aspecto 


físico de este tipo de condensador, que es muy 
común también en todos los circuitos electrónicos. 


Condensadores electrolíticos 


| Hoja de aluminio 


alumunuio 


uf 
A 
7 
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NV} 1000 HF | 
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Los valores más usuales son: 1uF, OUP, 2240F, 
100uF, 1000F, 22004F, 6800F, 4700uF y 
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B. AC V out 
C. DC V out 
4. Use the circuit shown in Figure 6.56 . 
Figure 6.56 o 
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5. Use the circuit shown in Figure 6.57 . 


Figure 6.57 
AC Is Y 


pp 


¿kHz 


6. Use the circuit shown in Figure 6.58 . 
Figure 6.58 


Debido a que los condensadores electroliticos pre- 
sentan polandad, aay que ser cuidadoso al conec- 
tarlos, ya que una polaridad invertida lo puede des- 
truir explotando violentamente, por tal razón estos 
condensadores sólo se utilizan en circuitos de co- 
mente directa o continua. 


Para conectar un conden sador electroli tico deben 
conocerse los terminales positivo y negativo, tanto 
en el condensador como en el circuito. 


La principal aplicación de los condensadores 
electrolíticos está en los circuitos de fuente de 


poder. 


Podemos observar en el diagrama del radio que 
tenemos varios condensadores electrolíticos que 
son: C4, C10, C11, C13 Y C14 


Los condensadores electrolíticos se fabrican en 
dos formas: axial y radial. Los de tipo axial tienen 
los terminales en cada lado del condensador y se 
montan acostados. Los de tipo radial tienen los dos 
terminales por el mismo lado y se montan parados, 


(figura 113), 


Montaje de condensadores electroliticos 


Condensadores variables 


Son aquellos cuya capacidad se puede variar a vo- 
luntad ya sea por medio de una perilla o tomillo. 
Estos condensadores son utilizados como sintoni- 
zadores o para ajustar ciertos circuitos en los equi- 
pos receptores y transmisores de radio. 


Los condensadores variables se fabrican con 
dieléctrico de aire en el caso de los sintonizadores o 
con dieléctrico de plástico o mica cuando son de 
ajuste. Su capacidad siempre tiene un rango. Por 
ejemplo, los que se utilizan en los radios de AM 
pueden tener un valor entre 5pF y 365 pF. 


En la figura 114 podemos observar los diferentes 
tipos de condensadores variables más utilizados en 
los circuitos de radio v los símbolos utilizados para 
representarlos en los diagramas. 


Identificación de los condensadores 


En el momento de elegir o identificar un cón- 
densador hay que tener en cuenta lo siguiente: 


La capacidad, que está dada en microfaradios, 
nanofaradios o picofaradios, el voltaje de trabajo, la 
tolerancia que al igual que las resistencias se refiere 
al grado de precisión en su capacidad y el tipo de 
conder sador. 


Por último, en algunos tipos de condensadores 
electrolíticos viene estipulada la temperatura de tra- 
bajo y que se refiere al calor que éstos soportan, 


Para su identificación, la mayoría de los conden- 
sadores traen directamente impresos sus valores en 
microfaradios (UF), nanofaradios (nF), picofara- 
dios (pF) o micromicrofaradios (pF) que equivale 
a picofaradios (1ppiF = Ipf). 


Igualmente ocurre con el dato de voltaje y tem- 
peratura, Los condensadores electrolíticos se dife- 
rencian fácilmente por tener marcada su capacidad, 
su voltaje y sus terminales como positivo y nega- 
tivo. Además su tamaño es mucho mayor. 


Los condensadores de cerámica traen tres nú- 
meros y una letra. La capacidad que expresa estos 
números se da en unidades de picofaradios. 

El valor debe leerse así: los dos números se leen 
directamente, el tercer número indica la cantidad de 
ceros que se debe agregar. y el valor obtenido está 
dado en picofaradios. Ejemplo: 

103 Z = 10 seguido de tres ceros, en pF = 10000pF 
204 Z = 20 mas cuatro ceros, en pF = 200000pF 


333 Z = 33 seguido de tres ceros, en pF = 33000pf 


Conversión de unidades en los condensadores : 


se utiliza con mucha frecuencia en electrónica la 
conversión de unidades en los condensadores, con 
el fin de reemplazar alguno que está defectuoso o 
cuando estamos consiguiendo los componentes 
para un nuevo circuito. 


Es muy común, por ejemplo, que en un plano 
encontremos que se requiere un condensador de 
10.000pF, pero éste se consigue más fácilmente si 
lo expresamos como 0.0114F, que en la práctica es 
el mismo condensador. 


Conversión de picofaradios a microfaradios 


Para pasar de picofaradios a microfaradios se 
divide la cantidad expresada en pF sobre un millón. 


Ejemplo: Expresar en UF los valores de los si- 
guientes condensadores: — 10000pF, 200000pF, 
20000pF y 330000pF. 


10000pF 


o = 001uF = 01uF 
1000000 uF f e 


100000pF 
ene, RC Fy are = 0.1 = {uF 
1000000 uF Wan ie 
20000pF 


i A - 0.02uF = 02uF 
1000000 uF on ve 


330000pF 
1000000 pF 


Conversión de microfaradios a picofaradios 


Para pasar de microfaradios a picofaradios se 


multiplica por un millón la cantidad a expresar: 


ILF = 1000000pF 


Ejemplo: 


Expresar en picofaradios y en código de tres núme- 
ros los condensadores siguientes: 


0.1 uF y 0.001 uF 


0.1 pF =0.1 pF x 1000000 pF = 100000 pF 
= 100000 = 104 


0.001 uF = 0.001 pF x 1000000pF = 1000pF 
= 1000 = 102 


Conexión de condensadores 

Los condensadores, al igual que las resistencias, se 
pueden conectar en serie, en paralelo o en forma 
mixta, 

Conexión de condensadores en serie 


Al conectar condensadores en serie, la capacidad 
total dismunuye. 


Esto equivale a aumentar el espesor del dieléc- 


trico quedando un sólo condensador cuyas placas 
están más separadas, (figura 115), 


Condensadores en serie 


A 


La fórmula para encontrar el valor equivalente de 
los condensadores en serie es similar a la de resis- 
tencias en paralelo. 
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Para dos condensadores diferentes: 


Para condensadores iguales: 


ter = Capacidad Total 
CT = C C =Capacidad de 
n un condensador | 
n = Numero de condensadores 
conectados 


El máximo voltaje admitido por un grupo de con- 
densadores conectados en sene, es igual a la suma 
de los voltajes de cada condensador. Por lo tanto al 
conectar condensadores en serie se aumenta el vol- 
taje de trabajo pero se disminuye la capacidad. (figu- 
ra 116). 


Voltajes en condensadores en serie fj 


Para conectar condensadores electrolíticos en se- 
rie se debe alternar su polaridad como en el caso de 
las pilas, (figura 117). 


fi aa y CMA 
o C2 Fig 117 É 


Conexión de condensadores en paralelo 


Cuando conectamos condensadores en paralelo, 
la superficie activa de las placas aumenta, obtenién- 
dose un aumento de la capacidad. (figura 115). 


Condensadores en paralelo 


TV Fig. 118 | 


Varios condensadores conectados en paralelo se 
ueden expresar como un solo condensador equiva- 
ente mediante la suma de la capacidad de cada uno: 


Cr =C) Ort Cg tUg +... etc 


El voltaje aplicado al conjunto es el mismo para 
todos los condensadores y por lo tanto el máximo 
voltaje aplicado al circuito no debe ser superior al 
del condensador con menor voltaje de trabajo. 
Ejemplo: 


Hallar CT y voltaje máximo que $8 puede aplicar 
SOLUCION: 


CT =C1+C2+C3+C4+C5 
CT = 10uF + 47uF + 14F+ 1004F + 10 uF 
CT = 168uF 


Voltaje máximo permitido = Al meng voltaje de trabaja 


== Vm = 50V -= GT =168uF 


Observemos que la fórmula utilizada para conden- 
sadores en serie es la misma que para resistencias 
en paralelo, y la fórmula para condensadores en 
paralelo es la misma que para resistencias en serie. 


Seguridad en el uso de condensadores 


Cuando conectamos condensadores con voltajes 
superiores a 50 voltios y, sobre todo aquellos electro- 
líticos que vienen en los aparatos de sonido y televi- 
sión, debemos tener mucho cuidado de no tocar sus 
terminales, Estos condensadores permanecen carga- 
dos aún después de desconectarse el aparato. 


Para evitar todo esto es preciso descargar los 
condensadores antes de manipular con estos circui- 
tos. Una forma de hacerloes poniendo momentánea- 
mente en cortocircuito sus terminales. 


Recomendaciones para elección de condensadores 


Es recomendable que el voltaje de trabajo de un 
condensador sea de un 10% a 20% mayor, que el 
voltaje normal a que está conectado. 


Hay que tener también en cuenta la temperatura 
de trabajo. En partes muy encerradas los conden- 
sadores se pueden sobrecalentar haciendo que és- 
tos se sequen, dermtan o se quemen. Se debe procu- 
Tar que los condensadores, sobre todo los electroliti- 
cos, no queden cerca de elementos que disipen mu- 
cho calor, 


En este caso existen condensadores electrolíticos 
fabricados para diferentes temperaturas, por ejem- 
plo: 85° C o 105° C. 


Comportamiento de los condensadores con la 
corriente alterna (CA) 


En los diferentes circuitos electrónicos de un 
radio, un televisor o un aparato de sonido de cual- 
quier tipo, siempre encontramos comente continua 
y corriente alterna trabajando juntas, lo que hace po- 
sible el funcionamiento total del aparato. 


Los condensadores juegan un papel muy 
importante ante los dos tipos de corriente, 


La acción de un condensador frente a la corriente 
continua sólo se manifiesta en los instantes en que 
se conecta y desconecta el voltaje, actuando des- 
pués como un circuito abierto que no deja circular la 
comente. 


Alaplicar una comente altema (CA) a un conden- 
sador, éste actúa en forma muy diferente. Debido a 
que la corriente alterna invierte periódicamente su 
polaridad, las placas se hacen positivas y negativas 
altcrmadamente. 


En la figura 119 observamos las flechas para la- 
do y lado indicando el avance y retroceso permanen- 
te de la CA, pero en ningún momento la corriente 
atraviesa el dieléctrico del condensador, Sólo se tra- 


Condensador con corriente alterna f 


Laplaca se hace (+) y 3 
(+) alternadamente 


ta de un efecto de carga y descarga sucesiva del 
condensador. Para entender bien todo lo anterior 
analizaremos lo que pasa en cada semiciclo de la 
corriente alterna, (figura 120), 


E 
Y 
i 
Í 
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A 
JE 


= y 
= ' 
E 


Durante el semiciclo positivo, la placa A se carga 
positivamente y la placa B se carga negativamente 
como ocurre con una fuente de corriente continua, 
creando un flujo momentáneo de electrones que hace 
encender la lampara. 


Después de que el condensador se ha cargado en 
ese sentido, se descarga a través de la lámpara 
cuando no hay voltaje y ésta se enciende. Luego el 
condensador se carga con una polaridad contraria, 
la placa A es ahora negativa y la placa B es positiva. 


Cuando el voltaje llega nuevamente a cero, el con- 
densador se vuelve a descargar y la lámpara se en- 
ciende de nuevo. 


Como los cambios de dirección de la cormente al- 
terna (AC) se suceden muy rápidamente, la corrien- 
te fluira por el circuito en forma permanente y por 
consiguiente la lámpara se mantendrá encendida. 


El efecto real de un condensador en un circuito 
de CA es producir un retraso del voltaje con respec- 
to a la corriente. La causa de este fenómeno es que 
el voltaje acumulado en las placas del condensador 
es de signo contrario al de la fuente. 


Coki Cuero de Radio AM, FM, Banda Cieladana y Radicafición TS 


En otras palabras, un condensador se opone a 
los cambios del voltaje de CA. A este fenómeno se 
le llama Reactancia y especificamente se denomina 
Reactancia capacitiva en los condensadores. 


Reactancia capaciliva 


En un circuito que contiene solamente resisten- 
cia, el voltaje aplicado al circuito y la corriente cir- 
culante siempre estarán en fase, Esto significa que 
los valores máximos y mínimos de las curvas de 
voltaje y corriente se suceden al mismo tiempo y 
on tienen el mismo signo o polaridad. (figura 
121). 


En un circuito resistivo, el efecto que produce la 
corriente es el mismo si aplicamos CÁ o CC. En un 
circuito que contenga condensadores las cosas son 
diferentes, dependiendo del tipo de corriente apli- 
cado ya sea CU o CA. 


A un circuito formado por condensadores se le 
llama un circuito capacitivo. En él el voltaje se 
atrasa con respecto a la corriente, o lo mismo, la 
corriente se adelanta al voltaje. (figura 122). 


Corriente y voltaje de un condensador E 


Corriente 


Desfase de 90° _ 


Circuito capacitive $ 
are Fig 122 | 


A ate td 


El voltaje en un circuito capacitivo sufre un des- 
fase o atraso de 90% con respecio a la corriente, 
Asi. cuando la corriente alcanza su máximo valor, 
el voltaje tiene su mínimo valor y viceversa, En la 
gráfica anterior observamos que para cero grados 
(0°) la corriente ha alcanzado su máximo valor y el 
voltaje apenas va a empezar a tomar valores, 
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El desfase que ocasiona un condensador crea una 
oposición al paso de la corriente. Es una especie de 
resistencia resultante del desfase entre la corriente y 
el voltaje. A esta resistencia tan especial se le llama 
Reactancia Capacitiva, se expresa como Xc y se 
mide en ohmios, al igual que las resistencias. 


En otras palabras, un condensador se comporta 
como una resistencia variable para señales o volta- 
jes de corriente alterna y cuyo valor en ohmios 
depende de la frecuencia de la señal. 


Este comportamiento es importantísimo y es el 
que hace posible el funcionamiento de muchos de 
los circuitos de radio. 

Cálculo de la reactancia capacitiva 
La reactancia capacitiva de un condensador se 


puede calcular de forma muy sencilla mediante la 
siguiente fórmula: 


Xc = Reactancia capacitiva dada en ohmios 


27 = Constante igual a 6.28 (2 x 3,14) 
F «Frecuencia en ciclos por segundo 
del voltaje alterno aplicado 
i C = Capacidad en faradios 


Hallar la reactancia capacitiva del siguiente circuito: 


F = 60 Hz 


Datos: 

F = 60Hz = 60 Ciclos por segundo 

C = 10uF se debe expresar en faradios, 58 
divide por un millón ya que un Faradio 
es un millón de uF 


1OuF | x 
bk 1F 
C 1000000 0.00001 Faradios 


1 1 
*'g28x60x0.00001 0.009768 


AC 


Ac = 265.9912 
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Las bobinas 


Las bobinas son, uno de los componentes más 
utilizados en los circuitos de radio y comunicación 
tanto en los aparatos de transmisión como en los de 
recepción. 


Una bobina es un componente formado por va- 
rias vueltas o espiras de alambre, enrolladas sobre 
una forma cilíndrica, cuadrada o rectangular. Las 
bobinas pueden tener un núcleo que generalmente 
es de hierro o ferrita. Cuando una bobina no tiene 
A se dice que tiene núcleo de aire. (figura 
123). 
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Las bobinas también reciben el nombre de induc- 
tores O Choques. 


La palabra inductor viene de inductancia que es 
un fenómeno eléctrico que ocurre en las bobinas y 
que explicaremos más adelante, y la palabra choque 
se deriva del efecto de oposición a la variación de la 
corriente que se produce en una bobina, 


Inductancia 


En las bobinas ocurre un fenómeno de oposición 
a las variaciones de la corriente eléctrica. 


En otras palabras, si la corriente en un circuito 
trata de subir o bajar y en ese circuito hay una 
bobina, ella se opone a que la corriente suba o baje. 


Este comportamiento es comparable a la inercia 
en un movimiento mecánico. 


51 un cuerpo con determinado peso se está mo- 
viendo y tratamos de aumentar o rebajar su veloci- 
dad, hay una fuerza que se opone a ese cambio y 
que se llama inercia, 


Esta oposición, que se presenta en las bobinas, se 
llama inductancia, se mide en Henrios y se represen- 
ta por medio de la letra Hy. 


Por lo tanto, la unidad de medida para las 
bobinas son los Henrios o Hy. 


En los circuitos electrónicos actuales se utilizan 
bobinas pequeñas con inductancias de milihenrios 
(mH) o muerohenrios (WH) La inductancia de una 
bobina depende de la cantidad y del diámetro de las 
espiras, A mayor diámetro, mayor inductancia y a 
mayor número de espiras, también la bobina tiene 
mayor inductancia. (figura 124), 


Factores que afectan la inductancia 


| Pocas 


NP 


SE 


EEE 


La inductancia de una bobina también aumenta 
cuando tiene un núcleo de hierro u otro material 
magnético y es mayor que cuando tiene núcleo de 
ame, (figura 125), 
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Debido a que una bobina solamente reacciona 
ante las variaciones de la corriente, no se opone a la 
corriente continua ( CC ) y sólo presenta una 
oposición a la corriente alterna (CA) 
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Mapnelismo 


El magnetismo es la propiedad de atracción que 
presentan ciertos materiales hacia otros. 


Estos materiales son conocidos también como 
imanes. 


El magnetismo es producido por la atracción de 
los electrones. 


En los imanes, los átomos están orientados de tal 
manera que los electrones giran en un mismo 


sentido, formando dominios en los extremos de los 


imanes, conocidos como polo norte y polo sur. 
(figura 126) 


Imanes 
Material no magnetizado 


Campo 
, magnético 


Material magnetizado o imán 


Un imán crea a su alrededor unas líneas de fuerza 
llamadas campo magnético. 


Materiales magnéticos y diagmagnéticos 


Un metenal es magnético cuando puede ser 
atraído por un imán o cuando puede convertirse en 
imán, entre ellos están la mayoría de los elementos 
metálicos como el acero, hierro, cobalto, níquel y 
otras aleaciones. 


Los materiales diagmagnéticos o no magnéticos 
son "aquellos que no pueden ser imanes y tampoco 
pueden ser atraídos por éstos. 


Utilización de los imanes 


Los imanes se utilizan en la construcción de moto- 
res eléctricos, generadores, parlantes, audífonos, 
micrófonos, instrumentos de medida y muchos 
otros componentes eléctricos y electrónicos. 
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Actividad práctica N° 6 


En esta actividad vamos a instalar en el tablero 
del radio los condensadores al circuito amplificador 
de audio o sea la etapa marcada con color azul en la 
lámina del diagrama del radio, 


Recuerde las instrucciones para soldar correc- 
tamente, entregadas en las prácticas anteriores. 


Componentes necesarios 


| Condensador electrolítico de 10 uF/10V o 10 
uwF/16¥. 


l Condensador electrolítico de 47,1F/10V. 
1 Condensador electrolítico de 330uF/TOV, 
1 Condensador de cerámica de 0.03 uF/SOW. 


Paso |: Localice el condensador C11 de 10uF a 
16V e instálelo entre las puntillas A3 y AS. 


Como este es un condensador electrolítico, debe 
oe muy bien que el terminal negativo quede en 
el sitio correcto, que en este caso es la puntilla AS, 


El terminal negativo en el condensador está bien 
marcado con un linea gruesa negra y un signo (-). 


Deje los terminales de este condensador con su 
tamaño original ya que se debe colocar alejado, con 
el fin de dejar espacio para el potenciómetro RY, 
(control de volumen). 


Paso 2: Localice el condensador de cerámica de 
0.036, éste puede estar marcado como .03, 3032 
o 33374 


Instale este condensador entre las puntillas A13 y 
al4, fijándose que quede en una posición recta. 


Paso 3: Localice el condensador C13 de 47uF/10¥V 
e instalelo entre las puntillas A23 y A26. 


Como éste es electrolítico, fijese que el terminal 
negativo quede en el sitio correcto según el diagra- 
ma, o sea en la puntilla A23. 


Paso 4: Localice el condensador Cl4 de 
re dd e instálelo entre las puntillas A31 y 
38, 


Fíjese bien en la conexión del terminal negativo 
que debe quedar en la puntilla A31, 


Electromagnetismo 


Cuando por un conductor circula corriente se esta- 
blece un flujo o movimiento de electrones en un 
sentido determinado, Ese movimiento de electrones 
crea a su alrededor un campo magnético, haciendo 
que el conductor se comporte como un pequeño 
imán. Á este efecto magnético producido por la co- 
rriente eléctrica se le denomina electromagnetismo. 
(figura 127). 


| Campo magnético en un conductar 


Campo magnético 
alrededor del conductor 


Dirección del flujo 
de electrones 


El electromagnetismo es muy importante en el 
funcionamiento de la mayoría de los aparatos eléc- 
tricos y electrónicos. Sin electromagnetismo no 
serían posible la radio, la televisión, los generado- 
res de electricidad, los motores eléctricos y muchas 
otras maravillas. 


Formación de una bobina 


El campo magnético alrededor de un conductor o 
cable recto es muy débil y no tiene utilidad en la 
práctica. 


Para concentrar el campo electromagnético, el 
alambre se enrolla formando un carrete o bobina. 
Asi, los campos se suman, dando como resultado 
un campo electromagnético muy fuerte. 


En otras palabras, todo el conjunto se comporta 
como un potente imán. 


Una bobina es el arrollamiento de dos o más 
vueltas de alambre para producirefectos electromag- 
néticos especiales. Una vuelta de alambre también 
se denomina espira. 


A continuación analizaremos lo que sucede en 
una espira o vuelta de alambre. 


Al circular corriente por la espira, el campo 
alrededor del conductor de una parte de la espira se 
refuerza con el de la parte restante y el conjunto 
constituye un campo total de mayor intensidad, 
(figura 128). 


Corriente en una espira 


Entrada de 
la cornente 


Salida de la corriente Fig.128 a 


a 
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Si tenemos espiras o vueltas muy cercanas o uni- 
das entre sí, el as magnético resultante será 
muy fuerte. (figura 129). 


Campo magnético en una bobina 


Efectos de un núcleo en la bobina 


Al introducir una barra de hierro o algún material 
magnético dentro de una bobina, obtendremos un 
electroiman, el cual presentará propiedades magneti- 
cas idénticas a los imanes simples mientras circula 
corriente por la bobina. 


No todos los materiales son buenos conductores 
de las líneas magnéticas. Algunos tienen mejores 
propiedades que otros. Por ejemplo: el aire tiene 
una capacidad magnética muy baja, mientras que el 
hierro cuenta con una alta propiedad magnética. 


Por tal razón, una bobina con núcleo de hierro 
presenta capacidades magnéticas de atracción y re- 
pulsión muy elevadas. En cambio, en una bobina 
con núcleo de aire estas propiedades son muy 
bajas. 
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Además del fenómeno del electromagnetismo que 
se produce en una bobina debemos tener en cuenta, 
para entender su funcionamiento, el fenómeno con- 
rario llamado inducción. 


Inducción 


Producción de electricidad por medio del 
magnetismo 


Otro fenómeno muy importante en el electromag- 
netismo se manifiesta en la producción de electrici- 
por medio de imanes o campos magnéticos. A 
are fenómeno se le llama Inducción Electromag- 
nead. 


Si en los bomes de un galvanómetro, (aparato 
que mide pequeñas corrientes), conectamos los ex- 
tremos de una bobina y luego tomamos un imán 
fuerte y lo movemos de un lado u otro en las cerca- 
nias de ésta, tal como muestra la figura 130, la 
aguja del galvanómetro se moverá, indicando que 
sobre los extremos del conductor se está generando 
una corriente eléctrica. 


“Inducción ma nética 


Movimiento 
del imán 
Galvanómetro ` 


” Fig.130 H 


Cuando dejamos de mover el imán, la aguja del 
galvanómetro se detiene, 


La deflexión de la aguja se hace más notoria 
cuando movemos el imán con mayor rapidez. 


Para que haya generación de electricidad por este 
método, ts necesario que se cumplan dos condicio- 
nes: primero, que el campo magnético esté en movi- 
miento y, segundo, que las líneas de fuerza corten 
perpendicularmente al conductor. 
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Un voltaje que se produce en esta forma se deno- 
mina voltaje inducido, y, la corriente producida por 
el mismo, corriente inducida. 


Resumiendo, podemos ver entonces que cuando 
aplicamos corriente a una bobina, ésta produce un 
campo magnético y gor e cuando aplicamos un cam- 
po magnético a una bobina, en ésta se produce co- 
miente eléctrica. 


La electricidad produce magnetismo y el magne- 
tismo produce electricidad. 


De esta manera, nos podemos explicar entonces 
el fenómeno de la inductancia que habíamos men- 
cionado brevemente al principio de la lección. 


Inductancia 


Cuando hacemos circular por una bobina una 
corriente variable o cornente alterna, se genera un 
campo magnético igualmente variable alrededor de 
sus espiras. Este campo magnético induce, a su 
vez, un nuevo vollaje que se suma o se resta al vol- 
taje de la fuente de tal manera que se opone (ofrece 
resistencia) al cambio de la corriente. Lo anterior se 
denomina autoinductancia o simplemente inductan- 
cid 


Consideremos los circuitos de la figura 131. 
Cuando el voltaje alterno aplicado en estos circuitos 
va en ascenso, la corriente en la bobina aumenta: 
ésto produce un campo magnético que se extiende 
en torno a la bobina. 


magnélico 


Y, antrayéndose 3 


Fig-131 


En ese momento, se induce un voltaje a través de 
la bobina de una polaridad contraria, restándose al 
voltaje de la fuente y oponiéndose así al cambio 
(aumento) de la corriente en la misma. 


Cuando la corriente va en descenso, empieza a 
contraerse el campo magnético alrededor de la bobi- 
na, Como consecuencia, se invierte la polaridad del 
voltaje autoinducido en ella, 


Este voltaje es ahora de una polaridad que se su- 
ma al voltaje de la fuente, tratando de impedir que la 
corriente disminuya. 


Durante la segunda mitad del ciclo (ciclo 
negativo) ocurre lo mismo. Cuando la corriente 
aumenta negativamente, el voltaje autoinducido es 
tal que tiende a impedir el aumento de la corriente. 
Debido a todo lo anterior, al voltaje autoinducido se 
le llama contravoltaje o fuerza contra electromotriz 
(F.C.E.M). 


Esta fuerza contraria u oposición es la que pro- 
duce o genera la inductancia. Las bobinas se opo- 
nen a los cambios de comente, debido a la induc- 
ción electromagnética producida sobre si mismas, 
lo que es llamado gutoinducción. 


Una bobina con corriente continua 


Cuando conectamos una bobina a una fuente de 
CC, solamente se produce el efecto de la resistencia 
ofrecida por el alambre con que está fabricada, pero 
con una pequeña diferencia con respecto a un cir- 
culito puramente resistivo, 


Cuando aplicamos el voltaje a un circuito resis- 


tivo, la corriente toma inmediatamente su valor má- 
ximo cuando cerramos el suiche. 


Bobina con corriente continua 


En cambio, en el circuito inductivo de la figura 
132, (llamado asi por estar formado de una inductor 
o bobina), la corriente se tarda un determinado tiem- 
po para llegar al valor máximo, 


_ A este tiempo se le llama constante de tiempo 
inductivo y depende de la inductancia en Henrios, 
de la bobina y de su resistencia, 


Para calcularla, se utiliza la siguiente fórmula: 


t= Constante de tiempo, en segundos 


L= Inductancia de la bobina en Henrios 


A= Resistencia de la bobina en Ohmios 


Cuando en una bobina se desconecta un voltaje 
de CC, la corriente no cesa inmediatamente. El cam- 
po magnético, al reducirse rápidamente, genera una 
corriente en los terminales de la bobina, que aparece 
durante unos instantes después de suspenderse el 
voltaje, Por ésto, se dice que las bobinas almacenan 
corriente, asi como los condensa almacenan o 


Una bobina con corriente alterna 


Cuando aplicamos un voltaje de corriente alterna 
a una bobina, se producirá en ella un campo magné- 
tico que está variando continuamente. Por lo tanto, 
debido al fenómeno de la autoinducción, existirá 
también un voltaje contrario inducido permanen- 
temente en oposición a la corriente alterna principal. 

Esta oposición que ofrece una bobina a los volta- 
jes de corriente alterna se llama reactancia inductiva, 
se representa por las letras XL y se mide en 
ohmios. La reactancia inductiva depende de la fre- 
cuencia de la señal o voltaje alterno y de la inductan- 
cia de la bobina. 


La fórmula para encontrar la reactancia inductiva 
es la siguiente: 


- 628% F xXx L donde: 


XL = Reactancia inductiva, en Ohmios 


F = Frecuencia en Hertzios © ciclos por 
segundo 


L = inductancia de la bobina,en Henrios 
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AC 10 Vp | 100 Q 


For questions 7-9, calculate the following 
parameters for the circuit shown in each 
question. 

A. DC V out 

X L 

Z 

AC V out 

tan @ and 6 

Use the circuit shown in Figure 6.59 . 
Figure 6.59 


AC 3.13 V,, L = 0.48 mH 


| 10 V ° 


| KHz 


~moo® 


Por ejemplo, podemos hallar la reactancia de una 
bobina de 10 Henrios que está trabajando a una 
frecuencia de 60Hz. 


XL =6.28x Fx L 
XL = 6,28 x 60 x 10 
XL = 3768 Ohmios 


El fenómeno de la reactancia inductiva y su 
dependencia de la frecuencia es fundamental para el 
funcionamiento de los circuitos de radio como ve- 
remos más adelante. 


Desfase de la corriente continua y el voltaje en 
una bobina 


En una bobina, al contrario de un condensador, 
la corriente está atrasada con respecto al voltaje. 
Este retraso se debe a que la corriente está aumen- 
tando desde cero a su valor máximo, y en ese au- 
mento es cuando se produce una mayor inducción 
ed tomando éste su máximo valor. (figura 
133). 


Desfase de la corriente en una bobina [ 


La cornente va atrasada 90° 
con respecto al voltaje 


Tipos de bobinas 


Las bobinas se clasifican por distintos aspectos, 
La principal división es la de bobinas fijas y varia- 
bles. Las bobinas fijas tenen una inductancia esta- 
ble que está dada por sus características físicas. 


En las bobinas variables se puede cambiar su 
inductancia por medio de diferentes métodos. 


Las bobinas también se dividen en varios tipos 
según el núcleo utilizado. Los principales tipos son 
las de núcleo de hierro, las de núcleo de aire y las 
de núcleo de ferrita. (figura 134). 


Bobinas con núcico de hierro 


Las bobinas con núcleo de hierro son las que 
tienen una inductancia mayor, ya que este tipo de 
núcleo aumenta considerablernente la inductancia, 


Tipos de bob inas 


Múcleo de territa 


Este núcleo se fabrica con láminas en forma de E 
e I, que se van intercalando dentro de la bobina. Es- 
tas bobinas también reciben el nombre de choques y 
se encuentran en circuitos de baja frecuencia. 


Bobinas con núcleo de aire 


Estas bobinas tienen una inductancia muy pe- 
quena y se utilizan en circuitos de alta frecuencia, es- 
pecialmente en los circuitos sintonizadores de los 
radios y transmisores de baja potencia. También se 
utilizan como choques de radiofrecuencia para elimi- 
nar ciertas señales indeseables en algunos circuitos, 


Bobinas con núcleo de ferrita 


Estas bobinas son muy utilizadas actualmente por 
su alto rendimiento y buenas características. El nú- 
cleo de ferrita está formado por polvo de hierro com- 
binado con otros elementos, que le dan muy buenas 
propiedades magnéticas. 


En la figura 135 podemos observar diferentes ti- 
pos de bobinas con núcleo de ferrita. Entre ellas 
tenemos la bobina de antena del radio CEKIT que 
estamos armando como práctica de este curso, 


Bobina de antena del 
radio de CEKN 


Bobina „Alambre l 
_Fig. 195 f 


Un núcleo de ferrita puede aumentar la induc- 
tancia de una bobina de 1 milihenrio, hasta valores 
de 500 milihenrios. 


Inductancias o bobinas variables 


En los circuitos transmisores y receptores de 
radio se utilizan con mucha frecuencia bobinas 
cuya inductancia puede alterarse. 


El principal método para producir esta variación 
es el de mover un núcleo de ferrita en forma cilín- 
drica dentro de la bobina. Este núcleo se fabrica en 
forma de tornillo para que se pueda ajustar fácil- 
mente. En la figura 136 podemos observar dife- 
rentes tipos de bobinas vanables. 


Bobinas de Inductancia variable 


Nucleo 
ajustable | 


Conexión de bobinas en serie y en paralelo 


Las bobinas, como "las resistencias y los 
condensadores, también se pueden conectar en serie 
y en paralelo con el fin de lograr diferentes valores 
de inductancia. 


Cuando se conectan dos o más bobinas en serie, 
la inductancia total será la suma de las inductancias 
Bn bobinas conectadas en el circuito. (figura 


Conexión de bobinas en serie ] 3 


_ Fig. 137 Pl 


Para bobinas en paralelo, la inductancia total se 
encuentra aplicando las mismas fórmulas que para 
resistencias en paralelo. (figura 138). 


Conexión de bobinas en paralelo 


Construcción de bobinas 


Las bobinas son uno de los pocos componentes 
que podemos fabricar, ya que es muy fácil hacerlo, 
Además en la mayoría de proyectos que queramos 
realizar en forma experimental es necesario fabricar 
las bobinas, pues éstas no se consiguen en los alma- 
cenes especializados. 


Estas bobinas se fabrican generalmente de alam- 
bre de cobre esmaltado, enrollado sobre una base o 
formaleta de material aislante. Generalmente, en los 
proyectos se especifica el número de espiras o vuel- 
tas, el diámetro y la longitud de la bobina. 


Las bobinas se pueden fabricar a mano, enro- 
llando cuidadosamente el alambre sobre una forma 
cilíndrica del diámetro indicado y asegurando los 
terminales del principio y del fin de la bobina para 
qe ésta quede firme. Al alambre esmaltado se le 
debe quitar su aislante en los extremos para poder 
hacer las conexiones. 


También podemos fabricar una herramienta muy 
útil, que nos puede ayudar para hacer bobinas de 
mejor calidad, por medio de un tornillo, un soporte 
y una manivela, (figura 139), 


Fabricación de bobinas 


Fig. 139 f 
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Lección 9 dia 
Los transformadores 


(Jué es un transformador 


31 enrollamos dos bobinas juntas sobre el mismo 
núcleo, tenernos un transformador. 


Los transformadores son componentes electróni- 
cos muy empleados en los circuitos de radio. 


Un transformador es un elemento que transfiere 
energía de un circuito a otro, utilizando el principio 
de lá inducción el lagnética. 


Por lo tanto, los transformadores sólo trabajan 
con señales o voltajes de corriente alterna. 


Elementos de un transformador 


Un transformador está formado básicamente por 
dos bobinas y un núcleo. 


Este puede ser de aire, de hierro o de ferrita 
como en las bobinas. 


La bobina, por la cual entra la energía, se llama 
bobina primana o primario simplemente, y la otra 
bobina se llama secundario. 


En la figura 140 podemos observar un transfor- 
mador real y el símbolo empleado en los diagramas 
para este componente, 


El transformador 


3 Múcleo 


Primario >» Secundario 


e Bobinas Pues 


Principio de funcionamiento 


Durante el proceso de transferencia de energía en 
un transformador siempre se altera o transforma 
alguna característica de la señal de CA aplicada al 
primario o entrada. | 


Veamos ahora cómo se transfiere energía de una 
bobina a la otra sin estar conectadas físicamente. 


Cuando se conecta una fuente de voltaje de co- 
triente alterna al primano se produce un campo 
magnético variable que sigue la forma de la onda de 


Corno el campo magnético está variando constan- 
temente y la bobina secundaria está influenciada por 
este campo, aparece un voltaje inducido en los 
terminales de la bobina del secundario. 


Este voltaje es directamente proporcional al nú- 
mero de vueltas o espiras de esa bobina 


Una de las principales aplicaciones de los trans- 
formadores es la de, elevar o rebajar un determi- 
nado voltaje de entrada. 


Esto se logra enrollando una bobina secundaria 
con mas o menos vueltas que las de la bobina prima- 
ria. 


Tipos de transformadores 


Los transformadores se clasifican principalmente 
por su aplicación en los diferentes circuitos y apara- 
tos electrónicos, 


Así, tenemos que los principales tipos son los de 
radiofrecuencia, los de audio o sonido y los trans- 
formadores de poder o potencia, 


Transformadores de radiofrecuencia 


Los transformadores de radiofrecuencia se 
fabrican en dos tipos: los de núcleo de aire y los de 
núcleo de ferrita, 


Los de núcleo de aire se utilizan en los circuitos 
de antena, tanto en la entrada de los radios como en 
la salida de los transmisores. 


Estos se fabrican con dos o más bobinas enro- 
lladas sobre una forma cilíndrica. 


El tipo más conocido de núcleo de ferrita, es el 
llamado transformador de frecuencia intermedia o 
Fl; tenemos tres en el radio de práctica de CEKIT 
y, u identificados como T1, T2 y T3. (figura 


Trasnsformadores de Fi del radio CEKIT E 


Ry > Blindaje externo 
A ES | 
NA. “ino de 4: Forma 


Transformadores de audio 


Los transformadores de audio o sonido, se utl- 
lizan para adaptar o transferir la energía de baja fre- 
cuencia de un circuito electrónico, ya sea de tubos o 
transistores, a un parlante. En este caso es un trans- 


formador dé salida. 


Si por el contrario, encontramos un trans- 
formador al cual se le conecta un micrófono en el 
primario y su secundario está conectado a un ampli- 
ficador de sonido, es un transformador de entrada y 
está cumpliendo también la función de acoplar la 
energía del micrófono al amplificador, 


Podemos observar su forma general de conexión 
y su aspecto físico en la figura 142. 


Transformadores de audio 


| Transtormador de salida 


Tranrslormatior de entrada 


Fig. 142 E 


E 
=o 


e A. 


as de poder 


Los uansformadores de poder, también llamados 
de alimentación o de potencia, son muy utilizados 
en casi todos los aparatos electrónicos y tienen la 
función de rebajar o aumentar el voltaje de entrada, 

a sea de 110 6 220 voltios, con el fin de alimentar 
os circuitos electrónicos internos de estos aparatos, 


Los aparatos electrónicos modernos, fabricados 
con transistores y circuitos integrados, requieren 
par lo general voltajes bajos del orden de los 5 a los 
20 voltios en comente continua. 


Como la alimentación que tenemos disponible en 
los tomacorrientes, es de corriente altema a 110 6 
220 voltios, debemos rebajarla primero a bajo volta- 
je y luego convertirla a corriente continua, — 


Cuando el voltaje en el secundario es mayor que 
en el primario, se dice que es un transformador 
elevador, y cuado el voltaje en el secundario es 
menor, se dice que es un reductor, 


Se puede tener el caso de transformadores dé 
alimentación con varios secundarios en donde unos 
tienen voltaje mayor y otros menor. 


Para que un transformador tenga más voltaje en 
el secundano, esta bobina debe tener más Vine tas o 
espiras de alambre que el primario y si el trans- 
formador es reductor, el secundario debe tener me- 
nos espiras que el primario, 


Esta relación de voltaje se llama relación de 
transformación o relación de espiras. 


Ne 
Relación de viata T = 


Ns = Número de espiras del secundario 
Np = Número de espiras del primario 
Vs = Voltaje del secundario 

Vp = Voltaje del primario 


Los transformadores de poder o alimentación se 
fabrican también con núcleo en forma de láminas, 
de aleación especial de hierro y silicio, y en tama- 
ños desde 1 centímetro hasta varios metros, como 
en el caso de los transformadores de distribución de 
energía de potencia que utilizan el mismo principio, 
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La Impedancia 


La impedancia, en términos generales, se refiere 
a la resistencia total de un circuito que contiene 
bobinas, condensadores y resistencias . Es decir, es 
el efecto resultante de las resistencias y las reactan- 
cias inductiva y capacitva. 


En los circuitos de radiofrecuencia, como en los 
radios, transmisores y televisores, donde tenemos 
este tipo de componentes en gran cantidad y señales 
de corriente alterna, la impedancia juega un papel 
muy importante para determinar el comportamiento 
de estos circuitos con respecto a la corriente y al 
voltaje. 


En los circuitos con este tipo de componentes y 
con señales de corriente alterna, se aplica la Ley de 
Ohm al trabajar con la impedancia. ha impedancia 
se representa con la letra Z y también se mide en oh- 
mios. 


La impedancia se encuentra con la siguiente 
fórmula: 


<= Impedancia en ohmios 


A = Resistencia en ohmios 
X = Reactancia en ohmios 


Circuitos combinados 


Ya hemos estudiado en forma individual al gunos 
de los componentes más importantes de los circui- 
tos de radio como son las resistencias, los condensa- 
dores, las bobinas y los transformadores. 


Ahora vamos a ver cómo se pueden conectar 
estos componentes para formar diferentes circuitos 
combinados, muy utilizados en este tipo de apara- 
LOS, 


Estos circuitos reciben también el nombre de 
circuitos sintonizados. 


Circuito RL 

Los circuitos RL son aquellos que están 
compuestos por resistencias y bobinas conectadas 
en serie o en paralelo. (figura 143), 
84 


dos por resistencias y conden 


Circuitos AL 


Fig. 143 M 


Impedancia RL 


Es la oposición total que ofrece a la corriente un 
circuito que contiene resistencias y bobinas, 


Recordemos que la reactancia inductiva o XL = 
2T FL. (271 = 6.28) 


Para calcular la corriente en un circuito RL se 
aplica la ley de Ohm: 


pense 
Z 


Z= Impedancia 


Circuito RC 


Los circuitos RC son aquellos que están forma- 
ores. La impe- 
dancia de un circuito RC esta dada por la siguiente 
formula: 


Recordemos que: 


Xc =—— 


Hallando la impedancia, sc puede aplicar la Ley 
de Ohm para calcular la corriente en el circuito, 


Circuito RLC 


Son circuitos que contienen bobinas, condensa- 
dores y resistencias; que conectadas adecuada- 
mente, conforman los circuitos de sintonía de los re- 
ceptores de radio, televisores y radares, entre otros. 


Circuito RLC serie 


El circuito RLC más sencillo está formado por 
una resistencia, una bobina y un condensador, 
conectados en sene. La fuente de alimentación con 
el simbolo de una onda seno dentro de un círculo 
Yi una senal de corriente alterna, (figura 

4), 


Circuito RLC serie 


Como habiamos dicho anteriormente, la reactan- 
cla capacitiva y lareactancia inductiva tienen efectos 
contrarios. 


En el caso del condensador, la corriente se ade- 
lanta con respecto al voltaje y en la bobina la corrien- 
le se atrasa, 


La combinación de estos dos efectos en un 
mismo circuito produce un fenómeno muy intere- 
sante, que es básico en la producción y amplifica- 
ción de las señales de radiofrecuencia. 


En la figura 145 vemos que la reactancia induc- 
tiva y capacitiva están desfasadas 180% es decir, 
van en sentido opuesto y por lo tanto, sus efectos re- 
sistivos se contrarrestan mutuamente. 


¿En un circuito que contenga inductancia y capa- 
citancia, la reactancia total será igual a la reactancia 
mayor menos la reactancia menor, 


Así X= XL - XC 

X =reactancia total. 

De esta manera, la impedancia total para un circuito 
RLC en sene, será: 


Angulos de las reactancias 


XL (Heactancia inductiva) 


+90 * 


—a 
(resistencia 0”) 


-90* 


} XC (Heactancia capacitiva) E 
o cia. 145 Y 


00060 L 
XL=60 0 


XG=30 11 
A=40 ñ 


on será la impedancia total ?. Aplicando la fôr- 
mula: 


(407 + (60-30)? =Y 1600 + 900 


Z=y 2500 = 501 


Cuando la reactancia capacitiva es igual a la reac- 
tancia inductiva, se dice que el circuito está en reso- 
nancia; tema del cual hablaremos ampliamente en 
una próxima lección. 


Circuito RLC en paralelo 


En este tipo de circuito, los tres componentes 
básicos, resistencia, condensador y bobina se conec- 
tan en paralelo y el voltaje que se aplica a cada uno 
de ellos es el mismo. De igual manera que en el 
circuito RLC en serie, la corriente sufre un desfase 
en la bobina y en el condensador. 


La mayor corriente circula por el elemento que 
presenta menor resistencia, La corriente que circula 
por la bobina, lleva sentido contrario a la corriente 
que circula por el condensador y si son iguales, se 
anulan mutuamente. Esto sucede cuando la reactan- 
cia capacitiva es igual a la reactancia inductiva, es 
decir, cuando el circuito entra en resonancia. 
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Lección 11 


Los filtros 


Un filtro es un circuito electrónico especialmente 
diseñado para dejar pasar o rechazar señales con 
una determinada frecuencia, Este tipo de circuitos 
sn muy importante en el estudio de la teoría de ra- 

o, 


En otras palabras, un filtro selecciona cuál o 
cuáles señales pueden pasar de un punto a otro, en 
un circuito, dependiendo de su frecuencia en ciclos 
por segundo. 


Hay dos grandes grupos de filtros: los filtros 
pasivos y los filtros activos. 


Los filtros pasivos son aquellos que están 
formados por componentes pasivos como resis- 
tencias, condensadores y bobinas. Los filtros acti- 
vos tienen, además de estos componentes, tubos 
de vacío, transistores o circuitos integrados. 


De acuerdo a su comportamiento con la frecuen- 
cla, los filtros se dividen en cuatro categorías: 
1) Filtros pasabajos 
2) Filtros pasaaltos 
3) Filtros pasabanda 
4) Filtros de rechazo de banda 


Filtro pasabajos 

Un filtro pasabajos es un circuito que deja pasar 
todas las frecuencias por debajo de la llamada fre- 
cuencia de corte o frecuencia límite. Las frecuen- 
cias más altas las atenúa o rebaja y por lo tanto no 
pueden pasar. (figura 146). 


Filtro pasabajo 


Intensidad de la señal 


Frecuencia 


Frecuencia 
de corte Hz 


Fig. 146 E 


En la figura 147 mostramos las configuraciones 
más utilizadas en receptores: 


Filtro pasasltos 


El filto RLC pasaalto tiene igualmente una 
frecuencia de corte, a partir de la cual deja pasar to- 
das las frecuencias mayores, atenuando o anulando 
todas las señales que tengan una frecuencia menor. 
(figura 148). 


Filtro | 
intensidad de la señal frecuencias altas 


- si pasan 
¡frecuencias bajas js 


Frecuencia 
de corte 


Frecuencia 
Fig. 148 
En la figura 149 podemos ver los principales 


tipos de filtros pasaaltos pasivos, utilizados en los 
aparatos de radio y comunicaciones, 


Filtro pasabanda 


El filtro pasabanda es aquel que deja pasar un 
conjunto o banda de señales dentro de un rango de 
frecuencias, 


Configuraciones de filtros pasaaltos 


C1 ca 


Kilos © Fihros en T 


Fig. 149 E 


También se dice que selecciona un ancho de ban- 
da determinado y rechaza las demás frecuencias, 
(figura 150). 


Filtro pasabanda 
| intensidad de señal 


Pasa una banda 
de soñales | 


Frecuencia Frecuencia 
minima máxima 


Frecuencia 


La figura 151 muestra un filtro pasabanda, utiliza- 
do como etapa sintonizadora en un receptor de ra- 


dio. 


Filtro pasabanda en un radio 


Antena * Pass dnicamenta 
7 


Lasdemás frecuencias 
sonanviadas atierra(Chasis) 
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mE 
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T 
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„imaginemos que los tres circuitos están 
sintonizados para que respondan a una frecuencia 
de 1250 KHz. 


La antena recibe un gran número de señales de 
distintas frecuencias producidas por las estaciones. 
Las señales que aparecen en la antena encuentran 
dos caminos: el que les ofrece el circuito paralelo 
(1) y el circuito serie (3). 


Como el circuito paralelo (1) se comporta como 
un circuito abierto para la frecuencia de resonancia 
y un circuito cerrado para las demás frecuencias, 
todas las señales se van a tierra por este camino, 
excepto la señal de 1250 KHz (frecuencia de 
resonancia). 


Debido a que el camino serie (3) se comporta 
como circuito cerrado para la señal de 1250 KHz, 
ésta puede circular por este camino llegando sin 
ningún problema a las demás etapas, 


Filtro de rechazo de banda 


_ Tambien existe el filtro de rechazo de banda que 
sirve para eliminar ciertas frecuencias indeseables, 
por ejemplo, interferencias. 


Este filtro deja pasar todo el espectro de 
es excepto una pequeña franja de él. (figu- 


intensidad de 
la señal Esta banda de señales 
no pasa por el filtro 


Frecuencia $ 
se i Fig. 152 | 


Frecuencia 


En estas circunstancias la frecuencia resonante es 
atenuada. 


Todos los sistemas de radio y comunicaciones 
están basados en sistemas de filtros de un tipo o de 
otro que, combinados adecuadamente, aceptan o 
rechazan ciertas señales. 


Así podemos lograr que un receptor capte la señal 
que nosotros queremos ver o escuchar, de ahi su 
importancia en la teoría y práctica de radio, 
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Lección 12 


Resonancia 


Habíamos mencionado anteriormente que si en 
un circuito RLC en serie o en paralelo, la reactancia 
inductiva eraigual a lareactancia capacitiva, suefes- 
to se cancelaba y se producía un fenómeno llamado 
resonancia. 


Los circuitos resonantes son los que hacen 
posible la sintonización y amplificación de una sola 
señal de radio, que se selecciona entre la gran can- 
tidad que llegan a la antena de un receptor de radio 
en un momento dado. 


Resonancia en serte 

Un circuito RLC entra en resonancia solamente a 
una determinada frecuencia, cuando las dos reactan- 
clas son Iguales, 


A esta frecuencia se le llama frecuencia de reso- 
mincia, 


Como ejemplo, consideremos el siguiente circui- 
to, donde los valores de la bobina y el condensador 
son tales, que a una frecuencia de 60 Hz, sus 
reactancias son iguales. (figura 153) 


XC = XL = 10012 


j XL=100 2 


AGe 100 í 


XL. XC 


XT = XG- XL= 


Debido a que AC = XL, sus efectos reactivos se 
contrarrestan, permaneciendo únicamente el efecto 
de la resistencia R. En este momento la corriente 
por el circuito (I), es maxima. 


Cuando un circuito RLO en sene está en 
resonancia, la corriente que circula por él es máxi- 
ma; la bobina y el condensador en este caso se com- 
portan como un circuito cerrado. 


Si cambiamos la frecuencia de la fuente o señal, 
el circuito sale de resonancia (pierde sintonía) ya 
que se afectan las reactancias inductivas y capaciti- 
vas puesto ES cada una responde diferente a las 
frecuencias, haciéndose XC diferente a XL. 


Resonancia en paralelo 


Al igual que los circuitos RLC serie, la resonan- 
cia en paralelo se presenta cuando XC = XL. Sin 
embargo, la respuesta de los circuitos resonantes en 
paralelo a la frecuencia de resonancia, es opuesta al 
circuito en serie. (figura 154), 


Circuito resonante RLC en paralelo 


Ca -L 


IG +L =0 
HA 


En el circuito anterior, la corriente en ambas 
ramas es igual y de sentido opuesto, debido a que 
las reactancias son iguales. En tales circunstancias, 
las corrientes se anulan y no circula cprnente de la 
fuente hacia los componentes inductivo y capa- 
citiva. Solamente circula corriente por la resisten- 
cla. 


Al suceder lo anterior, la bobina y el conden- 
sador en conjunto, se comportan como un circulto 
abierta, o sea, su impedancia es muy alta. 


El intercambio de energía entre el condensador y 
la bobina, que genera la corriente por ellos circu- 
lante, se conserva permanentemente dentro del cir- 
cuitoresonante en paralelo y puede serempleado pa- 
ra ciertos propósitos; por esta razón, a los circuitos 
resonantes en paralelo, se les denomina "circuitos 
tanque" debido a su poder de acumular energía. 


Frecuencia de resonancia 
Todo circuito que contenga bobinas y condensa- 
dores, resuena a una frecuencia determinada llama- 
da condición de resonancia o frecuencia de resonan- 
cia, FR. Para que ésto ocurra, las dos reactancias 
deben ser iguales: 
XL=XC 


Como: 


XL= 6.28 XFA X L 


y 
E 3 
6.28 x FR xC 


Si reemplazamos AL y XC por sus respectivas 
expresiones tenemos; 


MA = AG 


1 


al - °° °&§ ~— 
62BxFAXC 


(6.28 xFAx Lix (628 xFAx0)= 1 


2 2 
(6.28) xFR x LO =] 


emos encontrar la frecuencia a 
ecuencia de resonancia. 


De lo anterior, po 
la cual llamamos fi 


1 


(6.28) x LC 


1 


> | 
(6.28) x VLC 


0.159 


Ejemplo: 


Supongamos que tenemos el circuito de sintonía 
de un radio, compuesto por un condensador varia- 
ble y una bobina de antena conectados en paralelo, 


L 
1701H 


Qué frecuencia de resonancia, o en otras pala- 
bras, qué emisora se sintonizará, si el condensador 
variable queda en una posición cuya capacidad es 
de 150 pF (picofiradios. 


Recordemos que: 14H = 10H y 1pF = 10°!2F 
Aplicando la fórmula tenemos: 


PAS 0168 


[LC 1170 cto? x 150x410 °° 


159 x 10° 


= 1.000.000 Hz 


o FR = 1,000 KHz. Esto quiere decir que en esa 
posición del condensador variable se sintoniza la 
emisora que transmite a 1000 Kilohertz o 1000 Kilo- 
ciclos. Más adelante, al avanzar el curso, estaremós 
utilizando este importante concepto de la frecuencia 
cn resonancia al analizar las diferentes etapas del ra- 

io, 
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8. Use the circuit shown in Figure 6.60 . 
Figure 6.60 
AC 9.1 Vin L =72 mH 
lov 

2 kHz 
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9. Use the circuit shown in Figure 6.61 . 
Figure 6.61 
AC 10 V op 
bov 


4 kHz 
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Lección 13 


Los instrumentos de medida 


Introducción 


Hemos hablado, al iniciar este curso, de las on- 
das de radio, de la corriente eléctrica, del voltaje, de 
la resistencia y de los circuitos eléctricos, También 
se ha mencionado el tema de la corriente alterna, la 
corriente continua, la amplitud, la frecuencia y las 
formas de onda. 


Estudiamos ademas los principales componentes 
electrónicos utilizados en los aparatos de transmi- 
sión y recepción de radio y también se estudiaron la 
impedancia, los liltros y la resonancia, 


Todos estos fenómenos y componentes relaciona- 
dos con los aparatos de radio, tienen un comporta- 
miento establecido por los estudios e investigacio- 
nes. 


Como la corriente eléctrica y las ondas de radio 
no se pueden ver, se requiere en electrónica de ins- 
trumentos para medirlas, observarlas y determinar 
asi su comportamiento en forma precisa. 


Simultáneamente, con el desarrollo de los com- 
ponentes y los circuitos electrónicos, se han creado 
una gran cantidad de instrumentos de todo tipo que 
nos sirven para el diseño, reparación y mantenimien- 
to de estos aparatos, 


No se puede concebir un ingeniero, un técnico o 
un aficionado a la electrónica que no conozca y pue- 
da utilizar los instrumentos electrónicos de medida, 


Existen actualmente desde instrumentos muy 
sencillos, para realizar medidas simples, hasta com- 
plejos aparatos de gran precisión controlados por 
computador y que requieren de mucho estudio y 
entrenamiento para conocer su manejo y aplicación. 


Siendo este tema fundamental en cualquier curso 
de electronica, vamos a estudiar el manejo y apli- 
cación de los instrumentos necesarios para en- 
samblar, ajustar o reparar los aparatos de recepción 
y transmisión de radio. | 


Tipos de instrumentos 


Existen dos grandes grupos o familias de ins- 
trumentos: los análogos y los digitales, 


Inicialmente, y hasta hace pocos años, todos los 
instrumentos eran del tipo análogo o analógico que 
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utilizan una aguja que se mueve sobre una escala, 
para indicar el valor medido en ese momento. 


Desde hace unos años, y haciéndose cada vez 
más notoria, hay una tendencia hacia el desarrollo y 
aplicación de instrumentos electrónicos digitales en 
los cuales la indicación es del ipo numérico, mos- 
trando directamente la medida en forma de dígitos, 


_ En la figura 155, podernos observar la diferencia 
fundamental entre estos dos upos de instrumentos 
al medir una magnitud de 4.2 voltios, por ejemplo. 


Tipos de instrumentos 


Ra E 


Vollimetro análogo 


Voltimetro digital Fig. 155 
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La mayoría de los instrumentos electrónicos, se 
utilizan para medir magnitudes eléctricas como el 
voltaje, la corriente y la resistencia, 


Otros se utilizan para medir el valor o la calidad 
de los componentes como las resistencias, los con- 
densadores, las bobinas, los diodos, los transisto- 
res, etc. A estos grupos se les llama instrumentos 
de medida. 


Hay otro grupo de instrumentos que producen 
señales que se aplican a los circuitos para observar 


y verificar su funcionamiento. Estos se llaman los 
generadores de señal de baja y alta frecuencia y son 
muy utilizados en los circuitos de radio. 


Otro instrumento muy común en electrónica es el 
osciloscopio, que permite visualizar las formas de 
onda de las señales presentes en los diferentes 
puntos de un aparato y que también es muy útil para 
la medida del voltaje, la corriente y la frecuencia de 
estas señales, 


Los técnicos y aficionados pueden fabricar sus 
propios instrumentos que sean útiles para su tra- 
bajo. Durante este curso, suministraremos toda lain- 
formación para la realización de algunos de estos 
proyectos. 


Principio básico de funcionamiento 


Los instrumentos electrónicos de medida se 
basan en su mayoría en la medida de la corriente 
eléctrica que circula por ellos. 


Para derivar de la cantidad de corriente, una 
medida de su magnitud o tamaño, se utiliza el prin- 
cipio del electromagnetismo, o sea el uso del campo 
magnético que se produce alrededor de un conduc- 
tor, cuando circula corriente eléctrica por él. 


El primer trabajo que dió origen a los instru- 
mentos de aguja fue elaborado por A.D'Arsonval 
en 1882 al desarrollar un galvanómetro utilizado 

ara medir corrientes eléctricas muy débiles, en los 
aboratorios de la época. En el año de 1888, E. 
Watson modificó el galvanómetro y lo adaptó para 


Características básicas de un medidor de corriente 


A| 


Resistencia intema 


medir corrientes más grandes y redujo su tamaño 
considerablemente, Sin embargo, a los instrumen- 
tos modernos todavía se les conoce como del tipo 
D'Arsonval, 


El medidor básico se conoce como de bobina 
móvil en donde una bobina, a la cual está conectada 
la aguja, se mueve dentro de un campo magnético 
generado por un imán permanente. 


El desplazamiento de la bobina depende de la 
cantidad de corriente que circula por ella, y corno la 
aguja se mueve simultáneamente con la bobina, nos 
muestra en una escala, debidamente trazada o 
calibrada, la magnitud o tamaño de esa corriente, 
En la figura 156 podemos observar la construeción 
y el funcionamiento básico de este instrumento. 


Principo básico de funcionamiento 
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— Bobina móvil Fig. 156 : 
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Caracteristicas de un instrumento 


Los instrumentos básicos de bobina móvil están 
fabricados para medir corriente y se llaman mi- 
croamperimetros, millamperimetros oamperimetros 
y deben estar conectados en serie con el circuito. 


La bobina del instrumento presenta una cierta 
resistencia que hace que circule una determinada 
corriente por ella, A esta resistencia se le llama re- 
sistencia interna y está directamente relacionada con 
la escala de corriente que se va a medir, Así te- 
nemos medidores de 50 UA, 500 pA, 1 mA, 100 
mA, | Amp, 5 Amp, etc. (figura 157). 


La resistencia interna será menor mientras más 
grande sea la escala de corriente que mide el instru- 
mento. 


Los amperímetros se pueden convertir en vol- 


timetros con el fin de que se pueda medir voltaje 
con ellos. (figura 158). 


Miliamperimetro como voltimetro 


Se puede calcular facilmente el valor de la resis- 
lencia externa, conociendo el valor de la resistencia 
interna del instrumento o miliamperímetro que se va 
4 convertir en voltimetro. 


Cómo medir la resistencia interna de un instru- 
menlo 


Para encontrar la resistencia interna de un miliam- 
perímetro o de un microamperimetro, no se debe 
medir con un multímetro común, pues éste puede 
presentar un voltaje más alto del que soporta la 
bobina y se puede dañar. 
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Para hecerlo, se debe armar el circuito que se 
muestra en la figura 159, 


Medida de la resistencia interna 
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Primero se conecta la pila, luego el potenciómetro 
R1, que debe ser de un valor del doble de ohmios 
que el necesario para lograr la deflexión a lo máxi- 
mo de la escala y el instrumento, dejando R2 desco- 
nectado, 


Se debe ajustar el potenciómetro R1 hasta que la 
aguja llegue al final de la escala. Luego conecte el 
potenciómetro R2 y gradúe el cursor hasta que el 
instrumento indique una lectura a la mitad de la 
escala, 


En ese momento, el valor de R2 es el mismo que 
el valor de la resistencia interna del instrumento. 
Retírelo del circuito con cuidado para no mover el 
cursor y mida su valor con un multímetro común. 
ig la siguiente lección se estudia la forma de hacer- 
o. 


Conociendo el valor de la resistencia interna ha- 
llamos el valor de la resistencia externa así: Primero 
calculamos por la ley de ohm la resistencia total del 
circuito: 


V es el voltaje que se quiere medir € 1 es la co- 
miente máxima del instrumento. Al valor calculado 
RT se le resta la resistencia interna y ese es el valor 
de la resistencia externa que se debe conectar al mili- 
amperímetro o microamperimetro para que se pueda 
utilizar como voltímetro, 


simultáneamente, con algunos componentes ex- 
ternos, se puede armar un óhmetro, que es el instru- 
mento utilizado para medir el valor en ohmios de las 
resistencias, como veremos en la siguiente lección, 


Lección 14 


El multímetro electrónico 


Para los trabajos de los técnicos y aficionados 
existe un instrumento muy versátil que reune en un 
sólo aparato la posibilidad de medir corriente, vol- 
taje y resistencia, en varias escalas o rangos. A este 
instumento se le llama multímetro o comunmente 
tester. 


De los multímetros también hay dos grandes 
grupos: los multímetros análogos y los multimetros 
digitales. Estos últimos son los que más se utilizan 
actualmente. En la figura 160 tenemos un 
multimetro de cada tipo. 


Internamente, un multímetro es un medidor de 
corriente muy sensible que tiene una escala gra- 
duada en varias unidades y pos de medición. 


Para medir diferentes magnitudes de corriente, se 
le conectan resistencias en paralelo al instrumento 
básico. 


A esta resistencia se le conoce como “shunt” y su 
valor depende de la máxima corriente que se va a 
medir. 


En la figura 161 tenemos un circuito de un mi- 
liamperimetro al cual se le han conectado varias 
resistencias en paralelo. En la lección 6, página 63 
de este curso, vimos cómo la corriente se distribuía 
a través de las diferentes resistencias según su valor 


en ohmios. De acuerdo a ésto, podernos medir dife- 
rentes escalas de corriente con un sólo instrumen- 
to, seleccionando las diferentes resistencias median- 
te un suiche rotatorio, 


En cada caso, la resistencia conectada absorve el 
mayor valor de corriente y por el instrumento o 
miliamperimetro siempre circulara la misma corrién- 
te, pero su aguja indicará un valor diferente de 
acuerdo a la escala. 


Cómo se mide el voltaje 


Para medir voltaje, se conecta una resistencia en 
serie con el instrumento de tal manera que el má- 
ximo voltaje de la escala por medir produzca en el 
circuito una corriente igual a la máxima corriente 
que se puede medir con ese instrumento. 


De esta manera, podemos medir diferentes ran- 
gos de voltaje seleccionando una u otra resistencia 
por medio de un suiche selector. 


En la figura 162A podemos observar el circuito 
de un miliamperímetro conectado para medir varias 
escalas de voltaje. 


A mayor voltaje, mayor debe ser el valor de esta 
resistencia conectada en serle. 


Tipos multímetros 
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O-1mA 


Circulto básico 
La resistencia de “shunt” Rs debe ser 
999 veces menor que la resistencia Ri 
del instrumento 


Para cada una de las escalas seleccionadas, debe 
haber una escala marcada en el tablero del instru- 
mento, (figura 162B), 


Cómo se miden las resistencias 


Para la medición de resistencias, que es la otra 
función de los multímetros, se utiliza una pila o bate- 
ría interna para formar un circuito que al conectarse 
a la resistencia que se va a medir, varie la corriente 
que circula por el instrumento básico. 


Dependiendo del valor de esa resistencia, la defle- 
xión o movimiento de la aguja marca un valor en 
ohmios en una parte de la escala especialmente 
señalada para la medida de las resistencias. 


Medidor de corriente en varias escalas 
EA PP eeeey = -5a - 


0-10 mA 


0-10mA 
Í 9-100mA = Re Tf 


A=0.090 


0-10A A=0.0090 


Fig 161 


En la figura 163, se muestra el diagrama de uno 
de estos circuitos que se encuentra dentro de los 
multímetros y que recibe el nombre de óhmetro, 


Para cambiar el instrumento como medidor de 
corriente a medidor de voltaje, o a medidor de los 
ohmios de las resistencias y, además, cada medida 
en varias escalas, éste tiene un suiche selector de 
varlos circuitos y varias posiciones que nos selec- 
ciona las diferentes resistencias, que se conectan en 
cada caso al medidor básico de corriente. 


Todos estos circuitos agregados al instrumento 
básico y a la perilla selectora de rangos forman el 
multímetro completo que se puede ver en uno de 
sus tantos tipos en la figura 164, 


Un miliamperímetro midiendo voltaje en varias escalas 
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Circuito para medir ohmios 


Manejo del multímetro 


El multímetro es el instrumento más utilizado en 
el estudio y práctica de la electrónica. 


En este curso de radio lo vamos a utilizar mucho 
para probar los componentes y los circuitos que 
vamos ensamblando, hasta terminar nuestro radio 


de práctica, 


Tales conocimientos serán muy útiles para la re pa- 
ración y ensamble de todo tipo de aparatos electró- 
nicos, Vamos a estudiar primero el manejo del multi- 
metro análogo y después el manejo del multímetro 


digital. 


En este momento del curso, le recomendamos 
que adquiera, si no lo tiene, un multímetro, que le 


Multímetro análogo 


cla. 184 E 


será de gran utilidad con el fin de que vaya rer- 
lizando las prácticas que se van mencionando. 


Inicialmente, puede conseguir un multímen 
sencillo y de bajo costo con el fin de estudiar s: 
manejo y luego, cuando tenga buena experiencia 
puede conseguir uno más sofisticado y completo. 


Cuando vaya a comprar el multímetro fíjese que 
tenga las siguientes características: 


- Dos o tres escalas para medir ohmios, 


- Posibilidad de medir voltajes en corriente 
continua y corriente alterna en varias escalas, 10V, 
30V, 100V y 300V como mínimo. 


- E gee de medir corriente en varias escalas, 
10mA, 30 mA, 100 mA y 300 mA, o con valores 
similares, 


Con estas posibilidades, usted ya tiene el instru- 
mento necesario para seguir satisfactoriamente este 
Curso y poder realizar las prácticas sobre instrumen- 
los de medición. 


Básicamente, el manejo del multímetro consiste 
en la ubicación correcta de la perilla selectora de 
rangos y funciones y en la instalación adecuada de 
las puntas de prueba en el componente, o en la parte 
del circuito que vamos a medir., 


Inicialmente, estudiaremos la forma de medir las 
resistencias, después cómo se mide el voltaje en 
corriente continua y corriente alterna y por último, 
cómo se mide la intensidad de corriente en miliam. 
perios o amperios, 


Medición de resistencias 


Como sabemos, las resistencias se miden en 
ohmios son los componentes que más se 
encuentran en el radio de prácticas de este curso y 
en la mayoría de los circuitos electrónicos. 


Para medir su valor en ohmios, debemos colocar 
la perilla selectora en la escala correspondiente a su 
valor, Los multímetros traen varias escalas para 
medir las resistencias y están marcadas como Rx1, 
Rx10, Rx100, RxIK, Rx10K, etc. 


Algunos vienen marcados como (xi, 2x10, 
£2x100, etc. o simplemente x1,x10, x100, etc. 


La parte de R x n nos indica que el valor medido 
se multiplica por el número n que sigue a la escala, 
Asi, si medimos una resistencia y nos marca 22 en 
la escala, y la perilla selectora está en el rango 
Rx1K, el valor de la resistencia es de 22KQ, o 
22.000 ohmios. 
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Si se va a medir una resistencia de muchos 
ohmios, se debe colocar la perilla en una escala alta 
como la de R x 10K. Si la aguja casi no se mueve, 
se debe pasar la perilla a la escala más baja siguien- 
te, hasta que se pueda leer claramente el valor. 


Para resistencias de bajo valor, se debe poner la 
perilla en la escala menor o sea Rx lolx 1, 


Para medir una resistencia, lo primero que se 
debe hacer es ajustar la medida de cero ohmios, lo 
que se logra uniendo las dos puntas de prueba del 
multímetro y moviendo una perilla especialmente 
destinada a este propósito, colocándola en OQ, (6- 
gura 165). 


Mover la perilla hasta I 
que la aguja marque f 


Fig. 165 | 
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Busque esta perilla de ajuste de cero que se puede 
encontrar en diferentes sitios del multímetro, según 
sea el modelo. 


En algunos casos, está al lado derecho o izquier- 
do por uno de los bordes, o en otros está al frente 
del instrumento en la parte superior a la perilla 
selectora de rango y función. 


Una vez qu se hayan ajustado los 0 ohmios, 
conectamos firmemente las dos puntas de prueba 
del multímetro a los terminales de la resistencia por 
medir y leemos su valor en la escala, (figura 166). 


Cuando vamos a medir una resistencia que está 
conectada en un circuito debemos estar seguros de 
que el aparato no tenga alimentación de voltaje. 


Si la resistencia que vamos a medir está conec- 
tada, lo más recomendable es desconectar uno de 


36 


Medición de resistencias 


enohmios $ 


Fig. 166 | 


sus terminales del circuito con el fin de que los de- 
más o iagi no alteren el valor de la medida, 


figura 167. 


Una precaución muy importante que debemos 
tener siempre en cuenta es la de no medir voltajes 
cuando el multímetro está en la escala de ohmios, 
pues el instrumento seguramente se quemará. 


Este es uno de los daños más frecuentes que 
ocurren en estos aparatos y debemos fijarnos bien, 
al realizar una medida de voltaje, que la perilla selec- 
tora esté en la posición correcta. 


Para familiarizarse con este proceso de medida, 
ensaye con las resistencias de su radio de práctica. 


Haga una tabla anotando su valor teórico indica- 
do por el código de colores, y al frente de cada una 
anote el valor real medido con el multímetro. Notará 
que hay algunas diferencias correspondientes a la 
tolerancia propia de cada una de ellas, 


Medida de voltaje en corriente continua 


Una de las funciones que más se utilizan con el 
multímetro es la de medir voltajes en CC ya que los 
circuitos electrónicos trabajan todos internamente 
con este tipo de cornente. 


Para medir voltaje, debemos colocar la perilla 
selectora en un rango mayor al valor que vamos a 
medir. Por ejemplo, si vamos a medir un voltaje de 


9 voltios, la perilla selectora debe estar en la posi- 
ción de 10 voltios CC. 


Si no conocemos el voltaje, debemos Les op 
por la escala más alta e ir moviendo la perilla hacia 
un rango más bajo, hasta lograr una medida ade- 
cuada. La precisión de un multímetro análogo es 
mayor cuando la aguja está más cerca del extremo 
derecho de la escala, 


Cuando se mide voltaje de CC, debemos tener en 
cuenta la polaridad en el circuito. La punta de 
prueba negativa (negra) del multímetro se conecta al 
terminal negativo del circuito, que generalmente se 
llama tierra, La punta de prueba positiva (roja) se 
debe conectar al circuito en su punta positiva, así 
como se muestra en la figura 168. 


Medición de voltaje en CC 
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P. 
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Si en algún momento estamos midiendo un 
voltaje de CC y la aguja se desplaza rápidamente 
hacia la izquierda fuera de la escala, debemos inver- 
tir la posición de las puntas de prueba. 


Medida de voltaje en corriente alterna 


Para medir voltaje de CA como el de los toma- 
corrientes donde conectamos los aparatos eléctricos 
y electrónicos debemos colocar la perilla selectora 
en la posición para corriente alterna y en la escala 
correcta de acuerdo a su valor, 


Por ejemplo, para medir los 110V que debe haber 
aproximadamente en un tomacorriente, colocamos 
la perilla en la escala de 250 voltios de CA, 


Si conectamos el multímetro en tina escala menor 
a en la función de ohmios o de corriente en miliam- 
perios, éste probablemente se quemará y quedará 
inservible ya que su reparación es difícil debido a 
que en los multímetros se utilizan resistencias de 
precisión que no son fáciles de conseguir en el mer- 
cado corriente de los componentes electrónicos. 


Para la medida de voltajes de CA, no interesa la 
posición o polaridad de las puntas de prueba cuan- 
do se conectan al circuito. (figura 169), 


Medida de corriente en CC 


Como un aparato electrónico está Formado por 
varios circuitos y éstos a su vez por varios compo- 
nentes, podemos medir la corriente que circula 
internamente en el aparato y sus circuitos con el fin 
de determinar si está funcionando bien. 


Para medir corriente, primero debemos seleccio- 
nar la escala correcta con la perilla selectora, y 
luego conectar el multímetro en serie con el circuito 
o componente por medir. (figura 170). 
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Medición de voltaje en CA 


t Lecluras 


An la medida de CA, no interesa 
la posición de las puntas de prueba 


Si la aguja se desplaza hacia la izquierda, debe- 
mos invertir la posición de las puntas de prueba. 
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Como práctica, podemos medir la corriente que — 
consume una pequeña lámpara de corriente continúa 
conectada a una batería de 9V, en la forma que indi- 
ca la figura 171. 


Midiendo la corriente de la lámpara 


Multimatro análogo : 
| Fig. 171 ‘| 
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Más adelante, iremos explicando detalladamente 
la aplicación del multímetro para medir el comporta- 
miento de los diferentes circuitos y componentes 
del radio de práctica, 


Instrumentos digitales 


Los instrumentos digitales, son uno de los resul- 
tados más importantes del avance de la tecnología 
moderna de los circuitos integrados, aplicados a la 
instrumentación electrónica. 


Actualmente, los instrumentos digitales son muy ` 
utilizados en todo tipo de trabajos con aparatos 
electrónicos y cada vez irán reemplazando en mayor 
número a los instrumentos análogos, debido a su 
mayor precisión y fácil manejo. 


La principal característica de un instrumento digi 
tal es que muestra directamente en forma de núme- 
ros o dígitos la lectura de la medida que se está rei- 
lizando, lo que da mayor precisión en esta labor. 


Actualmente, existe una gran cantidad de instru- 
mentos digitales para medir todo tipo de magnitu- 
des. Ejemplos: velocímetros, instrumentos de elec 
tromedicina, termómetros, analizadores, etc. 


En el curso de radio, estudiaremos el instrumento 
que está más relacionado con el tema : El multi 
metro digital. 


A 


El multimetro digital 


Un multímetro digital se utiliza para medir prin- 
cipalmente voltaje, corriente y resistencia, Este tie- 
ne los siguientes componentes: una pantalla con va- 
rios digitos para indicar la lectura, una perilla o sui- 
che selector y dos o más bornes para conectar las 
puntas de prueba. 


En la figura 172 podemos observar un multi- 
metro digital típico. 


Para el manejo del multímetro digital se siguen 
las mismas instrucciones del multímetro análogo, 
teniendo muy en cuenta la correcta selección del 
rango y función adecuados según el parámetro 
por medir, ya sen resistencia, voltaje o corriente. 


En esto debemos tener un gran cuidado ya que 
los multimetros digitales son mucho más delicados, 
pues en su circuito interior tienen circuitos integra- 
dos y otros componentes muy sensibles. 


Si usted posee un multímetro digital, practique 
cada uno de los tipos de medida que mencionamos 
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a) Resistencia 


C) Voltaje en 
corriente alterna 
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Multimetro digital 


Perilla 


en el multímetro análogo: resistencia, voltaje de CC 
y CA y corriente de CC. 


cae muy bien en la correcta selección de la 
escala para que no se vaya a quemar. En la figura 
173 podemos observar cómo se ubica la perilla se- 
lectora para cada uno de estos casos. 


b) Voltaje de 
cormiene continua 
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d) Corriente en G.C 
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Answers to Self-Test 
If your answers do not agree with those 
provided here, review the applicable problems 
in this chapter before you go to Chapter 7. 
1A. 3 kQ problems 8, 9, 10, 23 
1B. 5 kQ 
1C. 8 volts 
1D. 2 amperes 
1E. 36.87 degrees 
2A. 40 ohms problems 8, 9, 23 
2B. 50 ohms 
2C. 60 volts 
2D. 2 amperes 
2.E 53.13 degrees 
3A. 5ohms problems 8, 9, 23 
3B. 13 ohms 
3C. 10 volts 
3D. 2 amperes 
3E. 22.63 degrees 
AA. 10 ohms problems 26 and 2/7 
4B. 1 volt 
AC. 10 volts 
5A. 4ohms problems 26 and 27 
5B. 0.4 volt 
5C. 10 volts 
6A. 64 ohms problems 26 and 27 
6B. 5.4 volts 
6C. 9.1 volts 
7A. 9 volts problems 28-30, 35 


Actividad práctica N° 7 


En esta actividad vamos a instalar en el tablero 
del radio los diodos D2 y D3 en el circuito 
amplificador de audio, o sea, la etapa marcada con 
el color azul en su lámina del diagrama del radio. 


Recuerde las instrucciones para soldar correcta- 
mente, entregadas en las prácticas anteriores, 


Componentes necesarios 
2 Diodos de señal 1N4148. 

Los diodos, como se estudiará en la próxima 
lección, son unos componentes que dejan pasar la 


corriente en una sola dirección. 


Paso 1: Identificación de los diodos. 


Fisicamente, el diodo 1N4148 tiene la siguiente 
forma: 


Los diodos tienen polaridad, es decir, cada 
terminal debe ir conectado a un sitio exacto en el 
circuito, pues de lo contrario no funcionará el radio, 


El símbolo del diodo es el siguiente:La letra A 
indica un terminal llamado ánodo y la letra C es el 
terminal llamado cátodo. 


A aa RR) AAA AAA II O A ee feat E TEET] aa a E 
aE A AANT e ath E a T E E 


La rayita negra en el cuerpo del diodo correspon- 
de al cátodo. 
100 


Paso 2: Una vez identificado cada diodo y $us 
terminales, debe proceder a soldarlos en las punti- 
llas correspondientes. 


Instale y suelde uno de los diodos entre las 
puntillas A10 y All. Este será el diodo D2, El 
cátodo del diodo, o sea el terminal más cercano a la 
ravita negra, debe quedar en la puntilla A11. 


Paso 3: Instale y suelde el otro diodo, D3, entre las 
puntillas All y A12. El cátodo de este diodo debe 
ir conectado a la puntilla A12. 


Precaución: Los diodos son unos componentes 
mucho más delicados que las resistencias y los 
condensadores, en cuanto a que se pueden dañar 
fácilmente si les aplicamos mucha temperatura al 
soldarlos. 


Utilice para esta actividad un cautín pequeño, 
máximo de 25 W, y suelde rápidamente los termi- 
nales de los diodos. Para una mayor facilidad en el 
proceso de soldadura, las puntillas deben estar esta- 
ñadas, es decir, deben tener un poco de soldadura 
en su superficie. 


Al terminar esta actividad, los diodos deben 
quedar conectados de la siguiente manera: 


Puntillas 


NAN, Dd D3 
ee ; 144148 


Lección 15 


Instrumentos para el ajuste y 


reparación de los aparatos de radio 


Existen, además del multímetro, otros instrumen- 
tos electrónicos que se utilizan para el ajuste y la 
reparación de los aparatos de radio y comunica- 
ciones en general. 


Estos instrumentos permiten simular y visualizar, 
en una mesa de trabajo, las señales que se encuen- 
tran en estos aparatos, 


Los principales instrumentos de este tipo y que 
vamos a conocer en este curso son: El generador 
de audio, el inyector de señales, el generador de 
radiofrecuencia, el seguidor o rastreador de señales 
y el osciloscopio. 


El generador de audiofrecuencia 


El generador de audiofrecuencia es un instrumen- 
to que genera o produce una señal de audio, ¢s 
decir, que tiene una frecuencia audible, comprendi- 
da mas o menos entre 10 Hz y 30.000 Hz o 30 
Khz. 


Los generadores de audio se fabrican en muchos 
modelos pero todos tienen caracteristicas comunes. 
Producen una señal con forma de onda seno y 
cuadrada como mínimo. Algunos modelos también 
generan señales del tipo triangular y pulsos. 


En la figura 174 podemos observar dos tipos de 
generadores de audio, llamados también generado- 
res de baja frecuencia. 


Los generadores de audio se utilizan para aplicar 
una señal a un circuito amplificador con el fin de me- 
dir y observar su funcionamiento. 


Este aparato debe tener, como mínimo, controles 
para variar la frecuencia en Hertz de la senal, para 
seleccionar la forma de onda y para regular su 
amplitud. 


En la comunicación por radio, sabernos que una 
señal de audio o sonido, viaja en compañía de la 
señal de radiofrecuencia desde la antena del transmi- 
sor hasta la antena del receptor. 


Internamente, en el aparato de radio, la señal de 
audio se separa, se amplifica y va al parlante, 


El circuito que amplifica esta señal de un radio se 
llama el amplificador de audio, 


Gene rado res de audio 


Ajuste de frecuencia | 


Selector de forma de onda Control de amp 


En una próxima lección estudiaremos cómo se mi- 
de el nivel de amplificación de una etapa amplifica- 
dora de audio y cómo se observa la distorsión, utili- 
zando el generador de audio en compañía de otro 
instrumento muy útil en electrónica, el oscilosco- 
pio. 


El inyector de señales 


Los generadores de audio son muy importantes 
para el trabajo en electrónica pero pueden ser costo- 
sos para el aficionado o estudiante, 


Se pueden fabricar generadores de audio senci- 
llos, con materiales comunes para ser utilizados en 
trabajos de fabricabión y reparación de aparatos de 
radio en forma experimental. 


Uno de los más sencillos, pero más eficientes 
instrumentos es el llamado inyector de señales. 


Este es un circuito formado por pocos compo- 
nentes (2 transistores, 4 resistencias y 3 condensa- 
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dores) que se puede construir en un circuito 
impreso (kit CEKIT ref. K13) y alojar en una pe- 
queña caja metálica o de plástico, alimentado por 
una pila o batería, 


Este circuito produce una señal de onda cuadrada 
con una frecuencia aproximada de 1000 Hz en el 
rango audible , 


Como su nombre lo indica, el inyector de señales 
inyecta su señal al circuito que deseemos por medio 
de una punta de prueba y en la salida del circuito 
debe aparecer la señal esperada. 


Más adelante, como práctica, aprenderemos a 
construir y utilizar un inyector de señales para las 
ruebas de los diferentes circuitos del radio 
CEKTT. 


El generador de radiofrecuencia 


_ El generador de radiofrecuencia o RF, es otro 
instrumento muy importante en la práctica de ajuste 
y reparación de los aparatos de radio y comunica- 
clones. 


Este aparato entrega una sefial de alta frecuencia y 
su salida es variable, tanto en amplitud como en 
frecuencia. 


De tal manera, podemos simular una señal u onda 
de radio y aplicarla a los diferentes circuitos de los 
aparatos, con el fin de determinar y lograr su 
correcto funcionamiento, (figura 175), 


| Aplicando señal de radiofrecuencia 


Generador de HF 


Señal de RF 
(onda de radio 
simulada) 


Estos instrumentos también se fabrican en 
muchos modelos y calidades. En la figura 176 se. 
muestra un generador de RF típico. 


Ajuste de frecuencia Selector de banda 


o 


Bornes de salida | 
Fig. 176 1 


A Ae ce Nites 
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Los principales controles de un generador de RE 
son: El selector de banda, que selecciona una banda 
o rango de frecuencias para la señal de salida, la 
perilla selectora de frecuencia dentro de la banda 
seleccionada y un control de amplitud que determi- 
na el tamaño de la señal que se va a aplicar al cir- 
culto. 


Además de los controles, tiene dos bornes de 
salida y dos bornes para introducir la señal de un 
generador de audio y modular la señal de RF. 


Veremos la aplicación práctica de este instrumen- — 
to, en las lecciones correspondientes al ajuste y cali- 
bración de las etapas de radiofrecuencia, una vez las 
hayamos ensamblado en el radio CEKIT. 


El seguidor o rastreador de señales 


Este instrumento, también llamado analizador 
dinámico o Signal Tracer, en inglés, permite tomar _ 
la señal de audio presente en las diferentes etapas | 
del radio lo que facilita la tarea de reparación de — 
estos aparatos, | 


_ Básicamente, consiste en un amplificador de au- 
dio de poca potencia, un parlante, y una etapa detec- 
lora incorporada en una punta de prueba. 


Trabajando simultáneamente con un generadorde 
audio o con un inyector de señales, introduciendo 
su señal en la entrada de una etapa del radio y luego 
lomando la señal en la salida de esa misma etapa, 
con la punta de prueba, podemos verificar el buen 
funcionamiento de cada una de ellas, 


Con el generador de audio aplicamos 
una señal a la etapa 4 y con el trazador 
de señales la analizamos 


Generador de 


audio 


De esta manera, si un radio tiene 5 o 6 etapas, las 
podemos probar individualmente, encontrando fácil- 
mente la falla en cualquiera de ellas, 


En la figura 177 podemos observar la forma gene- 
ral de utilización de este instrumento. 


El osciloscopio 


El osciloscopio es uno de los instrumentos más 
importantes en el trabajo con aparatos de radio y 
comunicaciones y en toda la electrónica en general, 


Por medio del osciloscopio podemos visualizar 
en una pantalla, la forma de onda, la amplitud 2 la 
frecuencia de una señal de corriente alterna. Esto 
hace que este instrumento nos suministre más infor- 
mación que cualquier otro. 


También podemos medir con él, voltaje y corrien- 
te en corriente continua. 


El osciloscopio utiliza una pantalla similar en su 
principio de funcionamiento, a la de un televisor, 


Por medio de circuitos amplificadores y saci om 
dores de rayos de electrones, las señales se pueden 
presentar en forma visible. 


Para el técnico, el aficionado o el ingeniero, esto 
es muy importante pues permite tener una imagen 
real de las señales y voltajes dentro de un aparato. 


Existen muchos tipos de osciloscopios dependien- 
do de sus características y calidad. 


En la figura 178 podemos observar un oscilosco- 


pio común de los que se utilizan para los trabajos de > 


ajuste y reparación en los aparatos de radio. 
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En próximas lecciones aprenderemos a utilizar el 
osciloscopio para la calibración o ajuste y análisis 
de las diferentes etapas del radio de prácticas de este 
curso. 


Con el generador de audio y el osciloscopio, 
podemos probar el buen funcionamiento de una 
etapa en cuanto a su nivel de amplificación y a la 
distorsión que se produce a la señal original. 


El generador de audio se conecta a la entrada del 
circuito que se va a probar y luego observamos en 
su salida, la forma y amplitud de la señal que se ob- 
tiene, 
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Lección 16 


Teoría de Semiconductores 
y Diodos 


Como se estableció en la Lección | de este curso, 
los materiales de la naturaleza se clasifican, de acuer- 
do a la forma como se comportan ante la corriente 
eléctrica, en conductores, semiconductores y aislan- 
tes. 


Recordemos que los conductores se caracterizan 
por tener muchos electrones libres en su estructura 
atómica y los aislantes por su tendencia a la esta- 
bilidad química, Estas condiciones favorecen la cir- 
culación de corriente en el primer caso y la impiden 
en el otro. 


En esta lección, vamos a estudiar los materiales 
semiconductores y una de sus aplicaciones más 
importantes: el diodo. Como se había mencionado, 
los semiconductores son sustancias como el silicio 
y el germanio, que presentan propiedades interme- 
dias entre los conductores y los aislantes. 


Los semiconductores han revolucionado la elec- 
trónica moderna en todos sus sar S y han abierto 
un mundo sin fronteras a sus posibilidades de apli- 
cación. La radio no ha sido ajena a su influencia. El 
moderno receptor superheterodino, la televisión a 
color y las videograbadoras, son apenas algunos 
ejemplos de este desarrollo. 


La consecuencia más notable de tal revolución 
tecnológica ha sido el desarrollo de los transistores 
y de los circuitos integrados (CIs) o chips. Un cir- 
culto integrado concentra, en una pastilla muy delga- 
da, miles de componentes como resistencias, con- 
densadores, diodos, transistores, conductores, etc. 


El conocimiento de la teoría básica de los semi- 
conductores y del diodo, es indispensable para com- 
prender cómo trabajan no solamente los transisto- 
res y los circuitos integrados sino también los 
FETs, los SCRs, los LEDs y otros dispositivos de 
la llamada peneración del silicio, 


Repaso de la teoría atómica 


Como sabemos, los materiales están formados 
por elementos y los elementos por atomos. El ato- 
mo es la parte más pequeña e indivisible de la mate 
ria, que conserva las propiedades originales de un 
material. 


Si dividimos el átomo, encontramos las partícu- 
las básicas, 
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Recordemos que un átomo de cualquier sustancia: 
consta de una parte central llamada núcleo que 
contiene protones y neutrones, y de electrones agmi- 
pados en forma de órbitas o bandas de energía a su 
alrededor. 


Los protones son particulas de carga positiva, los 
electrones son negativos y los neutrones no tienen 
carga eléctrica, 


El número de protones en el núcleo es igual al 
número de electrones distribuidos en las órbitas. 
Esto determina el número atómico de un material, 
Un átomo de cobre, por ejemplo, difiere de uno de 
hierro en su número atómico. El número atómico es 
el que establece la diferencia entre un elemento y 
otro. 


Los electrones están distribuidos en las órbitas, 
obedeciendo a ciertas leyes físicas y de acuerdo a su 
cantidad. Los electrones de la órbita más externa 
reciben el nombre de electrones de valencia o elec 
trones libres y son muy importantes para la electró- 
nica. El máximo número posible de electrones en la 
banda de valencia es 8, 


El paso de una corriente eléctrica a través de un 
material depende de la movilidad de sus electrones 
de valencia. Entre más alejados estén estos electro- 
nes del núcleo, más fácil es producir en ese material 
una corriente eléctrica, 


Además, el número de electrones de valencia 
determina el grupo al que penenece un elemento en 
la tabla periódica Un grupo en la tabla periódica 
asocia una serie de elementos con caracteristicas y 
propiedades químicas afines (alcalinos, metales, gd: 
ses, etc). 


Los elementos del grupo 4, por ejemplo, tienen 4 
electrones en su última capa. A este grupo per 
tenecen, entre otros, el carbono, el silicio y el ger 
manio. De estos dos últimos, llamados los semicon: 
ductores, nos ocuparemos ahora. 


Estructura atómica de los semiconductores 


En la figura 179 se muestra la estructura atómica 
de un átomo de silicio y uno de germanio. El de 
silicio posee 14 electrones distribuidos en 3 órbita 
y el de germanio 32, repartidos en 4 órbitas, 


Estructura atómica de los semiconductores 
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Ambas átomos comparten en común el hecho de 
tener cada uno 4 electrones de valencia. 


Por ahora, sólo nos interesan el núcleo y los elec- 
trones de valencia. En un semiconductor puro, los 
átomos están perfectamente alineados, formando lo 
que se denomina una red cristalina o cristal. En la 
figura 180 se muestra el aspecto parcial de un cristal 
de silicio. 
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En un cristal de silicio, cada átomo comparte sus 
4 electrones de valencia con los átomos vecinos 
mediante enlaces covalentes, Estos enlaces son tan 
fuertes que es prácticamente imposible arrancar un 
electrón de valencia de su sitio, excepto con la apli- 
cación de muy alta energía. 


Por esta razón, un cristal semiconductor puro no 
favorece la circulación de corriente. Desde el punto 
de vista eléctrico, se ps como un simple 
aislante, sin mayor utilidad práctica. Para que se 


convierta en conductor debe doparse, agregándole . 


pequeñas cantidades de impurezas. 
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Las impurezas son dtornos de otro material como 
el arsénico y el boro que, mediante el proceso de do- 
pado, convierten un cristal semiconductor puro en 
un conductor, sin afectar su estructura. 


De acuerdo al tipo de impureza inyectada, surgen 
dos tipos de semiconductores: el material tipo N y 
el material tpo F. 


De ellos nos ocuparemos enseguida. La unión de 
un material tipo N con un material tipo P constituye 
un diodo, como veremos más adelante, 


Semiconductores tipo N 


Los semiconductores tipo N se obtienen inyectan- 
do átomos de antimonio, arsénico o fósforo a un 
cristal de silicio o germanio puro, 


Estos átomos son pentavalentes, es decir, tienen 
5 electrones de valencia.Su presencia en el cristal 
crea un exceso de electrones. 


Al enlazarse un átomo de arsénico con uno de 
silicio, por ejemplo, queda sobrando un electrón en 
la estructura cristalina. 


Este electrón, al no estar ligado a ningun átomo, 
es libre de moverse a través del cristal y, por lo 
tanto, es un portador potencial de cornente. 


En la figura 181 se muestra el aspecto de un 
cristal semiconductor tipo N de silicio, dopado con 
arsénico, 


En la terminología de los semiconductores, se di- 
ce que el arsénico es un dador. 


Los portadores de corriente en un material tipo N 
son los electrones. 
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Semiconductor tipo N 


Atomo de arsénico 
Electrón libre | 


oe 
T 
M — 
4 q 
pa 
i at 
3 gas 
L A 7 a . nn. 
= a a ale 
areata eet states «au E 
T 


Si se aplica un voltaje a través de un material tipo 
N, como se muestra en la decaer 182, el resultado 
es un flujo de corriente a través del cristal. Los elec- 
trones libres son repelidos por el polo negativo de 
la batería y atraídos por el polo positivo de la mis- 


Corriente en material tipo N 


Recuerde: los portadores de corriente en un mate- 
rial tipo N son los electrones libres, los cuales 
tienen carga negativa. 


Semiconductores tipo P 


Los semiconductores tipo P se obtienen inyectan- 
do átomos de boro, galio o indio a un cristal de sili- 
cio o germanio puro. 


Estos átomos son trivalentes, es decir, tienen 3 
electrones de valencia.Su presencia en el cristal crea 
una deficiencia de electrones. 


Al enlazarse un átomo de boro con uno de silicio, 
por ejemplo, queda faltando un electrón en la estrue- 
tura cristalina. A ese espacio libre se le denomina 


hueco. Los huecos se comportan como cargas posi- - 


tivas porque atraen electrones y, por lo tanto, son 
portadores potenciales de corriente, 
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En la figura 183 se muestra el aspecto de un 
cristal semiconductor tipo P de silicio, dopado con 
boro. En la terminología de los semiconductores, 6 
dice que el boro.es un receptor de electrones. 


Hueco Atomo de boro 


Fig, 183 | 


Si se aplica un voltaje a través de un material tipo 
P, como se muestra en la figura 184, el resultado es 
un flujo de corriente a través del cristal. Los huecos 
son repelidos por el polo positivo de la batería y 
atraídos por el polo negativo. Esto equivale a uni 
circulación de electrones en dirección contraria all 
dirrección del material tipo N. 


Corriente en material tipo P 


a electrones | 


| 


Recuerde: los portadores de corriente en un male. 
rial tipo P son los huecos, los cuales se comport 
como cargas positivas libres. 


El Diodo Semiconductor 


Un diodo es esencialmente la unión de un mag 
rial tipo N con un material tipo P, como se muesti 
en la figura 185. El lado N recibe el nombre @ 
cátodo y el lado P el de 4nodo. 


En el lado N hay un exceso de electrones 7 en el 
P una deficiencia de ellos, o sea, un exceso de hue- 
cos. Además de estos portadores mayoritarios de 
corriente, en los lados N y P existen unos pocos 
portadores minoritarios, representados por algunos 
huecos en N y algunos electrones libres en P, 


Los electrones del lado N tienden a pasar hacia 
el lado P, atraídos por los huecos o viceversa. Sin 
embargo, no pueden hacerlo porque en la unión o 
juntura de los dos materiales se forma una barrera 
eléctrica de voltaje que impide el paso de los 
portadores mayoritarios de corriente, (Figura 186). 


Barrera de voltaje en el diodo 


qe Fig. 186 | 


A esta barrera de potencial la llamaremos unión o 
juntura PN y presenta propiedades muy interesantes 
para la cornente eléctrica. 


Polarización directa de un diodo 


Para que circulen los portadores mayoritarios de 
corriente de un lado a otro y pueda establecerse un 
flujo de corriente a través de la unión PN, la barrera 
de potencial debe ser eliminada. 


La forma de conseguirlo es aplicando un voltaje 
sr de polarización, como se muestra en la figu- 
ra 187, 


En este modo de conexión, llamado polarización 
directa, el positivo de la fuente se conecta al elec- 
trodo del lado P o ánodo y el negativo al del lado N 

e 


o cátodo, Conectado este modo, el diodo 
conduce la corriente eléctrica. Por qué ?. Veámoslo: 


En un diodo polarizado directamente, los electro- 
nes libres del material N son rechazados por el ter- 
minal negativo de la batería y emigran en dirección 
de la juntura. 


Lo mismo sucede con los huecos del material P 
respecto al terminal positivo de la batería, 


_ Como consecuencia de lo anterior, en la juntura 
PN se presenta una fuerte concentración de portado- 
res de corriente. 


Bajo la influencia del voltaje de la batería, los elec- 
trones y huecos atraviesan la barrera y se combinan 
mutuamente. 


Por cada combinación de un electrón y un hueco, 
penetra un electrón por el terminal negativo y sale 
otro por el terminal positivo, 


De este modo, fluye continuamente una corriente 
eléctrica u través del circuito externo. 


. Podemos decir, entonces, que un diodo polariza- 
do directamente actúa como un conductor, porque 
ofrece muy poca resistencia al paso de la corriente, 
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Polarización inversa de un diodo 


Supongamos ahora que el terminal positivo de la 
pila se conecta al cátodo (lado N) y el negativo se 
conecta al ánodo (lado P), como se muestra en la 
figura 188. Este modo de conexión se denómina 
polarización inversa o de no conducción, 


Polarización inversa del diodo 


En un diodo polarizado inversamente, los electro- 
nes libres del material N son atraídos por el terminal 
positivo, alejándolos de la juntura. Lo mismo suce- 
de con los huecos de P respecto al terminal nega- 
tivo, 


Como consecuencia de lo anterior, en la juntura 
EN se presenta una drástica ausencia de portadores 


de corriente, 


Bajo la influencia del voltaje de la batería, los 
electrones y huecos no pueden atravesar la barrera 
y, por lo tanto, no hay circulación de corriente a 


través del diodo. 


Podemos decir, entonces, que un diodo pola- 
rizado inversamente actúa como un aislante, porque 


ofrece muy alta resistencia al paso de la corriente. 


Recordemos que, ademas de portadores mayori- 
tarios de corriente (electrones en N y huecos en P), 
en un diodo existen también unos pocos portadores 
minoritarios (huecos en N y electrones en P). 
Veamos los efectos de la presencia de estos portado- 


res minoritarios en el cristal, 
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Bajo la influencia del voltaje inverso, los portad 
res minoritarios se concentran en la juntura, la atii 
viesan y se combinan mutuamente, permitiendo qu 
circule una corriente muy débil, Hamada corrien 
inversa de fuga, Si se continúa aumentando ès 
voltaje, llega un momento en que el diodo entra $ 
avalancha, es decir, hay una cornente muy grand 
que destruye físicamente el diodo. 


| 
f | 


A este voltaje se le llama voltaje zener o de mj 
tura. En general, el estado de avalancha de un diodi 
se caracteriza por un aumento repentino y considé 
rable de la corriente inversa. Si esta corriente nos 
limita, se rompe la estructura cristalina y el dick 
se destruye. En las características de fabricación dl 
cada tipo de diodo se especifica cuál es el volta 
inverso máximo que soporta ese diodo sin dañarse. 


Características de los diodos reales 


Idealmente, un diodo debería comportarse comí 
un interruptor perfecto, actuando como un como 
circuito en polarización directa y como un circuit 
abierto en polarización inversa (figura 18%). Lo 
diodos reales, sin embargo, exhiben ciertas carat 
terísticas no acordes con esta idealización. 


Curva caracteristica del diodo ideal 


pe. ee 


Polarización directa 


Estos efectos no ideales se pueden visualizar mi 
fácilmente analizando la curva característica reald 
un diodo, mostrada en la figura 190. Esta cum 
muestra la forma como se comportan la corriente) 
el voltaje a través de este componente. Í 


En primer lugar, un diodo polarizado dire 
mente necesita de un valor mínimo de voltaje pas 
empezar a conducir. Este voltaje se designa com 
VF y es igual al potencial de barrera de la juntu 
PN. Los valores típicos de VF son 0.3 V pa 
diodos de germanio y 0.6 a 0.7 Y para diodos4 
silicio. 


Esta caida directa de voltaje aparece siempres nt 
los terminales del diodo durante su operación ný 
mal, independientemente del voltaje externo api 
do. 


Curva característica del diodo real 
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Como consecuencia de la caída, al circular una 
corriente a través del dispositivo, éste disipa poten- 
cia en forma de calor. 


Si tal disipación de potencia es excesiva, el diodo 
puede destruirse por sobrecalentamiento. Por esta 
razón, los fabricantes especifican siempre la máxi- 
ma comente directa admisible (LA, 2A, etc.). 


En segundo lugar, un diodo polarizado inver- 
samente tiene un valor máximo de voltaje que puede 
ser aplicado antes de que el dispositivo entre en ava- 
lancha. A este voltaje de ruptura se le designa YR o 
PIV. Cuando el voltaje aplicado supera el PIV 
especificado, el diodo se destruye. 


Mientras no se llegue al estado avalancha, a tra- 
vés del diodo circula una corriente de fuga, IR, muy 
débil, debida a los portadores minoritarios. Esta 
cornente depende primariamente de la temperatura. 
En diodos de silicio, IR es del orden de los nano- 
amperios y se duplica cada 10°C. 


Cuando el diodo entra en avalancha, la cornente 
inversa crece súbitamente y puede ser fatal para el 
dispositivo. Sise continúa aumentando el voltaje 
inverso y se provee un medio de lirmitación de esta 
cornente, en los extremos del diodo aparece perma- 
nentemente un voltaje igual al de ruptura. 


Los diodos comunes, por lo general, nunca se 
trabajan en la región de avalancha. Existen, sin 
embargo, diodos fabricados especificamente para 
este propósito. Son los llamados diodos zener, muy 
utilizados como reguladores de voltaje de corriente 
continua de baja potencia. 
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Otro fenómeno que se presenta en los diodos 
reales, y que no aparece explícito en la curva caracte- 
rística mostrada en la figura 190, es la capacitancia 
de la juntura. Las regiones N y P se comportan co- 
mo las placas de un condensador.La barrera de po- 
tencial actúa como el medio de separación o material 
dieléctrico. 


Cuando el diodo está directamente polarizado, la 
barrera de potencial se estrecha y por lo tanto au- 
menta la capacitancia, Cuando el diodo está inversa- 
mente polarizado, esta barrera se amplía y por lo tan- 
to disminuye las capacitancia. 


Este efecto de 'capacitancia variable por voltaje 
se utiliza ventajosamente en los llamados varacto- 
res, que son diodos disefiados especificamente 
como sintonizadores en algunos circuitos modernos 
de radio en FM. 


Tipos de diodos y sus aplicaciones 


Aprovechando la propiedad básica de conducir la 
corriente eléctrica en un sentido mientras la bloquea 
en el otro y, aprovechando las características no 
ideales descritas anteriormente, se han desarrollado 
varios tipos de diodos, cada uno destinado a una 
aplicación específica. 


Los diodos que se describen a continuación son 
los más representativos. Se han omitido algunos, al- 
tamente especializados o en desarrollo, como el lá- 
ser, el piezocléctrico, el pin, etc. pero se incluyen 
otros, igualmente interesantes, como el diodo túnel, 
el varicap, el diodo Schottky, etc. ] 


Los diodos de señal son pequeños diodos de 
germanio que se utilizan como detectores de R.F. 
en receptores de radio. $e caracterizan por requerir 
de muy bajo voltaje para conducir. En la figura 19] 
se muestra un circuito típico de aplicación como 
detector de señales en un receptor de radio muy sen- 
cillo, llamado radio de galena o receptor de cristal. 


Receptor de cristal con diodo 


Señal A-F 
H-F Detectada 
1N34 


Audio 


de tristal 


Audifono 


Diodo detector Fig. 191 f 


a o te ame a o E 


A A A am ee. a A ee 


7B. 
TC. 
7D. 
7E. 
8A. 
8B. 
8C. 
8D. 
SE. 
9A. 
9B. 
9C. 
9D. 
9E. 


3 ohms 

10.4 ohms 

2.7 volts 

16.7 degrees 

10 volts problems 28-30, 
904 ohms 

910 ohms 

1 volt 

83.69 degrees 

O volts problems 28-30, 
1 kQ 

1.414 kQ 

7 volts 

45 degrees 
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Los diodos rectificadores de potencia son diodos 
de silicio de mayor tamaño que los diodos de señal 
y con especificaciones más amplias de corriente y 
voltaje, diseñados para ser usados en fuentes de 
poder y otras aplicaciones de potencia. 


Esta es una de las aplicaciones más comunes para 
los diodos: la conversión de corriente alterna en Co- 
rriente continua, un proceso que se encuentra en ca- 
si todos los aparatos electrónicos. 


Los diodos rectificadores pueden manejar co- 
trientes desde milésimas hasta cientos de amperios 
y pueden soportar tensiones inversas desde unos po- 
cos hasta varios miles de voltios. En la figura 192 
se muestra un circuito típico de aplicación de un rec- 
tificador de corriente. 


Los diodos de conmutación son también diodos 
de silicio, pero menos robustos que los diodos de 
potencia, diseñados para ser usados en circuitos 
digitales. Se caracterizan por su baja capacitancia de 
juntura, lo que los hace seva rápidos. En la figura 
193 se muestra una aplicación típica. 


> Diodos de conmutación 


Tabla de verdad 


aoo a 0 = OV (GND) 
Compuerta | | = 9V (Vee! 


rer ere reer ee PATT] 
Ve eae z 
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Fig. 193 | 


Simbolo i Regulador zener basico 
Fig. 194 $ 


Los diodos emisores de luz o LEDs son diodos 
que emiten una luz visible o infrarroja cuando sé 
polarizan directamente. Se emplean en transmisores 
ópticos y como visualizadores o pilotos en múlt 
ples aplicaciones. En la figura 195 se muestra un ci 
cuito típico de utilización. 


A: Resistencia limitadora ig. 


Los fotodiodos son diodos sensibles a la lig 
Generan un voltaje de corriente continua propor 
cional a la cantidad de luz que incide sobre su super 
ficie. Se utilizan como medidores y sensores de Im 
y en receptores Ópticos de comunicaciones. 


| 


En la figura 196 se muestra un circuito típico de 
aplicación. 


El fotodiodo 
Estructura interna 


Los diodos túnel son dispositivos muy versátiles 
que pueden operar como detectores, amplificadores 
y osciladores. 


Poseen una región de juntura extremadamente del- 
gada y tienen resistencia negativa, esto es, la co- 
rriente disminuye a medida que aumenta el voltaje 
aplicado. 


En un diodo túnel, los portadores de corriente 
atraviesan la juntura a la velocidad de la luz (3x108 
myseg). A los diodos túnel se les denomina también 
diodos Esaki, en honor de su inventor. 


Los varactores son diodos de capacitancia varia- 
ble que se utilizan como sintonizadores en sistemas 
de comunicaciones, especialmente en FM. 


Poseen una región de juntura extremadamente 
flexible y ofrecen su máxima capacitancia con vol- 
taje de polarización cero. En la figura 197 tenemos 
un circuito típico de aplicación. Estos diodos tam- 
bién reciben el nombre de diodos Varicap. 


Los rectificadores controlados de silicio o SCRs 
son diodos de potencia que, además de ánodo y 
cátodo, tienen un tercer clectrodo de control 
llamado compuerta o Gate, Cuando se polariza en 
directo, un SCR sólo conduce cuando recibe un 
pulso de disparo válido en la compuerta. 


Una vez que entra en conducción, el SCR conti- 
núa conduciendo, incluso si se suspende la señal de 
la compuerta. 


Esta característica lo hace muy útil como interrup- 
tor de estado sólido en aplicaciones de control y de 
potencia. 


El diodo varactor o varicap 


270 pF 
fe Al osellador 


+ OY 


5 
sE 
as 

re 


Oscilador de frecuencia variable E 
(VFO) básico con varactor Fig. 197 Él 


En la figura 198 se muestra un circuito práctico 
de utilización con SCR. 


El SCR o diodo controlado 


Los diodos Schottky tienen una caída de voltaje 
directa (VF) muy po del orden de 0,3 V o me- 
nos. Operan a muy altas velocidades y se utilizan en 
fuentes de potencia, circuitos de alta frecuencia y 
sistemas digitales. En la figura 199 se muestra su es- 
tructura interna. Reciben también el nombre de dio- 
dos de recuperación rápida (fast recovery diodes) o 
diodos de portadores calientes. 


El diodo Schottky 
Terminal de cobre ——* Barrera metálica 


Oxido 
aislante 


Discos de 
molibdeno AA Ss 
PP EAT. y 


Base de cobre — Silicio cha o | 


[AAA EEES ee ened fae $ 
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Actividad Práctica N° 8 


Completando las conexiones del amplificador de 
audio 


Una vez instaladas las resistencias, los conden- 
sadores, los diodos y los alambres del circuito de 
alimentación, vamos a realizar algunas conexiones 
con el fin de terminar el ensamble de la etapa del am- 
plificador de audio del radio de prácticas de este 
curso. 


Después de dicha actividad se instalarán los tran- 
sistores, el conector para el audífono y el parlante, 
quedando así lista esta importante etapa del radio. 


Herramientas y materiales necesarios 


Cautín de 25 o 40 vatios 
Cortador de alambre o corta-frío 
Pinzas de punta plana 

Alambre para conexiones 
Soldadura 


Importante: El alambre debe estirarse lo más que se 
pueda, para lograr una buena presentación y asegu- 
rar una buena calidad en el ensamble del radio. 


Paso I: Suelde un extremo del alambre de co- 
nexión a la puntilla A25. Ahora suelde el alambre a 
la puntilla A26 haciendo primero un puente para 
que no se una con al alambre que hay entre las 
puntillas 36 y 37. 


Halando firmemente el alambre con una pinza, 
suéldelo a la puntilla 427, Después de hacer esta 
soldadura, corte el alambre con el cortatrio. 


Paso 2: Con el alambre de conexión, conecte las 
puntillas A28, A29 y 33. Suelde primero un ex- 
tremo en A28 y hale fuerte, soldando en la puntilla 
33. Corte el alambre en ésta y suelde en la puntilla 
A29, Repase las soldaduras si es necesario, para 
lograr una buena conexión y presentación, 


Paso 3: Con el alambre, conecte las puntillas 37 y 
Als, 


Paso 4: Con el alambre de conexión, una las 
puntillas A20, A23, A24 y A17, Empiece soldando 
un extremo en la puntilla A20, luego en la AZ3 y 
forme un ángulo recto en esa puntilla con el alambre 
hacia abajo. 


Hale fuerte el alambre con la pinza y suelde el 
alambre en la puntilla A24. Haga otro ángulo recto 
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Paso 11: Con el alambre de conexión, una las 


hacia la izquierda y suelde el alambre en la puntilla | 
A17 antes de cortar. 


Paso 5: Con el alambre de conexión, una las pun- 
tillas A22 y 21. 


Paso 6: Con el alambre de conexión, una las purn- 
tillas A9, A10 y A15, 


Forme un puente entre las puntillas A9 y ALO, 
como se muestra en la guía pani la instalación de - 
componentes, para que este alambre no haga corto: 
circuito con el puente que hay entre las puntillas 37 
y 38. Forme un ángulo recto hacia la derecha en 
A10 y conecte en A15. 


Paso 7: Con el alambre de conexión, una las 
puntillas A12, A13 y A16, formando ángulo recto 
hacia la derecha en A13. 

Paso 8: Con el alambre de conexión, una las 
puntillas A14 y 20. 


Paso 9 Con el alambre de conexión, una las 
ntillas A8 y A12, haciendo un puente para evitar 

a unión con el alambre que conecta las puntillas 29 — 
y 31 


Paso 10% Con el alambre de conexión, una las - 
puntillas AS, A6 y A7, haciendo un puente en el - 
tramo A6 - A7 como se muestra en la guia. 


puntillas C7, Al y A2, formando ángulo recto hacia 
abajo en la puntilla Al. 


Paso 12: Con el alambre de conexión, una las — 
puntillas A4 y 18. | 


Una vez terminada esta actividad, repase cada | 
uno de los pasos aqui descritos, con el fin de ve- 
rificar que hayan sido conectados correctamente 
todos los puntos indicados. 


Repase las soldaduras que tengan un mal aspecto - 
físico y rectifique las trayectorias de los alambres - 
con el fin de que queden lo más rectos posibles. 


De la buena calidad de estas conexiones depende 
en gran parte el buen funcionamiento del radio. 
Como ejercicio, puede verificar las conexiones con 
un multímetro ajustado, para la medida de ohmios, 
en la escala más baja. 


Lección 17 * 


Los Transistores 


En esta lección continuamos nuestro estudio de 
los dispositivos semiconductores con uno de sus 
componentes más importantes: el transistor. Enfo- 
caremos nuestra atención en los transistores bipo- 
lares (NPN y PNP) y en los de efecto de campo 
(JFET y MOSFET), haciendo especial énfasis en 
sus principios de operación, sus características y 
sus configuraciones básicas. 


Qué es un transistor 


La palabra transistor se ha derivado de transfer 
resistor (resistencia de transferencia) y designa, en 
forma genérica, a un dispositivo o componente 
electrónico de tres terminales, cuya resistencia inter- 
na es una función del nivel de corriente o voltaje 
aplicado a uno de sus terminales, 


Aprovechando esta propiedad, el transistor se uti- 
liza para amplificar señales, para producir ondas de 
corriente alterna (oscilaciones) o como suiche elec- 
trónico. 


El transistor, inventado en 1948 en los labora- 
torios de la Bell Telephone en Estados Unidos es, 
sin duda, uno de los adelantos más significativos de 
nuestra era y uno de los componentes más versá- 
tiles e importantes de la electrónica moderna. De 
hecho, todos los circuitos integrados, que han revo- 
lucionado la ciencia moderna, se fabrican con tran- 
sistares. 


El transistor reemplazó, con grandes ventajas, a 
los tubos de vacio o válvulas en todos los circuitos 
electrónicos. Sus principales caracteristicas son: ta- 
maño reducido, bajo consumo de potencia, alta con- 
fiabilidad y costo mínimo. 


Clases de transistores 


Existen dos grandes grupos de transistores: los 
transistores bipolares y los transistores de efecto de 
campo o FETs. Los bipolares son dispositivos con- 
Toe p cómente y los FET son dispositivos 
controlados por voltaje. Los FET se conocen tam- 
bién como transistores unipolares. 


En los transistores bipolares, los tres terminales 
se denominan emisor (E), colector (C)y base (B). 
En los FET, se designan como fuente (5), drena- 
dor (D) y compuerta (G). La base y la compuerta 
elo respectivamente, como electrodos de con- 
trol. 


Los transistores bipolares pueden ser NPN o 
PNP, Los FET pueden ser de canal N o de canal P 
y de unión (JFET) o de compuerta aislada (MOS- 


En la figura 200, se muestra un resumen de los 
símbolos utilizados en los diagramas electrónicos 
para referirse a los diferentes transistores de cada 


grupo. 


i} 
Madia potencia 


ENB 
Baja señal Pulaacia 


FET baja señal 


De acuerdo a su aplicación, existen transistores 
de pequeña señal, de conmutación, de potencia, de 
alta frecuencia, etc. 
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Tipos de encapsulados 


Los transistores se fabrican en serie, formando 
simultáneamente varios cientos o millares de uni- 
dades sobre una oblea semiconductora de 38 a 50 
mm de diámetro y luego cortándolos uno por uno. 
Las técnicas de fabricación más utilizadas son los 
procesos de aleación, difusión y crecimiento epita- 
xial. 


Una vez construidos, los transistores se encierran 
en cápsulas plásticas o metálicas. La cápsula prote- 
ge al dispositivo de la humedad y otros contaminan- 
les, sirve como disipador de calor, aloja los pines 
del transistor, facilita su manipulación, etc. 


El tipo de encapsulado se identifica generalmente 
por las letras TO seguidas de un número. Ejemplos: 
T0-3, TO-5, el TO-220, etc. En la figura 201 se 
muestran los encapsulados más comunes. Cada uno 
tiene su propia configuración de pines, dada por el 
fabricante. En algunos casos, la cápsula está unida 
eléctricamente al colector. 


Códigos de identificación de transistores y diodos 


Existen básicamente tres códigos para la identifi- 
cación de los transistores y diodos: el americano, el 
europeo y el japonés, Estos códigos rigen también 
para los FETs. 


En el sistema americano, los transistores se desig- 
nan por el prefijo 2N seguido de un número (por 
ejemplo, 2N3904). Los diodos comienzan por el 
prefijo 1N (por ejemplo, 1N4004) 


En el sistema europeo, los transistores y diodos 
se designan mediante una sigla formada por 2 letras 
y un número (por ejemplo, BC108, B71 ()). 

En el sistema japonés, los transistores se 
designan con el prefijo 25A, 25B, 25C o 25D, 
seguido de un número (por ejemplo, 2$C458. 
25A65, 25D926, etc). 


_ Es importante señalar que, a pesar de esta norma- 
lización, algunos fabricantes insisten en utilizar sus 
propias referencias (por ejemplo, ECG123 AP, 
CA3082, TIP31, etc). 
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Transistores bipolares 


Un transistor bipolar es un dispositivo formado 
por tres capas de material semiconductor, organiza- 
das en forma de "sandwich", Puede ser un material 
tipo N entre dos materiales tipo P o viceversa. De 
acuerdo a la forma como se alternen estas tres 
capas, sé pueden obtener dos tipos de transistores: 
el tipo NPN y el tipo PNP. 


En la figura 202 se muestra la estructura y el 
símbolo de un transistor NPN. Está formado por 
una región tipo P muy delgada colocada entre dos 
regiones tipo N ligeramente dopadas, La capa P del 
centro es la hase (B) y las 2 capas N de los 
extremos son el emisor (E) y el colector (C), respec- 
vamente. 


El transistor NPN 


En la figura 203 se muestra la estructura y el 
simbolo de un transistor PNP. Está formado por 
una región tipo N muy delgada, colocada entre dos 
regiones tipo P ligeramente dopadas. La capa N del 
centro es la base (B) y las 2 capas P de los ex- 
tremos son el emisor (E) y el colector (C), respec- 
tivamente. 


Eltransistor PNP 


Fig. 203 | 


7 a | 
PA LEE 


Observe que la única diferencia entre los sím- 
bolos de los transistores NPN y PNP es la direc- 
ción en que apunta la flecha de emisor. En un PNP, 
la flecha entra ("penetra") y en un NPN sale ("no 
penetra") 


Además, debido a la forma como se alternan las 
:apas P y N, en un transistor bipolar se originan 
los uniones o junturas PN: una entre emisor y base 
y otra entre colector y base. Á estas zonas las 
Jenominaremos, respectivamente, unión B-E o E-B 
y unión B-C o C-B. 


Características constructivas especiales de los 
transistores 


En un transistor bipolar se han alterado ciertas 
características eléctricas y físicas de las regiones 
que conforman la base, el emisor y el colector, con 
el fin de conseguir las propiedades excepcionales 
que caracterizan al dispositivo. Veamos las más im- 
portantes. 


En primer lugar, la base es una región suma- 
mente estrecha y poco dopada en relación a las otras 
dos. En consecuencia, tiene una concentración muy 
baja de portadores de corriente, 


La estrechez de la región de base facilita, además, 
el paso rápido de los portadores mayoritarios de co- 
rriente desde el emisor hasta el colector. 


En segundo lugar, la región de emisor está fuerte- 
mente dopada y la concentración de portadores ma- 
yoritarios disponibles supera ampliamente la de la 
base. 


En el caso de un transistor NPN, por ejemplo, lo 
anterior significa que la base no posee la suficien- 
te cantidad de huecos para combinarse con todos 
los electrones que puede suministrar el emisor. En 
consecuencia, la corriente de polarización directa o 
de conducción que circula a través de la unión B-E 
es relativamente pequeña. 


En tercer lugar, la región de colector es suma- 
mente amplia y tiene una alta concentración de porta- 
dores minoritarios en relación a la base y muy po- 
cos portadores mayoritarios en comparación-con el 
emisor, Como consecuencia, la corriente de pola- 
rización inversa o de fuga que circula a través de la 
unión B-C es muy pequeña, 


Funcionamiento del transistor NPN 


La función básica y más importante de un transis- 
tor es la amplificación de corriente. Para que el dis- 
positivo desarrolle correctamente esta misión, Sus 
dos uniones ojunturas PN deben polarizarse en for- 
ma adecuada. Específicamente, la unión E-B debe 
polarizarse en directo y la unión C-B en inverso, 
como si se matara de dos diodos. 


Lo anterior significa que, en un transistor NPN, 
la base (P) debe ser positiva con respecto al emisor 
(N), y negativa con respecto al colector (N). 


Asimismo, en un transistor PNP, la base (N) 
debe ser negativa con respecto al emisor (P) y posi- 
tiva con respecto al colectar (P). 


Estas condiciones se implementan en la práctica 
mediante dos voltajes externos de CC, aplicados 
simultáneamente. En la figura 204B se muestra la 
forma de polarizar directamente la unión B-E de un 
transistor NPN, y en la figura 204A la forma de 
polarizar inversamente la unión B-C del mismo. 


En la figura 205 se muestra el circuito básico de 
polarización de un transistor NPN, El voltaje 0 
tensión de polarización directa de la unión B-E la 
provee la batería VEE, y el de polarización inversa 
de la unión B-C, la batería Vcc. Por regla general, 
Voc debe ser mucho mayor que VEE. 


Pgz 


Como resultado de la aplicación de estas ten- 
siones de polarización, se producen internamente en 
el transistor tres corrientes: la de base (IB), la de emi- 
sor (IE) y la de colector (IC). 


Debido a que la unión B-E está polarizada direc- 
tamente, los portadores mayoritarios de ambas re- 
giones son obligados por el voltaje VEE a cruzar la 
juntura y combinarse mutuamente. Esto significa 
que los electrones del emisor (N) se combinan con 
los pocos huecos disponibles en la base (P). 


En realidad, sólo del 1 al 5% de los electrones 
suministtados por el emisor se combinan con hue- 
cos en la base, formándose así una corriente de ba- 
se (IB) muy débil. 
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Por cada combinación electrón-hueco, penetra un 
electrón por el emisor y sale otro por la base. De 
este modo, VEE garantiza un flujo continuo de co- 
rriente a través del circuito emisor-base. 


Los electrones restantes (del 95 al 99%) que inva- 
den la base, son atraídos hacia el colector por la 
fuerte tensión inversa de polarización Vcc de la 
unión B-C, 


Estos electrones cruzan la unión B-C, pasan a 
través de la extensa región N de colector y se 
dirigen hacia el polo positivo de la batería Vcc. 
creando una corriente de colector (Ic) muy intensa. 


Por cada electrón que sale del colector, ingresa 
otro por la base, procedente del emisor. De este 
modo, VCC y VEE garantizan un flujo continuo de 
corriente a través del circuito colector-emisor, Las 
corrientes de colector (Ic) y de base (IB) están 
relacionadas con la corriente de emisor (IE) median- 
te la siguiente fórmula: 


lE= iB + le 


_Es decir, la corriente de emisor es igual a la suma 
de las corrientes de base y de colector o, en otras pa- 
labras, la corriente de colector es igual a la corriente 
suministrada por el emisor menos la corriente que 
se pierde en la base. Para efectos prácticos, se con- 
sidera que las corrientes de colector y de emisor son 


casi iguales (Ic~Ie). 


Los fabricantes siempre especifican la máxima 
corriente de colector o de emisor que pueden mane- 
Jar sus transistores. Si se exceden estos valores, se 
pueden causar daños irreversibles en estos disposi- 
tivos. Asi mismo, especifican también las máximas 
tensiones de polarización. 


La capacidad de un transistor para amplificar co- 
miente se mide mediante dos parámetros mu y impor- 
tantes llamados alfa (4) y beta (B) que estudiaremos 
posteriormente, 


Funcionamiento del transistor PNP 


En la figura 206 se muestra el circuito básico de 
polarización de un transistor PNP. Su funciona- 
miento es exactamente igual al del transistor NPN 
descrito anteriormente con dos excepciones: 


a) En un transistor PNP, los portadores mayori- 
tarios de corriente son huecos y no electrones como 
en el transistor NPN. Por lo tanto, las corrientes 
IB, IC e IE tienen direcciones contrarias a las que 
llevan en el caso NPN. 
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Circuito de polarización con PNP 


b) Las polaridades de las tensiones de polariza- 
ción directa (VEE) e inversa (WCC) son las opuestas 
al caso NPN. 


Nota: Estrictamente hablando, una corriente es un 
flujo de electrones y no de huecos (los huecos no 
son particulas fisicas), Por lo tanto, imagine siem- 
pre una corriente de huecos como una corriente de 
electrones que se desplaza en sentido contrario. 


El transistor bipolar como amplificador 


Una vez familiarizados con la acción básica que 
tiene lugar en el interior de un transistor, vamos a 
ver cómo puede emplearse un transistor para ampli- 
ficar señales electrónicas. 


En la figura 207 se muestra nuevamente el circui- 
to de polarización de un transistor NPN, pero utili- 
zando una tensión de polarización VEE variable, 


Polarización con tensión variable 
WEE 


El efecto de VEE es variar la cantidad de electro- 
nes que suministra el emisor a la base. Al aumentar 
VEE, aumenta la corriente de emisor (IE) y, por lo 
tanto, pasan más electrones al colector, 


Como consecuencia, aumenta la corriente de co- 
lector (Ic). Los electrones que no pasan al colector 
se combinan con los huecos de la base, aumentando 
la corriente de base (IB). . 


Al disminuir VEE, sucede el efecto contrario y las 
tres corrientes se reducen en la misma proporción. 


Todo lo anterior es una consecuencia directa de la 
relación. IE = IB + Ic, 


Para utilizar el circuito de la figura 207 como 
amplificador de corriente o de voltaje, el transistor 
debe ser capaz de aceptar a la entrada una señal pe- 
queña y suministrar a la salida una señal de mayor 
intensidad o amplitud. La señal de salida debe, por 
tanto, ser una réplica ampliada de la señal de entra- 


Un circuito básico que permite utilizar el transis- 
tor (NPN, en este caso) como amplificador de volta- 
je se muestra en la figura 208, Observe que se ha in- 
tercalado una resistencia (RL) en el circuito colector- 
emisor y que se ha interrumpido el circuito emisor- 
base para inyectar la señal de entrada. 


_ Amplificador básico de voltaje con NPN ; a 


Fig. 208 | 


La resistencia RL se denomina resistencia de car- 
pa y su propósito es permitir que entre sus termina- 
les se desarrolle una tensión de salida (VSAL) cuan- 
do la atraviesa la corriente de colector. 


El efecto de la señal de entrada (VENT) es super- 
ponerse a la tensión de polarización original (VBB) y 
variar el voltaje total de polarización entre base y 
emisor (WHE). | 


En la figura 209 se representan gráficamente es- 
tos 3 voltajes para mayor claridad. Se supone que 
VENT es un voltaje alterno y que VBE se mantiene 
siempre por encima de la caída directa de voltaje de 
la unión B-E (=0.7¥V). Vcg es el voltaje de reposo 
entre colector y emisor, sin señal de entrada. 


Sila señal de entrada tiene la misma polaridad de 
VBB, la tensión de polarización WBE aumenta y por 
lo tanto aumentan IB e Ic. Al aumentar Ic, aumenta 
la tensión de salida. 


Si la polaridad de la señal de entrada es contraria 
a la de VERB, la tensión de polarización VBE disminu- 
ye y, en consecuencia, disminuyen IB e Ic. Como 
resultado, disminuye la tensión de salida. 


Por lo tanto, cualquier cambio en la tensión de en- 
trada uce un cambio correspondiente en la ten- 
sión de salida. Sin embargo, el cambio en esta últi- 
ma es mucho mayor. 


La razón de esto es muy sencilla: la señal de en- 
trada se aplica a una resistencia muy baja (la ofre- 
cida por la unión B-E) mientras que la de salida se 
desarrolla sobre una resistencia muy alta (la de 
carga RL). 


El circuito descrito anteriormente es básicamente 
un amplificador de voltaje. En la siguiente sección 
veremos cómo puede conectarse un transistor para 
proveer, además, amplificación de corriente y ampli- 
ficación de potencia. 


_En la figura 210 se muestra la versión con tran- 
sistor PNP del amplificador básico de voltaje ante- 
rior. Observe que las tensiones de polarización VBB 
y Vee tienen polandades contrarias al caso NPN y 
que las corrientes IE, IB ¢ Ic circulan en las direc- 
ciones opuestas, El funcionamiento del circuito es, 
sin embargo, exactamente el mismo, 


Amplificador básico de voltaje con PNP f 


ampli icadores con transistores 


Los transistores bipolares (NPN o PNP) se pue- 
den conectar de tres formas diferentes para proveer 
la importante función de amplificación. 
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Estas configuraciones se denormnan base Común, 
emisor común y colector común. 


En la figura 211 se comparan cualitativamente es- 
los tres montajes desde los siguientes puntos de vis- 
tá: impedancia de entrada, impedancia de salida, ga- 


nancia de corriente, ganancia de voltaje, ganancia 


de potencia y aplicaciones típicas. 


En el circuito base común , la señal de entrada se 
aplica entre emisor y base, La señal de salida apa- 
rece entre colector y base, Las corrientes de emisor 
(IE) y de colector (Ic) actúan como corrientes de 
entrada y de salida respectivamente, VCC es la ten- 
sión de polarización inversa de la unión C-B y VEE 
la de polarización directa de la unión B-E. 


El circuito provee ganancia de voltaje y de po- 
tencia pero no de corriente, La ganancia de corriente 
se determina en la práctica variando IE, y obser- 
vando el correspondiente cambio en Ic para un 
determinado valor de VER. 


La relación entre la corriente de colector y la 
corriente de emisor (Ic/IE) se denomina ganancia de 
corriente alfa (dí) y es siempre menor de 1. 


Los fabricantes de transistores especifican en las 
hojas de datos de sus productos el valor de alfa a 
una determinada frecuencia, generalmente 1 KHz. 
Esto se debe a que, cuando se trabaja con señales 
de CA, este parámetro depende de la frecuencia, La 
frecuencia a la cual © se reduce al 70% de su valor 
nominal se denomina frecuencia de corte alfa (FAB). 
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Amplificación de bajas | mart - : 
lrecuencias 20 A ER 


pa m ie 


TA 5 A pa p 
do! 


Fig. 211 $ 


la señal de entrada 


En el circuito emisor comi, | 
se aplica entre base y emisor, La señal de salida. 
aparece entre colector y emisor, Las corrientes de. 
base (In) y de colector (Ic) actúan como corrientes. 
de entrada y de salida respectivamente. Voc es la. 
tensión de polarización inversa de la unión C-B y 
VBB la de polarización directa de la unión B-E, 


El circuito provee, simultáneamente, ganancia de 
corriente, de voltaje y de potencia. Es la confi igura- 
ción más utilizada en los circuitos comunes Como 
radios, amplificadores de sonido y otros. 


La ganancia de corriente del montaje emisor co 
mun se determina en la práctica variando IB, y obser- 
vando el correspondiente cambio en IC para un dë- 
terminado valor de VCE. La relación entre la co 
mente de colector y la corriente de base (00/18) se 
denomina ganancia de corriente beta (D) o hFE, En 
general, el beta de un transistor puede tomar valores 
entre 10 y 400, 


Los fabricantes de transistores especifican en las 
hojas de datos de sus productos, el valor de beta a 
una determinada frecuencia, generalmente 1 KHz, 
Esto se debe a que cuando se trabaja con señales 
de CA, este parámetro (al igual que alfa), depende | 
de la frecuencia. La frecuencia a la cual B se reduce. 
al 70% de su valormominal se denomina frecuencia 
de corte beta (FAB). 


En el circuito colector común, la señal de entrada 
se aplica entre base y colector, La señal de si lids 
aparece entre emisor y colector. 


Las corrientes de base (IB) y de emisor (IE) ac- 
tian como corrientes de entrada y de salida respecti- 
vamente: Vec es la tensión de polarización inversa 
de la unión C-B y Vue la de polarización directa de 
la unión B-E. 


El circuito en colector común se denomina tam- 
bién seguidor de emisor y provee ganancia de co- 
rriente y de potencia pero no de voltaje. El voltaje 
de salida es prácticamente igual al voltaje de entra- 
da, excepto por la caída de tensión directa en la 


unión base-emisor (=0.7 V). 


La ganancia de corriente se determina en la prác- 
tica variando In, y observando el correspondiente 
cambio en Ie para un determinado valor de Vcc. 
Para efectos prácticos, se considera que las configu- 
raciones emisor común y colector común tienen la 
misma ganancia de corriente (Ñ). 


Los circuitos de colector común se emplean prin- 
cipalmente para acoplar fuentes de señal de alta 
resistencia con cargas de baja resistencia. Al utili- 
zarse un seguidor de emisor como etapa intermedia, 
se evita que la carga exija demasiada corriente de la 
fuente y se garantiza que la carga reciba la misma 
tensión de la fuente. 


Prueba de transistores bipolares 


Existen varios instrumentos especializados para 
la prueba de transistores. Estos aparatos realizan, 
entre otras, las siguientes funciones: 


+ Diagnostican si un transistor particular es NPN o 
PNP, 


+ Determinan si una o ambas uniones están abiertas 
- pen cortocircuito, 


+ Suministran el valor de sus parámetros £, B, etc. 
* Miden las corrientes de fuga. 


* Visualizan en un osciloscopio la forma como se 
comporta el dispositivo ante diferentes valores de 
voltaje y de corriente. 


. No obstante, los problemas más comunes (circul- 
tos abiertos y cortocircuitos) se pueden detectar fá- 
cilmente utilizando un multímetro en la función de 


En la figura 212 se muestra gráficamente la forma 
de probar con un óhmetro un transistor NPN y un 
transistor PNP. $e supone que el terminal negro es 
de polaridad positiva y el rojo de polaridad nega- 
tiva, como sucede en la mayoría de los casos. Se 
recomienda utilizar las escalas de Rx100 o KxIK, 
por seguridad. 
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El método consiste, básicamente, en probar la 
conducción o no conducción de las uniones B-E y 
B-C polarizándolas directa e inversamente, Recuer- - 
de que una unión PN presenta una baja resistencia 
en polarización directa y una alla resistencia en 
polarización Inversa, 


Un transistor NPN debe dar una baja resistencia 
cuando el terminal (-) se conecta a la base y el (+) al 
emisor o al colector y una alta resistencia en el caso 
contrario. 


Un transistor PNP debe dar una baja resistencia 
cuando el terminal (+) se conecta a la base y el (-) a 
emisor o al colector y una alta resistencia en el caso - 
contrario. pr 


Un transistor NPN o PNP debe dar una alta re- 
sistencia entre colector y emisor, cualquiera que sea 
la conexión de las puntas de prueba. 


Para transistores de baja y mediana potencia, la 
lectura de resistencia directa es de algunos cientos 
de Q's y la de resistencia inversa de varios cientos 
de KO's. Los transistores de alta potencia dan 
lecturas menores. Sin embargo, las indicaciones de - 
resistencia obtenidas no tienen significación real. 


Para realizar la prueba de los transistores con el 
multímetro, se recomienda desconectarlo del circule 
to, con el fin de no medir otros componentes que 
están conectados a él. | ; 


Chapter 7 
Resonant Circuits 
You have seen how the inductor and the 
capacitor each present an opposition to the 


flow of an AC current, and how the 
magnitude of this reactance depends upon 
the frequency of the applied signal. 

When inductors and capacitors are used 
together in a circuit (referred to as an LC 
circuit), a useful phenomenon called res O 
nance occurs. Resonance is the frequency at 


which the reactance of the capacitor and the 
inductor is equal. 


In this chapter, you learn about some of 
the properties of resonant circuits, and 
concentrate on those properties that lead to 
the study of oscillators (which is touched 
upon in the last few problems in this chapter 
and covered in more depth in Chapter 9, 
“Oscillators”). 

After completing this chapter, you will be 


able to do the following: 

Find the impedance of a series LC circuit. 

Calculate the series LC circuit's resonant 
frequency. 

Sketch a graph of the series LC circuit's 
output voltage. 

Find the impedance of a parallel LC circuit. 

Calculate the parallel LC circuit's resonant 
frequency. 

Sketch a graph of the parallel LC circuit's 


Transistores de Efecto de Campo 


La palabra FET es una abreviación de Field 
Effect Transistor (Transistor de Efecto de Campo) y 
designa a un dispositivo amplificador de corriente 
de tres terminales, controlado por voltaje, 


Este tipo de transistores ha ganado popularidad 
en los últimos años y se utiliza actualmente en las 
etapas de entrada de los radios y televisores, debido 
a su buen desempeño en el manejo de señales muy 
débiles. 


Igualmente, con el desarrollo de FETs de poten- 
cia, han ido desplazando a los transistores bipolares 
de potencia en las etapas finales de amplificación de 
los equipos de sonido. 


Los tres terminales de un FET reciben los nom- 
bres de compuerta (G), drenador (D) y fuente (5). 
El drenador y el surtidor son contactos metálicos, 
separados por un canal estrecho de material tipo Po 
N. 


El flujo de corriente a través del canal lo regula el 
campo eléctrico producido al aplicar un voltaje de 
control a la compuerta. 


La compuerta es también un contacto metálico y 
puede estar separada del canal por un material de 
tipo contrario o por una capa de óxido aislante. El 
eg caso corresponde a los FET de unión o 

FET y el segundo a los FET de compuerta aislada 
o MOSFET. A los MOSFET se les denomina tam- 
bién IGFET. 


Transistores FET de unión o JFET 


En la figura 213 se muestra la estructura general 
de un FET de unión o JFET. Consta de un material 
de base tipo N o P, llamado sustrato, dentro del 
cual se forma una región de tipo opuesto, en forma 
de U, llamada canal, Sobre esta estructura se obtic- 
nen los contactos metálicos correspondientes a la 
compuerta, el drenador y la fuente. 


La compuerta está conectada al sustrato y el 
drenador y la fuente a los extremos del canal. Por lo 
tanto, entre la compuerta y el canal se forma una 
unión PN. Sin embargo, el canal está levemente 
dopado en relación a la región de compuerta o 
sustrato, 


En la mayoría de los casos, el diseño del canal es 
simétrico y, por lo tanto, cualquiera de los extremos 
se puede utilizar como drenador o como fuente, Sin 
embargo, existen casos especiales en los cuales el 
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polarizar un JFET canal N y un JFET canal P. La 


Estructura del FET de unión 


Fuel i Droeriador 


Compuarla 


canal es asimétrico y, por consiguiente, no se pue- 
den intercambiar estos terminales, 


Dependiendo de la naturaleza del canal, existen 
dos tipos de FET: el FET de canal N y el FET de 
canal P, En la figura 214 se muestran el símbolo y 
la estructura de un FET canal N y de un FET canal 
P. En el primer caso, el canal es de material N 7 el 
sustrato de material P. En el segundo, el canal es 
tipo F y el sustrato es tipo N. 


- FETdecanalN y FET de canal P 


A a ia pe 
i [i] i S 
eg Hae Tet 
JFET Canal N FET Cana 

: =, 7 


Observe que la única diferencia entre los sim- 
bolos del FET canal N y del FET canal P es la di- 
rección en que apunta la flecha de la compuerta. En 
el caso del FET canal N, la flecha se dirige hacia 
adentro y en el caso del FET canal P, se dirige hacia 
afuera. 


Funcionamiento del FET de unión 


Para operar correctamente, los FET de unión 
necesitan de dos tensiones o voltajes de polariza- 
ción externas: una entre drenador y fuente y otra 
entre compuerta y fuente. La primera dirige el paso 
de los portadores de corriente por el canal y la 
segunda regula su cantidad, 


En la figura 215 se muestra la forma correcta de 


tensión entre drenador y fuente se designa por VDS 


Polarización del FET de unión 
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VGS 
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y la tensión entre compuerta y fuente por VGs. Esta 
última se conecta de modo que polarice inversamen- 
te la unión PN formada por el canal y el sustrato o 
compuerta. 


Específicamente, en un JFET de canal N, la 
fuente debe ser positiva con respecto a la compuerta 
y negativa con respecto al drenador. Asi mismo, en 
un JFET de canal P, la fuente debe ser negativa con 
respecto a la compuerta y positiva con respecto al 
drenador. 


El efecto neto de cualquiera de estas disposi- 
ciones es la creación de una corriente ente drena- 
dor y fuente, la cual circula a lo largo del canal y se 
denómina corriente de drenaje (1D). 


Desde el punto de vista de la tensión VDS, el 
canal se comporta simplemente como una resisten- 
cia variable, controlada por la tensión VGS. 


Analizaremos únicamente la operación del JFET 
de canal N. El funcionamiento del JFET de canal P 
es exactamente igual, teniendo en cuenta que los 
portadores de corriente son huecos y, por lo tanto, 
las tensiones de polarización Vas y VDS tienen 
polaridades contrarias, 


En el caso del JFET canal N, al aplicar la tensión 
inversa de polarización Vos, se crea en las proximi- 
dades de la unión PN sustrato-canal una zona de 
carga espacial, libre de electrones, llamada región 
de agotamiento. 
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Debido a que existe una fuerte concentración de 
huecos en el sustrato P o compuerta y una baja 
concentración de electrones en el canal N, la región 
de agotamiento se forma por completo dentro del 
canal. El espesor de esta zona determina el área útil 
o efectiva del canal y, por lo tanto, su capacidad de 
dejar pasar más o menos electrones. 


La región de agotamiento se extiende a lo largo 
de las paredes del canal, siendo más amplia en el 
lado del drenador que en el de la fuente. Esto es así 
porque, desde el punto de vista de la compuerta, el 
drenador está sometido a una tensión inversa de 
polarización más alta (WDS+VGSs) que la fuente 
(VGS). 


Al aumentar Vas , la región de agotamiento se en- 
sancha y, por lo tanto, se estrecha el canal, En 
consecuencia, pasan menos electrones entre la fuen- 
te y el drenador, disminuyéndose así la corriente de 
drenaje ID. 


Al disminuir Vas, la región de agotamiento se es- 
trecha y, por lo tanto, se amplía el canal . En conse- 
cuencia, pasan más electrones entre la fuente y el 
drenador, aumentándose asi la corriente de drenaje 
ID. 


De este modo, Vos varia la resistencia del canal 
y controla o “modula” la corriente de drenaje ID, 
Aumentando Vos disminuye Ip y viceversa. Puesto 
que Vas polariza inversamente la unión G-$, el 
dispositivo presenta una resistencia de entrada extre- 
madamente alta y, a través de la compuerta, sólo 
fluye una corriente de fuga muy débil. 


Naturalmente, ID puede hacerse circular por una 
resistencia de carga cualquiera y así obtener, ganan- 
cia de voltaje o de potencia. 


La resistencia de entrada de un JFET es, típica- 
mente, del orden de 10% Q (miles de MO). Por lo 
tanto, no exige corriente de entrada. Esto lo hace 
ideal para amplificar señales extremadamente débi- 
les. La resistencia de salida, sin embargo, es rela- 
tivamente alta (de 50KO a 1M£2). 


La capacidad de amplificación de un FET se mide 
observando el efecto de la tensión de compuerta 
(Vas) sobre la corriente de drenaje (ID) para un 
determinado valor de Vps. La relación entre ambas 
cantidades (ID/V G8) se denomina transconduetancia 
y se designa por el simbolo gm. 


Los fabricantes de FETs siempre especifican el 
valor de gm para sus productos. La transconductan- 
cia de los JFETs se encuentra típicamente en el ran- 
go de 4a 10 mA/V. Los MOSFET tienden a tener 
valores mucho más altos, hasta de 20 mAfY inclu- 
sive. 
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Transistores FET de compuerta aislada o MOSFET 


Generalidades 


La palabra MOSFET es una abreviación de Metal 
Oxide Semiconductor Field Effect Transistor 
(Transistor de Efecto de Campo de Semiconductor 
de Oxido Metálico) y designa a un FET en el cu al la 
compuerta está eléctricamente aislada del canal me- 
diante una fina capa de óxido metálico. Á los 
MOSFET también se les conoce como transistores 
IGFET o MOS. 


A pesar de estar basado en el mismo principio 
(modulación de la cond actividad del canal por volta- 
je), cl MOSFET es marcadamente diferente del FET 
de unión. Por ejemplo, el JFET trabaja solamente 
con una polaridad de la tensión de compuerta. El 
MOSFET admite tanto voltajes positivos como 
negativos de compuerta. 


Los circuitos con MOSFET son altamente inmu- 
nes al ruido, consumen muy poca potencia y son 
muy flexibles. Además, se prestan a la integración 
en gran escala. De hecho, los MOSFET han dado 
origen, entre otras, 4 las populares familias de 
circuitos integrados MOS, CMOS, NMOS Y 
PMOS. 


Los transistores MOSFET son particularmente 
sensibles al daño por descarga electrostática (ESD). 


Este fenómeno consiste en la creación, gene- 
ralmente inconsciente, de altos voltajes entre los 
pines durante su manipulación o transporte. Estos 
voltajes perforan la capa de óxido metálico y des- 
truyen el dispositivo. 


Para proteger un MOSFET del daño por ESD, se 
recomienda mantener todos sus terminales al mismo 
otencial (cortocircuitados), hasta que sea instalado 
finalmente en el circuito. Existen varias formas 
sencillas de lograrlo: uniendo los pines mediante un 
alambre delgado, envolviendo los transistores En 
papel aluminio, etc. 


Funcionamiento 


En la figura 216 se muestra la estructura, el 
símbolo y el circuito básico de larización de un 
FET de compuerta aislada o MOSFET de canal N. 
La compuerta está aislada eléctricamente del canal 

mento una fine capa ade Arda le RO (SA 5) 
la cual le confiere características muy especiales al 
dispositivo, por ejemplo, una extremadamente alta 
impedancia de entrada, 


Observe que el canal N se forma dentro del 
sustrato P como en el FET de unión. Sin embargo, 
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El FET de compuerta alsladao MOSFET 


Compuerta 


Fuente Drenador 


Mir | 
TITAN 
ESG 


Capa aislante § 
de bióxido de | 
silicio | 


Su strato 


Drenador 
(D) 


gy aj e oe a Og ia E, ML E Bg, Mis Mig Mtg "Me E "ya Pls Ms “Ta 


a Se a i 


en el MOSFET, el sustrato está conectado ele 
tricamente a la fuente y no a la compuerta. 
Aunque la compuerta y el canal no for una 
unión PN como en el JFET, la compuerta sigut 
siendo el terminal que controla la conductividad del 
canal. | 


El voltaje entre compuerta y fuente (WGS) puede 
ser positivo o negativo y controla la concentración 
de portadores de corriente (electrones, en este caso) 
en el canal, Si el drenador es positivo con respecto 
a la fuente y VGS=0, fluye una corriente de drenaje 
a través del canal. 


Cuando Vas se hace negativo, los electrones del 
canal N son atraídos por los huecos del sustrato P 
reduciéndose así la concentración de portadores de 
corriente dentro del canal. En consecuencia, aumen 
ta la resistencia del canal y se reduce la corriente di 
drenaje. Se dice, entonces, que el MOSFET está ope 
rando en el modo de agotamiento, tal como sucedi 
en un FET de unión. 


Cuando Vos se hace positivo, los electrones “e 
canal N son rechazados por los huecos del sustrat 
P, aumentándose así la concentración de portadore 
de sereno dentro del canal. En consecuencii 

disminuye la resistencia del canaf y aumenta fa 
corriente de drenaje. 


Se dice, entonces, que el MOSFET está operando 
en el modo de realce, Este modo de operación nů 
existe en el FET de unión. 


Los valores de transconductancia (gm) de los | El MOSFET de canal P 
MOSFET son similares a los de los FET de union. ————— MAMMA 
La resistencia de salida sin carga oscila entre 10OK (2 | 
y 50KQ. Así mismo, la impedancia de entrada es Fuente (S) 


axtremadamente alta, del orden de 1012 £2 (millones 
de M£2), 


Sustrato 


En la figura 217 se muestra el simbolo y la €s- 
tructura de un MOSFET canal P. Su operación es la 
misma del MOSFET canal N anterior. Los porta- 
dores de corriente, en este caso, son huecos y no 
electrones. Además, se invierte la polaridad de los 
voltajes aplicados a los terminales. 


Los FET como amplificadores 


Al igual que los transistores — los 
e utilizan principalmente como amplificadores. Las sE MA PEATÓN 
tres cont si S amplificadoras básicas con La configuración fuente común es el giai aipa 
FET son los circuito de fuente común, puerta co- extensamente empleado en circuitos con FE 15. Ade 

ún y drenador común. más de proporcionar amplificación de tensión, pre- 
on i senta una resistencia de entrada muy alta y una resis- 

En la tabla de la figura 218 se comparan las carac- tencia de salida moderadamente baja. 

¿sticas más notables de estos montajes. Las cong- TFS =e ag 
Hep son válidas tanto para FETs de unión Se utiliza en aquellas aplicaciones en las pee 
(JFET) como para FETs de compuerta aislada deben conectarse varias entradas a la salida de un 
(MOSFET). | circuito sin afectar su funcionamiento. 


Comparación configuraciones amplificadoras básicas con FETS 


Parámetros Compuerta común 


Ampliicación de bajas 
lrecuencias 
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Actividad práctica N" “ 


Instalación de los transistores de la etapa 
amplificadora de audio 


Nota: Para el ensamhle de esta etapa y las demás del 
radio, algunas veces se remplazan los transistores 
indicados por otros con referencia diferente pero de 
funcionamiemto similar. Esta práctica es muy co- 
múnen los circuitos o aparatos con transistores, y no 
afecta el funcionamiento de los mismos. 


El transistor Q4, que tiene la referencia 25C 1390] 
puede venir marcado como C13901 y también se 
puede remplazar por el C829 o el 250829 teniendo 
en cuenta la disposición de los pines que se muestra 
en la figura All. 


El transistor Q5, onginalmente indicado como 
250735, puede venir marcado como C735 y también 
sc puede remplazar por el C28. 


El transistor Q6, originalmente indicado como 
A564 puede venir marcado como 25A564 y también 
se puede remplazar por el C1048G o el 2541015. 


En la figura Al! se muestra la disposición de los 
pines de algunos de los transistores mencionados, Si 
se reciben los transistores originales, éstos se instalan 
como lo indica el diagrama pictórico. 


Materiales necesarios : 


| Transistor NPN 25€ 13901 o 013901 (04) 
| Transistor NPN 28C735 00735 (05) 
| Transistor PNP 2S A564 0 A564 (06) 


Paso 1: Tomeel transistor Q4, conreferenciaC 13901, 
mirándolo de frente. Separe ligeremente los termina- 
les de los extremos y fijándose en el diagrama pictó- 
rico, suelde con cuidado el emisor E, terminal de- 
recho, en la puntilla 29, El terminal izquierdo 6 de la 
hase B, se debe soldar en la puntilla AS aplicando 
buena soldadura y fijándose que no se suelten los 
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terminales del condensador C11 y el puente de alam- 
bre que va hacia la puntilla AG. 


sosteniendo el transistor con la mano, doble con 
mucho cuidado y con una pinza delgada, el terminal 
del centro o colector € y suéldelo en la puntilla A8. 
Aplique buena soldadura para que queden asegura- 
dos los dos terminales que van alli, el colector de Q4 
y el puente de alambre que va de la puntilla A8 a la 
puntilla Al2. 


Paso 2: Tome el transistor NPN Q5, con referencia 
C735. Siga el mismo procedimiento del paso enterior 
conectando y soldando primero en la puntilla A19 el 
terminal del emisor E situado a la izquierda si mira- 
mos el transistor de frente. 


Luego suelde la hase B, terminal de lá derecha, en 
la puntilla A15 y por último, el colector C, terminal 
del centro, en la puntilla A18, 


Sasteniendo el transistor con la mano, arregle con 
una pinza la dirección de los terminales para que el 
transistor quede bien orientado físicamente. Los 
transistores dehen quedar como se muestra en la 
figura A12. 


Paso 3: Tome el transistor PNP Q6, con referencia 
AS64, Siguiendo el mismo procedimiento anterior, 

instale y suelde sus terminales asi; el emisor E, que 
va a la izquierda, en la puntilla A21; la base B, 

terminal de la derecha, en la puntilla A 16 y el colector 
C, terminal del centro, en la puntilla A22. 
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Lección 15 


Amplificadores de Audio 


Qué es un amplificador 


Un amplificador (figura 219) es un circuito elec- 
trónico que recibe una señal de entrada, la procesa 
internamente y entrega 4 la salida una señal que es 
una réplica ampliada de la señal de entrada. La nece- 
sidad de amplificar o convertir una señal débil en 
una señal fuerte, está prácticamente presente en to- 
dos los circuitos electrónicos. 


Símbolo de un amplificador 


IIN IOUT 


y 
VIN 


’ 


Entrada 


Los amplificadores sólo manejan señales eléctri- 
cas (de corriente, voltaje opotencia)orepresentacio- 
nes eléctricas de cantidades físicas como voz, 50- 
nido, temperatura, luz, etc. La conversión de estas 
últimas en señales eléctricas, o viceversa, la efec- 
túan transductores como parlantes, micrófonos, čá- 
maras, termistores, etc. 


Las señales eléctricas son amplificadas por dispo- 
sitivos acrivos como transistores, FETS, circuitos in- 
tegrados, válvulas, etc., asociados a componentes 
pasivos como resistencias, condensadores, bobi- 
nas, transformadores, etc. 


Caracteristicas penerales de los amplificadores: 
Ganancia; im ncia de entrada, impedancia de 
salida y ancho de banda 


La complejidad de un amplificador depende del t1- 
po de señal a amplificar y de la cantidad de amplifi- 
cación o ganancia que ésta requiera, Independiente- 
mente de su complejidad, todos los amplificadores 
tienen en común las siguientes caracteristicas: 


a) Todos utúlizan, por lo menos, un dispositivo 
activo, ya sea transistor bipolar, FET, MOSFET, 
válvulas, circuito integrado, etc. Los amplificadores 
que se estudian en esta lección son, en su mayoría, 


basados en transistores bipolares y, en algunos ca- 
sos, en FETs. 


b) Todos requieren de una fuente de alimentación 
de CC, doble o sencilla. El amplificador de audio 
del radio AM CEKIT, por ejemplo, utiliza una bate- 
ría de 9V. 


c) Su operación se puede resumir especificando 
la ganancia, la impedancia de entrada, la impedancia 
de salida y la respuesta de frecuencia. 


La ganancia es una medida de la cantidad de am- 
plificación. Se define como la relación numérica en- 
tre la señal de salida y la señal de entrada. Se habla 
de ganancia de corriente (AI), de pan de voltaje 
(Av) y de ganancia de potencia (A 


P). Esto es: 


La ganancia de un amplificador se puede también 
expresar en decibelios (dB) como sigue: 


Al (d8) = 20l0g SOUL AV (dB) = 20l0g SOUT | 
liN VIN 


AP(dB) = 10 lag BOUT 
PIN 


Por gempa si la potencia de entrada de un ampli- 
ficador es de 0.5W y la potencia de salida es de $ 
W, la ganancia en dB es de 10 x log), (5/0.5) = 10 
dB. Una relación de potencias de 10 corresponde a 
un cambio de 10 dB, una relación de potencias de 
100 corresponde a un cambio de 20 dB y asi suce- 
sivamente. 


El oído humano responde logaritmicamente a la 
relación de potencias y no a su diferencia, Por esta 
razón, percibimos el mismo cambio de intensidad 
cuando la potencia de un sonido se incrementa de 
0.1 W a IW, que cuando lo hace de 1W a 10W. En 
ambos casos, la relación de cambio es de 10 dB. 


La impedancia de entrada es la resistencia vista 
por la fuente que genera la señal que va a ser ampli- 
ficada. Se define como la relación entre el voltaje y 
la corriente en los terminales de entrada del amplifi- 
cador. Esto es: 
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La impedancia de entrada depende no solamente 
de la resistencia de entrada del elemento activo de 
amplificación sino también de la presencia de con- 
densadores, resistencias, etc. en el circuito. 


Laimpedancia de salida es la resistencia vista 
la carga que recibe la señal amplificada. Se define 
como la relación entre el voltaje y la corriente en los 
terminales de salida del amplificador. Esto es: 


La existencia de una impedancia de salida finita 


causa una pérdida de voltaje en los terminales de 
salida de un amplificador, cuando se conecta entre 
los mismos una carga. 


En la figura 220 se muestra el circuito equivalente 


de un amplificador de voltaje con una impedancia 


de entrada ZIN, una impedancia de salida ZOUT y 
una ganancia de voltaje AV. RIN es la resistencia in- 
terna de la fuente de señal y RL el valor de la resis- 
tencia de carga. 


Circuito equivalente de un amplificador : Ñ 


Fuente de oT ma sachin esis cis 
sanal ee ie Carga 


Para garantizar la máxima transferencia de voltaje 
entre una fuente de señal y una carga, la resistencia 
de la carga debe ser grande comparada con la re- 
sistencia interna de la fuente. Como regla general, 
ZIN 210RIN y RL >10ZoUT, (>: mayor o igual). 


Asi mismo, para garantizar la máxima transferen- 
cia de potencia entre una fuente de señal y una 
carga, la resistencia de la carga debe ser igual a la re- 
sistencia interna de la fuente. Esto implica RL=Z40UT 
y ZIN=KIN . 

126 


La respuesta de frecuencia esta intimamente rela- 
cionada con la ganancia, Generalmente, la ganancia 
de un amplificador no es constante para todas las 
frecuencias de señal posibles. Esto es, dos o más se- 
ñales de la misma amplitud y forma de onda, pero 
de frecuencias diferentes, no reciben necesariamen- 
te la misma cantidad de amplificación. 


Por esto, cuando se especifica la depen de un 
amplificador, debe también especificarse el rango 
de frecuencias dentro del cual es válida esa ganan- 
cia, Este rango recibe el nombre de ancho de banda 
del amplificador y se expresa en unidades de fre- 
cuencia (Hz, KHz, MHz, etc). 


El ancho de banda se puede también especificar 
en términos de los límites superior e inferior del mis- 
mo. Estos límites se denominan frecuencias de cor- 
le superior e inferior, 


En esta lección enfocaremos nuestra atención a 
los llamados amplificadores de sudio. Estos amplifi- 
cadorés tienen un ancho de banda de 20 KHz, La 
frecuencia de corte inferior se sitúa en 30 Hz y la 
frecuencia de corte superior en 20 KHz. En la figu- 
ra 221 se muestra gráficamente la respuesta de fre- 
cuencia de un amplificador tipico de audio. 


Respuesta de frecuencia de un 
amplificador de audio 


1000 10000 Hz p 
Fig. 221 E 


La banda de 30 Hz a 20 KHz es el rango de fre- 
cuencias que puede ser percibido por el oído huma- 
no. Las frecuencias por encima de 20 KHz se deno- 
minan ultrasónicas y las frecuencias por debajo de 
30 Hz se denominan subsónicas, Los ultrasonidos, 
por ejemplo, son percibidos por especies como ra- 
tas, plagas, mascotas, etc. 


Los amplificadores de audio se utilizan en los 
equipos de sonido tanto domésticos como de alta fi- 
delidad (Hi-Fi), en los estudios de grabación, en 
los receptores de radio y televisión, en los juegos 
de video, etc. 


Amplificadores de voltaje, de corriente y de 
potencia, 


De acuerdo a su función especifica, los amplifi- 
cadores se clasifican en amplificadores de i 
de corriente y de potencia. Las señales manejadas 
por estos circuitos pueden ser de CA (variables con 
el tiempo) o de CC (constantes). 


Los amplificadores de voltaje elevan el nivel de 
señales de voltaje. Un ejemplo de amplificador de 
voltaje es el circuito base común mostrado en la fi- 
gura 222, Como sabemos, este montaje provee ga- 
nancia de voltaje y de potencia pero no de corriente. 
Se caracteriza por su baja impedancia de entrada y 
su alta impedancia de salida, 


Amplificador base común 
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Los amplificadores de corriente elevan el nivel de 
señales de corriente. Un ejemplo de amplificador de 
corriente es el circuito colector común mostrado en 
la figura 223, Como sabemos, este montaje provee 
sanancia de corriente y de potencia pero no de vol- 
taje. Se caracteriza por su alta impedancia de entra- 
da y su baja impedancia de salida. 


Amplificador colector común 


TE AAEE 


Los amplificadores de potencia elevan el nivel de 
señales de potencia. Puesto que la potencia es el 
_ producto de la corriente por el voltaje, un amplifica- 
dor de potencia puede amplificar simultáneamente 
voltaje y corriente o sólo voltaje o sólo corriente. 
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Un ejemplo de amplificador de potencia es el cir- 
cuito emisor común mostrado en la figura 224, Co- 
mo sabemos, este montaje provee al mismo tiempo 
ganancia de voltaje, de corriente y de potencia. Se 
caracteriza por tener una impedancia de entrada rela- 
tivamente alta y una impedancia de salida relativa- 
mente baja. 


Amplificador emisor común 


Fig. 224 | 


ee ee 


Amplificadores de audio y de RF 


De acuerdo al rango de frecuencias de operacion, 
los amplificadores se clasifican en amplificadores 
de baja frecuencia y amplificadores de alta frecuen- 
cla. 


Los de baja frecuencia se denominan amplifica- 
dores de audio y trabajan con señales desde O Hz 
(CC) hasta 20 KHz. Los de alta frecuencia se 
denominan amplificadores de RF (radio frecuencia) 
y operan a frecuencias por encima de 20 KHz. 


En la figura 225 se muestra el circuito real de un 
amplificador de audio de dos etapas similar al utili- 
zado en el radio AM CEKIT: La primera etapa o pre- 
amplificador, es un amplificador de voltaje y la se- 
gunda,es un amplificador de potencia. 


Amplificador de audio típico | 
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El preamplificador aumenta la débil señal de en- 
trada proveniente del detector y el amplificador de 
potencia la convierte en una señal lo suficientemente 
fuerte como para impulsar el parlante, 
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En la figura 226 se muestra el circuito práctico de 
un amplificador de RF con FET que responde a la 
configuración fuente común. Note la utilización de 
un circuito sintonizado LC como carga. 


“Amplificador de RF con FET 
NN AAA V 


Los amplificadores de RF son similares a los am- 
plificadores de audio en muchos aspectos. Por ejem- 
plo, deben tener una carga en su circuito de salida y 
necesitan estar correctamente polarizados. 


Sin embargo, se diferencian por su selectividad 
(capacidad de amplificar sólo una banda estrecha de 
frecuencias) y otras consideraciones de diseño que 
generalmente se ignoran a bajas frecuencias. La se- 
lectividad, en este caso, la provee un circuito reso- 
nánte LC, 


Amplificadores de pequeña señal y amplificadores 
de señal grande o de potencia. Rendimiento, 


De acuerdo a la magnitud de las señales involu- 
cradas, los amplificadores se clasifican en amplifi- 
cadores de señal pequeña y amplificadores de serial 
erande. Estos últimos se denominan también ampli- 
ficadores de potencia. 


Los de señal pequeña operan en forma lineal, čs- 
to es, todas las señales dentro de su ancho de banda 
reciben la misma cantidad de amplificación o ganan- 
cia, En los de señal grande, la señal de entrada es 
tan fuerte que no permite la operación lineal del dis- 
positivo, * 


Los amplificadores de señal pequeña se utilizan, 
básicamente, como amplificadores de voltaje y no 
es de importancia la potencia suministrada a la car- 
ga, Los amplificadores de señal grande se utilizan 
para entregar potencia a una carga. La ganancia de 
voltaje én estos últimos no es una consideración 
importante, pero si lo es su rendimiento, 


El rendimiento de un amplificador de potencia se 
define como la relación entre la potencia de la señal 
de salida y la potencia que realmente le llega a la car- 
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ga. Se expresa generalmente como un porcentaje. 
Esto es : 


Potenclaenlacarga 
Rendimiento (%) = | 


Potencia de salida 


Los amplificadores de señal grande o de potencia 
se caracterizan por presentar diversos grados de dis- 
torsión en la forma de onda de la señal de salida. 
Esto es, en un amplificador de potencia, la forma de 
onda de la señal de salida no es una réplica fiel de la 
forma de onda de la señal de entrada, 


El amplificador de potencia tipo "push-pull" 


La mayoría de los amplificadores de potencia de 
audio, incluyendo el utilizado en el radio AM 
CEKIT, utilizan el principio push-pull mostrado en 
la figura 227, 


Amplificador de potencia PUSH - PULL 
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A esta configuración se le denomina tambien de 
simetría complementaria debido a que utiliza dos 
Iransistores complementarios (NPN y PNP) de ca- 
racterísticas idénticas. Otros nombres son los de 
etapa en contrafase o amplificador clase B. 


Note que la señal de entrada se aplica simulta- 
neamente a las bases de ambos transistores y que la 
carga, representada en este caso por el parlante, está 
conectada al punto común de unión de los dos emi- 
sores, a través del condensador de acoplamiento € 


El colector de Ol (NPN) es positivo y el de Q2 
(PNP) negativo con respecto a sus emisores. El cir- 
culto así constituido actúa como un amplificador de 
colector común, formado por dos seguidores de 
emisor, Cada uno de estos circuitos se caracteriza 
por tener una i mpedancia de entrada muy alta y una 
impedancia de salida muy baja. 


Para garantizar la máxima transferencia de poten- 
cia entre la salida del circuito y la carga, la impe- 


dancia de salida del amplificador debe ser igual a la 
impedancia del parlante. Si este no es el caso, debe 
utilizarse entre ambos un transformador de acopla- 
miento, como se muestra en la figura 228. 


Amplificador PUSH - PULL con transformador 
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Volviendo al circuito original de la figura 227, 
veamos cómo se produce el efecto "push-pull”. 


Cuando se aplica una señal de entrada de co- 
miente alterna, los semiciclos positivos polarizan 
directamente la unión B-E de Q1 e inversamente la 
unión B-E de 02. Como consecuencia de esto, Q1 
conduce e impulsa ("push") una serie de semiciclos 
positivos de corriente a través del parlante. Durante 
estos semiperfodos, Q2 permanece bloqueado. 


Durante los semiciclos negativos de la sefial de 
entrada, la unión B-E de 07 queda polarizada 
directamente y la unión B-E de Q1 queda polarizada 
inversamente. Como consecuencia de esto, Q2 con- 
duce y arrastra ("pull") los semiciclos negativos de 
corriente restantes a través del parlante. Durante 
estos semiperiodos, Q1 permanece bloqueado. 


De este modo, Q1 y Q2 manejan conjuntamente 
cada ciclo completo de la señal de entrada. En la fi- 
gura 229 se muestran las formas de onda de las se- 
ñales involucradas en el proceso. 


Note que cada transistor sólo conduce corriente 
de salida durante un semiciclo de la señal de entrada 
y se bloquea durante el otro. Sin señal de entrada 
(condiciones de reposo), las corrientes de base y de 
colector de ambos transistores son iguales a cero y 
ninguno de ellos conduce. 


La mayor desventaja del amplificador push-pull 
básico descrito es la distorsión de cruce  (cross- 
over) que presenta la señal de salida al pasar por 
cero. Este fenómeno se debe a que cada transistor 
sólo comienza a conducir cuando el voltaje de la 
señal de entrada supera el potencial de barrera de 
cada unión B-E (0.6V). 


Formas de onda del proceso PUSH-PULL 
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La distorsión de cruce se puede corregir aplican- 
do una ligera polarización directa a las uniones B-E 
de ambos transistores, mediante dos resistencias de 
valores apropiados, como se muestra en la figura 
730, En condiciones de reposo (sin señal de entra- 
da) las bases de Q1 y Q2 están +0.6V por encima 
de sus emisores. 
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Si R2 es variable, la distorsión de cruce se puede 
ajustar a su valor mínimo. En el caso del radio AM 
SEKIT, Ri= 680 Q y R2 está representada por la 
resistencia interna de dos diodos 1N4148 en serie. 
Esta se hace con el fin de proveer, además, estabi- 
lidad térmica. 


El requisito más importante de un amplificador de 
potencia push-pull es que Q1 y QU sean una pareja 
complementaria. Esto es, Q1 y Q2 deben tener exac- 
tamente las mismas características eléctricas. 
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output voltage. 

Calculate the bandwidth and the quality 
factor (Q) of simple series and parallel LC 
circuits. 

Calculate the frequency of an oscillator. 


The Capacitor and Inductor 
In Series 


1 Many electronic circuits contain a capacitor 


and an inductor placed in series, as shown In 
Figure 7.1 

Figure 7.1- 

Ss | 

You can combine a Capacitor and an 
inductor in series with a resistor to form 
voltage divider circuits, such as the two 
circuits shown in Figure 7.2 . A circuit that 
contains resistance (R), inductance (L), and 
Capacitance (C) is referred to as an RLC 


circuit. Although the order of the capacitor 
and inductor differs in the two circuits shown 
in Figure 7.2 , they have the same effect on 
electrical signals. 

Figure 7.2 


— YYY — 


To simplify your calculations in the next few 


De otro modo, cada uno amplificaria de forma 
diferente el semiciclo que le corresponde y se cau- 
saría una gran distorsión. 


Clases de amplificadores. 


La clase de un amplificador la determina o define 
la cantidad de señal de entrada que recibe amplifi- 
cación a la salida. De acuerdo a esta definición, se 
habla de amplificadores clase A, amplificadores 
clase = amplificadores clase AB y amplificadores 
clase Č, 


En la figura 231 se muestran las formas de onda 
de entrada y de salida tipicas de cada clase. 


Clase de operacion de amplificadores 


Claro A 


Señal de entrada Gofal de calida 


Señal de entrada 


Señal de salida 


Señal de entráda Señal de salida 


Cho DO 


| Señal de entrada Soñal de salida 


Fig. 231 El 
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En un amplificador clase A, recibe amplificación 
el 100% de la señal de entrada. Por lo tanto, la se- 
nal de salida esta presente durante el ciclo completo 
de la señal de entrada. (Figura 231A). 


En un amplificador clase B, recibe amplificación 
el 50% de la señal de entrada. Por lo tanto, la señal 
de salida está presente solo durante los semiciclos 


positivos o negativos de la señal de entrada. (Figura 
2315), 


En un amplificador clase AB, recibe amplifica- 
ción más del 50% de la señal de entrada, Por lo tati- 
to, la señal de salida está presente durante más de 
un semicició de la señal de entrada. (Figura 2310), 
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En un amplificador clase C, recibe amplificación 
menos del 50% de la señal de entrada, Por lo tanto, 
la señal de salida está presente durante menos de un 
semiciclo de la señal de entrada. (Figura 231D). 


Todos los amplificadores de señal pequena (y al: 
gunos de potencia) operan en clase A y todos los de 
señal grande en clase B, AB o C. Los de clase A se 
caracterizan por su alta fidelidad (baja distorsión) y 
los de clase C por su alto rendimiento de potencia, 
Los demás, representan un compromiso intermedio 
entre la fidelidad y el rendimiento. 


Concepto de punto de trabajo 


La clase de un amplificador está íntimamente rela: 
cionada con la polarización o punto de trabajo de la 
señal de salida, esto es, con el nivel de CC alre- 
dedor del cual se desplaza esta última, Para com- 
prender este concepto, consideremos el caso de un 
amplificador emisor común genérico, como el que 
se muestra en la figura 232. 


Punto de trabajo de un amplificador emisor común f 


ENTREN 


Este circuito puede operar como amplificador de 


voltaje, de corriente ode potencia, La señal de entra- 
da se aplica entre base y tierra a través de Cl, La sg- 
hal de salida aparece entre colector y tierra y se apli- 
ca a la carga mediante C2, 


Cry C2 son condensadores de acoplamiento. Su 
objetivo es eliminar el nivel de CC presente en am- 
bas señales y transferir sólo su componente de CA. 
CE es el condensador de emisor y su propósito es 
mantener constante el voltaje sobre RE, enviando a 
herra cualquier variación, 


RI, R2, EL y RE polarizan correctamente las dos 
uniones del transistor y fijan el punto de trabajo del 
amplificador. Este último se refiere a los valores de 
corriente y de voltaje en el circuito cuando no existe 
señal de entrada. A estas condiciones se les denomi- 
na estáticas o de reposo y se identifican mediante el 
subindice Q (IRQ, ICQ, VCEQ, etc). 


w 
-mi TĚ 


= Se 


Las condiciones en presencia de señal se denomi- 
nan dinámicas. Los valores de Ip, lc, VCE, etc., en 
condiciones dinámicas, varían por encima y por de- 
bajo de sus respectivos valores de reposo, depen- 
diendo de la amplitud de la señal de entrada y de la 
ubicación del punto de trabajo. 


La forma como se comporta Ie para diferentes 
valores de In y VCE, tanto en condiciones dinámicas 
como estáticas, se puede representar gráficamente 
mediante un juego de curvas características de colec- 
tor como el que se muestra en la figura 233. 


Curva característica de colector 


Fig. 233 


Los puntos extremos de operación definidos por 
la recta de carga se denominan puntos de corte y de 
saruración, respectivamente. En el punto de satu- 
ración o de conducción, IC es máxima y VCE és 
cero. En el punto de corte o de no conducción, IC 
es cero y VCE es máximo ¢ igual al voltaje de alimen- 
tación (Vcc), 


Operación en clase A 


La posición del punto Q sobre la recta de carga 
determina la clase de operación (A, B, AB, C) del 
amplificador. En la figura 234 se muestra el caso de 
operación en clase A. El punto de trabajo se localiza 
en el centro de la recta de carga. 


Operación en clase A 
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En general, los amplificadores clase A a transis- 
tores trabajan dentro de la región activa O tramo li- 
neal de las curvas características de colector. 


po 
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Además, la etapa está polarizada de tal modo que 
siempre existe corriente de colector, tanto en presen- 
cla como en ausencia de señal, 


En este modo de operación, se presenta distor- 
sión cuando la polarización o ubicación del punto 
de trabajo no es correcta o cuando la amplitud de la 
señal de entrada es excesiva. Los amplificadores 
clase A se caracterizan por su baja distorsión, baja 
potencia de salida y bajo rendimiento (del 20 al 
35%). 


Operación en clase B 


En la figura 235 se muestra el caso de operación 
en clase B. El punto de trabajo, en este caso, se lo- 
caliza en el extremo inferior o de corte (Ic=4), 
Vce=Vcc) de la recta de carga. 


Operación en clase B 
, IC 


ry CE 
Fig. 239 
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En general, las etapas amplificadoras clase B se 
polarizan de modo que, sin señal de entrada, se 
obtenga lc=0 o Vce=0. Esto es, trabajan parcial- 
mente en la zona activa, coincidiendo el punto de 
trabajo con el punto de corte (Ic=0, Vce=máx) o 
con el punto de saturación (Ic=máx, WCE=0). 


En el primer caso, o sea de polarización en el cor- 
te, sólo hay comente de colector durante los se- 
miciclos, (positivos o negativos), de la señal de 
entrada que polarizan directamente la unión B-E. 
Este tipo de polarización es el más empleado y el de 
mejor rendimiento, 


En el segundo caso, o de polarización en satura- 
ción, hay una corriente de colector muy intensa en 
ausencia de señal de entrada, Prácticamente, toda la 
tensión de alimentación aparece en los extremos de 
la resistencia de carga. 


La tensión colector-emisor experimenta variacio- 
nes sólo durante los semiciclos (positivos o negati- 
vos) de la señal de entrada que disminuyen la polari- 
zación directa de la unión B-E. Este tipo de polariza- 
ción no es muy empleado. 


La operación en clase B se utiliza en amplilicado- 
res de potencia de baja frecuencia. Se caracteriza 
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por su buen rendimiento (del 50 al 60%). Utilizan- 
do dos amplificadores clase B en contrafase, se pue- 
den amplificar ambos ciclos de la señal de entrada, 
como sucede en el amplificador push-pull descrito 
en una sección anterior. 


Operación en clase AB 


En la figura 236 se muestra el caso de operación 
en clase AB, El punto de trabajo, en este caso, se 
localiza cerca del punto de corte pero podría locali- 
zarse también cerca del punto de saturación. 
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En general, las ctapas amplificadoras clase AB se 

olanzán de modo que, sin señal de entrada, Ic o 

VcE se hagan iguales a cero durante menos de un 
semiciclo de la señal de entrada. 


Esto es, los amplificadores clase AB trabajan par- 
cialmente en la zona activa, pero durante mayor 
tiempo que los de clase B. En los demás aspectos, 
son similares. Por lo tanto, todo lo dicho anterior- 
mente para clase B es válido también para clase AB, 
Este modo de operación es el que utiliza el amplifi- 
cador de potencia del radio AM CERIT. 


Los amplificadores clase AB representan un com- 
prómiso intermedio entre la baja distorsión y el bajo 
rendimiento de los amplificadores clase A y el alto 
rendimiento y la alta distorsión de los amplifica- 
dores clase B. 


Operación en clase C 


En la figura 237 se muestra el caso de operación 
en clase C. El punto de trabajo, en este caso, está 
localizado más allá del punto de corte pero podría 
localizarse también más alld del punto de satura- 
ción. 


En general, las etapas amplificadoras clase C se 
polarizan de modo que, sin señal de entrada, Ic o 
VCE se hagan igualeg'a cero durante más de un semi- 
ciclo de la señal de Entrada. 

132 


Operación en clase C 
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Este modo de operación no se utiliza para la am- 
plificación de bajas frecuencias, por la alta distor- 
sión que genera. Casi todas las etapas amplilica- 
doras de potencia de los transmisores de RF fun- 
cionan en clase C. El rendimiento de potencia de es- 
tos circuitos es alto (del 70 al 85%). 


Amplificadores realimentados 


Las características y el funcionamiento general de 


un amplificador pueden alterarse favorablemente to- 


mando una muestra de la señal de salida y envián- 
dola nuevamente a la entrada, junto con la señal de 
entrada original, A este proceso se le denomina reali- 
mentación o feedback. 


La realimentación es positiva cuando la señal re- 
tonada está en fase con la señal de entrada y nega- 
tiva cuando está fuera de fase. En el primer caso, 
las dos señales se suman y en el segundo se restan. 
Ambas situaciones se ilustran en la figura 238. La 
realimentación positiva debe evitarse porque produ- 
ce inestabilidad y oscilaciones. 


Realimentaciones positiva y negativa 
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En la figura 239 se muestra el diagrama en blo- 
que de un amplificador de voltaje realimentaco nega- 
tivamente. Sinrealimentación, la ganancia de volta- 
je del circuito es A y con realimentación es Ao 


La ganancia con realimentación, A0, es siempre 
inferior a la ganancia sin realimentación, A, A pesar 


HARAN irene 


pliti cador de voltaje realimentado 


acto 


de reducir la ganancia, la realimentación negativa in- 
troduce varios efectos deseables. Estos son algunos 
de ellos: 


a) Incrementa la estabilidad de la ganancia final 
esto es, la hace menos sensible a las variaciones en 
los parámetros de los dispositivos activos, a los 
cambios de temperatura, de voltaje, etc. 


b) Disminuye la distorsión en la señal de salida. 

c) Mejora el ancho banda, esto es, se puede 
amplificar un rango más amplio de frecuencias con 
la misma ganancia, 


d) Se pueden ajustar las impedancias de entrada y 
de salida a cualquier valor deseable. 

En la figura 240 se muestra un ejemplo de amplifi- 
cador realimentado con transistor NPN, El circuito 
utiliza realimentación negativa de voltaje. Esta últi- 
ma se realiza a través de RB. 


Amplificador reallmentado con transistor 


Entrada f ; 


a 
os 
$ 
ME 
E 
EE 
E 
dE 

oa 

La 


lo es la componente alterna de la corriente de sali- 
da e IF la componente alterna de la corriente de reali- 
mentación. Esta última se superpone a la corriente 
de polarización directa de la base. 


En la Sa a 241 se muestra un ejemplo de amplifi- 
cador realimentado con JFET canal N. El circuito 
utiliza realimentación negativa de corriente. 


Amplificador realimentado con FET 


| 2 + VOD 


Esta última se realiza a través de Rs. Vo es la 
componente alterna del voltaje de salida y VF la com- 
ponente alterna del voltaje de realimentación. 


El amplificador de audio del radio AM CEKIT uti- 
liza realimentación negativa con el fin de minimizar 
el fenómeno de distorsión de cruce (cross-over) que 
presenta la señal de salida. La distorsión de cruce es 
típica del cit ra de amplificación de potencia 
(push-pull) utilizado en la etapa de salida, 


El amplificador de audio del Radio AM CEKIT 


El radio AM CEKIT utiliza amplificadores de RF 
en las etapas de conversión y de Fl o frecuencia 
intermedia, y amplificadores de audio en su etapa 
final. El diagrama simplificado de bloques del 
sistema se muestra en la figura 242. La forma como 
se procesan las diferentes señales se explicará en 
lecciones posteriores. 


En la figura 243 se muestra un diagrama en blo- 
ques del amplificador de audio utilizado por el radio 
AM CEKIT. Consta básicamente de dos etapas: un 
preamplificador y un amplificador de potencia. 


El preamplificador es un amplificador de voltaje 
de señal pegueña que recibe la débil señal de audio 
proveniente del detector y la levanta a un nivel sufi- 
cientemente alto como para excitar el parlante de la 
etapa de potencia, En este último, las variaciones de 
corriente se convierten en sonidos. 


Otra función del preamplificador es la de reducir 
el nivel de ruido de la señal de entrada y minimizar 
la distorsión de la señal de salida. Esto gracias a la 
existencia de realimentación negativa entre la entra- 
da y la salida del sisterna completo. 


El amplificador de potencia es un amplificador de 
señal grande post pur que recibe la señal prove- 
niente del preamplificador y la convierte en una se- 
ñal lo suficientemente fuerte como para impulsar el 
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Diagrama de bloques del radio AM CEKIT 
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Diagrama de bloques del amplificador de audio 


Del detector 
del Parlante 
| Amplificador | 


de potencia 


parlante y convertir así la información eléctrica de 
“audio en información sonora, 


En la figura 244 se muestra el diagrama esque- 
mático completo de nuestro amplificador de audio. 


Se han delimitado las áreas correspondientes al 
preamplificador y al amplificador de potencia para 
mayor claridad. 


La descripción de cada etapa se realiza en las si- 
guientes secciones. q 


Operación del preamplificador 


El preamplificador de audio del radio AM CEKIT 
es clase A y responde a la configuración emisor co: 
<mún. El elemento activo de esta etapa es el transis- 
tor O4 (NPN, 2501390 o su reemplazo, el C829). 


El preamplificador recibe, a través del conden- 
sador C11, una señal de audio, de 0 4 500 mVpp de 
amplitud. Esta señal es entregada por el potenció- 
metro VR (control de volumen) y éste, a su vez, la 
recibe del detector. (Wpp=Voltius pico a pico). 


El condensador CIL de IQF, actúa como con- 
densador de acoplamiento, bloqueando el nivel de 
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Diagrama esquemático del amplificador de audio 
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CC presente en la señal de entrada y transfinendo la 
componente de CA a la base del transistor QM. 


La ganancia de voltaje del preamplificador es de 
=250. Por ejemplo, si la señal aplicada por el 
control de volumen VR a la base de Q4 es de 10 
mVpp, en el colector de este último tendremos una 
señal de salida de 250 x 10mV pp =2.5Vpp. 


La tensión de polarización directa de la unión B- 
E de Q4, se obtiene de los semiciclos positivos de 
la señal de salida, (punto X), a través de R16 (130 
KO). 


La tensión de colector de Q4 se obtiene del polo 
positivo de la batería a través del parlante, R13 
(680 Q) y los diodos DF y D2 (1041480), polari- 
zados en directo, i 3) 


Además de actuar como resistencia de polariza- 
ción de base, R16 actúa también como resistencia 
de realimentación, enviando parte de la senal de sa- 
lida del amplificador de potencia a la entrada del pre- 
amplificador. 


Esta realimentación negativa tiene por objeto mini- 
mizar la distorsión de la etapa. 


R13 es laresistencia de carga de Q4, pero cumple 
también la función de polarizar directamente la base 
de Q5 (NPN 2507356 C1959 6 C25) en el ampli- 
ficador de potencia. A su vez, DI y D3 proporcio- 
nan el voltaje de polarización directo de Q6 (PNP, 
25CA1048G 6 25A10156 A564) y proveen estabi- 
lidad térmica. 


Operación del amplificador de potencia 


El amplificador de potencia del radio AM CEKIT 
es del tipo colector común, clase AB y responde a 
laconfiguración push-pull ode simetría complemen- 
taria, explicada en una sección anterior. Los elemen- 
los activos de esta etapa son Q5 (NPN) y Q6 
(PNP). 


Cada uno de estos transistores actúa como un 
seguidor de emisor, presentando una alta impedan- 
cia de entrada a la señal proveniente del preampli- 
ficador y una baja impedancia de salida al parlante. 


El resultado es una máxima transferencia de vol- 
taje a la entrada y una máxima transferencia de po- 
tencia a la salida. 


Cada transistor conduce sólo durante un semi- 
ciclo de la señal de entrada. En particular, Q5 sumi- 
nistra corriente de emisor durante los semiperiodas 
positivos y Q6 lo hace durante los negátivos. Mien- 
tras 05 conduce, QG está parcialmente cortado y vi- 
ceversa. 


La resistencia R13, de 680 Q y DI-DA, refe- 
rencia 1N4148, proporciónan una ligera polariza- 
ción directa a las bases de ambos transistores con el 
fin de minimizar la distorsión de cruce O Crossover, 
tal como se explicó para los amplificadores de poten- 
cia push-pull. En particular, R13 aplica 5.6 Y de 
CC a la base de QS y DA-DZ 4.2 V a la base de Q6. 

a. 


Esto último es así porque a través de cada uno de 
estos diodos se presenta una caida de 0.7 Y 
(42 W=5.6V-1.4V), : Y y H proveen también la 
estabilización térmica de la etapa de salida. 


Al aumentar la temperatura ambiental, las corrien- 
tes de colector-emisor de Q5 y Q6 tienden a aumen- 
tar, debido a que también aumentan las corrientes 
de fuga de las uniones B-C y B-E de los mismos, 


El aumento de temperatura, a su vez, reduce la 
resistencia interna de ambos diodos. Esto reduce el 
voltaje de polarización y la corriente de base, contra- 
rrestándose asi el efecto de aumento de la comente 
de colector. 


Los demás componentes del amplificador de 
potencia cumplen funciones auxiliares. El conden- 
sador C12 (0.034F) es un filtro de altas frecuen- 
cias, que envía a tierra picos indeseables de RF, 
originados por la conmutación de los transistores de 
salida. El condensador C13 (471F) entrega la señal 
de audio amplificada al parlante. 


Las resistencias R14 (0.50) y R15 (0.542) actúan 
como resistencias de emisor de Q5 y Q6, respec- 
tivamente. Su objetivo es mantener estable la polari- 
zación directa de ambos transistores. La resistencia 
R16 (150K) actúa como resistencia de realimenta- 
ción, Su propósito es minimizar la distorsión en la 
señal de salida, 


La etapa de salida está diseñada para garantizar 
máxima transferencia de potencia cuando se utiliza 
como carga nominal un parlante de 842, Si se utiliza 
un parlante de otra impedancia, debe utilizarse un 
transformador de acoplamiento. Con un parlante de 
802, la máxima potencia de salida del amplificador 
de audio es de =1,25W, | 


Mota: 


La máxima potencia de salida que puede extraerse 
de un amplificador push-pull como el utilizado por 
el radio AM CEKIT se evalúa mediante la siguiente 
fórmula: 


Vcc es el voltaje de la fuente de alimentación y 
ZL la impedancia del parlante. En nuestro caso, 
Vec=9V y ZL=8 ©. Por lo tanto, la máxima poten- 
cia de salida del mismo, en vatios, es: 


Si se reduce el voltaje de alimentación a 6Y por 
ejemplo, la potencia de salida máxima desciende a = 
GSW. Si en vez de un parlante de §Q se utiliza uno 
de 4002, esta potencia sería sólo de 0.25W. 
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Actividad práctica N° 10 


Construcción de un inyector de señales 


En esta actividad daremos todas las instruccio- 
nes necesarias para la construcción de un instrumen- 
to muy sencillo pero muy útil para la prueba y repa- 


les. 


Como lo habíamos mencionado, el inyector de 
señales produce un tren de ondas que se puede 
invectar o introducir a un amplificador de audio O 
de radiofrecuencia para comprobar su funcio- 
namiento, 


De esta manera podemos verificar si lo hemos 
ensamblado bien o si hay algún componente 
defectuoso o también podemos reparar aparatos de 
radio o amplificadores de sonido con él. 


Con unos pocos componentes ya muy conoci- 
dos, como resistencias, condensadores y Iransisto- 
res se forma el circuito inyector de señales, que ès 
un oscilador o sea un generador de ondas, El tema 
completo de los osciladores se tratará próxima- 
mente en este curso. 


El circuito completo para el inyector de señales 
se muestra en la figura A13. 
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Fig. A13 


Este circuito se puede ensamblar en un circuito 
impreso cuyo dibujo reproducimos en la figura A14 
e instalando sus componentes como se indica en la 
figura A15. El circuito impreso se puede fabricar 
utilizando el Kit 550 de CEKIT que incluye la 
lámina de baquelita cobrizada, el lapicero esp ecial y 
el ácido para rebajar el cobre. 


Para fabricar el inyector de señales debe conse- 
goir los materiales que se detallan en la siguiente 
ista. 
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ración de los aparatos de radio, el inyector de seña- 


Lista de materiales 


2 Transistores PNP 2N'3906 

1 Condensador de cerámica de 0.001 uE 
1 Condensador de cerámica de 0.005 uF 
1 Condensador de cerámica de 100 pF 

2 Resistencias de 82 KQ 1/2 W 

2 Resistencias de 39 Q 1/2 W 

? Resistencias de 1.5 KQ 12 W 

1 Conector para batería de 9 voltios 

| Circuito impreso CEKIT K13 


Todos estos materiales, inlcuyendo el circuito im- 
preso y un completo manual de instrucciones se en- 
cuentran en el Kit K13 de CEKIT. 


Para darle una mejor presentación y funciona- 
bilidad a este circuito, lo podemos alojar en una caja 
pequeña de metal o plástico y alimentarlo por medio 
de pilas o una bateria de 9 voltios. En sus termi- 
nales de salida deben ir los cables para conectar la 
señal a los circuitos. Un cable con caimán para la 
tierra y una punta de prueba para la salida. 


Lección 19 


Cómo se produce la señal de una emisora 


Fuentes de señal, osciladores y modulación 


Hemos visto en la introducción de este curso, 
que un transmisor de radio mezcla una señal de alta 
recuencia, o radiofrecuencia (RF), con una señal 
de baja frecuencia o audiofrecuencia (BF o AF) pro- 
duciendo una señal modulada que se emite por la 
antena, 


Qué es y cómo trabaja una emisora de radio 


Con el fin de poder entender mas fácilmente 
cómo trabaja un receptor de radio, vamos a explicar 
qué es y cómo trabaja una emisora de radio. 


En otras palabras, vamos a estudiar cómo se 
captan los sonidos de las palabras y la música en 
una emisora, cómo se convierten en corriente eléc- 
trica para llevarlos a aparatos electrónicos y cómo 
estos aparatos producen las ondas electromag- 
néticas que pueden viajar por el espacio. 


En la figura 245 podemos observar la estructura 
general de una emisora de radio, 


Fuentes de señales de audio 


Las principales fuentes de sonido o audio que se 
encuentran en las emisoras de radio son: los mucró- 
fonos, los tocadiscos (de Long Play y Compact 


Estructura general de una emisora de radio 


Gonsoia mezcladora 


Enmace por 
microondas 


VHF a UHES | 


Transmisor de 
Daja potencia 
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Disc) y las grabadoras de cinta magnética (Cassete 
o Rollo). 


Las palabras de los locutores son recogidas por 
uno o varios micrófonos, la música es captada por 
los tocadiscos o las grabadoras y los avisos comer- 
ciales pueden ser originados en forma directa por 
un locutor o estar grabadas en cintas. 


Los micrófonos 


Un micrófono es un dispositivo que convierte 
ondas sonoras (voz, música, lenguaje, ete.) en seña- 
les eléctricas de voltaje o de corriente equivalentes. 


Se ha determinado experimentalmente que las 
frecuencias de la voz humana están comprendidas 
principalmente en el rango de 300 a 3500 Hz, 


Características generales de los mierófonos 


Los micrófonos poseen ciertas características 
básicas que determinan su calidad. Las más impor- 
tantes son la respuesta de frecuencia, la direccio- 
nalidad, la impedancia, la sensibilidad y la inmuni- 
dad al ruido. © 


La respuesta de frecuencia de un micrófono es el 
ancho de banda dentro del cuál responde sin distor- 
sión a las ondas de sonido. 


7 oe i Se Se o A ee ee rs = 


| Oscilador | 
de RF 


La direccionalidad se refiere a la habilidad de un 
micrófono para captar sonidos provenientes de una 
u otra dirección. De acuerdo a su direccionalidad, 
los micrófonos se clasifican en omnidireccionales, 
bidireccionales y unidireccionales. 


Los micrófonos omnidireccionales o panorá- 
micos captan sonidos en todas las direcciones. Los 
bidireccionales captan sonidos en direcciones opues- 
tas. Los unidireccionales o cardioides captan exclu- 
sivamente sonidos en una dirección. 


La impedancia (Z) de un micrófono es el efecto 
de carga que éste le presenta al circuito que recibe la 
señal generada entre sus terminales. Existen mi- 
crofonos de alta impedancia y de baja impedancia, 
La impedancia de los primeros fluctua típicamente 
entre 100 KO y 500 K£2 y la de los segundos puc- 
de ser de 5082, 15041 6 600 Q. 


La sensibilidad de un micrófono se especifica co- 
mo el nivel de señal eléctrica que se obtiene del mis- 
mo bajo determinadas condiciones de referencia, 
La sensibilidad se expresa en voltios, vatios o dB y 
varía con la intensidad del sonido y la distancia de 
la fuente sonora, 


Tipos de micrófonos 


De acuerdo a su aplicación, los micrófonos pue- 
den ser vocales, de uso general y profesionales. 
Los vocales reproducen frecuencias entre 150 y 
4000 Hz y se utilizan en telefonía. 


Los de uso general reproducen frecuencias entre 
50 y 7500 Hz y se emplean en instalaciones de 
amplificación. Los profesionales reproducen fre- 
cuencias entre 20 y 20000 Hz y se utilizan en esta- 
ciones de radiodifusión o en estudios de grabación. 


De acuerdo a su construcción, existen varios 
tipos de micrófonos. Los más utilizados son los de 
carbón, los piezoeléctricos, los dinámicos y elec- 
tret. Todos convierten variaciones de presión (soni- 
dos) enimpulsos eléctricos equivalentes. Sin embar- 
go, cada uno obedece a principios físicos diferentes 
y tiene características propias intrinsecas. 


En un micrófono de carbón, los sonidos inči- 
dentes en una membrana o diafragma comprimen y 
expanden alternadamente un paquete de gránulos de 
carbón, variando su resistencia interna. 


En un micrófono piezoeléctrico o de cristal, las 
vibraciones del diafragma se transmiten, a través de 
un anclaje, a un cristal de sal de Rochelle o titanato 
de bario. Estos materiales, por efecto piezoeléc- 
trico, convierten el movimiento del diafragma en un 
voltaje alterno que es una réplica eléctrica del soni- 
do recibido, 
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En un micrófono dinámico, las vibraciones del 
diafragma desplazan alternativamente una bobina li- 
viana a través de un campo magnético estacionario, 
generando un voltaje variable entre sus terminales. 


En un micrófono electret, las variaciones de 
presión del aire, producidas por el sonido incidente, 
cambian alternativamente la distancia entre dos pla- 
cas cargadas eléctricamente de fábrica, alterando la 
capacitancia entre ellas y produciendo en los ter- 
minales del elemento un voltaje variable, 


En la figura 246, se pueden observar los dife- 


rentes tipos de micrófonos y sus símbolos utili- 
zados en los diagramas. 


Los micrófonos 
De carbón 
Granulos de carbón 


' Membrana fy 


Cápsula 


Membrana ¿Cristal Y 


Tocadiscos 


Los tocadiscos reproducen señales de audio gra- 
badas sobre la superficie de un disco. Los discos 
almacenan información sonora en surcos espirales 
trazados por un buril durante el proceso de graba- 
ción (figura 247), El sonido está representado en 
las variaciones de anchura de los surcos. La profun- 
didad de los mismos es constante. 


Surcos de un disco 


Aguja de Pits: 


Lectura 


La lectura de la señal grabada en un disco la rea- 
liza un dispositivo llamado pick up o cartucho que 
lleva una aguja en su extremo y un transductor 
magnético o piezoeléctrico en su interior. 


La aguja recorre los surcos y transmite las vibra- 
ciones detectadas al transductor, el cual las con- 
vierte en señales eléctricas, equivalentes al sonido 
originalmente grabado. En la figura 248 se muestra 
el aspecto de un cartucho magnético, 


Cartucho ma néticode tocadiscos 


Al moverse la aguja a través de los surcos, trans- 
mite sus vibraciones a la bobina móvil y ésta corta 
lineas de flujo magnético, Como consecuencia de 
esto, se genera entre sus terminales un voltaje 
variable que es una replica eléctrica de la informa- 
ción sonora almacenada originalmente en el disco. 
Esta señal se amplifica y se alimenta finalmente a un 
parlante y/o se irradia modulada al espacio, 


La aguja de lectura es generalmente de zafiro o 
de diamante y su punta puede ser esférica o elíptica. 
Estos tipos de perfil y sus variantes le permiten a la 
aguja seguir con la máxima facilidad las tortuosi- 
dades de los surcos y evitan que toque el fondo de 
los mismos, 


Grabadoras de sonido 


El sonido se graba en cintas plásticas recubiertas 
con finas partículas de óxido de hierro (Pe0) o de 
cromo (Cm0). Cada partícula contiene miles de pe- 
queños imanes, cada uno de los cuales posee un po- 
lo norte y un polo sur. Normalmente, estos polos 
están al azar pero, bajo la influencia de un campo 
magnético externo, se puede lograr que apunten en 
una dirección determinada (alineamiento). 


En la figura 249 se ilustra el principio básico de 
grabación del sonido. Cuando la señal de audio pro- 
veniente del micrófono se aplica a los devanados de 
la cabeza de grabación, se genera un campo magné- 
tico variable en el entrehierro de la misma. 
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A medida que pasa la cinta, sus partículas se 
magnetizan, creándose sobre ella un patrón magne- 
tico equivalente al sonido original, La intensidad de 
la magnetizacion en de pal parte de la cinta de- 
pende del valor de la señal de audio en el momento 
en que esa parte de la cinta pasa frente al entrehierro, 


En la práctica, esta magnetización no es unifor- 
me y, por lo tanto, el sonido grabado no es una ré- 
plica fiel del sonido original, distorsionándose du- 
rante la reproducción. Para prevenir esto, se utiliza 
lo que se denomina polarización o bias ac. 


Este proceso consiste en superponer una onda 
seno de 60 KHz a la señal original de audio y ali- 
mentar la señal así formada a la cabeza de graba- 
ción, 


La reproducción del sonido grabado en una cinta 
la realiza una cabeza reproductora. La información 
almacenada se puede borrar total o parcialmente 
mediante una cabeza de borrado. Tanto la cabeza de 
borrado como la de reproducción son similares a la 
de grabación pero la de borrado tiene un entrehierro 
más amplio. La señal eléctrica producida por la ¢a- 
beza reproductora se amplifica y se envía a un par- 
lante y/o se irradia modulada al espacio. 
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problems, you can assume that the small DC 
resistance of the inductor is much less than 
the resistance of the resistor R, and you can, 
therefore, ignore DC resistance In your 
calculations. 

When you apply an AC signal to the circuits 
in Figure 7.2 , both the tnductor's and the 
capacitor's reactance value depends on the 
frequency. 

Questions 
A. What formula would you use to calculate 
the inductor's reactance? ———__ 

B. What formula would you use to calculate 
the capacitor's reactance? 


Answers 
A. XL = 2nfL 
B. l 
Oe er - a 
2TÍC 
2 You can calculate the net reactance (X) 


of a capacitor and inductor in series by using 
the following formula: 


A= ÄLL AC 
You can calculate the impedance of the RLC 
circuits shown in Figure 7.2 by using the 


following formula: 
2 z 
L=yR +A 
In the formula, keep in mind that X 2 Is (X 
Ls = XC). 2. . 
Calculate the net reactance and impedance 


for an RLC series circuit, such as those 
shown in Figure 7.2 , with the following 


Fuentes de señal de RF - Los Osciladores - 


Teoría Básica. Qué es un oscilador 


Como ya lo hemos mencionado, los circuitos os- 
ciladores se encuentran presentes en todos los apa- 
ratos de radio y televisión, tanto receptores como 
transmisores. 


Un oscilador, es un circuito que genera por sí 
mismo una señal alterna de voltaje o de corriente, 
reneralmente sinusoidal y de una frecuencia y ampli- 
tud específicas. 


Se trata, en realidad, de un tipo especial de am- 
plificador, caracterizado por tener una ganancia 
muy alta y porestarrealimentado positivamente, (Fi- 
gura 250). 


El am 


plificador como oscilador 


Circuito de L 
realimentación 


” Salida 


bas 


Amplificador básico 
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Esto es, en un oscilador, el transistor o dispo- 
sitivo activo usado amplifica la señal aplicada a su 
entrada como lo hace cualquier amplificador, 


La diferencia está en que, en un oscilador, una 
parte de la señal de salida se realimenta a la entrada 
del amplificador, sumándose en fase con la señal 
aplicada. 


Elementos que determinan la frecuencia de 
oscilación 


El elemento activo o principal en un oscilador 
puede ser una válvula o tubo de vacío, un transis- 
tor, un FET o un circuito integrado, 


Lafrecuenciade oscilación ladeterminancompo- 
nentes pasivos como resistencias, condensadores, 
bobinas, cristales, diodos, etc. situados en el carmi- 
no de realimentación. 

140 


Tipos de osciladores 


Según la frecuencia de la señal que producen, 
existen básicamente dos tipos de osciladores: de au- 
dio y de RF. Los de audio producen señales de baja 
frecuencia, entre 0 y 20 KHz. Los de RF producen 
señales de alta frecuencia, por encima de 20 KHz. 


En esta lección enfocaremos nuestra atención a 
los osciladores de RF por ser los generadores de 
portadora en el proceso de modulación. 


La parte de audio de la señal de radio se produce 
en los micrófonos, tocadiscos y grabadoras. 


Los osciladores de RF son, en su mayoría, del 
tipo LC, esto es, utilizan bobinas y condensadores 
como elementos determinantes de la frecuencia de 
oscilación. En muchos casos, estos elementos reac- 
tivos se simulan mediante cristales de cuarzo, lo- 
erando una mayor estabilidad en la frecuencia de la 
señal generada. 


De acuerdo a su configuración, los osciladores 
de RF más conocidos son los tipos Colpitts, Clapp, 
Hartley y Pierce, De ellos nos ocuparemos en esta 
lección. 


Circuito resonante LC como oscilador 


El oscilador más elemental es el circuito reso- 
nante LC, formado por la asociación de una bobina 
L y un condensador C en paralelo (Figura 251), 
Cuando el condensador se descarga a través de la 
bobina, se produce entre $us terminales un voltaje 
alterno, de frecuencia constante. Esta frecuencia se 
denomina frecuencia natural o de oscilación del cir- 
culto, 


El circuito LC mostrado, llamado también cir- 
cuito tanque, con algunas variantes, es la base de 
los osciladores Hartley, Colpitts y otras configura: 
ciones prácticas que se estudiarán más adelante. Su 
mayor ventaja radica en que se puede controlar la - 
frecuencia de oscilación, variando el valor de $us 
componentes. 


Ciclo de oscilación de un tanque Lc 


Fig. 252 E 
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En la figura 252 se ilustra gráficamente todo el 
proceso de oscilación de un circuito LC. A medida 
que el condensador comienza a descargarse, fluye 
una corriente a través del circuito y se crea un cam- 
po magnético variable, el cual induce un voltaje en 
la bobina. Este voltaje se opone a la corriente, retar- 
dando la descarga. (Figura 252a). 


Entre mayor sea el valor de L, más tiempo toma 
esta descarga, Cuando el condensador está comple- 
tamente descargado, la energía eléctrica original- 
mente almacenada en él en forma de voltaje ha sido 
transferida por completo al campo magnético de la 
bobina, (Figura 2526). 


En ese instante, el campo magnético comienza a 
extinguirse, induciendo un voltaje en la bobina. Es- 
te voltaje inducido tiende a mantener el campo. Co- 
mo consecuencia, fluye una corriente en la misma 
dirección anterior y el condensador se carga de tal 
modo que la placa inferior es positiva y la superior 
negativa. 


Una vez que el campo magnético se ha extin- 
guido por completo, la energía se almacena de nue- 
vo en el condensador, en forma de voltaje (Figura 
2520), 


El condensador comienza entonces a descargar- 
se a través de la bobina, pero la corriente ahora flu- 
ye en la dirección opuesta, creando un campo mag- 
nético de polaridad contraria al original. (Figura 
252d). 


Cuando este campo se ha extinguido por com- 
pleto, el condensador se ha cargado de nuevo con 
su placa superior positiva, tal como lo estaba al 
comienzo del proceso. El ciclo se repite, 


El resultado neto de esta operación ha sido la 
producción, por parte del circuito, de una oscilación 
eléctrica, esto es, de un ciclo de CA que se repite 
periódicamente a la frecuencia natural de resonancia 
del tanque LC. 


La secuencia descrita anteriormente se repite va- 
rias veces, pero la energía se pierde gradualmente 
en el cicuito, en forma de calor y de radiación, debi- 
do a la naturaleza no ideal de los componentes invo- 
lucrados. 


Como resultado, las oscilaciones que se produ- 
cen son amortiguadas, esto es, disminuyen progresi- 
vamente de amplitud y al cabo de un tiempo desapa- 
recen, Su forma de onda se muestra en la figura 
253. 


Oscilaciones amortiguadas 


Este sistema eléctrico, se puede comparar con el 
sistema mecánico de un péndulo, Este se mueve de 
un lado a otro, creando una oscilación o movi- 
miento, pero el movimiento va perdiendo energía 
hasta que el péndulo se para totalmente. Para que 
un péndulo se mueva continuamente hay que sumi- 
nistrarle energía durante períodos fijos de tiempo. 


Se puede demostrar matemáticamente que la fre- 
cuencia de oscilación, en Hz, de este circuito está 
dada por: 


L está en Henrios y C en Faradios, Para generar 
oscilaciones de RF, L y C deben ser pequeñas. Por 
ejemplo, si L=1004H y C=100pF, entonces f = 1.6 
MHz. 


Para obtener oscilaciones no amortiguadas, de 
amplitud constante, como se muestra en la figura 
254, debe alimentarse continuamente energía en el 
circuito LC, en la cantidad correcta y en el instante 
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Oscilaciones sostenidas 


De este modo, se recuperan las pérdidas que son 
inevitables en este tipo de sistemas. Esta reinyec- 
ción de energía se logra en la práctica mediante un 
dispositivo activo (por sake aa un transistor) aso- 

alimentación. 


ciado a una red pasiva de re 


Osciladores de Radio-Frecuencia 


Los osciladores de RF se usan en transmisores 
y receptores de radio y televisión, en fuentes de po- 
der de alto voltaje y en instrumentos de prueba, ta- 
les como los generadores de señales de RF” 


Los osciladores de RF son bloques básicos de 
todo equipo de radio. La primera etapa de casi todo 
transmisor es un oscilador de RF, Esta etapa 
determina la frecuencia particular en la cual va a 
operar el transmisor, De manera similar, el oscila- 
dor de RF utilizado en un receptor superheterodino 
determina la frecuencia a la cual está sintonizado. 


Oscilador LC práctico de RF 


En la figura 253 se muestra el circuito de un 
oscilador práctico de RF con tangue- resonante LC. 
se trata básicamente de un amplificador de voltaje, 
realimentado positivamente, construido alrededor 
del transistor Q1. R1,R2 y R3 son resistencias de 
polarización. C2 y C3 son condensadores de desa- 
cople de RF. C4 es un condensador de paso. — 


Oscilador de AF con tanque LC 
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Al conectar la fuente de alimentación, se pr 
duce un pulso de corriente que carga el condensa- 
dor Cl y origina automáticamente las oscilaciones, 
las cuales se sostienen tan pronto se alcanzan las 
condiciones de realimentación. 


Esta realimentación ocurre porque la corriente 
oscilatoria sinusoidal en L1 induce un voltaje de la 
misma frecuencia en L2. 


Este voltaje de realimentación se aplica a la base 
de Q1 y se amplifica, causando una corriente osci- 
latoria más grande en Ll e induciendo así un mayor 
voltaje en L2, 


El proceso se repite hasta que las oscilaciones se 
mantienen por sí mismas, alcanzando una amplitud 
estable. Vaniando Cl se controla la frecuencia de la 
señal sinusoidal producida. 


Osciladores Hartley y Colpitts 


En la figura 256 se muestra la configuración 
general de estos dos populares osciladores de RF, 
El circuito de realimentación de ambos generadores 
es similar y lo constituyen las tres impedancias 
designadas como Z1, Z2 y ZA 


Osciladores Hartley y Colpitts generales 


b) Con FET 


Se puede demostrar matemáticamente que para 
obtener realimentación positiva y oscilaciones sinu- 
soidales, Z1 y Z2 deben serambas inductivas (o am- 
bas een y 43 debe ser capacitiva (o induc- 
tiva). 


__El oscilador de RF utilizado en el radio AM 
CEKIT es del tipo Hartley. En este caso, la bobina 
osciladora L2 ("roja") provee las impedancias Z1 y 
£2, La impedancia Z3 está representada por la aso- 


ciación en paralelo de los condensadores VC2 (va > 


riable) y TC2 (trimmer). 


Este último provee ajuste fino de frecuencia, La 
frecuencia de oscilación se puede variar entre 980 
KHz y 2100 KHz, aproximadamente, i 


Fig. 2561 


TP LS 


Oscilador Hartley 


En la figura 257 se muestra el circuito práctico 
de un oscilador Hartley de RF. En este caso, las 
impedancias Zl y Z2 están representadas, respec- 
tivamente, por las bobinas LO y L1 del circuito de 
sintonía y Z3 por el condensador C1. R1, R2 y R3 
son resistencias de polarizació 


Oscllador Hartley 


C2 y Ci son condensadores de paso y C3 un 
condensador de desacople. Se supone que C2, C3 
y C4 presentan una reactancia despreciable a la fre- 
cuencia de oscilación, 


Oscilador Colpitts. 


En la figura 258 se muestra el circuito práctico 
de un oscilador Colpitts. En este caso, las impe- 
dancias Z1 y Z2 están representadas, respectiva- 
mente, por los condensadores CO y Cl del circuito 
de sintonía y Z3 por la bobina L1. R1, R2 y R3 son 
resistencias de polarización. 


Oscilador Colpitts 
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C2 y C4 son condensadores de paso y C3 un 
condensador de desacople. Tanto C2 y C4 como 
C3 deben presentar una reactancia despreciable a la 
[frecuencia de oscilación. 
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Osciladores a cristal 


Este tipo de osciladores se caracterizan por utili- 
zar en el circuito de sintonía un componente, Harma- 
do cristal, que exhibe propiedades piezoeléctricas 
y oscila por sí mismo, 4 una frecuencia determi- 
nada. 


Los cristales más populares son los de cuarzo y 
sustituyen a los circuitos resonantes LC en la 
mayoría de aplicaciones de RF. La frecuencia a la 
cual un cristal de este tipo oscila depende de sus 
dimensiones físicas. Los osciladores a cristal se uti- 
lizan cuando se requiere generar una onda seno de 
frecuencia fija y altamente estable. 


Teoría básica de cristales de cuarzo. El efecto 
piezoeléctrico. 


El efecto plezoeléctrico consiste en la creación 
de oscilaciones eléctricas en las caras opuestas de 
un cristal cuando éste sé somete a esfuerzos mecá- 
nicos (compresiones y expansiones). 


Los:cristales se tallan a partir de un cristal ma- 
triz, como se muestra en la figura 259, y su aspecto 
final es el de una laminilla muy delgada, de forma 
cuadrada, rectangular, circular o de anillo, 


Obtención de cristales de cuarzo 
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Al ejercer una presión mecánica entre cualquier 
par de caras de un eje Y se produce una tensión eléc- 
trica entre las aristas del eje A correspondiente. La 
polaridad de la tensión producida depende de si la 
presión aplicada al cristal se ejerce hacia adentro 
(compresión) o hacia afuera (expansión). 


Así mismo, si se aplica una tensión eléctrica 
entre cualquier par de aristas X, las caras Y corres- 
pondientes vibrarán, expandiéndose y comprimién- 
dose alternadamente a una determinada frecuencia. 
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Los cristales para osciladores deben tallarse de 
acuerdo a dimensiones muy precisas pues éstas son 
las que determinan su frecuencia de operación, En 
general, entre más delgada sea la lamina, más alta 
será su frecuencia de oscilación y viceversa, 


En la figura 260 se muestran la estructura 


interna, el aspecto externo y el símbolo de un cristal 
piezoeléctrico típico de cuarzo. 


Cristal piezoeléctrico de cuarzo 
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La cantidad de realimentación utilizada en un 
oscilador a cristal debe mantenerse a un nivel lo sufi- 
cientemente bajo como para garantizar el arranque 
rápido de las oscilaciones y una operación confia- 
ble bajo condiciones de carga. 


Son posibles numerosas configuraciones de 
osciladores controlados a cristal: Colpitts, Pierce, 
armónico, de sobretono, etc. En la figura 261 tene- 
mos los circuitos de algunos de estos osciladores. 


Unión de las señales de RF y AF. Modulación. 


Una antena requiere de señales de voltaje de RF 
(radio frecuencia) para transmitir ondas de radio, 
pero el lenguaje y la música, por ejemplo, producen 
señales de voltaje de AF (audio frecuencia). 


Para poder uradiar este tipo de información, las 
señales de RE y de AF deben combinarse de tal 
modo que la primera fransporte a la segunda. Este 
proceso se denomina modulación y lo realiza en el 
transmisor un circuito llamado modulador. 


Las dos señales involucradas en el proceso 
reciben los nombres de onda portadora (RE) y onda 
moduladora (AF). Esta última se denomina también 
banda base y corresponde a la información o men- 
saje transmitido. El proceso contrario a la modula- 
ción se denomina demodulación y lo realiza en el 
receptor un circuito llamado demodulador o detec- 
tor. 
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Oscliador Armonico de sobrotono 


En general, la modulación es el proceso de va- 
nar alguna característica de la forma de onda de la 
portadora, mediante la señal de modulación. Usual- 
mente, se utiliza como portadora una onda sinusoi- 
dal o un tren de pulsos de alta frecuencia, 


Tipos de modulación 


Los principales métodos o sistemas de modula- 
ción son: la modulación de amplitud (AM), la modu- 
lación de frecuencia (FM) y la modulación de pul- 
sos. Esta última se utiliza en telegrafía y sistemas 
digitales de comunicación. 


En esta lección, enfocaremos nuestra atención 
en los sistemas AM y FM. En AM, la información 
a s # “o jE ii F eae 
propiamente dicha está "codificada" en las varia- 
ciones de amplitud de la portadora y en FM lo está 

en las variaciones de frecuencia. 


Concepto de Banda Lateral 


Cualquiera que sea el esquema de modulación 
utilizado, siempre que se modula una portadora se 
producen bandas laterales. Las bandas laterales son 
bandas de frecuencia, a lado y lado de la portadora, 

ue resultan de variar una característica (amplitud, 
caca etc.) de la portadora, mediante la señal 
de modulación. Las bandas laterales contienen la 
información inteligente transmitida. 


El proceso de modulación propiamente dicho 
crea dos bandas laterales, llamadas banda lateral 
superior (USB) y banda lateral inferior (LSB). La 
información contenida en ambas bandas laterales es 
la misma. 


Algunos sistemas de modulación transmiten 
sólo una banda lateral y suprimen parcial o 
totalmente la otra. Es el caso de la SSB (Single Side 
Band o Banda Lateral Unica) y sus variantes. Este 
es el método utilizado en las comunicaciones entre 
radioaficionados.Se caracteriza por tener un largo 
alcance y por requerir potencias de transmisión 


relativamente bajas. 


Modulación de Amplitud (AM) 


El método más común de modulación ¢s la 
modulación de amplitud o AM. En la figura 262 se 
muestra el diagrama de bloques de un transmisor de 
E típico. Veamos cómo opera en términos genera- 
és. 
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En el modulador, la senal de RF producida por 
el oscilador interno se combina con la senal de AF 
suministrada por el amplificador de audio y prove- 
niente del micrófono. La frecuencia de la señal de 
AF (moduladora) varía la amplitud de la señal de 
RF (portadora). 


El resultado es una señal de RF de amplitud 
modulada, que es amplificada y luego irradiada. 


ad 


El proceso AM. C0 


fepto de Indice de Modulación 


En la figura 263 se muestra el efecto de com- 
binar la señal de audió con la portadora de RF en el 
modulador de un transmisor de AM, 


Proceso de modulación amplitud 
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El factor más importante del proceso de modula- 
ción AM descrito es el porcentaje o Índice de modu- 
lación. Este parámetro se designa como m y se defi- 
ne asi: 


(Valor pico de la señal ) 


( Valor pico de la portadora) 


Cuando el índice de modulación es mayor del 
100%, ocurre distorsión, y cuando. es muy bajo, la 
recepción es muy pobre. La mavoría de emisoras de 
AM utilizan un índice de modulación del 85 al 95%. 


Bandas Laterales en AM 


Cuando una señal de RP, de frecuencia fe, se 
modula en amplitud con una señal de AF puramente 
sinusoidal, de frecuencia fs, la señal modulada de 
RF resultante está constituida por tres tipos de fre- 
cuencias: la frecuencia de la portadora (fc), la fre- 
cuencia lateral superior des) y la frecuencia late- 
ral inferior (fe-fs). ` 


En la práctica, la información eléctrica de audio 
(música, voz, sonido, étc) que se envía sobre una 
portadora de RF, está formada por la combinación 
de varias señales puramente sinusoidales, cada una 
de las cuales produce su propia par de frecuencias 
laterales, 
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El resultado de este proceso de modulación es 
una gama o banda de frecuencias distribuidas simé- 
tricamente a lado y lado de la portadora de RF, 
como se muestra en la figura 264. A estas bandas 
de frecuencias se les denomina bandas laterales su- 
perior (USB) e inferior (LSB) y contienen toda la 
información de audio transmitida. 
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Ancho de Banda de una señal AM 


El ancho de banda B de la señal AM, generada 
bajo la circunstancia general descrita anteriormente, 
es la distancia entre las frecuencias laterales, supe- 
rior e inferior, correspondientes a la señal de más 
alta frecuencia (fomáy) presente en la información 
de audio, Esto es: 


Bam= Ue+smáx - ((C-tsmád = 2lsmáx 


Ejemplo; Calcule el ancho de banda mínimo re- 
querido para transmitir, en AM, una información de 
audio que contiene frecuencias entre 30 Hz y 3 
KHz, sobre una portadora de 1000 KHz. 


Solución: La frecuencia de la portadora es fe=1000 
Kliz y la de la componente más alta en la infor- 
mación de audio es fsmáx=3 KHz. Por lo tanto: 


B =2 x 3KHz=6 KHz 


Al disponer de un ancho de banda de 6 KHz, la 
señal transmitida ocupará el espectro de frecuencias 
comprendido entre 997 KHz y 1003 KHz. Dentro 
de este rango no debe haber frecuencias laterales de 
otra estación porque se provocaría interferencia, 


Transmisiones comerciales de AM 


_ La banda de frecuencias asignada para las esta- 
ciones de radio locales que transmiten por el sis- 
tema AM estandar se extiende desde 530 KHz has- 
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ta 1605 KHz. A esta banda se le llama onda larga y — 
en ella se encuentran emisoras dedicadas general- — 
mente a la difusión de noticias, deportes, música, 
cte. Su alcance está limitado a una ciudad o región. 


En el sistema AM también se han asignado fre- 
cuencias para transmisión internacional. Son las Ila- 
madas estaciones de onda corta y transmiten 
principalmente en las bandas de 60, 49, 31, 25 y 
19 metros de longitud de onda. En estas bandas se 
encuentran generalmente emisoras estatales, dedica- 
das a la transmisión de noticias internacionales, mú- 
sica folclórica, música clásica, notas culturales, ete. 


En AM, y en general en todo sistema organizado 
de comunicaciones, cada estación debe realizar sus 
transmisiones a una frecuencia de portadora especifi- 
ca, asignada por el organismo rector de las comu- 
nicaciones en cada país o estado. Asi mismo, debe 
estar convenientemente espaciada de las estaciones 
vecinas, para minimizar la interferencia entre ellas. 


La separación normal entre emisoras de AM que 
transmiten en la banda de 530 KHz a 1605 KHz es 
de 9 KHz. Este valor corresponde, realmente, al 
ancho de banda máximo de cada transmisión, En 
consecuencia, la máxima frecuencia de audio que 
puede reproducirse con toda fidelidad en AM es de 
4.5 KHz. La frecuencia de la portadora no debe 
exceder de +20 Hz con respecto a su valor nominal. 


Modulación de Frecuencia (FM) 


Otro método común de modulación es la modula- 
ción de frecuencia o FM, utilizada por estaciones co- 
merciales de radio y televisión y en comunicaciones 
de VHF y UHF. (VHF= Very High Frecuency: 
muy alta frecuencia; UHF= Ultra High Frecuency: 
ultra alta frecuencia). 


En este sistema, la frecuencia de la señal modula- 
dora de AF varía la frecuencia de la señal portadora 
de RF, manteniendo constante la amplitud de esta 
última, El resultado de este proceso es una señal de 
RF de frecuencia modulada o FM cuya forma de 
onda se puede ver en la figura 265, 


Esta onda se amplifica posteriormente y final- 
mente se irradia al espacio mediante una antena. 


La modulación 'de frecuencia (FM) tiene nota- 
bles ventajas sobre la modulación de amplitud 
(AM). Una de las más importantes es la inmunidad 
al ruido de interferencia generado por motores, 
alumbrado, sistemas de ignición de vehículos, tor- 
mentas eléctricas, etc, 


Este ruido se induce en los receptores de AM 
porque estas señales nenden a sermoduladasenam- 


Proceso de modulación de frecuencia 
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plitud y no en frecuencia. En próximas lecciones 
estudiaremos el proceso completo de transmisión y 
recepción de señales de FM, 


Las estaciones comerciales de FM transmiten en 
la banda de 88 a 108 MHz, El máximo ancho de 
banda concedido a cada estación es de 200 KHz, 
En este hecho radica la alta calidad de las transmi- 
siones por este sistema. 


Amplificación de la señal modulada de RF 


Los amplificadores de RF se utilizan en las esta- 
ciones de radio para amplificar la señal de alta fre- 
cuencia modulada que se va a irradiar al espacio a 
través de la antena. Como sabemos, esta señal pue- 
de estar modulada en amplitud (AM) o en frecuen- 
cla (FM). Esta sección se reliere exclusivamente a 
transmisores de AM. 


La mayoría de los circuitos modernos utilizados 
para amplificar la señal de RF son híbridos, esto es, 
emplean conjuntamente tubos y dispositivos de es- 
tado sólido. La principal ventaja de los amplificado- 
res a tubos es que están menos sujetos a daño cuan- 
do manejan niveles excesivos de potencia, y sopor- 
tan mejor las sobrecargas y los desacoplamientos 
que los transistores. 


En la figura 266 se muestra el circuito de un am- 
plificador de potencia clase C a tubos utilizado co- 
mo etapa de salida de un transmisor de AM. 


El elemento activo es un tetrodo 6146B, El tetro- 
does un tubo de vacío, similar en su funcionamien- 
to aun FET, que tiene un filamento y cuatro elec- 
trodos llamados cátodo, placa, rejilla de control y 
rejilla de pantalla. 


Para operar correctamente, todos los amplifica- 
dores a tubos de RF requieren de un voltaje de CA 
para calentar el filamento, un voltaje positivo de 
alimentación de CC entre la placa y el cátodo, un 
voltaje de polarización negativo de CC entre la reji- 
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lla de control y el cátodo y un voltaje de polariza- 
ción positivo entre la rejilla pantalla. 


Al calentarse el filamento, el cátodo emite 
electrones, debido a un fenómeno físico conocido 
como "emisión termolónica”. La rejilla de control 
actúa como una válvula que regula el paso de elec- 
trones entre el cátodo y la placa. Una pequeña 
variación en el voltaje de rejilla proyoca una gran 
variación en la corriente de placa. La rejilla de pan- 
talla actúa como un blindaje y su objetivo es acele- 


rar el paso de electrones entre la rejilla de control y 
la placa. 


En un transmisor AM como el mostrado en la 
figura 266, la operación en clase C del amplificador 
de salida es la que ofrece el máximo rendirmento 
(65 a 75%). Esta configuración puede llegar a 
suministrar entre 650 y 750 W de potencia de sali- 
da. Los medidores se localizan en puntos estraté- 
gicos del circuito para monitorear los voltajes y Co- 
mientes que influyen en la potencia de transmisión, 


La señal de salida del amplificador de potencia 
se suministra al sistema de antena. Este ultimo está 
constituido por la antena propiamente dicha, la línea 
de transmisión y los circuitos de acoplamiento. 
Estos circuitos son del tipo LC y se utilizan para 
transferir la potencia de RF del amplificador a la li- 
nea de transmisión y de ésta a la antena, 


Además de garantizar la maxima transterencia de 
potencia, los circuitos de acoplamiento deben tam- 
bién minimizar la generación de armónicas, es dë- 
cir, de frecuencias diferentes a la frecuencia de trans- 
misión de la estación. A esta función se le llama 
filtraje. 
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Actividad práctica N? 11 


Funcionamiento y manejo de un Generador de Audio 


En la Lección 15 de este curso, habíamos men- 
cionado la importancia de algunos instrumentos 
electrónicos en el ensamble, ajuste y reparación de 
los aparatos de radio y comunicaciones, 


En esta actividad práctica, vamos a estudiar el 
funcionamiento y manejo de dos tipos representati- 
vos de los diferentes generadores de audio, ya que 
estos sé pueden encontrar en muchas formas y ca- 
lidades. 


En la figura A16 podemos ver los diferentes 
controles o botones que tiene este tipo de generador 
de audio. Veamos en detalle para qué sirve cada 
uno de cllos. 


ST ee ee 


FREOUENCY. Es un control de frecuencia cuya 
posicion, marcada en la escala o dial, nos determina 
cuál será la frecuencia en Hertzios o ciclos por 
segundo, de la señal que se obtiene en los bornes 
de salida, Esta frecuencia depende también de la po- 
sición en que se encuentre el selector llamado 
FREQ, RANGE. 


FREQ. RANGE . Este suiche selector rotatorio nos 
selecciona una determinada banda de frecuencias. 
Cuando está en la posición X1, por ejemplo, la 
frecuencia de salida será la que indica la escala, En 
el caso del dibujo, el generador estará entregando 
una señal de 45 Hz., aproximadamente. 


En las otras posiciones, el suiche selector indica 
que en cada banda la frecuencia se multiplica por 
10, por 100, por 1.000 ( 1K ) y por 10.000 (10K). 
Ast, por ejemplo, si este selector está en la posición 
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X 100, y el dial está en la misma posición, la fre- 
cuencia de la señal de salida será de 4,500 Hz. 


POWER ON . Este suiche enciende y apaga el gene- 
rador de audio, desconectando la energía de corren- 
te alterna o continua que lo alimenta, 


WAVE FORM, Este generador de audio produce 
dos tipos de forma de onda : Onda seno o sinu- 
soidal y onda cuadrada. Este suiche, por lo tanto, 
selecciona cuál de éstas dos formas de onda tendrá 
la señal de salida del generador. 


ATTENUATOR. Esta función la realizan dos 
elementos, un suiche y un potenciómetro de ajuste 
y se refiere a la " Atenuación”. Esta función 
consiste en que se puede ajustar el nivel o amplitud 
de la señal de salida mediante estos dos controles, 


En la posición " HIGH" o alto, el generador 
entregará una señal alta, entre O y 10 voltios pico a 
pico, aproximadamente, En la posición " LOW" o 
bajo, el generador entregará entre 0 y 1 voltio pico a 
pico. 


Con el potenciómetro marcado como " FINE * o 
ajuste, podemos variar la amplitud de la señal de 
salida en forma lineal. Esto se requiere para ajustar 
o colocar el nivel de la salida de acuerdo con el 
circuito que vamos a probar o ensayar. 


TERMINALES DE SALIDA. Estos terminales o 
bornes están marcados como "GND" y" OUT", 
Por ellos sale la sefial del generador de audio hacia 
el aparato o circuito de prueba. El terminal GND o 
tierra se debe conectar a la tierra, negativo o chasís 
se pee que vamos a ensayar y el otro terminal, 
OUT, se conecta a la entrada del circuito. 


Operación del generador 
El procedimiento a seguir es el siguiente : Prime- 


ro debemos conectar el generador al circuito que 
deseamos probar. 


Antes de esto debemos estar seguros de que el 
suiche de " POWER " o energía esté apagado, que 
el suiche "ATTENUATOR" esté en la posición 
"LOW" y que el control del nivel de salida "FINE" 
esté al mínimo ( todo a la izquierda ). 


Adicionalmente debemos seleccionar cuál forma: 
de onda y que frecuencia de señal, vamos a utilizar. 
Generalmente, en circuitos de radio y comunica- 


ciones, se utiliza la onda seno. Para el ajuste de la 
frecuencia seleccionamos primero la banda y luego 
el valor exacto, 


Por ejemplo, para una señal de salida de 1.000 
Hz o 1.000 ciclos por segundo, el selector de ban- 
das o rangos debe estar en la posición 410 y el dial 
o escala debe estar en la posición 100. 


Una vez que se ha seleccionado la frecuencia, de- 
bemos ajustar el nivel de salida adecuado según el 
circuito que vamos a probar, En el caso especifico 
del generador de audio mostrado anteriormente, 
debemos determinar si el voltaje de salida que desea- 
mos está entre 0 y 10 voltios o entre 0 y 1 voltio. 


Según el rango, colocamos el suiche "ATTE- 
NUATOR" en la posición "HIGH o LOW”, Luego 
debemos mover hacia la derecha la perilla "FINE" 
hasta que en la salida se obtenga la señal con el ni- 
vel esperado, Para medir este nivel de voltaje, en 
forma precisa, se requiere un multímetro digital o 
un osciloscopio. 


Al realizar la medida, debemos tener en cuenta 
que al tomar una señal con un multímetro análogo o 
digital, se obtiene el voltaje RMS y para obtener el 
voltaje pico a pico o Vpp se debe multiplicar este 
valor por 2.82. Se hace este comentario en base a 
que en radio y comunicaciones se acostumbra 
trabajar con señales pico a pico. 


En el osciloscopio se pueden obtener fácilmente 
los valores pico o pico a pico como veremos más 
adelante. 


En la figura A17 podemos observar otro tipo 
común de generador de audio y que utilizaremos 
como referencia para el análisis y calibración del 
radio CEKIT que ensamblamos con este curso, 


Generador de funciones 
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POWER ON, Tiene la misma función que en el 
anterior para encender y apagar el instrumento. 


RANGE Hz. Selecciona el rango de frecuencias 
multiplicando por 1,10,100,1.000,10.000 6 100 
mil el valor macado por la perilla central "FRE- 
QUENCY". 


FUNCTION. Selecciona la forna de onda de la 
scñal de salida entre las opciones de onda cuadrada, 


seno y triangular, que se obtiene entre los bornes de 
tierra (=) y 600 £2 OUTPUT. 


D.C. OFFSET. Permite colocar un nivel de CC 
entre + y - 5 voltios, sumado a la señal de salida en 
CA. 


AMPLITUDE. Permite ajustar el nivel o voltaje de 
la señal de salida desde 0 hasta el máximo valor de 
10 Voltios pico a pico que entrega el generador en 
el borne de salida de 60002. 


FREQUENCY. Con esta perilla seleccionamos el 
valor de la frecuencia de salida en Hertzios con 
valores desde 0.1 hasta 10 y trabaja relacionada con 
el botón de rango, 


Por ejemplo, si colocamos esta perilla en el pun- 
to 5, y se presiona el botón de rango IK, tendre- 
mos en la salida una señal de 5.000 Hertz. 


TTL. Es un borne que entrega una señal de onda 
cuadrada con nivel de salida fijo y frecuencia ajus- 
table, con la perilla central y el botón de rango. Per- 
mite manejar hasta 20 cargas TTL. 


600 Q OUTPUT, Entre este borne y tierra se ob- 
tiene la señal de salida del generador con un nivel, 
forma de onda y frecuencia que ha sido seleccio- 
nado con los controles mencionados anteriormente. 


Para su operación, se debe proceder de la misma 
forma que con el generador anterior, 


Seleccionar la frecuencia, el rango, la forma de 
onda y el nivel del voltaje de salida. 


Debemos tener siempre en cuenta que el nivel de 
salida de un generador de señal, se debe ajustar al 
valor apropiado máximo que acepta un circuito. 


Si aplicamos una señal excesiva a un circuito 
con transistores o con circuitos integrados, estos po- 


También debemos proteger el generador inter- 
calando un condensador entre éste y el circuito, con 
el fin de bloquear la corriente continua de pola- 
rización que existe en los circuitos para que no pase 
hacia la parte interna del generador. 
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values: 

1. f = 1 kHz 

2. L = 100 mH 

3. C = 1 UF 

4. R = 500 ohms 

Questions 

Follow these steps to calculate the following: 
A. Find XL: 


B. Find XC: — 

C. Use X = XL - XC to find the net 
reactance: —— | 

D. Use T y2 R? to find the impedance: 
Answers 


A. XL = 628 ohms 
B. XC = 160 ohms 
C. X = 468 ohms (inductive) 
D. Z = 685 ohms 
3 Calculate the net reactance and 
impedance for an RLC series circuit, such as 
those shown in Figure 7.2 , using the following 
values: OS 
1. f = 100 Hz 
2. L = 0.5 H 
3. C = 5 uF 


4. R = 8 ohms 

Questions 

Follow the steps outlined in problem 2 to 
calculate the following parameters: 

A. XL = 


Lección 20 


Receptores de radio 


En la lección anterior estudiamos cómo se produ- 
ce la señal de radio en una emisora. Sabemos que 
esta señal sale por la antena en forma de ondas elec- 
tromagnéticas y que por su frecuencia se llaman 
especificamente ondas de radio, 


También hemos estudiado como éstas viajan en 
diferentes formas según su frecuencia hasta llegar a 
lugares cercanos o muy distantes de su lugar de ori- 
gen. 

Sa 


Vamos ahora a estudiar como se reciben estas 
ondas y cómo se obtiene de ellas nuevamente la in- 
formación o mensaje que contienen, El aparato clec- 
trónico que realiza este trabajo se llama receptor de 
radio oO, simplemente, radio, 


El radio es quizás el aparato electrónico que más 
se encuentra sobre la Tierra y el más utilizado por el 
hombre. Con él escuchamos noticias, música, reci- 
bimos programas educativos y nos informamos de 
muchas otras actividades que han hecho que el hom- 
bre se comunique con sus semejantes a través de 
todo el mundo. 


Para estudiar el radio lo haremos analizando ca- 
da una de sus etapas o partes en que está dividido, 
Aunque existen muchos tipos de radios, en su gran 
mayoría se fundamentan en los mismos principios 
básicos que estudiaremos y ulilizan los compo- 
nentes y leyes que hemos analizado en las lecciones 
anleriores. 


Todos los receptores interceptan una señal de 
radio mediante la antena, la amplifican, la demodu- 
lan y luego la reproducen con la misma modulación 
(audio) con que fue enviada desde una estación re- 
mota. Los receptores difieren en la forma como pro- 
cesan internamente la señal original y en los circui- 
tos empleados para tales efectos, 


Receptores sencillos de radio 


Vamos ahora a estudiar el funcionamiento de 
receptores de radio muy sencillos con el fin de en- 
tender su operación y poco a poco Iremos Introdu- 
ciendo circuitos más complejos, hasta llegar a un re- 
ceptor completo tipo superheterodino, que es el sis- 
tema empleado por la mayoría de los receptores mo- 
dernos. 


En la figura 267 tenemos el diagrama de bloques 
o etapas de un receptor de radio muy sencillo, 
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Liríamos que es el radio mínimo que se puede 
construir, 


Este circuito en la práctica se puede ensamblar 
como se muestra en las figuras 2654 y 268b, 


El receptor mostrado recibe el nombre de recep- 
tar a cristal o palena va que anteriormente el diodo 
era construido con cristal de galena o carborundum, 


un material que permitía el paso de la corriente en 
una sola dirección. 


Y amos ahora a analizar cada una de las etapas de 
este receptor a cristal. En el alambre de la antena es- 
tán presentes una gran cantidad de emisoras de ra- 
dio, siendo las señales más fuertes aquellas de las 
emisoras más cercanas o que transmiten con mayor 
potencia en kilovatios. 


Al estar conectada la antena al primario de una 
bobina o transformador de antena, la energía de ra- 
diofrecuencia, por ser corriente alterna, induce un 
voltaje o señal en el secundario de esa bobina. 


Este secundario está conectado en paralelo con 
un condensador variable, formando un circuito LC 
resonante, cuyo funcionamiento se estudió en la 
lección 12 de este curso. 


Cuando se hace girar la perilla del condensador 
variable, se cambia su capacidad en microfaradios y 
por lo tanto cambia la frecuencia de resonancia del 
circuito y se sintonizan las diferentes emisoras. 


A este circuito o etapa se le llama circuito sintoni- 
zador y su función básica es seleccionar cuál emiso- 
ra se va a escuchar en un momento dado. 


a) Diagrama esquemático 
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Esta señal de la emisora sintonizada, como vi- 
mos en la lección anterior, está formada por una on- 
da de alta frecuencia cuya amplitud está modulada 
por la señal sonora o de audio, 


Dicha señal se rectifica por medio del diodo, es 
decir, se elimina su parte negativa, quedando media 
onda de la original. Luego, con el condensador de 
filtro, se elimina la parte de alta frecuencia o porta- 
dara, quedando la señal de audio. A esta etapa se le 
llama etapa detectora. + 


Después, esta señal se lleva a un parlante, el 
cual convierte la corriente eléctrica de audio o baja 
frecuencia en sonidos que son escuchados por el 
olde humano, 


Este circuito, por ser tan simple, tiene poca selec- 
tividad y baja sensibilidad pero es muy útil para 
comprender la teoría básica de un receptor de radio. 


Adelante, estaremos entregando los detalles com- 
pletos para el ensamble de un receptora cristal más 
completo con el fin de que el estudiante o el aficio- 
nado puedan armar su primer radio, actividad emo- 
cionante y llena de satisfacción, 


En las figuras 269 a, D, €, d y e, se pueden ver 
varios diagramas con diferentes circuitos derivados 
del anterior para que el lector empiece a practicar, si 
lo desea, con este tipo de proyectos. 


Los componentes se pueden reemplazar por algu- 
nos similares sin alterar el funcionamiento de los 
aparatos. La bobina de antena se puede construir $I- 
eviendo las indicaciones suministradas en el dibujo. 
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b) Diagrama pictórico 
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Ahora describamos algunos aspectos prácticos 
relacionados con las características de la antena y la 
construcción de la bobina de ferrita, Estos cono- 
cimientos son importantes para obtener óptimos 
resultados en la captación de señales de radio me- 
diante receptores a cristal, 


Características del sistema de antena y de tierra 


Para obtener buenos resultados con estos radios”. 
experimentales y maximizar el nivel de señal recibi- 
do, debe utilizarse una buena antena y un buen sis- 
terna de tierra. 


La antena debe ser un tramo de alambre de cobre 
de unos $ a 30 m de longitud, extendido horizon- - 
talmente entre dos postes tan altos como sea posible 
y en un área despejada, Entre los extremos del alam- 
bre de antena y los postes deben interponerse aisla- 
dores de plástico, vidrio o porcelana. 


De este modo, desde el punto de vista eléctrico, 
la antena queda como si fuera un alambre suspen- 
dido en el aire. El alambre de bajada de la antena 
también debe estar aislado, En la figura 270 se 
muestra el aspecto final de una instalación típica de 
antena. 


El sistema de tierra se puede obtener conectando 
un alambre de baja resistencia entre la tierra del cir- 
cuito y una tubería o conducto de agua que penetre 
profundamente en el suelo, En algunos casos, se ob- 
tienen también buenos resultados conectando la 
tierra del circuito al retén metálico del disco de 
marcación de un telefóno rotatorio. 
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Diagramas de radios sencillos que se pueden construir 
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Si lo desea, Ud, mismo puede construir su pro- 
pio sistema de tierra, utilizando una varilla gruesa 
de cobre de 2 6 3 metros de larga, enterrada profun- 
damente en el suelo, 
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Estas varillas se conocen comercialmente con el 
nombre de varillas Copperweld y poseen un extre- 
mo puntiagudo para facilitar la penetración, y, en el 
otro llevan una abrazadera metálica para realizar la 
conexión eléctrica, 


La conductividad del suelo que rodea la varilla 
se puede mejorar regándolo con una solución líqui- 
da conductora de electricidad como aguasal, cloruro 
de cobre, ete, Estas sustancias se conocen con el 
nombre de electrolitos y se obtienen mezclando 
agua con una sal química cualquiera, incluyendo la 
de cocina (cloruro de sodio o NaCl), 


Construcción de bobinas de antena con núcleo de 
ferrita 


Las bobinas de antena con núcleo de ferrita son 
las más empleadas en los receptores actuales, Aun- 
que se pueden conseguir fácilmente en los almace- 
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nes especializados, su construcción por parte del es- 
tudiante o del aficionado se puede realizar sin nin- 
gün problema, 


La bobina consiste en un núcleo de ferrita, en 
forma cilíndrica o rectangular, una base de cartón 
aislante y unas cuantas vueltas de alambre de cobre 
esmaltado calibre 28 o similar. Figura 271. 
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Según las indicaciones de los diagramas, se ` 


deben enrollar firmemente, alrededor del cartón 
aislante que está sobre el núcleo de ferrita, una deter- 
minada cantidad de vueltas o espiras con el alambre 
de cobre, 


A veces së construye una sola bobina con una 
derivación o "TAP" a cierto número de vueltas, 
Otras veces se requieren dos bobinas, una primaria 
y otra secundaria. 


Características generales de los receptores de radio 


Los receptores de radio, en general, deben 
reunir ciertas caracteristicas con el fín de garantizar 
una recepción de óptima calidad, Las principales 
son la selectividad, la sensibilidad, la estabilidad, la 
fidelidad y el rango dinámico, 


La selectividad es la habilidad del receptor para 
seleccionar una determinada estación de radio y re- 
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chazar las demás, incluso aquellas que tenen una 
frecuencia de transmisión muy próxima a la de la 
elegida. Una alta selectividad no implica necesaria: 
mente una alta calidad, 


En un receptor superheterodino (lección 21), el 
grado de selectividad lo determina principalmente el 
ancho de banda de los circuitos de sintonía LC ut- 
lizados en las etapas de conversión de RF y de am- 
plificación de FI, 


La sensibilidad es la habilidad del receptor para 
captar señales relativamente débiles y producir una 
salida de audio con un bajo nivel de ruido. Entre 
más alta sea esta figura de ruido, más sensible es el 
receptor. El ruido enmascara las señales débiles y 
las hace difíciles de procesar. 


El ruido producido en los receptores puede ser 
causado por factores externos © Internos, 


Los factores externos más comunes son las con- 
diciones atmosféricas, la presencia de equipos eléc- 
tricos y líneas de transmisión de potencia en las pro- 
ximidades del sitio de recepción, etc. 


El factor interno más común es el ruido natural 
generado por la agitación térmica de los electrones 
dentro de componentes tales como transistores, 
resistencias, ete. 


El grado de sensibilidad de un receptor se ex- 
presa generalmente en microvoltios (HV) y se de- 
fine como él valor de señal de entrada necesario pa- 
ra producir una señal de salida 10 veces (20 dB) 
más fuerte que la señal de ruido, Debido a la dife- 
rente intensidad con la cual Hegan las diversas se- 
ñales a la antena, prácticamente todos los radios mo- 
dernos están provistos de un circuito de control au- 
tomático de ganancia (CAG), 


La estabilidad és la habilidad del receptor para 
mantener sintonizada la estación elegida, La esta- 
bilidad puede scr afectada por factores tales como la 
temperatura, las variaciones del voltage de alimen- 
tación, etc. La estabilidad la determina principal- 
mente el diseño del oscilador local, 


La fidelidad es la habilidad del receptor para 
reproducir fielmente la información original, sin 
distorsión. Todas las frecuencias de modulación en- 
viadas por el transmisor deben ser recibidas y 
reproducidas sin distorsión en el parlante, 


El rango dinámico se refiere a los niveles ex- 
tremos de señal que puede manejar el receptor, man- 
teniendo una alta sensibilidad y una alta figura de 
ruido. Se especifica en dB como la relación entre la 
más alta señal de entrada tolerable sin distorsión y 
la más baja señal discernible sin ruido. 


Lección 21 


El receptor superheterodino 


El receptor superheterodino se llama así porque 
utiliza el principio de heterodinación o de batido de 
señal. Mediante este proceso, la señal de RF de en- 
trada, entregada por el circuito sintonizador, se con- 
vierte en una señal de RF que tiene siempre la mis- 
ma frecuencia, independientemente de la frecuencia 
original de la portadora. 


A esta nueva frecuencia se le denomina frecuen- 
cia intermedia o El. La señal modulada de Fl lleva 
la misma información de audio de la señal de RF 
original, 


En otras palabras, si en el circuito sintonizador 
se selecciona una emisora que transmite a BOO 
Kllz, esta señal se convierte a otra de RF que tiene 
la misma modulación original pero con una Irecuen- 
cia de 455 KHz, Este valor de frecuencia (455 
KHz), es el que se ha adoptado universalmente co- 
mo FI para la recepción de AM. 


La elección de 455 KHz como frecuencia inter- 
media para el proceso de heterodinación AM no es 
arbitraria. Las razones de esta elección constituyen 
un capítulo interesante de la historia de la radio que 
le recomendamos investigar. Inicialmente se utiliza- 
ron frecuencias intermedias de 175 y 262 KHz. 


El mismo proceso se realiza con la señal de cual- 
quier emisora que transmita dentro de la banda com- 
prendida entre 550 y 1600 KHz, que es la asignada 
oficialmente pura AM de onda media (OM o MW). 
Lo que se hace, en síntesis, con la heterodinación 
es trasladar lamodulación original de una portadora 
cualquiera a una portadora fija de 455 KHz, lama- 
da frecuencia intermedia, 


El proceso de heterodinación lo realiza en el 
receptor la etapa conversora de RF. Este circuito 
recibe la señal modulada de RF procedente de la an- 
tena, la amplifica y la mezcla con la señal producida 
por el oscilador local. La señal de salida del con- 
versor de RF (455 KHz) se aplica al primer ampli- 
ficador de FL Figura 272. 


Las etapas de frecuencia intermedia son ampli- 
ficadores sintonizados, es decir, están configurados 
y ajustados de tal manera que solamente amplifican 
una banda estrecha de señales, dándole selectividad 
al receptor. 


La heterodinación utilizada en radio es similar a 
lu producción de bandos en sonido. En este último 
caso, dos notas de frecuencias ligeramente diferen- 


El proceso de heterodinación 
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tes fI y f2 , crean otra nota, la nota de batido, que 
tiene una frecuencia igual a la diferencia de las notas 
originales (17-12). 


En radio, la nota de batido debe tener una fre- 
cuencia supersónica, muy superior a 20 KHz. De lo 
contrario, interferiría con el sonido implícito en la 
modulación de audio. 


El término "superheterodinación” es, en reali- 
dad, una abreviación de "heterodinación supersó- 
nica”, A la frecuencia de batido la amamos frecuen- 
cia intermedia y tiene un valor de 455 KHz en AM 
y de 10,7 MHz en FM, 


Ventajas de la superheterodinación 


Al trasladar, mediante el proceso de heterodina- 
ción, cualquier frecuencia de portadora captada en 
el circuito de antena a una portadora más baja, de 
frecuencia fija, que conserva la misma modulación 
original y a la cual ocurre la máxima ganancia 
selectividad posibles, se obtienen, entre otras, las si- 
guientes ventajas: 


. Una muy alta estabilidad, porque la posibilidad 
de realimentación positiva y, en consecuencia, de 
oscilaciones indeseables de los amplificadores de al- 
ta frecuencia, es más baja cuanto más baja sea la fre- 
cuencia de operación, 


. Una muy alta sensibilidad porque entre más 
amplificadores de FI se puedan utilizar (dos son gt- 
neralmente suficientes), más grande es la ganancia 
que se pucde obtener, | 


De hecho, la gran sensibilidad de los receptores 
modernos de radio es una consecuencia del elevado 
grado de amplificación qué se consigue, sin difi- 
cultad, en las etapas de frecuencia intermedia. 
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* Una muy alta selectividad porque se pueden 
emplear cuantos circuitos sintonizados de PT se quie- 
ran, sin crear los problemas de seguimiento que se 
originan cuando se intenta ajustar varios conden- 
sadores variables al mismo tempo. 


Los términos estabilidad, sensibilidad y selecti- 
vidad se discuten con mayor detalle en la lección 
20. 


El receptor superheterodino de AM CEKIT 


En la figura 273A se muestran el diagrama de 
bloques del receptor superheterodino AM CEKIT 
que hemos estado construyendo a lo largo de este 
curso. Estúdielo cuidadosamente en base a la des- 
cripción que sigue para comprender su operación 
general. El diagrama esquemático correspondiente 
se muestra en la figura 273B. 


Nuestro receptor superheterodino consta básica- 
mente de las siguientes etapas: 


- Un amplificador de radiofrecuencia (RF); 

- Un mezclador o conversor 

- Un oscilador local: 

= EN amplificadores de frecuencia intermedia 
- Un detector o demodulador y 

- Un amplificador de audio. 


El amplificador de RF incluye el circuito de an- 
tena y Spa E junto con el mezclador la etapa 
conversora de RF, que es la responsable de la hete- 
rodinación. Veamos ahora cómo se realiza el flujo 
de las diferentes señales a lo largo del sistema y qué 
hace cada bloque. 


El circuito de antena o de sintonía es un tanque 
resonante LC formado por un condensador variable 
(CV1) y una bobina de ferrita (L1). Su propósito 
es seleccionar una señal de entrada específica entre 
las muchas que llegan a la antena. 


Ajustando el condensador variable, sintoniza- 
mos el tanque LC a una determinada frecuencia. 
Las señales moduladas de RF enviadas por todas 
las estaciones de radio llegan a la antena, pero el cir- 
culto de sintonía solo deja pasar aquella que tenga 
una frecuencia de portadora igual a su frecuencia 
natural de resonancia, digamos 950 KHz, 


La señal captada por el circuito de sintonía se 
transfiere al amplificador de RF donde se amplifica 
aun nivel adecuado, La señal de salida del amplifi- 
cador de RF se mezcla o heterodina con la señal pro- 
ducida por el oscilador local para producir una señal 
que tiene siempre una frecuencia intermedia (FI) de 
455 KHz pero conserva la misma modulación de 
amplitud original. 
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La señal suministrada por el oscilador local es 
una onda sinusoidal pura, esto es, no contiene nin- 
gún tipo de modulación. Su frecuencia la determi- 
nan el condensador vanable CV 2 y la bobina oscila- 
dora L2 ("roja"). 


Los condensadores CV1 y CY 2 trabajan en "tan- 
dem", es decir, varían su capacidad al mismo tiem- 
po. De este modo, se garantiza que la diferencia de 
frecuencia entre las senales del oscilador local y la 
de antena sea siempre de 455 KHz. Es decir, la 
frecuencia del oscilador local es siempre 455 KHz 
más alta que la frecuencia captada. Esta es una con- 
dición necesaria para la heterodinacidn. 


Tanto la amplificación de RF como la genera- 
ción de la señal local y la heterodinación de las 
mismas las realiza el transistor Q1 en asocio con los 
demás componentes de la etapa conversora. La 
señal de salida del mezclador se aplica al primer 
amplificador de Fl mediante el transformador T1. 


Es importante destacar que cuando las señales 
de antena y del oscilador local se heterodinizan, el 
mezclador produce las frecuencias originales asi 
como sus respectivas frecuencias suma y diferen- 
cid. 


sin embargo, la salida del mezclador se sinto- 
mza para que entregue únicamente la diferencia en- 
tre las frecuencias local y de antena 


Los dos amplificadores de Fl realizan sucesivas 
amplificaciones de la señal modulada de FI suminis- 
ada por T1 hasta que ésta alcanza un nivel lo sufi- 
cientemente altocomo para excitarel detector. Lase- 
ñal de salida de la primera etapa de Fl se suministra 
a la segunda a través del transformador T2. 


La señal de salida de la segunda etapa de Fl se 
suministra al detector a través del transformador 
T3. La amplificación en la primera etapa de Fl la rea- 
liza el transistor Q2 y en la segunda la efectúa cl 
transistor Q3. 


La señal que ingresa al detector es una señal de 
alta frecuencia (455 KHz) modulada en amplitud 
por la información de audio que se desea repro- 
ducir. El detector elimina la componente de alta fre- 
cuencia y deja pasar únicamente la señal de audio 
que la modula. El componente principal del circuito 
de detección es el diodo D1. 


La señal de salida del detector (audio) se aplica 
al amplificador de audio, alcanzando una potencia 
losuficientemente alta como para impulsarel parlan- 
te, En este último, las variaciones de amplitud de la 
señal de entrada se convierten en sonidos que son 
una réplica de la información de audio (palabras, 
música, cte) originalmente enviada por la emisora. 
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DIAGRAMA ESQUEMATICO Fig. 273b 
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Los componentes responsables de la amplifica- Resumiendo, el radio AM CEKIT es un recep- 
ción de la señal de audio son los transistores Q4, tor superheterodino de 6 transistores, El sistema 
Q5 y Q6. En particular, Q4 actúa como preamplifi- capta transmisiones de AM enviadas por estaciones 
cador mientras Q5 y Q6 lo hacen como amplificado- de radiodifusión que operan en la banda de 550 a 
res de potencia, dispuestos en una configuración 1600 KHz y utiliza una portadora interna estándar 
Hamada par complementario o "push-pull". de 455 KHz llamada frecuencia intermedia (FT). 
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Actividad práctica N* 12 


Conocimiento y manejo del osciloscopio 


El osciloscopio es uno de los instrumentos de 
prueba más importantes y versátiles de toda la elec- 
trónica. Un osciloscopio no solo sirve para medir 
voltajes y frecuencias, sino que nos permite "ver" 
las señales en cada una de las etapas de un circuito. 
En la figura AlS se muestra el aspecto general de 
un osciloscopio moderno. 


El Oscilosco| lo 
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Los osciloscopios comparan señales eléctricas 
contra el tempo, produciendo en la pantalla de un 
tubo de rayos catódicos (TRC) la imagen gráfica, o 
forma de onda, del voltaje aplicado a su entrada. So- 
bre esta imagen se realizan medidas de voltaje y de 
tiempo y se analizan fenómenos como distorsiones, 
rudos, interferencias: etc. 


Existen muchos tipos de osciloscopios, cada 
uno con especificaciones propias y destinado a una 
aplicación en particular. La aplicación depende fun- 
damentalmente del ancho de banda, es decir, de la 
gama de frecuencias que es capaz de medir, Los 
más utilizados tienen un ancho de banda que se 
extiende desde 0 Hz (CC) hasta 20 MHz. 


Cómo trabaja un osciloscopio 


El corazón de un osciloscopio es un tubo de ra- 
yos catódicos o TRC similar al de un televisor (figu- 
ra Al9). Un TRC típico consta de un cañon electró- 
nico, una pantalla recubierta de fósforo y dos pares 
de placas de deflexión, Estas últimas se denominan 
placas de deflexión horizontal y placas de deflexión 
vertical, respectivamente, 


El cañon emite un haz o chorro de electrones. Es- 
te haz es desviado horizontal o verticalmente por las 
placas de dellexión y se estrella a gran velocidad 
contra el fosforo de la pantalla, provocando la apari- 
ción de un punto luminoso. La desviación del haz 
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en una u otra dirección se logra aplicando voltajes 
apropiados a las placas de deflexión. 


Silos voltajes netos aplicados a las placas de de- 
flexión vertical y horizontal son iguales a cero, el 
haz no se desvía y el resultado es un punto en el cen- 
tro de la pantalla. Si el voltaje de la placa derecha es 
ee posi que el de la placa izquierda o vicever- 

haz se desvía hacia la derecha o hacia la iz- 
aa ih y el resultado es un punto a la derecha oa 
la izquierda del centro, 


La deflexión vertical se realiza de manera simi- 
lar. El posicionamiento del haz en otros puntos de 
la pantalla selogracombinandodeflextones horizon- 
tales y verticales. 


Siseaplican a las placas de deflexión voltajes va- 
riables, el haz explorará constantemente la pantalla 
y el resultado será una imagen continua. General- 
mente, a las placas de deflexión horizontal se aplica 
un voltaje diente de sierra que tiene la forma de on- 
da mostrada en la figura A20. A las placas de defle- 
xión vertical se aplica la señal de entrada, 


La señal diente de sierra aplicada a las placas de 
deflexión horizontal se denomina señal de barrido. 
Su objetivo es desplazar periódicamente el haz de iz- 
quierda a derecha de la pantalla y producir, en au- 
sencia de señal de entrada, un trazo horizontal visi- 
ble llamado barrido, 
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El efecto de la señal aplicada a las placas de de- 
flexión vertical es desviar el haz hacia arriba y hacia 
abajo a medida que se realiza el barrido. La cantidad 
y dirección de la desviación dependen del valor 
instantáneo y de la polaridad de la misma. El resul- 
tado final de todo este proceso es la visualización en 
lą nagi de la forma de onda de la señal de en- 
rada. 


En la figura A21 se muestra el diagrama de blo- 
ques simplificado de un osciloscopio genérico. El 
sistema consta básicamente de un amplificador ver- 
tical, un circuito de sincronismo y un circuito de de- 
flexión horizontal. 


Señal de entrada 
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vertical 
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La señal de entrada se aplica al amplificador ver- 
tical y la salida de éste excita las placas verticales, 
Elamplificadorvertical incluye un atenuadorcalibra- 
do que le permite manejar diferentes niveles de 
señal, El nivel de atenuación requerido lo selecciona 
el usuario mediante el control "VOLTS/DIV" (voltios 
por división) del osciloscopio. Parte de la señal de 
entrada se aplica también al circuito de sincronismo, 


El objetivo del circuito de sincronismo es sincro- 
nizar la generación o disparo de la señal de barrido 
interna con la señal de entrada o con una señal ex- 
lerna, logrando que ambas señales, la de barrido y 
la de disparo, tengan la misma frecuencia y la mis- 
ma fase. La fuente de la señal de disparo, interna o 
externa, se selecciona mediante el interruptor "SO- 
URCE” (fuente) del osciloscopio. 


La señal de barrido propiamente dicha la genera 
el circuito de deflexión horizontal. La salida de este 
último excita las placas horizontales. El periodo 
exacto de la señal de barrido lo programa el usuario 
mediante el control de base de tiempo del oscilos- 
copio, Este control está usualmente etiquetado 
como "SEC/DIV” (segundos por división). 


Osciloscopios de doble trazo o de dos canales 


Las osciloscopios de doble trazo permiten visua- 
lizar simultáneamente dos imágenes diferentes en la 
misma pantalla. Utilizandos preamplificadores verti- 
cales para recibir las señales de entrada y un inte- 
ruptor electrónico para conectar automáticamente 
cualquiera de los dos preamplificadores al amplifica- 
dor vertical. 


Existen básicamente dos modos de operación de 
un osciloscopio de doble trazo: el modo alternado y 
el modo troceado o chopper. El modo alternado 
(ALT) es apropiado para visualizar señales de alta 
frecuencia y el chopper (CHOP) para visualizar seña- 
les de baja frecuencia. En ambos casos se apro- 
vecha el fenómeno de la persistencia de las image- 
nes en la retina del ojo, 


Manejo del osciloscopio paso a paso 


El osciloscopio es uno de los instrumentos de 
medición y prueba más importantes que se pueden 
poseer para el trabajo en circuitos de radio y comuni- 
caciones. Para lograr aprovechar al máximo sus 
posibilidades, es importante aprender a manejarlo 
correctamente, 


En esta sección se presentan las reglas básicas 
de utilización del mismo. Tomaremos como ejem- 
plo el sencillo osciloscopio de dos canales mostrado 
en la figura A22. 


Observe que la pantalla se caracteriza por poseer 
una rejilla calibrada llamada gratícula. La gratícula 
la conforman 10 x 8 cuadros de | em de lado cada 
uno, Las medidas de tempo y de voltaje de la señal 
visualizada sobre la gratícula se efectúan interpre- 
tando adecuadamente los controles de atenuación 
vertical y de base de tiempo. 


El control de atenuación vertical (VOLTS/DIV) se 
utiliza para acondicionar la señal de entrada a los re- 
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C. X = 
D. Z = 
Answers 
A. XL = 314 ohms 
B. XC = 318 ohms 


C. X = —4 ohms (capacitive) 
D. Z = 9 ohms 
By convention, the net reactance is negative 


when it is capacitive. 

4 Calculate the net reactance and 
impedance for an RLC series circuit, such as 
those shown in Figure 7.2 , using the values 
in the following questions. 

Questions 
f = 10 kHz, L = 15 mH, C = 0.01 uF, R = 
494 ohms 


A T easan 

E E aut 

f = 2 MHz, L = 8 uH, C = 0001 uF, R = 

15 ohms 

de NA ee 

LE R 

Answers 

A. X = —650 ohms (capacitive), Z = 816 

ohms 

B. X = 21 ohms (inductive), Z = 25.8 ohms 
5 For the circuit shown in Figure 7.3 , the 


output voltage is the voltage drop across the 
resistor. 
Figure 7.3 


quisitos del amplificador vertical. El atenuador ver- 
tical posee generalmente un control auxiliar no cali- 
brado (CAL'D) que se utiliza para alterar la amplitud 
original de la imagen en la pantalla. 


El control de base de tiempo (SEC/DIV) se utili- 
za para establecer el período de la señal de barrido 
generada porel circuito de deflexión horizontal, Po- 
see también un control auxiliar no calibrado (CAL'D) 
que se utiliza para alterar el periodo original, 


Para la realización de medidas exactas de voltaje 
y de tiempo, los controles no calibrados se deben gi- 
rar completamente hacia la derecha. Para proceder a 
la visualización de una determinada forma de onda 
en la pantalla, y realizar mediciones sobre esta ima- 
gen, SIEA estos pasos: 


1. Conecte el osciloscopio a la red de CA y oprima 
el botón de encendido (POWER). El osciloscopio de- 
be conectarse al voltaje especificado por el fabri- 
cante en el manual de operación, 1106220 V, 


2. Obtenga sobre la pantalla un trazo horizontal. Si- 
tue el selector de disparo (MODE) en la posición 
AUTO (automático), el de fuente (SOURCE) en la po- 
sición INTERNAL (interna), el de base de tiempo 
(TIME/DIV) en una posición intermedia y los contro 
les de posición de trazo horizontal (X) y vertical (Y) 
a mitad de rango. i 


Ajuste entonces el control de intensidad (INTEN- 
SITY) y mampule los controles de posición X e Y 
hasta que aparezca el trazo. Utilice el control de en- 
foque (FOCUS) para mejorar la nitidez del trazo y 
mantenga la intensidad tan baja como sea posible. 


3. Una vez obtenido el trazo, céntrelo en la pantalla 
mediante los controles de posición X y Y, Inyecte 
la señal por medir al conector de entrada (INPUT) y 
especifique si es continua (DC) o alterna (AC), Cali- 
bre el selector de atenuación vertical (VOLTS/DIY) 
de módo que la señal visualizada quede contenida 
verticalmente en la pantalla, 


A continuación, calibre el selector de base de 
tiempo (TIME/DIV) de modo que se observen en la 
pantalla solo unos pocos ciclos de la señal, Si la sc- 
ñal no se mantiene estable, ajuste el control de nivel 
de disparo (LEVEL) hasta que se estabilice, Así se 
consigue que la señal de barrido interna se engan- 
che correcramente a la señal de entrada. 


En el caso de un osciloscopio de dos canales, 
existen dos conectores de entrada, uno para el canal 
1 (INPUT X) y otro para el canal 2 (INPUT Y). Si apli- 
ca a cada canal una señal diferente y desea observar- 
las al mismo tiempo en la pantalla, debe especificar 
en el selector de canales si el modo de visualiza- 
ción es alternado (ALT) o troceado (CHOP). 
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El modo de visualización depende de la base de 
tiempo seleccionada. En general, el modo alternado 
(ALT) se utiliza con bases de tiempo inferiores a 
| mseg/div y el troceado o chopper (CHOP) con ba- 
ses de tiempo iguales o superiores a ese valor. 


4, Especifique las características de disparo de la se- 
hal de barrido. La mayoría de osciloscopios admi- 
ten dos modos de disparo, automático (AUTO) y 
NORMAL. El automático es el más utilizado, 


El disparo automático puede ocurrir con los flan- 
cos de subida (+) o de bajada (-) de la señal de entra- 
da, dependiendo de la posición del control de pen- 
diente (SLOPE), El disparo manual puede ocurrir en 
cualquier punto especifico de la forma de onda. 


5. Con la señal correctamente posicionada en la pan- 
talla y una vez especificadas las características de 
disparo, proceda a mterpretar y medir la imagen que 
está viendo. Consideremos el caso sencillo de una 
onda seño como la mostrada en la figura A23, Su- 
pongamos que la atenuación vertical es 0.5 V/div y 
que la base de tiempo es de 50 useg/div. 


El voltaje pico a pico (Vpp) se encuentra fácil- 
mente contando el número de divisiones verticales 
entre el pico positive y el pico negativo de la señal, 
y multiplicando este número por el valor de la ate- 
nuación vertical. En este caso hay 4 divisiones entre 
los picos. Puesto que la atenuación vertical es 0.5 
V/div, la amplitud pico a pico de esta señal es sIm- 
plemente Vpp=4x0.5=2 Y, 


Para conocer la frecuencia (D de esta señal, debe 
primero conocerse su periodo (T). El valor de T se 
encuentra fácilmente contando el número de divisio- 
nes honzontales entre dos picos consecutivos y mul- 
tiplicando este número por el valor de la base de 
tiempo, En este caso, hay 5 divisiones entre los dos 
picos positivos, 


Puesto que la base de tiempo es 50 Uiseg/div, el 
periodo de la señal es simplemente T= 5 x 50 = 250 
seg y su frecuencia es f=1/T =4 KHz. 


Lección 22 


La etapa detectora 


Como usted lo habrá notado, el estudio y en- 
samble del radio CEKIT lo estamos realizando de 
derecha a izquierda en cuanto a sus etapas se 
refiere. Ya estudiamos y ensamblamos la etapa" Am- 
plificador de audio” y ahora estudiaremos la etapa 
detectora. Al final tendremos el radio completo fun- 
cionando y conoceremos todos los detalles sobre su 
teoría y ensamble en ese orden, 


Circuitos detectores 


Los detectores o demoduladores (figura 274) 
son circuitos que recuperan la información de baja 
frecuencia (modulación o audio) de una señal mo- 
dulada y eliminan la componente de alta frecuencia 
o portadora de la misma. La señal de salida suminis- 
trada por un detector conserva las mismas caracteris- 
ticas de la señal moduladora original. 


Función básica de un detector 
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Todos los detectores efectúan la misma función 
básica descrita anteriormente pero cada uno tiene 
características propias, dependiendo del proceso de 
modulación utilizado. Existen, por lo tanto, detec- 
tores de AM, de FM, de 55B, etc. En este capítulo 
nos referimos exclusivamente a los detectores de 
AM y, específicamente, al detector utilizado en el ra- 
dio AM CEKTFE, 


Características de los detectores 


Las características más notables de un detector 
son su linealidad, su sensibilidad, su selectividad y 
su capacidad. 


La linealidad se refiere a la habilidad de repro- 
ducir fielmente, sin distorsión, la señal original, La 
sensibilidad es la capacidad de detectar señales pe- 

jueñas. La selectividad es la capacidad de respon- 
der únicamente a una determinada banda de frecuen- 


cias. La capacidad se refiere a la habilidad para ma- 
nejar señales grandes, sin producir distorsión ni 50- 
brecarga. 


El proceso de detección AM 


Como sabemos, la salida de la etapa amplificado- 
ra mezcladora de RF es una señal que tiene la mis- 
ma información de audio (modulación) de la señal 
de RF originalmente enviada por la emisora sintoni- 
zada pero con una frecuencia de 455 KHz. A esta 
frecuencia se le denomina frecuencia intermedia o 
FL 


La señal de FI se amplifica en dos etapas con el 
fin de hacerla lo suficientemente fuerte como para 
ser detectada y superar así el voltaje de umbral im- 
puesto por el diodo detector. La detección consiste 
en separar la señal moduladora de audio de la señal 
portadora de FL 


Como consecuencia de este doble proceso de 
amplificación de Fl, a la salida de la segunda etapa 
de Fl se tiene una señal de 455 KHz que tiene la 
misma información de audio de la señal de RF ori- 
ginal. 


Hasta el momento, la señal de RF originalmente 
sintonizada ha pasado por dos procesos: el de mez 
cla y el de amplificación de Fl. Durante el primero, 
se cambió su frecuencia y durante el segundo se 
aumentó su amplitud. Sin embargo, en ambos ca- 
sos, se ha conservado la información fundamental 
de audio (modulación). El proceso se describe gráfi- 
camente en la figura 275. 


Procesos previos ala detección AM 
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La modulación de la señal de Fl contiene la infor- 
mación de audio (palabras, música, etc.) que desca- 
mos reproducir en el parlante de nuestro receptor de 
radio. 


La componente de alta frecuencia de la señal de 
RF se usa solo como una portadora que lleva la 
señal de audio desde la antena transmisora hasta el 
receptor. La componente de alta frecuencia de la 
señal de Fl se usa también como una portadora que 
transporta la señal de audio a través de las dos 
etapas amplificadoras de Fl. 


Una vez completado el proceso de amplificación 
de FI, la portadora de 455 KHz ya no es necesaria. 
La función del detector es precisamente detectar o 
extraer la información de audio (señal de modula- 
ción) y eliminar la portadora de FI. 


El proceso de detección se realiza rectificando 
primero la señal compuesta de Fl mediante el diodo 
D1 y filtrando a continuación la señal resultante 
mediante una red RC formada por la resistencia 
R11 y los condensadores C8 y C9, El proceso de 


detección se ilustra gráficamente en la figura 276. 
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Fig. 276 


La sensibilidad del circuito detector la determina 
el diodo D1. Se utiliza en este caso un diodo de 
germanio 1N60, debido a que tiene un voltaje de 
conducción o de umbral muy bajo, del orden de 
300 mV, comparado con el de un diodo de silicio 
que es de 700 mV. Esta circunstancia le permite de- 
tectar señales relativamente débiles, 


La selectividad de nuestro circuito la determinan 
los condensadores C8 de 0.01 pF, C9 de 0,02 uF 
y la resistencia R11 de IKO., Como veremos más 
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adelante, estos componentes configuran un filtro 
pasabajo que rechaza señales fuera de la banda de 
audio cuyas frecuencias están entre 20 Hz y 20 
KHz. 


Cómo opera la red filtradora de Fl 


Si no dispusiéramos de la red filtradora KC an- 
terior, en el ánodo del diodo detector D1, observa- 
riamos una señal como la que se muestra en la 
figura 276B, consistente en un tren de pulsos de 
RE de frecuencia constante y amplitud variable. Las 
variaciones de amplitud corresponden a la informa- 
ción de audio que deseamos recuperar, 


El condensador C8, se carga al valor pico de 
cada pulso cuando el diodo conduce y se descarga 
parcialmente a través de la resistencia R11 y elpo 
tenciómetro VR cuando no conduce. El voltaje a tra- 
vés de C8, es un voltaje de CC variable que tiene la 
misma forma de onda de la modulación original de 
audio, 


La red filtradora utilizada en el detector del radio 
AM CEKIT, es fundamentalmente un filtro RC 
pasa bajo de dos secciones, La primera sección está 
formada por el condensador C& y la resistencia R11 
y la segunda por el condensador C9 y el potencio- — 
metro VR. El circuitocompleto de detección y filtra- 
je se muestra en la figura 21T. 
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El condensador (3 presenta una reactancia capa- 
citiva (Xc) muy baja, a la componente de alta frè 
cuencia de la señal rectificada. Esta reactancia es del 
orden de 35 Q, como se comprueba en el ejemplo” 
1. Este valor es muy pequeño comparado con el de. 
la resistencia R11 de 1 K 


Como consecuencia de lo anterior, la come 
ponente de alta frecuencia o portadora de FI, se deri- 
va casi por completo a tierra a través de C8, La 
componente de baja frecuencia 0 modulación, en- 
cuentra en C8 una alta reactancia y por lo tanto no. 
se deriva a tierra sino que continúa en dirección del 
amplificador de audio. | 


La reactancia capacitiva ofrecida por C8, a la 
componente de audio, es siempre mayor que el va- 
lor de R11. 


Para una frecuencia de modulación de 1 KHz, 
por ejemplo, esta reactancia es del orden de 16 K£2, 
como se comprueba en el ejemplo 2, 


Recordemos que la máxima frecuencia de modu- 
lación que se puede enviar por AM es de 4.5 KHz, 


Ejemplo 1. Calcular la impedancia o reactancia ca- 
pacitiva a tierra que ofrece el condensador C8 de la 
red filtradora de FI, a la componente de alta frecuen- 
cia presente en el ánodo del detector de la figura 
277. 


Note que C8 = 0.01 F y recuerde que Fl=455 
KHZ. 


Solución. La reactancia capacitiva u oposición que 
presenta un condensador al paso de una señal de 
corriente alterna se calcula de acuerdo a la fórmula : 


1 
¿rxFxC 


AC = 


1 


KE n ——— 
z B628xFxC 


En este caso, F = Fl = 455 KHz y C = C = 
0,01 HF. Por lo tanto: 


Ejemplo 2, Calcular la reactancia capacitiva qe 
ofrece el condensador C8 de la red filtradora de Pl a 
una señal de modulación de 1 KHz presente en la 
salida del detector de la figura 277. 


Solución. La reactancia capacitiva la calculamos 
nuevamente mediante la fórmula: 


1 
ox FXC, 

| 1 
628xFxC 


ACG = 


En este caso, F = 1 KHz y C = C8 = 0.01 uF. 
Por lo tanto: 


4 
6.28x1x10" x0.01x10% 


XO = 


Mc = 159231 = 16KO 


Resumiendo, el condensador C8 presenta una 
muy baja oposición o reactancia al paso de la com- 
ponente de alta frecuencia implícita en la señal mo- 
dulada de FI, y, una muy alta al paso de la compo- 
nente de audio de la misma. En consecuencia, C8 
envía a tierra la portadora de FI y deja pasar la señal 
de audio. Figura 278. 
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El condensador C9 envía a tierra paepe rastro 
de la portadora de FI que ho haya sido filtrado por 
C8. El potenciómetro VR (control de volumen) ac- 
tia como divisor de tensión de la señal modulada, 
entregando un determinado nivel de la misma al am- 
plificador de audio, 


La consideración de diseño más importante del 
detectores garantizar que la constante de tiempo del 
filtro RC tenga un valor intermedio entre la dura- 
ción de un ciclo de Fl (=2 seg) y la duración de un 
ciclo promedio de audio (1 mseg 6 1000 seg). En 
este caso, RC = (R11+VR) x C8 = 110 seg. 


Si este valor es muy grande, C& se cargará y des- 
cargará muy lentamente y si es muy pequeño, lo ha- 
rá muy rápidamente, En el primer caso, sería inca- 
paz de seguir fielmente la modulación de audio y, 
en el segundo, seguiría la señal de Fl y no habría 
detección. 
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Lección 23 


Etapas amplificadoras de frecuencia 


intermedia (FI) 


Introducción 


Un amplificador de frecuencia intermedia o FI 
(Figura 279) es esencialmente un amplificador de 
RE o radiofrecuencia de banda estrecha o sintoniza- 
do, que amplifica una banda muy limitada de fre- 
cuencias alrededor de una misma frecuencia central. 
En nuestro caso, esta frecuencia central es de 455 
KHz, la Fl del proceso heterodino AM, y el ancho 
de banda no excede de Y KHz. 


Amplificador 
de 


señal de Fl 
entrada — 
(Fl) 


RA ATE ace a NOONAN Aa AAR ROR a EE RR Nt fe 


Idealmente, un amplificador de FI para AM debe- 
ría tener una respuesta de frecuencia como la que se 
muestra en la figura 280A. En la práctica, la res- 
puesta de frecuencia es solo una aproximación a es- 
te modelo ideal (figura 280B). 


Respuesta de frecuencia de un 
amplificadorde FI AM 
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El nombre de FI se debe al hecho de que am- 
plifica frecuencias intermedias o sea frecuencias que 
están en un punto intermedio entre la frecuencia de 
la portadora original de RF y la frecuencia de la se- 
ñal de modulación. 
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Puesto que los amplificadores de FI son amplifi- 
cadores sintonizados de RF, vamos a estudiar a cone 
tinuación la teoría general de estos últimos. Postes 
riormente, se analizarán los amplificadores de FI 
del radio AM CEKIT, como una aplicación práctica 
de esta teoría. | 


Amplificadores sintonizados de RF 


Los amplificadores de RF se utilizan para ampli- 
ficar señales que tienen frecuencias por encima de 
30 KHz, Son similares en muchos aspectos a los 
amplificadores de audio pero se caracterizan por ser 
selectivos, esto es, se diseñan para amplificar uni 


E dy 
ES 
a 
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banda estrecha de frecuencias alrededor de una In 
cuencia central para la cual están sintonizados. 


En general, los amplificadores sinionizados de 
RF se componen de dos partes: el amplificador pro: 
piamente dicho y la red de sintonía. | 

| 

La sintonización la proveen generalmente Cif 
cuitos resonantes RLC como los estudiados co Y 
Lección 12. En algunos casos especiales, se utilizan 
cristales de cuarzo para conseguir el mismo efectoy 
proveer mayor estabilidad. La amplificación de. a$ 
señales de RE como tales, se realiza mediante tran: 


sistores, FETs, etc. d 

En la figura 281A se muestra el diagrama im 
plificado de un amplificador de RF que utiliza un 
circuito sintonizado RLC paralelo como carga. Al 
frecuencia de resonancia, el circuilo presenta $ 
máxima impedancia posible y, en consecuencia, bi 
jo esta circunstancia, la ganancia de voltaje del am 
plificador es máxima (figura 281B). 


“Amplificador sintonizado de RF 
A 
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Dependiendo de su aplicación, los amplificado- 
res sintonizados pueden tener un circuito de sin- 
tonia a laentrada, a la salida, o tanto a la entrada co- 
mo a la salida, Estos circuitos son los que determi- 
nan la frecuencia central y el ancho de banda del am- 
plificador, 


Los amplificadores de Fl del radio AM CEKIT 
son sintonizados a la salida. La frecuencia central es 
de 455 KHz y el ancho de banda es de 9 KHz apro- 
ximadamente. Otras características importantes de 
los amplificadores sintonizados son su ganancia y 
su factor de ruido. 


La ganancia de los amplificadores de Fl es vä- 
riable porque depende del nivel de señal captado a 
la entrada: las señales débiles necesitan más amplifi- 
cación que las señales fuertes. La cantidad de ampli- 
ficación requerida en cada caso la gobierna el con- 
trol automático de ganancia (CAG), circuito que es- 
tudiaremos más adelante. 


Los amplificadores de FT del radio AM CEKIT 


Como se explicó en la Lección 21, a la salida del 
conversor de RF de nuestro receptor obtenemos 
una señal modulada de FI de 455 KHz. Esta señal 
lleva la misma información fundamental de audio 
(modulación) de la portadora original, pero es dema- 
ore debil como para excitar el detector o demodu- 
dador, 


El propósito de las etapas amplificadoras de fre- 
cuencia intermedia es reforzar la amplitud de la se- 
ñal suministrada por el mezclador y entregarla con 
el nivel apropiado a la entrada del detector de audio, 
La señal que ingresa a los amplificadores de Fl es 
del orden de los milivoltios y la que sale es de algu- 
nos voltios. 


La amplificación de la señal modulada de FI se 
realiza en dos etapas acopladas magnéticamente, 
llamadas primera etapa de Fl y segunda etapa de FI, 
respectivamente, En la figura 282 se muestra el cir- 
culto correspondiente, 


El término acoplamiento magnético se refiere al 
hecho de que la transferencia de señales entre el 
mezclador y la primera etapa de Fl, así como entre 
la primera y la segunda y entre ésta y el detector, se 
realiza a través de transformadores de acoplamien- 
to. 


Los transformadores de acoplamiento utilizados 
por las etapas amplificadoras de FI se han llamado 
T1, T2 y T3. El transformador T1, que se identifica 
por su núcleo amarillo, transfiere la señal del con- 
versor a la primera etapa de FI. El transformador 
T2, con núcleo blanco, transfiere la señal de la pri- 
mera etapa de FI a la segunda. El transformador 


Etapas de F I del radio AM Cekít 


Diagramaesquemático 
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Fig. 282 
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T3, con núcleo negro, transfiere la señal de la se- 
punda etapa de Fl al detector. 
1 


Además de cumplir estas funciones básicas, los 
transformadores de acoplamiento anteriores se 
caracterizan también por ser sintonizados. Todos 
poen un condensador interno en paralelo con la 

bina primaria, configurando un circuito de sinto- 
nía LC que tiene una determinada frecuencia de reso- 
nancia. 


La frecuencia de resonancia de estos circuitos se 
ajusta variando la posición del núcleo dentro del 
transformador. De este modo, se altera la induc- 
tancia L del tanque resonante. En nuestro caso, 
debemos calibrar los transformadores T1, T2 y T3 
para que presenten una frecuencia de resonancia de 
455 KHz, o sea igual al valor de la FL | 


Bajo estas condiciones, la ganancia de voltaje de 
cada una de las etapas amplificadoras de Fl será 
máxima para las señales que tengan una frecuencia 
igual a 455 KHz, y, muy baja para las señales de 
otras frecuencias. 


Esto es así, porque un circuito resonante parale- 
lo ofrece la máxima respuesta (máxima impedancia) 
a señales incidentes con frecuencias iguales a su fre- 
cuencia natural de resonancia, y atenúa señales de 
otras frecuencias, 


Por consiguiente, si cada transformador está sin- 
tonizado a la FI, cada uno presentará muy alta im- 
pedancia a las señales de 455 KHz, y permitirá que 
las mismas desarrollen en los extremos de la bobina 
primaria una gran caida de voltaje. Entre mayor sea 
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el voltaje desarrollado en el primario, mayor será el 
voltaje inducido en el secundario. 


La figura 283 muestra la curva de respuesta de 
frecuencia de una etapa amplificadora de Fl, Como 
puede verse, la máxima ganancia de voltaje se pre- 
senta para señales de 455 KHz. En general, la ga- 
nancia es alta para una banda estrecha de frecuencia 
entre 450 y 460 KHz, pero se reduce drasticamente 
para frecuencias por fuera de este Tango. 


Respuesta de frecuencia del amplificador de Fl 
A o 
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E 
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Otra función importante de los transformadores 
de Fl T1, T2 y T3, es la de acoplar la alta impedan- 
cia de colector de la etapa precedente con la bajaim- 
pedancia de base de la etapa siguiente. El correcto 
acoplamientode impedancias entre clapases impres- 
cindible para garantizar la máxima transferencia de 
señal, 


En nuestro caso, se hace necesario acoplar entre 
si las diferentes etapas, porque los transistores tra- 
bajan en la configuración emisor comun y, en con- 
secuencia, tienen una impedancia de salida relativa- 
mente alta, del orden de 50 KQ, y una impedancia 
de entrada relativamente baja, del orden de 1 KEL. 


Operación de las etapas amplificadoras de Fl 


Como consecuencia del batido de frecuencia de 
las señales producidas por el oscilador local y la 
suministrada por el amplificador de RF, en el mez: 
clador se produce toda una gama de señales, inclu: 
yendo las que tienen las mismas frecuencias origi- 
nales, las que tienen una frecuencia igual a la suma 
de ambas y las que tienen una frecuencia igual a su 
diferencia. 


Sin embargo, el circuito de salida del mezclador, 
constituido por el transformador T1, está sintoniza- 
do para responder a la señal de batido que tiene una 
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frecuencia igual a la diferencia entre las [recue ci 
local y de antena. Esta frecuencia es precisamente 
frecuencia intermedia o Fl del proceso (435 KHa 


En consecuencia, en el secundario de Tl sea 
duce únicamente la señal de FI. Esta señal, a pew 
de tener una frecuencia diferente a la de la portadú 
original, conserva su misma modulación. Sin ef 
bargo, no es lo suficientemente fuerte como pa 
ser detectada. Por consiguiente, debe ser ampi 
cada. 


Consideremos nuevamente el circuito de la fig 
ra 282. La débil señal de FI presente en el sei 
dario de T1 se aplica a la base de Q2. Este transisi 
la amplifica y la envía a su circuito sintonizado/ 
de salida, formado por el primario de T2 y el ed 
densador interno, 


Este circuito, sintonizado a 455 KHz, aii 
como carga del primer amplificador de Fl. Su mf 
dancia es máxima a esta frecuencia, lo mismo 


ganancia de tensión de la etapa y el voltaje de las 
ñal desarrollada en el primario de T1. 


La señal proveniente de la primera etapa de rk 
induce en el secundario de T2 y se aplica a La bi 
de Q3, el segundo amplificador de FI. Nuevi 
mente, este transistor amplifica la señal dee nirada 
la envía al transformador T3, el cual está ramble 
sintonizado a 455 KHz y ofrece la máxima resp ie 
la a esta frecuencia, | 

La señal de salida de la segunda etapa de Ag 
induce en el secundario de T3 y se aplica al cated 
del diodo detector D1. , 


Polarización de los transistores de FI 


El voltaje directo de polarización de la bused 
02 lo establece el divisor resistivo formado pork 
y R10, En particular, R6 está conectado al positi 
de la fuente de alimentación y R10 a la salidad 
detector, actuando como control automático d 
ganancia (CAG). El CAG se estudia en detalles 
otra lección de este curso. 


El efecto de la resistencia del CAG, RIU 
permitir que la ganancia de voltaje del transistork 
varie en relación con la potencia de la señal dea 
sintonizada, de tal modo que sea grande para seq 
les débiles y se reduzca para señales fuertes. 


De este modo, todas las señales captadas së 
cuchan al mismo volumen. 


El voltaje inverso de polarización del coleccion 
02 lo toma este transistor del positivo de la fuen 
través de la linea central del primario de T2. Ca 


se ha dicho, la carga de este transistor es el circuito 
sintonizado de 455 KHz formado por la bobina 
primaria de T2 y su condensador interno. 


El transistor 02 amplifica la señal de FI presente 
en la base y la envía a la bobina primaria de T2. 


La señal presente en esta última se induce en el 
secundario de T2 y se aplica a la base de Q3, el 
sesundo amplificador de Fl. 


El voltaje dirécto de polarización de la base de 
Q3 se obtiene del positivo de la fuente a través de 


El condensador C6 es un capacitor de deriva- 
ción, que permite el paso de la corriente de señal 
mientras mantiene la polarización de corriente con- 
tinua. 


Por esta razón, la señal inducida de Fl se de- 
sarrolla entre la base de Q3 y tierra. 


La resistencia RY entre el emisor de Q3 y tierra, 
tiene por finalidad limitar la corriente de colector de 
este transistor, a un valor seguro. 


Además, contribuye a la estabilización de la 
polarización de la juntura base-emisor del mismo. 


La cormente de colector produce una caida de 
voltaje a través de R9, El voltaje de polarización de 
la juntura BE de Q3, es la diferencia entre el voltaje 
de la base y la caida desarrollada a través de R9. 


El condensador C7 es un capacitor de derivación 
que se comporta como un cortocircuito para las 
variaciones de señal, provenientes de la base de Q3. 


De este modo, evita que el voltaje de polari- 
zación de la juntura BE siga las fluctuaciones de la 
señal de Fl y se afecte el punto de trabajo del am- 
plificador. 


La carga del transistor Q3 es el circuito sinto- 
nizado formado por la bobina primaria de T3 y su 
capacitor intermo. 


Por lo tanto, Q3 provee máxima amplificación 
de la señal de PI presente en su base y la envía al 
primario de T3. 


Esta señal modulada y amplificada de 455 KHz 
se induce en el secundario de T3 y se inyecta al 
cátodo del diodo detector DI 


En el análisis de los circuitos correspondientes a 
las ctapas amplilicadoras de Fl, mediremos la ga- 
nancia de voltaje de cada etapa y los diferentes vol- 
tajes de polarización de cada transistor. 


Actividad práctica N* 13 


Ensamble final y análisis del amplificador 
de audio 


Introducción 


Esta actividad comprende dos partes. En la pri- 
mera, se termina de ensamblar el amplificador de au 
dio, instalando el control de volumen, el parlante y 
el jack de audífono. En la segunda, se realiza el and- 
lisis completo del circuito y se realizan diversas me- 
didas de voltaje y de corriente, tanto en ausencia co- 
mo en presencia de señal. 


Para verificar la correcta operación del amplifica- 
dor, necesitará de un generador de audio o de un in- 
yector de señales y de un multímetro, análogo o di- 
gital, como equipo mínimo de prueba, Al final de la 
primera parte se indica la forma de realizar un che- 
queo rápido y de localizar posibles fallas, utilizando 
estos instrumentos, 


Durante el análisis se profundiza en estos con- 
ceptos y se realiza el seguimiento y medición de las 
diferentes condiciones de polarización y formas de 
onda presentes en el proceso, desde la entrada del 
preamplificador hasta la salida del amplificador de 
potencia. Para este estudio, es conveniente dispo- 
ner también de un osciloscopio, 


Terminando el ensamble del amplificador de audio 


En esta actividad, vamos a conectar los com- 
ponentes necesarios para terminar completamente la 
etapa amplificadora de audio. 


Después de hacerlo y verificarlo, vamos a rea: 
lizar una prueba y análisis de su funcionamiento en 
donde comprobaremos en la práctica, la teoria estu- 
diada sobre este importante tema. 


Conectaremos primero el potenciometro de 10 
KO que se utiliza como control de volumen y que 
está marcado en el diagrama como RV 10K y que se 
suelda con sus cinco terminales a la Izquierda, sobre 
las puntillas 25,26, A2, A3 y Ad como se muestra 
en la figura 424, 


Paso I. Instalación y conexión del polenciómetro, 
Coloque pre at eg de el potenciometro, hacien- 
do coincidir lo mejor posible sus terminales sobre 
las puntillas mencionadas, y vaya soldando cada 
uno de cllos hasta completar la instalacién. 


Para un mejor resultado, estane ligeramente los 
terminales del potenciómetro por debajo, antes de 
instalarlo sobre las puntillas.Si se suelta alguno de 
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Instalación del control de volumen 


ERA 


los cables que estaban conectados, vuélvalos a insta- 
lar en su sitio. 


Coloque ahora la perilla en el eje del poten- 
ciómetro y asegúrela con el tornillo central, hacien- 
do coincidir la ranura especial en el eje. 


Paso 2. Instalación y conexión del conector para el 
audifono, Conectaremos ahora el " jack " o conec- 
tor para la salida de audífono, marcado en los dia- 
gramas como E/I. 


Lo primero que se debe hacer es fijar bien con 
pegante, el conector para audifono sobre la super- 
ficie de la lámina. Antes de pegarlo, doble el ter- 
minal inferior izquierdo, completamente hacia aba- 
jo, de tal manera que al instalarlo, este terminal to- 
que la puntilla A30. 


Después de pegar el conector, suelde directa- 
mente sus terminales a las puntillas indicadas, Lim- 
pie cuidadosamente y caliente bien las dos superfi- 
cies con el fin de que las soldaduras queden bien 
hechas, 


Conecte ahora un cable entre el terminal inferior 
derecho del conector a la puntilla A28, fijándose 
que esta conexión no haga corto con el terminal infe- 
nor izquierdo, 


Paso 3. Instalación y conexión del parlante, Antes 
de instalar el parlante suelde dos cables de 15 cms 
en su terminales, Fije con el pegante, el parlante en 
la parte superior derecha de la tabla del radio. 


Conecte los cables de éste a las puntillas A30 y 
A31, uniendo con el mismo cable, esta última con 
la puntilla A29 según se muestra en la "Guía para la 
instalación de componentes”. Asi se termina el en- 
samble de la etapa “Amplificador de audio”. 
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Una vez terminado el ensamble del amplificado 
de audio y antes de conectar la batería de 9 voltios; 
verifique la correcta instalación de cada uno del los 
componentes y los alambres de conexión, end 
una de las puntillas correspondientes a esta capa i 


Para hacer esta revisión, siga el diagram 
esquemático que esta pegado en la tabla y la “Guia 
para la instalación de componentes”, que se ha en 
tregado con este curso. 


Revise especialmente los transistores, los dio- 
dos y los condensadores electroliticos, ya que e estos 
componentes son polarizados, y si se conectan mab 
se pueden dañar y no funciona esta etapa. 


Prueba rápida del amplificador de audio 


Una vez que se ha terminado el ensamble ¢ de 
esta etapa, debemos hacer una prueba de su correc.” 
lo funcionamiento. Para hacerlo, se requiere de una” 
fuente de señal que puede ser un generador de ave) 
dio o un inyector de señales como el que se ensam’ 
blo en la actividad N* 11 de este curso, | 


Pasos para la prueba 


Paso 1, Conecte la batería de 9 voltios al conector 
para la batería, B1. 


Paso 2, Encienda el radio y deje la perilla en el pun- 
to inicial después de accionar el suiche, En este pun- 
to, al contrario de los controles de volumen tradicio-> 
nales, éste se encuentra en la posición de máximo: 
volumen, $i se gira completamente a la derecha, el 
volumen estará en el mínimo, 


Paso 3. Conecte el terminal de tierra del generador: 
de audio, si lo nene, o del inyector de señal, a la lie 
nea negativa del radio, en la puntilla 18. El genera- 
dor de audio debe estar ajustado para una salida de 
1000 Hz. | 


Paso 4. Conecte la salida del generador de audio e 
del inyector de señales a la entrada de la etapa del 
amplificador de audio, en la puntilla Al. En este 
momento, si todo está bien, se debe escuchar un to- 
no en el parlante. 
| 
Gire la perilla del control de volumen lentamente. 
hacia la derecha. Si el tono rebaja de intensidad, la 
etapa amplific adora de audio está trabajando bien. 
Si no es así realice los siguientes chequeos en el 
circuito: 


Mirando componentes defectuosos 


Coloque su multímetro en el modo de voltios en 
CC, en la gama de 10 voltios. 


Instale la batería y encienda el radio. Conecte la 
punta negra (negativo) de su multímetro a la línea 
negativa de tierra (puntilla 22), A continuación, to- 
que con la punta roja (positivo) los siguientes pun- 
LOS: 


Puntilla 37: Colector de Q5. Deberá medir 9 vol- 
tios, aproximadamente. Si no es así, chequee la ba- 
terfa y el interruptor del potenciómetro VR. 


Puntilla A10: Base de Q5. Deberá medir 3.6 vol- 
tios, aproximadamente, Si no es así, chequee el par- 
lante, las conexiones del audífono y la resistencia 
R13. 


Puntilla Al2: Colector de Q4. Deberá medir 4.2 
voltios, aproximadamente, Si no es así, chequee los 
diodos D2 y D3, el condensador C12 y el transistor 
04. 


Puntilla A20: Punto de prueba N. Deberá medir 4,9 
voltios, aproximadamente, Si no es así, chequee los 
transistores Q5 y QG y los resistores R14 y R15. 


Análisis y prueba completa del amplificador de 
audio 


El objetivo de esta actividad es analizar la ope- 
ración general del amplificador de audio del radio 
AM CEKIT, desde el puntò de vista de las corrien- 
tes y voltajes existentes en el circuito, tanto en con- 
diciones estáticas como dinámicas. 


Las condiciones estáticas o de reposo son las 
presentes en el circuito cuando no existe senal de 
entrada. 


El efecto de la señal de entrada es variar las co- 
rrientes y voltajes del circuito por encima y por 
debajo de sus valores de reposo. A las nuevas con- 
diciones se les denomina dinámicas, 


Pararealizarel análisisestático, necesitará Única- 
mente de un multímetro, análogo o digital. Para 
realizar el análisis dinámico, requerirá también de 
un osciloscopio y un generador de funciones o gene- 
rador de audio. 


Si no posee este equipo adicional, las pruebas 
estáticas serán suficientes para determinar las condi- 
ciones de operación de su amplificador y diagnos- 
ticar posibles fallas. 


Equipo de prueba necesario 
Un multímetro SANWA TX-301 o similar, 


Un generador de funciones B&K 3010 0 similar, 
Un osciloscopio LEADER LBO-514A o similar. 


Análisis estático 


1. Consumo de corriente del amplificador de audio 


El objetivo de esta prueba es medir la corriente 
consumida por el amplificador de audio en condi- 
ciones de reposo, es decir, sin señal de entrada, 51 
la corriente medida es muy alta, lo más probable es 
que exista un corto en alguna parte del circuito. 
Una corriente muy baja evidencia la existencia de 
un circuito abierto. 


Procedimiento 
Paso L Sitúe el multímetro en el rango "30 mA 


DC” y conéctelo al circuito, como sé muestra en la 
figura A25, 


Medición del consumo estático de corriente 
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Paso 2. Cierre el interruptor general (SW) y 
registre la lectura del medidor. Nosotros obtuvimos 
5 mA. 


Ito =. má 


2. Voltajes de polarización 


El objetivo de esta prueba es medir los voltajes 
de polarización (Vn, Vc, VE, etc.) de los transis- 
tores Q4, 05 y Q6. Verificaremos la polarización 
directa de las uniones BE y la polarización inversa 
de las uniones BC. 


Procedimiento 


Paso 1. Sitúe el multímetro en el rango "12 VDC" y 
conéctelo al circuito como se muestra en la figura 
A26. Coloque la punta negativa a tierra y utilice la 
punta positiva para recorrer los puntos de interés. 
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In problems 1 through 4, the net reactance 
of the series inductor and capacitor changes 


as the frequency changes. Therefore, as the 
frequency changes, the voltage drop across 
the resistor changes and SO does the 


amplitude of the output voltage V out . 

If you plot V out against frequency on a 
graph for the circuit shown in Figure 7.3 , the 
curve looks like the one shown in Figure 7.4 . 
Figure 7.4 


f. 
The maximum output voltage (or peak 


voltage) shown in this curve, V p, is slightly 
less than V in. This slight attenuation of the 


Medición de los voltajes de polarización 
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Paso 2, Cierre el interruptor general. Toque con la 
punta positiva la base, el colector y el emisor de ca- 
da transistor y registre las lecturas de voltaje obte- 
nidas (VB, VC y VE) en la tabla 1. Con estos datos, 
calcule las tensiones de polarización directa VBE = 
VB - VE e inversa Vcs = Ve - Vi de las uniones BE 
y CB, respectivamente. Los valores suministrados 
sirven como referencia. 


jaelor]as foo) 
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oone 

Tabla 1H 


A RN NN $ 


Observe que, por tratarse de un transistor PNP, 
las tensiones de polarización Var y VCB resultantes 
sobre Q6 deben ser negativas. Para Q4 y Q5 estos 
voltajes de polarización deben ser positivos, por 
tratarse de transistores NPN. El valor de War para 
transistores de silicio está generalmente compren- 
dido entre 0.6V y 0.7 V., 


3. Corrientes de polarización 


El objetivo de esta prueba es medir las corrientes 
de polarización (IB e Ic) de los transistores 04, Q5 
y Q6 y determinar la ganancia estática de corriente 
(hFE=IC/14) de cada etapa. Las corrientes y voltajes 
de polarización definen el punto de trabajo y la clase 
de operación. 
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Procedimiento 


Paso L, Para medir la corriente de base (IB) de cadă 
transistor, despegue la base, sitúe el multímetro eq 
el rango "60 YA DC" y conéctelo como se muestra 
en la figura A27. Al final de cada medición, suelde 


nuevamente la base a la puntilla correspondiente, 


Corrientes de polarización 


Base Sa | Colector JC 


A — PEA A Ss! Sie Cn E 


Elija correctamente la polaridad de las puntas de 
prueba, En el caso de Q4 6 Q5, que son NPN, la 
punta positiva debe ir a la puntilla A5 ó A15 y la 
negativa a la base del transistor. En el caso de 06, 
que es PNP, la punta positiva debe ir a la base y la 
negativa a la puntilla Á 16. 


Consigne sus resultados en la tabla 2, columna 


"IB". Los valores suministrados sirven como refe- 
rencia, 


Corrientes de polarización 


| Tabla? f 
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Paso 2, Para medir la corriente de colector (Ic) de 
cada transistor, despegue el colector, sitúe el mul- 
timetro en el rango "6 mA DC” o similar, y conéc- 
telo como se muestra en la figura A27B, Al final de 
cada medición, suelde nuevamente el colector a la 
puntilla respectiva, 


Elija correctamente la polaridad de las puntas de 
prueba. En el caso de Q4 6 Q5, que son NPN, la 
punta positiva debe ir a la puntilla A8 ó A18 y la 
negativa al colector. En el caso de Q6, que es PNP, 
la punta positiva debe ir al colector y la negativa a la 
puntilla A22. 


Consigne sus resultados en la tabla 2, columna 
"IC", Los valores suministrados sirven como refe- 
rencia. 


Paso 3, Con los datos obtenidos, calcule la ganan- 
cia de corriente (hFE), de cada transistor utilizando 
la fórmula hFE = Ic/1B. Consigne sus resultados en 
la tabla 2, columna "hFE". 


4. Caidas de voltaje a través de los diodos de 
polarización. 


El objetivo de esta prueba es medir la caida de 
voltaje a través de los diodos de polarización D2 y 
D3 del amplificador de audio. Estos diodos propor- 
cionan estabilidad térmica a la etapa de salida, 


Procedimiento 


Paso 1. Sitúe el multímetro en el rango "3 Y DC”. 
Para medir la caída de voltaje en cada diodo, 
conecte la punta positiva al ánodo y la negativa al cá- 
todo. Para medir la caída total, conecte la punta posi- 
tiva al ánodo de D2 y la negativa al cátodo de D1. 


Paso 2. Cierre el interruptor general. Mida inicial- 
mente la caída de voltaje sobre D2, a continuación 
la caída sobre D3 y, por último, la caída total entre 
D2 y D3, Registre sus resultados. Deberá obtener, 
aproximadamente, 0.65 V sobre cada diodo y 1.3V 
entre ambos, 

VD2=_ y 

YD3 = V 


Voss Y 


Análisis dinámico 


i. Ganancia de voltaje de la etapa preamplificadora 


El objetivo de esta prueba es evaluar la ganancia 
de voltaje del preamplificador de audio y observar 
otras características interesantes de esta etapa. En 
particular, comprobaremos que la señal de salida 
está desfasada 180% con respecto a la señal de en- 
trada, y que la ganancia depende estrechamente de 
la frecuencia. 


Utilizaremos el generador de funciones como 
fuente de señal y el osciloscopio de dos canales co- 


mo instrumento de visualización y medida. Necesi- 
taremos también de un condensador de acople de 
0.1 uF. 


Procedimiento 


Paso 1. Ajuste el generador para producir una onda 
seno de 100 mVpp de amplitud y 1 KHz de fre- 
cuencia, Conéctelo a la entrada del amplificador de 
audio (punto de prueba L) a través de un conden- 
sador de 0.1 uF como se muestra en la figura A28. 


Paso 2. Cierre el interruptor general y gire el con- 
trol de volumen completamente hacia la derecha, Co- 
necte el canal 1 del osciloscopio a la base de Q4 y el 
canal 2 al colector, como se indica, Como referen- 
cla, aj uste la base de tiempo en 0.5 mseg/div, la ate- 
nuación del canal 1 en 5 mV/div y la del canal 2 en 
200 mv /div. 


Paso 3. Ajuste el control de volumen hasta visuali- 
zar en el canal | una señal de entrada de 10 mV pp. 
Observe la señal de salida correspondiente en el 
canal 2. Compare la fase de ambas señales. Notará 
que la señal de salida aparece desfasada 180* con 
respecto a la señal de entrada. Ahora mida la am- 
rd picoa pico de la señal de salida y registre este 
valor, 


Vsal = mYpp 


Paso 4, Calcule entonces la ganancia de voltaje de 
la etapa mediante las fórmulas: 


Vaal 
Vent 
y 
AV (dB) = 20 Log AV 


AV = 


Consigne los resultados obtenidos. Nosotros 
registramos una ganancia de 136 (43 dB). 


AN = = dB 


Recuerde que esta es la ganancia del preampli- 
ficador a 1 KHz. En realidad la ganancia y, en me- 
nor grado, la diferencia de fase, dependen de la fre- 
cuencia. Evalúe la ganancia para otras frecuencias 
de la gama de audio (20Hz a 20 KHz). Los valores 
obtenidos configuran la respuesta de frecuencia del 
preamplificador. 3 


2. Ganancia de potencia del amplificador de salida 


El objetivo de esta prueba es determinar la ganan- 
ciade potencia del amplificador de salida para un de- 
terminado nivel de señal de entrada, Evaluaremos 
también la máxima potencia de salida posible. 
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Paso 1. Aplique con el generador de funciones una 
señal de 100 mVpp, 1 KHz, al punto de prueba L. 
Utilice un condensador de desacople de 0.1 pF. Co- 
necte entonces el canal 1 del osciloscopio a la base 
de (34 y manipule el control de volumen hasta 
obtener una señal de 10 mVpp en ese punto. 


Paso 2. Para determinar la potencia de entrada, de- 
be medir el voltaje de entrada, Para efectos prác- 
ticos, la Impedancia de entrada del amplificador pue- 
de considerarse igual a R13 (6800), La potencia se 
evalúa entonces utilizando la fórmula V2/R, siendo 
V el voltaje rms de entrada y R=680Q. 


Para medir el voltaje rms de entrada, sitúe el mul- 
timetro en el rango "3 VAC". Conecte la punta ne- 
gativa a tierra y toque con la punta positiva el colec- 
tor de Q4. Utilice la salida "OUT" para desacoplar 
el nivel de CC de la señal. Registre el valor medido. 
Nosotros obtuvimos 1.2 Vrms. 


Vent = Vims 


Calcule entonces la potencia de entrada y regis- 
tre el valor obtenido. En nuestro caso, la potencia 
de entrada es igual a 1.24/680 = 2 mW, 


Pent=_ mW 


Paso 3. Para determinar la potencia de salida, mida 
el voltaje de salida. La carga del amplificador es un 
parlante que tiene una impedancia de 80. La poten- 
cia se evalúa entonces utilizando la fórmula V2/R, 
siendo V el voltaje rms de salida y R = 8O , 


Para medir el voltaje de salida, calibre el multí- 
metro de la misma forma anterior pero toque con la 
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punta positiva el punto de prueba O (puntilla A26). - 
Registre el valor medido, Notará que no hay ampli- ` 
ficación de voltaje. Nosotros obtuvimos 1.1 Vrms. 


Vsal =_ Y rms 


Calcule entonces la potencia de salida y registre 
el valor obtenido, En nuestro caso, la potencia de sa- 
lida es igual a 1.14/8 = 151mW = 0.15 W, 


Psal = _ mW 


Paso 4. Evalúe la ganancia de potencia utilizando 
las fórmulas: 


Psal 
Aba Pent 


y 


_ En nuestro caso, AP = 151/2 =75 = 19 dB. Re- 
gistre el valor obtenido por Ud, 


ÄP = — = -dB 


Paso 5. Para determinar la máxima potencia de sa- 
lida, gire lentamente el control de volumen hasta ob- | 
tener la máxima lectura de voltaje en el punto de 
prueba O, Calcule entonces la potencia mediante la — 
fórmula V4/R, siendo V el voltaje rms máximo de 
salida y R la impedancia del parlante (80). Noso- 
tros obtuvimos Wmdx=3.4 Vrms. En consecuencia, 
Prax = 1.5 W. Registre los valores obtenidos, 


Vaal (máx) = | Vrms 


Psal (max) = W 


Continuación actividad práctica N* 13 


3. Operación del par complementario 05-06 


El objetivo de esta prueba es observar las for- 
mas de onda del proceso push-pull realizado en la 
etapa de potencia del amplificadorde audio. Analiza- 
remos también el fenómeno de la distorsión de am- 
plitud y los efectos de la realimentación negativa. 


Procedimiento 


Paso 1. Retire la resistencia de 10 £2 utilizada como 
carga en las pruebas anteriores y conecte en su lu- 
ear el audifono (o el parlante, si lo posee). Conecte 
al punto de prueba L el generador de audio y el ca- 
nal 1 del osciloscopio. 


Calibre la atenuación vertical en 0.1 V/div y la 
base de tiempo en 0.5 mseg/div. Programe el 
generador para suministrar en el punto L una onda 
seno de 1 KHz y 300 mYpp de amplitud. Observe 
y mida la señal correspondiente en el osciloscopio, 


Paso 2, Conecte ahora el canal 1 del osciloscopio al 
unto de prueba J. Calibre la atenuación vertical en 
0.01 V/div. Con la batería nueva instalada, manipu- 
le lentamente el control de volumen (VR) hasta ob- 
tener en ese punto una señal de 10 mVpp. Observe 
y mida la señal correspondiente en el osciloscopio. 
Deberá escuchar un tono continuo en el audífono. 


Paso 3. Desconecte la resistencia R16 de la puntilla 
A17 y conecte el extremo libre al polo positivo de la 
batería (puntilla 32). Notará que el tono escuchado 
en el audífono sube de volumen y observará en el 
osciloscopio que la señal de entrada aplicada al 
punto J aumenta ligeramente de amplitud. Conecte 
nuevamente R16 a la puntilla A17. 


Al desconectar R16 de la puntilla A17 y conco- 
tarla a la puntilla 32 estamos climinando la reali- 
mentación negativa que existe entre la salida y la 
entrada del amplificador de audio, El aumento en el 
nivel de la señal de entrada se interpreta como un au- 
mento en la impedancia de entrada del amplificador. 


Por consiguiente, hemos comprobado que la rea- 
limentación negativa reduce la impedancia de entra- 
da de un amplificador. 


Paso 4. Conecte ahora el canal 2 del osciloscopio a 
la puntilla A12 (salida del preamplificador y entrada 
del amplificador de potencia). Calibre la atenuación 
vertical en 1 V/div, Deberá observar una onda seno 
de cierta amplitud, 51 la compara con la señal de 
entrada, notará que las dos señales están en oposi- 
ción de fase, es decir, cuando la una es positiva, la 
otra es negativa y viceversa (figura A29), 


Canal 1 
(Puro 1) 
0.01 Wiki 
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Paso 5. Desconecte nuevamente R16 de la puntilla 
A17 y conéctela a la puntilla 32 (positivo de la bate- 
ría). Observe la señal resultante en el osciloscopio y 
compárela con la señal original, Notará que aumen- 
ta de amplitud,pero experimenta una distorsión cón- 
siderable (figura A30). Conecte otra vez R16 a la 
puntilla AF7. 
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El aumento en el nivel de la señal de salida, y el 
consiguiente aumento de la ganancia, al suspender 
la realimentación negativa, es una consecuencia di- 
recta del aumento de la impedancia de entrada obser- 
vada en el paso 3, Sin embargo, la suspensión de la 
realimentación introduce distorsión, 


Por consiguiente, hemos comprobado que la rea- 
limentación negativa reduce la ganancia pero tam- 
hién reduce la distorsión en la señal de salida de un 
amplificador. 


Paso 6. Conecte ahora el canal 2 del osciloscopio a 
la puntilla A26 y el canal 1 a la puntilla A12. Cali- 
bre la atenuación vertical de ambos canales en 1 
V/div. Deberá observar una onda seno de cierta am- 
plitud. Si la compara con la señal de entrada apli- 
cada a la puntilla A12, notará que las dos señales 
están en fase y tienen amplitudes similares (figura 
AST). 


Por consiguiente, hemos comprobado que la ga- 
nancia de voltaje del amplificador de potencia es 
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aproximadamente igual a la unidad. Es decir, el cir- 
culto ño amplifica voltaje sino corriente. 


Paso 7, Repita el paso 5, con la atenuación vertical 
de ambos canales en 2V/div. Notará otra vez distor- 
sión en la señal de salida. Recuerde reconectar R16. 


Paso 5. Desconecte las puntas de prueba de ambos 
canales. Conecte el canal 1 entre el punto de prueba 
N y la puntilla A19 y el canal 2 entre el punto N y la 
puntilla A21, tal como se muestra en la figura A32, 
Calibre la atenuación verticalen0.01 V/div, Manten- 
ga la base de tiempo en 0,5 mseg/div, el selector de 
canales en el modo de ALT o CHOP y el de modo 
de operación (AC/DC) en DC, 


Observe y compare las señales obtenidas. En la 
figura A33 se muestran sus formas de onda. La se- 
ñal del canal 1 corresponde a la forma de onda del 


sas RRE NT TT. | 
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voltaje sobre R14, la resistencia de emisor de Q5, y 
la señal del canal 2 a la forma de onda del voltaje 
sobre R15, la resistencia de emisor de Q6, 


Las formas de onda de las señales de corriente 
de emisor de Q5 y Q6 son idénticas a las de las seña- 
les de voltaje visualizadas porque, como sabemos, 
en una resistencia, el voltaje y la corriente están en 
fase, Los valores correspondientes de corriente se 
obtienen, de acuerdo a la Ley de Ohm, dividiendo 
los valores de voltaje en cada punto por el valor de 
R140 R15(0.5 0). 


Observe en la figura A33 que Q5 suministra co- 
rriente de salida únicamente durante los semiciclos 
positivos de la señal de entrada y 06 únicamente du- 


Fig. A32 : 


rante los negativos. Estos impulsos de cornente se 
superponen en el punto N M reconstruyen en su tota- 
lidad la forma de onda de la corriente de salida apli- 
cada a la carga, representada por el audifono. 


Por consiguiente, hemos comprobado que OS y 
06 efectivamente trabajan como un par comple- 
mentario. Es decir, @3 maneja la porción positiva 
de la señal de entrada del amplificador de potencia y 
06 la negativa. 


Para ratificarlo aún más, superponga los niveles 
de referencia de las señales observadas en el oscilos- 
copio, manipulando los controles de posición ver- 
tical. Obtendrá una onda perfectamente sinusoidal, 
libre de distorsión, tal como se muestra en la figura 
A34, 
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4. Respuesta completa de frecuencia 


El objetivo de esta prueba es determinar la res- 
puesta completa de frecuencia del amplificador de 
audio, es decir, medir la ganancia de voltaje del cir- 
culto para distintos valores de frecuencias. 


En particular, comprobaremos que la ganáncia 
de voltaje depende estrechamente de la frecuencia y, 
lo mas importante, que no es constante para todas 
las frecuencias posibles de señal, 


Nos interesa, especialmente, lo que sucede entre 
(1 y 5 KHz, que es el ancho de banda ocupado por 
la informacion enviada desde una emisora AM, Los 
amplificadores de audio, en general, se diseñan pa- 
ra amplificar señales entre 0 y 20 KHz. 


Realizaremos dos pruebas paralelas. La primera 
en condiciones normales de operación y la segunda 
desconectando el condensador C12. Esta última se 
hace con el fin de verificar la función de filtro de al- 
tas frecuencias que cumple C12. 


El condensador 012 delimita el ancho de banda. 


del circuito, evitando que amplifique también seña- 
les de alta frecuencia. Estas señales, además de ser 


indeseables, provocan un aumento innecesario de la 
potencia consumida por el amplificador. 


Necesitaremos para esta práctica un generador 
de audio como fuente de señal y un osciloscopio de 
doble trazo (2 canales) como instrumento de visua- 
lización y medida. La frecuencia del generador debe 
ser variable dentro de un amplio rango y la ampli- 
tud de la señal suministrada debe mantenerse razona- 
hlemente estable. 


Continuaremos utilizando el audífono como tar- 
ga. El procedimiento general se detalla enseguida, 


Mediante el generador, aplicaremos a la entrada 
del amplificador una onda seno de determinada 
frecuencia y la visualizaremos en uno de los canales 
del osciloscopio, En el otro canal, observaremos la 
señal de salida correspondiente. 


Con el condensador C12 instalado, mediremos 
la amplitud de las dos señales y calcularemos la 
pee en de voltaje “con C12” para esa frecuencia. 

os datos obtenidos (frecuencia, voltaje de entrada, 
voltaje de salida y ganancia ) los registraremos en 
una tabla. 


A continuación, sin variar las condiciones de 
entrada, desconectaremos C12 y observaremos el 
efecto en la amplitud de la señal de salida. Nue- 
vamente, calcularemos la ganancia y registraremos 
los datos obtenidos en la misma tabla. 


Repetiremos este proceso para cada una de las 
frecuencias solicitadas en la tabla, Tomaremos los 
datos de frecuencia y ganancia obtenidos y los loca- 
lizaremos en una gráfica en papel logarímico, 


Los valores de frecuencia se marcan horizontal- 
mente y los de ganancia verticalmente. Cada valor 
de frecuencia y ganancia determina un punto sobre 
la gráfica. Uniendo entre sí estos puntos, obten- 
dremos las curvas de respuesta de frecuencia busca- 
das, con Cl? y sin C12, y procederemos a su com- 
paración y análisis, 


Procedimiento 


Paso 1. Conecte el generador de audio al punto de 
prueba L a través de un condensador de 0,1 yF. 
Conecte a ese punto el canal 1 del osciloscopio. 
Calibre la atenuación vertical en 0.1 V/div y la base 
de tiempo en 0.5 mseg/div. Programe el generador 
para suministrar en el punto L una onda seno de | 
KHz y 300 mVpp de amplitud, Observe y mida la 
señal correspondiente en el osciloscopio. 


Paso 2, Conecte ahora el canal 1 del osciloscopio al 
punto de prueba J. Calibre la atenuación vertical en 
0.01 V/div, Con la batería instalada, manipule len- 
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Entrada 
(Puntod) 


tamente el control de volumen (VR) hasta obtener 
en ese punto una señal de 10 mVpp. Observe y mi- 
dala señal correspondiente en el osciloscopio. Debe- 
rá escuchar un toño continuo en el audífono, 


Paso 3. Conecte el canal 2 del osciloscopio al punto 
de prueba O. Calibre la atenuación vertical en 0.5 
V/div. Observe la señal de salida y mida su corres- 
pondiente amplitud pico a. pico. Calcule la ganancia 
de voltaje utilizando las siguientes fórmulas: 


Av (iKHz) a eA a 


| Vent TÓmVpp — 


Av de (1KHz) = 20 Log- SaL _ 


=> 


Went 


Registre los valores obtenidos en la tabla 1. 


Paso 4. Desconecte momentáneamente el conden- 
sador C12 de la puntilla 20. Observe y mida la se- 
fal de salida resultante. Calcule la ganancia de vol- 
taje correspondiente y registre los valores obtenidos 
enla tabla |, 


Paso 5. Ajuste el control de frecuencia del genera- 
dor de funciones para suministrar una señal de 200 
Hz en el punto de prueba J. 51 es necesario, mani- 
pule el control de amplitud para garantizar que la 
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Tabla de datos para respuesta de frecuencia 
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Tabla 1 


señal de entrada en ese punto siga siendo de 10 
mVpp. Asímismo, ajuste la base de tiempo del osci- 
loscopio a un valor apropiado para visualizar unos 
pocos ciclos de la señal. 


Paso 6. Observe y mida la amplitud de la señal de 
salida resultante en el canal 2 del osciloscopio. 51 es 
necesario, ajuste la atenuación vertical a un valor 
apropiado pura visualizar completamente la señal, 
Calcule la ganancia de voltaje correspondiente y re- 
vistre los valores obtenidos en la tabla 1. 


Paso 7, Repita el paso 4. 


Paso 8. Repita los pasos 5, 6 y 7 para los demás 
valores de frecuencia solicitados en la tabla 1, hasta 
completarla. 


Paso 9. Con los datos obtenidos, dibuje en papel 
logaritmico o semilogarítmico la curva de respuesta 
de frecuencia del amplificador, con C12 y sin C12. 


Utilice el trazado de la figura A35. Localice hori- 
zontalmente todos los valores de frecuencia y verti 
calmente todos los valores de ganancia. Una los 
puntos resultantes en forma consecutiva. La gráfica 
resultante es la curva de respuesta de frecuencia huss 
cada, 


Notará que la ganancia no es constante para tos 
das las frecuencias y que alcanza su valor máximo 
dentro de cierto rango, digamos, entre 1 y 2 KHz, 
y se reduce progresivamente para frecuencias por 
fuera de este rango. La ausencia de C12 no afecta la 
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respuesta a ees frecuencias, pero sf a altas. En 


consecuencia, C12 actúa como un filto pasa bajos. 


Conclusiones 


Durante esta actividad, hemes terminado el en- 
sambie del amplificador de audio y realizado el aná- 
lisis estático y dinámico de sus condiciones de ope- 
ración. A través de las pruebas, hemos verificado 
muchos aspectos teóricos importantes relacionados 
con los transistores y los amplificadores de audio 
en general. 


Así mismo, nos hemos familiarizado más con el 
uso de los transistores y la manipulación de instra- 
mentos de medida como el multímetro, el oscilos- 
copio y el generador de señales. También, hemos 
adquirido ciertas destrezas y técnicas que nos servi- 
rán en el futuro para analizar circuitos similares. 


Desde el punto de vista conceptual, hemos com- 
probado, entre otras cosas, que: 


* El consumo de corriente del amplificador de 
audio es relativamente bajo en condiciones estáticas 
odereposo (sin señal de entrada) y aumenta en con- 
diciones dinámicas, dependiendo del nivel de señal 
aplicado. 


* Todos los transistores del amplificador de au- 
dio deben estar correctamente polarizados para que 
el circuito funcione eficientemente: En particular, el 
voltaje de polarización directa de la unión BE de Q4 
y Q5 debe ser positivo y el de QG negativo. 


« Q4 es un amplificador de voltaje clase A mien- 
tras Q5 y Q6 son amplificadores de potencia comple- 
mentarios clase AB. Q5 y Q6 suministran más ga- 
nancia de corriente que Q4 pero no amplifican vol- 
taje. | 
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s La señal de salida del preamphficador está des- 
fasada 180% con respecto a su señal de entrada. La 
señal de sálida del amplificador de potencia está en 
fase con su señal de entrada. 


+ Para una determinada frecuencia de señal, la 
ganancia de voltaje del preamplificador es práctica- 
mente constante mientras la ganancia de potencia 
del amplificador de salida, depende del nivel de se- 
ñal aplicado, En consecuencia, el preamplificador 
opera linealmente y el amplificador de potencia no. 


« La máxima potencia de salida del amplificador 
de audio depende del valor de la fuente de alimenta- 
ción y del valor de impedancia de la carga. La má- 
xima potencia sin distorsión depende, además, del 
nivel de la señal de entrada. 


« La resistencia R16 suministra realimentación 
negativa de voltaje desde la salida hasta la entrada 
del amplificador de audio. La realimentación nèga- 
tiva reduce la impedancia de entrada y la ganancia 
del amplificador, pero minimiza la distorsión, 


2005 suministra corriente de salida sin distor- 
sión durante los semiciclos positivos de la señal de 
entrada y Q6 durante los semiciclos negativos, En 
consecuencia, trabajan como un par complemen- 
tario clase AB, 


* Para un mismo nivel de señal de entrada, la ga- 
nancia de potencia del amplificador de audio depen- 
de estrechamente de la frecuencia, Es máxima para 
las frecuencias centrales de la banda de audio y dis- 
minuye gradualmente para frecuencias por fuera de 
esta banda, 


* La ausencia de C12 no afecta la respuesta de 
frecuencia del amplificador de audio, a bajas fre- 
cuencias, pero st a altas frecuencias. 
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Lección 24 | 


Etapa amplificadora de R.F. 


Introduccion 


El amplificador de radiofrecuencia o de RF del 
receptor AM CEKIT es la etapa de entrada del sis- 
tema. Esta etapa está formada por el circuito de 
antena y el amplificador propiamente dicho, Su fun- 
ción consiste en seleccionar la señal modulada de 
RF, proveniente de una emisora AM especifica, y 
amplificarla con el mínimo de ruido. Figura 264. 
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El amplificador de RF debe tener un ancho de 
banda apropiado para seleccionar la portadora y sus 
bandas laterales y rechazar al mismo tiempo las se- 
nales provenientes de emisoras adyacentes, En el 
caso del radio AM CEKIT, este ancho de banda es 
de 9 KHz, aproximadamente. 


Una vez amplificada, la señal de salida del am- 
plificador de RF se mezcla o bate con la señal del 
oscilador local para producir la señal de FL A este 
proceso, como sabemos, se le denomina heterodina- 
ción. La señal de FI tiene una frecuencia de 455 
KHz y conserva la misma modulación original de la 
portadora de RP. 


Nuestro amplificador de RF ha sido diseñado 
para operar en la banda de onda media (OM o MW) 
de AM, la cual se extiende desde 530 hasta 1600 
KHz. Los amplificadores de RF, en general, se di- 
señan para operar en cualquier banda de frecuencias 
desde 30 KHz hasta más de 1 GHz (1000 MHz), 
incluyendo microondas. Las microondas son fre- 
cuencias por encima de 3 GHz. 


Características generales de los amplificadores de 
RF 


Los amplificadores de RF son similares a los am- 
plificadores de audio en muchos aspectos. Deben 
tener una carga en su crrculto de salida y necesitan 
estar correctamente polarizados. 51n embargo, son 
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selectivos, esto es, se destinan para amplificar una 
determinada banda de frecuencias. 


En la figura 285 se muestra la característica de 
ganancia vs frecuencia de un amplificador ideal de 
RF. La ganancia es cero para todas las frecuencias 
por debajo de fl, adquiere un determinado valor 
para frecuencias entre fl y A (banda de paso) y se 
hace nuevamente cero para todas las frecuencias por 
encima de 2. 
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Las frecuencias que definen la banda de paso (f2 
y 11) se denominan frecuencias de corre supenor € 
inferior, respectivamente, y su diferencia (12-11) de- 
fine el ancho de banda (B) del amplificador, El 
punto medio fo de la banda de paso, equidistante de 
sy ag de corte, se denomina frecuencia cen- 
IPAL, 


la característica de ganancia vs frecuencia de los 
amplificadores reales de RE (figura 286) es sólo 
una aproximación a la característica ideal de la fign- 
ra 285, Por definición, los límites reales que defi- 
nen la banda de paso son aquellos en los cuales la 
ganancia es 0.707 veces la ganancia máxima, obte- 
nida a la frecuencia central. 


De acuerdo a su ancho de banda, los amplin- 
cadores de RF pueden ser de banda ancha o de 
banda estrecha. Los de banda ancha tienen anchos 
de banda de varios MHz y se destinan, general- 
mente, para aplicaciones de video. Los de banda 
estrecha tienen anchos de banda de unos pocos Hz 
y se destinan, generalmente, para aplicaciones de 
audio, 


Un ejemplo de amplificador de RF de banda an- 
cha es el utilizado como etapa de entrada en unre- 
ceptor de TV (figura 287), La señal de video ocu- 
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pa un ancho de banda de 5.5 MHz y se transmite 
modulada en amplitud sobre una portadora de Y HF 
(54 a 216 MHz, canales 2 al 13) o UNF (470 a 890 
MHz, canales 14 al 83), 


Circuitos de entrada de un TV 


A ON Alompiteode (Es 
| 08 mao 
ii sil e dilampiñicador | 
; es th 

J =E Aleeporada 

| RS 
i 
1 
i 


areata a ii 


ADA 


Em 


iin aaa A 


Un ejemplo de amplificador de RF de banda es- 
trecha o sintonizado es el que se utiliza como etapa 
de entrada en un receptor superheterodino de AM. 
En este caso, la señal de audio ocupa un ancho de 
banda de 9 KHz y se transmite modulada en ampli- 
tud sobre una portadora de 530 a 1600 KHz. 


Los amplificadores de RF pueden encontrarse 
como etapas de entrada en receptores o como etapas 
de salida en transmisores. En el primer caso, traba- 
jancomo pop enapres de voltaje, manejando seña- 
les muy dé 
amplificadores de potencia, manejando señales des- 
de unos pocos vatios hasta cientos de kilovatios. 


Los amplificadores de RF se utilizan también 
para realizar ciertas funciones especializadas, como 
la mezcla y la multiplicación de frecuencias (figura 
288). Un mezclador combina dos señales de Ire- 
cuencias diferentes. Un upea entrega una 
frecuencia de salida que es 2, 36 4 veces la Fre- 
cuencia de entrada, 
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iles. En el segundo, trabajan como. 


Mezcladores y multiplicadores 
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En el caso del radio AM CEKIT, el dispositivo 
activo usado como amplificador de RF (Q1), actúa 
también como mezclador, combinando la frecuencia 
de la señal de antena con la del oscilador local, para 
producir una señal que tiene una frecuencia de 455 
KHz (FD. 


Los amplificadores de RF pueden estar forma- 
dos por una o varias etapas, En este último caso, se 
conectan dos o más etapas sencillas en cascada, una 
a continuación de la otra, con el fin de aumentar 
gradualmente el nivel de la señal de entrada. El am- 
plificador de RF del radio AM CEKIT es de una so- 
la etapa y el de Fl es de dos etapas. 


Los amplificadores de RF se caracterizan por uti- 
lizar circuitos resonantes RLC como elementos de 
sintonía, Estos circuitos determinan el ancho de ban- 
da v la selectividad. La amplificación como tal la rea- 
lizan transistores o FE Ts. Los FETs generan menos 
ruido y tenen una impedancia de entrada más alta 
que los transistores convencionales. 


El amplificador de RF del radio AM CEKIT uti- 
liza un tanque RLC, sintonizable a cualquier fre- 
cuencia entre 330 y 1600 KHz, como etapa de entra- 
da y un tanque RLC, sintonizado a 455 KHz, co- 
me etapa de salida. El elemento activo de amplifica- 
ción es un transistor bipolar NPN (01). 


La etapa de antena. Concepto de factor de calidad 


oQ., 


La etapa de antena del receptor AM CEKIT es 
un tanque o circuito resonante RLC paralelo, sinto- 
nizable a cualquier frecuencia entre 530 y 1600 
KHz. Su función consiste en captar la señal de RE, 
emitida por una estación deradio AM especifica den- 
tro de esta banda, y sumimstrarla a la entrada del 
amplificador de RF, 


Una vez amplificada, esta señal se mezcla con la 
del oscilador local para producir la señal de FI. En 
la figura 289 se muestra el circuito completo de la 
etapa de antena y su forma simplificada, La teoría 
sobre circuitos resonantes se estudia con detalle en 
la Lección 12 de este curso. 
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peak voltage from the input voltage IS 
because of the DC resistance of the inductor. 

The output voltage peaks at a frequency, f 
r, where the net reactance of the inductor 
and capacitor in series is at its lowest value. 
At this frequency, there is little voltage drop 


across the inductor and capacitor. Therefore, 
most of the input voltage is applied across the 
resistor, and the output voltage is at its 
highest value. 

Question 

Under ideal conditions, if X C were 10.6 ohms, 


what value of X L results in a net reactance 
(X) of O for the circuit shown in Figure 7.3 ? 
Answer 
X = XL — XC = 0, therefore: 
XL= XC + X = 10.6 2 + 0 = 10.6 Q 

6 You can find the frequency at which X L 
— XC = O by setting the formula for X L 
equal to the formula for X C and solving for 
f: 


l 
2nfL = —— 
2T1C 
Therefore, 
l 
f, = — = 
2T LC 
where fr is the resonant frequency of the 
circuit. 
Question 


What effect does the value of the resistance 


Circuito de antena 
an amplificador 
G pie RF 
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La frecuencia de resonancia del circuito de ante- 
na esta dada por: 


Siendo 21=6.28 una constante, L=L1 la induc- 
tancia del devanado primano en Henrios (H) y € = 
CV1+CT1 la capacitancia equivalente en Faradios 
(E), CV l es el condensador de sintonía y CT1 el de 
compensación o "trimmer". Se utiliza para realizar 
ajustes finos de sintonía. 


La resistencia RS representa las pérdidas aso- 
ciadas a los elementos reactivos del circuito de sin- 
tonta (L y C) y al efecto de la impedancia de entrada 
del amplificador, Para efectos prácticos, se conside- 
ra que las pérdidas se deben exclusivamente a la re- 
sistencia de la bobina L. 


El efecto de estas pérdidas en la selectividad del 
circuito de sintonia y su ancho de banda, se puede 
evaluar mediante el factor de calidad o Q de la bobi- 
na, definido como: 


Siendo 27=6.28, Fo la frecuencia de resonancia 
(Hz), L la inductancia de la bobina (H), XL la reac- 
tancia inductiva (£2) y RS su resistencia serie o inter- 
na, Se dice que una bobina es de alto Q cuando el 
valor de Q es mayor o igual a 10 (diez), Es común 
encontrar, en aplicaciones de RF, bobinas con Q de 
100 a 200 y más. | 
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_ En términos del factor de calidad Q, el ancho de 
banda del circuito (B) es la relación entre la frecuen= 7 
cia de resonancia (Po) y el Q, esto es: 


Las bobinas de alto Q proveen anchos de banda: 
más reducidos que las de bajo Q y viceversa. Entre 
más alto sea el valor de Q, más selectivo es un cir 
cuito. El ancho de banda del circuite de antena debe. 
sercompatible con el de las transmisiones comerciar 
les de AM (10 KHz). 


Las señales de radio, emitidas por las diversas. 
estaciones, son interceptadas por la antena propia- 
mente dicha y se dirigen al circuito de sintonía. 
Dependiendo de la posición de CV1, este circuito 
tendrá una determinada frecuencia de resonancia, 
digamos 750 KHz, y ofrecerá su máxima respuesta 
de voltaje a esa frecuencia, 


Las señales que tienen una frecuencia diferente a 
la de resonancia y están por fuera del ancho de ban- 
da del circuito, encuentran una impedancia muy ba- 
ja y, por lo tanto, no pueden desarrollar un voltaje 
importante sobre el primario de L1. En consecuen- 
cia, estas señales no pasan al secundario ni se trans- 
fieren al amplificador de RF. 


En contraste con esta situación, las señales que 
tienen frecuencias comprendidas dentro del ancho 
de banda del tanque encuentran una impedancia 
muy alta y, po lo tanto, desarrollan voltajes aprecia- 
bles sobre el primario de L1. 


Estos voltajes, que son réplicas eléctricas de la 
señal electromagnética enviada por una emisora en 
particular, seinducen en el secundario y se transfie- 
ren al amplificador de RE, 


La bobina o transformador del circuito de ante- 
na(L1) consiste de dos arrollamientos independien- 
tes, devanados sobre un núcleo común de ferrita y 
ig de éste por un cartón aislante (figura 
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Los arrollamientos se realizan con un tipo espe- 
cial de alambre llamado "Litz" para minimizar su re- 
sistencia interna y sus extremos sé identifican me- 
diante un código de colores. La barra de ferrita ac- 
túa como antena colectora de ondas. Sin embargo, 
para optimizar la recepción en ciertas áreas margi- 
nales, puede instalarse una antena externa. 


Además de determinar la frecuencia de resonan- 
cia, el transformador L1 se utiliza también para aco- 
plar la alta impedancia del circuito de sintonía (=150 
KQ) con la baja impedancia de entrada del amplifica- 
dor de RF (21 KO). 


Para lograr este acople, la relación de espiras 
(N) entre el secundario y el primario debe ser rela- 
tivamente alta. En nuestro caso, el primario tiene 10 
espiras y el secundario 120, aproximadamente, En 
consecuencia, la relación de espiras es N=12. 


El acople consiste en igualar la impedancia de 
entrada del amplificador de RF (carga) con la impe- 
dancia del circuito de sintonía (fuente de señal), 
Así, se obtiene la máxima transferencia de señal, se 
minimizan las pérdidas y se simplifica el diseño del 
amplificador de RE. 


Con el uso del transformador Ll se consigue 
que Ja entrada del amplificador " vea * una fuente de 
señal de baja impedancia y el circuito de sintonía 
una carga de alta impedancia. Esto es precisamente 
lo que se busca con el acople. La impedancia apa- 
rente vista en uno u otro caso se denomina impedan- 
cia " reflejada ". (figura 291). 


Acoplamiento de impedancias 
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Cómo se sintonizan otras bandas de AM 


El circuito de sintonía del radio AM CEKIT pro- 
vee únicamente recepción de las emisoras locales de 
onda media que transmiten en la banda comercial de 
AM (530 a 1600 KHz). 


Muchos props ne también progra- 
mas en onda larga (150 a 300 KHz) o en onda corta 


(5.5 a 30 MHz), emitidos por estaciones inter- 


nacionales como Radio Monte Carlo, la BBC de 
Inglaterra, la Voz de los Estados Unidos de Amé- 
rica, la Radiodifusora Nacional de Colombia, etc. 


‘En un receptor de dos bandas, la conmutación 
de una banda a otra se realiza generalmente median- 
te un interruptor dpdt (2 polos, 2 Pon que 
conecta los componentes de sintonía necesarios pa- 
ra cubrir cada banda. Por razones de conveniencia, 
se utiliza el mismo condensador variable. 


En la figura 292 se muestra un circuito de con- 
mutación típico de onda larga/onda media utilizado 
en ciertos receptores de radio, 


Circuito de conmutación de onda larga 
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En la posición "LW" (onda larga) el conmuta- 
dor conecta el condensador C2 (220 pF) en paralelo 
con la sección osciladora del condensador variable 
(CV2) y el condensador C1 (88 pF) en paralelo 
con la sección de antena (CV 1). No se utiliza el arro- 
Hamiento "60"de la bobina de sintonía y sólo inter- 
viene el arrollamiento "9/180". Estos números se re- 
fieren al número de espiras, 


Con esta configuración la frecuencia de resonan- 

cia del circuito de antena se puede variar entre 150 y 

300 KHz y la del oscilador local entre 605 y 755. 

= la frecuencia intermedia sigue siendo de 455 
Hz. 


En la posición "MW" (onda media o AM nor- 
mal) el conmutador desconecta los condensadores 
Cl y C2 y conecta el arrollamiento "60" en paralelo 
con el arrollamiento "9/180". 


Con esta configuración, la frecuencia de reso- 
nancia del circuito de antena se puede variar entre 
540 y 1600 KHz y la del oscilador local entre 985y 
2055 KHz. La frecuencia intermedia sigue siendo 
de 455 KHz. La operación del oscilador local se es- 
tudia en detalle en la Lección 25. 
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El amplificador de RF 


El amplificador de RF propiamente dicho del ra- 
dio AM CEKIT, recibe la débil señal captada por el 
circuito de antena, la amplifica, la mezcla con la se- 
ñal del oscilador local y entrega la señal resultante al 
primer amplificador de Fl. La salida del amplifica- 
dor de RF es un tanque RLC, sintonizado a 455 
KHZ. 


En la figura 293 se muestra el circuito simplifica- 
do de nuestro amplificador de RF. Se han omitido 
los circuitos correspondientes a la etapa de antena y 
al oscilador local por comodidad, La forma como se 
realiza la mezcla de las señales de RF y del osci- 
lador local se analiza en la Lección 26, 


Circuito del amplificador de RF 
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El dispositivo activo del amplificador de RF es 
el transistor Q1. El circuito es básicamente un ampli- 
ficador de voltaje, sintonizado a la salida, y respon- 
de a la configuración emisor común. Se acopla mag- 
néticamente ala etapa siguiente mediante el primer 
amplificador de FI (T1, núcleo amarillo). 


La tensión inversa de polarización del colector la 
extrae el circuito de la fuente de alimentación a tra- 
ves de la parte superior del devanado primario de 
T1. Este transformador es blindado magnéticamente 

ara protegerlo de cualquier interferencia externa, 
cl blindaje metálico se conecta a tierra. 


El circuito sintonizado de salida lo constituven 
R5 (120 KO), el primer transformador de FI (11, 
núcleo amarillo) y el condensador interno de este 
último (=500 pF). Este circuito actúa como carga 
del amplificador de RF y es el que determina su ga- 
nancia de voltaje. 


La ganancia del amplificador de RF es máxima a 
453 KHz porque, a esta frecuencia, la impedancia 
del tanque es también máxima y se puede desarro- 
llar un alto voltaje de señal. 
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La señal de entrada del amplificador de RF pro- 
viene del secundario de la bobina de antena. Esta © 
señal se amplifica a un nivel suficiente para mini- 
mizar el efecto del ruido y se mezcla con la del os- 
cilador local. 


La señal del oscilador local se aplica al emisor 
de Ql a través del condensador C2 (0.01 uF). Esta 
señal tiene una amplitud relativamente alta, digamos 
1 Ypp, y su frecuencia es siempre 455 KHz más 
alta que la captada en el circuito de antena. 


Por ejemplo, si se sintoniza una emisora que 
transmite a 1000 KHz, el oscilador local generará 
automáticamente una señal de 1455 KHz. Para 
lograr este sincronismo, los condensadores varia: 
bles del circuito de sintonía (CV 1) y del oscilador 
local (CV2) están acoplados mecánicamente sobre 
el mismo eje, es decir, trabajan en "tandem". 


Como resultado del proceso de mezcla, a la sa- 
lida del amplificador de RF se tienen, además de las 
señales de 1000 KHz y 1455 KHz, la señal suma 
(2455 KHz), la señal diferencia (455 KHz) y todas 
las frecuencias armónicas o múltiplos (2000 KHz, 
2910 KHz, 4910 Hz, 910 KHz, ete,). 


Sin embargo, como la salida del amplificador de 
RF está sintonizada a 455 KHz, sólo la señal de es- 
ta frecuencia será amplificada. Todas las demás en- 
contrarán una impedancia de salida muy baja y no 
recibirán amplificación. Naturalmente, se amplifica 
la señal de 455 KHz y sus bandas laterales, dentro 
de un ancho de banda de 9 KHz. 


= Repasemos brevemente la función de cada uno 
de los componentes que constituyen el amplificador 
de RF, 


Come todo amplificador, el circuito necesita 
estar correctamente polarizado y debe tener una car- 
ga. En este caso, la carga es un circuito sintonizado 
RLC, el cual le proporciona la importante caracte- 
rística de ser selectivo, es decir, de amplificar sólo 
una banda estrecha de frecuencias. 


_Las resistencias Rl (22K), R2 (1K), R3 (10K) 
y R4 (2.7K) del amplificador de RF cumplen la fun- 
ción de polarizar adecuadamente el transistor Q1. 


Especificamente, R1 y R3 establecen la corriente 
de reposo de la base (=10 A) y R2 el voltaje de re- 
poso de colector (=5.8 V), R4 estabiliza térmica- 
mente el punto de trabajo, haciéndolo inmune a las 
variaciones de temperatura. 


La resistencia RS (120 KO) del circuito sin- 
tonizado de salida se utiliza para acomodar el an- 
cho de banda a los requisitos del amplificador, Su 
efecto neto es reducir el Q del tanque sintonizado, 


Como sabemos, ul reducirse el Q aumenta el an- 
cho de banda y disminuye la selectividad. 


El transformador T1, sintonizado a 455 KHz, 
determina la ganancia del amplificador de RF, El 
circuito se sintoniza a 455 KlTz, durante el proceso 
de alineación, desplazando el núcleo interno de fe- 
trita hasta conseguir la máxima ganancia. Con esta 
operación se está variando, realmente, la inductan- 
cla del tanque. 


Además de esta función, T] acopla la alta im- 
pedancia de sulida del amplificador de RF con la 
baja impedancia de entrada del primer amplificador 
de FL Asi mismo, T1 aplica la tensión de alimen- 
tación (=+7.5 V) al colector de QL En este último 
caso se aprovecha la propiedad de una bobina de 
comportarse como un cortocircuito para la CC, 


Amplificadores de RF con FET 


Los transistores de efecto de campo (FETs y 
MOSFETs)seutilizan frecuentementecomoamplifi- 
cadores de RF, en sustitución de los transistores 
bipolares, por su bajo ruido y su alta impedancia de 
entrada. 


Estas caracteristicas mejoran lasensibilidad de la 
etapa de entrada del receptor, facilitando la cap- 
tación de emisoras remotas, tales como las que 
transmiten en onda corta, y simplifican el acopla- 
miento entre etapas. 


En la figura 294 se muestra un circuito básico de 
amplificador de RF con FET. Las resistencias RI, 
R2 y R3 y el condensador C3 establecen las condi- 
ciones de polarización. Los condensadores Cl y C2 
proporcionan alslamiento de CC entre la fuente de 
señal y la carga, respectivamente. La carga es el cir- 
culto sintonizado LC. 


Amplificador de RFcon FET 
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Variando el valor de C, el circuito tanque se 
sintoniza a una determinada frecuencia de resonan- 
cia. A esta frecuencia, la impedancia de salida y la 

anancia de voltaje son máximas. La senal ampli- 
fcada de RF se acopla a la etapa siguiente a través 
del condensador C2. 


En la figura 295 se muestra el circuito de un am- 
plificador típico de RF con MOSFET de doble com- 
puerta. Este tipo de amplificador se utiliza en recep- 
tores de FM que operan en la banda VHF (90 MHz 
a 110 MHz). La señal de entrada se aplica a la com- 
puerta G1 y los voltajes de polarización a la com- 
puerta G2, 


Amplificador de RF con MOSFET 
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La compuerta G2 actúa como una pantalla que 
neutraliza el efectodelacapacitancia parásita interna 
entre el drenador D y la compuerta G1. A frecuen- 
cias muy altas, esta capacitancia reduce la ganancia 
del amplificador y lo hace inestable, con tendencia a 
la oscilación. La importancia de la neutralización se 
analiza más adelante. 


Note que tanto en la entrada como en la salida se 
utilizan circuitos sintonizados LC. El circuito de 
entrada está formado ' por L1 y Cl y el de salida por 
L2 y C2. Esta doble sintonía provee una alta selec- 
tividad. RI, R2 y R3 son resistencias de polariza- 
ción. C3 y C4 son condensadores de desacople de 
RF, 


Amplificadores de RF en cascada 


Un amplificador de RF en cascada (figura 296) 
está formado por varias etapas individuales de am- 
plificación conectadas en serie, es decir, una a con- 
tinuación de la otra. Los amplificadores de RF en 
cascada se utilizan cuando la ganancia y la selec- 
tividad de una sola etapa son insuficientes para una 
aplicación dada. 


Al conectar varios amplificadores de RF en 
cascada, la respuesta general de Irecuencia depende 
de la sintonización de cada etapa. Si todas las eta- 
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Amplificador de RF en cascada 
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pas están sintonizadas a la misma frecuencia, se ha- 
bla de sintonización sincrónica, y si lo están a fre- 
cuencias ligeramente diferentes se habla de sintoni- 
zación escalonada. 


En la figura 296 se comparan las curvas típicas 
de respuesta de frecuencia obtenidas por ambos mé- 
todos. La sintonización escalonada proporciona una 
respuesta de frecuencia más plana y una banda de 
paso más definida que la sintonización sincrónica. 
Sin embargo, la alineación de cada una de las etapas 
es más difícil, 


Cuando se conectan dos o más etapas amplifica- 
doras de RF en cascada, la impedancia de entrada 
de una etapa actúa como impedancia de carga de la 
etapa precedente. Para garantizar la máxima trans- 
ferencia de señal entre etapas y mantener la selectivi- 
dad del sistema, debe proveerse un medio apropia- 
do de acoplamiento. 


En amplificadores de RF con FETs, las etapas 


pueden acoplarse directamente debido ala alta impe- 
dancia de entrada de estos dispositivos. En ampli- 


Métodos de acoplamiento 
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ficadores de RF con transistores las etapas deben. 
acoplarse mediante un transformador u otro método 
que elimine o minimize el efecto de carga impuesto 

por la baja impedancia de entrada. 


En la figura 297 se muestran los 3 métodos 
básicos de acoplamiento entre amplificadores sinto- 
nizados de RF: por transformador, por bobina divi- 
dida y capacitivo. Los dos primeros son los más 
populares. Elacoplamientocapacitivoseutilizaprin- 
cipalmente en VHF y UHF. 


Neutralizacion de amplificadores de RF 


Los amplificadores de RF, especialmente aque- 
llos que trabajan a frecuencias muy altas, tienden a 
ser inestables, es decir, a oscilar. En el caso de am- 
plificadores a transistores y FETs, la razón de esta 
inestabilidad es la realimentación positiva introdu- 
cida por las capacitancias internas del dispositivo. 


Los transistores y FETs se pueden utilizar efi- 
cientemente como amplificadores de RF a frecuen- 
clas muy altas $i $e neutralizan. La neutralización 
consiste en tomar una parte de la señal de salida y 
realimentarla negativamente a la entrada. De este 
modo, se cancela o minimiza la realimentación posi- 
tiva que causa la oscilación. 


En la figura 298 se muestra el circuito de un 
amplificador de RF neutralizado. La señal de reali- 
mentación se toma del secundario del transformador 
y se aplica a la base de Ql a través del condensador 
de neutralización CN. El valor de CN debe elegirse 
de tal modo que cancele la realimentación interna de 
la capacitancia entre el colector y la base (Cob). 


Amplificador de RF neutralizado 


CN: Condensador E 
de neutralización E 


» +YOCC 


ad a 7 ia dd DE q SS = m en ; ne 
ia ithe ne ire cai tee med” 


Lección 25 


Circuitos osciladores 


Generalidades 


Como sabemos, los osciladores son circuitos 
que generan señales periódicas, de voltaje o corrien- 
te, de una determinada frecuencia, amplitud y forma 
de onda. 


La teoría general de los osciladores se estudia en 
la Lección 19 de este curso, pero debido a que estos 
circuitos son bloques fundamentales de todo equipo 
o aparato de radio o comunicaciones, vamos a pro- 
fundizar más en este tema en la presente lección. 


La mayoría de los osciladores utilizados en los 
aparatos de radio y comunicaciones sonamplificado- 
res realimentados positivamente y generan formas 
de onda sinusoidales. 


Para garantizar la permanencia de las oscilacio- 
nes, la señal de realimentación debe aplicarse en el 
momento preciso, con la fase correcta y en la can- 
tidad apropiada. Una realimentación excesiva puede 
provocar distorsión, calentamiento e inestabilidad. 


A pesar de ser esencialmente un amplificador, 
un oscilador no necesita de una señal de entrada pa- 
ra generar una señal de salida. Las únicas entradas 
externas de un oscilador son los terminales de la 
fuente de alimentación (figura 299), 


El amplificador como oscilador 
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Las oscilaciones $e inician tan pronto se aplica el 
voltaje de la fuente y se sostienen por sí mismas. 
En consecuencia, los osciladores convierten la co- 
mente continua de la fuente, en una corriente alter- 
ná que puede tener cualquier forma de onda, depen- 
diendo del diseño. 


En la figura 300 se muestran las formas de on-. 


da más comunes entregadas por los osciladores. 


Formas de onda típicas de osciladores 
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Los circuitos que producen señales no sintusol- 
dales se denominan comúnmente osciladores de rela- 
jación. Las formas de onda no sinusoidales, gene- 
radas por los osciladores de relajación, son ricas en 
armónicos de diversos órdenes, es decir, contienen 
frecuencias que son múltiplos enteros de la frecuen- 
cia fundamental de oscilación, 


Los osciladores de relajación se utilizan frecuen- 
temente como instrumentos de prueba de amplifica- 
dores de audio y de RF. Un ejemplo es el inyector 
de señales construido en la actividad N* 10 de este 
curso. Este oscilador, en particular, produce un tren 
continuo de ondas cuadradas. 


Los osciladores de relajación se emplean tam 
bién en ciertas aplicaciones de VHF y UHF, para 
obtener señales sinusoidales puras a partir de seña- 
les no sinusoidales, Este tipo de circuitos se denomi- 
nan osciladores armónicos. 


Un oscilador armónico consiste de un oscilador 
de relajación de baja frecuencia, altamente estable, 
sintonizado a la salida a la frecuencia de un armoni- 
co especifico. El armónico elegido, por ejemplo, el 
5” es una señal sinusoidal prácticamente pura (f- 
gura 301). 
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En esta lección estudiaremos fundamentalmente 
los osciladores de RF utilizados como osciladores 
locales, en los receptores de radio. Este tipo de cir- 


cultos suministran señales de alta frecuencia, por en- 
cima de 30 KHz. 


Los osciladores de RF se utilizan en los trans- 
misores y receptores de radio y TV, fuentes de alto 
voltaje, instrumentos de prueba, sistemas de radar, 
hornos de microondas y otras aplicaciones de alta 
frecuencia. 


Las configuraciones más comunes de oscilado- 
res de RF son el Colpitts, el Clapp, el Hartley, el 
Pierce y otros que se estudiarán en esta lección. 


Clases de osciladores de RF 


Prácticamente todos los osciladores de RF son 
realimentados y utilizan circuitos resonantes LC o 
cristales de cuarzo como elementos determinantes 
de la frecuencia de oscilación, y dispositivos acti- 
vos como tubos, transistores, FETs o circuitos inte- 
prados como amplificadores básicos. 


Los cristales y circuitos LC determinan, ade- 
más, la estabilidad de frecuencia, el rango de sinto- 
nía y la amplitud y y pureza de la señal de salida. Los 
osciladores más estables utilizan cristales. Sin em- 
bargo, cuando se requieren osciladores de frecuen- 
cia variable, se prefieren los circuitos LC. 


La estabilidad de frecuencia, los osciladores de 
frecuencia variable (VFOs) y los osciladores a cris- 
tal son temas que se tratan más adelante, dentro de 
esta misma lección. Por ahora, estudiaremos los 
osciladores realimentados LC más comunes, 


En la figura 302 se muestran las configuraciones 
de circuitos resonantes LC más utilizadas en oscila- 
dores de RF. En el caso de osciladores a transis- 
tores, el tanque LC se encuentra, por lo regular, en 
el circuito de colector y ofrece su máxima impedan- 
cta a la frecuencia de resonancia. 


Circuitos resonantes LC de osciladores : 


Colpitts 
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Los tanques resonantes LC anteriores son la ba- 
se de los oscHadores Colpitts, Clapp y Hartley, - 
que se estudian a continuación. Estos mustmos circul- 
tos se pueden también implementar utilizando crista- 
les. Desde el punto de vista eléctrico, los cristales 
se comportan como circuitos resonantes de alto Q, 


Osciladores Colpitts 


En un oscilador tipo Calpitts (figura 303), la rea- 
limentación positiva la realiza el divisor de voltaje | 
capacitivo formado por los condensadores C1 y C2, > 
El voltaje de salida, entre colector y tierra, se desa- 
rrolla sobre C1. El voltaje de realimentación aparece 
sobre C2, A 
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La frecuencia de oscilación del circuito se obtie- 
ne mediante las siguientes fórmulas: 


En ia A 2m es una constanie 
(6.28), L es la inductancia de la bobina en Henriog: 
(Hj, € la capacidad equivalente serie de Cl y C2 eni 
Faradios (F) y Fo la frecuencia de oscilación en) 
eo (Hz). En general, (2 es siempre mayor que 

i | 


La relación C1/C2 se denomina factor de reali 
mentación (1) del oscilador y es siempre menor de 
1. El factor de realimentación de un oscilador mide 
la proporción de señal de salida que se utiliza como 
señal de realimentación. Un f de 0.1, por ejemplo, 
significa que el 10% de la señal de salida se utiliza 
como señal de realimentación. 4 


La ganancia de voltaje propia del circuito (Av) 
debe ser siempre mayor o igual a L/B (el inverso de 
B) para que el sistema oscile. A esta condición se le 
denomina criterio de Barkhausen en la teoría de 
osciladores sinusoidales y es válido en todos los cir- 
cuilos que siguen, definiendo apropiadamente el fac- 
tor de realimentación B. 


Por ejemplo, si L=10 UH, Ci=47 pF y C2=470 
pF, entonces C=43 pF, Fo=7.65 MHz y 6=0.1, En 
consecuencia, la ganancia Av del amplificador debe 
ser mayor de 1/0.1=10 para que el circuito oscile, 


Osciladores Clapp 


El oscilador tipo Clapp (figura 304) es una ver- 
sión mejorada del oscilador Colpitts descrito ante- 
normente. Este circuito también utiliza realimenta- 
ción capacitiva, pero incorpora un tercer condensa- 
dor en el circuito que determina la frecuencia (C3). 


Oscllador Clapp 


Este nuevo elemento permite que el oscilador 
pueda trabajarse a diferentes frecuencias, sin afectar 
las condiciones de realimentación. 


La frecuencia de oscilación del circuito se obtie- 
ne por medio de las siguientes fórmulas: 


En estas expresiones, 216,28, L es la inductan- 
cia de la bobina, C la capacidad equivalente serie de 
Ci, C2 y C3 y Fo la frecuencia de oscilación. El 
valor de C3 es muy pequeño comparado con el de 
C1 y C2. El factor de realimentación es N=CUCz, 


Osciladores Hartley 


En un oscilador tipo Hartley (figura 305), la rea- 
limentación positivalarealizael divisorde voltaje in- 
ductivo formado por las bobinas LI y L2, acopladas 
magnéticamente. . 
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El voltaje de salida se desarrolla sobre LI y el de 
realimentación sobre L2. El condensador variable € 
permite sintonizar el oscilador en una amplia gama 
de frecuencias. 


La frecuencia de oscilación del circuito se obtie- 
ne por medio de las siguiente fórmulas: 
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En estas expresiones, 2m es una constante 
(6,28), L es la inductancia equivalente serie de Ll y 
L2, M es la inductancia mutua entre ambos deva- 
nados, C la capacidad del condensador de sintonía 
y Po la frecuencia de oscilación. El factor de reali- 
mentación de este circuito es M=LYL y debe ser me- 
nor de |. 


Las bobinas L1 y L2 constituyen realmente un 
autotranstormador en el cual Ll es el primario y L2 
el secundario. La inductancia de L2 es siempre ma- 
yor que la de L1, i 


El condensador C1 suministra la señal de reali- 
mentación a la compuerta del FET y el condensador 
C2 desacopla el nivel de CC de la señal de salida, 
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La inductancia mutua M depende del grado de 
acoplamiento de los dos devanados y varía con la 
ubicación del núcleo. Al mover el núcleo, cambia 
la inductancia mutua y, en consecuencia, varía la 
frecuencia. Este es un procedimiento muy usual en 
la alineación o ajuste de los receptores de radio. 


El oscilador local de RF del radio AM CEKIT 


El oscilador local del radio AM CEKIT es simi- 
lar al deserito anteriormente, peroutiliza un transfor- 
mador y un transistor NPN, 


La frecuencia la determinan el condensador 
variable OV2 y la bobina osciladora 1.2, identifica- 
ble por su núcleo rojo. Los ajustes finos de frecuen- 
cia se realizan mediante el condensador trimmer 
CT2. El alineamiento se efectúa desplazando el nú- 
cleo dentro de la bobina. 


La función del oscilador local del radio AM 
CEKIT es producir la señal interna de batido del 
receptor, 


Por el proceso de heterodinación, esta señal se 
combina con la captada en el circuito de antena, 
produciéndose como resultado una señal de frecuen- 
cia intermedia (FI) a la salida del mezclador o con- 
versor de RF (figura 306). 


Oscilador local del radio AM CEKIT 
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El oscilador local entrega una señal sinusoidal 
pura, sin modulación, de frecuencia variable y am- 
plitud constante. Los osciladores con estas caracte- 
risticas se denominan VFOs (osciladores de frecuen- 
cia variable) y se utilizan ampliamente en los re- 
ceplores de comunicaciones que trabajan en base al 
principio heterodino. 


El oscilador local es sintonizable sobre el rango 
comprendido entre 995 y 2055 KHz y su frecuen- 
cia es siempre 455 KHz más alta que la de la porta- 
dora de RF captada en el circuito de sintonía. 
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Para lograr este sincronismo, los condensadores: 
variables de ambos circuitos (CV1 y CVI) trabajan — 
en "tandem", es decir, están acoplados mecánica- 1 
mente al mismo eje (figura 307). | 
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En el diagrama del radio este acoplamiento se re- 
presenta por una línea punteada. 


Así, al variar la frecuencia de resonancia del cir- 
culto de antena, varia automáticamente la del osci- 
lador local, manteniéndose entre ellas una diferencia 
constante de 455 KHz. 


La amplitud de la señal suministrada es del or- 
den de 300 a 500 mVhpp. El ringo de capacitancias 
de CVI y CV2 es de 30 a 300 pF, aproximadamente. 


En la figura 308 se muestra el diagrama sim- 
plificado del oscilador local. Se han omitido, por co- 
modidad, los componentes asociados al amplifica- 
dor de RF y al mezclador. Como puede verse, se 
trata de un oscilador Hartley con transistor y acopla- 
do por transformador. 


Circuito del oscilador local H 
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La frecuencia del oscilador local la determinan el 
condensador variable Cv2, la bobina L2 y el con 
densador ajustable o “trimmer” CT2. Este último se 
utiliza para realizar ajustes finos de frecuencia, 


La bobina L2 se denomina también "osciladora" 
y se identifica por su núcleo rojo móvil (figura 
309), Variando la posición del núcleo, varía FETH 
ductancia y, en consecuencia, la frecuencia de osci- 
lación. 
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Detalle de la bobina osciladora 


Fig, 309 li 
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El elemento activo básico de la etapa osciladora 
es el transistor NPN Qi. La señal de salida aparece 
entre colector y tierra. 


La señal de realimentación positiva, necesaria pä- 
rá sostener las oscilaciones sinusoidales, la suminis- 
tra el devanado primario de 1.2, Esta señal se induce 
en el secundario y se inyecta al emisor de Q1 me- 
diante el condensador C2. 


El transistor amplifica la señal de realimentación 
y suministra una muestra de la misma a] primario de 
L2, Este la induce en el primario, repitiéndose el 
Proceso, 


La derivación en el primario de L2 está locali. 
zada de modo que se suministre únicamente la canti- 
dad dercalimentación necesaria paraasegurar la ope- 
ración confiable del circuito. 


El condensador C1, conecta dinámicamente a tie- 
ma la base de Q1, permitiendo que la señal de reali- 
mentación quede aplicada entre emisor y tierra. Las 
resistencias R1, R3, R3 y R4 proveen la polariza- 
ción de corriente continua de la etapa. 


El mecanismo de oscilación de un circuito RLC 
resonante, como el utilizado en nuestro oscilador lo- 
cal, se explicaen la Lección 19. 


Al conectar la fuente de alimentación, se produ- 
ce un pulso de corriente que carga el condensador 
CV2 e inicia automáticamente las oscilaciones. 


Importancia de la estabilidad de frecuencia en los 
osciladores de RE 


La consideración de diseño más importante de 
un oscilador de RF es la estabilidad de frecuencia, 


La estabilidad es una medida de la capacidad del 
circuito de generar una señal de frecuencia cons- 
tante y depende, principalmente, de la calidad delos 
componentes utilizados en su fabricación, 


Los osciladores de RF más estables se constru- 
yen con componentes de precisión y se alimentan 
con fuentes reguladas. Los componentes de preci- 
sión (condensadores, bobinas, cristales, etc.) san 
practicamente insensibles a los cambios de tempera- 
tura, presión, humedad, voltaje y a las vibraciones 
mecánicas, entre otros factores. - 


La estabilidad de un oscilador depende también 
de la frecuencia de traha jo. A muy altas frecuencias, 
resulta difícil mantener la estabilidad dentro de Hmi- 
tes razonables, 


En estos casos se utilizan frecuentemente oscila- 
dores de baja frecuencia, seguidos de multiplicado- 
res, los cuales elevan la frecuencia inicial al valor 
final deseado (figura 310). La estabilidad del oscila- 
dor básico debe ser alta. 


Obtención de muy altas frec uencias 


A 


Multiplicador] 
de 
frecuencia | 


frecuencia 


La frecuencia de salida.es 2, 3,4, . veces la 
frecuencia de entrada" Fig. 310 
| ER NA jJ 


La inestabilidad de un oscilador de RE puede ser 
también causa de prácticas de diseño y ensamble de- 
ficientes. Para mejorar la estabilidad, es útil obser 
var las siguientes recomendaciones generales: 


«Utilizar siempre baterías o fuentes de alimentación 
reguladas, con buen filtraje. Las variaciones de vol- 


taje producen desplazamientos de frecuencia, alte- 


rando las condiciones de operación del oscilador 


* Uulizar bobinas de núcleo de aire o cerámico y 
condensadores de poliéster o de mica y plata en la 
ted determinadora de frecuencia. Mientras sea posi- 
ble, evitar el uso de bobinas de núcleo indents ICO, 
porque su inductancia tiende a cam biar con las varia- 
ciones de temperatura. 


* Construir el oscilador sobre un chasis rigido y cer- 
ciorarse de que todos los componentes estén firme- 
mente asegurados en su sitio. Si es posible, inmovi- 
lizar las espiras de la bobina osciladora con cemento 
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have on the resonant frequency? 
Answer 
It has no effect at all. 

7 Calculate the resonant frequency 
circuit shown in Figure 7.3 using the 
and inductor values given in the 
questions. 

Questions 

A C = 1 uF, L = 1 mH 
fr = 

B. C = 16 uF, L = 1.6 mH 
fr = 


= 2m6 10° 16 10? 


8 Calculate the resonant frequency 


circuit shown in Figure 7.3 using the 
and inductor values given in the 
questions. 

Questions 

A. C = 0.1 uF, L = 1 MH 
fr = 

B. C = 1 uF, L = 2 mH 
fr = 


Answers 
A. fr = 16 kHz 
B. fr = 3.6 kHz 


for the 
Capacitor 
following 


for the 
Capacitor 
following 


plástico y encerrar el circuito dentro de un blindaje 
metálico. 


En general, un oscilador de RF de buena calidad 
debe generar una señal estable, con un mínimo de 
ruido y espectralmente pura, es decir, sin distorsión 
ni espúrcas. Las espureas son oscilaciones parasi- 
las, indeseables, que ocurren a frecuencias diferen- 
tes a la de diseño, 


Una forma de minimizar las espúreas, es reducir 
el Q del circuito determinador de frecuencia, sacri- 
licándose asi la ganancia, 


Osciladores a cristal 


Los osciladores a cristal, se caracterizan por 
unilizarcomoelementodeterminante de la frecucncia 
de oscilación un cristal piezoeléctrico, generalmente 
de cuarzo, que ha sido tallado a unas dimensiones 
especificas. 


La frecuencia a la cual oscila el cristal depende, 
fundamentalmente, de su espesor y es muy estable, 


no siendo afectada por la temperatura, el voltaje de 
alimentación y otros factores, 


La mayor frecuencia práctica a la cual puede ta- 
larse un cristal es de 30 MHz aproximadamente, 
por consideraciones técnicas. Sin embargo, esto no 
implica que no se puedan obtener frecuencias supe- 
tiores, como veremos más adelante. 


Es posible alterar la frecuencia de diseño de un 
cristal si se abre y se lima cuidadosamente parte de 
su perfil, pero se corre el riesgo de dejarlo inser- 
vible. 


El elemento activo de un oscilador a cristal pue- 
de ser una válvula o tubo, un transistor, un FET o 
un circuito integrado. Para efectos prácticos, un cris- 
tal de cuarzo es equivalente, en su comportamiento 
eléctrico, a un circuito RLC mixto como el que 
muestra lá figura 311. 


Circuito RLC equivalente d e un cristal 


Fig. 3478 
Lenn ee NEIVA LT 


Las propiedades reactivas del dispositivo pues 
den resumirse en los siguientes términos. 4 


Ala frecuencia fl,el cristal exhibe resonanciase= 
ne (Z muy baja). A la frecuencia f2, exhibe resonans 
cia paralelo (4 muy alta). y 
A frecuencias por debajo de fl o por encima dé 
f2, se comporta como un condensador y a frecuen 
cias entre fl y f2 se comporta como una bobina 
Los osciladores a cristal utilizan ambos efectos re 
sonantes (serie y paralelo). Í 


Existe una gran variedad de circuitos osciladores 
controlados a cristal, que encuentran su principal! 
aplicación en los equipos de comunicaciones y de ras 
divaficionados. ‘7 


En esta lección discutiremos las configuraciones? 
Colpitts, Pierce, armónica y de sobretono, que son) 
las más representativas. | 


La mayoría de los osciladores a cristal, utilizan 
condensadores extemos para producir la función de 
realimentación. Sin embargo, algunos circuitos ny 
los necesitan. En estos últimos, se aprovechan lay 
capacitancias internas del transistor o del dispositi- 
vo activo utilizado como amplificador. 


En la figura 312 se muestra el circuito práctico 
de un oscilador a cristal de 7 MHz tipo Colpitts, EL 
divisor capacitivo formado por C2 y C3 provee la: 
realimentación positiva de voltaje necesaria para ge- 
nerar las oscilaciones, 


El condensador C1 actúa como trimmer y se uti- 


liza para ajustar la frecuencia del cristal al valor para 
el cual fue tallado, j 


Oscilador Colpitts a cristal de7 MHz 
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En la figura 313 se muestra el circuito práctico: 
de un oscilador a cristal de 3.5 MHz tipo Pierce, El 
circuito resonante serie formado por Ci y el erista 


Oscilador Plerce a cristal de 3.5MHz 
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provee la realimentación positiva de corriente nece- 
saria para generar las oscilaciones. El oscilador tipo 
Pierce utiliza el efecto resonante sene del cristal. 


En la figura 314 se muestra el circuito práctico 
de un oscilador armónico o Miller. Este tipo de mon- 
laje se uttliza para obtener frecuencias que son múlti- 
plos enteros de la frecuencia fundamental de oscila- 
ción del cristal. 


Fig. 314 


ni he a an 


La frecuencia armónica deseada, se sintoniza me- 
diante el circuito resonante de salida, constituido 
por Li y C2. Este oscilador utiliza el efecto resonan- 
te paralelo del cristal. 


En la figura 315 se muestra el circuito práctico 
de un oscilador de sobretono. En este tipo de mon- 
laje, el cristal se talla para que oscile a una frecuen- 
cla llamada "sobretono”, la cual es un múltiplo im- 
par de su frecuencia fundamental de oscilación. 


La frecuencia de sobretono deseada Gf, Sf, 
etc.), se programa mediante el circuito sintonizado 
de salida, constituido por L1 y C2. 


A 


Osciladordetercer sob retono de 42 MHz 
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El oscilador de sobretono emplea el efecto reso- 
nante serie del cristal y se caracteriza por entregar 
una señal de alta pureza, sin espúreas. El estado ac- 
tual de la tecnología permite obtener cristales que 
operan hasta en la 114 frecuencia de sobretono. 


En la cápsula de un cristal tallado para este pro- 
pósito no se indica la frecuencia fundamental sino la 
de sobretono utilizable. 


En ciertas aplicaciones, se requiere que el oscila- 
dor opere solo a frecuencias específicas. Para cada 
frecuencia se necesita un cristal diferente. 


En la figura 316 se muestra un circuito típico de 
conmutación de cristales para oscilador Colpitts, El 
interruptor $1 permite elegir el cristal apropiado pa- 
ra cada frecuencia de operación. Los diodos aislan 
eléctricamente los cristales no utilizados. 


Conmutación de cristales mediante diodos 


IN = 
LA bee Uy 
oh ER” i 


Fig, 316 fi 
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Osciladores a cristal de frecuencia variable (VXOs) 


Los osciladores a cristal de frecuencia variable 
(VX0Os) se utilizan en cambio de los osciladores de 
cristal convencionales cuando se necesita desplazar 
o correr la frecuencia del cristal unos pocos KHz 
respecto a su valor central. 
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Entre más alta sea la frecuencia lundamental del 
cristal, más amplio es el corrimiento de frecuencia 
que se puede obtener, Un cristal de 3.5 MHz, por 
ejemplo, puede admitir hasta 3 KHz de corrimiento 
y uno de 10 MHz hasta 10 KHz 0 más, 


Los VXOs se pueden utilizar como osciladores 
locales en receptores y transmisores de VHF y 
UHF, conectando su salida a un multiplicador de 
Frecuencia. 


De este modo, es posible realizar cambios de 
frecuencia de 100 KHz o más, a frecuencias hasta 
de 140 MIlz o superiores, utilizando, por ejemplo, 
cristales de 7 MHz. 


En la figura 317 se muestra el diagrama de un 
VAO Colpitts a FET utilizando un cristal de cuarzo 
de 7 MHz. El desplazamiento de la frecuencia se ob- 
tiene ajustando la inductancia de la bobina L. 


El circuito provee hasta 5 KHz de corrimiento 
por debajo de la frecuencia de tallado del cristal, per- 
mitiendo obtener oscilaciones sinusoidales entre 
6995 y 7000 KHz. 


Osciladorcontrola doacristal de 7 MHz 15 KHz | 
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El diodo D1 se utiliza para estabilizar la pola- 
nización del transistor y reducir la capacitancia entre 
compuerta y fuente vista por el cristal. Otra función 
de D1 es reducir el contenido de armónicas en la se- 
fal de salida, mejorando así la pureza de la señal su- 
ministrada. 


Una aplicación común de los VXOs es como 
osciladores de batido de frecuencia (BFOs) en recep- 
tores de banda lateral única (SSB) y de onda conti- 
nua (CW) o telegrafía, 


El BPO seencarga de crear internamente la porta- 
dora suprimida durante la transmisión y la reinserta 
en el modulador, para que así la señal captada pue- 
da ser procesada. 


Los receptores de banca lateral única y de tele- 
grafía se discuten en el volumen de banda ciuda- 


aaa 


dana y radioafición. El desplazamiento típica 
de un VXO, usado como BFO en la recepción de 
CW, puede llegar a ser hasta de 700 Hz con respec* 
to a la frecuencia central de Fl, mientras que el de 
uno de SSB puede llegar a ser hasta de 1.5 KHz. 


Para garantizar la operación eficiente de un VXO 
y obtener el máximo desplazamiento de frecuencia, 
lascapacitancias parásitasdel circuitodebenreducir- 
seal mínimo, utilizando cristales sin blindaje y man- 
teniéndolos alejados del chasis y otras superficies 
metálicas próximas. 


Serecomienda también emplear interruptores rá- 
pidos y condensadores de baja capacitancia. 


Osciladores de frecuencia variable (VFOs) 


Los osciladores de frecuencia variable (Y FOs) 
son similares en su funcionamiento a los VXOs 
descritos anteriormente, Sin embargo, los VFOs no 
utilizan cristales y tienen rangos de variación de fre- 
cuencia más amplios. Los YFOs prácticos pueden 
operar a frecuencias hasta de 10 MHz. Para frecuen- 
cias más altas se utilizan VFOs heterodinos, 


En la figura 31% se muestra el circuito práctico 
de un VFO tipo Hartley con MOSFET, La frecuen- 
cia del oscilador la determinan la bobina. L1, el con- 
densador variable CI y el trimmer C2, Para garan- 
tizar una realimentación adecuada, la derivación 
(tap) de la bobina debe ser, aproximadamente, una 
cuarta parte del número total de espiras. 


VFO Hartle de 5 a5.5 MHz 


0,07 pF 


En la figura 319 se muestra el circuito práctico 
de un WFO tipo Colpitts con transistor bipolar, En 
el diagrama se indican los componentes determinan- 
les de la frecuencia de oscilación. Este oscilador es 
muy estable si se utilizan condensadores con dieléc- 
ico de poliéster o mylar. 


Los circuitos mostrados anteriormente han sido 
diseñados para cubrir la banda de frecuencias entre 


VFO Colpitts de 5 a 5.5 MHz 
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5 y 5.5 MHz (SSB). Sin embargo, pueden adaptar- 
se a otras frecuencias de operación, utilizando los 
valores dados como referencia. 


Para hacerlo se calcula la reactancia de los con- 
densadores a 5 MHz y se utiliza esta información 
para determinar los valores en pF requeridos para 
otras frecuencias. 


En la figura 320 se muestra el principio de ope- 
ración de un VFO heterodino. La salida de un 
VFO, como los descritos anteriormente, se hetero- 
dina en un mezclador con la salida de un YXO para 
suministrar una frecuencia resultante que es la suma 
o la diferencia de ambas. 


La mayoría de los receptores modernos para 
radivafición utilizan este estilo de oscilador local, El 
VFO heterodino tiene un cristal para cada banda del 
receptor, Los cristales y filtros pasabanda apropia- 
dos se conmutan desde el panel de control del apa- 
rato. 


5-5.3 MHz 


Mezclador |. 
heterodino | 


gf Sintonizador 
principal 


E | 
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Una versión moderna de los VFOs heterodinos 
son los sintetizadores heterodinos de frecuencia que 
se estudian enseguida. 


Este tipo dé circuitos es muy popular en los 
transceptores de banda ciudadana y su propósito es 
reducir el número total de cristales necesarios para 
cubrir los 40 canales en que operan normalmente es- 
tos equipos, 


Sintetizadores heterodinos de frecuencia para 
banda ciudadana 


Los circuitos de transmisión y recepción de un 
transceptor de banda ciudadana (CB) utilizan crista- 
les para asegurar el cumplimiento de los rigurosos 
requisitos de estabilidad y precisión de frecuencia 
impuestos por las autoridades que regulan este tipo 
de comunicaciones, como la FCC en los Estados 
Caidos: 


La sintetización de frecuencia permite operar to- 
dos los canales de CB con sólo unos pocos erista- 


Transceptor de de 23 canales con sintetización heterodina de frecuencia 
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les, digamos 10 6 12, consiguiéndose así un ahorro 
hasta de ¡36 cristales! por equipo. 


La tendencia de los fabricantes es realizar sinte- 
tizadores que sólo requieran de 1 a 3 cristales, utili- 
zando PLLs (lazos de amarre de fase). La teoría bá- 
sica de los PLLs se estudia al final de esta lección. 


Algunos sintetizadores usan la frecuencia suma 
desarrollada por dos osciladores a cristal para ge- 
nerar la frecuencia de transmisión o la de recepción 
y otros usan la frecuencia diferencia para obtener 
los mismos resultados. 


Sin importar si la frecuencia desarrollada por el 
sintetizador es la de transmisión o la de recepción, 
la otra frecuencia se genera por batido de la frecuen- 
cia sintetizada con la frecuencia de salida de un ter- 
cer oscilador. 


En la figura 321 se muestra el diagrama funcio- 
nal de bloques de un transceptor de banda ciudada- 
na que utiliza el principio de sintetización hetero- 
dina de frecuencia y emplea sólo 10 cristales para 
cubrir los 23 canales. Veamos cómo lo hace. 


La salida del sintetizador, en este circuito esta 
11.275 MHz por encima de la frecuencia del canal y 
se usa como frecuencia de inyección para el primer 
mezclador del receptor. La frecuencia diferencia re- 
sultante (11,275 MHz) alimenta el primer amplifi- 
cador de FL 


Cuando el transceptorestá transmitiendo, el mez- 
clador del sintetizador alimenta señales en un mez- 
celador de 27 MHz, el cual genera frecuencias dife- 
rencia en el canal deseado. 


En el canal 19, por ejemplo, las señales de los 
osciladores de 23.490 MHz y 14.970 MHz se su- 
man en el mezclador del sintetizador para producir 
una salida de 38.460 MHz. 


Cuando se transmite, esta señal se mezcla con la 
señal proveniente del oscilador de 11.275 MHz, 
os proporcionar la frecuencia de salida de 27.185 

{Hz del canal 19 deseado. 


Cuando el transceptor está recibiendo la salida 
del sintetizador y la señal incidente se unen en el 
primer mezclador, para desarrollar la primera Fl de 
11.275 MHz (38.460-27.185 =11.275). 


Esta señal se heterodina con la salida del osci- 
lador a cristal de 11.730 MHz para desarrollar la se- 
gunda Fl de 455 KHz, lá cual se inyecta al detector. 


Mediante el control de "sintonía delta” los con- 
densadores fijos de 27 y 68 pF ho conectar 
en serie con el cristal de 11,750 MHz para despla- 
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zar su frecuencia +1 KHz con respecto a su valor 
nominal. 


En resumen, la frecuencia de transmisión es 
igual a la suma de las frecuencias de los cristales 
seleccionados mediante S1A y S1B menos 11.275 
MHz, La frecuencia del primer oscilador local de 
recepción es igual a la suma de las frecuencias de 
los cristales seleccionados y está 11.275 MHz por 
encima de la frecuencia del canal. 


Osciladores controlados por voltaje (VCOs) 


Un oscilador controlado por voltaje (VCO) es 
un circuito que genera una señal de salida cuya fre- 


cuencia es proporcional al valor de un voltaje CC 


aplicado a su entrada de control (figura 322). 


Oscilador controlado por voltaje 


Voltaje de _ Frecuencia 


control | Ke de salida 


En otras palabras, un VCO es un convertidor de 
voltaje a frecuencia, La forma de onda de la sefial 
generada por un VCO es, generalmente, cuadrada o 
triangular, 


Los VCOs se pueden construir a partir de com- 


-ponentes discretos, pero los más sencillos y econó- 


micos son los disponibles en forma de circuitos inte- 
grados. 


En la figura 323 se muestra el circuito práctico 
de utilización de uno de tales módulos, el VCO 
LMS66 de National, 


La tensión de alimentación del circuito (412), 
se aplica entre los pines 8 (Vec) y 1 (GND). El 
VCO entrega dos formas de onda: cuadrada y trian- 
gular. La primera se obtiene en el pin 4 y la segun- 
da en el pin 4, 


‘ara obtener señales sinusoidales, la salida del 
VCO debe seguirse de un filtro o un amplificador 
sintonizado a la frecuencia deseada. Esta frecuencia 
debe ser un armónico de la del VCO. 


Para efectos de acople la impedancia de salida es 
5002. El voltaje de control se aplica al pin 3 y pro- 


Circuito práctico de VCO con 566 
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viene del divisor de tension resistivo formado por 
R2, R3 y R4. El condensador de 0.001 UF entre los 
pines 5 y 6 protege al circuito de oscilaciones pa- 
TÁsitas. 


El condensador C1, conectado entre el pin 7 y 
tierra, y la resistencia R1, conectada entre el pin 6 
Vec, determinan, junto con el voltaje de control apli- 
cado al pin 5, la frecuencia de la señal de salida asi: 


Faal- 2.4 _ Mee-YS) 


Vec (A1 x 01) 


En esta expresión, V5 es el voltaje de control 
aplicado al pin 5 y debe estar entre 3/4 de Vee y 
Vcc. El valor de R1 debe ser siempre de 2 a 20 KA 


La máxima frecuencia típica de operación es | 
MHz. Por ejemplo, si Vcc = 12V, V5 = 10V, Ri= 
2KO y Ci = 0.001 UP, la frecuencia de salida sería, 
entonces, Fsal = 200 KHz. 


Los VCOs se utilizan en moduladores de FM, ge 
neradores de tonos y señales, transmisores de FSK 
y otras aplicaciones. 


Son, además, los bloques constructivos básicos 
de los PLLs (lazos de amarre de fase o bucles de ern- 
sanche de fase), circuitos que han revolucionado el 
diseño de los receptores modernos de radio. 


Lazos de amarre de fase (PLLs) 
Un lazo de amarre de fase o PLL (Phase- 


Locked Loop) es un circuito de control de fre- 
cuencia, constituido por un comparador de fase, un 
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filtro pasabajos, un amplificador de baja frecuencia 
y un oscilador controlado por voltaje (VCO), inter- 
conectados tal como se muestra en la figura 324. 


En condiciones normales, el VCO oscila a la mis- 
ma frecuencia de la señal de entrada, 51 la frecuen- 
cia de esta señal cambia, el comparador de fase pro- 
duce un voltaje de error, proporcional a la diferen- 
cia de frecuencias. 


Este voltaje se aplica al VCO y corrije su frecuen- 
cia, hasta sincronizarla o engancharla con la de la se- 
ñal de entrada, El proceso se repite indefinidamente. 


El PLL detecta cualquier cambio en la frecuencia 
de la señal de entrada y lo convierte en un voltaje de 
error que se suministra amplificado a la salida, 


En consecuencia, un PLL es, intrinsecamente, 
un demodulador de FM. El filtro determina el an- 
cho de banda del circuito y garantiza que sólo se am- 
plifiquen variaciones de baja frecuencia, es decir, 
señales de audio. 


Los PLLs se utilizan en demoduladores de AM, 
FM y FSK, sintetizadores y multiplicadores de fre- 
cuencia, acondicionadores de señal y otras aplicacio- 
nes muy interesantes, 


Al igual que los WCOs, los PLLs se encuentran 
también disponibles en forma de circuitos integra- 
dos. En la figura 325 se muestra un ejemplo típico 
de aplicación como demodulador de FM del PLL 
NES365 de Stenetics, La tensión de alimentación del 
circuito, proveniente de una fuente dual de 5V, se 
aplica entre los pines 10 (+Vee) y 1 (Vcc). 


La señal modulada de FI se aplica a una de las 
entradas de señal del detector de fase (pin 2) a tra- 
vés del condensador de 0.01 UF. La señal de salida 
de audio se obtiene entre los pines 6 y 7, 
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Demodulador de FM con PLL 565 


Entrada 
de Fl 


Salida dae 
audio 


| Fig. 325 
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El potenciómetro R1 y el condensador Cl deter- 
minan la frecuencia central (Fo) del VCO. La señal 
de entrada aplicada al pin 2 hace variar la frecuencia 
de VCO alrededor de su frecuencia central, 


El PLL seguirá las variaciones de frecuencia de 
la señal de entrada mientras éstas se mantengan den- 
tro de cierto margen llamado rango de enganche 
(AL), 


El condensador C2 actúa como filtro pasabajos 
y determina el rango de captura del PLL, es decir, 
el rango de frecuencias alrededor de Fo dentro del 
cual el circuito puede engancharse con una señal de 
entrada inicialmente fuera del rango de enganche. 


Los valores de Fo, AL y AC se calculan median- 
te el siguiente grupo de fórmulas: 


ás 0.3 
Rix Ci 


AL. tax Fo 
Vcc 


AC = + 0.214) AL 
C2 


Para que esta ultima expresión sea válida, AL 
debe expresarse en KHz y €2 en HF. De este mo- 
do, AC queda también expresado en KHz. 


Por ejemplo, si Vee=t5V (10Y en total), Rl= 
7.5KQ, C1=0.00274F y C2-0.0027UF, entonces 
Fo=14 KHz, AL=+11 KHz y AC= 13 KHz. 
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Actividad práctica N" 14 


Ensamble de la etapa detectora 


En esta actividad vamos a instalar en el tablero 
del radio los componentes de la etapa detectora, mar- 
cada con el color violeta o morado en el diagrama 
del radio, 


Asegúrese de realizar buenas soldaduras que le 
garantizarán un buen funcionamiento del radio, 


Paso 1. Localice el condensador C9, de 0.02 UF, 
Este puede estar marcado como 0,02, 203 6 2252. 
Suelde este condensador en las puntillas Cë y 17. 
Recorte el sobrante de los terminales. 


Paso 2. Localice el condensador C8, de 0.01 UF, 
Este puede estar marcado como 0.01, 01 6 1054, 
Suelde sus terminales en las puntillas CA y 16. 


Paso 3. Con alambre de conexión, una las puntillas 
C8, C5, C6 y E6, teniendo en cuenta no hacer corto 
con el cable que une las puntillas 16 y 17. 


Paso d. Con alambre de conexión, una las puntillas 
C7 y C8. Aparte, una las puntillas C3 y CA. 


Paso 5. Localice la resistencia R11 de 1K£1 (café- 
negro-rojo-dorado) y suéldela en las puntillas C3 y 
ER 


Paso 6. Localice el diodo detector 1N60, Instálelo 
con cuidado en las puntillas Cl y C3. Fíjese muy 
bien que el cátodo, marcado por una banda roja o 
negra, quede en la puntilla C1. 


Paso 7. Con alambre de conexión una las puntillas 
C2y I5 


El aspecto final de la etapa detectora se muestra 
en la figura A36, 


Fig. AIG HI 


Lección 26 


Mezcladores o conversores de RF 


Generalidades 


Un mezclador o conversor es un circuito que 
convierte o traslada una frecuencia, o una banda de 
frecuencias, de un valor a otro. Los mezcladores 
son parte integral de todo receptor superheterodino 
de comunicaciones, 

En la figura 326 se muestra el diagrama de blo- 
ques de un mezclador de frecuencia asociado a un 
filtro pasabanda. El mezclador propiamente dicho 


puede ser un transistor, un FET, una válvula, un cir- 
cuito integrado, etc. 


Mezcladores de frecuencia __ 


Veal 1 


Filtro 


pasabanda | 
(LC, XTAL, 


mecánico) 


A las entradas del bloque mezclador se aplican 
dos señales de diferente frecuencia cuyos valores 
son fl y f2 


A la salida del filtro se obtiene una señal que tie- 
ne una frecuencia igual a la soma o a la diferencia 
de frecuencias de las señales de entrada (2711). La 
ig f2 proviene generalmente de un oscilador lo- 
cal. 


En el caso de un mezclador de transmisión, fl 
proviene de las etapas de FI. La señal de salida 
(f1+f2) se aplica al amplificador de potencia de RF, 


En el caso de un mezclador de recepción, [1 
proviene del amplificador de RE o del circuito de 
sintonía. L.a señal de salida (f2-f1) se aplica a las eta- 
pas amplificadoras de FL 


El proceso de mezcla de las dos señales de en- 
trada origina a la salida del mezclador una gran va- 
riedad de productos de mezcla, es decir, de señales 
cuyas frecuencias son una combinación de las fre- 
cuencias de entrada (figura 327). 


Productos de mezcla 


Frecuencia E 


Los productos de mezcla más notables son: 


* Las frecuencias originales fl y f2 
«La frecuencia suma (f1+f2)} 
* La frecuencia diferencia (f2-f1) 


Por ejemplo, si f1=1 MHz y f2= 1.3 MHz, a la 
salida del mezclador obtendriamos, además de las 
señales de 1.5 MHz y de | MHz, una señal de 300 
KHz (£2-£1) y una señal de 2.3 MHz (f1+f2). 


El filtro selecciona únicamente uno de estos 
productos de mezcla, digamos la frecuencia diferen- 
cia, e ignora los demás, incluyendo sus armónicos, 
que también están presentes, 


Los armónicos de una señal son señales cuya 
frecuencia es un múltiplo entero de la fundamental, 
Por ejemplo, los primeros armónicos de una señal 
de 1 MHz son 2 MHz (2% armónico), 3 MHz (3er 
armónico), 4 MHz (4° armónico), etc. 


Desde otro punto de vista, un-mezclador es, bå- 
sicamente, un amplificador no lineal. En este tipo 
de circuitos, el punto de trabajo está cambiando per- 
manentemente de posición y, en consecuencia, la se- 
ñal de salida no es una réplica de la señal de entrada 
(ligura 328). 
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Operación lineal y no lineal de un amplificador y 


§ Veal Operación lineal 


| oie ads i Fig. 328 
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La posición del punto de trabajo de un mezcla- 
dor la controla la señal proveniente del oscilador 
local, Esta señal es relativamente grande compara- 
da con la señal de entrada. Sin señal de control, el 
circuito opera como un amplificador lineal, es decir, 
de clase A, 


En nuestro caso, la señal de entrada es fl y la de 
control es (2. Sin f2, la señal de salida sería una ré- 
plica de f1 y no contendría armónicos ni otros pro- 
ductos de mezcla. Algo similar sucedería s1 £2 fuera 
muy pequeña. 


En conclusión, cuando dos señales de diferente 
frecuencia se aplican a un amplificador no lineal, la 
señal de salida de este último contiene los armoni- 
cos de las señales de entrada y otras nuevas frecuen- 
cias derivadas de la mezcla. 


Entre estas nuevas frecuencias o productos de 
mezcla están la frecuencia suma y la frecuencia dife- 
rencia, 


Mezcladores de transmisión 


En un transmisor superheterodino, el mezclador 
o modulador recibe la señal proveniente del amplifi- 
cador de audio, la combina con la señal del oscila- 
dor local y produce a su salida una señal modulada 
de RF, la cual se aplica a un multiplicador que de- 
termina la frecuencia de transmisión (figura 329), 


La señal modulada de RF conserva la modula- 
ción original de la señal del amplificador de audio. 


Exceptuando los niveles de señal involucrados, 
los mezcladores de transmisión operan de manera 
similar a los utilizados en recepción. En la figura 
330 se muestra el circuito de un mezclador de trans- 
misión para VHF que utiliza un tubo de vacio co- 
mo elemento activo, 


La señal de entrada, proveniente de la última 
etapa de PI, se aplica a la rejilla de control. La señal 
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interna, proveniente del oscilador local, se inyecta 
al cátodo, 


| Mezclador de transmisión a tubos para VHF 


Circuito sintonizado da 
Salida 


Are Fla LO 


El tubo realiza la mezcla de las dos señales y su- 
ministra en la placa todos los productos de mezcla 
posibles, incluyendo las frecuencias originales, su 
suma, su diferencia y los armónicos de todas ellas, 


El circuito sintonizado de salida selecciona la se- 
ñal correspondiente a la suma de frecuencias y re- 
chaza las demás. La señal de RF resultante se ampli- 
fica hasta alcanzar un nivel específico de potencia y 
luego se irradia al espacio. 


Los mezcladores a tubos, en general, manejan 


mayores niveles de potencia que los mezcladores a - 


transistores y reducen el número de etapas de ampli- 
ficación necesarias para alcanzar una potencia de 
transmisión específica. 


Esta es su principal, y única, ventaja. Su mayor 
desventaja son los altos niveles de potencia regue- 


ridos a la entrada, 


Se M A MESELE BNA EEEE E nae aS | 
A A nate 


Un circuito como el de la figura 330 puede entre- 
gar, directamente, hasta 15 W de potencia de salida 
pero, en contraste, necesita cerca de 100 W de po- 
tencia de entrada para operar eficientemente, 


La mayor parte de esta potencia de entrada pro- 
viene del oscilador local, La relación entre la poten- 
cia de salida y la potencia de entrada se denomina 
panancia de conversión. 


Mezcladores de recepción 
En un receptor superhelerodino, el mezclador 
recibe la señal modulada de RF, la combina con la 


señal del oscilador local y produce a su salida la se- 
ñal de frecuencia eii (FI) (figura 331). 


- Mezcladores en recepción 


Al analia 3 
da Fl 


Dal amplificador ma | 
d Dal oscilador local 


es Sot E 


Esta última conserva la modulación original de 
la portadora de RF y su frecuencia es generalmente 
igual a la diferencia de frecuencia de las dos seña- 


les de entrada. Es decir, Fl = LO - RF. 


En otras palabras, el mezclador de un receptor 
traslada la modulación original de la portadora de 
RF a una portadora local o de Fl, La frecuencia de 
esta portadora interna es siempre la misma, sin 
importar la frecuencia de la portadora captada en el 
circuito de entrada. 


En AM, la portadora puede tener cualquier valor 
entre 530 y 1600 KHz, Sin embargo, la Fl tiene 
siempre un valor de 455 KHz. 


Al ser la señal de Fl de frecuencia más baja que 
la de RF, puede ser amplificada más fácil y eficiente- 
mente. 


En la figura 332 se muestran las etapas de entra- 
da de un receptor típico de AM, 


La señal modulada de RF, captada en el circuito 
de antena, se inyecta amplificada a una de las entra- 
das del mezclador o conversor de RF, 


La otra entrada recibe la señal proveniente del 
oscilador local (LO).El mezclador combina las dos 
señales y produce la señal modulada de FI. 
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El oscilador local se diseña para trabajar a una 
frecuencia que es siempre 455 KHz más alta que la 
frecuencia de portadora de la señal captada en el cir- 
cuito de antena. 


Para lograr este sincronismo, la frecuencia de 
resonancia del circuito de sintonía y la frecuencia de 
operación del oscilador local deben poderse variar 
simultáneamente. 


Esto se consigue acoplando los condensadores 
variables de control de ambos circuitos en “tan- 
dem", es decir, sobre el mismo eje. 


Así, al variar la frecuencia de resonancia del cir- 
cuito de antena varía también la del oscilador local, 
y en la misma cantidad. Las líneas punteadas en el 
circuito de la figura 332 evidencian esta depen- 
dencia. 


roceso de mezclar, por ejemplo, una señal 
de 95h KHz proveniente del amplificador de RF 
con una de 1405 KHz proveniente del oscilador lo- 
cal, origina, además de las frecuencias de 950 y 
1405 KFiz, la frecuencia suma de 2355 KHz, la fre- 
cuencia diferencia de 455 KHz y todos los armóni- 
cos de estas 4 señales. 


El mezclador entrega solamente la señal de 455 
KHz, incluyendo sus bandas laterales, por poseer a 
su salida un tanque resonante sintonizado a esta 
frecuencia. Los demás productos de la mezcla son 
lenoradas, 


Una consecuencia interesante del proceso de 
mezcla es la inversion que experimentan las bandas 
laterales. Después de la conversion, la banda lateral 
inferior aparece como superior y viceversa. 


En AM convencional, esta inversión no es im- 
portante para el posterior procesamiento de la señal 
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9 For the RLC circuit shown in Figure 7.5 
the output voltage is the voltage drop across 
the capacitor and inductor. 

Figure 7.5 


, 


CA 


If V out is plotted on a graph against the 
frequency for the circuit shown in Figure 7.5 , 
the curve looks like that shown in Figure 7.6 . 
Figure 7.6 


f, 
The output voltage drops to its minimum 


value at the resonant frequency for the 
circuit, which you can calculate with the 
formula provided in problem 6. At the 


resonant — frequency, the net reactance of the 
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por una razón muy sencilla: las dos bandas laterales 
contienen exactamente la misma información. En 
otros sistemas de cómunicaciones (TV, S5B, etc.) 
sí es una consideración importante. La figura 333 
ilustra gráficamente el fenómeno. 


El conversor de RF del radio AM CEKIT 
En la figura 334 se muestra el diagrama de blo- 


ques y el circuito completo del mezclador o conver- 
sor de RF del radio AM CEKIT. 
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La etapa recibe dos señales de entrada: una muy 
débil, proveniente del circuito de sintonía y otra 
muy fuerte, proveniente del oscilador local. 


El elemento activo de conversión es el transistor 
Q1. Este dispositivo, ademas de mezclador, actúa 
también como oscilador y como amplificador de 
RF. La señal del oscilador local se inyecta al emisor 
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Espectro de f 


y la de RF a la base. Los productos de la mezcla de 
las dos señales se obtienen en el colector, 


El circuito de sintonía, constituido porel conden- 
sador CV1 y la bobina Ll, selecciona una deter 
minada señal de RF y la aplica a la entrada del mez- 
clador, 


Desde el punto de vista de esta señal de entrada, 
el transistor Q1 se comporta como un amplificador 
clase A, es decir, las variaciones de corriente de la 
base se suceden dentro de la parte lineal de su curva 
característica (figura 335). | 


La operación de Q1 como amplificador de RF se 
describe con detalle en la Lección 24 de este curso, 


A pesar de la amplificación, la señal de RF sigue 
siendo muy débil comparada con la del oscilador - 


local. 


La señal del oscilador local, figura 336, debe ser 


espectralmente pura, sin armónicos, y relativamente 


grande. Esta ultima condición es importante para | 
obligar el transistor Q1 a trabajar en la parte no li- - 
neal de sus curvas características. Como sabemos, 


la operación no lineal es básica para la mezcla. 


Señal del oscilador local 


Típicamente, la amplitud de la señal del oscila- 
dor local es del orden de 1 a 5 Vpp. Su frecuencia 
la determina el circuito tangue formado por la bobi- 
na L2 y el condensador CV 2, 


Como consecuencia de la mezcla de las dos seña- 
les, en el colector de Q1 obtendremos, además de 
las frecuencias originales de RF (radiofrecuencia) y 
de LO (oscilador local), la frecuencia suma (LO+ 
RE) y la frecuencia diferencia (LO-RE). Esta última 
es la frecuencia intermedia (FI) de 455 KHz del pro- 
ceso heterodino AM (figura 337). 


El transistor Q1 como mezclador 


Dej circulto de 
sintonia 


Del osciador 


En el colector de QI encontramos dos circuitos 
importantes: el primer transformador sintonizado de 
FI (T1, núcleo amarillo) y el primario de la bobina 
osciladora (L2, núcleo rojo). 


El transformador T1 está sintonizado a 455 
KHz. Su función consiste en seleccionar la señal de 
frecuencia intermedia (PI=LO-RF) derivada del pro- 
ceso de mezcla y acoplarla a la primera etapa de Fl. 
La señal de Fl conserva la misma modulación de la 
portadora de RF captada en el circuito de antena. 


La bobina osciladora L2 está sintonizada a la fre- 
cuencia local de oscilación (LO). Esta señal se rein- 
yecta al emisor de QI con el fin de sostener las osci- 
laciones. La operación del oscilador local se explica 
con detalle en la Lección 25 de este curso. 


Caracteristicas generales de los mezcla dores. 


El mezclador es una de las partes más impor- 
tante de todo receptor de comunicaciones y el prin- 
cipal determinante de su rango dinámico. 


El rango dinámico de un receptor se refiere a su 
habilidad para trabajar apropiadamente en presencia 
de señales débiles y fuertes, sin introducir distor- 
sión ni ruido, La figura de ruido de un mezclador 
debe ser, idealmente, 0 dB. 


Las señales aplicadas a un mezclador deben man- 
tenerse a un nivel suficiente como para superar el ni- 
vel de ruido propio del circuito, Sin embargo, cuan- 
do los niveles de señal inyectados son excesivos, se 
pierde sensibilidad y se produce una distorsión de- 
masiado grande. 


Un buen mezclador debe poder manejar altos ni- 
veles de señal, sin que esto afecte su operación. 


Los mezcladores con diodos se ajustan perfecta- 
mente a este requisito, Sin embargo, introducen rul- 
do y exigen un oscilador local muy potente, Tienen 
las ventajas de la simplicidad de diseño y el amplio 
rango dinámico. 


La mayoría de los receptores modernos utilizan 
FETs y transistores bipolares como mezcladores. 
Estos dispositivos son menos ruidosos que los dio- 
dos, proporcionan un buen rango dinámico y mini- 
mizan los requisitos de ganancia de las etapas subsi- 
guientes. 


Un buen mezclador también debe proveer un Óp- 
timo aislamiento entre el circuito de entrada y el osci- 
lador local. 


Un aislamiento deficiente puede provocar, por 
ejemplo, que la energía de RE del oscilador local se 
irradie al exterior, a través de la antena, causando 
interferencia en circuitos cercanos del mismo radio, 
o de otros aparatos, 


En el caso de un mezclador con transistor bip 
lar, la señal de entrada, proveniente del amplifica- 
dor de RF o del circuito de sintonía, se aplica 
generalmente a la base. La señal del oscilador local 
puede inyectarse a la base o al emisor, 


La inyección por base exige menos niveles de se- 
ñal qe no proporciona buen aislamiento. El mez- 
clador del radio AM CERIT utiliza inyección por 
emisor. 


Para proveer un buen aislamiento entre la señal 
de entrada y la del oscilador local, resulta conventen- 
te utilizar más de un dispositivo mezclador. 


Este tipo de circuitos se denominan mezcladores 
balanceados. Los circuitos con un solo dispositivo 
mezclador se denominan simplemente terminados. 


El balance evita que la energía inyectada en una 
de las entradas aparezca en la otra entrada o en la 
salida y se generen señales de mezcla indeseables. 
Esto es particularmente importante cuando se desea 
minimizar la distorsión de la señal de salida. 


En un mezclador simplemente balanceado, úni- 
camente el oscilador local está aislado. En un osci- 
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lador doblemente balanceado, todos los tres puer- 
tos del mezclador (entrada, oscilador local y salida) 
están aislados entre sí. 


La mayoría de los receptores utilizan algún tipo 
de filtro pasabanda a la salida del mezclador, con el 
fin de establecer la selectividad general del sistema. 
Este filtro rechaza los productos de mezcla no de- 
scados, garantizando que sólo pase la frecuencia in- 
termedia. 


Para garantizar el óptimo funcionamiento de un 
mezclador, la señal proveniente del oscilador local 
debe ser espectralmente pura, es decir, no debe con- 
tener ruido ni otras frecuencias distintas a la desea- 
da. 

Para prevenir esto, puede utilizarse un filtro 


pasabanda entre la salida del oscilador local y la en- 
trada del mezclador (figura 338). 


Filtrado de la señal del oscilador local 
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Mezcladores con diodos 


Los diodos resultan efectivos como mezcladores 
cuando se manejan señales fuertes. Los mezclado- 
res con diodos ofrecen un amplio rango dinámico y 
son muy fáciles de implementar. 


Sin embargo, este tipo de circuito introduce pér- 
didas y tiende a ser ruidoso. Para minimizar las pér- 
didas debe proveerse un buen acoplamiento de im- 


pedancias. 


Los mezcladores con diodos son básicamente de 
dos tipos: simplemente balanceados y doblemente 
balanceados. 


En la figura 339A se muestra un ejemplo de 
mezclador simplemente balanceado y en la figura 
339B un ejemplo de mezclador doblemente bulan- 
ceado, 
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En ambos casos, la mezcla de las señales de 
entrada y del oscilador local la realizan los diodos, 
Los condensadores C1 y C2 se utilizan para propó- 
sitos de balance. Los transformadores T1 y T2 reali- 
zan el acople de impedancias. 


Los diodos utilizados en este tipo de circuitos de- 
ben ser, preferiblemente, del tipo Schottky. No obs: 
tante, los diodos de conmutación comunes, como el 
1914, resultan también apropiados. 


Las razones por las cuales los diodos Schottky 
resultan efectivos como mezcladores de RF,. espe- 
cialmente en aplicaciones de VHP y UHF, son, 
ente otras: 


* Operación a muy altas frecuencias. 

+ Bajo voltaje de conducción. 

* Bajo nivel de ruido, 

+ Alta eficiencia de conversión, 

+ Alto voltaje de ruptura. 

- Baja corriente de fuga. 

« Muy baja capacitancia interna. 

+ Buena tolerancia a las variaciones de 
temperaura. 


Los transformadores de acoplamiento T1 y T21 
("baluns") se devanan, generalmente, sobre núcleos > 
toroidales de ferrita. En la figura 340 se muestra su 
aspecto pico, 


Mezcladores con transistores 


Los transistores bipolares y los FETs se utilizan 
exitosamente como mezcladores en sustitución de 
los diodos Schottky o de conmutación cuando sé 
manejan señales relativamente débiles. 


En contraste con los diodos, que son elementos. 
pasivos, los transistores, por ser activos, aseguran 
una ganancia de conversión. Esta característica min 
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miza el número de etapas de ganancia requeridas 
para llevar la señal de salida a un nivel dado. 


Casi todos los fabricantes de semiconductores 
especifican ciertos transistores como mezcladores, 
Un ejemplo es el transistor MPS56547. 


_ Los dispositivos diseñados para esta clase de ser- 
vicio se caracterizan por su baja figura de ruido, su 
alto rango dinámico y su excelente ganancia de con- 
versión. Por lo tanto, pueden trabajar con bajos ni- 
veles de señal. 


En la figura 341 se muestra un ejemplo de mez- 
clador con transistor utilizado en algunos receptores 
sencillos de AM. 
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Para frecuencias por debajo de 7 MHz, este tipo 
de circuitos no requiere, generalmente, de amplifica 
dores de RF previos, La señal del oscilador local se 
inyecta en la base. 


La mayor limitación del circuito anterior es la 
falta de aislamiento efectivo entre la señal de entra- 
da y la del oscilador local. El circuito de la fisura 
342 supera esta dificultad inyectando la señal del os- 
cilador local al emisor, 
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Esta técnica requiere niveles ligeramente más al- 
tos de voltaje por parte del oscilador local, pero ga- 
rantiza un mejor aislamiento con respecto a la en- 
trada de RF, 


En la figura 343 se muestra un ejemplo de mez- 
clador simplemente balanceado con transistores. La 
señal del oscilador local se inyecta a la base, R1 se 
utiliza para efectos de balance. 


- Mezclador a transistor simplemente balanceado 
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Mezcladores con FET 


Los mezcladores con FET se caracterizan por 
proporcionar un mejor rango dinámico que los mez- 
cladares con diodos o con transistores. 


En la figura 344 se muestra un ejemplo de mez- 
clador simplemente terminado con FET, 


Las señales de entrada y del oscilador local se 
aplican a la compuerta. El circuito se caracteriza por 
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lemente terminado con JFET 
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su excelente ancho de banda. Su mayor desventaja 
es el aislamiento pobre entre la entrada de RF, la 
entrada del oscilador local y la salida de Fl. 


Para proveer un buen funcionamiento de este 
tipo de mezcladores, el voltaje de inyección del os- 
cilador local debe ser del orden de 1Vpp. La ga- 
nancia de conversión (relación entre las señales de 
FI y de RF) es del orden de 10 dB. 


En la figura 345 se muestra un ejemplo de mez- 
clador simplemente balanceado FET. 


- Mezcladorsimplemente balanceado con JFE 
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El transformador de acoplamiento T1 suminis- 
tra la señal del oscilador local a las compuertas (G) 
de Q1 y Q2. 


La señal de entrada se inyecta a los surtidores de 
QU y Q a través del transformador T2. La salida de 
FI se obtiene de un circuito sintonizado, 
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En la figura 346 se muestra un ejemplo de mez- 
celador con MOSFET de doble compuerta, 


Mezclador con MOSFET de doble erta 


La señal de entrada se aplica a la compuerta Gl 
y la del oscilador local a la compuerta G2. Esto ga- 
rantiza un excelente aislamiento entre ambas seña- 
les. 


La resistencia R1 se utiliza para disminuir la im- 
pedancia de carga y minimizar el efecto de las capa- 
citancias internas del dispositivo. En los demas as- 
pectos, el circuito es similar al de la figura 344, 


Los transistores MOSFET de doble compuerta 
son probablemente los dispositivos mezcladores 
más populares en aplicaciones de WHF y UHF., 


Este tipo de dispositivos proporciona una con- 
siderable ganancia de conversión mientras mantiene 
una razonable figura de ruido. 


La frecuencia imagen 


Muchos receptores superheterodinos de AM, es- 
pecialmente los de bajo costo, no utilizan un amplifi- 
cador de RF previo a la etapa mezcladora. Por este 
motivo, son susceptibles a un problema de selectivi- 
dad conocido como "frecuencia imagen”. 


La frecuencia imagen consiste en la presencia, a 
la salida del mezclador, de dos señales simultáneas, 
provenientes de dos emisoras diferentes: la que se 
desea sintonizar y su imagen. Esta última tiene una 
frecuencia de portadora que está 455 KHz por en- 
cima de la frecuencia del oscilador local, Por ejem- 
pla, si se sintoniza una estación de 700 KHz, su 
imagen estará localizada en 1610 KHz. 


El problema de la frecuencia imagen se evita utili- 
zando un amplificador de RF de banda estrecha o 
un circuito de sintonía muy selectivo, 
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Lección 27 


Generalidados 


La regulación automática de la ganancia de unte- 
ceptor de radio, en relación con la intensidad de se- 
ñal recibida, es un requisito básico de diseño del 
mismo. 


En otras palabras, el volumen de las emisoras en 
el parlante debe ser el mismo, independientemente 
de la intensidad de la señal con que cada emisora 
llega a la antena. 


Esta función la realiza en el receptor un circuito 
especializado, llamado control automático de ganan- 
cia (CAG) o control automático de volumen (CAV). 


El CAG mantiene constante el nivel de la señal 
de salida de audio del receptor, sin importar la inten- 
sidad de señal captada a la entrada, 


El circuitode CAG utiliza el nivel de CC desarro- 
llado por la señal de salida para variar la polariza- 
ción de las etapas de RF y de Pl. 


Este voltaje es proporcional a la amplitud pro- 
medio de la senal, 


En consecuencia, la ganancia de los amplifica- 
dores de RF y Fl se reduce a medida que la señal se 
hace más fuerte y viceversa. 


La figura 347 ilustra el concepto general de un 
circuito de CAG tal como se aplica en la mayoría de 
los receptores modernos, especialmente aquellos 
que se utilizan en radioafición. 
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Control Automatico de Ganancia (CAG) 


En este caso, la sefial de entrada del circuito de 
CAG se toma de la última etapa de FI. La tensión 
de CC de salida se aplica a los amplificadores de Fl 
o de RF, 


La energía de FI se inyecta a la entrada del ampli- 
ficador de CAG a través del condensador €. La can- 
tidad de señal aplicada se controla mediante el poten- 
ciómetro P. 


Una vez amplificada, la señal de Fl se rectifica 
mediante Dl y se convierte en un voltaje de CC. 
Este voltaje amplifica y seaplica al primer amplifica- 
os de FI y, en algunos casos, al amplificador de 


El circuito RC formado por R1 y Cl provee una 
función conocida como retardo del CAG. La fun- 
ción de este circuito de retardo es hacer que el CAG 
empiece a actuar únicamente después de que la se- 
ñal de entrada alcanza un cierto nivel, 


Las señales por debajo de este nivel recibirán ple- 
na amplificación y las que estén por encima queda- 
rán sujetas a la acción del CAG, De no ser así, 
todas pa señales de entrada, incluyendo las más 
débiles, producirian un voltaje de correción, causan- 
do problemas de sensibilidad. 


En general, el circuito de CAG de un receptor 
debe poderse enganchar con bajos niveles de señal 
y mantener la señal de salida del receptor a un nivel 
constante sobre un amplio rango de niveles de seña- 
les de entrada. 


En el caso de receptores profesionales la salida 
de audio deberá permanecer constante en amplitud 
sobre un rango de señales de entrada comprendido 
entre 1 uV y 10 mV, aproximadamente. En recepto- 
res domésticos los requisitos $0n menos exigentes. 


El circuito de CAG del radio AM CEKTI] 


El propósito del control automático de ganancia 
(CAG) es mantener relativamente constante el nivel 
de señal de audio aplicado por el detector a la entra- 
da del amplificador de audio, sin importar la intensi- 
dad de la señal de RF sintonizada en la etapa de RF. 


La intensidad de la señal de RF captada en el cir- 
cuito de antena varía con la potencia de la emisora, 
con su distancia del punto de recepción y con diver- 
sos factores atmosféricos y de propagación, 
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El CAG favorece la amplificación de las señales 
débiles y atenúa las fuertes. De este modo, todas se 
reproducen con la misma intensidad en el parlante. 


Sin el CAG sería imposible una buena recep- 
ción porque la señal sintonizada no tendría siempre 
la misma fuerza (estaría subiendo y bajando de vo- 
lumen). Todas estas variaciones son muy bien com- 
pensadas por el circuito de CAG. 


La función de CAG en el radio 4M CEKIT la 
provee la resistencia R10, la cual conecta la salida 
del detector con la entrada del primer amplificador 
de FI, tal como se muestra en la figura 346. 


El CAG utiliza el nivel de CC desarrollado por 
la señal filtrada de Fl a la salida del detector para 
controlar el nivel de polarización del transistor Q2, 


Esta tensión se denomina voltaje de CAG y pue- 
de medirse fácilmente conectando un voltimetro de 
CC en bornes del condensador C9, como se mues- 
tra en la misma figura 348 anterior. 
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| Circuito de control automático de ganancia 


El voltaje de CAG es proporcional a la amplitud 
de la señal, 


Por lo tanto, la ganancia del primer amplificador 
de Fl se reduce a medida que la intensidad de la se- 


Pia 


fial se hace más grande y viceversa. 


En la figura 349 se comparan dos señales mo- 
duladas de RP de diferente intensidad y su efecto en 
diferentes partes del circulo, 


Como puede verse, la señal filtrada presente en 
el ánodo del detector tiene un cierto nivel de CC, 


Entre más fuerte sea la señal, más negativo es 
este voltaje. 


El voltaje de polarización de la base del primer 
amplificador de FI (Q2) lo controla el divisor de 
tensión formado por Ré y RIQ. 


La resistencia R11 y el condensador C9 del cir- 
cuito de salida del detector forman un filtro que 
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transfiere únicamente la componente de CC de la se- 
ñal de salida, Este filtro contribuye también a la ac- 
ción de retardo del CAG explicada al comienzo de 
esta lección, 


Cuando se sintoniza una señal fuerte, el nivel de 
CC de la señal detectada será muy negativo. En con- 
secuencia, el voltaje de polarización de la juntura 
BE de Q2 disminuirá. Esto reduce necesanamente 
la ganancia. 


De otro lado, cuando se sintoniza una señal dé- 
bil, el nivel de CC de la señal detectada será menos 
negativo. En consecuencia, el voltaje de polariza- 
ción de la unión BE de Q2 aumentará, Esto incre- 
menta la ganancia, compensándose así la debilidad 
de la señal de entrada. 


Por acción del CAG, el transitor Q1 opera en di- 
rección del punto de corte. A este modo de CAG se 
le denomina inverso. Si operara en dirección del 
punto de saturación sería un CAG directo. El CAG 
provoca un efecto de realimentación negativa en el 
primer amplificador de FT. 
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Importancia del filtrado de la tensión de CAG 


Son varias las razones por las cuales se requiere 
de una acción de filtrado o retardo de la tensión de 
CAG. La más importante es impedir que las varia- 
ciones instantáneas de la señal de audio se manifies- 
ten a la entrada de los circuitos sometidos a la ac- 
ción del CAG y provoquen la inestabilidad del pun- 
to de trabajo y otras perturbaciones. 


En el sistema de la figura 347, el filtro de CAG 
está representado por R1 y C1. La principal función 
de este filtro es permitir que únicamente la compo- 
nente de CC de la señal de salida del amplificador 
de CAG se transmita como tensión de polarización 
a la entrada de la primera etapa de FL 


El condensador Cl, en particular, ofrece un ca- 
mino fácil a tierra de las variaciones de alta y baja 
frecuencia de la señal de CAG, La constante de tiem- 
po del filtro (R1xC1) se elige de modo que permita 
enmascarar los efectos del “fading” o desvaneci- 
miento de la señal de entrada, sin ignorar la más ba- 
ja de las frecuencias a reproducir. 
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Continuación Actividad Practica N° 14 


Prueba de la etapa detectora 


Una vez instalados los componentes de la etapa 
detectora de audio (C9, C8, R11 y D1) vamos a pro- 
ceder a su prueba. Como sabemos, el detector reci- 
be una señal modulada en amplitud de 455 KHz, la 
rectifica y la Altra, eliminando la componente de alta 
frecuencia y suministrando únicamente la compo- 
nente de baja frecuencia de audio. 


Necesitaremos para esta prueba de un generador 
de RF de 455 KHz con modulación de 1 KHz, un 
osciloscopio de dos canales y, opcionalmente, un 
generador de audio. 


En la actividad 17 de este curso se explica la for- 
ma de armar un sencillo y práctico generador de RF 
de 455 KHz con modulación de 1 KHz adecuado 
para los propósitos de esta actividad. 


El procedimiento a seguir puede describirse en 
términos generales asi: 


Simularemos la señal modulada de Fl inyectan- 
do una señal de | KHz a la entrada de modulación 
del amplificador de RF. Si este último tiene modula- 
ción interna de | KHz o similar, el generador de au- 
dio puede obviarse. 


Inyectaremos la señal modulada de salida del ge- 
nerador de RF a la entrada del detector, es decir, al 
cátodo de D1. Obtendremos la señal de salida en el 
punto común de unión de R11, C8 y C9. 


Compararemos las dos señales y verificaremos 
que la forma de onda de la señal de audio observada 
enel canal 2 corresponde exactamente a la envolven- 
te de la señal de RF observada en el canal 1. 


Si esto es asi, el detector de audio está operando 
correctamente, Variando la amplitud de la señal de 
RF podemos observar su efecto en el voltaje de 
CAG. Este voltaje es igual al nivel de CC de la se- 
ñal de salida del detector. 


Por cuestiones didácticas, las pruebas anteriores 
conviene realizarlas sin batería de alimentación. Si 
usted desea escuchar en el audifono la reproduc- 
ción del tono de modulación de 1 KHz tendrá que 
conectar la batería, Notará que con la batería conec- 
tada la amplitud de la señal de audio a la salida del 
detector disminuye. 


Paso L Obtenga con el generador de RF una señal 
modulada de 455 similar a la mostrada en la figura 
A37. Inyecte esta señal a la puntilla Cl (entrada del 
detector), Conecte a ese mismo punto el canal 1 del 
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osciloscopio. Sitúe la base de tiempo en 0.5 ps/div, 
la atenuación vertical en 0.1 V/div y el selector de 
modo de operación en AC. 
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Visualice y mida la sefial aplicada. En este caso, 


la amplitud de toda la señal es de 400 mVpp, La | 


ep itud de la señal de modulación de 1 KHZ es de 
100 m¥ pp. 


Paso 2, Conecte el canal 2 del osciloscopio a la 
puntilla C7 (salida del detector). Utilice el modo de 
operación DC para observar el nivel de CC de la 
senal de salida. Sitúe el control de atenuación verti- 
cal en 0.02 V/div y el selector de canales en el 
modo "ALT" o "CHOP" para visualizar simultánea- 
mente las dos señales. 


Observe la señal de salida y compárela con la de 
entrada. En la figura A37 se muestran las formas de 
onda de las dos señales. 


_ Notara que la señal de salida (canal 2) tiene una 
cierta amplitud, digamos 40 mVpp, y un cierto ni- 
vel negativo de CC, digamos 40 mV, Con respecto 
a la señal de entrada (canal 1), la forma de onda de 
la señal de salida es prácticamente igual a la forma 
de onda de la envolvente de la señal de entrada y no 
contiene ningún rastro de RF. 


La envolvente corresponde a la información de 
audio transportada por la portadora de 455 KHz. 
En consecuencia, el detector ha extraído la señal de 
audio y eliminado la componente de RF. Asi, he- 
mos comprobado el proceso de detección AM. 


Instalación del condensador filtro C10 


Para terminar esta actividad, instale el conden- 
sador C10 de 47 uF entre las puntillas 39 (terminal 
positivo) y 30 (terminal negativo). La función de 
C10 es servir como filtro de radiofrecuencia de la 
fuente de alimentación. Después de soldado, corte 
el alambre restante. 


Lección 28 


Descripción general del receptor 


Introducción 


Hemos analizado hasta ahora todas las etapas de 
un radio AM típico, de derecha a izquierda, desde el 
parlante hasta la antena, empezando por el amplifi- 
cador de audio y terminando en el circuito de sinto- 
nía. También se ha estudiado una gran cantidad de 
temas teóricos relacionados con cada etapa y con el 
campo de las comunicaciones en general. 


Con el fin de aclarar las ideas principales, va- 
mos a realizar a continuación un resumen en el sen- 
tido propio del flujo de las diferentes señales involu- 
cradas, de izquierda a derecha, es decir, desde la an- 
tena, donde llegan las señales de todas las emiso- 
ras, hasta el parlante, donde escuchamos la informa- 
ción de voz y sonido transmitida. 


Con este resumen pretendemos que el lector o 
estudiante pueda visualizar, en una sola lección, 
cómo está estructurado un sistema de comunica- 
ciones por radio desde el transmisor hasta el recep- 
tor y los circuitos especializados que realizan cada 
una de las funciones necesarias para el proceso. 


Cómo se produce la señal AM. El transmisor 


En la figura 350 se muestra la estructura simpli- 
ficada de una emisora de AM, 
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En la emisora se origina la información de voz 
y sonido que se desea enviar al receptor. Esta infor- 
mación puede provenir de uno o más micrófonos o 
estar grabada en discos, cintas magnéticas u otros 
medios. Independientemente de su origen, debe con- 
vertirse en una representación eléctrica equivalente 
para ser procesada. 


La conversión a señales eléctricas la realizan 
procesadores de sonido como tocadiscos, grabado- 
Tas de cassettes, reproductores de discos compac- 
tos, étt asociados a amplificadores de audio. La 
señal eléctrica de salida del procesador de audio se 
aplica a un modulador, 


El modulador combina la señal de baja frecuen- 
cla suministrada por el procesador de audio con una 
señal de alta frecuencia proveniente de un oscilador 
local y produce a su salida una señal de amplitud 
modulada (AM), 


La señal de AM se inyecta a un amplificador de 
RF de potencia y se suministra amplificada a una 
antena, la cual la irradia al espacio. El enlace entre 
el amplificador de potencia de RF y la antena se 
establece a través de un cable llamado línea de trans- 
misión. 


Las emisoras de AM transmiten con frecuencias 
de portadora entre 530 y 1600 KHz. A cada esta- 
ción se le asigna una frecuencia específica dentro de 
esta banda. La información de audio o banda base 
enviada contiene frecuencias entre O y 3 KHz. La 
banda base determina dos bandas laterales alrede- 
dor de la portadora (figura 351). 
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La antena irradia la señal de AM en forma de 
una onda electromagnética. Esta onda se propaga en 
todas las direcciones y se dirige a la antena recep- 
tora siguiendo la curvatura de la tierra o refleján- 
dose de ella (figura 352). Por esta razón, se dice 
que es una onda de superficie o terrestre. 


Cómo se reproduce la señal AM. Recepción 


En la figura 353 se muestra el diagrama de blo- 
ques simplificado de un receptor superheterodino 
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inductor and capacitor in series Is at a 
minimum. Therefore, there is little voltage 
drop across the inductor and capacitor, and 
the output voltage is at its minimum value. A 
circuit with this type of output (such as the 
circuit shown in Figure 7.5 ) is called a notch 
filter , or band - reject filter 
Question 
What would you expect the minimum output 
voltage to be? ___ 
Answer 
O volts, or close to it 
Project 7.1: The Notch Filter 

Objective 
The objective of this project is to determine 
how V out changes as the frequency of the 
input signal changes for a notch filter. 


General Instructions 
After the circuit is set up, you measure V out 
for each frequency. You can also generate a 
graph to show the relationship between the 


output voltage and the input frequency. 

Parts List 

You need the following equipment and 
supplies: 

One 100 Q, 0.25-watt resistor. 

One 1000 pF capacitor. (1000 pF is also 
sometimes stated by suppliers as 0.001 UF.) 
One 100 pH inductor. You'll often find 
inductors that use a numerical code to 
indicate the value of the inductor. The first 


Propagación de la señal AM 


ahha! A 
aa 


Oo a 


Transmisor Onda directa 


== > 


= 
po ere 
ADO 


de AM. El receptor es el punto de llegada de la 
información originada en la emisora. 
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Fig. 353. 


A la antena llegan señales provenientes de un 
gran número de estaciones. El sintonizador seleccio- 
na una en particular, la amplifica y la suministra a 
un mezclador o conversor de frecuencia. En el mez- 
clador, la señal modulada de RF se combina o fete- 
rodina con una señal de alta frecuencia proveniente 
de un oscilador local. 


Como consecuencia del proceso de mezcla, la 
modulación original de la portadora se traslada a 
una portadora fija de 455 KHz llamada Flo frecuen- 
cia intermedia. La señal de Fl conserva la misma 
modulación de la portadora de RF. 


La señal de Fl se amplifica y se inyecta al detec- 
tor o demodulador, El detector separa la señal de 
modulación (audio) de la portadora de 455 KHz y 
la suministra al amplificador de audio. 


Este amplificador eleva el nivel de la señal de 
audio y le suministra la suficiente potencia como pa- 
raimpulsar el parlante. En el parlante, la señal de au- 
dio se reproduce en forma de voces y sonidos que 
son réplicas fieles de la información audible envia- 
da por la emisora sintonizada. 


Los circuitos del receptor AM CEKTT 


En la figura 354 se muestra el diagrama comple- 
to de bloques del receptor superheterodino AM 
CEKIT. 


El sistema consta básicamente de las siguientes 
etapas: 


* El circuito de sintonía, | 

" El amplificador/conversor de RF, constituido por 
el amplificador de RF, el oscilador local (LO) y el 
conversor o mezclador propiamente dicho. 

* El primer amplificador de FL 

* El segundo amplificador de FI. 

* El detector o demodulador de AM. 

+ El circuito de CAG. 

+ El preamplificador de audio. 

+ El amplificador de potencia. 

+ El filtro de RF. 

+ La batería o fuente de alimentación. 


El circuito de antena se puede sintonizar a cual- 
quier frecuencia en el rango de 530 a 1600 KHz 
variando el valor del condensador CV 1. El conden- 
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sador i permite variar la frecuencia del oscilador 
local en el rango de 985 a 2055 KHz, Los dos con- 
densadores están acoplados mecánicamente sobre el 
mismo gjë. 


Para simplificar, supongamos que el circuito de 
antena se sintoniza a 1000 KHz mediante CV1. El 
oscilador local operará entonces, automáticamente, 
a 1455 KHz, es decir, 455 KHz por arriba de la fre- 
cuencia de resonancia del circuito de sintonía, 


A la antena convergen señales provenientes de 
un gran número de estaciones. El circuito de sinto- 
nia selecciona úmecamente la correspondiente a una 
portadora de 1000 KHz, incluyendo sus bandas la- 
terales, Las demás son ignoradas. 


La señal de 1000 KHz captada ingresa entonces 
al amplificador conversor de RF, donde se amplifi- 
ca y se mezcla con la señal de 1455 KHz del os- 
ctlader local, A la salida de este circulo obtenemos 
4 frecuencias diferentes de mezcla: 1000 KHz, 
1455 KHz, 2455 KHz y 455 KHz. 


Las dos primeras, 1000 KHz y 1455 KHz, co- 
rresponden, respectivamente, a las frecuencias ori- 
ginales de las señales de RF y del oscilador local. 
La señal de 2455 KHz resulta de 3 suma de ambis 
frecuencias (2455=1000+1455) y la de 455 KHz de 
su diferencia (455=1454-1000). 


La salida del conversor de RF está sintonizada a 
455 KHz, la frecuencia intermedia (FI) del y roceso. 
En consecuencia, sólo esta señal pasa a la etapa 
siguiente, pa demás productos de la meseli son 
ignorados. | -a señal de 455 KHz contiene exacta 
mente la misma modulación de la portadora de 1000 
KHz con una sola excepción: las bandas laterales 
aparecen invertidas (figura 355), 


El proceso de mezcla 


1000 Ke | 


wale | Ampliticador? 
Conversor 
da HF 


455 KHz ! 


„Fig. 355 55 


La señal de salida del conversor se aplica al pri- 
mer amplificador de FI, Este circuito está sintoni- 
zado también a 455 KHz y tiene un ancho de banda 
suliciente para dejar pasar las bandas laterales, 


La señal proveniente del primer amplificador de 
FI se aplica a un segundo amplificador, también sin- 
tonizado a 455 KHz. Este la entrega al detector o de- 
modulador de AM, 


El detector rectifica la señal modulada de FI, se 
para la señal de modulación de la portadora de 455 
KHz y la suministra al preamplificador de audio, Al 
desaparecer la portadora de Fl, la señal de salida del 
detector es la banda base original (figura 356), 
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La señal de salida del detector se aplica también 
al circuito de control automático de panancia. El 
CAG regula la ganancia del primer amplificador de 
Fl en función de la intensidad de la señal de entra- 
da. Las señales fuertes reciben menos amplificación 
que las débiles. El resultado es un nivel aproximada- 
mente constante de señal de audio a la entrada del 
preamplificador. 


El preamplificador y el amplificador de potencia 
configuran el amplificador de audio, 


El pr pei te ees aumenta el nivel de voltaje de 
la señal de audio y el amplificador de potencia le 
suministra la corriente necesaria para impulsar el 
parlante, Asociado al preamplificadorestá el control 
de volumen (RV). 


_ Elreceptorobtienclaalimentación de CC necesa- 
ria para polarizar adecuadamente todos sus circuitos 
de una batería o fuente de poder de 9V. La alimenta- 
ción del amplificador de ‘aie se obtiene directa- 
mente de fa batería y la de los circuitos de alta fre- 
cuencia a través de un filtro de RF. 


El filtro de RF evita que las señales de alta fre- 
cuencia presentesen las líneas de alimentación inter- 
fieran con la operación del amplificador de audio e 
introduzcan ruido, 
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El circuito de antena 


El circuito de antena capta las señales de radio 
emitidas por las diferentes estaciones, selecciona 
una en particular y la suministra al amplificador 
conversor de RF, La emisora deseada se elige me- 
diante un condensador variable (CV 1), 


El circuito consiste básicamente de una antena 
colectora de ondas y un circuito resonante paralelo 
o tanque. En la figura 357 se muestra su diagrama 
esquemático. 
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El circuito tanque lo integran un transformador 
de núcleo de ferrita (L1), un condensador variable 
(CV1) y un condensador trimmer o de compensa- 
ción (CT1). El nucleo de ferrita actúa como antena 
propiamente dicha, 


El condensador CV 1 permite variar la frecuencia 
de resonancia del circuito dentro del rango de 530 a 
1600 KHz. El trimmer CT1 permite realizar ajustes 
finos de frecuencia. 


Además de contribuir a la determinación de la 
frecuencia de resonancia, Ll acopla la alta impedan- 
cia del tanque resonante con la baja impedancia de 
entrada del amplificador /conversor de R 


El circuito tanque establece la selectividad de en- 
trada del receptor, es decir, su habilidad para arar 
pasar únicamente la portadora y sus bandas laterales 
y rechazar las demás señales. A la frecuencia de 
resonancia, el circuito tangue presenta su máxima 
respuesta de señal. 


El amplificador / conversor de RF 


El amplificador/conversor de RF recibe la señal 
modulada de RF captada en el circuito de antena, la 
amplifica, la mezcla con la señal del oscilador local 
y traslada la modulación original de la portadora de 
EF a una portadora fija de 455 KHz o FI 
212 


CE dad A E od 


La señal de salida se aplica a los amplificadores 
de FI. La frecuencia del oscilador local se controla 
mediante un condensador variable (CVT) y es siem- 
pre 455 KHz más alta que la frecuencia de resonan- 
cia del circuito de antena. 


El circuito consiste básicamente de un amplifi- 
cador sintonizado de RF, un oscilador local y un 
mezclador de frecuencias. En la figura 355 se mues- 
tra el diagrama correspondiente. 


alificador/ Conversor de RF 
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El elemento activo de la etapa es el transistor 
NPN QI. Este dispositivo, en asocio con los demás 
componentes pasivos de la etapa (resistencias, 
condensadores y bobinas) amplifica la senal de RF 
suministrada por el circuito de antena, genera la se- 
ñal local de oscilación y la mezcla con la de RF pa- 
ra producir la senal de Fl, 


Las resistencias R1, R2, R3 y R4 cumplen la 
función de polarizar adecuadamente el transistor 
Q1, En particular, R1 y R3 polarizan directamente 
la base, R2 suministra la tensión inversa de pold- 
rización del colector y R4 estabiliza térmicamente el 
punto de trabajo. 


El condensador C2 evita que las variaciones de 
la señal de entrada aplicada a la base se manifiesten 
sobre la resistencia de emisor (R4), alterando la 
polarización de la etapa, e inyecta la señal local de 
oscilación al emisor, permitiendo que ésta sea la 
única señal que controla la posición del punto de tra- 
bajo durante el proceso de mezcla, 


El circuito tanque constituido por el trans- 
formador L2, el condensador variable CV2 y el con- 
densador de compensación o trimmer CT2 deter 
minan la frecuencia local de oscilación. 


En particular, CV2 proporciona una variación 
continua de frecuencia entre 985 KHz y 2055 KHz 
y CT2 permite realizar ajustes finos de frecuencia. 


El transformador o bobina osciladora L2 sumi- 
nistra la señal de realimentación positiva necesaria 
para mantener las oscilaciones. 


El condensador C1 conecta a tierra el punto 
desde el punto de vista dinámico, €s decir, en pre- 
sencia de señal. De este modo, la señal de RF que- 
da efectivamente aplicada entre base y tierra y la de 
oscilación local (1.0) entre emisor y tierra. 


El circuito tanque constituido por el transforma- 
dor T1, su condensador interno y la resistencia RS 
está sintonizado a 455 KHz. Su propósito es selec- 
cionar la señal modulada de FI y transferirla a la etä- 
pa siguiente, 


El transformador T1 acopla también la alta im-' 


pedancia de salida del conversor can la baja impe- 
dancia de entrada del primer amplificador de FI. La 
resistencia R5 se utiliza para aumentar el ancho de 
banda del circuito tanque de salida, 


El amplificador/conversor de RF determina la fi- 
gura de ruido, la sensibilidad y el rango dinámico 
del receptor. Para que su operación sea eliciente, de- 
be poder manejar señales de entrada fuertes y débi- 
les con la misma facilidad y amplificarlas con el mi- 
nimo de ruido posible. 


El circuito debe también producir una señal de 
oscilación local fuerte, espectralmente pura (sin dis- 
torsión) y aislarla del circuito de antena para q ue no 


se irradie al exterior, 
El primer amplificador de FI 


Los dos amplificadores de FI reciben la señal 
modulada de 455 KHz procedente del amplificador 
conversor de RF, la amplifican a un nivel conve- 
niente y la entregan al detector O demodulador de 
audio, La ganancia del primer amplificador de Flla 
regula el circuito de CAG, 


En la figura 359 se muestra el circuto esque- 
mático del primer amplificador de FL Se trata de 
un amplificador de RF clase A, de ganancia varii- 
ble, sintonizado a 455 KHz. 


El elemento activo de esta etapa es el transistor 
Q2. Las resistencias R6 y R7, el condensador US y 
la tensión de CAG establecen las condiciones de po- 
larización de la etapa. 


En particular, R6 y la tensión de CAG polarizan 
directamente la base, R7 estabiliza térmicamente el 
‘ae de trabajo y C5 impide que las variaciones de 

4 señal de entrada afecten las condiciones de polari- 
zación, La tensión de polarización inversa del colec- 
tor se obtiene del positivo de la fuente a través del 
primarno de T2. 
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El condensador C4 contribuye a la acción de Te- 
tardo del CAG. El condensador C3 conecta diná- 
micamente a tierra el punto F, permitiendo que la së- 
ñal suministrada por el conversor de RF quede apli- 
cada efectivamente entre base y tierra. 


El circuito de salida, constituido por el transfor- 
mador T2 y su condensador interno, está sintoniza- 
do a 455 KHz. Así, la ganancia del amplificador es 
máxima a esta frecuencia. El transformador T2 aco- 
pla también la alta impedancia de salida del primer 
amplificador de FI con la ba ja impedancia de entra- 
da del segundo. 


El segundo amplificador de FI 
En la figura 360 se muestra el circuito esque- 
mático del segundo amplificador de FI. Se trata 


también de un amplificador de RF clase A, de gä- 
nancia fija, sintonizado a 455 KHz. 
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__ El elemento activo de esta etapa ¢5 el transistor 
Q3. Las resistencias R& y RO y el condensador CT 
establecen las condiciones de polarización. 


En particular, R8 polariza en directo la base, R9 
estabiliza térmicamente el punto de trabajo y C7 im- 
pide que las variaciones de la señal de entrada afec- 
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ten las condiciones de polarización. La tensión 
de polarización inversa del colector se obtiene del 
positivo de la fuente a través del primario de T3. 


El condensador C6 conecta dinámicamente a tiec- 
rra el punto H, permitiendo que la señal suminis- 
trada por el primer amplificador de Fl quede aplica- 
da efectivamente entre base y ticrra. 


El circuito de salida, sintonizado a 455 KHz, 
está constituido por el transformador T3 y su con- 
densador interno. La función de T3 es acoplar la al- 
ta impedancia de salida del segundo amplificador de 
Fl con la baja impedancia de entrada del detector. 


Los amplificadores de FI determinan la selectivi- 
dad y la sensibilidad finales del receptor. El princi- 
pal requisito que se les exige es entregar una señal 
de salida sin distorsión y lo suficientemente fuerte 
como para ser detectada. 


El detector o demodulador 


El detector recibe la señal proveniente del segun- 
do amplificador de FI y la demodula, entregando 
únicamente la componente de audio y eliminando la 
portadora interna de 455 KHz. El detector proves 
también la tensión de CAG. 


- En la figura 361 se muestra el detector en deta- 

Tle. La etapa consta básicamente de un rectificador 
de media onda (D1) y de una red filtradora com- 
puesta por Cs, R11 y C9. Este filtro pasabajos si- 
cue las variaciones de baja frecuencia de la señal 
modulada de Fl e ignora la portadora de 455 KHz. 


‘Detector o demodulador de audio 
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El diodo D1 rectifica la señal de FI, dejando 
pasar únicamente la porción negativa y eliminando 
una de las bandas laterales. Los condensadores C8 
y C9 envían a tierra la portadora de FI y transfieren 
únicamente la señal de audio al potenciómetro VR. 


La característica más importante que se exige del 
detectores su linealidad: el circuito debe reproducir 
fielmente, sin distorsión, la señal de modulación. 
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El circuito de CAG 


El circuito de CAG utiliza el nivel de CC de lase- 
ñal de salida del detector para controlar la ganancia 
del primer amplificador de FI. De este modo ga- 
rantiza que a la entrada del amplificador de audio se 
aplique siempre la misma cantidad de señal, sin im- 
portar la intensidad de la señal captada. 


El circuito de CAG se muestra en la figura 362. 
El control de la ganancia del primer amplificador de 
Fl se realiza a través de la resistencia R10. Entre 
más negativo sea el voltaje de CÁG, más baja es la 
ganancia de este amplificador y viceversa. 


Control automático de ganancia 
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El amplificador de audio 


El amplificador de audio recibe la señal de salida 
del detector, la amplifica y la reproduce en el parlan- 
te. Consta de dos etapas: un preamplificador y un 
amplificador de salida o “driver”, 


El preamplificador es un amplificador de voltaje 
clase Á realimentado negativamente y el driver un 
amplificador de potencia clase AB en configuración 
“push-pull” o complementaria, Asociado al pream- 
plificador está el control de volumen. La etapa de 
salida maneja el parlante. 


El preamplificador de audio 


En la figura 363 se muestra el circuito del pre- 
amplificador, El elemento activo de esta elapa es el 
transistor Q4, conectado en la configuración emisor 
común, La carga es el amplificador de salida, 


El potenciómetro R Y actúa come control de volu- 
men, regulando el nivel de la señal de audio su- 
ministrada por el detector al amplificador. La señal 
de audio se inyecta a la base mediante C11. 


Laresistencia R16 proporciona larealimentación 
negativa necesaria para minimizar la distorsión de 
cruce típica del esquema de amplificación "push- 
pull” utilizado en el amplificador de potencia, 
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El amplificador de potencia 


En la figura 364 se muestra el circuito del ampli- 
ficador de potencia, Los elementos activos de esta 
etapa son los transistores complementarios Q5 y 
(06, conectados en la configuración colector común. 
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El transistor Q5 suministra impulsos de corrien- 
te al parlante durante los ciclos positivos de la señal 
de entrada y Q6 durante los negativos. Entre los 
dos reproducen en su totalidad la señal de entrada. 
A este proceso se le denomina “push-pull”. 


La polarización directa de la base del transistor 
Q5 se obtiene del positivo de la bateria a través de 
R13 y el parlante. El transistor Q6 la obtiene de la 
base de Q5 a través de los diodos D2 y D3. Las 
resistencias R14 y R15, situadas en los emisores, 
estabilizan térmicamente ambos transistores. 
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El condensador C12 actúa como filtro de altas 
frecuencias.El condensador C13 transfiere la señal 
de salida al parlante. 


La caracteristica más importante que se exige del 
amplificador de audio es su fidelidad, El circuito de- 
be reproducir Gelmente en el parlante la señal de au- 
dio suministrada por el detector, con el mínimo de 
distorsión y de ruido y a un volumen adecuado. 


Filtro de RF 


El filtro de RF lo constituyen los condensadores 
electrolíticos C10 y C14 y la resistencia R12. Sus 
funciones se pueden resumir en los siguientes 
términos: 


« Suministrar la tensión de alimer*acion de las 

a de alta frecuencia (amplificadr conversor de 

y amplificadores de FI). Estas etapas se alimen- 

tan con un voltaje más bajo (=7,5V) que el del am- 
plificador de audio (9V). 


" Aislar las líneas de alimentación de las etapas 
de RF y Fl con respecto a las de la etapa amplifica- 
dora de audio. Así, los armónicos de alta frecuencia 
generados por la operación en clase AB de los 
transistores Q5 y Q6 no interfieren con la operación 
de las etapas de RF y de Fl y las señales de alta 
frecuencia manejadas en estas etapas no interfieren 
con la operación del amplificador de audio. 


El circuito del filtro de RF utilizado por el radio 
AM CEKIT se muestra en la figura 365. La forma 
como están interconectados los 3 Componentes 
(R12, C10 y C14) se denomina porque re- 
cuerda la forma de esta letra griega kh. 
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Diagrama esquemático general 


A manera de resumen de lo explicado en esta 
lección, en la figura 366 se muestra el diagrama 
general del radio AM CEKIT. Se han delimitado to- 
das las etapas que lo conforman, sintetizando su 
función especifica e dustrando pictónicamente el flu- 
io de las diferentes señales involucradas. 
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Actividad práctica N* 15 
Armando un radio de galena 


En la lección 20 de este curso estudiamos el te- 
ma de los receptores de radio en su aspecto general. 
Además se mostraron algunos circuitos de recep- 
tores muy sencillos y la fabricación de las bobinas 
de antena para estos receptores, 


En esta actividad vamos a construir uno de estos 
receptores, llamados Radios de Galena o Recepto- 
res a cristal, una de las actividades favoritas de todo 
aficionado. Vamos a conectar este radio temporal- 
mente al amplificador de audio del radio AM para 
reforzar su señal. 


Una vez que se haya terminado esta actividad, 
se desconecta otra vez este circuito y continuamos 
con las otras actividades hasta terminar completa- 
mente el radio que se ensambla en este Curso. 


Es de mucha utilidad para el experimentador o el 
estudiante ensamblar este tipo de radio, ya que 
puede verificar y comprobar las lecciones estudia- 
das hasta el momento, lo mismo que reforzar los co- 
nocimientos teóricos adquiridos hasta el momento 
sobre los temas principales del curso, 


Además podrá verificar la utilidad y las ventajas 
del sistema de transmisión y recepción superhetero- 
dino, cuando termine de ensamblar completamente 
el receptor AM de CEKIT, 


También es muy importante que se realicen prac- 
ticas sobre la fabricación de las bobinas de RF, ya 
que se pueden llevar a cabo otro tipo de proyectos 
más avanzados en transmisión y recepción, que in- 
volucran la construcción de las bobinas ya que éstas 
no se consiguen fácilmente en el mercado. 


La actividad está dividida en dos partes: la cons- 
trucción de la bobina de anténa y el ensamble del 
radio consu conexión a la etapa del amplificador de 
audio, que va hemos ensamblado, en las diferentes 
actividades prácticas que hemos efectuado. 


Antes de tratar el tema del ensamble del receptor 
vamos a estudiar cómo se diseñan y fabrican bo- 
binas de RF y daremos todas las instrucciones nece- 
sarias para la construcción de la bobina de antena 
para esta actividad. 


Parte 1 
Diseño y construcción de bobinas de RF 


Los experimentadores de radio que desean 
construir aparatos electrónicos especiales que òpe- 
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ran en varias gamas de frecuencia, a menudo necesi- 
tan diseñar sus propias bobinas. Vamos a tratar dos 
métodos; un método matemático sencillo y un méto- 
do gráfico muy rápido. 


El sencillo método matemático ayudará al experi- 
mentador a construir sus propias bobinas de RF y a 
determinar la inductancia de bobinas disponibles cu- 
yo valor se desconoce. 


El problema se reduce a esto: para la operación a 
un frecuencia dada, ; qué tamaño de forma para 
bobina, alambre y longitud de devanado se nece- 
sitan, y cuántas vueltas ha de tener la bobina ?. 


El diseño de una bobina con núcleo de aire de 
una inductancia dada es relativamente facil, Y si se 
conoce la gama de frecuencia que se vaa cubrir y el 
condensador de sintonía que se va acmplear, lade- 
terminación de la inductancia requerida es más fácil 
aún. 


Con este método los diseños resultantes no ste- 
rán de alta precisión, pero sf adecuados para propó- 
sitos experimentales. Aunque está orientado hacia el 
diseño de bobinas, sólo se necesita invertir el proce- 
dimiento para determinar las características de las 
bobinas ya existentes, 


Cómo determinar la inductancia 


Supongamos que usted desea construir una bobi- 
na para la banda de radiodifusión comun, y asuma- 
mos que emplea un condensador variable o de sinto- 
nía de 365 pF y la frecuencia más baja que debe sin- 
tonizar es de 540 KHz. 


La inductancia L de la bobina en microhenrios 
(LH) se determina usando la fórmula 


25400 
L: Ã— 


ER. 


C representa pF y 1, MHa 


En este problema C = 365 y f= 0.54, Por lo tan- 
to, L = 25400/0,542 x 365) = 25400/(0.29 x 365) = 
25400/106, 6 239 H, 


Observe que se usó el extremo de baja frecuen 
cia de la banda en este cálculo, Para determinar el 
extremo de alta frecuencia de la banda que usted 
espera cubrir con la bobina de 239 uH, asoma que 
la capacidad minima del condensador de sintoniza- 
ción y la capacitancia parásita del circuito es de 30 
pF. La fórmula aplicable es: 


En este caso, f = 159 / 11239 x 30) = 1.88 MHz o 
1800 Khz. Asi esta combinación cubre fácilmente la 
banda de radiodifusión común y se puede extender 
el límite de baja frecuencia para asegurarse de que la 
cubre adecuadamente, 


Una fórmula simplificada 


Para el diseño de bobinas de RF, con una preci- 
sión hasta de 1 6 2% aproximadamente, la fórmula 


ES. 


vi @r+101) 


En la que L es la inductancia en HH, n es el nu- 
mero de vueltas de la bobina, r es el radio de la bo- 
bina en pulgadas, y les la longitud del devanado en 
pulgadas. Si se usa un diámetro de 1” (r=1/2") se 
simplifica la fórmula más aún a: 


24 (L(94.5+10 1) 


Ahora, aproximemos la inductancia requerida pa- 
ra la banda de radiodifusión común (con el conden- 
sador de 365 pl’) a 240 uH y asumamos que la for- 
ma de la bobina es de 1" de diámetro. 


Tenemos que asumir también una longitud de 
devanado, de forma que probaremos con | 1/2”. El 
número de vueltas que se necesitan es entonces: 


n=v1(240(45+10x 1.5) Así, 
n=2v(240x 19.5),.0 
n= 24(4680), que son 137 vueltas. 


El calibre del alambre que se emplee para deva- 
nar la bobina es opcional, siempre que el diámetro 
sea lo suficientemente pequeño para permitir que 
queden 137 vueltas en 1.5” de longitud de forma. 
El devanado es más fácil, por supuesto, si las vuel- 
tas se ajustan unas contra otras a lo largo de esta lon- 
gitud de bobina, 


El diámetro del alambre que llenará este re- 
quisito es I/n 6 1,5/137, que es 0109”. 


El alambre N” 30 tiene .0108" de diámetro y es 
el más aproximado al diámetro calculado, Por consi- 
guiente, se puede devanar la bobina con 137 vueltas 
juntas de alambre esmaltado N° 30. 
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Método gráfico 


Existen gráficos especiales para simplificar este 
procedimiento. En él hay líneas que tienen marcada 
la inductancia, el diámetro y el radio ( figura 438 ). 


Teniendo el dato de la inductancia requerida, en 
este caso 240 uH, y escogiendo el diámetro de la 
bobina según nuestra disponibilidad, hallamos el nú- 
mero de vueltas o espiras que nos da esta induc- 
tancia. 


Construcción de la bobina 


Con este dato, hallado con el método matemá- 
tico o el método gráfico, procedemos a enrrollar 
sobre un tubo de cartón, de plástico o PVC las vuel- 
tas de alambre necesarias. Esta bobina será enton- 
ces una bobina de antena con núcleo de aire. 


En nuestro caso vamos a enrrollar en forma 
apretada 140 vueltas con alambre esmaltado N° 30 
sobre una formaleta o forma de 1 pulgada ( 1” ) de 
diámetro. 


Paso 1: Consiga un tubo de plástico o de PVC, de 
los que se utilizan para las instalaciones eléctricas, 
de 1" de diámetro y 12 centímetros de longitud. 51 
no consigue este tubo, puede fabricar la formaleta 
de cartón delgado enrrollándolo sobre algún tubo 
dándole varias vueltas y pegando las capas entre sí. 


Cuando esté firme, retire la base y le quedará el 
tubo de cartón listo para enrrollar la bobina. 


Paso 2: Asegure un extremo del alambre en un sitio 
cercano al borde de la formaleta para la bobina y 
empiece a enrrollar las vueltas o espiras de alambre 
de tal manera que queden muy puntas entre sí pero 
sin montarse una sobre otra. Cuando termine las 
140 vueltas, asegure el terminal final como se mues- 
tra en la figura A39, 


Al principio y al final deje unos 15 centímetros 
como terminales para la conexión de la bobina en el 
circuito, Como procedimiento adicional, puede apli- 
car esmalte transparente para unas en algunas partes 
de la bobina con el fin de asegurar sus espiras o 
vueltas sobre la formaleta, 


Para terminar la bobina quite o raspe el esmalte 
de los extremos y estáñelos con el tin de que se pue- 
da soldar fácilmente al circuito. 

Parte 2 
Ensamble del radio de galena 


En la figura A40 tenemos el diagrama esquema- 
tico del circuito que varnos a ensamblar, Para hacer: 
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lo, debemos conseguir los siguientes materiales adi- 


cionales a la bobina que hemos construido: 
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Fig. Aga | 


2 Transistores NPN Ref. 2N2222, 2N3904, 
BC0549 o cualquier otro similar. 

1 Condensador variable de 365 uF de una sola 
banda para AM. 

2 Condensadores de cerámica de 0.1 uF /25 V 

| Condensador de cerámica de 0.01UF /25 Y 

| Resistencia de 100 KO 1/4 W 5% 

| Resistencia de 3.3 KO 1/4 W 5% 

| Regleta de conexiones de 8 o 10 terminales 


Estos materiales son de fácil consecución y bajo 
costo, por lo que le recomendamos que se anime a 
realizar esta actividad experimental que le dará una 
gran satisfacción y le aumentará sus conocimientos, 


El condensador variable lo podemos obtener de 
algún radio de AM que esté dañado. 


Paso 1: Tome los componentes y vaya soldando 
uno por uno de izquierda a derecha en la regleta de 
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EA 


A Di ee ee 


two numbers in this code are the first and 
second significant digits of the inductance 
value. The third number is the multiplier, 


and the units are uH. Therefore, an 
inductor marked with 101 has a value of 
100 UH.) 


One function generator. 
One oscilloscope. 
One breadboard. 


Step-by-Step Instructions 
Set up the circuit shown in Figure 7.7 . If you 
have some experience in building circuits, this 
schematic (along with the previous parts list) 


should provide all the information you need to 
build the circuit. If you need a bit more help 
building the circuit, look at the photos of the 


completed circuit in the “Expected Results” 
section. 

Figure 7.7 
Vin e Vout 

100 Q 
1000 pF 

Function 

generator 100 uH 
Carefully check your — circuit against the 


diagram. 
After you check your circuit, follow these 


ar 


ee 
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conexiones como se muestra en la figura A41. Los 
terminales de los transistores indicados correspon- 
den a los de la referencia 2N2222 o 2N3904, 51 se 
han instalado otros de referencia diferente se debe 
verificar la posición correcta de sus terminales emi- 
sor, base y colector, 

Paso 2: Instale como antena un alambre delgado 
con una longitud entre 10 y 20 metros que quede 
suspendido en el aire en un sitio seguro. Sobre el 
sistema de antena y tierra, que se puede utilizar a 
este experimento, consulte las páginas 151, 152 y 
153 de este curso. 


Condensador | 
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Paso 3: Conecte los alambres correspondientes a la 
señal de salida del radio a las puntillas del radio AM 
ue estamos ensamblando como indica la figura 
41. Estas señales son: alimentación de voltaje, 
tierra y señal de audio que se debe amplificar. 


Paso d: Instale un audífono en la salida del radio y 
la batería de 9 voltios en el conector de potencia. 


Encienda el radio activando el suiche general y 
gire levemente la perilla del control de volumen para 
dejar el circuito en un volumen alto. Gire lentamen- 
te la perilla del condensador variable y debe sin- 
tonizar varias emisoras escuchándolas en el audífo- 
no, 


Si no escucha nada, revise las conexiones del ra- 
dio según los diagramas presentados y verifique 
también la etapa amplificadora de audio. Revise 
bien la instalación de la antena y el voltaje de la bate- 
ría de 9 voltios con un multímetro. 


La selectividad y sensibilidad de este radio no 
son muy buenas ya que no tiene sistema superhe- 
terodino. 


Aunque encontramos en el mercado actual una 
gran cantidad de radios a precios muy económicos, 
siempre hemos deseado en nuestro interior armar 
un radio y al terminar esta actividad experimental lo 
habremos logrado. ¡Felicitaciones ! . 
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Lección 29 nv 
El sistema de FM 


Introducción 


La modulación de frecuencia O FM, es uno de 
los métodos de transmisión de información más po- 
pulares de nuestro tiempo. La principal razón de es- 
ta popularidad es la recepción prácticamente libre de 
ruido que este sistema provee, especialmente si se 
compara con la modulación de amplitud, su compe- 
tidor más próximo, 


La modulación de frecuencia se utiliza tanto en 
radioafición como en radiodifusión comercial o 
"broadcasting" El sonido de TY en VHF y UHF 
también se transmite en FM. 


Las estaciones de radiodifusión comercial en 
FM transmiten en la banda de 88 a 108 MHz. A ca- 
da emisora se le asigna un ancho de banda de 200 
KHz. 


Para los radioaficionados se han destinado cier- 
tas bandas especificas. La más conocida es la de 2 
metros, la cual comprende frecuencias alrededor de 
144 MHz. 


Otras bandas de radioafición en FM muy popu- 
lares son las de 52 a 54 MHz, 146 a 148 MEIZ, 
222 a 225 MHz y 440 a 450 MHz, todas en el es- 
pectro de VHF, 


En esta lección estudiaremos los fundamentos 
de la modulación de frecuencia, sus orígenes, sus 
ventajas y desventajas y otros temas de interés, 


Conoceremos también cómo están estructura- 
dos, en términos generales, un transmisor y un re- 
ceptor de FM, 


Todo esto nos servirá como base para empren- 
der, a partir de la próxima lección, el estudio com- 
pleto de un receptor experimental de FM que usted 
mismo podrá construir, analizar y reparar, paso a 
paso, 


Origenes de la modulación de frecuencia 


Los orígenes de la FM moderna se remontan a 
1922, cuando Carson comparó matemáticamente 
los sistemas de AM y FM y demostró, con los mé- 
todos de detección conocidos en la época, que la 
modulación de frecuencia era inferior a la de am- 
plitud, porque requería de más ancho de banda e in- 
troducía mayor distorsión, 


El trabajo de Carson fue publicado oniginalmen- 
te en la revista "Procedimientos del IRE" de Febre- 
ro de 1922 y se titulaba “Notas sobre la Teoría de la 
Modulación”, IRE.es la sigla en inglés del Instituto 
de Ingenieros de Radio, hoy llamado Instituto de 
Ingenieros Eléctricos y Electrónicos (IEEE), 


Carson fue injustamente criticado cuando la de- 
tección práctica de FM fue posible, pero sus argu- 
mentos prevalecieron por más de una década, 


En 1936, el mayor Edwin H. Armstrong, en un 
intento por reducir los problemas de estática y ruido 
asociados con las recepciones de AM, desarrolló un 
método práctico de detección de FM y estableció las 
gre? para lograr que la FM fuera competitiva con 
A Le 


El trabajo original de Armstrong fue publicado 
también en la revista "Procedimientos del IRE", pe- 
ro en mayo de 1936 y se titulaba "Método de Redu- 
cir las Distancias en Radio-Señalización mediante 
un Sistema de Modulación de Frecuencia". 


A Armstrong se le considera como el padre del 
sistema FM, aunque después de él surgieron pio- 


neros como Crosby, Noble, Grammer, Goodman y 


otros. La modulación de frecuencia no fue un descu- 
brimiento casual: nació primero en el papel y luego 
se comprobó en la práctica. 


En 1939, el profesor Daniel E. Noble, de la Uni- 
versidad de Connecticut, estableció formalmente los 
principios de la modulación de frecuencia, en un ar- 
tículo titulado "Fundamentos de FM”, publicado en 
la revista "QST" de agosto de ese año, 


Noble había sido colaborador de Armstrong y 
entre ambos diseñaron dos estaciones de racliodifu- 
sión experimentales de FM de 43 MHz. Noble fue 
también el pionero de las comunicaciones móviles 
de dos vías en WHF-FM utilizando repetidoras. 


Ventajas y desventajas de la modulación de 
frecuencia 


La principal ventaja de la modulación de fre- 
cuencia es su habilidad para producir una alta rela- 
ción de señal a ruido (SNR) cuando recibe una se- 
nal de moderada intensidad. 


En otras palabras, la recepción en FM está prác- 
ticamente exenta de ruido e interferencia. 
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Por esta razón, la modulación de frecuencia es el 
modo elegido por los servicios de comunicaciones 
móviles y por las emisoras que difunden programas 
de calidad, en especial emisiones musicales. 


En su camino del transmisor al receptor, una se- 
ñal de RF puede incorporar ruido natural o ruido he- 
cho por el hombre (MMN). El primero proviene de 
descargas atmosféricas y el segundo de aparatos ge- 
neradores de chispa, como motores eléctricos, avi- 
sos luminosos de neón y sistemas de ignición de au- 
tomóviles y motocicletas, 


Todo ruido, cualquiera que sea su origen, mo- 
dula en amplitud una onda viajera de RF. Por consi- 
guiente, el ruido afecta la reproducción de la infor- 
mación en transmisiones de AM. La información 
transmitida puede ser sonido, imagen o de otro t- 
po. 


La anterior es la razón por la cual los receptores 
de radio AM y de TV son muy susceptibles a los 
ruidos e interferencias provenientes de electrodo- 
mésticos, automóviles, aviones, luces, etc. (figura 
367). La información de la imagen en TV se envía 
modulada en amplitud. 


Ruido en la señal AM de TV 


Fig. 367 f 


El ruido no afecta la recepción de FM porque los 
circuitos de detección de información responden 
solamente a las variaciones de frecuencia e ignoran 
las variaciones de amplitud. En la figura 368 se 
muestra el caso de una señal de FM modulada en 
amplitud por ruido. 


El ruido inducido en una señal modulada de RF 
puede también interferir con la frecuencia de la por- 
tadora, desviándola de su valor central. 


Este problema se soluciona en los sistemas de 
FM utilizando, en el transmisor, un circuito de pre- 
énfasis a la entrada de audio del modulador y, en el 
receptor, un filtro de deénfasis a la salida del detec- 
tor o demodulador., 
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El circuito de preénfasis o preacentuación atenúa 
las frecuencias más bajas de audio y el de deénfasis 
las restablece a sus valores originales. 


En la figura 369A se muestra un ejemplo de 
circuito de preénfasis, utilizado en transmisión de 
FM, y en la figura 369B un ejemplo de circuito de 
deénfasis, empleado en recepción. 


750 mH 
Alamplil- f 
cador de | 
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B) Circultó de 
deénfasis (A) 


Fig. 369 $ 


A) Cireulto de 
Preéntasis (T) 


En contraste con la alta inmunidad al ruido, las 
señales de EM requieren de un gran ancho de banda 
y experimentan una severa distorsión cuando se 
propagan a través de la ionosfera. 


En radioaficion, esta última circunstancia limita 
el uso de la modulación de frecuencia a bandas co- 
mo la de 10 metros y a varios sectores del espectro 
de WHF, como las bandas de 52 a 54 MHz, l46a 
148 MHz y otras. 


El amplio ancho de banda requerido en FM es 
otro de los factores determinantes de la alta calidad 
de reproducción de sonido que se consigue por este 
sistema. 


En radiodifusión por FM (83 a 108 MHz), las 
estaciones transmiten información dentro de un an- 
cho de banda de 150 KHz, con 25 KHz más de se- 
guridad a cada lado de los extremos de la banda. En 
total, disponen de 200 KHz (figura 370). 


Ancho de banda en radiodifusión FM 


at 
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Este ancho de banda es 20 veces mas grande 

ds el utilizado en radiodifusión por AM (530 a 

600 KHz), donde se dispone de solo 10 KHz para 
enviar una gama muy limitada de tonos. 


La utilización de un ancho de banda tan amplio 
permite introducir en la señal de FM toda la gama 
audible de sonidos (20 Hz a 20 KHz), incluyendo 
$us armónicos. Estos últimos son los que le dan el 
timbre distintivo a cada sonido, imprimiéndole fide- 
lidad y realismo a cada audición, 


Métodos de modulación 


La propagación del sonido por el espacio tiene 
un alcance restringido. Por ejemplo, el sonido emi- 
tido por la voz humana no puede ir más allá de cier- 
tos límites, incluso si se tiene una voz potente o se 
utiliza un amplificador de audio (figura 371). 
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Para transmitir sonido y, en general, cualquier 
información inteligente (voz, música, etc.) a lugares 
distantes, esta última debe convertirse en una señal 
eléctrica equivalente y luego enviarse modulada so- 
bre una portadora de alta frecuencia. La señal resul- 
tante puede así irradiarse fácilmente al espacio, en 


forma de una onda electromagnética (figura 372). 
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Mediante el proceso de modulación modifica- 
moscualquiercaracterística dela portadora de acuer- 
do a la información de audio que deseamos transmi- 
lir, Las características de una portadora susceptibles 
de modular son su amplitud, su frecuencia y su fase 
(figura 373). 
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Cuando la señal de modulación varia la amplitud 
de la portadora se obtiene modulación de amplitud 
(AM), cuando varía su frecuencia se obtiene modu- 
lación de frecuencia (FM) y cuando varía su fase el 
resultado es modulación de fase (PM), En la figura 
374 se comparan las señales obtenidas por los tres 
métodos. 


Los fundamentos de la modulación de amplitud 
se estudian en la Lección 19 de este curso, En esta 
lección nos ocuparemos exclusivamente de la modu- 
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Métodos de modulación 


en amplitud (AM) 


Portadora modulada an 


ss fane(PM) Fig, 374 | 


lación de frecuencia, La modulación de fase está es- 
trechamente relacionada con la de frecuencia, pues- 
to que no se puede variar la frecuencia de una señal 
sin afectar su fase y viceversa. 


La modulación de frecuencia 


En la figura 375 se describe gráficamente el pro- 
ceso de modulación de frecuencia de una portadora 
de RF mediante una señal de audio. La combina- 
ción de estas dos señales la realiza en el transmisor 
un circuito especializado llamado modulador, 


- El proceso : 


En condiciones normales sin señal de entrada, la 
amplitud y frecuencia de la portadora permanecen 
constantes. Cuando se aplica la señal de modula- 
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ción, la frecuencia de la portadora varía por encima 
y por pedis de su valor central de acuerdo a la am- 
plitud y polaridad de la señal de modulación o de au- 
dio aplicada. 


Específicamente, la frecuencia de la portadora se 
incrementa durante los semiciclos positivos de lase- 
ñal de modulación y se reduce durante los nega- 
tivos. La frecuencia de la portadora es máxima o mí- 
nima cuando la señal de modulación alcanza su va- 
lor pico positivo o negativo, respectivamente. 


Lo anterior se puede ver en la figura 375 si se 


nota que existen más ciclos de RF (más alta fre- 


cuencia) cuando la señal de modulación es positiva 
y menos ciclos (más baja frecuencia) cuando la 
señal de modulación es negativa. 


El cambio o desviación de frecuencia de la porta- 
dora con respecto a su valor central es proporcional 
al valor instantáneo de la señal de modulación. La 
desviación es mínima cuando la señal de modula- 
ción vale cero y máxima cuando alcanza su valor pi- 
CO, positivo O negativo. 


La desviación máxima o pico se llama Afe 
("delta fe") y su valor lo define el transmisor. Las 
estaciones de radiodifusión de FM que transmiten 
en la banda de 88 a 108 MHz utilizan una desvia- 
ción máxima de +75 KHz. 


En televisión, Afe=t25 KHz. En otros sistemas 
EM menos conocidos, Afe=415 KHz. 


Para aclarar este concepto daremos un ejemplo. 
Si se modula una portadora de 100 MHz con una 
onda seno de 1 KHz y 1 Vp de amplitud en un sis- 
tema que tiene una desviación pico de +15 KHz, la 
frecuencia de la portadora oscilaría 1000 veces por 
segundo entre 99985 KHz y 100015 KHz. 


Una señal de modulación de 2 Vp y 1 KHz cau- 
saria una desviación maxima de +30 KHz, Una 
señal de 2Vp y 2 KHz provocaría también una des- 
viación pico de £30 KHz pero a una rata de cambio 
de 2000 veces por segundo, 


En conclusión, en una señal de FM: 


* La amplitud maxima de la señal de modulación 
controla la desviación pico de frecuencia de la porta- 
dora, 


* La frecuencia de la señal de modulación con- 
trola la rata de cambio de la frecuencia de la porta- 
dora. 


* La amplitud de la portadora permanece siempre 
constante, independientemente de la frecuencia y la 
amplitud de la señal de modulación. 


Portadora 
Aiii 
| | | | | | 


Bandas laterales e indice de modulaci6n en FM 


La modulación en frecuencia de una portadora 
de RF con una señal de audio produce un gran nú- 
mero de bandas laterales, como se muestra en la fi- 
gura 376, La modulación de amplitud sólo produce 
dos bandas laterales. 


La separación entre bandas laterales adyacentes 
es igual a la frecuencia de la señal de modulación y 
su amplitud disminuye progresivamente a medida 
que se alejan de la portadora. Las bandas laterales 
más próximas a la portadora son las más fuertes o 
significativas y las más alejadas, las más débiles. 


Por ejemplo, si sè modula en frecuencia una por- 
tadora de 100 MHz con un tono de 2 KHz, el pri- 
mer par de bandas laterales estará ubicado en 
90.998 MHz y 100.002 MHz, respectivamente, el 
segundo en 99,094 MHz y 100.004 MHz, el ter- 
coro en 99.996 MHz y 100.006 MHz, y así sucesi- 
vamente. 


La amplitud de la portadora y de las bandas late- 
rales depende del índice de modulación del proceso. 
En FM, el índice de modulación (m) se define como 
la relación entre la máxima desviación de frecuencia 
de la portadora (Afe) y la frecuencia de la señal de 
modulación (fm). Esto es: 


Afe 
~ Am 


indice de modulación (m) 


Por ejemplo, si la desviación máxima es 15 
KHz, el ra de modulación con una frecuencia 
de 10 KHz será m=15/10=1.5, con una frecuencia 
de 5 KHz sería m=15/5=3, con una frecuencia de 1 
KHz sería m=15/1=15, y así sucesivamente, 


En la figura 3/7 se muestra gráficamente la 
forma como varía la amplitud de la portadora y de 
las bandas laterales de una señal de FM en función 
del índice de modulación. Er. AM, la amplitud de la 
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portadora permanece constante y sólo las bandas 
laterales varían de amplitud. 
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Note que para determinados valores de m, la por- 
tadora literalmente desaparece, es decir, su amplitud 
es cero. A partir de entonces, la portadora se hace 
negativa, invirtiendo su fase con respecto a la fase 
que tenía sin modulación. 


La amplitud exacta de la portadora y de cada ban- 
da lateral se puede calcular matemáticamente utili- 
zando las llamadas Funciones de Bessel, El estudio 
de las funciones de Bessel está fuera de los propó- 
sitos de este curso, 


Los valores de amplitud suministrados por la fi- 
pura 377 son relativos, El valor real de la portadora 


o de cualquier par de bandas laterales se obtiene 


multiplicando el valor relativo obtenido (Ar) por la 
amplitud de la portadora sin modular (Ac). 


Por ejemplo, si m=2 y Ac=5V, entonces, para el 
primer par de bandas laterales, Ar=0.9. En conse- 
cuencia, la amplitud real de la primera banda lateral 
es ArxAc=09x5=4,5 Y, 
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Ancho de banda en FM 


Por definición, el ancho de banda de una señal 
modulada es la separación de frecuencia entre las 
bandas laterales más alejadas de la portadora. En 
FM el número de bandas laterales es muy grande. 
Por consiguiente, desde el punto de vista teórico, el 
ancho de banda de una señal de FM es ilimitado. 


En la práctica, se omiten las bandas laterales me- 
nos significativas, ES decir, las más alejadas de la 
portadora. Desde este punto de vista, el ancho de 
banda de una señal de FM se define, en forma apro- 
ximada, como sigue: 


B= 2Afc + Tmax 


En esta expresión, Afe es la desviación pico de 
la portadora, en Hz, y fmáx la máxima frecuencia 
presente en la señal de modulación, en Hz, Por 
ejemplo, si Afc=+75 KHz y fmáx=20 KHz, enton- 
ces B = 2x75+20 = 150420 = 170 KHz. 


Las estaciones de radiodifusión en FM utilizan 
un ancho de banda de 200 KHz. En consecuencia, 
la máxima frecuencia de modulación que pueden 
transmitires 50 KHz, muy superior a la máxima fre- 
cuencia audible (20 KHz). En AM, la máxima fre- 
cuencia que se puede transmitir es 5 KHz. 


La voz humana tiene muchas frecuencias com- 
ponentes y por lo tanto, cuando se emite un sonido 
o una palabra, cada frecuencia componente genera 
numerosas bandas laterales, de diversa intensidad y 
distanciadas de manera diferente en cada instante, 


El número de bandas laterales significativas está 
también cambiando permanentemente. El resultado 
es un espectro continuo de bandas laterales acada la- 
do de la portadora (figura 378). 


Espectro de una señal FM compleja 
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Note que el ancho de banda de una señal de FM 
depende tanto de la amplitud como de la frecuencia 
de la señal de modulación. Esto es particularmente 
importante cuando se modula la voz humana, 


Dos voces nunca exhiben las mismas caracteris- 
ticas de amplitud y frecuencia, En consecuencia, am- 
has tienen efectos diferentes en el ancho de banda. 


Por esta razón, para enviar el máximo de intor- 
mación de audio, el control de desviación del trans- 
misor debe ajustarse de acuerdo a las características 
de voz del locutor, Esta operación puede resultar in- 
cómoda e imprecisa. 


Para minimizar este problema, los equipos de 
FM utilizan un circuitodenominado "clipper" o limi- 
tador en la sección procesadora de audio del trans- 
misor. En la figura 379 se muestra el diagrama de 
bloques de la etapa amplificadora de audio de un 
transmisor típico de FM. 
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En este circuito, R1 establece el nivel de limita- 
ción o recorte de la amplitud de la señal de audio y 
R2 la cantidad de desviación deseada. El filtro mini- 
miza la distorsión de la señal de salida. La opera- 
ción de recorte de los picos de audio la realizan los 
diodos Dl y D2. 


Métodos de modulación de frecuencia 


Existen básicamente dos métodos de modula- 
ción de frecuencia: el directo y el indirecto. En esta 
sección se describe el método directo por ser el más 
sencillo, El método indirecto se estudia en una lec- 
ción posterior. 


_ El proceso de modulación de frecuencia se rea- 
liza en el transmisor en un circuito denominado mo- 
dulador de reactancia. El modulador de reactancia 


recibe la señal de audio y controla la frecuencia de 
un oscilador, actuando como un condensador o una 
bobina variable (figura 350). 


Generación directa de FM 
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En la figura 381 se muestra el circuito de un mo- 
dulador de reactancia con transistor MOSFET. La 
compuerta Gl se conecta al circuito tanque L1C1 
del oscilador a través de la resistencia R1 y el con- 
densador C2. El condensador C3 representa la capa- 
citancia de entrada del transistor, 


Modulador de reactancla para FM con MOSFET 
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La resistencia R1 es relativamente grande compa- 
rada con la reactancia de C3 a la frecuencia de opera- 
ción. Por lo tanto, la corriente de RF a través de R1 
y C3 está prácticamente en fase con el voltaje de RF 
presente en los terminales del circuito tanque. 


Sin embargo, el voltaje a través de C3 se retra- 
sará 90* con respecto a la corriente a través suyo. 
Esto provoca que la corriente de RF del circuito de 
drenaje se retrase también 90° con respecto al volta- 
je de RF del circuito tanque. 


El efecto es el mismo que se obtendría si se co- 
nectara una bobina entre los terminales del tanque, 
Por consiguiente, la frecuencia del oscilador cam- 
bia, aumentando en proporción a la cantidad de des- 
fase entre la corriente y el voltaje. 


La señal de audio, aplicada a la compuerta del 
MOSFET a través del choque de RF, varía la trans- 
conductancia del transistor (gm) y por lo tanto varía 
también la corriente de salida de RF que circula a tra- 
vés del circuito de drenaje. La transconductancia de- 
pende también del valor de R1. 


La resistencia R1 es, en realidad, el control de 
desviación de frecuencia del modulador. Para un ni- 
vel determinado de audio, la desviación aumenta a 
medida que aumenta el valor de R1 y viceversa. La 
desviación también aumenta cuando awnenta la rela- 
ción L1/C1 del circuito tanque, 


En general, cualquier cambio de voltaje en el 
transistor causará un cambio en la corriente de dre- 
naje de RF y, en consecuencia, un cambio de fre- 
cuencia. Para garantizar una alta estabilidad, deben 
utilizarse fuentes de alimentación reguladas. 


El osciladoropera a una frecuencia relativamente 
baja con el fin de conseguir una alta estabilidad de 
frecuencia de la portadora de RF. Para levar esta 
última al valor final deseado se utilizan multiplica- 
dores de frecuencia. 


En la figura 382 se muestra el circuito de un tri- 
plicador de frecuencia a transistores de uso corrien- 
te en transmisores de FM. 
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Los multiplicadores son, básicamente, amplifi- 
cadores no lineales y, por lo tanto, generan armó- 
nicos, es decir, frecuencias que son múltiplos ente- 
ros (2, 3, 4, etc.) de la frecuencia de entrada. El 
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tanque sintonizado de salida selecciona el armónico 
deseado, en este caso el tercero. 


lransmisores de FM 


En la figura 383 se muestra el diagrama de blo- 
ques de un transmisor de FM típico. El sistema con- 
siste básicamente de una fuente de señal, un proce- 
sador de audio, un modulador, un oscilador, va- 
rias etapas multiplicadoras, dos amplificadores de 
RE, un circuito de CAF y la antena. 


El primer amplificador de RF se denomina exci- 
tador. La función del CAF (control automático de 
frecuencia) es estabilizar la frecuencia de salida, En 
el procesador de audio, la señal proveniente del mi- 
crófono se somete inicialmente al proceso de pre- 
énfasis, luego se amplifica y finalmente se limita. 


El procesador de audio incluye el control de limi- 
tación de amplitud y el modulador el de desviación 
de frecuencia. Una vez amplificada y limitada, la 
señal de audio se aplica al modulador de reactancia, 
donde se verifica el proceso de modulación de fre- 
cuencia anteriormente descrito, 


La señal de salida del modulador se aplica a va- 
rias etapas multiplicadoras de RF, las cuales despla- 
zan la frecuencia de la portadora hasta obtener la fre- 
cuencia final deseada, Una vez obtenida, esta señal 
se inyecta a los amplificadores de RF y se irradia al 
exterior a través de la antena, 


Receptores de FM 


En la figura 384 se muestra el diagrama de blo- 
ques de un receptor superheterodino de FM, con la 
misma estructura del radio FM experimental que se 
estudiará a la lo largo de este curso. El circuito cap- 
ta transmisiones de FM en la banda comercial de 68 
a 108 MHz. 


El sistema consta básicamente de un amplifica- 
dor de RF, un mezclador, un oscilador local, dos 
amplificadores de FI, un detector o demodulador, 


un circuito de control automático de frecuencia 
(CAP) y un amplificador de audio. 


Asociado al amplificador de RF está el circuito 
deantena. El amplificador de audio maneja el parlan- 
te. El mezclador y el oscilador local configuran el 
conversor de FL Él receptor utiliza tensiones de ali- 
mentación de CC de 8.3 y 6.2 V, extraidas de una 
fuente regulada. 


La frecuencia intermedia del proceso es 10,7 
MHz. El amplificador de RF es sintonizable entre 
88 y 108 MHz y el oscilador local entre 98.7 y 
118.7 MHz. El amplificador de audio provee ampli- 
A de señales de baja frecuencia entre 20 Hz y 


Después de esta descripción general, veamos có- 
mo opera el receptor, 


Para simplificar la explicación, supongamos que 
el circuito de sintonía está ajustado para captar la 
señal enviada por una estación de FM que transmite 
con una frecuencia de portadora de 88,9 MHz. En 
consecuencia, la frecuencia del oscilador local es, 
automáticamente, 88.94+10,7 = 99.6 MHz, 


A la antena convergen las señales provenientes 
de las diferentes estaciones del área, El circuito de 
sintonía asociado al amplificador de RF se encarga 
de seleccionar únicamente la de 88.9 MHz e ignora 
las demas, La señal elegida es entonces amplificada 
y se inyecta al mezclador, 


En el mezclador, la señal modulada de 84.9 
MHz, proveniente del amplificador de RF, se mez- 
cla o heterodina con la de 99.6 MHz, proveniente 
del oscilador local. A la salida del mezclador o con- 
versor se obtiene una señal modulada de Fl de 10.7 
eta Los demás productos de mezcla son igno- 


En la figura 385 se ilustra gráficamente el pro- 
ceso de mezcla, El valor de 10,7 MHz utilizado có- 
mo Fl en nuestro receptor es el estándar o norma- 
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La frecuencia intermedia (FI) de 10.7 MHz re- 
sulta de la diferencia entre la frecuencia del oscila- 
dor local (LO) y la frecuencia de la portadora de RF 
sintonizada. Es decir, FI = LO-RF = 99.6-88.9 = 
10,7 MHz. 


En síntesis, el efecto neto del proceso de mezcla 
es trasladar la modulación original de la portadora 
(55,2 MHz) a una portadora más baja (10.7 MHz), 
s información transportada por ambas señales es 
lá misma. 


A continuación, la señal de Fl se amplifica en 
dos etapas sucesivas, alcanzando un nivel suficiente 
como para ser detectada, 


El detector o demodulador cumple la función de 
extraer la información de audio implícita en la señal 
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po que se deshace 
de la portadora de esta última (10.7 MHz). El pro- 
ceso de detección utilizado en FM es sustancialmen- 
te diferente del empleado en un receptor de AM, 


Una vez obtenida la señal de audio a la salida del 
detector, se envía al amplificador de audio donde 
alcanza la potencia suficiente como para impulsar el 
parlante y convertirse en información audible. 


El propósito del circuito de control automático 
de frecuencia (CAF) es mantener constante la frg- 
cuencia del oscilador local, evitando su desplaza- 
miento, Este control se logra mediante un nivel de 
CC proveniente de la salida del detector. 


Finalmente, el receptor necesita de una fuente de 
alimentación regulada de CC para permitir que ope- 
ren las diferentes etapas. Se requieren dos tensiones 
de alimentación (figura 386), üna de 8.3 V para la 
etapa amplificadora de audio y otra de 6.2 Y para 
las etapas de alta frecuencia (RE y FT). 
| Voltajes de alimentación de! receptor FM 
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cuito completo del receptor se muestra en la figura 
387. 


steps, and record your measurements in the 
blank table following the steps. 

1. Connect the oscilloscope probe for channel 
2 to a jumper wire connected to V in, and 
connect the ground clip to a jumper wire 
attached to the ground bus. 

2. Connect the oscilloscope probe for channel 
1 to a jumper wire connected to V out , and 
connect the ground clip to a jumper wire 
attached to the ground bus. 

3. Set the function generator to generate a 5 
V pp , 100 kHz sine wave. 

4. Measure and record V out . 

5. Adjust the function generator to the 
frequency shown in the next row of the table 
(labeled 150 kHz in this instance). Each time 
you change the frequency, check V in and 
adjust the amplitude knob on the function 


generator to maintain Vin at 5 V pp if 
needed. (If you leave the amplitude knob In 
one position, the voltage of the signal 


provided by the function generator will change 
as the net reactance of the circuit changes.) 

6. Measure and record V out. 

7. Repeat steps 5 and 6 for the remaining 
values until you have recorded V out in all 
rows of the table. 
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La fuente de alimentación consta básicamente de 
un transformador (T5), un rectificador de onda com- 
pleta (D6, DT), un filtro de RF (C28) y dos circui- 
tos reguladores de voltaje. El transformador se ali- 
menta con 115 V de CA. 


El primer regulador utiliza un transistor (Q5) y 
proporciona los $.3 V para el amplificador de au- 
dio. El segundo emplea un diodo zener (D3) y pro- 
vee los 6.2 Y de las etapas de alta frecuencia. 


El elemento activo del amplificador de RF es el 
transistor Q1. El circuito tanque formado por Ll y 
C3 tiene un ancho de banda suficiente para cubrir to- 
da la gama de FM (88 a 108 MHz), 


La sintonización propiamente dicha se realiza en 
el circuito tanque constituido por el condensador va- 
riable CV 1, el trimmer CT1, el condensador fijo CS 
y la bobina L2. 


El conversor de FI es el transistor Q2, Este dis- 
positivo realiza simultáneamente las funciones de 
mezclador y oscilador. 


El circuito resonante constituido por el condensa- 
dor variable CV2, el trimmer CT2, la bobina L4 y 
el condensador fijo C13, determina la frecuencia del 
oscilador local, 


El condensador CV 2 trabaja en tandem con el 
condensador de sintonía CV 1, con el fin de proveer 
una diferencia de 10.7 MHz entre la frecuencia del 
ee local y la frecuencia de la portadora de 


El transistor Q2 realiza la mezcla de las dos fre- 
cuencias y produce en $u circuito de colector todos 
los productos de mezcla posibles, El transformador 
sintonizado T1 se encarga de extraer únicamente la 
componente de Fl, es decir, la que tiene la frecuen- 
cia diferencia (10,7 MHz 


La bobina L3 y el condensador C8 constituyen 
un circuito “trampa” sintonizado a 10.7 MHz. Su 
función es impedir que la señal de Fl se devuelva al 
emisor y origine oscilaciones parásitas, 


El elemento activo del primer amplificador de Fl 
es el transistor Q3, conectado en la configuración 
base común. El circuito posee un transformador sin- 
tonizado a 10.7 MHz en el circuito de colector (T2). 


El segundo amplificador de FI es el transistor 
Q4, conectado en la configuración emisor común. 
Este circuito posee también un transformador sinto- 
nizado a 10.7 MHz en su circuito de salida. 


El demodulador de audio utilizado se denomina 
“detector de relación”. Su función consiste en con- 


realimentación 


vertir las variaciones de frecuencia de la señal modu- 
lada de Fl en variaciones de amplitud de baja fre- 
cuencia, es decir, en señales de audio. 


El detector de relación lo constituyen los transfor- 
madores T3 y T4, los diodos D4 y D5 y un filtro 
RE po de salida formado por R20 hasta R23 
y C23 hasta C25. La salida de audio se obtiene del 
secundario de T3, El estudio completo del detector 
se realiza en la Lección 33 de este curso, 


El circuito de control automático de frecuencia 
(CAF) basa su operación en las propiedades del dio- 
do varactor D2. Este dispositivo actúa como un con- 
densador de capacidad variable en paralelo con el 
circuito tanque de oscilador local (CV2, LA, etc.). 


La tensión inversa de polarización de D2 se obtie- 
ne de la señal de audio a través de R15, C16, R9 y 
C20. La operación detallada del CAF se estudia en 
la Lección 34 de este curso. 


El elemento central del amplificador de audio es 
el circuito integrado LA4100/01, La señal de-salida 
para el parlante se obtiene del pin # 1. La señal de 
entrada se aplica al pin # 9, El circuito puede pro- 
weer hasta 1.5 W de potencia, 


La tensión de alimentación del amplificador de 
audio se aplica a los pines # 14 (+ 8.3) y # 3 (tie- 
rra). Los demás componentes (C32, 033, etc.) cum- 
plen funciones auxiliares. 


La operación completa del CILA 4100/01 se des- 
cribe en detalle en la Lección 38 de este curso, El 
dispositivo incorpora internamente 14 transistores y 
12 resistencias y tiene el aspecto mostrado en la fi- 
gura 388, 
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Todos los circuitos del receptor, desde el ampli- 
ficador de RF hasta el amplificador de audio se es- 
tudian detalladamente a partir de la próxima lección. 
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El sistema FM estéreo 


En la figura 389 se muestra la disposición básica 
de un transmisor de FM estéreo. Las señales prove- 
nientes de los micrófonos derecho (R) e izquierdo 
(L) se procesan en un mezclador de audio. A la 
salida del mezclador se obtiene la señal suma L+R y 
la señal diferencia L-R. 
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La señal L+R modula directamente la portadora 
de 85 a 105 MHz en el modulador de FM. La señal 
L-R modula una subportadora de 38 KHz en un 
modulador de doble banda lateral (DSB), El modula- 
dor de DSB suprime la subportadora de 38 KHz y 
entrega la señal L-R modulada al modulador FM, 


La subportadora de 38 KHz proviene de un osci- 
lador de 19 KHz seguido de un multiplicador, La se- 
nal de 19 KHz modula también la portadora de FM 
y se utiliza como señal piloto. Su propósito es facili- 
tar en el receptor la regeneración de la subportadora 
de 33 KHz suprimida durante la transmisión. 


En la figura 390 se muestra el espectro de audio 
de la señal FM estéreo obtenida. La señal L+R se 
extiende desde 50 Hz hasta 15 KHz y la señal L-R 
desde 23 hasta 33 KHz, 
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Actividad práctica N* 16 


Ensamble de la segunda etapa de frecuencia 
intermedia. ( Parte 1 ) 


En esta actividad vamos a instalar en el tablero 
del radio una parte de los componentes que forman 
la etapa del segundo amplificador de Fl o sea la eta- 
pa marcada con color naranja en la lámina del dia- 
grama del radio. 


Componentes necesarios 


1 Transistor NPN C1390 o su reemplazo. 
(2N2222 o similar). Q3. 

1 Resistencia de 15 KO, 1/4 W, 5%, (café, verde, 
naranja, dorado) R10. 


Nota: El transistor Q3, C1390 se puede reemplazar 
por el 2N2222 que tiene la siguiente configuración 
en sus terminales (figura A42). 


Paso 1: Tome el transistor Q3 y separe ligeramente 
sus terminales, fijándose en la figura A42, Si el tran- 
sistor es 202222, suelde sus terminales asi: la base 
(B) en la puntilla E4, el emisor (E) en la puntilla Es 
y el colector (C) en la puntilla E7, 


Paso 2: Instale la resistencia R10 de 15 KQ entre 
las puntillas Eó y DIS, 


Paso 3; CON el alambre de conexión, una las pun- 
Ulas E10 y 14, dejando unos 3 cms. sobrantes en la 
puntilla ElÙ para una conexión posterior. Con el 
mismo alambre una las puntillas El2 y 40, tenicn- 
do en cuenta de no hacer corto con el alambre que 
vade E7 a El. 

Paso 4: Con el alambre de conexión unas las 
puntillas ES, E9 y ES. 
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Continuación actividad práctica N° 16 


Ensamble de lvetipa de frecuencia intermedra (Parte 2) 


En esta actividad vamos a continuar con la ins 
talación en el tablero del radio de los componentes 
de lá segunda etapa de [recuencia intermedia (FI). 


Componentes necesarios 


| Resistencia de 1.5 kQ, 1/4 W, 5% (café, verde, 
rojo, dorado). KY. 

| Resistencia de 520 kil (oris, rojo, amarillo, do- 
rado). R8. 

| Condensador de cerámica de 0.02 UR/SOW., C7, 

| Condensador de cerámica de 0.02 UF/SOV. C6. 


Paso 1: Tome la resistencia de 1.5 k£2 marcada en 
el diagrama como RY e instálela entre las puntillas 


E9 y 13. 


Paso 2: Tome la resistencia de 820 k£, marcada 
enel mei como RS e instálela entre las punti- 
llas 4] y "E3, 


Paso 3: Con el alambre de conexión, una las punti- 
llas El yE4 cuidando de no cortocircuitar el tèrmi- 
nal de la resistencia R8. Para mayor seguridad, du- 
ble este alambre hacia arriba en el punto de cruce. 


Paso 4: Con el alambre de conexión, una las pun- 
tillas E2 y E3, 


Paso 5: Tome el condensador C7 de 0.02 UF; éste 
puede estar marcado como 0,02, .02, 2032 6 2237. 
Instálelo entre las puntillas ES y 12. 


Paso 6: Tome el condensador C6, igual al anterior 
de 0.02 uF e instailelo entre las puntillas E3 y 11. 


Nota : Para terminar el ensamble de esta etapa, sólo 
falta instalar el transformador de FI identificado 
como T3 y reconocible por su núcleo negro, Este 
transformador se colocará en una futura actividad. 


RS polariza directamente la unión base-emisor 
de Q3, a través del secundario de T2 (segundo trans 
formador de FI, nucleo blanco), R9 conecta el emi- 
sor de Q3 a Uerra y estabiliza térmicamente el punto 
de trabajo de este transistor. 


Los condensadores C6 y C7 olrecen un camino 
de baja resistencia a tierra para las señales de alta fre- 
cuencia presentes en el punto de prueba H y en el 
emisor de (3, respectivamente, Estos componentes 
no afectan la polarización de CC de Q3. 


Actividad práctica N” 17 


Ensamble de un generador de Fl de 455 kHz con 
modulación 


Obielive 


El objetivo de esta actividad es construir un 
sencillo generador de onda seno de 455 kHz con- 
trolado a cristal, con modulación de onda cuadra- 
da incluida. En la figura A43 se muestra la forma 
de onda de la señal de salida obtenida. 


Forma de onda de salida 
Portédora 
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cuáadráda diferenciada 
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El circuito resulta muy útl y necesario para lu 
prueba de las etapas de detección y de Fl en recep- 
tores de AM domésticos y portátiles. La señal de 
modulación puede también utilizarse para la prue- 
ba de amplificadores de audio. 


Este generador lo utilizaremos posterior- 
mente para alinear y ajustar las etapas de Fl del 
radio AM CEKIT que se está ensamblando a lo 
largo de este curso. Por su bajo costo y fácil reali- 
zación, es un reemplazo ideal para los generadores 
de RF utilizados normalmente en esta operación. 


Después de utilizarlo en este curso, este ge- 
nerador será uma herramienta muy valiosa para su 
trabajo tanto profesional como de aficionado, 


Teoria de operación 


En la figura A44 se muestra el diagrama de 
bloques del generador de 455 KHz propuesto. El 
sistema consta básicamente de un oscilador de re- 
lajación de 1.5 kHz, una red RC diferenciadora (fil- 
tro pasa altos) y un oscilador a cristal tipo Colpitts 
de 455 kHz con modulación. 


El oscilador de relajación (multivibrador 
astable) suministra una onda cuadrada simétrica, 
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Diagrama de bloques 
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de amplitud y frecuencia constantes, como se mues 
tra en la figura A45-a. Después de pasar por el 
diferenciador, esta señal adopta la forma indicada 
en la figura A45-b, con picos pronunciados (spikes) 
en las transiciones O flancos. 


La señal de salida del diferenciador actúa como 
onda moduladora del oscilador de 455 kHz. El 


trimpot PL permite ajustar la amplitud de los pi- 
cos. determinando asi el contenido armónico de la 


Señal de modulación 


a) 4 lá salida del oscilador de relajación 


i i 


señal de audio y la profundidad de la modulación. 

Sin señal de entrada (P1 en la posición mini- 
ma), el oscilador de FI produce una forma de onda 
prácticamente sinusoidal, como la que se muestra 
en la figura A46, La frecuencia de la señal de FI 
(455 kHz) la determina un cristal cerámico, 


Con señal de entrada (P1 al maximo o en una 
posición intermedia), el oscilador de FI produce 
ana forma de onda como la que se muestra en la 
figura A47. Se trata, fundamentalmente, de una 
portadora sinusoidal de 455 kHz modulada en 
amplitud por la onda diferenciada, 
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La señal de salida del oscilador de Fl se aplica 
al circuito bajo prueba a través del condensador 
C7 y el potenciómetro P2. El primero desacopla el 
nivel de CC de la señal de Fl, mientras P2 controla 
la amplitud de esta señal entre O y 6 Vpp. 


Es importante destacar que la señal de modula- 
ción suministrada por el diferenciador al oscilador 
de FI produce un gran número de bandas laterales 
alrededor de la frecuencia fundamental de 455 kHz 
y sus armónicos (910 kHz, 1365 kHz, etc.). Esta 
circunstancia se muestra en la figura A48. 


Tanto la fundamental como sus armónicos (910 
kHz, 1365 kHz, etc.) son ondas sinusoidales puras. 
Asimismo. cada banda lateral producida por la señal 
de modulación es también una onda sinusoidal pura. 


Si lográramos filtrar la portadora de 455 kHz y 
su primer par de bandas laterales, obtendriamos una 
forma de onda como la que se muestra en la figura 
A49. Esta situación corresponde al clásico ejem- 
plo de modulación de una señal sinusoidal de alta 
frecuencia (portadora) mediante un tono, también 
sinusoidad, de baja frecuencia (moduladora). 


Señal de salida de RF modulada 
Moduladora de 1.5 KHz 
p 


Para obtener una señal como la de la figura 
A49 se necesita disponer de un filtro muy selecti- 
vo y, por consiguiente, costoso, Sin embargo, esto 
no es absolutamente necesario en nuestro caso, 
puesto que la portadora es una onda sinusoidad y 
los circuitos de FI del receptor son lo bastante 
selectivos para lograr un tono casi sinusoidal a la 
sulida del detector. 


En realidad, la señal que se observa a la 
salida del detector es algo más compleja de lo 
que la explicación precedente sugiere. En la f- 
gura ASO se presentan algunos ejemplos de se- 
ñales obtenidas a la salida del detector de audio 
del radio AM CEKIT para distintas formas de 
onda de la señal de prueba. Se supone que está 
última se aplica al primario del primer transfor- 
mador de FI (T1). 


Una vez familiarizados con los principios de 
operación del circuito, vamos ahora a proceder a 
su construcción y calibración. A continuación se 
suministran el diagrama esquemático, el circuito 
impreso, la guía de localización de componentes y 
la lista de materiales, La forma de utilizar este ms- 
trumento en la calibración de las etapas de Fl del 
radio AM CEKIT y otras aplicaciones se tratará en 
futuras actividades. 
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Fig. 449 | 


Diagrama esquemático 


En la figura AS] se muestra el esquema del 
generador de FI propuesto. Todos los componen- 
tes utilizados son de fácil consecución y ninguno 


es crítico. El trimpor Pl puede ser sustituido por 


dos resistencias fijas para conseguir una señal de 
modulación de características tonales fijas. 


El oscilador de relajación de audio lo constilu- 
yen los transistores Ql y Q2, y componentes aso- 
ciados (R1, R2, R3, R4, Cl] y C2). En un momento 
dado, uno de los transistores se encuentra en esta- 
do de saturación (conduciendo). mientras el otro 
permanece en estado de corte (bloqueado). 


Asumiendo que QI está bloqueado, su vol- 
laje de colector es igual al voltaje de alimentación 
(+9 V). Puesto que Q2 está conduciendo, su volta- 


je de colector es muy bajo, del orden de 0.1 Y. Esto 


permite que el condensador C1 se cargue a través 
de la resistencia R1 y tienda a alcanzar el voltaje 
de la fuente (9 V). 


bl Gan sobrernodulación 
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Diagrama esquemático 


A medida que CI se carga, llega un momen- 
to en el cual el voltaje en la base de QI alcanza un 
valor suficiente para disparar este transistor y sa- 
turarlo. Este voltaje es del orden de 0.6 V. 


Al conducir Q1, el voltaje de colector del 
mismo desciende desde 9 V hasta 0.1 V. Este cam- 
bio de voltaje se aplica a la base de Q2 a través de 
(2, sacando a este transistor del estado de conduc- 
ción y Hevándolo al de no conducción o corte, 


Mientras tanto, C2 se carga a través de R3 

en dirección del voltaje de alimentación. Cuando 

el voltaje aplicado por C2 a la base de Q2 llega a 

0.6 V, este transistor se dispara y conduce. El ci- 
clo se repite. 


Como resultado del proceso anterior, en los 
colectores de Q1 y Q2 se obtienen dos ondas cuadra- 
das idénticas, pero opuestas en fase. En nuestro caso, 
la señal de salida del oscilador de relajación se toma 
del colector de QQ y se aplica al diferenciador. 


El diferenciador, constituido por (23 y Pl, es 
básicamente un filtro pasa altos con una constante 
de tiempo RC muy pequeña (~ ~2 ms). Su función 
consiste en proporcionar a la entrada del oscilador 
una señal de modulación proporcional a la rata de 
cambio de la forma de onda de entrada. 


Cuando se aplica una señal cuadrada a la entra- 
da, el diferenciador genera unos picos más O menos 
pronunciados en los Mancos o puntos de transición (ver 
figura A45). La amplitud de estos picos se controla 
mediante el potenciómetro Pl. Esta operación alecta 


la profundidad de la modulación y el contenido armó- 
nico de la señal detectada en el receptor. 


La señal de salida del diferenciador se aplica 
al oscilador de 455 kHz a través del condensador 
C4. Este oscilador está constituido por el transistor 
Q3, el cristal X1 y componentes asociados (R5, Ró, 
R7, C5 y C6), La teoría general de los osciladores a 
cristal se discute en la lección 23 de este curso. 


El cristal XI determina la frecuencia de os- 
cilación (455 kHz), mientras que el divisor 
capacitivo formado por OS y C6 proporciona la 
realimentación positiva de voltaje necesaria para 
generar y mantener las oscilaciones. Las resisten- 
cias R5, R6 y R7 polarizan la etapa. La señal de 
audio aplicada al punto común de R6 y R7 se bate 
con la señal de RE, produciendo en el emisor de 
03 una onda modulada. 


La señal AM de salida del oscilador de RF se 
aplica al potenciómetro de control de nivel de señal 
(P2) mediante el condensador C7 y se inyecta al cir- 
cuito de utilización a través de un cable preferible- 
mente blindado, El LED DI actúa como monitor de 
la batería de 9 V. La resistencia RS limita la corrien- 
le a través de D1 a un valor seguro. SWI es el inte- 
rruptor general de alimentación del sistema. 


Construcción 


En la figura A52 se muestran el diagrama del 
circuito impreso y la guía de localización de com- 
ponentes del generador de FI propuesto, La lista 
de partes se proporciona en el cuadro anexo. 


Para una mejor presentación y conservación 
del sistema, se sugiere organizar la tarjeta de cir- 
cuito impreso, la batería y los elementos de con- 
trol y visualización (SW 1, DI, P2) en un chasis o 
caja metálica y rolularlos con su función, 


Realice las soldaduras con extremo cuidado, 
evitando hacer cortos entre pistas vecinas y siguien- 
do las recomendaciones de la actividad 3. Tenga 
especial cuidado en la instalación de Q1, Q2 y DI, 
por tratarse de componentes que deben llevar una 
orientación Única. 


Note la forma de identificar el cátodo (C) de 

D1 y los terminales correspondientes a la base (B), 

el colector (C) y el emisor (E) de Q1 y Q2. Al sol- 

dar X1, tenga la precaución de no calentar sus ter- 

minales más allá de lo absolutamente necesario 
porgue puede destruirlo. 


Calibración y prueba 


El generador de Fl prácticamente no requie- 
re de calibración puesto que la frecuencia de la 
portadora de Fl (455 kHz) la determina el cristal 
X 1 y las características de la señal de modulación 
están predefinidas en el diseño del oscilador de 
relajación. Eventualmente, el único ajuste requert- 
do es el del reóstato Pl. 


Este elemento controla la amplitud de la se- 
ñal de audio aplicada al oscilador y determina el 


CONTROL 
DE AMPLITUD 
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índice o profundidad de la modulación. Para una 
mejor comprensión de su función, se recomienda 
observar la señal de salida obtenida en el cursor de 
P2 en un osciloscopio. 


Notará que con PI en su posición minima, 
la señal de salida del generador es una onda 
sinusoidal de 455 kHz prácticamente continua 
(sin modulación). Este caso corresponde a un 
indice cercano al 0%, A medida que se aumenta 
P1, aumenta también la amplitud de los picos de 
modulación, llegándose incluso a sobremodular 
la señal de salida, es decir a tener indices supe- 
riores al 100%, 


Efectué la prueba del generador en un recep- 
tor de AM en buen estado, Aisle el conversor de RF 
e inyecte la señal modulada de 455 kHz a la entrada 
de la primera etapa de FI. Como punto de partida, 
silúe P1 y P2 en sus posiciones intermedias. 


Si la señal de prueba ha sido correctamente 
aplicada, en el parlante del receptor debe escucharse 
un sonido característico. Notará que la imtensidad 
y riqueza tonal de este sonido varían con el punto 
de ajuste de P1 y Pz. 


Lo anterior indica que las etapas de FI, el 
detector y el amplificador de audio están trabajan- 
do correctamente. Si lo desea, puede realizar el 

seguimiento de la señal de prueba a través de las 
distintas etapas mediante un osciloscopio. 


Lista de compuncalos 


Resistencias (1/4 W, 5 +) 

Hl. Ra - i kad 

R? RdA HE 

RS- 2201 

Rb. R= 2 kid 

RR- LSkW 

Condensacores 

OL OZ CA. 0047 50 Y cerámico 


CABLE od, CF OL MPO Ve ite 
BLINDADO Ca, 07-01 mFS V cerámico 


CS = 0,004 mF S Y, cerámico 
06-680 pE50 V, cerámico 
Semiconductores 
Ol, QL QF- Trunsstores MES SMAN 
DI- Diodi LED myo estándar (3 mui] 
Varios 
| Cirevico impreso CEKIT Het. GEN FLAS3 
4 Ternninwies para cicio impreso cespadines) 
| Cristal cerámico de 455 kHz (415 
| Reástato miniatura de 50 KLL (PL) 
| Pulenciómelto de 50 K£ (PP?) 
| Bateria alcalina de 9 Y 
| Cónector para batería de 9 Y 

| i Jntèrupor de catitio minama ts 1) 


L Chasis de montaje CEKIT Ref, GEN.FLASS | 
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Lección 30 7 = 
El amplificador de RF 


Introducción 


En esta lección estudiaremos diversos aspectos 
relacionados con el amplificador de RF del radio 
FM experimental CEKIT. Este circuito es la etapa 
de entrada del receptor y la que determina su figura 
de ruido. 


La funcion del amplificador de RF consiste en 
captar las señales de FM transmitidas en la banda de 
88 a 108 MHz, seleccionar una en particular y su- 
ministrarla amplificada al conversor de Fl con el mi- 
nimo de ruido, En la figura 391 se muestra el dia- 
grama de bloques correspondiente. 
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La captación de señales de FM la realiza el cir- 
cuito a través de una antena og ode longi- 
tud variable. La selección de una frecuencia espe- 
cifica dentro de la banda de 88 a 108 MHz la efec- 
tua un circuito sintonizado LC, 


El amplificador de RE propiamente dicho es un 
transistor NPN (Q1), conectado en la configuración 
base común. La señal de salida de RF se transfiere 
al conversor de FI a través de un condensador de 
paso (C6). El transistor obtiene sus tensiones de 
polarización de una fuente estabilizada de +6.2 Y. 


El amplificador de RF está sintonizado tanto a la 
entrada como a la salida mediante circuitos resonan- 
tes LC. Estos circuitos determinan su selectividad a 
la frecuencia de operación, es decir, su habilidad pa- 
ra amplificar únicamente la portadora elegida y sus 
bandas laterales, 
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Antes de comenzar la descripción detallada del 
amplificador de RF de nuestro receptor es conve- 
niente conocer las características y requisitos de di- 
seño más importantes que debe reunir un amplifica- - 
dor de RP de FM para ser eficiente y no degradar la 
operación general del sistema. 


El conocimiento de estos parámetros nos permiti- 
rá analizar y comprender hasta qué punto influye el 
amplificador de RF en el funcionamiento general 
del receptor y evaluar posibles fallas. 


Después de todo, el amplificador de RF es la 
etapa por donde entra la señal de FM que queremos 
escuchar limpia y clara en el parlante, 


De nada nos sirve disponer de un amplificador 
de audio sofisticado o de un demodulador impeca- 
ble si la señal de entrada ha sido procesada con rul- 
do, está distorsionada o iene interferencia, Todos 
estos defectos dependen, en gran parte, del diseño 
del amplificador de RF. 


Consideraciones de diseño de amplificadores 
de RF para FM 


Las principales consideraciones de diseño que 
debe tener el amplificador de RF de un receptor de 
FM, tanto de radiodifusión comercial como de radio- 
afición, son un alto rango dinámico, una buena se- 
lectividad y una baja figura de ruido, 


El rango dinámico se refiere a la habilidad para 
trabajar apropiadamente en presencia de señales 
fuertes dentro y fuera de la banda de operación. 


Un rango dinámico deficiente deteriora la sen- 
sibilidad del receptor y provoca fenómenos de mo- 
duláción en el conversor o mezclador. 


Estos últimos se manifiestan en el rango de sin- 
tonia como señales adicionales recibidas, es decir, 
espúreas. 


La selectividad se refiere a la habilidad para de- 
jar pasar únicamente aquellas frecuencias para las 
cuales está sintonizado el receptor y rechazar todas 
las demás. 


La selectividad del amplificador de RF la deter- 
minan la selectividad del circuito de entrada del 
mismo y del circuito de salida, previo al mezclador 
o conversor. A altas frecuencias es muy dificil obte- 
ner una alta selectividad. 


Además de restringir el paso de señales por 
fuera de la banda de sintonía, los circuitos de en- 
trada y de salida del amplificador de RF deben re- 
chazar también frecuencias imágenes, es decir, se- 
fiales de interferencia dentro de la misma banda. 


La selectividad general del receptor depende no 
solamente de la selectividad del boda de RF 
sino también de la selectividad del mezclador, de 
los amplificadores de FI y de las etapas de audio. 


La figura de ruido se refiere a la habilidad para 
captar señales relativamente débiles y producir una 
señal de salida con un bajo nivel de ruido, La figura 
de mido está estrechamente relacionada con la 
sensibilidad. Entre más baja sea la figura de ruido, 
más sensible es un receptor 


El ruido generado dentro del amplificador de RF 
debe ser lo suficientemente bajo como para no 
enmascarar o degradar las señales débiles prove- 
nientes de la antena, La figura de ruido se minimiza 
utilizando dispositivos de bajo ruido como ampli- 
ficadores de RP. 


En general, los transistores de efecto de campo 
(FETs y MOSFETs) exhiben más bajas figuras de 
ruido que los transistores bipolares, bajo las mis- 
mas condiciones de operación. 


Otras consideraciones de diseño importantes de 
un amplificador de RF para FM son su ganancia y 
su linealidad, 


La ganancia es la cantidad de amplificación que 
recibe la señal de entrada y la linealidad la habilidad 
del amplificador para producir una señal de salida 


sin distorsión. Naturalmente, la señal de salida debe 
ser, en lo posible, una réplica exacta de la señal de 
entrada, 


Como regla general, un amplificador de RF no 
debe tener más — de la necesaria para ob- 
tener una aceptable figura de ruido. Más ganancia 
de la necesaria degradaría marcadamente el rango di- 
námico del receptor. Sin embargo, entre más alta 
sea la ganancia, más alta será la sensibilidad. 


En algunos receptores de FM, el amplificador de 
RF está sometido a la acción de un circuito de con- 
trol automático de ganancia (CAG), En algunos ca- 
sos, esto es necesario pero no es conveniente, En 
realidad, un receptor bien diseñado no debe tener 
CAG en el amplificador de RF, 


La aplicación de un voltaje de C 4G al amplifi- 
cador de RF degrada su figura de ruido y su rango 
dinámico. Esto se debe a que el voltaje de CAG 
altera las características de polarización del ampli- 
ficador y cambia su punto de trabajo, no permi- 
tiendo que opere linealmente, en clase A, 


Una vez enterados de estos conceptos, procede- 
remos al análisis del amplificador de RF de nuestro 
receptor FM. Comenzaremos describiendo su dia- 
grama esquemático, su operación tanto en presencia 
como en ausencia de señal y las funciones de cada 
uno de sus componentes. 


Operación del amplificador de RF 
En la figura 392 se muestra el diaprama esque- 


mático de nuestro amplificador de KF, El dispo- 
sitivo activo de esta etapa es el transistor Qi, conec- 
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8. In the blank graph shown in Figure 7.8 , 
plot Vout vs fin with the voltage on the 
vertical axis and the frequency on the X axis. 
The curve should have the same shape as 
the curve shown in Figure 7.6 . 

Figure 7.8 Oe 


tado como amplificador de voltaje base común, Esta 
configuración proporciona una operación con bajo 
ruido y un buen rango dinámico. 


Note que el amplificador de RF está sintonizado 
tanto a la entrada como a la salida mediante circuitos 
resonantes LC. Esta doble sintonía le confiere una 
alta selectividad y un buen rechazo a las frecuencias 
imagen. 


En radiodifusión FM la frecuencia imagen es la 
frecuencia ubicada 21:4 MHz por encima de la 
frecuencia sintonizada. Por ejemplo, la frecuencia 
imagen de 88.5 MHz es 88.5+21.4=109.9 MHz. 


Si esta última señal lograra pasar al conversor, a 
través del amplificador de RF, produciriá también 
una frecuencia intermedia de 10.7 MHz y las dos 
emisoras (la c- 88.5 MHz y la de 109.9 MHz) se 
escucharían simultáneamente en el parlante. 


El concepto de frecuencia imagen se explica en 
la Lección 26 de este curso para el caso de AM y se 
ampliará en la Lección 31, cuando estudiemos el 
conversor de FM. 


Después de estas consideraciones generales, vea- 
mos cómo opera en detalle el amplificador de RF de 
nuestro receptor de FM. 


A la antena telescópica convergen señales de 
todo tipo. El circuito resonante conformado por la 
bobina Li y el condensador C3 presenta una alta 
impedancia a las señales de la banda de FM (88 a 
108 MHz) y una baja impedancia a las señales por 
fuera de esta banda. 


Las señales de FM se transfieren de la antena al 
circuito tanque L1C3 a través del condensador de 
paso Cl. Este circuito no es el que realiza la sin- 
tonía. El solamente se encarga de realizar una selec- 
ción previa. Su ancho de banda es suficiente para 
cubrir toda la banda de 88 a 10% MHz. 


La sintonía o selección de la estación deseada la 
efectúa el circuito tanque constituido por el conden- 
sador variable CV1, el condensador trimmer CT1, el 
condensador fijo C5 y la bobina de núcleo de aire 
L2, En la figura 393 se compara la respuesta de 
frecuencia de ambos circuitos. 


El condensador CV1 cubre todo el rango de sin- 
tonia de 88 a 108 MHz y está acoplado mecáni- 
camente al condensador de control de frecuencia del 
oscilador local (CV2). Esto es necesario para garan- 
tizar la generación de la señal de FI (10.7 MHz) du- 
rante la mezcla o conversión. 


El condensador Cll, de compensación o trim- 
mer, está incorporado en la misma unidad que con- 
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tiene a CV1, pero independiente de este último (fi- 
gura 394). Se utiliza para realizar ajustes finos de 
sintonía, especialmente en los extremos de la banda. 


En una unidad de sintonía típica para FM como 
la que muestra la figura anterior, el condensador va- 
riable CV1 proporciona capacitancias entre 7.5 y 20 
pF, aproximadamente, El trimmer es ajustable entre 
1.5 y 5 pr. 


El condensador C5 y la bobina L2 son fijos, es 
decir, su valor no se puede variar. En consecuen- 
cia, la frecuencia de sintonía depende exclusivamen- 
te de CV1 y, en menor grado, de CTI, 


La señal seleccionada se acopla al emisor del 
transistor amplificador de RF (Q1) mediante el con- 
densador C2 y se amplifica al máximo, dada la alta 
impedancia que ofrece el circuito sintonizado de 
salida a esa frecuencia, 


Lo anterior significa que si, por ejemplo, el cir- 
cuito tanque de salida está sintonizado a 88.5 MHz, 
sólo la señal de entrada correspondiente a esta fre- 


cuencia recibirá amplificación y pasará a la etapa si- 
guiente. Las demás señales sufrirán atenuación y, 
en consecuencia, serán ignoradas. 


El transistor Q1 utilizado como amplificador de 
RF (C1417G o BF194) trabaja bien a altas frecuen- 
cias y tiene una baja figura de ruido. Esto último es 
importante para conseguir la característica de opera- 
ción con bajo ruido que se espera de la etapa. 


El transistor Q1 incrementa el nivel de la senal 
procedente de la antena antes de que alcance el 
conversor. La cantidad de amplificación la determi- 
nan los componentes asociados y puede variar de 
unos pocos a varios dBs (decibelios), Una amplifi- 
cación excesiva afecta el rango dinámico, 


Una vez que la señal de RF elegida se ampli- 
fica, ingresa al conversor, donde se heterodina o 
mezcla con la señal del oscilador local para esta- 
blecer la señal de frecuencia intermedia (10.7MIHz). 


La señal de salida del amplificador de RF se 
transfiere al conversor a través del condensador Cs. 
Esta señal aparece en los extremos del circuito de 
sintonía, es decir, entre los puntos "A" y "B" o, lo 
que es lo mismo, entre el punto "A" y tierra. 


Recuerde que la fuente de alimentación es un 
corto para la señal. En consecuencia, el punto "R", 
que corresponde a la línea de alimentación de +6.2 
V, está conectado dinámicamente a tierra, desde el 
punto de vista de la senal de RF, 


El condensador C4 conecta dinámicamente a tie- 
rra la base de Q1 en presencia de la señal de RF, De 
este modo, la señal de entrada queda aplicada efec- 
tivamente entre emisor y tierra. 


Circuito equivalente dinámico del amplificador de RF 
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En la figura 395 se resume el comportamiento 
del circuito en condiciones dinámicas, es decir, en 
presencia de señal, 


Se ignoran los condensadores C1, C2, C4 y C6 
porque su reactancia capacitiva (AC) es desprecia- 
ble a las frecuencias de operación del circuito, como 
se comprueba en el ejemplo 1. 


Las resistencias R1, R2 y R3 polarizan adecuada- 
mente el transistor Qi, es decir, fijan su punto de 
trabajo. El amplificador debe operar en clase Á, en 
la región lineal de su característica, con el fin de no 
distorsionar la señal de entrada y producir una señal 
de salida fiel. 


En general, los amplificadores de RF, al igual 
que los amplificadores de audio, necesitan estar co- 
rrectamente polarizados para garantizar una opera- 
ción confiable. Las tensiones de polarización, en 
este caso, se obtienen de la fuente de +6,2V, 


La resistencia R2 polariza directamente la unión 
base-emisor de Q1. La corriente de reposo o de 
polarización de la base (IRQ) la extrae el circuito del 
positivo de la fuente, a través de R2. 


La resistencia R3 polariza inversamente la unión 
base-colector de Q1. La corriente de polarización O 
de reposo del colector (ICQ) la extrae el circuito del 
positivo de la fuente a través de R3 y la resistencia 
interna de la bobina L2. Para efectos prácticos, esta 
última es despreciable (0£2). 

La resistencia R1 estabiliza térmicamente el pun- 
to de 9 5 de Q1, evitando que las corrientes de 


reposo de la base (IBQ) y del colector (ICQ) varien 
con la temperatura. 
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En la figura 396 se resume el comportamiento 
del circuito en condiciones de polarización, de repo- 
so o de CC, es decir, en ausencia de señal. Tam- 
bién se indican los valores típicos de voltaje obteni- 
dos entre base, emisor y colector, con respecto a 
tierra. 


Observe que en la figura 396 se ignoran los efec- 
tos de todos los condensadores y de todas las bobi- 
nas presentes en el circuito original. Sólo se inclu- 
yen los efectos de las resistencias y de la fuente de 
alimentación, Las razones de esto se pueden resu- 
mir en los siguientes términos: 


Los condensadores presentan una alta oposición 
o resistencia al paso de la CC y, en consecuencia, 
se comportan como circuitos abiertos. Las bobinas 
presentan una muy baja resistencia y, por lo tanto, 
se comportan como cortocircuitos. 


Resulta entonces claro que C2 bloquea el nivel 
de CC de la señal de entrada y C6 el nivel de CC de 


la señal de salida. Por lo tanto, la polarización del 


amplificador de RF no afecta la polarización del 
conversor y viceversa. Esta es otra función impor- 
tante de estos condensadores. 


La razón de utilizar en nuestro receptor de FM 
un amplificador de RF en la configuración base 
común y no en emisor común, como se hizo en el 
receptor AM, no es por ganancia sino por esta- 
bilidad. Como sabemos, el montaje base común 
suministra menos ganancia de voltaje que el emisor 
común, 


Sin embargo, el circuito base común está menos 
sujeto a autooscilaciones. Recordemos que entre 
más alta es la frecuencia de operación, más alta es la 
probabilidad de que un amplificador oscile, 
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" Las bobinas L1 y L2 son cortocircuito para las corrientes q 
de polarización y los condensadores Ci, C2, C3, eto. son 
circuilos ablertos * 


En AM trabajabamos con frecuencias entre 530 
y 1600 KHz. Ahora estamos trabajando con fre- 
cuencias entre 88 y 108 MHz. Por lo tanto, los rlés- 
gos de inestabilidad son mayores. Por este motivo, 
deben prevenirse y la solución más obvia es adoptar 
una configuración amplificadora estable. 


Después de esta descripción cualitativa de la ope- 
ración del aa de RF, vamos a presentar al- 
gunos ejemplos numéricos sencillos, los cuales nos 
permitirán analizar cuantitativamente estos y otros 
aspectos de su comportamiento. 


Ejemplo 1. Calcule la reactancia capacitiva AC 
de los condensadores C1, C2, C4 y C6 a una fre- 
cuencia de portadora de 100 MHz. 


Solución. Tal como vimos en la Lección 7 (pagi- 
na 74), la reactancia capacitiva XC de un condensa- 
dor está dada por la fórmula: 


En esta expresión, XC es la reactancia (6), 
21=6.28 una constante, f la frecuencia (Hz) y C la 
capacitancia (F). 


En nuestro caso, f=100 MHz=1x10% Hz. 
Para C=C1=C2=33 pF = 33x10-12 F; 
XC1,2 =1/(6.28x1x108x33x 10-12) = 4802 
Para C= C4=0.01 pF=1x10°8 E: 


Xc4 = 1/(6.28x1x108x 1x108) = 0,16 Q 
Para C=C5=5 pF=5x10-1%F: 
XC5 = 1/(6.28x1x108x5x10°!4) = 318 Q 


Estos bajos valores de reactancia indican que 
los condensadores C1, C2, C4 y C5 prácticamente 
no presentan oposición al paso de la señal. Por esta 
razón se ignoran en el circuito equivalente de señal 
de la figura 395. 


Ejemplo 2. El circuito sintonizado L1C3 debe 
tener un ancho de banda suficiente para cubrir el 
rango de 88 a 108 MHz. La frecuencia central de es- 
ta banda es 98 MHz. Calcule el Q o factor de cali- 
dad de este circuito y el valor de L1 para esta fre- 
cuencia, Suponga una resistencia interna de 10L2. 


Solución. Como vimos en la Lección 24 (página 
180), el ancho de banda de un circuito sintonizado 
LC está dado por la fórmula: 


En esta expresión, B es el ancho de banda (Hz), 
Fo es la frecuencia central o de resonancia de la 
banda (Hz) y O el factor de calidad del circuito. Por 
lo tanto: 


En nuestro caso, Fo=98 MHz y B=108-88 = 20 
MHz. Por consiguiente, el factor de calidad del cir- 
cuito sintonizado L.1C3 de entrada es: 


Q = 98/20 = 4.9 


En consecuencia, el Q del circuito tanque LIC3 
debe ser, como máximo, de 4.9 para cubrir toda la 
banda de 88 a 108 MHz, Este bajo Q se logra utili- 
zando una bobina de núcleo de aire. 


En nuestro receptor de FM, L1 se obtiene deva- 
nando 5 espiras de alambre esmaltado #20 sobre un 
núcleo de cartón de 4 mm de diámetro. Esta confi- 
pto provee el bajo Q requerido. En la figura 
307 se muestra el aspecto de esta bobina. 


Como vimos en la Lección 24 (página 180), el 
Qo factor de calidad de un circuito sintonizado LC 
está dado por la fórmula: 


Especificaciones de la bobina L1 


. Alice de cartón 6 tre 


En esta expresión, 21=6.28, Q es el factor de 
calidad, XL la reactancia inductiva (£2) de la bobina, 
Rs su resistencia interna (42), L su inductancia (H) 
y Eo la frecuencia central o de resonancia de la 
banda (Hz). Por lo tanto: 


En nuestro caso, Q=4.9, Rs=10Q, 216.28 y 
Fo-98 MHz=98x10 Hz. Por consiguiente: 


L = (4.9x10/(6.28x98x 106) = 0.08 H 


Este debe ser el valor de inductancia de Ll nece- 
sario para proporcionar una frecuencia central de 
resonancia de 98 MHz y un Q de 4.9 a esa frecuen- 
cia. 


Ejemplo 3. El circuito sintonizado de salida, 
constituido por L2, Cv1, Cri y Cs, debe tener un 
ancho de banda B=200 KHz para amplificar la por- 
tadora de FM seleccionada y sus bandas laterales 
significativas. Calcule el Q que debe tener este cir- 
cuito en los extremos de la banda de FM. 


Solución. El límite inferior de la banda de FM 
es 88 MHz. A esta frecuencia, el factor de calidad 
del circuito es mínimo y vale: 


O(min) = Fo(min)/B = (88x106)/(200x10%) = 440 


El límite superior de la banda de FM es 108 
MHz. A esta frecuencia, el factor de calidad del 
circuito es máximo y vale: 
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O(máx) = Fo(máx)/B = (108x109/(200x10*) = 540 


En consecuencia, el O del circuito sintonizado 
Lac debe estar entre 440 y 540 para proveer una al- 
ta selectividad de la portadora y sus bandas latera- 
les, a todo lo largo de la banda de FM (88 a 108 
MITz). Este alto Q se logra utilizando una bobina de 
muy baja resistencia interna, es decir, sin pérdidas, 


En nuestro receptor de FM, L2 se obtiene deva- 
nando 4 espiras de alambre esmaltado #20 sobre un 
núcleo aislante (aire) de 4 mm de diámetro. Esta 
configuración provee el alto Q requerido. En la figu- 
ra 398 se muestra el aspecto de esta bobina. 
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Antenas para recepción de FM 


La longitud de la antena es una consideración im- 
portante y debe estar de acuerdo con la frecuencia 
de la emisora que se desea sintonizar, Teóricamen- 
te, la longitud de la antena debe ser igual a la mitad 
de la longitud de onda de la portadora. 


El concepto de longitud de onda se explica en la 
Introducción de este curso. Una señal de 100 MHz, 
por ejemplo, tiene una longitud de onda de 3 me- 
iros. Para sintonizar eficientemente una emisora que 
transmite con esta frecuencia, la antena de recepción 
deberá tener 1.5 metros, es decir, 4/2. 


Para una de 88 MHz, se necesitaría una antena 
de 1.7 m, para una de 108 MHz se necesitaria una 
antena de 1.4 m, y así sucesivamente. Por esta 
razón, para cubrir toda la banda de FM, el receptor 
utiliza una antena telescópica, es decir, de longitud 
variable (figura 399A). 


La longitud de 4/2 se denomina longitud eléc- 
trica. La longitud física de antena requerida es real- 
mente la mitad de este valor, a sea 4/4, Esto se debe 
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a que el sistema de tierra de la antena crea eléctrica- 
mente la antena imagen, es decir, el otro tramo de 
Á 44 faltante. 


Este tipo de antena se denomina antena vertical 
de 4/4 y es muy utilizado. Una antena de este tipo 
capta igualmente señales en todas las direcciones, 
excepto a lo largo de su eje (figura 400A). Se dice, 
entonces, que tiene polarización vertical. 


| Características de recepción de lasantenas de FM 
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Si no se dispone de una antena telescópica, 
puede utilizarse un alambre de longitud fija, cortado 
para 98 MHz, es decir, para la frecuencia central de 
la banda de FM. En este caso, la longitud de onda 
es de 3.06 m. Por lo tanto, el alambre de antena de- 
berá serde 76.5 em (4 (4) de largo (figura 3995). 


Otra alternativa al uso de una antena vertical te- 
lescópica o fija es pomer un dipolo de 4/2, simple 
o plegado (figuras 399C y D). Un dipolo de 4/2 es- 
tá formado por dos secciones horizontales de alam- 
bre de longitud igual a 4/4 cada uno. 


Los dipolos tienen un patrón de recepción como 
el que muestra la figura 400B. La recepción es mi- 
nima enla misma dirección del eje de la antena y má- 
ximaen la dirección mental al mismo. Pores- 
ta razón deben orientarse apropiadamente, 


Lección 31 


El conversor de FI 


Introducción 


Continuando con el análisis del receptor experi- 
mental de FM CEKIT, en esta lección estudiaremos 
el conversor de Fl o mezclador. Esta etapa es el cir- 
cuito previo a los amplificadores de Fl y el que de- 
termina el rango dinámico del receptor. 


El conversor de FI lo constituyen dos circuitos: 
un oscilador local y el mezclador propiamente dicho 
(figura 401). Su función consiste en mezclar o hete- 
rodinar la señal suministrada por el oscilador local 
con la señal de entrada de RF y producir una señal 
de frecuencia intermedia (FT) de 10.7 MHz. 


Estructura del conversor de RF 
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El oscilador local produce una onda sinusoidal 
pura, de amplitud fija y frecuencia variable, La fre- 
cuencia del oscilador local depende de la frecuencia 
de la señal suministrada por el amplificador de RF y 
está siempre 10.7 MHz por encima del valor de por- 
tadora de esta última. | 


Por ejemplo, s1 se sintoniza una señal de RF de 
98 MHz, la frecuencia del oscilador local deberá ser 
de 98+10,7=108.7 MHz, si se sintoniza una fre- 
cuencia de 93 MHz, el oscilador deberá trabajar a 
934+10.7=103.7 MHz , y así sucesivamente. 


En consecuencia, para cubrir toda la banda de 
EM (88 a 108 MHz), la frecuencia del oscilador 
local debe variar continuamente entre 98,7 y 118.7 
MHz y estar sincronizada con la frecuencia de la 
portadora captada. 


Para lograr este sincronismo, la frecuencia del 
oscilador local la controla un condensador variable 
acoplado mecánicamente al condensador de sintonía 
del amplificador de RF (figura 402), 
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El condensador CV 1 controla la frecuencia de re- 
sonancia del circuito de sintonía del amplificador de 
RF y CV2 la del circuito determinador de frecuencia 
del oscilador local. De este modo, al variar la prime- 
ra, lo hace también la segunda, en la misma canti- 
dad y en la misma dirección. 


La operación de mezcla la realiza un transistor bi- 
polar (Q1), conectado como un amplificador no li- 
neal en la configuración base común, Este transistor 
cumple simultáneamente las funciones de mezclador 
y oscilador, Por esta razón se denomina conversor. 


La forma como se realiza la mezcla de la señal 
de RF con la del oscilador local en el receptor de 
FM se basa en los mismos principios generales ex- 
puestos en la Lección 26. Recuerde: dos señales 
aplicadas a un circuito no lineal siempre se mezclan 
y generan productos de mezcla. 


El efecto neto del proceso de conversión o mez- 
cla en FM es trasladar la modulación de la portadora 
original ($8 a 108 MHz) a una portadora interna 
más baja (10.7 MHz), Esta última es la frecuencia 
intermedia (PFI) del proceso (figura 403), Recorde- 
mos que en el sistema AM, el valor estándar de la 
Fl es 455 KHz. 
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La utilización de una portadora interna más baja 
que la original permite obtener una alta selectividad 
y una alta ganancia en las clapas de Fl y mantener- 
las constantes. 


La frecuencia intermedia de 10,7 MHz es uno de 
los tantos productos de mezcla que se generan a la 
salida del conversor, Este valor resulta de la diferen- 
cia de frecuencias entre el oscilador local (LO) y la 
ortadora (RF) y se selecciona mediante un circuito 
C sintonizado a esa frecuencia. 


Otros productos de mezcla importantes son la 
frecuencia suma (LO+RF) y la frecuencia local 
(LO). Esta última se utiliza como señal de realimen- 
tación positiva del oscilador local, La realimenta- 
ción positiva es una condición necesaria para soste- 
ner por sí mismas las oscilaciones. 


El oscilador local del conversor está también go- 
bernado por el circuito de control automático de [re- 


cuencia o CAP. La función del CAF es mantener 


constante la frecuencia del oscilador local. Su opera- 
ción detallada se estudia en la Lección 34. 


Una vez trasladada la modulación de la porta- 
dora de RF a la portadora interna de Fl, esta última 
señal es amplificada y finalmente detectada, En la 
próxima lección estudiaremos el proceso de amplifi- 
cación de la señal de FI. En la Lección 33 se analiza 
el proceso de detección de la señal FM. 


Antes de analizar la operación del conversor de 
Fl del receptor de FM es conveniente conocer las 
características generales involucradas en el diseño 
de mezcladores y osciladores locales. 


Un mezclador o un oscilador deficientes pueden 
arruinar el mejor de los receptores, incluso si todas 
las demás etapas estan trabajando óptimamente, Por 
esto es importante conocer sus requisitos de opera- 
ción y las formas de hacerlos más eficientes. 


Características generales del mezclador 


Las principales características que debe reunir el 
mezclador de un receptor superheterodino de FM 
son un alto rango dinámico, una baja figura de rui- 
do, una buena capacidad de aislamiento y ser alta- 
mente selectivo. 


El rango dinámico se refiere a la capacidad del 
mezclador para manejar señales fuertes, Puesto que 
el amplificador de RF no tiene CAG, el mezclador 
deberá tener un rango dinámico suficiente con el fin 
de garantizar que señales de entrada muy fuertes no 
causen sobrecarga ni otros efectos indescables, 


El mezclador de un receptor superheterodino es 
el principal determinante de su rango dinámico. Pa- 
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ra una óptima operacion, el mezclador deberá reci- 
bir sólo la cantidad de señal necesaria para superar. 
el nivel de ruido propio de la etapa. 


Cuando se aplican niveles excesivos de señal, se 
producen fenómenos como la modulación cruzada y - 
la intermodulación (IMD), Un rango dinámico defi- 
ciente afecta también la sensibilidad del receptor y 
provoca la aparición de espúreas. 


Una excesiva pa del amplificador de RF 
cansa que el mezclador se sature en presencia de së- 
ñales moderadas y fuertes. Durante mucho tiempo 
la solución a este problema fue utilizar el proceso de 
doble conversión, que se estudia en la Lección 32. 


La figura de ruido de un receptor de FM la es- 
tablecen primariamente el amplificador de RF y el 
mezclador. Para garantizar una baja figura de ruido, 
se deben utilizar dispositivos activos de bajo ruido 
en estas etapas, preferiblemente transistores de efec- 
to de campo o PETSs. 


El mezclador deberá proporcionar un óptimo 
aislamiento entre las entradas de RF y LO y la sa- 
lida de FI. Un aislamiento deficiente puede ocasio- 
nar que la señal del oscilador local se irradic al ex- 
terior y cause interferencia oque la señal de Fl pro- 
voque oscilaciones parásitas. 


La selectividad del mezclador se refiere a su habi- 
lidad para dejar pasar la frecuencia intermedia y re- 
chazar los demás productos de mezcla. La mayoria 
de los receptores de FM utilizan algún tipo de filtro 
pasabanda (LC, de eristal o mecánico) a la salida 
del mezclador para establecer su selectividad, 


Este filtro sirve también para rechazar productos 
de mezcla no deseados. 


Otra consideración de diseño importante es el ti- 
po de dispositivo activo utilizado como mezclador. 
Nuestro sencillo receptor de FM utiliza un transistor 
bipolar para este propósito. | 


Los receptores más avanzados, especialmente 
los de uso para estaciones de radioaficionado, utili- 
zan diodos Schottky y transistores de efecto de cam- 
po (FETs y MOSFETs) como mezcladores. Estos 
dispositivos son tan sensibles que el amplificador 

| 


de RF se puede eliminar en muchos casos. 


Características generales del oscilador local 


La señal de inyección del mezclador, procedente 
del oscilador local, debe ser espectralmente pura y. 
altamente estable, estar libre de ruido y espúreas y 
tener una amplitud adecuada. Asi mismo, debe estar 
convenientemente aislada de la señales de RF y FL 


Esto último es importante porque el oscilador 
local tiende a sincronizar su frecuencia con la de las 
señales que le llegan, originando oscilaciones pará- 
sitas. Cuando la frecuencia del oscilador sufre una 
variación debida a factores externos se produce una 
deriva o desplazamiento de frecuencia. 


En el oscilador local del radio FM CEKIT se uti- 
lizan básicamente dos métodos para minimizar la de- 
riva de frecuencia: el primero emplea una trampa de 
Fl en el mismo conversor y el segundo un circuito 
de control automático de frecuencia o CAF. 


La trampa de Fl aísla la señal del oscilador local 
de la señal de FI. El CAF cornje automáticamente 
su frecuencia y la restablece a su valor nominal, 


Otra característica importante que debe tener el 
oscilador local es su velocidad de respuesta, Las os- 
cilaciones deben arrancar tan pronto se aplique el 
voltaje de alimentación y sostenerse indefinidamen- 
te sin ningún tipo de ayuda externa. 


La inestabilidad del oscilador local puede ser 
consecuencia de un diseño deficiente. Para mejorar 
la estabilidad, el oscilador local del radio FM 
CEKIT utiliza una fuente de alimentacion regulada 
y emplea bobinas con núcleo de aire, 


Se recomienda también usar capacitores de po- 
liéster y asegurarse de que todos los componentes 
estén finmemente asegurados en su sitio, 


En la Lección 25 se analiza en detalle el tema de 
la estabilidad de frecuencia de los osciladores de 


El ruido del oscilador se puede mantener a un va- 
lor aceptable utilizando circuitos sintonizados de al- 
to Q. Entre más alto sea el Q, más estrecho es el an- 
cho de banda y, por lo tanto, más bajo es el nivel de 
ruido en el voltaje de salida, 


El oscilador local debe también poder suminis- 
trar al mezclador una señal suficientemente fuerte 
ara todas las frecuencias de su rango de operación. 
‘sta condición es importante para garantizar la ope- 
ración no lineal del dispositivo mezclador. ‘$i éste 
opera lincalmente, no genera productos de mezcla. 


Operación del conversor de FI 


En la figura 404 se muestra el diagrama detalla- 
do de bloques del conversor de Fl, El circuito rg- 
cibe dos señales de entrada: una modulada, pro- 
veniente del amplificador de RF y otra sin modular 
o continua, generada localmente (LO). 


El mezclador combina o heterodina las dos sena- 
les de entrada y produce a su salida la señal de fre- 


El conversor de Fl en bloques 


LO, AF, LO - AF, etc. 


Gio. sinto- | 
nizado de 
| LO (Lact) 


(Trampa de 
FI(L3ca 
10.7 MHz) 


cuencia intermedia (FI) de 10,7 MHz y otros pro- 
ductos de mezcla, incluyendo la frecuencia local 
(LO). La señal de Fl conserva la misma modulación 
de la señal de RF. 


El circuito de sintonía del mezclador selecciona 
la señal de Fl y la transfiere a la etapa siguiente, ig- 
norando las demás. El circuito de sintonía del os- 
cilador local selecciona la señal LO y la realimenta 
positivamente a la entrada. La trampa de Fl envía a 
tierra cualquier rastro de Fl presente a la entrada. 


En la figura 405 se muestra el circuito esquemá- 
tico del conversor de Fl. El dispositivo activo de es- 
ta etapa es el transistor Q2, el cual actúa simultánea- 
mente como mezclador y como oscilador local. Se 
utiliza una tensión de alimentación de +6.2 Y. 


La señal de RF se inyecta al emisor de QU a tra- 
vés del condensador C6, La señal local (LO) se apli- 
ca al mismo electrodo a través del condensador C9. 
Estos condensadores sirven únicamente de acople y 
su reactancia es muy baja a las frecuencias de ope- 
ración involucradas. 


El transformador Tl selecciona la señal de Fl y 
la transfiere a las etapas de Fl, El circuito tanque 
asociado a la bobina LA selecciona la señal local y la 
realimenta positivamente a la entrada del conversor. 
La bobina L3 y el condensador C8 configuran la 
trampa de Fl. 


ElcondensadorCllconectadinámicamenteatie- 
rra la base de Q2. De este modo, las señales de en- 
trada quedan aplicadas efectivamente entre emisor y 
base y las señales de salida se obtienen entre colec- 
tor y base. La base sirve como punto común de refe- 


rencia de los circuitos de entrada y de salida. 


El diodo D1, en paralelo con el transformador 
T1, limita la amplitud de la señal de FI, eliminando 
los picos de ruido. El condensador C10 se utiliza pa- 
ra mejorar la estabilidad del oscilador. 
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La resistencia R6 reduce el riesgo de oscilacio- 
nes parásitas, muy comunes en los osciladores a 
transistores, y aísla el colector de Q2 de tierra. La re- 
sistencia R4 hace lo propio con el emisor y sirve de 
carea a las señales de RP y local. 


Estas resistencias cumplen también la importan- 
te función de polarizar adecuadamente el conversor. 


El transformador sintonizado de FI 


El transformador T1 (figura 406) está sintoniza- 
do a 10.7 MHz. Su función consiste en seleccionar 
la señal de frecuencia intermedia a la salida del me 4 
clador y transferirla al primer amplificador de FI. 
Proporciona también el necesario acople de impe- 
dancias entre ambas etapas. 


El transformad or sintonizado Fl 
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Este transformador se distingue por poseer un 
núcleo de ferrita de color naranja. Posee 3 termi- 
nales v está blindado magnéticamente con el fin de 
evitar que irradie energía de Fl hacia los circuitos 
vecinos o reciba señales espureas. 
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El oscilador local | 


El circuito de sintonía del oscilador local locons- 
e bobina LA, el condensador variable € V2, 
el condensador "trimmer" CT2 y el condensador fi- 
jo C13, en asocio con el CAF (figura 407). 


Especificaciones de L4 Fig. 407 H 


potest es (RW rhea it tn a as E 


11 condensador CV2 trabaja en tándem con él. 
Pao arios CV1 del amplificador de RF. La bo- 
bina L4 se obtiene devanando 3 espiras de alambre 
esmaltado #19 sobre un núcleo de aire de 4 mm, 
No se utiliza un núcleo magnético por cuestiones de 
estabilidad de frecuencia. 


El circuito tanque de L4 ofrece una impedancia 
mov alta a la frecuencia propia del oscilador local y 
una impedancia muy b: ja a la frecuencia intermedia 
de 107 MHz. El transformador sintonizado T1 © 


comporta en forma exactamente contraria. 


Para los demás productos de mezcla, ambos cm 
cnitos presentan una impedancia muy baja Pars 
que los mismos se encuentran en serie con e oe 
lector. la señal de Fl desarrolla un voltaje | 


(figura 410). Su función consiste en enviar a tierra 
cualquier rastro de la señal de FI presente en el cir- 
cuito de entrada, evitando la creación de oscilacio- 
nes parásitas. 


Separación de las señales de Fl y local 
Productos Otros 
de mezcia LO productos 


La trampa de Fl 
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sobre T1 y la señal local un voltaje máximo sobre 
La. En la Faure 408 se ilustra este concepto, 


El CAF (control automático de frecuencia) es, 
básicamente, un varactor o diodo de capacitancia va- 


riable, Su función es mantener constante la frecuen- A la frecuencia de 10.7 MHz (FI), el circuito re- 
cia del oscilador local. La acción del CAF se estudia sonante serie L3C8 presenta su mínima impedancia 
en la Lección 34. El CAP se acopla capacinvamente posible, comportándose como un cortocircuito a esa 
al oscilador a través de C12, frecuencia. Bajo esta circunstancia, el emisor de q 


; queda conectado dinámicamente a terra. 
El circuito correspondiente al oscilador local se q 


muestra en la figura 409. Se obtiene del circuito con- Puesto que las frecuencias de RF y de LO invo- 
versor original reemplazando la trampa de Fl por un lucradas son relativamente altas comparadas con la 
circuito abierto y el transformador sintonizado T1 El de 10.7 MHz, la presencia del circuito trampa no 
por un cortocircuito. Asi se comportan estos com- las afecta, comportándose ante ellas como un circui- 
ponentes ante la frecuencia local de oscilación. to abierto. 


Recuerde que el A de la señal de RF se ex- 
tiende desde 88 hasta | 


A] E 8 MHz y el de la señal lo- 

Circuito del oscilador local ğ cal desde 98.7 hasta 118.7 MHz, Estas frecuencias 

| ] f están muy lejos del ancho de banda útil del circuito 
38.7 -118.7 MHZ | B trampa L3C8. Por esta razón son ignoradas. 


La señal de FI debe mantenerse confinada al cir- 
cuito de colector de 02. Cuando esta señal se reali- 
menta a la entrada, interactúa con las señales de RF 
y LO, provocando efectos de modulación indesea- 
bles. La trampa de Fl evita que esto suceda. 


El uso de trampas es muy común en los circul- 
tos de comunicaciones. La función primaria de una 
trampa es evitar que ciertas señales con frecuencias 
específicas pasen a los circuitos subsiguientes, 


Algunas trampas dejan pasar una sola señal de- 
seada o un grupo de señales con frecuencias muy 
próximas a la de ésta, bloqueando todas las demas. 


El circuito trampa de Fl 


Otras trampas dejan pasar todas las señales ex- 


La bobina L3 y el condensador C8 configuran cepto aquellas que se encuentran dentro de algún 
el circuito trampa de FI, siutonizado a 10.7 MHz rango determinado de frecuencias. 
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Por ejemplo, una trampa puede dejar pasar seña- 
les cuyas frecuencias scan inferiores a 2 MHz y su- 
periores a 4 MHz. Por consiguiente, serán rechaza- 
das todas las señales cuyas frec vencias estén entre 2 
y 4 MHz. 


Polarización del conversor 


Las resistencias R4, R5 y RG se utilizan para po- 
larizaradecuadamente la etapa. Especificamente, R5 
polariza directamente la unión BE de Q2 y R6 po- 
lariza inversamente la unión CB. La resistencia R4 
estabiliza térmicamente el punto de trabajo. 


El transistor extrae la corriente de polarización O 
de reposo de la base (IRQ) del positivo de la fuente 
de alimentación a través de Rs, La corriente de re- 
poso del colector (ICQ) se obtiene también del po 
“iivo de la fuente a través de Ré y la resistencia in- 
terna de las bobinas Tl y LA. 


En la figura 411 se muestra el circuito equi- 
valente de polarización del conversor de FL Para ob- 
tener este modelo, sustituimos los condensadores 
por circuitos abiertos y las bobinas por cortocircul- 
tos. También se indican los valores típicos de volta- 
je obtenidos entre cada electrodo de dn y tierra. 


El fenómeno de las frecuencias imagenes 
y espureas 


Cada frecuencia del oscilador local origina una 
respuesta de FI para dos valores diferentes de señal 
de entrada: una mayor y otra menor que la fre- 
cuencia del oscilador local. 


Si por ejemplo, se ajusta el oscilador local a 
100.7 MHz para sintonizar una señal de 90 MHz, el 


receptor podrá también responder 4 una señal de 
111.4 MHz. Esta última provocará también una fre- 
cuencia intermedia de 10.7 KHz. 


A la señal indeseada de 111.4 MHz se le deno- 
mina imagen y 51 no se elimina, puede producir in- 
terferencia. 


El amplificador de RF, la etapa previa al con- 
versor, se sintoniza normalmente 4 la frecuencia de 
la señal deseada. Por lo tanto, Su selectividad re- 
duce o elimina la respuesta a la señal imagen. Esta 
es la razón más importante de utilizar un ampli- 
ficador de RF en un receptor. 


Además de señales imagen, pueden escucharse 
otras señales a las cuales el receptor no se encuentra 
sintonizado, Estas últimas se denominan espúreas. 


Las armónicas del oscilador local de alta frecuen- 
cia pueden mezclarse con señales que se encuentren 
bastante alejadas de la frecuencia deseada y produ- 
cir una Señal de FI. 


Estas respuestas espúreas se pueden reducir uti- 
lizando amplificadores de RF muy selectivos y em- 
pleando bobinas de FI blindadas. Con el blindaje, 
se evita la captación de señales parásitas provenien- 
tes de otras fuentes distintas de la antena. 


Cuando el detector recibe una señal muy poten- 
te las armónicas generadas en este circuito pueden 
inducirse en el amplificador de RF o en el mezcla- 
dor, procesándose conjuntamente con la señal desea: 


Estas señales indeseables se manifiestan en el 
parlante, generalmente en forma de silbidos. 


Circuito de polarización del transistor conversor Q2 
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Los amplificadores de Fl 


Introducción 


Los amplificadores de Fl son circuitos de banda 
ancha sintonizados a 10.7 MHz, la frecuencia inter- 
media del proceso heterodino FM. Su función con- 
siste en amplificar la señal de salida del conversor y 
suministrarla al demodulador o detector de relación 
del receptor (figura 412). 


Etapas amplificadoras de Fl 
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El detector convierte las variaciones de frecuen- 
cia de la señal de Fl en una señal de audio corres- 
pondiente. La señal de Fl suministrada por el con- 
versor tiene una amplitud fija y su frecuencia varia 
con respecto a la portadora de 10.7 MHz, depen- 
diendo de la modulación original, 


La amplificación de la señal de FI se realiza en 
dos etapas. Cada etapa tiene un ancho de banda de 
aproximadamente 150 KHz, espacio suficiente para 
dejar pasar las bandas laterales más significativas de 
la señal de FM. 


Ambas etapas utilizan transistores bipolares co- 
mo dispositivos activos de amplificación y están 
acopladas entre sí y con el conversor y el detector, a 
través de transformdores sintonizados a 10,7 MHz. 
A esta frecuencia, la ganancia de voltaje de cada 
etapa C5 máxima. 


Además de proveer una alta selectividad, estos 
transformadores garantizan también el correcto aco- 
plamiento entre etapas, condición necesaria para ga- 
rantizar la máxima transferencia de señal entre un 
circuito y el siguiente. 


Caracteristicas de los amplificadores de FI para FM 


_ Las etapas de frecuencia intermedia son las prin- 
cipales responsables de la selectividad y la sensi- 


bilidad características de los receptores superhetero- 
dinos de FM. En los radios más sencillos suele uti- 
lizarse una sola etapa de FI. La mayoría de diseños 
emplean dos o más amplificadores de Fl. 


La alta sensibilidad de los receptores de FM es 
una consecuencia directa del alto grado de amplifica- 
ción que puede alcanzarse, con relativa facilidad, en 
las etapas de FL Es necesaria una alta ganancia para 
garantizar una óptima detección, 


El radio FM CEKIT utiliza dos transistores co- 
mo amplificadores de Fl para conseguirla ganancia 
requerida. La tendencia en los receptores modernos 
es utilizar circuitos integrados para esta función. 


Los circuitos integrados amplificadores de Fl, ta- 
les como el CA3012, el ECG736, el TBA120 y 
otros, son fáciles de conseguir y de utilizar, Ade- 
más, resultan relativamente económicos. 


En la figura 413 se muestra un ejemplo típico de 
aplicación del circuito integrado CA3012 como 
amplificador de Fl de 10.7 MHz en un receptor de 
radiodifusión FM, El CA3012 acepta tensiones de 
alimentación hasta de +10 V. Este voltaje se aplica 
entre los pines 10 (positivo) y $ (tierra). 


Receptor de FM con ampllticador de F | CA3012 
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La mayoría de receptores de FM configuran la 
selectividad de las etapas de FI utilizando transfor- 
madores simonizados de acoplamiento. En el caso 
del receptor FM CEKIT se utilizan tres transforma- 
dores sintonizados a 10,7 MHz para este propósito 
(figura 414). 
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El primer transformador (11) acopla la salida del 
conversor con la entrada de la primera etapa de PL 
El segundo (T2) acopla la salida del po amplifi- 
cador con la entrada del segundo. El tercero (T3) 
acopla la salida de la segunda etapa de Fl con la en- 
trada del detector, 


Estos transformadores son blindados y se deva- 
nan sobre núcleos ajustables de ferrita. Vienen pro- 
vistos de condensadores fijos y se sintonizan varian- 
do la posición del núcleo. Los núcleos se distin- 
gucn por colores: naranja para Tl, verde para T2 y 
rosado para T3. 


En la figura 415 se muestra la estructura típica 
de los transformadores de Fl utilizados en el recèp- 
ror de FM CEKIT. El blindaje de aluminio se conec- 
ta a tierra. Su propósito es confinar la energía de FI 
dentro de la estructura, evitando que se uradie al ex- 
terior. Minimiza también la captación de ruido. 


Estructura de los trans 


formadores de FI. 
3 
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Para conseguir el ancho de banda amplio y las 
características de respuesta de frecuencia requeridas 
por el receptor, estos transformadores deben ser ali- 
neados cuidadosamente. El procedimientode alinea- 
ción se explica en una lección posterior. 


En la figura 416 se muestra una curva tipica de 
respuesta de frecuencia de un amplificador de FI 
para FM. La frec vencia central de la banda pasante 
es 10.7 MHz. El circuito debe proporcionar una res- 
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Respuesta de frecuencia de los 


Ganancia (5, 


puesta plana en un rango de 150 KHz alrededor de 
la frecuencia central o Fl. 


Los amplificadores de El utilizados en FM no 
deben ser muy selectivos hasta el punto de omitir 
bandas laterales importantes de la señal captada, Es- 
to afectaría la fidelidad natural de la reproducción. 


Su selectividad debe ser la suficiente como pará 
dejar pasar las bandas laterales más significativas de 


la señal deseada y rechazar las bandas laterales de 
canales adyacentes. 


La elección de 10.7 MHz como frecuencia inter- 
media del proceso heterodino FM es un valor de 
compromiso entre dos hechos importantes: el recha- 
zo a la frecuencia imagen y la selectividad. 


El valor de 10.7 MHz elegido resulta ser lo suli- 
cientemente alto como para proporcionar un óptimo 
rechazo a la frecuencia imagen y lo suficientemente 
bajocomo para garantizar una excelente selectividad 
y una buena ganancia. 


Operación de los amplificadores de Fl 


En la figura 417 se muestra el diagrama esque- 
mático de las etapas amplificadoras de Fl. El ele- 
mento activo de la primera etapa es el transistor Q3, 
conectado en la configuración base común. El ele- 
mento activo de la segunda etapa es el transistor 
Q4, conectado en la configuración emisor común, 


La señal de FI suministrada por el conversor sé 
transfiere a la entrada del primer amplif icador de Fl 
a través del condensador C14. El acoplamiento èn- 
tre las dos etapas de Fl se realiza a través del trans- 
formador T2, sintonizado a 10.7 MHz. 


La señal de salida del segundo amplificador de 
Fl se acopla magnéticamente al demodulador me- 
diante el transformador T3, sintonizado también a. 
10.7 MHZ. Las dos etapas de Fl utilizan una tën- 
sión de alimentación de 6.2 Y. 
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El primer amplificador de FI El condensador C15 conecta dinámicamente a tie- 

rra la base de Q3. De este modo, la señal de entrada 
El primer amplificador de Fl lo a el queda aplicada efectivamente entre emisor y base. 

transistor Q3, el transformador sintonizado T2, la | f 

resistencia R13, los condensadores de desacople La señal de salida del primer amplificador de FI 

C14 y CIS y las resistencias de polarización R$, se aplica al primario del transformador T2, sinto- 

Rl 1,R12 y R13, En la figura 418 se muestra su cir- nizado a 10,7 MHz, y se transfiere a la segunda cta- 

 cuilo esquemático. pa de FI, A esta frecuencia la ganancia de voltaje de 

la etapa es máxima. 


La resistencia R13 protege al circuito de oscila- 
ciones parásitas. La resistencia R14 se utiliza para 
disminuir artificialmente el Q del transformador sin- 
tonizado T2, aumentando su ancho de banda, Las 
resistencias R&, R10, R11, R12 y R3 cumplen la 
función de polarizar adecuadamente el amplificador, 


El primer amplificador de Fl _ 


A: 
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E 
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El transformador sintonizado T2 


El transformador T2, sintonizado a 10.7 MHz, 
actúa como carga de salida del primer amplificador 
de FI y es el principal responsable de la ganancia de 
voltaje de esta etapa. En la figura 419 se muestra su 
aspecto típico y su circuito equivalente, 


A 
des 
A 


sah oa al aba 
r A Ste pl 


os 


Otra función de T2 es acoplar la alta impedancia 
de salida del primer amplificador de Fl con la baja 


La señal de entrada del primer amplificador de 
FI proviene del conversor, El acoplamiento entre 
ambas etapas se efectúa a través del transformador 
Tl, sintonizado a 10.7 MHz (FI). Este dispositivo 
acopla la alta impedancia de salida del conversor 
con la baja impedancia de entrada del amplificador. 


La senal de FI se inyecta al emisor de Q3 a tra- 
vés de C14, Este condensador presenta una muy ba- 
ja reactancia a 10,7 MHz y aisla el emisor del posi- - 
tivo de la fuente, conservando la polarización de la Aspecto externo 
bias iis aaa dci 
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impedancia de entrada del segundo, Para lograr un 
acople óptimo el primario tiene un tap o derivación 
central que se conecta dinámicamente a lierra a tra- 
vés del positivo de la fuente, 


El transformador posee un núcleo ajustable de 
ferrita, de color verde, el cual permite sintonizarlo 
exactamente a una frecuencia de resonancia de 10,7 
MHz durante el proceso de alineamiento, El ancho 
de banda original del circuito se puede aumentar, 
degradando o reduciendo su factor de calidad Q. 


La degradación del Q se obtiene conectando una 
resistencia de cierto valor en paralelo con el prima- 
rio del transformador y su condensador interno. En 
el caso del receptor FM CEKIT, esta operación la 
realiza la resistencia R14, de 47 KER 


El ancho de banda final obtenido con la inser- 
ción de esta resistencia puede evaluarse, en forma 
aproximada, mediante las siguientes fórmulas: 

2 Fo*L 
A || Rp 


Ap = 2nQoFoLl 


En estas expresiones, 21=6.28 es una constan- 
te, B es el ancho de banda final (Hz), Fo la frecuen- 
cla de resonancia (Hz), L la inductancia del prima- 
rio (H), R la resistencia de degradación (£2), Rp la 
resistencia equivalente de pérdidas de T2 (42) y 
el lactor de calidad original, 


El siguiente ejemplo numérico ilustra el uso de 
estas fórmulas. 


Ejemplo. Considerando que el condensador 
interno del transformador es de 82 pF y que éste 
tiene un Qo de 71 (valores típicos), calcule el ancho 
de banda original del transformador T1 y el ancho 
de banda obtenido al conectar una resistencia de 47 
K£1 en paralelo, 


Solución. Según vimos en la lección 24, página 
leu), el ancho de banda de un circuito sintonizado a 
uná frecuencia central Fo y con un factor de calidad 
Qo se puede evaluar mediante la fórmula: 


En nuestro caso, Fo=10,7 MHz y Qo=71. Asi: 
Bo = 10,771 = 0.15 MHz = 150 KHz. 


Este es el valor del ancho de banda original del 
transformador sintonizado T1. 
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Para calcular el ancho de banda final necesita- 
mos conocer el valor de inductancia necesario para 
obtener una frecuencia de resonancia de 10,7 MHz 
con un condensador de 82 pF. 


Como sabemos, la frecuencia de resonancia de 
un circuito tanque LC esta dada por la fórmula: 


Por lo tanto: 


1 


(2nFo)* c 


En nuestro caso, 21=6.28, Fo=10.7 MHz y 
C=62 pF. 


Por consiguiente: 

L = 1/((6.28x10.7)2x82) = 2.7 uH. 
De este modo: 

Rp = 2nQoFoL = 6.28x71x10,7x2.7 = 13 KQ 

RpIR = (13x%47)/(134+47) = 611/60 = 10 KO. 

Por lo tanto: 

B = (2nFo2L(RIIRp) = (6.28x10,72x2.7)/10 

B = 1940/10 = 194 KHz 

Este es el valor final de ancho de banda obtenido 
al insertar una resistencia de 47 K&2 en paralelo con 
el primario del transformador sintonizado. La banda 
de paso se ha extendido en 44 KHz con respecto a 


su valor original (150 KHz). Esto representa un 
incremento del 30%, aproximadamente. 


El segundo amplificador de FI 


El segundo amplificador de Fl lo constituven el 
transistor Q4, el transformador sintonizado T3, los 
condensadores de desacople C19 y C21 y las resis- 
tencias de polarización R16, R17 y R18. En la figu- 
ra 420 se muestra su circuito esquemático, 


La señal de entrada del segundo amplificador de 
Fl proviene de la primera etapa, El acoplarmento en- 
tre ambos circuitos se efectúa a través del transfor- 
mador T2, sintonizado a Ta Fl de 10.7 MHz. La se- 


El segundo amplificador de FI 
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ñal de FI se inyecta a la base de Q4 directamente 
desde el secundario de T2, 


Los condensadores C19 y C21 conectan diná- 
micamente a tierra el extremo "A" de T2 y el emisor 
de Q4, respectivamente. De este modo, la señal de 
entrada queda aplicada efectivamente entre base y 
emisor. Él emisor es el punto común de referencia 
de las señales de entrada y de salida. 


La señal de salida del segundo amplificador de 
FI se obtiene en el colector y se aplica al primario 
del transformador T3, sintonizado a 10.7 MHZ. A 
esta frecuencia la ganancia de voltaje de la etapa es 
máxima, Luego la señal de Fl se transfiere al de- 
modulador o detector de FM. 


La resistencia R18 protege al circuito de oscila- 
ciones parásitas. Las resistencias R16, R17 y R18 
cumplen la función de polarizar adecuadamente el 
amplificador, 


A Redes de polarización de los amplificadores de FI 
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Polarización de los amplificadores de FI 


En la figura 421 se muestra el circuito equivalen- 
te de polarización de las etapas de Fl, Este modelo 
se obtiene reemplazando, en el circuito de la figura 
417, todas las bobinas por cortocircuitos y todos 
los condensadores por circuitos abiertos. La tensión 
de alimentación es de +6.2Y, 


El transistor Q3 extrae la corriente de reposo de 
la base del divisor de tensión formado por R10, 
R11 y R12, La corriente de reposo del colector se 
obtiene del positivo de la fuente a través de R13 y la 
resistencia del primario de T2. La resistencia R8 
estabiliza térmicamente el punto de trabajo. 


El transistor Q4 extrae la corriente de reposo de 
la base del positivo de la fuente a través de R16, La 
corriente de reposo del colector se obtiene también 
de la línea de +6.2V a través de R18 y la resistencia 
del primario de T3. La resistencia R17 estabiliza tér- 
micamente el punto de trabajo. 


Receptores de FM de doble conversión 


La mayor parte de los receptores usados en co- 
municaciones de FM se diseñan para la banda de 
VHF. En este rango de frecuencias no siempre es 
posible obtener recepción óptima con un circuito su- 
perheterodino convencional debido a las caracteris- 
ticas de la Fl. 


Como sabemos, una Fl alta es conveniente para 
asegurar una buena selectividad. Sinembargo no ga- 
rantiza un buen rechazo de las frecuencias imagen. 
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Todos los voltajes se miden con respecto a tierra, excepto VBEO 


Mota: IREO =corriente dereposo a través de las resistencias de emisor (AB, A16) 
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Los amplificadores de FI no pueden distinguir 
entre las señales de FI producidas por la señal de- 
seada y la señal imagen, Una Fl baja, aunque deja 
pasar algunas frecuencias imagen, garantiza que és- 
tas sean menos numerosas y de menor amplitud. 


Resulta entonces obvio que una sola FI no pue- 
de asegurar al mismo tiempo una buena selectividad 
y una na supresión de frecuencias imagen. Para 
minimizar este inconveniente muchos receptores de 
FM aplican el proceso de doble conversión. 


En la figura 422 se muestra el diagrama de blo- 
ques de un receptor de FM de doble conversión. 


Por medio de este sistema la señal se convierte 
primeramente en una FI alta y se amplifica. Asi se 
obtiene la selectividad de frecuencia requerida. Á 
continuación, la Fl inicial se convierte en una Fl 
más baja. Para esta operación se necesita otro mez- 
clador y otro oscilador local. Este proceso asegura 
la supresión requerida de frecuencias imagen. 


Los circuitos restantes son los mismos que en 
un receptor de conversión simple convencional. 


El segundo mezclador deberá estar localizado 
despúes de un filtro altamente selectivo si se desean 


minimizar las espúreas y las frecuencias imagen. 


Los requisitos de diseño del segundo mezclador 
y del segundo oscilador local no son tan exigentes 
como para los primeros. Para estas funciones pue- 
den utilizarse transistores bipolares de bajo costo. 


Con un esquema de doble conversión es posible 
eliminar la etapa amplificadora de RF sin degradar 
seriamente la sensibilidad del receptor, si existe su- 
ficiente selectividad antes del primer mezclador, En 
estos casos resulta muy práctico el uso de FETs y 
MOSFETS como dispositivos mezcladores. 


Receptor de FM de doble conversión 
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Ensamble de la primera etapa de 
frecuencia intermedia. (Parte 1) 


En esta actividad vamos a instalar en el tablero 
del radio una parte de los componentes que forman 
la etapa del primer amplificador de Fl o sea la etapa 
marcada con color verde en el diagrama del radio y 
en la "Guía para la instalación de componentes”. 


Componentes y materiales necesarios 


1 Resistencia de 470 (2, 1/4 W, 5% (amarillo, 
violeta, café, dorado). R7. | | 

1 Condensador de cerámica de 0.02 1F/SOV. CS. 

1 Condensador electrolítico de 10 F/10V 6 16V, 
CA. 
Alambre de conexión, 


Paso 1: Instale la resistencia R7 de 470 @ entre las 
untillas D10 y D11. Utilice el terminal interior de 
resistencia para unir las puntillas DII y 8, 


Paso 2: Instale el condensador C5 de 0.02 ur 
entre las puntillas D12 y 9. 


Paso 3: Instale el condensador C4 de 10 4F/10V en- 
tre las puntillas D6 y D11. Asegúrese de que el ter- 
minal negativo quede en la puntilla D11. Recorte 
los terminales sobrantes. 


Paso 4: Con alambre de conexión, una las puntillas 
10 y D13 dejando unos tres centímetros libres en el 
extremo de D13, que se debe conectar después a la 
carcaza metálica de T2. 


Paso 5: Con alambre de conexión una las puntillas 
D16 y 42, formando ángulo recto como lo muestra 
la guía para la instalación de componentes. 


Paso 6: Con alambre de conexión una las puntillas 
D15, Di4 y D8 formando un arco sobre el cable 
anterior para evitar un corto. 


Paso 7: Con alambre de conexión una las puntillas 
D9, DIO y D12, © 


Nola; Los componentes instalados en esta actividad 
(R7, C4 y C5) cumplen las siguientes funciones: 


R7: Resistencia de emisor de Q2 (primer ampli- 
ficador de FI). Estabiliza el punto de trabajo. 


C4: Configura junto con R10 el filtro de retardo 
del voltaje de CAG de Q2. 


C5: Conecta dinámicamente a tierra el emisor de 
Q2, mejorando la ganancia de CA de la 1? etapa, 


Lección 33 _ 


El detector de relación o demodulador FM 


Introducción 


En esta lección se estudia el demodulador o de- 
tector del radio FM CEKIT., La función de este cir- 
cuito es recuperar las variaciones de amplitud de ba- 
ja frecuencia de la información de audio implícitas 
en las variaciones de frecuencia de la portadora de 
FI. En la figura 423 se muestra su bloque funcional. 


El demodulador de FM 
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El detector recibe la señal amplificada de FI su- 
ministrada por la segunda etapa, ignora la portadora 
interna de 10.7 MHz y convierte las variaciones de 
frecuencia de esta última en variaciones de amplitud 
de baja frecuencia, es decir, en una señal de audio. 


Además de ésta, que es su función básica, el de- 
tector actúa como limitador dinámico de amplitud 
de ruido y espúreas y suministra la señal de entrada 
del CAF o control automático de frecuencia. 


En términos generales, el detector convierte la 
señal de Fl modulada en frecuencia en una señal de 
audio que está modulada tanto en amplitud como en 
frecuencia. La modulación de la señal de audio se 
refiere al hecho de que su amplitud y frecuencia 
instantáneas están cambiando con el tiempo. 


La señal de audio extraída por el detector debe 
ser, en lo posible, una réplica exacta de la informa- 
ción original (modulación) enviada con la portadora 
de RF desde el transmisor y trasladada a la portado- 
ra interna de Fl en el receptor. 


| En este sentido, el detector de un receptor de 
Lopera en forma exactamente opuesta al modula- 
dor del transmisor, Mientras que el modulador 
transfiere la señal de audio a lá portadora de RF pa- 
ra modular su frecuencia, el detector extrae la señal 
de audio de la portadora de FI. 


En otras palabras, el modulador traslada una ban- 
da base de baja frecuencia a una portadora de alta 
frecuencia. El detector retorna la banda base de la 
portadora a sus condiciones originales. En la figura 
424 se ilustra este concepto. 


Modulador y demodulador de FM 
Ibanda base original 


C = portadora de modulación dal TX (88-108 MHz) 
banda base original 


Demodulador f 


Fl = portadora intermedia (10.7 MHz) 


Fig. 424 E 


En general, la demodulación o detección es el 
proceso de recuperar una señal de audio de una por- 
tadora modulada. Cualquier circuito que extraiga 
una información de una portadora modulada es, por 
lo tanto, un detector, 


Todos lodetectores realizan la misma función bá- 
sica descrita anteriormente, es decir, recuperar la 
información original enviada sobre una portadora. 
La diferencia entre los diferentes tipos de receptores 
(AM, FM, 55B, etc.) radica, precisamente, en la 
forma como ellos demodulan la señal recibida. 


Las técnicas de detección utilizadas en FM son 
sustancialmente distintas a las empleadas en AM 
debido a la forma tan diferente como viene codifi- 
cada la información en ambos sistemas. 


En AM la información se envía codificada en 
las variaciones de amplitud de la portadora y se man- 
tiene constante su frecuencia, En FM se enviacodifi- 
cada en las variaciones de frecuencia, manteniéndo- 
se constante la amplitud de la portadora. 


Los circuitos utilizados para detectar señales de 
AM o FM tienen sólo una entrada: la de la señal de 
FI. Los utilizados para demodular señales de SSB 
(banda lateral única) y DSB (banda lateral doble), 
requieren de dos entradas: una pore la señal inciden- 
te y otra para una señal local (figura 425). 
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La sen local, producida por un oscilador inter- 
no muy preciso, tiene las mismas características de 
la portadora original, suprimida durante el proceso 
de transmisión. El detector reinserta primero la por- 
tadora en la señaly después recupera la informa- 
ción de audio o banda base de la misma. 


A continuación se analizan las características 
más sobresalientes de los detectores de FM. El co- 
nocimiento de estos parámetros es importante para 
juzgar su eficiencia y entender las estrategias utiliza- 
das por los diseñadores para obtener el maximo ren- 
dimiento de estos circuitos. 


Posteriormente se describen y analizan los circul- 
tos de detección de FM más populares, haciendo es- 
pecial énfasis en los detectores de fase y de relación 
que son los más utilizados. Finalmente, se analiza 
el detector de relación balanceado empleado en el ra- 
dio FM CEKIT. 


Características de los detectores de FM 


Las principales caracteristicas de un detector de 
FM son su linealidad, su sensibilidad, su selecti- 
vidad y su capacidad de manejo. 


La linealidad se refiere a su habilidad para no 
distorsionar la senal detectada. La sefial de audio 
obtenida debe ser una réplica exacta de las varia- 
ciones de frecuencia de la sefial de FI. 


La sensibilidad se refiere a su capacidad para am- 
plificar la señal al mismo tiempo que la detecta, Los 
detectores con esta característica utilizan dispositi- 
vos activos como tubos, transistores y Cis. 


La selectividad se refiere a su habilidad para 
responder a una banda dada de frecuencias y recha- 
zar frecuencias que estén por fuera de esa banda. El 
detector del radio FM CEKIT responde a frecuen- 
cias dentro de un ancho de banda de 200 KHz. 


La capacidad de manejo se refiere a su habilidad 
para demodular señales de entrada de gran amplitud 
sin producir distorsión excesiva ni sobrecarga. 
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Asi mismo, un detector de FM deberá ser, en lo 
posible, insensible a los cambios de amplitud de la 
señal de entrada y su ajuste y operación no deberán 
ser factores criticos. | 


Tipos de detectores de FM 


Los circuitos detectores de FM tienen una en- 
trada y una salida. A la entrada se aplica un voltaje 
(FI) de amplitud constante y frecuencia variable. A 
la salida se obtiene un voltaje (audio) cuya amplitud 
instántanea depende de las variaciones de frecuencia 
de la señal de entrada. 


i 
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Existen básicamente 4 tipos de detectores de FM: 


* El detector de pendiente. 

* El detector de pendiente balanceado. 

* El discriminador de fase o de Foster-Seeley. 
+ El detector de relación. 


A A z A 


Cada uno de estos circuitos tiene sus propias 
virtudes y limitaciones. Los más simples son los 
detectores de pendiente, Los discriminadores se uti- 
lizan en los equipos para radioaficionados y de ban- 
da ciudadana y los detectores de relación en recepto- 
res de radiodifusión de FM y televisión. 


El receptor de FM CEKIT utiliza un detector de 
relación balanceado, que es una de las configuracio- a 
nes detectoras de FM más eficientes. Por esta ra- — 
zón prestaremos particular atención a los principios | 
de funcionamiento de este último. 


El detector de pendiente | 


En la figura 426 se ilustra el principio de opera- 
ción de un detector de pendiente. La señal de Fl ah- 
menta un circuito sintonizado cuya frecuencia de re- 
sonancia (fr) está desplazada con respecto a la fre- 
cuencia de portadora de la señal de entrada (fi) en 
una cantidad igual a su desviación máxima (Af, 
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La amplitud instantánea de la señal de salida será 
siempre directamente proporcional a la desviación 
instantánea de frecuencia de la portadora de FI. En 
el punto A, por ejemplo, la desviación de frecuencia 
es cero, Por lo tanto, la amplitud de la señal de 
salida es también cero. 


En los puntos B y C la desviación de frecuencia 
es máxima con respecto a la portadora de Fl, Bajo 
estas circunstancias, la amplitud de la señal de sali- 
da es también máxima, siendo positiva en el primer 
caso, porque la desviación es positiva, y negativa 
en el otro, porque la desviación es negativa, 


Algo parecido puede decirse de cualquier punto 
intermedio, El voltaje de salida del circuito resonan- 
te se aplica entonces a un detector de diodo, similar 
al utilizado en un receptor de AM, para eliminar las 
variaciones de alta frecuencia (FI) y suministrar a la 
etapa siguiente sólo las variaciones de audio. 


Como vemos, un detector de pendiente opera de 
una manera extremadamente simple, Sin embargo, 
es ineficiente por las siguientes razones: 


* Sólo es lineal en un rango muy limitado de 
frecuencias. 


* Responde también a cambios de amplitud, Por 
lo tanto, detecta también cualquier ruido aso- 
ciado a la señal de entrada. 


+ Es relativamente complicado de ajustar y su 
operación es critica. 


El detector de pendiente balanceado 
En la figura 427 se muestra la configuración de 


un detector de pendiente balanceado, llamado tam- 
bién detector de Travis, en honor de su inventor. El 
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circuito utiliza dos detectores de pendiente, conec- 
tados en oposición de fase a los extremos de un 
transformador con tap o derivación central. 


El primario del transformador se sintoniza a la 
frecuencia de la portadora de FI (fi). El secundario 
superior se sintoniza a una frecuencia igual a fi+Af 
y el inferior a una frecuencia igual a h-Af, Como 
sabemos, Af es la desviación máxima de frecuencia 
de la portadora de FI. 


En receptores de radiodifusión FM, Af se toma 
igual a 100 KHz para cubrir el máximo número de 
bandas laterales posible, Recuerde que en el trans- 
misor la desviación pico máxima admisible es 75 
KHz, lo cual provee un ancho de banda de 200 
KHz y una modulación máxima de 50 KHz. 


Cada circuito sintonizado del secundario se co- 
necta a un detector de diodo y a un filtro RC de FL 
Estos circuitos cumplen aquí la misma función que 
en un demodulador de AM. 


Los diodos rectifican la señal de entrada presen- 
te entre el tap central y cada extremo del devanado y 
los filtros siguen las variaciones de amplitud de ba- 
ja frecuencia de la misma, ignorando las variaciones 
de alta frecuencia, 


La señal de salida total (Vo) es la suma o super- 
posición de las salidas individuales de cada filtro. 
eamos entonces cómo opera el detector balancedo. 


Cuando la desviación de frecuencia de la señal 
de entrada es máxima, el voltaje desarrollado en 
uno de los devanados sintonizados del secundario 
será el máximo posible, dependiendo de la direc- 
ción de la desviación. 


Si la desviación máxima es positiva (por encima 
de la portadora de Fl), la frecuencia de la señal de 
entrada será fitAf y entrará en resonancia el circuito 
superior, desarrollándose un voltaje máximo en el 
devanado "A" y un voltaje mínimo en el devanado 
"B". El voltaje de salida será máximo positivo. 


Si la desviación máxima es negativa (por debajo 
de la portadora de Fl), la frecuencia de la señal de 
entrada será f-Af y entrará en resonancia el circuito 
inferior, desarrollándose un voltaje máximo cn el 
devanado "B" y un voltaje minimo en el devanado 
"A". El voltaje de salida será máximo v negativo, 


Cuando la desviación instantánea de la portadora 
de FI está entre estos dos extremos, el voltaje de 
salida tendrá algún valor intermedio, ch 
de la magnitud y polaridad de la desviación. 


En particular, si la desviación es cero, la frecuen- 
cia de la señal de entrada tendrá un valor igual al de 
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Figure 7.10 shows a function generator and 
oscilloscope attached to the circuit. 


Figure 7.10 
Channel 2 
Channel 1 Channel 2 oscilloscope 
ground clip ground clip probe 


Black lead 
from function 
generator 

Channel 1 Red lead 

oscilloscope from function 

probe generator 
The input signal is represented by the upper 
sine wave shown in Figure 7.11 , and the 
output signal is represented by the lower sine 


wave. Read the number of divisions for the 
peak-to-peak output sine wave, and multiply it 
by the corresponding VOLTS/DIV setting to 
determine V out 

Figure 7.11 


la portadora de FI (10,7 MHz). Bajo estas con- 
diciones, ninguno de los circuitos sintonizados en- 
trará en resonancia y el voltaje de salida será prac- 
ticamente Cero. 


Algo similar a esto último sucede cuando la fre- 
cuencia de la señal de entrada se sale del rango com- 
prendido entre f-Af y Af. El circuito rechaza asi 
señales no deseadas como imágenes y espúreas. En 
la figura 428 se resume su comportamiento. 
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A pesar de ser considerablemente más eficiente 
y lineal que el detector de pendiente, la calibración 
del detector balanceado sigue siendo aún muy cri- 
tica. Además, el detector responde también a los 
cambios de amplitud y su linealidad, aunque es 
buena, no es óptima. 


El detector de fase o discriminador de Foster-Seele y 


En la figura 429 se muestra el circuito de un 
detector de fase, más comúnmente conocido como 
discriminador de Foster-Seeley, en honor de sus in- 
ventores. El circuito es similar en su estructura al 
detector de pendiente balanceado. 


Observe que se sigue conservando la misma con- 
figuración de diodos y filtros RC a la salida por ser 
un esquema muy satisfactorio. Sin embargo, los de- 
vanados primario y secundario están ambos sinto- 
nizados a la portadora de FI (fi). Estos circuitos son 
de alto Q y su inductancia mutua es muy baja. 


Además, se ha insertado una bobina (L3) sntre 
el punto común de los filtros (P) y el tap central del 
secundario y un condensador (C) entre este último y 
la entrada de señal del primario. Esto asegura que 
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los voltajes aplicados a los diodos varien linealmen- 
te con las desviaciones de frecuencia de la señal FL 


La bobina L3 es un choque de radiofrecuencia 
(RFC). Su propósito es suministrar una gran reac- 
tancia a las frecuencias involucradas, Esta reactan- 
cia es muy superior a la de C, C3 y C4, 


El voltaje a través de L3 es prácticamente igual al 
voltaje de entrada (Vin). El voltaje aplicado a cada 
diodo es la suma del voltaje primario y el correspon- 
diente voltaje secundario, medido este último con 
respecto al tap central (X). 


El voltaje de salida (Vo), obtenido entre los pa 
tos C y D, es la diferencia de los voltajes sobre C3 y 
C4, Otras características importantes del circuito, — 
demostrables matemáticamente, son: 


l. Los voltajes secundarios están desfasados 
exactamente 90° con respecto al voltaje primario 
cuando la frecuencia de entrada es igual a la de la 
portadora de FI (fi). 


2. Los voltajes secundarios están desfasados 
menos de 90% con respecto al voltaje primario cuan- — 
do la frecuencia de entrada es más alta que la de la. - 
portadora de FI. 


3. Los voltajes secundarios están desfasados 
más de 90° con respecto al voltaje primario cuando 
la frecuencia de entrada es más baja que la de la por 
ladora de FI, 


En la figura 430 se resumen estos y otros resul- 
tados que se discuten enseguida. 


En consecuencia, los voltajes de salida de los” 
diodos D1 y D2, medidos con respecto al punto P, 
serán iguales sólo cuando la frecuencia de la señal | 
de entrada sea igual a la Fl de 10,7 MHz. En este 
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caso, el voltaje neto de salida (Vo), medido entre 
los puntos C y D, será cero. 


En los demás casos, uno de los voltajes de sa- 
lida de los diodos D1 o D2 será mayor que el otro, 
dependiendo de la frecuencia instantánea de la se- 
ñal de entrada. Bajo estas circunstancias, el vos 
neto de salida será positivo o negativo, según 
desviación de frecuencia con respecto a la Fl sea po- 
sitiva o negativa. 


De este modo, la magnitud y polaridad del vol- 
taje de salida dependen de la magnitud y polaridad 
de la desviación de frecuencia de la señal de entra- 
da, Este es precisamente el comportamiento que se 
espera de un detector de FM, 


El detector de Foster-Seeley tiene una curva ca- 
racterística de re «ei de frecuencia como la que 
se muestra en la figura 431. Puede observarse que 
ster lineal que la del detector de pendiente balan- 
ceado. 


Además, el detector de Foster-Seeley es mucho 
más fácil de alinear porque sólo utiliza dos circuitos 
—sintonizados a la misma FL 


Su única desventaja es que no proporciona limi- 
tación de amplitud, es decir, las variaciones de am- 
fae en la señal de entrada provocan también cam- 

ios en la amplitud de la señal de salida. El detector 
de relación supera esta dificultad, 


El detector de relación 


En la figura 432 de muestra el circuito y la curva 
de respuesta de frecuencia de un detector de rela- 
ción básico, Su característica más notable es que ig- 
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nora los cambios de amplitud de la señal de entrada 
y por lo tanto no detecta ruido ni espúreas even- 
tualmente asociadas a la señal de FM. 


Con respecto al detector de Foster-Seeley, el 
detector de relación presenta tres modificaciones 
fundamentales: 


+ Se ha invertido la orientación o polaridad de 
uno de los diodos (el inferior, D2). 


+ Se ha insertado un condensador electrolítico de 
gran capacidad (C5) y un divisor de tensión resisti- 
vo (R5 y RG) en ps con los terminales de sali- 
da originales. En la práctica, R5=R6. 


+ La señal de salida se extrae ahora de otro par 
de puntos (Q y P). 
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El circuito opera asi: 


Con el diodo D2 invertido, el punto P es ahora 
positivo ton respecto al punto D. Por consiguiente, 
el voltaje entre los puntos C y D es ahora la suma de 
los voltajes sobre C3 y C4 y no la diferencia, como 
sucedía antes. El condensador electrolítico Cs entre 
C y D conserva constante este voltaje suma. 


Con la presencia del condensador C5, es lógico 
que el voltaje entre C y D no puede ser, a partir de 
ahora, el voltaje de salida porque su valor es cons- 
tante, Por esta razón, el voltaje de salida se toma 
ahora entre los puntos Q y P, tomando este último 
como referencia (tierra). 


Teniendo en cuenta que R5=R6, el voltaje de sali- 
da entre los puntos Q y P se puede expresar asi: 


(Vep - Vdp) _(Ve3- Vc4) 


2 2 


Vo=Vap= 


En esta expresión, Vo=Wqp es el voltaje de sa- 
lida, medido entre los puntos Q y P, Vep=VC3 el 
voltaje entre los puntos C y Po sea el voltaje sobre 
C3, medido con respecto a tierra, y Vdp=VC4 el 
voltaje entre los puntos D y P o sea el voltaje sobre 
C4, medido también con respecto a terra. 


El detector de relación se comporta exactamente 
igual ante las desviaciones de frecuencia con res- 
pecto ala portadora de la señal de entrada que el dis- 
criminador de Foster-Seeley y por eso tienen la mis- 
ma curva "S" o característica. La diferencia está en 
cómo se comporta ante los cambios de amplitud. 


El detector de relación como limitador de amplitud 


Para explicar la forma cómo el detector de ampli- 
tud responde a los cambios de amplitud de la señal 
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de entrada, asumamos inicialmente que el voltaje de 
esta última (Vin) ha permanecido constante durante 
un tiempo relativamente largo. 


Bajo esta condición, CS ha tenido tiempo de car- 
garse completamente al voltaje entre los puntos C y 
D y no fluirá corriente a través suyo. 


En otras palabras, el condensador C5 se com- 
portará como un circuito abierto. La resistencia de 
carga vista por los diodos Di y D2 será la suma de 
R3 y Ra, las cuales, en la práctica, son muy peque- 
ñas comparadas con R5 y R6, 


Si el voltaje de entrada tiende a incrementarse, el 
condensador C5 se ada a cualquier cambio en 
el voltaje de salida (Wo). 


Este fenómeno sucede no sólo porque C5 tiene 
una gran constante de tiempo RC asociada a él. 
Ocurre también porque a medida que el voltaje de 
entrada aumenta, circula más corriente a través de 
los diodos y la corriente en exceso se inyecta a C5, 
cargándolo aún más. 


En consecuencia, el voltaje entre C y D seguirá 
ermaneciendo constante porque no es posible cam- 
fiar instantáneamente el voltaje a través de Cs, El 
efecto neto de esto es que la corriente suministrada 
a la carga ha aumentado pero el voltaje sobre la car- 
ra no ha cambiado, 


Lo anterior se interpreta como una disminución 
en la resistencia de la carga. Al sentirse más car- 
gado el secundario del transformador, éste dismi- 
nuirá su Q y, por lo tanto, la ganancia del amplifi- 
cador de Fl que maneja el detector disminuira, com- 
pensando asi el aumento del voltaje de entrada. 


El fenómeno contrario sucede cuando el voltaje 
de la señal de entrada de Fl tiende a disminuir. La 


corriente a tráves de los diodos también disminuirá 
pero el voltaje de carga no cambia. Al sentirse me- 
nos cargado, el transformador aumenta su O, au- 
mentando la ganancia del amplificador de FL 


La señal de entrada logra así variar la ganancia 
del amplificador de FI, modificando dinámicamente 
la impedancia de carga vista por el mismo. Esto 
mantiene un voltaje de salida constante, ajeno a los 
cambios de amplitud de la señal de entrada. 


- Aunque el detector de relación limita los cam- 
bios de amplitud debidos a ruido y espúreas, no li- 
mita los cambios debidos a variaciones en la intensi- 
dad de la portadora de la señal captada. Estos cam- 
bios son ocasionados por desvanecimiento, interfe- 
rencias, al pasar de una emisora a otra, etc. 


Por esta razón los receptores de FM que utilizan 
detectores de relación emplean algunas veces con- 
trol automático de ganancia (CAG). El voltaje de 
CAG lo proporciona el mismo detector. Otros recep- 
lores qee ER además de CAG, un circuito de limita- 
ción especializado antes del detector. 


En general, el limitador de un receptor de FM es 
la etapa encargada de recortar el ruido y cualquier 
modulación de amplitud presente en la señal de 
entrada, De este modo, únicamente se demodula o 
detecta la modulación de frecuencia deseada. 


Loslimitadores utilizan generalmentetubos, tran- 
sistores © circuitos integrados. En la figura 433 se 
muestra un ejemplo de un limitador para FM con el 
CI MC1590 de Motorola, diseñado específicamente 
para este propósito, 


Limitador para FM con el Cl MC1590 
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El detector de relación del radio FM CEKIT 


En la figura 434 se muestra el circuito esquemé- 
tico del detector de relación utilizado en el radio FM 
CEKIT. El circuito es una versión balanceada del 
detector básico de relación descrito anteriormente. 


Con respecto al detector de relación básico de la 
figura 432, en el detector de relación balanceado del 
receptor FM CEKTT de la figura 434 se han realiza- 
do las siguientes modificaciones: 


. Se han reemplazado la bobina Li y el conden- 
sador Ci, así como la bobina L2 y el condensador 
C2, por un circuito de acoplamiento de doble sinto- 
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+ 
nía tonstituido, respectivamente, por los transforma- 
dores sintonizados de Fl T3 (núcleo rosado) y T4 
(núcleo azul). 


. Se han eliminado el condensador C y la bobina 
La. La función de estos componentes la realiza 
ahora el devanado secundario de T3 (pines 5 y 1), 
conectado dinámicamente a tierra en uno de sus 
extremos (pin 1) por el condensador C22. 


. Se han eliminado las resistencias R5 y R6, las 
cuales proporcionaban el punto de salida Q de la se- 
ñal de audio. La salida O se toma ahora del pin 1 de 
T3 a través de un filtro pasabajo conformado por la 
resistencia R19 y los condensadores C22 y C20, 


« Se ha conectado a continuación de la salida de 
audio Q un circuito de control de volumen, confor- 
mado por el vondensador C26 y el potenciómetro 
RVI. 


* Se han conectado las resistencias R20 y R21 en 
serie con los diodos D4 y D5, respectivamente. Es- 
tos diodos cumplen la misma función de Di y D2 en 
el detector básico, R20 y R21 amortiguan la corrien- 
te de alta frecuencia que circula a través de D4 y Ds. 


* Se ha invertido la polaridad de los diodos D4 y , 


Ds y la del condensador C23 con respecto a la que 
tenían D1, D2 y C5, respectivamente, en el detector 
de relación básico. La razón de esto es permitir que 
del punto N se pueda tomar una tensiórf negativa de 
CAG (opcional) para otras partes del receptor. 


En los demás aspectos, el detector de relación 
básico se ha mantenido sin modificaciones y la ope- 
ración y características del circuito de la figura 434 
son las mismas del circuito de la figura 432. 


Con base en la descripción dada para este último 
usted puede entonces describir en detalle cómo tra- 
baja el detector balanceado del radio FM CEKIT, so- 
lo que ahora el condensador C5 se llama C23, las re- 
sistencias R3 y R4 corresponden a R22 y R33 y los 
condensadores C3 y C4 a C24 y C25. 


La función de C23 sigue siendo la de mantener 
constante el voltaje suma entre los puntos € y D y 
establecer la constante de tiempo del circuito de car- 
ga de los diodos D4 y D5. 


El circuito RC formado por las resistencias R22 
y R23 y el condensador C23 se denomina limitador 
dinámico de amplitud, debido a su constante de 
tiempo relativamente grande (=60 ms). Esto le per- 
mite seguir las lentas variaciones de amplitud de ba- 
ja frecuencia (audio) de la señal de entrada. 


- Una constante de tiempo más baja dificultaría el 
alineamiento del circuito porque permitiría que el 
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detector respondiera también a los cambios rápidos — 
de amplitud provocados por el ruido y a los cam- 
bios más lentos de la misma ocasionados por seña- 
les espureas. 


El circuito RC constituido por los condensado- 
res C22 y C20 y la resistencia R19 es un filtro pa- 
sabajos diseñado para eliminar las componentes de 
alta frecuencia de la señal de audio, en la misma 
forma como lo hace el filtro de FI del detector de 
AM (véase Lección 22). 


El secundario de T3 se usa también para acoplar 
la baja impedancia de entrada del secundario de T4 
con la alta impedancia del primario de T3, evitando 
Se este último se cargue excesivamente por acción 

| detector de relación, 


La disposición de los transformadores T3 y T4 
permite obtener en el secundario de T4 voltajes in- 
ducidos cuyas fases dependen del valor instantáneo 
de la señal de FI aplicada al primario de T3. La am- 
plitud de estos voltajes inducidos es constante den- 
tro de una amplia gama de frecuencias. 


Específicamente, al secundario de T4 le llegan 
dos señales: 


a) La inducida por el primario de T3 (pines 3 y — 
2) en el secundario de T3 (pines 5 y 1) y aplicada 
por este último al tap central de T4 (pin 5). 


b) La inducida por el primario de T4 (pines 3 y 
1), el cual está en serie con el primario de T3. 


Los voltajes secundarios de T4 aparecen des- 
fasados 180° entre sí y 90° con repecto al voltaje 
inducido en el secundario de T3 cuando la frecuen- 
cia de la señal de entrada es igual a la Fl, en menos 
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de 90% cuando la frecuencia es mayor y en más de 
90 cuando es menor. 


En la figura 435 se ilustran estos conceptos. La 
señal inducida en el secundario de T3 está en fase 
con la señal de FI suministrada por el segundo 
amplificador de FI al primario de T3. 


Asi mismo, el voltaje en el punto de salida sera 
cero cuando la frecuencia de la señal de entrada sea 
igual a la FI y tendrá otro valor, positivo o nega- 
tivo, cuando sea diferente, dependiendo de si la des- 
viacion de frecuencia con respecto a la Fl es po- 
sitiva o negativa. 


De cualquier modo, la señal de salida (audio) 
será siempre proporcional a la desviación de fre- 
cuencia de la señal de entrada, Por consiguiente, 
el Circuito convierte las variaciones de frecuencia de 
la señal de Fl en una señal de audio equivalente. 


Una configuración como la utilizada en ci detec- 
tor de relación de la figura 434 puede también utili- 
zarse con el discriminador de fase de la figura 429, 
Esto no significa que, en la práctica, sea. muy fácil 
cambiar un detector de relación balanceado en un 
discriminador de fase y viceversa, 


Otros diseños de detectores de FM 


Las dificultades encontradas en el alineamiento y 
construcción de los discriminadores de fase y de los 
detectores de relación han inspirado una serie de 
diseños de detectores de FM prácticamente libres de 
ajustes. Uno de tales circuitos es el discriminador a 
cristal que $e muestra en la figura 436, 
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El discriminador a cristal utiliza un cristal de 
cuarzo (XT) en paralelo con una bobina (L2) en sus- 
titución del circuito de doble sintonía usual. El cir- 
cuito LICI es resonante a la FI del proceso. En ge- 
neral, C2=C3, El condensador C4 garantiza que se 
alimenten iguales cantidades de señal a DI y D2. 


> 
Demodulación de FM con PLL 


Desde su aparición en el mercado en forma de 
circuito integrado, el PLL o lazo de amarre de fase 
(véase Lección 25) ha revolucionado algunas face- 
tas del diseño de los receptores de radio de FM. 


El PLL es, intrínsecamente, un demodulador de 
FM. En la figura 437 se muestra el circuito práctico 
de un detector de FM con PLL NES6S. 


~ Demodulador de FM con PLL 


Fig. 437 E 
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Un Pl He consiste de un comparador de fase, un 
filtro pasabajos, un amplificador de baja frecuencia 
y un oscilador controlado por voltaje o VCO. 


El VCO trabaja a una frecuencia muy próxima a 
la de la señal de entrada y el comparador de fase pro- 
duce un voltaje de error proporcional a la diferencia 
de frecuencia entre el VCO y la señal de entrada. 
Este voltaje de error se aplica al VCO. 


Cualquier cambio en la frecuencia de la señal de 
entrada es detectado por el comparador y convertido 
en un voltaje de error que reajusta automáticamente 
la frecuencia del VCO. De este modo, el VCO per- 
manece siempre enganchado con la frecuencia ins- 
tantánea de la señal de FI. 


Debido a que el voltaje de error es una réplica de 
la señal de audio utilizada originalmente en la emi- 
sora para desplazar la frecuencia de la portadora, el 
PLL funciona directamente como un detector de 
FM. El filtro determina el ancho de banda. 


El circuito R1C1 determina la frecuencia central 
del VCO y ésta debe ser igual a la Fl de la señal de 
entrada. El condensador (2 determina el range de 
captura, es decir, la banda de frecuencias alrededor 
de la El dentro de la cual el PLL se engancha con la 
señal de entrada. 
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Control automático de frecuencia (CAF) 


Introducción 


La función del circuito de control automático de 
frecuencia o CAF es mantener constante la frecuen- 
cia del oscilador local. La acción del CAF garantiza 
que la FI tenga siempre su valor correcto de 10.7 
MHz y la señal escuchada en el parlante no aparezca 
desintonizada. 


En la figura 438 se muestra el bloque funcional 
del CAF. El circuito toma una muestra de la señal 
de audio suministrada por el detector y la convierte 
en un voltaje de CC que controla la capacidad de un 
varactor (D2) en paralelo con el circuito sintonizado 
LC del oscilador local. 


Bloque funcional del CAF 
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En general, un circuito de CAF se compone de 
dos partes; un detector capaz de transformar las va- 
riaciones de frecuencia de la señal de Fl en un vol- 
taje de CC de control y una reactancia (condensador 
o bobina) cuvo valor pueda ser variado mediante es- 
ic voltaje de control. 


En nuestro caso utilizamos un varactor como 
reactancia variable. El varactor altera la frecuencia 
del oscilador local lo suficiente como para garan- 
tizar que al batirse esta frecuencia con la frecuencia 
de la portadora sintonizada se produzca nuevamen- 
te la frecuencia intermedia correcta de 10.7 MHz. 


Por normas legales, la frecuencia de portadora 
de las emisoras de FM que transmiten en la banda 
de 88 a 108 MHz debe mantenerse constante duran- 
te todo el tiempo que duren sus transmisiones. 


El anterior es un requisito básico impuesto a las 
mismas por el Ministerio de Comunicaciones y 
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otros organismos sepia aga de regular este tipo 
comunicaciones en cada país o estado. La máxima 
desviación admisible de la portadora es $2 KHz. 


Esta alta estabilidad de la frecuencia de trans- 
misión posibilita el proceso heterodino en el recep- 
tor, es decir, el traslado de la información transmi- 
tida en una portadora de 88 a 108 MHz a una por- 
tadora interna de 10.7 MHz o FT. 


Como sabemos, el proceso de heterodinación re- 
quiere de dos señales para generar la FI, Una es la 
señal de RF captada. La otra es la señal del oscila- 
dor local. Esta última debe ser también de frecuen- 
cia constante y estar siempre 10.7 MHz por encima 
de la frecuencia de la portadora de RF recibida, 


En la práctica, por inestabilidad o distintas cir- 
cunstancias, la frecuencia del oscilador cambia sin 
que haya cambiado la frecuencia de la señal de en- 
trada. usado esto sucede se percibe en el parlante 
un efecto de distorsión, como si el radio estuviera 
mal sintonizado. 


Esta distorsión ocurre porque el ancho de banda 
de la señal de Fl (200 KHz) es sólo una pequeña 
fracción de la frecuencia (2%) de la portadora inter- 
na de 10.7 MHz. Cualquier error en la frecuencia 
del oscilador local causa que las etapas de FLrecha- 
cen la señal descada. 


En síntesis, el CAF de un receptor de FM realiza 
dos funciones: 


1$) Detecta instantáneamente cualquier vanacion 
entre la frecuencia actual del oscilador local y la fre- 
cuencia que debe producir de acuerdo a la señal sin- 
tonizada, originando un voltaje de control que es 
proporcional a la diferencia de ambas frecuencias. 


2°) Utiliza el voltaje de control generado para 
gobernar un varactor y variar así las caracteristicas 
de resonancia del circuito LC del oscilador local, re- 
tornando su frecuencia al valor adecuado. 


Características de los circuilos de CAF 


Como hemos visto, la función del CAF consiste 
en anular o minimizar las desviaciones de frecuen- 
cia del oscilador local con respecto al valor correc- 
to necesario para producir una Fl de 10.7 MHz. 


Para que el circuito opere eficientemente, su ac- 
ción debe suspenderse automáticamente cuando se 


alcance el valor deseado, En otras palabras, la ten- 
sión de control debe actuar de modo que la sintonía 
no se salga del ancho de banda del canal cuya fre- 
cuencia intermedia se pretende resintonizar. 


Si esto no fuera asi, una vez sintonizado el recep- 
tor a una emisora determinada, mantendría la sin- 
tonía para una extensión excesiva de frecuencias 
próximas, incluyendo las que están fuera del canal, 
Para escuchar una emisora cercana habría entonces 
que desconectar el radio y resintonizarlo. 


En la figura 439 se ilustra la acción del CAF en 
un receptor de FM. La recta inclinada refleja el 
comportamiento entre la frecuencia deseada (eje ho- 
rizontal) y la frecuencia real (eje vertical) del osci- 
lador local en un receptor sin CAF, Obviamente, las 
dos frecuencias coinciden. 
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La zona sombreada indica lo que ocurre en un 
receptor con CAF, Dentro de cada canal o emisora 
el CAP mantiene la frecuencia del oscilador local en 
su valor correcto y no permite que se sintonicen fre- 
cuencias de canales adyacentes. 


Cuando se sintoniza otra emisora, la frecuencia 
del oscilador local no cambia hasta que la frecuencia 
descada, establecida mediante el dial, se sale del ca- 
nal de 200 KBz en curso, 


Lasimonizacióndelaemisoracontigua sobrevie- 
neentonces repentinamente y la acción del CAF pro- 
duce instantáneamente la nueva frecuencia de oscila- 
dor requerida. 


En los receptores de FM se puede incluir un 
interruptor para abrir el circuito de CAF y anular su 
electo. Esto se hace con el fiñ de poder sintonizar 
una señal muy débil próxima a una muy fuerte. 


Con el CAF conectado, la sintonización de esta 
señal marginal sería difícil porque el oscilador ten- 
dería a sincronizarse con la señal más fuerte, igno- 
rando la más débil, 


Operación del circuito de CAF del radio FM CEKIT 


En la figura 440 se muestra el circuito de control 
automático de ganancia del radio expermental FM 
CEKIT. La frecuencia del oscilador local depende 
de la capacitancia neta entre los puntos A y B. 
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El funcionamiento del CAF se basa en la acción 
del diodo varicap o varactor D2 sobre el circuito de- 
terninador de frecuencia del oscilador local (LA, 
CV2, CT2 y C13). Llarmaremos a este último circui- 
to LC oscilador, 


El varactor D2, en serie con el condensador C12 
y en paralelo con el circuito LC oscilador, se com- 
porta como un condensador de capacitancia variable 
controlado por voltaje. El sustituto del varactor en 
los antiguos receptores a tubos era la llamada valvu- 
la de reactancia, 


Para operar como un condensador variable con- 
trolado por voltaje, el diodo varactor D2 debe estar 
polarizado inversamente. A mayor tensión inversa 
sobre D2 menor capacidad y viceversa. 


La polarización de D2 se obtiene conectando el 
cátodo a lierra y aplicando a su ánodo una tensión 
negativa de control proveniente de la salida del de- 
tector de audio y filtrada por el circuito pasabajos 
de las resistencias R15 y R 9 y los condensadores 
C16 y C20. 
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Una vez sintonizada una emisora, si la frecuen- 
cia del oscilador local se desplaza de su valor no- 
minal, la tensión de control aplicada al ánodo tam- 
bién varía. Este cambio de voltaje sobre D2 ocasio- 
na un aumento o disminución de su capacidad. 


Esto a su vez modifica la capacidad total del 
circuitoLCoscilador,elcualcorrigeautomáticamen- 
te su frecuencia de resonancia y retorna la frecuen- 
cia del oscilador local a su valor nominal, Asf se su- 
ministra a la salida del mezclador una señal diferen- 
cia siempre centrada en 10.7 MHz. 


Por ejemplo, si la frecuencia del oscilador local 
aumenta, disminuye la tensión inversa aplicada al 
varactor, En consecuencia, aumenta su capacitan- 
cia, disminuyendo así la frecuencia del oscilador 
hasta estabilizarse en el valor correcto. Lo contrario 
sucede cuando disminuye la frecuencia local. 


El CAF suministra, aproximadamente, una ten- 
sión de control de 0.5 V por cada 100 KHz de varia- 
ción de la frecuencia intermedia con respecto a su 
valor nominal (10.7 MHz). 


El diodo varicap o varactor 


Cuando se polariza inversamente, un diodo se 
comporta como un condensador, actuando las re- 
giones N y P como placas y la región de la barrera 
de potencial como dieléctrico. A medida que aumen- 
ta el voltaje inverso aplicado, se ensancha la barre- 
ra, disminuyendo la capacitancia y viceversa. 


La mayoría de diodos se fabrican para que ten- 
gan una capacitancia mínima, excepto los varacto- 
res, los cuales se diseñan para proporcionar varios 
rangos de capacitancias, desde unos pocos pF hasta 
más de 100 pF. 


El valor de la capacitancia se controla variando 
el ancho de la barrera de potencial mediante un 
voltaje inverso. En la figura 441 se muestran las ca- 
racterísticas de un diodo varactor típico, similar al 
utilizado en el CAF del receptor FM CEKIT. 


El diodo varicap o varactor E 
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Ensamble de la primera etapa de FI, (Parte 2) 


En esta actividad vamos a terminar el armado de 
la primera etapa de frecuencia intermedia o primer 
amplificador de FI, distinguido en el plano por el co- 
lor verde, 


Componentes y materiales necesarios 


l Transistor NPN referencia 2501390, o C1390 
o 2N2222. Q2. 


1 Resistencia de 100 KO, 1/4W, 5%. (café, ne- 
ero, amarillo, dorado). R6. 


1 Condensador de cerámica de 0.02 LF/S0V. C3. 
Alambre de conexión 


Paso 1: Tome la resistencia Rô de 100 KO e ins- 
tálela entre las puntillas 43 y D3 formando ángulo 
recto hacia la izquierda con el terminal inferior para 
unir las puntillas D3 y D2. 


Paso 2: Con el alambre de conexión una las pun- 
tilas D3, DS, D6, D7 y D18. Haga un arco entre el 
tramo Dé y D7 para que no haga corto con el con- 
ductor de tierra que une las putillas 7 y 8. 


Paso 3: Con el alambre de conexión una las punti- 
llas D1 y D4 formando un arco para evitar un corto 
con la resistencia Ró. 


Paso 4: Tome el condensador C3 de 0.02 uF/50V 
que puede estar marcado como 203, 223 6 0.02 e 
instálelo entre las puntillas D3 y 7. Si no alcanzan 
los terminales, se puede agregar alambre de cone- 
xión a uno de ellos para completarlo. 


Paso 5: Tome el transistor 01390 e instálelo en la 
posición indicada para Q2 en las puntillas D4, D8 y 
D9. Fíjese muy bien en la posición de cada uno de 
los terminales, emisor (E), base (B) y colector (C). 
Si el transistor es un reemplazo, como el 2N2222, 
conéctelo como se indica en la figura A53. 


Lección 35 


Operación completa y ensamble 
del radio FM CEKIT 


Introducción 


En esta lección se resume la operación completa 
del receptor experimental de FM CEKIT y se des- 
cribe el proceso de ensamble por etapas del mis- 
mo. Para hacerlo, se suministra el plano general del 
radio, el diseño de su circuito impreso y toda la in- 
formación necesaria para su calibración y ajuste. 


El ensamble de este receptor de FM le proporcio- 
nará a los estudiantes de este curso un gran cono- 
cimiento y experiencia sobre la práctica con los ra- 
dios de FM, aspecto necesario en todo curso de elec- 
trónica: sin practicar no se aprende. : 


El estudio detallado de cada etapa ha sido ya cu- 
bierto en las lecciones anteriores. En esta lección se 
hace particular énfasis en los aspectos prácticos y se 
supone que el lector está familiarizado con la ope- 
ración de todas las etapas, á excepción de la fuente 
de alimentación y el amplificador de audio. 


Como equipo mínimo de prueba se necesitará un 
multímetro. Muchas de las pruebas de ajuste sugie- 
ren el uso de un generador de RF-FM y un oscilos- 
copio, SI no posee estos instrumentos no se desa- 
nime. Puede utilizar como fuente de señal un recep- 
lor de FM que esté trabajando correctamente. 


El receptor en bloques 


En la figura 442 se muestra el diagrama de blo- 
ques del receptor de FM CEKTT. El circuito está for- 


Diagrama de bloques del sado FM CEKIT 
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mado básicamente por un amplificador de RF,un 
mezclador, un oscilador local, dos amplificadores 
de FI, un detector de FM, un circuito de CAF, un 
amplificador de audio y una fuente de alimentación. 


A la antena convergen las senales provenientes 
de las diferentes estaciones del área. La antena con- 
vierte las ondas electromagnéticas interceptadas en 
señales eléctricas equivalentes y las suministra al 
amplificador de RF, 


El amplificador de RF recibe las señales de FM 
provenientes de la antena, selecciona una en parti- 
cular, por ejemplo la de 100 MHz, la amplifica y la 
suministra al mezclador, 


El oscilador local y el mezclador constituyen el 
conversor de Fl. La función del conversor es tras- 
ladar la modulación original de cualquier portadora 
de FM sintonizada en la banda de 8é a | $ MHz a 
una portadora interna fija de 10.7 MI tz llamada 
frecuencia intermedia o FL 


El mezclador heterodina la señal proveniente del 
amplificador de RF (rf) con la onda continua pro- 
ducida por el oscilador local (le) y obtiene la señal 
de FI de la diferencia de ambas frecuencias (fi=lo- 
rf). La frecuencia local es siempre 10,7 MHz mayor 
que la de la portadora de rf captada. 


Los dos amplificadores de FI amplifican la señal 
de Fl de salida del conversor y la suministran al de- 
tector o demodulador de FM, 
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As you set fin to a new value on the 
function generator, you may also need to 
adjust the TIME/DIV control, the VOLTS/DIV 
control, and vertical POSITION controls on the 
oscilloscope. The controls shown in Figure 
7.12 are adjusted to measure V out when fin 
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Figure 7.12 
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El detector recibe la señal de FM proveniente es 
del segundo amplificador de FI, extrae la informa- ls BA 
ción de audio y la suministra al rig AETS de 
audio. También limita la amplitud de la señal de FI 
y proporciona la tensión de control del CAF. 


El CAF o control automático de frecuencia con- 
vierte la señal de salida del detector en un nivel de 
CC que se aplica a un diodo varactor y controla la 
frecuencia del oscilador local, manteniéndola cons- 
tante y evitando que el receptor se desintonice. 
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La fuente de alimentación convierte los 115 V de 
CA de la red pública en un voltaje de CC regulado 
de 8.3 V para el amplificador de audio y en otro de 
6.2 Vpara los amplificadores de RF y FI y el conver- 
sor. Él detector y el CAF son pasivos y no requie- 
ren de fuente de alimentación. 
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En la figura 443 se muestra el circuito esquemá- 
tico completo del receptor de FM CEKIT, Se ob- 
servaclaramente la delimitación entre las 7 etapas di- 
ferentes de que consta el radio. Todos los compo- 
nentes aparecen con su valores y referencias corres- 
pondientes. 


radio FM CEKIT 
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También se destacan componentes claves como 
el circuito integrado amplificador de audio (U1), los 
dispositivos semiconductores (Q1, Q2, etc.), los 
transformadores de FI (T1, T2, etc.), el parlante y 
oros. 
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Lafuente de alimentación consta de un rectifica- Ba 
dor de onda completa (T5, D6, D7 y C28), un regu- ne 
lador transistorizado de 8.3 Y (Q5, D8 y C30) y un ae 
regulador Zener de 6.2 V (R24, C17, D3, C18 y C7) a 
SW1 es el interruptor general de potencia. pii 


El transformador TS convierte los 115V de CA 
de entrada en dos voltajes secundarios de 9V que 
son rectificados en onda completa por D6 y D7 y 
convertidos en un voltaje de CC no regulado de 
=24V. Este voltaje se aplica al colector de Q5 y se 
estabiliza mediante el diodo Zener D8 y R25. 


an Tus Pl 


En el emisor de Q5 se obtienen 8.3 Y, El voltaje odo 
restante lo absorbe el transistor, comportándose así a o 
como una resistencia en serie. Los 8.3V de salida re- PC ee A ta ee nate ENEE 
sultan de la diferencia entre el voltaje del fener (9V) a Ladi tee e A EE 
y la caida directa en la unión BE de Q5 (0.7 V). — 
270 


El voltaje de salida del primer regulador (5.3V) 
alimenta el amplificador de audio y sirve también co- 
mo voltaje de entrada del segundo regulador. El dio- 
do Zener D3 convierte estos 8.3W en un voltaje 
estabilizado de 6.2V que alimenta los amplificado- 
res de RF y Fl y el conversor, El voltaje restante 
(2,14) lo absorbe la resistencia R24. 


Los condensadores clectroliticos C28, C30 y C17 
eliminan las variaciones de baja frecuencia (ripple o 
rizado) de los voltajes de CC obtenidos y los con- 
densadores cerámicos C18 y C7 las variaciones de 
alta frecuencia (RF), La resistencia R7 aísla la tierra 
de las etapas de RF (amplificador y conversor) de la 
tierra de las demás etapas. 


El tema de las fuentes de alimentación se discute 
con mayor detalle en la Lección 36. 


El amplificador de audio lo constituyen el circul- 
to integrado Ul y componentes asociados. Los con- 
densadores 026 y C27 transfieren la señal de salida 
del detector a la entrada de audio (pin 9), El poten- 
ciómetro RV] actúa como divisor de señal y es el 
control de volumen del receptor. 


Los condensadores C33 y C36 cumplen la fun- 
ción de realimentar la señal de salida de audio dispo- 
nible en el pin 1 a los pines 4 y 5. El parlante se 
conecta al pin 1 a través del condensador C38. El 
circuito RE formado por R26 y C31 provee ampli- 
ficación uniforme para todas las frecuencias, 


La tensión de alimentación de +8.2 Y se aplica a 
los pines 14 (Vcc) y 3 (tierra). El condensador C37 
es un filtro de RP. C35, CH y C32 son filtros de ri- 
zado. Los pines 2, 7 y 8 no se utilizan. 


Los amplificadores de audio con circuitos inte- 
grados se tratan con detalle en la Lección 38, 


El detector o demodulador de FM lo constituyen 
los transformadores sintonizados de FI T3 y T4, el 
filtro pasabajos C22-R19-C20, los diodos detectores 
D4 y D5, las resistencias amortiguadoras R20 y 
R21, el circuito limitador dinámico C23-R22-R23 y el 
divisor capacitivo 024-095, 


La configuración empleada es un detector de 
relación balanceado, El detector recibe su señal de 
entrada del segundo amplificador de Fl a través del 
transformador de acoplamiento T3. La señal de sa- 
lida se aplica al amplificador de audio y al CAF. 


El circuito de CAF lo constituyen el circuito 
pasabajos de dos etapas C20-R15-Ci6-RY, el diodo 
de capacitancia variable o varactor D2 y el conden- 
sador de desacople C12. La tensión de control pro- 
viene del detector. La capacitancia de salida se apli- 
ca en paralelo al circuito tanque del oscilador local. 


El segundo amplificador de Fl es el transistor 
(H, conectado en la configuración emisor común y 
trabajando en clase A. La carga es el transformador 
sintonizado T3. Las resistencias R16, R17 y Rig 
son de polarización. Los condensadores C19 y C21 
son de desacople de RE. 


El primer amplificador de Pl es el transistor Q3, 
conectado en la configuración base común y 
trabajando en clase A. La carga es el transformador 
sintonizado T2 y la resistencia R14, Las resistencias 
R8, R10, Ril, R12 y R13 son de polarización. Los 
condensadores C14 y (15 son de desacople de RF. 


El conversor de FI es el transistor Q2, conectado 
en la configuración base común y trabajando en un 
modo no lineal. La carga es el transformador sin- 
tonizado T1. El circuito tanque L4-CT2-Cv2.013 
determina la frecuencia del oscilador local. El 
circuito L3-C8 es una trampa de Fl. 


Las resistencias R4, KS y Ré son de polariza- 
ción. Los condensadores C6, Co Y Cll son de desa- 
cople de RF. El diodo D1 es un limitador de ampli 
tud. El condensador C10 es de estabilización. 


El amplificador de RF es el transistor Q1, conec- 
tado en la configuración base común y trabajando 
en clase A. La carga de salida es el circuito sinto- 
nizado de banda estrecha L2-Cr1-Cv1. La carga de 
entrada es el circuito de banda ancha L1-C3. 


Las resistencias R1, R2 y R3 son de polariza- 
ción. Los condensadores C1, C2 y C4 son de desa- 
cople de RF. El condensador CVv1, acoplado mecá- 
nicamente al condensador CV? del conversor, es el 
control de sintonía del receptor. Asociada al amplifi- 
cador de RF está la antena. 


El condensador Cv1 permen sintonizar cualquier 
emisora de la banda de FM (88 a 108 MHz) captada 
por la antena. El ponia CV? controla automá: 

ticamente la frecuencia del oscilador local (LO) 
entre 98,7 y 118,7 MHz para que sea siempre 10,7 
MHz mayor que la sintonizada. 


La antena es una sonda telescópica de longitud 
variable entre 65 v 85 cms aproximadamente, Tam- 
bién se puede unlizar como antena un alambre de 
cobre de longitud fija cortado a 73 cms. Este valor 
es 1/4 de la longitud de onda correspondiente a 98 
MHz, la frecuencia central de la banda de FM, 


Ensamble del receptor de FM 


Se describe a continuación el proceso de ensam- 
ble del receptor de FM por etapas en una tarjeta de 
circuito impreso. Comenzaremos por la fuente de 
alimentación y terminaremos en el amplificador de 
RF, pasando por los demás circuitos del receptor. 
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En la figura 444 se muestra el circuito Impreso 


completo del radio FM CEKIT visto por el lado del 
cobre. Todos los componentes, incluyendo los con- 
troles de sintonía y de volumen, se alojan en esta 
tarjeta, a excepción del transformador de potencia, 
la antena y el parlante que son externos a la misma. 


En la figura 445 se muestra el aspecto que pre- 
senta la tarjeta de circuito impreso del receptor vis- 
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ta por el lado de los componentes. En la Tabla | se 
relaciona la lista completa de materiales y su refe- 
rencia en el plano general de la figura 443, 


Nota: El circuito impreso del receptor de FM 
CEKIT lo puede elaborar usted mismo, siguiendo 
por ejemplo las instrucciones del Kit K550 de 
CEKIT, o lo puede solicitar directamente a CEKIT. 
Todos los componentes son de fácil consecución. 


Tabla 1. Lista general de componentes y materiales del radio experimental FM CEKIT 


Resistencias ljas de vaw, ae 


E Resistencias de 1K (Ri Ra. RIZ RIS, eo, ne 
2 Resistencias de 470 K (R2; A16) dl 
3 Resistencias de 100 (R3, AB, AM. 
| Resistencia de do. K (RS), 
2 Rosistonaine de 560 (AB, R25), 
| 4 Rasistancia de 100K {R9}; 
| 1 Resistencia de 27 K (R10), 
| 1 Resistencia de 4.7K (AI). 
| 4 Resistencia de 2.7 «(AID 
3 Rosistencias de 220 CRIS, R18, 24). 
1 Resistencia de 47 K(A14). 
t Resistencia dé 820K (R15) 
| 2 Resistencias de 5.6 K(AZ2, Ra), 
Resistencia de 8211 (R26) 


Resisiencias verlables 


1 Potenciómerro | lineal o Jogarltmico. de 5 K (RVI), con: Irtorruptor 


ye y penita, 


indias adoro hijos de caremnioge poliéster de Sav 


es i l 


| J Condentadores de 33 pF (61, 62,039) 

| 5 Condensadores de 01 4F(C4, C14, Cc a C20, can 

|| 1 Condansador de 20 pF (C5) ; 

[| 3 Condensadores de 5 pF (C6, 29,01 E 
I| 5 Condensadoras de 02 uF (07, C14 16, C18, can 


1 Condensador de 18 pF (C13): :: 

2 Condensadoros do 0047 pF (015, C22) 
2 Condensadores de 001 pF (O24, C25) 

| | 1 Condensador de $60 pF (036) i 


Condensadores siobarcesia 


Condensadores alacirallicas - 


4 Condensadores de ALENON T? E CH, cas 5 ce 
4 Condensadores de 4 7uFNOV (Gea, G26, 027, seri 
1 Condensador da 1000 pFMGV (028). ; 

1 Condensador de 4704 MOW(ESOp 

1 Condensador de 22 uFAOW (031) 

1 Condensador de TORF/10V (C32): 


Bobinas de núcleo de airs cant 


2 Condensadores de 220 pF (CS, cad a 
1 Condensador de 30 pF (C10) > e 


| Condensador de sintonía para FM ace oan i peris dal 


L1: Alambre #20: Saspi. Diámetro delnúcleo: dmm: o 


La: Alambre #20: 4d aspiras. Diámetro del núcleo: 4 mm. 


| La. Alambre #20: 12 espiras. Diámetro del núcleo: Ammo. he eE 


Alambre 823: 20 eepiras.. Diâmetro del núcleo: 3 mm. 


| L4 Alambre 419; Sespiras.: Diámetro del núcleo: dmm: see 


a ee ee | : 


is Transformadores sintonizados de Fl pura FM 


| 1 franeais Fl núcleo: naranja, E pines (11). 
¿0 Transtormador de Fl núcldo verde, 5 pinos (12) 
Transformador de Fl núdeo rosado, 6 pines {T3) 
: 1 Transformador de Fl núcleo azul, > pines (14). 


ie “Transform deren da tenes og e Js q mm fy 


TS. Entrada=116V, Salidas18V; con tap contral. 


¿Patencia= ane Asien cleanest Mao ia: 


1 Died de conmutación Speco. ECG177(D1 j. 

1 Dios Varieap oVaractor 152638 o ECG811(D2).° 
1 Diodo Zener de 6.24, 1W1D03) Ed 

2 Diodos detectors de germanio 1 NBO (D4, D5), 


2 Diodos rectificadores 1N4004 (D6, D7). 


1 Diodo Zener de 9.0 V. wie)" 


+ EQG197A0 similar 


= ECG1394 0 similar 


< Transistorea NPN 


4 Transistores C1417G.0 BF194 (01, G2, 03, 04). 
eee Transistor 04586 (650 TIP 31 


Circuitos Integrados | 
: 4 el Ad 1006 144101 6 ECG1180 (U1) oon basa de 14 pines 
Accesorios ee i 
+ Pagat do lio Impreso de 77x 192 mmé, 
¿+ Parlante de 80, 0.258 1 W. 


Antena lelescópica de FM o alambre de 75 em. 
: + Soldadura de aleación 40/60 (40% de estaño, 60% de plomo). 


* Cordón de potencia de 115V: 
«1 Caja plástica o metálica de proyectos iopciónal) j 
* Cable de conexiones #20. 


as 


1 Cautin de 25.435 W. 
Pinza de corte lateral (cortafriosj.. 

t Pinza larga de punta plana, $ 

1 Destornillador plástico de pala para ajusto ge 
o transftommadores de Fl 


: Instrumentos 


a Multimetro digital o análogo, 
1 Gonerador de FM o de RF o 1 Radio de FMen servicio. 
1 Osciloscopio de 20 MHz (opcional). 


Recomendaciones penerales para el ensamble 


Instale los componentes siguiendo el orden esta- 
blecido para evitar contratiempos y facilitar la iden- 
tificación de fallas. Utilice las pinzas planas para 
doblar los terminales a la longitud adecuada y los 
cortafrios para eliminar el alambre excedente. 


EA —— 


Sea metódico, No continúe con la siguiente eta- 
pa hasta no estar seguro del correcto funciona- 
miento de la etapa que está armando. La mayor 
parte de las fallas en el armado son causadas por fal- 
ta de cuidado en la instalación de los componentes y 
soldaduras deficientes o "frias", entre otros facto- 
res. 
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Antes de instalar los componentes de cada etapa, 
realice un rápido chequeo de los mismos con el mul- 
límetro para asegurarse de que no estén interna- 
mente abiertos o en cortocircuito. Si éste es el caso, 
reemplácelos. Recuerde: 


a) Las resistencias presentan un valor de 
acuerdo a su código. La resistencia de los potenció- 
metros es fija entre sus extremos y continuamente 
variable entre el cursory cualquier extremo, depen- 
diendo de la posición del eje, 


b) Los diodos y uniones BE y BC de los tran- 
sistores presentan una alta resistencia en inverso y 
una baja resistencia en directo, Si posee o tiene acce- 
so a un probador de transistores y diodos, el che- 
queo será más exacto. 


c) El alambre que constituye las bobinas y los 
transformadores tiene una muy baja resistencia in- 
terna. En un transformador, la resistencia entre cual- 
quier terminal del primario y cualquier terminal del 
eane o entre éstos y el blindaje debe ser muy 
alta, 


d) La resistencia interna de un condensador cerá- 
mico es muy alta, prácticamente un circuito abierto. 
Con un capacímetro podrá medir su valor exacto. 


c) Los condensadores electrolíticos se cargan rå- 
pidamente al voltaje de la pila interna del óhmetro y 
luego comienzan a descargarse, a una velocidad que 
depende de su valor. A mayor valor, más lenta es la 
descarga y viceversa. 


f) No intente probar el circuito integrado con el 
multímetro porque lo puede destruir internamente O 
causarle averías irreparables. 


Para obtener buenas soldaduras, limpie siempre 
la punta del cautín antes de cada nuevo punto y ase- 
gúrese de que las superficies a unir estén limpias. 
Caliente primero el terminal a soldar y luego acer- 
que la soldadura hasta que se derita y forme un 
montículo. En la figura 446 se resume el proceso, 


Cómo soldar 


Linger La El AE 
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Antes de comenzar a soldar, estañe la punta del 
cautin para evitar su oxidación. Límpiela con una 
esponja húmeda o con una esponjilla y aplique sol- 
dadura hasta formar una capa delgada y uniforme, 


Mientras suelda, aplique sólo la cantidad de ca- 
lor necesaria para permitir que la soldadura fluya 
uniformemente en la unión, sin levantar el cobre ni 
calentarexcesivamente el componente. Retireenton- 
ces el cautín. Asegurese de no mover el compo- 
nente hasta que la soldadura se haya enfriado, 


Por seguridad, no realice soldaduras con la ener- 
gía conectada al radio y aísle adecuadamente los ter- 
minales del transformador una vez soldados para mi- 
nimizar el riesgo de un "shock" eléctrico, 


Para la instalación del circuito integrado, suelde 
primero la base de 14 pines al circuito impreso y lue- 
go monte sobre ella el integrado. La utilización de 
una base facilita su montaje y reemplazo. 


Si una etapa no le funciona como debe ser, revi- 
se cuidadosamente todas las conexiones guidndose 
por el diagrama esquemático. Efectúe pruebas de 
continuidad entre los terminales que comparten un 
pon común del circuito impreso para verificar mä- 
os contactos o roturas en el cobre. 


Realice con el multímetro todas las medidas que 
le sean posible e interprételas para localizar la causa 
de la falla. 51 posee un osciloscopio y un generador 
de senales, el seguimiento de la falla será más sen- 
cillo, Verifique que los voltajes de la fuente estén 
alimentando adecuadamente cada etapa. 


En la Lección 41 se trata en detalle el tema de la 
reparación de radios de FM, 


Cuando utilice un radio de FM en servicio como 
fuente de señal, utilice un condensador en serie de 
más de 50pF y cable blindado para transferir esa se- 
ñal al radio bajo prueba. La linea de blindaje debe 
unir las tierras de ambos receptores. 


Una vez finalizado el ensamble y ajuste de su ra- 
dio, constrúyale algún tipo de contenedor o chasis 
de eat madera o metálico, para protegerlo y 
darle una apariencia firme de producto terminado. 


Fuente de alimentación 


En la figura 447 se muestran los detalles cons- 
tructivos de la fuente de alimentación del radio FM 
CEKIT. Observe la forma de identificar los termi- 
nales del transformador de potencia T5, del transis- 
tor Q5 y de otros componentes especiales. 


Para probar la operación de la fuente, conecte el 
cordón de potencia a la red de 115VAC y accione el 
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interruptor SW1, Ajuste el multímetro como volti- 
metro de CC en la escala "30V DC”. 


Conecte la punta negativa a tierra y toque con la 
punta positiva el colector, la base y el emisor de Q5 
y el cátodo de D3. Consigne los valores obtenidos. 
La tabla 2 puede servirle de guía. Note que el volta- 
je en el emisor de (5 es algo mayor de &.3V debido 
a que la fuente está sin carga. 


AR 


TETEN 


Amplificador de audio 


En la figura 448 se muestran los detalles cons- 
tructivos del amplificador de audio del radio FM 
CEKIT. Observe la forma de identificar los pines 
del Cl y la manera de conectar el control de volu- 
men, El CI va montado en la base de 14 pines para 
facilitar su remoción o reemplazo, 


_ Para probar la operación de la etapa, accione el 
interruptor SW1 y mida nuevamente los voltajes en 
los terminales del transistor Q5 de la fuente. El am- 
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Amplificador de audio 


plificador de audio actúa como carga del regulador 
de 8.3 V. Este debe ser el valor de voltaje medido 
en el emisor de Os. 


Utilizando un generador de audio o el inyector 
de señales construido en la actividad práctica N° 10, 
inyecte una señal de audio a la entrada del am- 
plificador, Deberá escucharse un tono en el parlante 
y su intensidad debe aumentar o disminuir depen- 
diendo de la posición del control de volumen, 


Con el multímetro ajustado como yoltimetro de 
CC, mida los voltajes en los pines del circuito in- 
tegrado U1, primero sin señal de entrada (control de 
volumen al mínimo) y luego con señal (control de 
volumen en una posición intermedia). 


La tabla 3 le servirá de guía para tener una idea 
del orden de magnitud de los voltajes que debe 
obtener. 
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Con el multímetro ajustado como miliamperime- 
tro de CC, mida la corriente promedio consumida 
por el amplificador de audio tanto en presencia co- 
mo en ausencia de señal. Una corriente excesiva 
puede indicar una condición de cortocircuito. 


En la figura 449 se muestran los detalles cons- 
tructivos del detector de relación del radio FM 
CEKIT. Observe la forma de identificar los termina- 
les de los transformadores sintonizados T3 (núcleo 
rosado) y T4 (núcleo azul). 


Detecto r de relación 


Para la prueba de esta etapa, inyecte una señal 
de FM de 10.7 MHz al terminal de entrada (pin 3 de 
T3). Deberá escuchar un tono en el parlante. 51 sus- 
pende la modulación, el tono deberá desaparecer. 


Ajuste el núcleo de T3 y T4 hasta obtener la má- 
xima señal de salida de audio. El tono escuchado en 
el parlante deberá alcanzar su máximo volumen, Vi- 
sualice la señal de salida con un osciloscopio en el 
punto Q o mida el voltaje de señal con un voltímetro 
de CA en paralelo con el parlante. 


Si no posee generador de FM, utilice un radio 
de FM en servicio como generador de señal. Ex- 
traiga de este último la señal de salida del segundo 
amplificador de FI y aplíquelo al mismo punto del 
radio bajo prueba. . Ep T3 y T4 hasta obtener la 
máxima salida de audio en el parlante. 
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No olvide interconectar las tierras de ambos re- 
ceptores para establecer una referencia común. 


Segundo amplificador de Fl 


En la figura 450 se muestran los detalles cons- 
tructivos del segundo amplificador de Fl del radio 
FM CEKIT. Observe la forma de identificar los 
terminales del transformador sintonizado T2 (núcleo 
verde) y del transistor Q4. 


Er 


Del1er.Ampl de Fl > ee 


El procedimiento de prueba y ajuste de esta eta- 
pa es similar al utilizado para el detector. Inyecte 
una señal de 10.7 MHz modulada en frecuencia al 
terminal de entrada (pin 3 de T2). Deberá escuchar 
un tono en el parlante. Si suspende la modulación, 
el tono deberá desaparecer. 


Ajuste el núcleo de T2 y reajuste los de T3 y 14 
hasta obtener la máxima señal de salida de audio. El 
tono escuchado en el parlante deberá alcanzar su 
máximo volumen. Visualice la señal de salida con 
el osciloscopio o mida el voltaje de señal con el vol- 
tímetro de CA en paralelo con el parlante. 


Si no posee generador de FM, utilice un radio 
de FM en servicio como generador de señal. Extrai- 
ga de este último la señal de salida del primer ampli- 


ficador de Fl y aplíquelo al mismo punto del radio El procedimiento de prueba y ajuste de esta eta- 


bajo prueba, Ajuste T2, T3 y T4 hasta obtener la pa es similar al utilizado para la segunda etapa. In- 

máxima salida de audio en el parlante. yecte una señal de FM de 10.7 MHz al pin 1 de T1 

A y conecte momentáneamente el pin 2 del mismo a 

No olvide interconectar las tierras de ambos re- tierra. Deberá escuchar un tono en el parlante, Sin 
ceptores para establecer una referencia común. modulación, el tono debe desaparecer, 

(Con el multímetro ajustado como voltimetro de Ajuste el núcleo de Tl y reajuste los de T2, T3 y 
CC, mida los voltajes de polarización en los ter- T4 hasta obtener la máxima señal de salida de au- 
minales de Q4. La tabla 4 le servirá de guía para te- dio. El tono escuchado en el parlante deberá alcan- 
ner una idea del orden de magnitud de los voltajes zar su máximo volumen, Visualice la señal de salida 
que debe obtener. con un osciloscopio en el punto Q o mida el voltaje 

de señal con un voltimetro de CA en paralelo con el 
parlante. 


Si no posee generador de FM, utilice un radio 
de FM en servicio como generador de señal. Extrai- 
ga de este último la señal de salida del conversor y 
aplíquelo al mismo punto del radio bajo prueba. 
Ajuste T1, T2, T3 y T4 hasta obtener la máxima sali- 
da de audio en el parlante. 


Retire la conexión momentánea a tierra del pin 2 
para evitar un posible corto en la fuente del receptor 
modelo. No olvide interconectar las tierras de refe- 
rencia de ambos receptores. 


Primer amplificador de FT 


En la figura 451 se muestran los detalles cons- 
tructivos del primer amplificador de Fl del radio 


FM CEKIT. Observe la forma de identificar los ter- Con el multímetro ajustado como voltímetro de 


CC, mida los voltajes de polarización en los termi- 


minales del transformador sintonizado Ti (núcleo nales de Q3. La tabla 5 le servi do 

NEEE TE E a les de Q3. La tabla 5 le servirá de guía para tener 

naranja) y del transistor Q3. una idea del orden de magnitud de los es que 
debe obtener. 


Primer amplificador de Fi 


Conversor de FI y CAF 


En la figura 452 se muestran los detalles cons- 
tructivos del conversor y el CAF del radio FM 
CEKIT. Observe la forma de identificar los termi- 
nales del transistor Q2, el condensador variable Cv? 
y su trimmer CT asociado. Se indica también la 
forma de fabricar las bobinas L3 y LA. 


Para la prueba de esta etapa, inyecte una señal 
de FM de 10,7 MHz modulada en frecuencia al ex- 
remo libre de C6. Ajuste la amplitud de esta señal a 
un nivel mínimo para no afectar el rango dinámico 
de las etapas. Deberá escuchar un tono en el parlan- 
te. Sin modulación, el tono debe desaparecer, 


Reajuste nuevamente los núcleos de T1, T2, T3 y 
a T4 hasta obtener la máxima señal de salida de au- 
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ghar, poc E 
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D- Diámotro interno del núcleo 


dio. El tono escuchado en el parlante deberá alcan- 
zar su máximo volumen. Visualice la señal de salida 
con el osciloscopio o mida el voltaje de señal con el 
voltímetro de CÁ en paralelo con el parlante. 


Si no posee generador de FM, utilice un radio 
de FM en servicio como generador de señal, Extrai- 
ga de este último la señal de salida del amplificador 
de RF y aplíquela al mismo punto del radio bajo 
prueba. Ajuste T1, T2, T3 y T4 hasta obtener la må- 
xima salida de audio en el parlante. 


No olvide interconectar las tierras de ambos re- 
ceptores para establecer una referencia punto. 


Con el multímetro ajustado como voltímetro de 
CC, mida los voltajes de polarización en los termi- 
nales de Q2. La tabla 6 le servirá de guía para tener 
una idea del orden de magnitud de los voltajes que 
debe obtener. 
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Amplificador de RF 


En la figura 453 se muestran los detalles cons- 
tructivos del amplificador de RF del radio FM 
CEKIT. Observe la forma de identificar los termina- 
les del transistor Q1, el condensador variable CV1 y 
su trimmer CT1 asociado. Se indica tambien la for- 
ma de fabricar las bobinas LI y L2. 


Amplificador de RF 


Con el multímetro ajustado como voltímetro de 
CC. mida los voltajes de polarización en los termina- 
les de Q1. La tabla 7 le servirá de guía para tener 
una idea del orden de magnitud de los voltajes que 
debe obtener. 


Una vez terminado el ensamble de esta etapa y 
con la antena correctamente instalada, el receptor de- 
be poder sintonizar más de una emisora con un ni- 
vel aceptable de volumen. 


- Si éste no es el caso y todas las demás etapas es- 
tán funcionando correctamente, rectifique las cone- 


xiones del amplificador. Busque posibles circuitos 
abiertos, cortocircuitos, componentes mal instala- 
dos, soldaduras "frías", etc. No se desanime. 


Si la falta de sintonización persiste y Q1 está tra- 
bajando correctamente, realice lo siguiente: 


a) Desconecte el cable de antena de su televisor y 
conecte a uno de sus extremos un condensador de 
50 pF en serie con la antena de su radio (figura 
454). Sitúe el control de volumen al máximo y gire 
lentamente la perilla de sintonia (CV1/CV2) hasta 
sintonizar la emisora más débil. 


Utilizando la antena de TV 


Entrada de la unter 


b) Reajuste los núcleos de los transformadores 
de FI hasta obtener la máxima salida de audio con 
el mínimo de ruido, como se hizo anteriormente. 
Efectúe el reajuste de atrás hacia adelante, es decir, 
primero T4, luego T3 y T2 hasta terminar con T1. 


El ajuste final de las bobinas L2, La y los con- 
densadores de compensación o trimmers CTI y CT2 
se realiza acoplando al condensador variable el dial 
o la perilla indicadora de frecuencias y utilizando un 
senerador de RF o un radio de FM en servicio, Si- 
ga este procedimiento: 


1”) Calibre el generador de RF para entregar una 
señal de 88 MHz modulada en frecuencia por un to- 
no de 1 KHz. Con el control de volumen al máxi- 
mo, sitúe también el dial de su receptor en 88 MHz. 


Aproxime o aplique la señal de RF del genera- 
dor a la antena a través de un condensador de 50 pF 
o mayor. Abra o cierre los devanados de la bobina 
osciladora La hasta escuchar el tono de modulación 
de 1 KHz en el parlante. 


a al Salad AG Saat am ata ae ae O Din on E eae M T EAT A 
aa 


$1 no posee generador de RF-FM, sintonice tan- 
to el radio modelo como el receptor a calibrar en 88 
MHz o la frecuencia más proxima. Ajuste La hasta 
escuchar en el parlante de su radio la misma emi- 
sora que se está oyendo en el radio modelo, con el 
máximo volumen y el mínimo de ruido, 


2°) Calibre ahora el generador de RF para entre- 
gar una señal de FM de 108 MHz. Con el control 
de volumen al máximo, sitúe también el dial de su 
receptor en 108 MHz. 


Aproxime o aplique la señal de RF del genera- 
dor a la antena. Con un destornillador no metálico, 
calibre el trimmer CT2 del oscilador hasta escuchar 
el tono de modulación en el parlante. 


Si utiliza un radio de FM como patrón de fre- 
cuencia, sintonice ambos receptores a 108 MHz, o 
la estación más próxima, y ajuste CT2 hasta escu- 
char en el parlante la misma emisora, con el máxi- 
mo volumen y el mínimo de ruido. 


"Calibre el generador o el radio modelo a 93 
MHz y el dial de su receptor a la misma frecuencia, 
Abra o cierre las espiras de la bobina L2 de sintonía 
de RF hasta escuchar nitidamente el tono de modula- 
ción o la misma emisora en el parlante. 


4%) Calibre el generador o el radio patrón a 103 
MHz y el dial de su receptor a la misma frecuencia. 
Ajuste el trimmer CT 1 hasta escuchar claramente en 
èl parlante el tono de modulación o la misma emi- 
sora sintonizada en el radio de muestra, 


Una vez terminada la calibración, recorra el dial 
para verificar que la frecuencia de la emisora sinto- 
nizada coincida con la marcada. Repita los pasos 
1% hasta 4%), si es necesario, hasta oblener una 
correspondencia óptima. 


Una vez ensamblado y ajustado su radio y en 
pleno funcionamiento, sólo falta conseguirle o crear- 
le un gabinete plástico o metálico adecuado, con ac- 
ceso a los controles de sintonía y volumen y que 
sirva de soporte al circuito impreso, la antena, el 
parlante y el transformador de potencia. Asi su ra- 
dio tendrá una apariencia profesional, 


En la figura 455 se muestra un ejemplo de gabi- 
nete acrílico abierto que usted puede construir fácil- 
mente para su radio. 


En los almacenes especializados se venden cajas 
plásticas o metálicas terminadas de varias dimensio- 
nes, diseñadas especificamente para alojar proyec- 
tos. Lo único que tiene que realizar usted son las 
perforaciones para operar externamente el control 
de volumen y el control de sintonía y asegurar firme- 
mente el transformador de potencia y el parlante. 
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Time/div control set 
to 1 usec/div 


Channel 1 set to Channel 1 vertical Channel 2 vertical Channel 2 set to 
0.1 volts/div position knob position knob 5 volts/div 


Your values should be close to those shown 
in the following table, and the curve should 
be similar to that shown in Figure 7.13 . 
fin (kHz) V out (volts) CO 


100 4.9 
150 4.9 
200 4.9 
250 4.8 
300 4.7 
350 4.4 
400 4.0 
450 2.8 
500 0.5 
550 2.3 


600 3.6 


Presentación final del radio FM CEKIT . 


PRIME PTI An perme UC cee nee soe min a > SE 


Con unas pocas herramientas Ése nciales y un 
procedimiento adecuado, la construcción de un cha- 
sís metálico para su radio es relativamente fácil. 


Utilice preferiblemente aluminio, no sólo por- 
que es un material que provee un excelente blindaje 
si no porque es más fácil de trabajar que otros 
metales y proporciona buenos contactos a tierra. El 
aluminio se vende en forma de láminas de dife- 
rentes espesores y es muy maleable. 


Usted puede ahorrar mucho dinero y energía si 
dedica suficiente tiempo a la planeación de su traba- 
jo. Cuando todos los detalles han sido previstos, la 


construcción del chasís se simplifica enormemente. 


Cuando perfore agujeros en un metal con un tala- 
dro, es importante localizar primero los centros con 
un centro punto, que es un estilete de acero de 
punta afilada, De esto modo se evita que la broca se 
deslice o patine con respecto al centro cuando se va 
a empezar a perforar. 


Los agujeros de más de 6 mm de diámetro de- 
ben perforarse en dos pasos: primero con una broca 
pequeña y finalmente con la broca definitiva. Para 
renlizar circulos muy grandes o extraer superficies 
arbitrarias como rectángulos, cuadrados, etc. de la 
lámina, siga estas recomendaciones: 


Realice a todo lo largo del perímetro interno de 
la figura una serie de pequeñas perforaciones muy 
próximas entre sí. Desprenda la lámina y suavice 
los bordes con una lima fina. 
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Actividad práctica N* 19 


Ensamble del amplificador / conversor de RF. 
Parte I. 


mos en of blew del radio AM CEKIT una parte de 
los componentes que forman el amplificador/con 
versor de RF, la etapa marcada con color amarillo 
en la lamina correspondiente al diagrama esquema“ 
tico del receptor. | 


En esta primera parte de la actividad 19 ins 


Componentes necesarios 


ranja, dorado). Ri, _ 
1 Resistencia de 1 KQ , 1/4W, 5% (café, negros 
rojo, dorado). R2. 3 
1 Resistencia de 10 KO, 1/4W, 5% (cafe, negros 
naranja, dorado). R3, R- 
i Resistencia de 2.7 KO, 1/4W, 5% (roja 
violeta, rojo, dorado). R4. l 
1 Resistencia de 120 KQ, 1/4W, 5% (café, rojoj 
amarillo, dorado). RS. i 


Procedimiento 


| Resistencia de 22KQ, 1/4W, 5% (rojo, rojo, ma 


Paso 1- Instale la resistencia R1 de 22 KO entre lag 
puntillas 46 y 45 de la etapa marcada "amplificador: 
RE/conversor" en la guía de instalación. Después: 
de soldar, corte el alambre excedente. E 


Paso 2. Instale la resistencia R2 de 1 KQ entre las 
puntillas B4 y B11 de la misma etapa. Suelde y cor 
te el alambre excedente. | 


Paso 3. Instale la resistencia R3 de 10 KQ entre lag 
Saps B3 y 3 de la etapa. Suelde y corte el alam 
e excedente. 


Paso 4. Instale la resistencia R4 de 2.7 KO ent 
las puntillas B6 y 4. Suelde y corte el alambre: ii 
cedente. 


Paso 5. Instale la resistencia R5 de 120KQ ente ii 
puntillas B 14 y B15. Doble hacia la derecha, en ángil 
recto. los terminales excedentes de ambas puntillas] 
conéciclos a las puntillas B17 y B19, respectrvami ni 
Suelde y corte el alambre excedente 


R1 y R3 suministran la corriente de polarizaciól 
de la base del transistor Q1. R2 proporciona i 
corriente de polarización del colector del mismo 
minimiza el riesgo de oscilaciones parásitas, Ñ 
estabiliza térmicamente el punto de trabajo. R am 
plía el ancho de banda del transformador T1. 


El transistor Ol y el transfomador T1 se inst 
larán en una futura actividad, 


Lección 36 


Fuentes de poder para radios 


Introducción 


Todos los circuitos electrónicos necesitan algún 
tipo de energía para poder funcionar; algunas veces 
se requiere comente alterna y otras veces continua. 


En el caso de los radios de AM y FM, éstos 
obtienen su energía por medio de dos sistemas: el 
de pilas o baterías y el de fuentes de poder. 


Cuando el radio está fabricado para entregar una 
baja potencia de sonido, de unos 2 a 5 vatios como 
máximo, se alimenta con pilas. $1 el radio tiene una 
mayor potencia se alimenta por medio de una fuente 
de poder. 


Las fuentes de poder pueden ser internas O ex- 
ternas. Son internas cuando sus componentes for- 
man parte integral del circuito del radio o de un equi- 
po co a gs de sonido que tiene como uno de 
Sus ulos un radio, 


Es externa cuando está fabricada en forma inde- 
pendiente y se conecta al radio por medio de un ca- 
le y un conector, 


La función básica de una fuente de poder es con- 
vertir corriente alterna en corriente continua (figura 
456). En la Lección 3 de este curso ya hemos estu- 
diado la naturaleza y el funcionamiento de las pilas 
y baterías en sus diferentes tipos, 


Fuente de poder 


Fuente de | | 
poder Salida 


Entrada _ 


En esta lección vamos a estudiar el funciona- 
miento de las fuentes de poder y sus diferentes com- 
ponentes, 


Fuentes de poder no reguladas 


Una fuente de poder o convertidor no regulado 
transforma corriente alterna en corriente continua, 
con un voltaje de salida que puede variar de acuerdo 
a las circunstancias de funcionamiento, En algunos 
circuitos de radio esta variación no afecta su funcio- 
namiento y se puede tolerar, 


En la figura 457 tenemos el diagrama de bloques 


en donde se muestra cómo está formada una fuente 
de poder no regulada o convertidor de voltaje, 


Transtor- 
mado 
a reductor : | 


Circuito A Girculto 
| fectiicador | Y dafilto 


El primer bloque siempre contiene un transfor- 
mador que se encarga de rebajar el voltaje de la red 
de alimentación, ya sea de 110) voltios o de 220 vol- 
tios, a un valor menor, generalmente comprendido 
entre 6 y 12 voltios. 


El segundo bloque se llama circuito rectificador 

y se encarga de eliminar los semiciclos negativos de 

a señal o voltaje de corriente alterna. Esta opera- 

ción se puede realizar en diferentes formas que estu- 
diaremos más adelante en esta misma lección. 


El tercer bloque del convertidor es el circuito de 
filtro que se encarga de pulir la señal para llevarla a 
una forma de onda lo más cercana posible a la co- 
miente continua. 


El transformador en la fuente de poder 


Debido a que los circuitos internos de los radios 
trabajan con voltajes bajos, el primer paso que se 
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debe realizar es rebajar el voltaje de entrada que es 
alto, generalmente de 110 voltos. 


Este proceso lo realiza el transformador por me- 
dio de dos bobinas. La bobina del primario, que es- 
tá conectada a la entrada y que tiene muchas vueltas 
y la bobina de salida O secundario, que tiene pocas 
vueltas. 


El tamaño del transformador depende de la po- 
tencia que se desea rebajar. Esta potencia se calcula 
conociendo el voltaje y la corriente del circuito del 
radio. 


La fórmula para calcular la potencia es: 


Donde: 


P = Potencia en vatios 
V = Voltaje en voltios 
I = Intensidad en amperios 


Por ejemplo, el radio AM se alimenta con 9V y 
consume 200 mA de corriente aproximadamente. 


Por lo tanto la potencia que consume Es . 
P=VYx1=9VWx02A= 1.8 vatios 


Considerando que en el transformador y €n el 
convertidor se producen pérdidas cercanas al 10%, 
el transformador debe tener un tamaño apropiado 
para suministrar 2 vatios al circuito. 


Como vimos en la Lección 9, este tipo de trans- 
formador recibe el nombre de transformador reduc- 


tor ya que en su salida el voltaje es menor que en la 
entrada. 


Como veremos más adelante, según el tipo de 
rectificación o sistema de convertir la CA en CC, el 
secundario del transformador puede tener dos O tres 
terminales. Algunos transformadores utilizados pa- 
ra radios y grabadoras tienen un primario Con tres 
terminales con el fin de que el aparato sé veda 
conectar a voltajes de entrada de 1106 220 vo tios. 


En la figura 458 tenemos el aspecto físico y el 
simbolo de estos transformadores que se utilizan 
para las fuentes de poder de los radios. 


Pára armar nuestras propias fuentes de poder 
podemos conseguir los transformadores con los 
voltajes y corrientes apropiados, en los almacenes 
especializados en la venta de componentes electró- 
nicos o en las compañías dedicadas a su fabricación, 
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Transformadores para radios 


Ve 
Secundario 


Primaria 


Aspecto físico Simbolo 


ETE! 
A r 


Los circuitos rectificadores 


Según el diagrama de bloques de la figura 457 el 
segundo circuito de una fuente de poder se llama cir- 
cuito rectificador, 


El circuito rectificador recibe del transformador 
un voltaje de corriente alterna rebajado y elimina la 
parte negativa de esta señal. A este proceso se le 
conoce como rectificación y tiene dos variaciones; 
rectificación de media onda y rectificación de onda 
completa. En los dos casos la señal resultante recibe 
el nombre de corriente continua pulsante o CCP. 


El circuito rectificador de media onda está for- 
mado por un diodo. Este diodo, como solamente 
conduce cuando el voltaje que le llega al ánodo es 
mayor de cero voltios, O sca positivo, elimina en la 
calida los semiciclos negativos de la señal de co- 
rriente alterna. 


En la figura 459 tenemos un circuito de este tipo 
en donde se muestran las señales de entrada y de 
salida. Este rectificador es ineficiente ya que los 
pulsos tienen mucha distancia entre si y es poco ull- 
lizado en las fuentes de poder para radios. 


Para suplir esta deficiencia se utilizan circuitos 
rectificadores de onda completa que pueden ser de 


Rectificador de media onda 


Primario Sacundafo — 


A e mn mm na rr 
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dos tipos: con dos diodos o con puente rectificador 
de cuatro diodos. 


En la figura 460 tenemos el circuito rectificador 
de onda completa con dos diodos, En este caso el 
secundario del transformador tiene tres terminales, 
El terminal del centro recibe el nombre de tap cen- 
tral y por él se obtiene el polo negativo del voltaje 
rectificado. 


Rectificador de onda completa 
| Dos diodos 
PA | 


X 


ne 
a 


Entrada 
110 Y 
CA 


Primario 


Este circuito funciona de la siguiente manera: en 
cada extremo del secundario del transformador te- 
nemos un voltaje de CA pero con distinta fase de- 
bido a la configuración de las bobinas. Estos pun- 
tos están marcados como A y B en el diagrama. 


Si tomamos las señales simultáneamente, el dio- 
do Dl empezará a conducir en el primer semiciclo y 
D2 estará bloqueado y no dejará pasar la señal. 


a re aa 
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En el segundo semiciclo, conduce el diodo D2 y 
se bloquea el diodo D1. Asi, cada diodo deja pasar 
o conduce cada medio ciclo del voltaje de corriente 
alterna entregando en la salida un voltaje de co- 
miente continua pulsante con todos los ciclos de va- 
lor positivo adyacentes. 


De esta forma nos vamos acercando a la conver- 
sión de comente alterna en corriente continua. 


El otro método de rectificación es el que se mues- 
tra en la figura 461 que utiliza cuatro diodos conec- 
tados en una configuración especial llamada puente 
rectificador. Con este sistema el secundario del 
transformador solamente necesita dos terminales y 
su tamaño puede ser más pequeño que en el caso 
anterior. 


Rectificador de onda completa 
Puente rectiticador 


DS A 
See 


AL 
carga 


Primario Sacundario 
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hig. 461 


Pe ALI Ad a a 0 A ALS 
SE Ta ee ee eee 


Este circuito trabaja de la siguiente manera; du- 
rante el primer medio ciclo positivo, el terminal su- 
perior del transformador es positivo y el terminal in- 
ferior es negativo. La secuencia del flujo de corrien- 
te será asi: 


l- La corriente llega al punto A y pasa entonces a 
D1; ésta no puede pasar por D2, debido a su pola- 
rizacion, 


2- Cuando la corriente llega al punto B, ésta pasa a 
la resistencia de carga, No puede pasar por D4, de- 
bido a su polarización. | 


3- Cuando la corriente llega al punto C, encuentra a 
D3 y D2, entonces pasa por D3, ya que por D2 no 
puede pasar debido a su polarización, 
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4- Cuando la corriente llega al punto D y encuentra 
el terminal superior del transformador, puede pasar 
por D4 por su polaridad, entonces pasa por el 
transformador. 


Ahora veamos qué pasa en el medio ciclo nega- 
tivo: durante el primer medio ciclo negativo, el ter- 
minal superior del transformador es negativo y el 
terminal inferior es positivo. La corriente tendrá en- 
tonces la secuencia o camino como la que se mues- 
tra la figura 462. 


Puente rectificador 
Semiciclo negativo 
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l- La corriente llega primero al punto D. Debido a 
la polaridad de los diodos, pasará por D4 hasta el 
punto B. 


2. Debido a la polaridad de D1, la corriente pasará 
a la resistencia de carga. 


3- Al llegar al punto C la corriente toma el camino 
de D2, va que su ánodo es positivo. 


4- Finalmente en el punto A la corriente encontrará 
el terminal positivo del transformador. 


Lo anterior se puede reducir de la siguiente manera: 


En el medio ciclo positivo conducen (dejan 
pasar la corriente), los diodos Dl y D3. En el 
medio ciclo negativo conducen los diodos D2 y D4. 


En el punto C tenemos deficiencia de cargas 
negativas. En el punto B, tenemos exceso de cargas 
negativas. 


Entonces siempre tendremos una corriente que 
va desde B a C, o lo que en otras palabras significa: 
C está a mayor potencial que B. 
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Hemos completado ahora el ciclo total de la co- 
rriente alterna. La salida en la carga es corriente con- 
tinua pulsante, pero con todos los medios ciclos pre- 
sentes en la forma de onda, ninguna parte de la CA 
se ha perdido. 


Los cuatros diodos para este circuito se pueden 
conectar en forma individual o se pueden conseguir 
en un sólo componente ya encapsulado llamado 
puente rectificador como los que se muestran en la 
figura 463. 


Puentes rectificadores 


intomamnEeís GOP log cuadro diodo 


Fig. 463 $ 


Para los casos de rectificadores de onda com- 
pleta con dos diodos, con cuatro diodos o con puen- 
te rectificador éstos deben estar de acuerdo al volta- 
je y a la corriente que se desean rectificar, 


Por esta razón se utilizan diodos o puentes de l 
amperio, 2 amperios o más según sea el caso. 


El circuito de filtro 


El tercer bloque de una fuente de poder no regu- 
lada es el circuito de filtro o de filtrado. Con este 
circuito se trata de aproximar la forma de onda de 
corriente continua pulsante obtenida en los rectifi- 
cadores de onda completa, a la forma de la corriente 
continua, figura 464, 


Circuito de filtro 


Puenia 


Primaria  Sacundario 


— Fig, 464 Ñ 
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Para circuitos simples de radios AM o FM este 
filtro está formado solamente por un condensador 
electrolítico con una capacidad comprendida entre 
1000 HF y 3000 uF aproximadamente. 


Para realizar esta operación se utiliza la propie- 
dad que tienen los condensadores de cargarse y des- 
cargarse. Cuando el condensador recibe el voltaje 
pulsante se carga a su valor máximo o voltaje pico, 


Cuando empieza a descargarse, recibe otra vez 
la carga del nuevo pulso; de este modo sostiene per- 
manentemente un voltaje estable entre sus termi- 
nales, muy similar a un voltaje de corriente continua 
(figura 465). 


Como se puede apreciar en la figura 465, en la 
onda de salida permanece una pequeña ondulación 
que se ha llamado rizado o ripple en inglés. Este n- 
zado es mayor cuando aumenta la corriente de carga 
y depende del valor en microfaradios del conden- 
sador de filtro, ya que según este factor el conden- 
sador se descarga más o menos rápidamente. 


Este fenómeno se puede apreciar mejor en la 
representación de la figura 465 y se puede escuchar 
en un radio como un ruido de fondo permanente 
más conocido en el argot técnico como Aum o hom. 


Para un determinado circuito se puede rebajar 
este ruido considerableménte, aumentando el valor 
en microfaradios del condensador de filtro simple- 
mente conectando otro igual o de más microfaradios 
en paralelo con el ya existente, 


Conociendo ya este tercer bloque de la fuente de 
poder no regulada podemos ver entonces el dia- 
grama completo de estos circuitos en la figura 466. 


En la figura 466A tenemos la fuente de poder o 
convertidor de onda completa con dos diodos y en 
la figura 466B tenemos el mismo circuito utilizando 


el sistema de puente rectificador, 


En los dos apran podemos distinguir cada 
uno de los tres blogues con las formas de onda pre- 
sentes en sus ent y salidas. 


Fuentes de poder no reguladas 


A) Con dos diodos 


“Circuito 


B) Con puente rectificador 


a bate ata aaah a ils cence ere ore ah ae rtd CE aie eee Bes O AA A A CG Bea EAT 
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Variación del voltaje de salida en la fuentos de 
poder no reguladas 


Los circuitos vistos anteriormente presentan una 
vanación en el voltaje de salida y de ahí su nombre 
de fuentes de poder no reguladas. Esta variación 
puede ocurmr por dos causas principalmente, 


La primera sucede cuando aumenta o disminuye 
el voltaje de alimentación en donde está conectado 
el circuito y por lo tanto el voltaje del secundario del 
transformador aumenta o disminuye, provocando 
una variación en el voltaje de corriente continua de 
la salida, 


El otro caso ocurre cuando aumenta o disminuye 
el consumo de corriente de la carga, en este caso el 
circuito del radio. 


El consumo de un radio aumenta o disminuye 
proporcionalmente al volumen ajustado en el con- 
trol de volumen del amplificador de audio. 


Cuando hay más volumen, hay más consumo de 
corriente y viceversa, Esto hace que el voltaje del 
transformador baje o suba de acuerdo con este con- 
sumo de corriente. 


En algunos radios esta variación es permisible y 
en otros no, por lo que se hace necesaria la imple- 
mentación de circuitos reguladores de voltaje. 


Cálculos de los valores de los componentes 


Para construir una fuente no regulada debemos 
tener en cuenta varios factores. Primero que todo 
debemos conocer cuál es el voltaje y la corriente 
que se requieren en la carga o sea el radio que va- 
mos a alimentar, El otro factor que se debe conocer 
es la cantidad de ruido o rizado permitido, 


_ De acuerdo a estas necesidades se escogen los 
diferentes componentes como el transformador, los 
diodos y el condensador de filtro. 


_ Para seleccionar el transformador y su tamaño, 
debemos escoger cuál tipo de rectificación vamos a 
utilizar, el de dos diodos o el del puente rectificador. 


Si utilizamos dos diodos se escoge un transfor- 
mador con tap central y dos voltajes iguales en cada 
extremo del secundario, 


El voltaje de cada bobina debe ser menor que el 
voltaje de la carga, ya que los transformadores se 
especifican en valor RMS y los condensadores se 
cargan al voltaje pico, Para calcular estos valores se 
pueden utilizar las fórmulas estudiadas en la Lec- 
ción 4 de este curso. 
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Fuentes de poder reguladas 


Los circuitos de radio donde se utilizan circuitos 
integrados y transistores necesitan un voltaje esta- 
ble y preciso para el cual fueron diseñados. Si el 
voltaje es menor no trabajan y si es mayor, se 
pueden quemar fácilmente. 


Existen además otros componentes que nece- 
sitan voltajes muy estables como son los micropro- 
cesadores y las memorias que se están utilizando en 
todos los equipos de radio modernos, 


Otro aspecto que se modifica considerablemente 
con la variación del voltaje de alimentación es la po- 
tencia de salida de la señal de radiofrecuencia en los 
equipos. Asi, encontramos que uno o dos voltios 
menos se transforman en porcentajes de 20 ó 30% 
menos de potencia de transmisión, en el caso de los 
radiotransmisores. 


En el caso contrario, si el voltaje de alimentación 
es muy alto, los circuitos o etapas finales quedan 
sobrecargados y se pueden quemar fácilmente, 


Circuitos reguladores de voltaje 


Para evitar las variaciones de voltaje se debe 
agregar a las fuentes no reguladas un circuito adi- 
cional que regule el voltaje de salida de CC, aunque 
haya variaciones de voltaje en la entrada de CÁ o 
varíe la carga conectada a la fuente de poder. 


Estos circuitos reguladores pueden ser muy sim- 
ples, utilizando diodos zener o un poco más comple- 
Jos: con transistores, diodos zener y resistencias o 
con circuitos integrados llamados reguladores de 
voltaje de tres terminales. 


Este tipo de circuitos recibe el nombre de fuen- 
tes reguladas lineales, Existe otro tipo de circuitos 
para regular el voltaje que se llaman fuentes de con- 
mutación o suicheo, 


La aplicación o utilización de uno de estos cir- 
cultos depende de la corriente que necesitemos en 
la carga, de la estabilidad que se necesite y de la 
precisión en el voltaje de salida. | 


Regulador de voltaje con diodo zener 


Para ilustrar el circuito más simple de regulación 
de corriente continua miraremos un circuito regula- 
dor con diodo zener (figura 467). 


Este regulador sólo se puede utilizar para estabi- 
lizar el voltaje en circuitos con muy poca carga, 
solamente unos 100 a 200 miliamperios. Este con- 
sumo de corriente se encuentra en los receptores; en 


Fuente de 
poder no 
regulada 


DZ oa: Dido zane 
AZ o Aesistencia limitadora 


ERRADA TOA TNA A A AAA a 


los equipos transmisores de radio de banda ciuda- 
dana y radioaficionado tenemos cargas de 3 ampe- 
rios en adelante. 


Note que debe existir siempre una resistencia cn 
serie con el diodo zener. El objetivo de esta resis- 
tencia es limitar la corriente que circula por él, con 
el fin de evitar su destrucción cuando aumenta el 
voltaje de entrada no regulado. 


El valor en ohmios de esta resistencia depende 
del voltaje de entrada no regulado y del voltaje del 
diodo zener,Los diodos zener se fabrican para un 
voltaje determinado, como por ejemplo 5 voltios, 6 
voltios, 9 voltios, etc. 


Para cargas mayores se recomiendan los circui- 
tos con uno O varios transistores y diodo zener o 
los circuitos integrados reguladores de voltaje. 


LM 340T 
XX 


Simbolo 


Aspecto lisico 
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Regulador de voltaje con transistor y diodo zener 


_ Cuando la corriente de la carga es mayor, se de- 
be utilizar un transistor en serie con la carga para 
regular el voltaje, 


A este transistor van conectados un diodo zener 
y una resistencia con el fin de establecer el voltaje 
de salida (figura 468). 


Salida 
regulada 


Fuente de 
poder na 
regulada 


TA ec aba a ce ASRS NN NCI Mack 


Fig. 468 


ARABS a it aa tie pore ie el 


El transistor se comporta como una resistencia 
variable, Cuando el voltaje de entrada es mayor, 
hay mas caída de voltaje entre los terminales emisor 
y colector del transistor. Igualmente, si varía la car- 
ga, varía la caída de voltaje en serie y la salida trata 
de permanecer estable. 


_Este ppa de circuito puede manejar corrientes 
más grandes que el circuito con zener y también 
soporta mayores variaciones del voltaje de entrada. 


E Fig. 469° E 


Circuitos integrados reguladores de voltaje de tres 


terminales 


El método más eficiente y fácil de usar actual- 
mente es el de los circuitos integrados reguladores 
de voltaje de tres terminales. 


En estos circuitos integrados se han agrupado 
una gran cantidad de componentes como transis- 
tores, diodos y resistencias para formar un circuito 
regulador de voltaje muy completo (figura 469). 


Un regulador de voltaje integrado de tres termi- 
nales se representa por un rectángulo con sus ter- 
minales de entrada, salida y tierra y se conecta a una 
fuente de poder no regulada, obteniéndose así una 
fuente regulada de alta calidad (Agura 470). 


Estos reg.tladores de voltaje se fabrican con 
salida fija para un determinado valor en voltios, 
como por ejemplo, 5 voltios, 12 voltios, 18 voltios, 
24 voltios, etc, y pueden ser positivos O negativos. 


Además de su voltaje tienen otra característica, 
que es la corriente en amperios o miliamperios que 
pueden regular y vienen en valores de 100 mA, 500 
mA, 1A, 3 A y 10 A entre otros. 


Estos reguladores se deben montar sobre un 
disipador térmico de aluminio ya que ellos solos no 
soportan la temperatura que producen y pueden que- 
marse fácilmente cuando aplicamos una carga alta, 


Si se requieren corrientes mayores para las cua- 
les fue fabricado el circuito integrado, se pueden co- 
nectar uno o más transistores en paralelo con el fin 
de establecer un circuito amplificador de corriente, 


Con esta configuración se pueden fabricar fuen- 
tes de 3, 5, 10, 15, 20 y más amperios. 


_ Este es el caso de las fuentes reguladas que se 
a para los equipos de radioaficionado (figura 
1). 


Fuente de poder regulada con circuito integrado 


Entrada 
110 ¥ 
CA 


Entrada is Hah 
iov 
GA 


Famn Agapi ee a am aom a om ne 


=" i 7 
Se Seta Bese a aaa F 


AA A A r 


a 


an 
ae ae 


pee eee 
ane ata IA 


i a 
“4 o as ee LY 
; = a 
a A, MATA, Ee aa ata a 
rei Pi A: ES : Serotonin 
‘a " a Y LAI i k E 
A pin, Pl 
aa mer a Eim ee et aed J 
" a ee mm E 
Pa a ad a de fl r 
od EAE A A 
ees aeaee mT iaa a a ee CT > 


A ne SC ans 


meet 


Se a ee Ree ery ert eae ter eer beer k 
i 1 j r EN y 
A em A ata wget a eee Bed ee 

at LA, A a aoe a ee AC 
daa e RR 
er arin PRO 


m y 
Fiat aS ini es ee ee T 
AEE, 3 

a E 


Lección $7 


Los circuitos integrados 


Introducción 


En esta lección estudiaremos varios aspectos ge- 
nerales relacionados con el tema de los circuitos 
integrados (CIs) o chips. Conoceremos en qué con- 
sisten, cómo se fabrican, cómo se clasifican y re- 
visaremos la teoría básica del amplificador operacio- 
nal, uno de los CIs más importantes, 


Los circuitos integrados han mejorado nuestra 
forma de vivir y trabajar, Gracias a ellos disfruta- 
mos, entre otras sorprendentes aplicaciones, de 
computadores personales, relojes digitales, calcula- 
doras de bolsillo, electrodomésticos y equipos médi- 
cos, industriales y de oficina altamente sofisticados. 


En el campo de las comunicaciones y la radio 
los circuitos integrados han hecho posible, por ejem- 
plo, la transmisión de información de todo tipo vía 
satélite, la grabación y reproducción de imágenes, 
el desarrollo de sofisticados equipos de control y 
telemetría y otros sucesos. 


Por esta razón es imprescindible para toda perso- 
na relacionada con el mundo de la electrónica, ya 
seaa nivel técnico, profesional o aficionado, cono- 
cer la existencia de los circuitos integrados y apren- 
der a utilizarlos racionalmente. Es un conocimiento 
del que no podemos sustraernos. 


Qué es un circuito integrado 


Básicamente, un circuito integrado es un circuito 
electrónico completo en el cual todos los compo- 
nentes, incluyendo transistores, diodos, resisten- 
cias, condensadores y alambres de interconexión, 
se forman completamente sobre un chip o pastilla 
semiconductora de silicio. 


Una pastilla típica de silicio tiene aproximada- 
mente de 2.5 a 6.5 mm de lado y 0.5 mm de 
espesor. En ese reducido espacio se pueden con- 
centrar miles de transistores y componentes que rea- 
lizan funciones muy complejas y variadas, impo- 
sibles de lograr por métodos convencionales. 


Una vez obtenida, la pastilla se encierra en una 
cápsula plástica o cerámica que contiene los pines 
de acceso a través de los cuales el chip se comunica 
con el mundo exterior, 


En la figura 472 se muestra el aspecto de un cir- 
culto integrado con encapsulado DIP o de doble fila 
y otras presentaciones comunes. 


Circuitos integrados 


i z Corn H 
"chip deitdo Qe N -_ \. chip aipin 
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En la presentación DIP, la más popular, el pin 1 
se identifica mediante una ranura o un punto graba- 
do en la parte superior de la cápsula. El conteo de 
los demás pines se realiza en sentido contrario al de 
las manecillas del reloj. Son comunes circuitos inte- 
grados DIP de 8, 14, 16, 24, 40 y 64 pines. 


La cápsula contiene, además, información res- 
pecto al fabricante, la referencia del dispositivo y la 
fecha de fabricación (figura 473), El logotipo identi- 
fica al fabricante del chip (National, Texas, Fair- 
child, Motorola, etc.). La referencia o numero de 
parte designa especificamente al dispositivo, 


Informaciones de la cá su 


Logo del Referencia o 
fabricante F de parte 


Codigo de la lecha 
de manufactura 


i A E 


El código de la fecha informa cuándo fue manu- 
facturado el chip. Las dos primeras cifras indican el 
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650 4.2 


700 4.4 
750 4.7 
800 4.7 
850 4.8 
900 4.8 
Figure 7.13 


V out (volts) 


100 200 300 400 500 600 700 500 900 


f (kHz) 
Notice the extra data points shown in the 
graph near the minimum V out . These extra 
data points help you to determine the 


frequency at which the minimum V out = occurs. 
In this graph, the minimum V out occurs at a 
frequency of 505 kHz, which is close to the 
calculated resonance frequency of 503 kHz for 
this circuit. 

10 You can connect the capacitor and 
inductor in parallel, as shown in Figure 7.14 . 
Figure 7.14 ne 


año y las dos últimas se refieren al mes o semana de 
fabricación, Por ejemplo, "8307" significa la sépti- 
ma semana (mediados de febrero) de 1983. 


Clasificación de los circuitos integrados 


De acuerdo a su complejidad, los circuitos inte- 
grados se clasifican usualmente bajo las denomina- 
ciones SSI (pequeña escala), MSI (mediana escala), 
LSI (gran escala) y VLSI (muy gran escala), depen- 
diendo de la cantidad de componentes por chip. 


Los SSI son los que contienen menos de 100 
componentes por chip, los MSI los que contienen 
entre 100 y 1000 componentes, los LSI los que con- 
tienen entre 1000 y 10000 y los VLSI los que cón- 
tienen más de 10000 componentes por chip. 


De acuerdo a su función, los circuitos integra- 
dos se clasifican en análogos y digitales. Una ter- 
cera categoría son los Cl híbridos, los cuales reali- 
zan funciones tanto análogas como digitales en la 
misma pastilla, La misma clasificación rige para cir- 
cultos implementados con componentes discretos. 


Los Cl análogos o lineales producen, amplifican 
o responden a señales variables de voltaje (figura 
474A). Los digitales o lógicos producen, procesan 
oresponden a señales que tienen únicamente dos ni- 
veles de voltaje, denominados estados alto y bajo o 
I (uno) y O (cero), respectivamente (figura 474B). 


Señales análogas y digitales 


W 
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Alta 11) 
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Ejemplos de CIs análogos son los amplificado- 
res, los temporizadores, los osciladores, los PLLs 
y los reguladores de voltaje. Ejemplos de Cls digi- 
tales son los microprocesadores, las memorias y los 
contadores. Ejemplos de Cls híbridos son los sinte- 
uzadores de sonidos y los controladores. 


Ventajas y limitaciones de los circuitos integrados 


Comparados con los circuitos de componentes 
discretos, los circuitos integrados son mucho más 
pequeños, livianos, económicos y confiables. Sin 
embargo, su reducido tamaño limita los niveles de 
voltaje y potencia que pueden manejar. 
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Además, no se pueden integrar bobinas ni trans- 
formadores. Asi mismo, en el estado actual de la tec- 
nología, la integración de resistencias y condensado- 
res de gran valor no es eficiente porque estos com- 
ponentes requieren de mucho espacio. 


Cómo se fabrican los circuitos inteprados 


Prácticamente todos los circuitos integrados 
(CIs) disponibles en la actualidad se fabrican a par- 
tir de pastillas de silicio (Si), aunque están emergien- 
do otras tecnologías como la basada en el arseniuro 
de galio (GaAs). 


El procesamiento del silicio para obtener Cls o 
chips es relativamente complicado pero intentare- 
mos describirlo de una forma sencilla. 


Para fabricar un chip, las pastillas de silicio se 
procesan primero para hacer transistores. Una 
pastilla de silicio por sí misma es aislante y no con- 
duce corriente, Los transistores se crean agregando 
impurezas como fósforo o arsénico a determinadas 
regiones de la pastilla, 


Las conexiones se realizan a través de líneas o 
trazos metálicos muy finos, generalmente de oro. 


El proceso de agregado de oo se deno- 
mina dopado. Los transistores y los trazos metáli- 
cos de conexión se denominan rasgos . 


Cada rasgo se forma sobre la pastilla rociando 
en las regiones seleccionadas un químico protector 
sensible a la luz llamado photoresist. El photoresist 
forma una película muy delgada sobre la superficie 
de la pastilla. 


La pastilla es entonces bombardeada con luz ul- 
travioleta mediante un proyector deslizante muy pre- 
ciso llamado alineador óptico. 


El alineador posee un dispositivo muy pequeño 
llamado máscara, que evita que la luz incida sobre 
ciertos puntos específicos de la pastilla, Cuando la 
luz alcanza un área determinada de la pastilla, elimi- 
na el photoresist presente en esa zona, 


El químico (fósforo, arsénico o metal) se de- 
posita en las regiones descubiertas por la luz e ig- 
nora las encubiertas por la máscara. Estas últimas 
zonas aún permanecen recubiertas de photoresist. 


La precisión del alineador óptico determina qué 
tan fino puede hacerse un rasgo, 


A comienzos de los años 70 era difícil hacer tran- 
sistores de menos de 10 micras de tamaño. Hoy 
día, los transistores alcanzan tamaños inferiores a 
una micra. Esto permite una alta densidad y mejora 


la velocidad de respuesta de los dispositivos. Una 
micra es la millonésima parte de un metro. 


A continuación, la pastilla se calienta a allas tem- 
peraturas. Esto origina que el silicio no procesado 
de la superficie se convierta en óxido de silicio 
(510). El 510) se esparce sobre la superficie de la 

astilla y forma sobre la misma una delgada pelícu- 
a aislante de unas pocas micras de espesor, 


De este modo se obtiene el primer nivel de me- 
talización del chip. Para obtener una nueva capa de 
metalización, el SiO) se trata nuevamente con photo- 
resist y se expone al alineador óptico, repitiéndose 
el mismo procedimiento seguido con el silicio del 
primer nivel, 


Las diferentes capas van creciendo una sobre 
otra formando una estructura parecida a un sand- 
wich, con el SiO» como el pan y el metal o el silicio 
dopado como la salchicha i figura 475). Por cuestio- 
nes prácticas, la mayoría de CI's no se hacen con 
más de tres capas de metalización. 


Chip con dos niveles de metalización 


Aislador (S10, } 


Sustrato de silicio 


Fig. 475 | 


El amplificador operacional 


Un amplificador operacional (AQ) es un circuito 
integrado análogo extremadamente versatil, utiliza- 
do para la amplificación de voltajes CA y CC, la ge- 
neración de formas de onda, la producción de inter- 
valos de tiempo, la comparación de voltajes y una 
gama muy variada de aplicaciones. 


Los primeros amplificadores operacionales fuec- 
ron desarrollados originalmente para realizar opera- 
ciones aritméticas y resolver electrónicamente ecua- 
ciones matemáticas. Originaron los llamados compu- 
tadores análogos, precursores de los computadores 
digitales de nuestros días. 


Losamplificadores operacionales se caracterizan 
por su alta ganancia de voltaje, su alta Impedancia 
de entrada y su baja impedancia de salida. La ganan- 
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cia de voltaje es del orden de 106, la impedan 
entrada del orden de 106 a 1012 Q y la de salida del 
orden de 100£2. 


En la figura 476 se muestra el símbolo utilizado 
para representar un amplificador operacional y la 
distribución de pines del popular CI LM1458. Este 
dispasitivo posee 2 AOs en una misma cápsula de & 
pines y puede trabajar con tensiones de alimenta- 
ción hasta de +18V, 


Simbolo ía de am lificadores o eracionales 
SIMBOLO + Woc ClLM1459 
P+ Voc 


(Tierra) 


Vow Ab (V2 - V1) 
Ao = Ganancia de lazo abierio 


ii alia hal z panengran A A a IA NA A 
A racial 


Un amplificador operacional posee dos entradas 
y una salida. Las entradas (-) y (+) se denominan 
inversora y no inversora, respectivamente. El volta- 
je de salida es proporcional a la diferencia de los 
voltajes aplicados a ambas entradas, 


Si se aplica un voltaje a la entrada no inversora, 
el voltajede salida tendrá la misma polaridad del vol- 
taje de entrada. Si se aplica un voltaje a laentrada in- 
versora, el voltaje de salida tendrá la polaridad con- 
traria. Estos conceptos se ilustran en la figura 477, 


Cómo trabaja el amplificador op ral 
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Fig. 477 |: 
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Los circuitos mostrados en la figura 477 utilizan 
el amplificador operacional en lazo abierto, es decir, 
sin realimentación. Este modo de operación se em- 
plea principalmente en comparadores de voltaje. Un 
AO en lazo abierto trabaja con su máxima ganancia 
de voltaje posible, por ejemplo 80 dB. 


La mayoría de circuitos utilizan el amplificador 
operacional en lazo cerrado, es decir realimentado 
negativamente. El empleo de realimentación nega- 
tiva permite controlar la ganancia en un amplio ran- 
go, proporciona mayor estabilidad, reduce la distor- 
sión e incrementa el ancho de banda. 


La realimentación consiste en tomar una parte 
del voltaje de salida pg ay pom nuevamente a 
una de las entradas. En la figura 476 se muestran 
las dos configuraciones realimentadas básicas. Se 
suministran también las fórmulas para calcular la 
ganancia de voltaje en cada caso. 


Amplificadores operacionales reallmentados 
Amplllicador inversor 


Los amplificadores operacionales integrados se 
fabrican utilizando tanto transistores bipolares NPN 
y PNP como transistores de efecto de campo (FETs 
y MOSFETs). Estos últimos se caracterizan por su 
impedancia de entrada extremadamente alta. 


Muchos Cls incluyen hasta 4amplificadores ope- 
racionales independientes en una misma cápsula y 
utilizan una fuente de alimentación dual, es decir de 
doble polaridad. El punto medio de la fuente se to- 
ma como tierra. 


La teoría de los amplificadores operacionales es 
muy extensa y la estudia una rama de la electrónica 
conocida como electrónica lineal o análoga. Por esta 
razón es imposible cubrirla con detalle en este cur- 
so, El lector interesado en conocer más a fondo el te- 
ma puede remitirse a la literatura especializada. 
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Continuación actividad práctica N* 19 


Ensamble del amplificador/conversor de RF. 
Parte 2, 


En esta segunda parte de la Actividad 19 instala- 
remos en el tablero del radio AM CEKIT otra parte 
de los componentes que forman el amplificador/con- 
versor de RF, la etapa marcada con color amarillo 
en la lámina correspondiente al diagrama esquemá- 
tico del receptor. 


Componentes necesarios 


2 Condensadores cerámicos de O2UP/50V.C1,C1S5. 


1 Condensador cerámico de .01uF/50V.C2. 
1 ‘Transistor NPN C1390 6 2N 2222, QI 
6 centímetros de alambre de conexión. 


Procedimiento 


Paso 1, Conecte el condensador C1 de 0,02 pF entre 
las puntillas Bl y 2 y el condensador C15 en paralelo 
con la resistencia R6 de [OOK entre las puntillas 43 y 
153 de la etapa amplificadora de RE Estos condensadores 
pueden estar marcados como 0.02, 02, 2032 6 2232. 


Paso 2. Identifique el condensador C2 de 0.01 UF e 
instalelo entre las puntillas B6 y B10 de la misma 
etapa. Este condensador puede estar marcado como 
0.01, .01 6 1032, Suelde pero no corte el alambre 
excedente, 


Doble hacia abajo, en ángulo recto, el alambre 
sobrante de la puntilla B10 y conéctelo a la puntilla 
B8, cuidando de no hacer contacto con las puntillas 
B7 y BY, Suelde y corte el alambre excedente, 


Doble hacia arriba, en ángulo recto, el alambre 
sobrante de la puntilla B6 y conéctelo a la puntilla 
B5. Suelde y corte el alambre excedente. 


Paso 3. Identifique la base (B), el colector (C) y el 
emisor (E) del transistor Q1 C1390 6 2N 2222, Re- 
cuerde que el 2N2222 es un reemplazo del C1390 
pero tiene una distribución de pines diferente. Para 
cualquier duda, refiérase a la actividad 16, parte 1. 


Separe ligeramente los terminales del transistor 
Q1 y conéctelos a las puntillas B2, B4 y BS así: la 
base (B) a la puntilla B2, el colector (C) a la puntilla 
B4 y el emisor (E) a la puntilla B5. 


Paso 4, Con alambre de conexión conecte las puntillas 
47 y Bl, Suelde y corte el alambre excedente de la 
puntilla 47, Doble hacia la derecha, en ángulo recto, el 
alambre sobrante de la puntilla Bl y conéctelo a la 
puntilla B3. Suelde y corte el alambre excedente. 


Actividad práctica N* 20 


Análisis, prueba y ajuste de la 
segunda etapa de El 


Introducción 


En las actividades prácticas N* 16 y 18 había- 
mos ensamblado las etapas de frecuencia intermedia 
del radio AM. Esta actividad tiene dos partes: pri- 
mero vamos a conectar el transformador T3 para 
completar el ensamble de la etapa, y luego vamos a 
realizar un análisis completo de este circuito. 


El estudio comprende un análisis estático, O sea 
la medida de los voltajes y corrientes de polariza- 
ción en corriente continua, y un análisis dinámico 
con el fin de aplicar señales reales a la etapa y lograr 
la calibración o alineamiento óptimo del transfor- 
mador T3 para que quede debidamente sintonizado, 


Para realizarlo es necesario tener disponible un 
multímetro análogoodigitalque tenga una escala pa- 
ra medir corrientes bajas en miliamperios. Con el 
segundo análisis ajustamos la etapa para una ganan- 
cia oamplificación máxima a la frecuencia interme- 
dia de 455 KHz. 


Para esta prueba necesitamos un generador de 
RF y un osciloscopio. También se puede utilizar el 
generador de FI de 455 KHz cuya construcción se 
explicó en la actividad práctica N® 17. 


Si no liéne estos instrumentos, puede conse- 
guirlos prestados en un instituto, colegio, univer- 
sidad o taller de radio o electrónica, Aprender a uti- 
lizarlos es uno de los principales objetivos de este 
Curso. 


Si de todas maneras no tiene acceso a ellos, 
realice solamente el análisis estático con el multí- 
metro y al final daremos las instrucciones para cali- 
brar el radio sin necesidad de estos instrumentos. 
Este procedimiento es más difícil pero también lo- 
gra sus resultados. 


Instalación del transformador T3 


Tome T3 (el segundo transformador de Fl), el 
cual se puede identificar por el núcleo de color ne- 
gro y suéldelo a las puntillas E11, E12, E13, Cl y 
C2. Luego conecte la cubierta del transformador T3 
al alambre sobrante de la puntilla E10. 


Análisis estático No,1 - Consumo de corriente 
Este análisis tiene como objetivo medir el consu- 


mo total de corriente del amplificador de audio y las 
dos etapas de FI. 


Esta corriente no debe soprepasar el valor de 30 
mA. Si esto sucede tendrá que buscar un posible 
corto en el circuito. 


Procedimiento 


Paso 1. Coloque un puente de alambre momentá- 
neamente entre las puntillas E3 y E4, Deje conec- 
tado este puente durante todo el análisis de la segun- 
da etapa. 


Paso 2. Coloque el multímetro en la gama de co- 
mente continua y en una escala igual o un poco ma- 
yor a 30 mA, 


Paso 3. Conecte la batería al radio intercalando el 
multímetro en serie entre ésta y el circuito como se 
muestra en la figura A54, 
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Paso 4. Encienda el radio y observe la corriente me- 
dida por el multímetro; escriba su valor . 


e | | mA (IT = Corriente total) 
Esta es la corriente total que consumen las eta- 
pas de audio y las de FL 
Análisis estático No. 2 
Polarización del transistor Q3 
El objetivo de este análisis es medir los voltajes 
de corriente continua con que están alimentadas las 
junturas del transistor Q3 y a partir de estas medicio- 


nes concluir si están bien polarizadas para que este 
transistor funcione en su punto Optima, 
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Procedimiento 


Paso 1. Ajuste el multímetro en una escala un poco 
mayor a 9 voltios en corriente continua. Conecte el 
terminal negativo a la tierra del radio, Utilice cual- 
guiera de las puntillas 11,12, 13, 14, 15 o l6 o el 
alambre que las une. 


Paso 2. Una la batería a su conector y encienda el 
radio. 


Paso 3. Vaya tocando con el terminal positivo del 
multímetro uno a uno los terminales del transistor, 
el colector (E7), la base (E4) y el emisor (E8). Ano- 
te cada medida de voltaje en la tabla 1. Figura A55, 


l | | WE ue 
rane we [ve [oe [ve PE: 
EAS 


ta Sag A er 


Como ya se había dicho anteriormente, un tran- 
sistor conduce sólo cuando su juntura E-B está di- 
rectamente polarizada y su juntura C-B está inver- 


samente polarizada. 


Como 03 es un transistor NPN, la juntura B-E 
está directamente polarizada cuando la base es posi- 
tiva con respecto al emisor (VBE = positivo) y la 
juntura C-B estará polarizada cuando el colector es 


positivo con respecto a la base (VCB = positivo). 
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Análsis estático No, 3 
Midiendo la corriente del colector de Q3 


En este análisis mediremos la cornente de colec- 
tor del transistor 03 colocando el multímetro en el 
modo de corriente y sus terminales en serie con el 
colector de Q4, 


De esta forma obtenemos un dato real de la co- 
rriente circulante por este transistor y podemos con- 
cluir si Q3 está trabajando correctamente, 


Procedimiento 


Paso L Coloque el multímetro en una escala para 
medir corriente en corriente continua un poco ma- 
yor a 5 má. 


Paso 2. Mida la corriente de colector de Q3 desco- 
nectando el terminal del colector de la puntilla E? 
como se muestra en la figura A56, temiendo en cuen- 
ta la polaridad de los terminales. El valor medido es 


Ic de Q3 JR A pik 
Si la aguja del multímetro análogo se desplaza 


hacia la izquierda o el multímetro digital muestra un 
valor negativo, invierta sus terminales. 


Si el circuito está correcto, la cormente debe te- 
ner un valor entre 3 y 10 mA. Si no hay corriente o 
está muy alta, se debe revisar el circuito. 

Análisis dinámico No. | 

Alineamiento o calibración del transformador T3 y 
cálculo de la ganancia de voltaje del transistor Q3 


Este análisis tiene como objetivo colocar al trans- 
formador T3 en su punto óptimo de trabajo, es de- 


cir, que produzca una ganancia máxima de esta eta- 
pa para una señal de 455 KHz, 


Calcularemos también la amplificación de voltaje 
de esta segunda etapa de Fl para dicha señal, 


Para realizar este ajuste vamos a inyectar por me- 
dio de un generador de RF o con el generador de 
455 KHz, una señal de FI sin modular y con una 
amplitud aproximada de 40 mVpp ( milivoltios pico 
a pico ) en la base del transistor 03. 


Procedimiento 


Paso l. Encienda el generador de RF y el oscilos- 
copio. 


Paso 2, Conecte el caiman negro (tierra) del ge- 
nerador de RF y del osciloscopio a la tierra del ra- 
dio (puntillas | a 21). 


Paso 3. Conecte el terminal del osciloscopio a la ba- 
se de Q3 (puntilla E4) como se muestra en la figura 
AS7, 


Paso 4. Coloque la perilla TIME/DIY del oscilosco- 
pio en 2 us y la perilla VOLT/DIV en 1 mV preferible- 
mente. 


Bb SR a NE ra eat 


Si su osciloscopio no posee estas escalas, elija 
otra similar o cercana a estos valores. 


Paso 5. Ajuste el generador de RF para tener en su 
salida una señal sin modulación de 455 KHz y con 
una amplitud de 40 mVpp. 


Cuando esté seguro que tiene la señal de 455 
KHz a 40 mVpp en la base de Q3 puede continuar 
con el paso siguiente. 


Paso 6, Conecte la batería en su borne y encienda el 
radio. 


Paso 7. Conecte el otro terminal del osciloscopio en 
el colector de Q3 (figura AS7) y tenga en cuenta que 
este canal debe estar en su escala mayor, por ejem- 
plo VOLT/DIV en 0.2 VOL/DIV, ya que hay que tener 
en cuenta la amplificación del transistor. 


Paso 8. Para realizar este ajuste se debe utilizar un 
destormllador especial de calibración para bobinas 
ajustables. Estos son de plástico o tienen una punta 
no metálica, 


Si no tiene disponible este destornillador, puede 
fabricar una herramienta de plástico o madera que 
pueda hacer girar el núcleo del transformador. 
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Con esta herramienta ajuste el núcleo del trans- 
formador T3 hasta obtener la máxima amplitud de 
la señal en la pantalla del osciloscopio. 


Gire lentamente el tornillo del núcleo hacia la iz- 
quierda o derecha observando en cuál dirección va 
tomando la señal una mayor amplitud, 


Trate con mucho cuidado estos núcleos ya que 
son muy delicados. 


Cuando se obtiene la máxima señal, el oscilos- 
copio nos indica que el transformador está sintoni- 
zado en la máxima resonancia a la frecuencia de FI 
de 455 KHz. 


Si usted no tiene acceso a un osciloscopio ni a 
un generador de RF, puede utilizar el generador de 
455 KHz con señal de modulación para ajustar el 
transformador de FI, T3. Antes de utilizar el genera- 
dor, éste debe estar calibrado para que entregue und 
señal con la frecuencia exacta, 


Para hacerlo, utilice la salida de onda seno del 
generador por el borne J4, Conecte la tierra del 
generador a la tierra del radio y el otro terminal a la 
base de Q3 por medio de un condensador de 
cerámica de 0.1 pF en serie. 


Coloque el suiche $1 en la posición B de "modu- 
lación", el suiche $2 en la posición A para salida 
seno y ajuste los potenciómetros R1 y R5 en la po- 
sición media. 


Conecte un audífono o parlante en la salida del 
radio. Conecte la batería en su borne y enciéndalo. 
Ajuste el control de volumen en una posición media 
y al encender el generador se debe escuchar un tono 
audible producido por éste. 


Ajuste ligeramente el núcleo T3 como se indicó 
en el procedimiento anterior hasta que se obtenga 
una señal audible de máximo nivel en el audífono, 
lo que nos indica que T3 esta sintonizado a 455 
KHz, objetivo de este procedimiento. 


Cálculo de la ganancia de voltaje de la etapa 


Paso L Con el circuito ajustado a la máxima ga- 
nancia mida el voltaje pico a pico (Vpp) en el colec- 
tor del transistor Q3 y escribalo : 


Vs03= 


Paso 2. Conociendo el — de la señal de entrada 
del transistor (VEQ = 40 mVpp) y el voltaje de la se- 
ñal de salida (VsQ3), calcule la ganancia de voltaje 
realizada por Q3. 
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| VsO3 
AvQ3 = VE 


Q3 ” 40mVpp 


AvQ3 = Ganancia de voltaje de Q3 


Nota: Para calcular AvQ3 y VsQ3 debe utilizarse el 
mismo submúltiplo de voltaje. 


Por ejemplo, ambos voltajes deben estar en mi- 
livoltios (LV = 1000 mV). La ganancia de voltaje 
puede expresarse también en decibeles o decibelios 
de la siguiente forma: 


AvdB = 20 Log ¿28 
"VE OS 


Calcule la amplificación de Q3 en dB. 
AvQ3 (dB) =20 Log ( MC) 


Análisis dinámico No. 2 
sesta de frecuencia de la etapa amplificadora 


Como ya dijimos en la lección acerca de los am- 
pict de Fl, ambas etapas amplificadoras de 
FI son amplificadores sintonizados. 


ee tipo la ganancia máxima para señales 
de 455 KHz y prácticamente no producen ganancia 
para otras señales o frecuencias. 


Para obtener la respuesta de frecuencia de está 
etapa, mediremos el voltaje de la señal de salida del 
colector de Q3 para señales de entrada de diferentes 
frecuencias manteniendo constante su amplitud. 


Este análisis mostrará que el amplificador de Fl 
plificador sintonizado que produce la ga- 
a para señales de frecuencias cercanas 


Procedimiento 


Paso 1. Encienda el generador de RF, el osci- 
loscopio, el radio y conecte el caimán negro (tierra) 
del generador de RF y del osciloscopio a la tierra 
del radio (puntilla 1 a 21). 


Paso 2. Conecte el terminal del generador de RF a 
la base de Q3 por medio de un condensador de 0.01 


MEA TENE RENET ee anny ia 
HE ó 0.1 UF y en ese mismo punto conecte el osci- 
lascopio (figura ASS). 


Paso 3. Ajuste el generador de RF para producir 
una señal de 400 KHz, 40 mVpp. Puede verificar 
el valor de este voltaje usando el osciloscopio 
(TIME/DIV = 2 us, VOLT/DIV = ImY). 


Paso 4, Conecte el terminal del otro canal del os- 
clloscopio en el colector de Q3 ajustando la perilla 
de VOLT/DIV en una escala que se pueda observar 
claramente a señal en ese punto. En nuestro caso el 
VWsQ3; 


WsQ3 = 900 mVpp 


Si el osciloscopio es de un solo canal, debe me- 
dir alternadamente la entrada y la salida e ir anotan- 
do sus valores, 


Paso 5. Escriba este valor en la columna co- 
rrespondiente a 400 KHz en la tabla 2. 


VsQ3 S00 mVpp l 
5 VE Q3 40 mVpp sist 


AvQ3= Ganancia de voltaje de Q3 


SS rear a a a A A A AA AAA AEREA . A a AA 
a = A a a a A AI A A A dad da ee a a A A n, AI IA A AAA AE 
rere Seiad vias O A A gn oeann easan n aa ean a oneen aane et Taini 


a 


m 


i a E 


Le 


fms 


PRE 


CHER 


Paso 6. Ajuste el generador de RF para producir 
una señal sin modulación de 410 KHz, mida VsQ3 
y calcule Av(Q3 para esta señal, Escriba estos dos 
valores en la tabla 2, 
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Paso 7. Repita el paso 6 para las frecuencias mayo- 
res a 410 KHz y anote en la tabla 2 hasta llenarla. 
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Teniendo ya todos los valores de VsQ3 y de 
AvQ3 se dibuja sobre el gráfico de la figura A59 la 
curva de respuesta de frecuencia. 
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En el eje horizontal están las respectivas frecuen- 
cias que corresponden a las ganancias calculadas y 
que están situadas en el eje vertical. 


Por ejemplo, si para 400 KHz nos dio una ga- 
nancia de 22.5, situándose sobre este valor subi- 
mos hasta encontrar la ganancia de 22.5 en el eje 
vertical, 


Marque con el lápiz el punto de cada frecuencia 
en la figura, Después de haber dibujado todos los 
puntos sobre la gráfica, únalos para obtener la cur- 
va de respuesta de frecuencia. 


Esta curva debe tener su amplitud máxima para 
el valor de frecuencia de 455 KHz tal como se había 
estudiado en las lecciones teóricas sobre este lema. 
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Actividad práctica N* 2] 


Análisis, prueba y ajuste de la 
primera etapa de FI 


Introducción 


Esta actividad es similar a la anterior pero se red- 
liza sobre la primera etapa de frecuencia intermedia. 
También tiene dos partes: primero vamos a conectar 
el transformador T2 para completar el ensamble de 
la etapa y luego vamos a realizar un análisis comple- 
to de este circuito. 


El estudio comprende un análisis estático, o sea 
la medida de los voltajes y corrientes de polariza- 
ción en corriente continua, y un análisis dinámico 
con el fin de aplicar señales a la etapa y lograr la ca- 
libración o alineamiento óptimo del transformador 
T2 para que quede debidamente sintonizado. 


Para realizarlo es necesario tener disponible un 
multímetro análogo o digital que tenga una escala 
para medir corrientes bajas en miliamperios. 


Con el segundo análisis ajustamos la etapa para 
una ganancia o amplificación máxima a la frecuen- 
cia intermedia de 455 KHz. 


Para esta prueba necesitamos un generador de 
RF y un osciloscopio. También se puede utilizar el 
generador de FI de 455 KHzcuya construcción se 
explicó en la actividad práctica N* 17. 


Análisis estálico No. 1 
Medición del voltaje de polarización de Q2 
Procedimiento 


El objetivo de este análisis es medir los voltajes 
de polarización de corriente continua del transistor 
02 y concluir del estudio de estas medidas si el 
transistor está correctamente polarizado o no. 


Paso |. Haga un puente temporal entre las puntillas 
D4 y D3. Este puente permanecerá durante todo el 
análisis de esta actividad. 


Paso 2, Tome T2 (el primer transformador de Fl), 
el cual se puede identificar por el núcleo de color 
blanco y suéldelo a las puntillas D15, D16, DIT, 
El y E2. 


Compruebe que los alambres ya soldados en las 
puntillas no 5e hayan desconectado. 


Paso 3. Asegúrese que las puntillas DIS, D16 y Paso 2, Desconecte momentáneamente el colector 


D17 no se toquen entre sí. Luego conecte la cu- de Q2 de la puntilla D8. 
ierta del transformador T2 al alambre sobrante de - 
os DLS. ie Paso 3. Mida la corriente de colector de Q2 como se 


muestra en la figura A6O y anote su valor: 
Paso 4. Coloque el multímetro (preferiblemente 


digital), en una gama de 9V en CC o mayor. IcQ2 = mA 
Paso 5. Una el terminal negativo de su multímetro a Paso 4. Suelde de nuevo el colector de Q2 a la pun- 
la tierra del radio. tilla DE. 


Paso 6. Conecte la batería en su borne y encienda el 
radio. 


Paso 7. Mida con el terminal positivo del multi- 
metro el voltaje del colector, de la base y del emi- 
sor. A estos terminales les corresponden las punti- 
llas D8, D4 y DY. 


Paso 8. Con los valores obtenidos en el paso an- 
terior llene la tabla 3 y observe que aquí se com- 
prueba lo que definimos en la lección de los tran- 
sistores, 
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Análisis dinámico No. 3 


Calibración del transformador T2 y cálculo de la 
ganancia de voltaje del transistor Q2 


El objetivo de este análisis es alinear o calibrar 


Estos conducirán cuando la juntura B-E esté di- el transformador T2 para producir una ganancia má- 
rectamente polarizada y la juntura C-B esté inver- xima de la etapa para señales de 455 KHz. Calcu- 
samente polarizada. laremos también la amplificación o ganancia de vol- 


| Cre taje de la etapa para esta misma señal. 

Siendo Q2 un transistor NPN, la juntura B-E i ae 
está directamente polarizada cuando la base es posi- Procedimiento 
tiva con respecto al emisor (WCE = positivo). 


Paso 1. Encienda el generador de RF (o su genera- 


La juntura C-B está inversamente polarizada dor CEKIT), y el osciloscopio. 
cuando el colector es positivo con referencia a la ba- | 
se (VCB = positivo), Paso 2, Conecte el terminal negativo del generador 
de RF y la tierra del osciloscopio al negativo del ra- 
Análisis estático No. 2 dio (puntillas l a 21), 
Midiendo la corriente de colector del transistor Q2 Paso 3. Conecte el terminal de señal del generador 
de RF a la base de Q2 (puntilla D40) intercalando 
En el análisis estático No, 2 debemos verificar en serie un condensador de 0,01 uF ode 0.1uF. 
que el transistor Q2 tenga el valor correcto de co- 
rriente de colector. Paso 4, Conecte un canal del osciloscopio también 
a la base de Q2. Observe la figura A6l. 
Procedimiento 
Paso 5, Coloque la perilla TIME/DIV del oscilos- 
Paso |. Coloque el multímetro en la gama de co- copio en 2 LU Me la perilla VOLT/DIV en 1 mV. 
miente continua y en una escala mayor o igual a 5 Ajuste el generador de RF para producir una señal 
má. sin modulación de 455 KHz. 
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You can calculate the resonance frequency 
of this circuit using the following formula: 


] 
f. = —"— 
214 LC 


In this formula, r is the DC resistance of 
the inductor. However, if the reactance of the 
inductor is equal to, or more than, 10 times 
the DC resistance of the inductor, you can 
use the following simpler formula. This is the 
same formula that you used in problems 7 
and 8 for the series circuit. 


| l 
f, O r 
2T LC 
Q, the quality factor of the circuit, is equal 
to X L /r. Therefore, you can use this simple 


equation to calculate fr if Q is equal to, or 
greater than, 10. 

Questions 

A. Which formula should you use to calculate 
the resonant frequency of a parallel circuit if 
the Q of the coil is 20? 
B. If the Q is 8? 


Answers 


A. f _ l 


274/LC 


Ajuste la perilla de nivel de salida del generador 
de RF para producir una señal de 40 mVpp. Usted 
medirá el voltaje de esta señal usando un oscilos- 
copio; pa lo tanto, recuerde la atenuación de los 
terminales. 


Paso 6. Una la batería a su conector de bateria y en- 
cienda el radio. 


Desenganche el terminal del osciloscopio de la 
base de Q2 y conéctelo al colector de Q2, 


Cambie la posición de la perilla VOLT/DIV del os- 
ciloscopio para ver la señal en el colector. (VOLT/ 
DIV = 0.2 voltios). 


Paso 7. De la misma forma que se explicó en la ac- 
tividad anterior, ajuste el tornillo sintonizador de T2 
hasta obtener la máxima amplitud de la señal en la 
pantalla del osciloscopio. 


Calcule el voltaje pico a pico (WsQ2) de la señal 
y escríbala, 
VsQl=__ mVpp 


Paso 8. Apague el radio, el generador de RF y el os- 
ciloscopio y desenganche los terminales, 
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Paso 9. Conociendo el voltaje de la entrada (VEQ? 
= 40 mVpp) y la señal de salida del transistor Q2, 
calcule la ganacia de voltaje. 


VEQ2 ~ 40mVpp 


AvQ2 = 


Ahora calcule la ganancia de voltaje en dB. 
AvQ2 = 20 Log AvQ2 = 


Nota: Probablemente usted notará que la ganancia 
de voltaje de esta etapa es más pequeña que la de la 
segunda etapa amplificadora de FI. 


Esto es así porque estamos inyectando una se- 
ñal relativamente fuerte en la base de Q2. Por eso, 
el CAG causa que la amplificación de esta etapa sea 
pequeña. 


Paso 10. Desconecte el puente entre las puntillas D4 
y D3. 


Si ha realizado este ajuste correctamente, la pri- 
mera etapa de FI estará alineada en este momento, 


Lección 38 


Circuitos amplificadores de audio 


para radios AM y FM con 
circuitos integrados 


En la Lección 18 estudiamos el tema general de 
los amplificadores de audio y como aplicación se 
analizó el amplificador del radio AM CEKIT que ha 
servido como actividad de práctica y experimenta- 
ción en este Curso. 


En esta lección se analizaron circuitos con tran- 
sistores bipolares y con transistores de efecto de 
campo o FET's. 


Actualmente se ha desarrollado con gran rapidez 
la tecnologia de los circuitos integrados. Dentro de 
los diferentes tipos de éstos, se encuentra una fa- 
milia muy numerosa y de gran aplicación que es la 
de los amplificadores de audio integrados. 


Debido a su pequeño tamaño, gran eficiencia y 
fácil utilización se ha popularizado su uso en etapas 
de audio de radio AM, FM, aparatos de TV, equi- 
pos de sonido, pasacintas para automóviles, radiote- 
léfonos, intercomunicadores y muchos otros. 


Uncircuito integrado amplificador de audio con- 
tiene en su interior todos o casi todos los compo- 
nentes que forman una etapa como las que se estu- 
diaron en la Lección 18. 


Existe actualmente una gran cantidad de mode- 
los o referencias con potencias desde 0.5W hasta 
LOOW o más, elaborados por varios fabricantes. 


Debido a que este tema es de gran actualidad e 
importancia en cualquier estudio de radio vamos a 
presentar varios circuitos de este tipo con algunos 
comentarios sobre su diagrama, conexión y fun- 
cionamiento, 


Para circuitos de radio vamos a conocer circul- 
tos con potencias hasta de 10 vatios, suficiente para 
irradiar el sonido con muy buen volumen en un re- 
cinto cerrado. 


Como ya lo hemos mencionado, una de las ca- 
racterísticas más importantes de estos circuitos es la 
facilidad para su conexión. 


Con unos pocos componentes adicionales, cual- 
quier persona con conocimientos básicos de electró- 
nica puede armar un amplificador de audio ya sea 
pará aumentar el volumen de un radio, una grabado- 
ra o un tocadisco. 


Configuración general 
Un circuito integrado amplificador de audio lie- 
ne siempre una configuración general que incluye la 


entrada, la salida y la fuente de alimentación (figura 
479). 


Amplificador de audio con cl 


V+ 


Entrada | = Salida 


a i 


~ Et re ee 


Además de estos pines tiene unos terminales 
auxiliares para la conexión de algunos componentes 
externos que se utilizan para determinar las carac- 
terísticas de la etapa. El número de estos terminales 
varia según el modelo o referencia del circuito inte- 
grado y depende de su complejidad interna, 


En la figura 480 tenemos el diagrama, el circuito 
interno y el aspecto física de uno de estos circuitos 
integrados, el LM 386 fabricado por National Semi- 
conductor, 


Como se puede observar, en su interior están 
conectados varios transistores, diodos y resisten- 
cias de tal manera que cumplen la función de am- 
plificador de audio. Más adelante mostraremos la 
forma de conectarlo como amplificador de señal. 


A continuación vamos a conocer algunos de los 
modelos más comunes de este tipo de pines y sus 
circuitos de aplicación. 


Conoceremos la familia de circuitos de National 
Semiconductor, que es una de las fábricas que más 
referencias tiene, especialmente en circuitos de baja 
potencia. 
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Circuito Integrado amplificador de audio 
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Circuito LM380 ( 3 
Conexion de un radio aunCl 
Este fue uno de los primeros circuitos de este ti- a4 
po y aun se sigue ulilizando ampliamente, Se fa- 
brica en dos versiones: de 14 pines y de 8 pines. 


En la figura 481 tenemos sus diagramas de pi- cal ae A E uhhh TA 
nes, características eléctricas y dos circuitos de apli- ll A E ape 
cación. Note que en el segundo circuito se utiliza at 3 
una configuración en puente con la que se obtiene 
mayor potencia conectando dos circuitos iguales. 


Este tipo de configuración es muy común en 
estos circuitos como lo veremos más adelante. 


A A 


ic 
ir) 
ee 
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Para aplicar un circuito integrado amplificador 
de audio a un radio se toma la señal del detector y Circuito LM386 
se lleva a la entrada del circuito, La fuente de alimen- 
tación y la tierra deben ser comunes. El parlante va Este circuito está diseñado para trabajar a bajos 
a la salida del circuito integrado (figura 482), voltajes y es muy práctico para ser utilizado en ra- 
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dios AM y FM pequeños. La figura 483 muestra su 
diagrama de pines y algunos circuitos de aplicación. 


Una de sus funciones es la de poder variar su ga- 
nancia por medio de componentes externos conec- 
tados entre los pines 1 y 8. 51 no hay nada conec- 
tado, la ganancia es de 20; con un condensador la 
ganancia es de 200 y con una resistencia en serie 
con un condensador se puede variar la ganancia 
entre 20 y 200. 


Los componentes que están conectados con lí- 
neas punteadas son opcionales y mejoran la calidad 
del sonido, 

Circuito LM384 


_ EL LM384 es un circuito integrado que sumi- 
nistra una potencia hasta de 5 vatios. Por su confi- 


guración interna, requiere muy pocos componentes 
externos, lo que hace muy fácil su conexión. En la 
figura 454 tenemos el diagrama de pines y un circul- 
to de aplicación. 


Circuito LM384 


LLL een 


‘md, 4,5, 7, 10, 11, 12 


La salida tiene protección contra cortocircuito 
por medio de limitación térmica, Debido a su poten- 
cia, este circuito alcanza una temperatura alta y se le 
debe instalar un disipador de calor como el que se 
muestra en la figura 485, 


Disipador de calor para CI 


a 


CEKIT- € 


ON a 


urso de radio AM, FM, Banda Ciudadana y Radicafición 


Circuito LMI383 


El LM383 es un circuito integrado que puede | Bias} 1 | [14] V+ 
entregar una potencia hasta de 7 vatios. Por sus ca- Salida 2 
racteristicas de manejo de corrientes altas (hasta de nas 
3.5 Amps) se puede utilizar para manejar parlantes ee = iS 
con impedancia de 492 de los que se utilizan en los shine E bil 
automóviles. TE 5] GNO 


; | Entrada 2 
En la figura 486 tenemos su diagrama y un i i“ J 
circuito de aplicación. Por su potencia, a este CiT- ‘gadback [7 3] Feedback 
cuito se le debe instalar un disipador de calor fabri- 
cado con aluminio. 


5 V+ 

4 Salida 
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1 2 Entrada (+) 
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| Salida 2 
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Circuito LM377 SNOT ] GND 

| ¡| Entrada 2 

El LM377 es un amplificador integrado doble de = | TI Foedback 
potencia, de 2 vatios por canal, que se puede utili- | 

zar para tocadiscos, grabadoras, radios FM, etc. 


Este circuito está diseñado para utilizar el míni- 
mo de componentes externos y contiene un circuito 
regulador interno para cada etapa. Además, tiene 

rotección térmica y de sobrecorriente internas. En 
a figura 487 se muestran su diagrama de pines y 
un circuito de aplicación. 


Circuito LM378 


Este circuito, similar al anterior, puede entregar 
hasta 4 vatios de potencia por canal. En la figura 
488 se muestran su diagrama de pines y un circuito 
de aplicación. 


Los componentes extenos son mínimos. En los 
dos circuitos anteriores se debe utilizar un disipador 
de calor similar al usado por el LM384. 
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Lección 39 


Otros circuitos integrados para 


Introducción 


En esta lección se estudia una serie de circuitos 
integrados ago enel procesamiento de se- 
ñales AM, FM y FM estéreo. Todos estos dispositi- 
vos requieren de muy pocos componentes externos 
para configurar receptores y companio y ofre- 
cen unas caracteristicas de calidad sorprendentes. 


La mayoria trae incorporado un amplificador de 
audio, Otros necesitan un amplificador de audio ex- 
terno, transistorizado o integrado, Además, son 
muy flexibles en cuanto al rango de voltajes de ali- 
mentación con que pueden operar. 


En la primera parte se estudian los sistemas in- 
tegrados de recepción de AM adecuados para la ban- 
da doméstica de 530 a 1600 KHz. Se analiza en 
detalle el CI £2N414Z de Ferranti y se describen 
otros, destacándose los chips LM1863 y LM3820 
de National. 


En la segunda parte se estudian los sistemas 
integrados de recepción de FM adecuados para la 
banda estándar de 38 a 108 MHz. Se analiza en de- 
talle el CI TDA7000 de SGS-ATES y se describen 
brevemente otros como el LM1865 y el LM 3089, 


En la tercera parte se estudian los sistemas inte- 
grados de recepción simultánea de AM y FM. Se 
analiza en detalle el CI LM1868 de National y se 
describen brevemente otros como los de la serie 
TDA 1220 de SGS. 


En la parte final se estudian los sistemas integra- 
dos de demodulación de FM estéreo. Se am lian 
los conceptos de FM estéreo introducidos en la Lec- 
ción 29 y se analiza la operación del CI CA3089 de 
RCA. También se describen otros como el LM1800 
y el LM1870. 


En todos los casos se suministra información 
práctica muy útil sobre la operación y utilización de 
los chips más representativos, y las funciones de 
cada pin. También se proporcionan circuitos de apli- 
cación típicos, fáciles de implementar con compo- 
nentes comunes y se explica $u funcionamiento. 


Sistema de recepción de AM ZN414Z 


El Cl 4N414Z de Ferranti es un sistema com- 
pleto de recepcién de AM que contiene, en una mis- 


ma cápsula TO-8 de 3 pines, un amplificador de RF 
de 4 etapas con CAG y un detector a transistor, El 
circuito consiste internamente de 10 transistores, 
15 resistencias y 4 condensadores, 


En la figura 489 se muestra el aspecto físico, el 
símbolo y el diagrama interno de bloques del CI 
ZN414Z. La entrada de RF (pin 2) es de muy alta 
impedancia (4 ME). La salida de audio (pin 1) pue- 
de manejar directamente un audífono de 400 a 600 
{2 sin necesidad de amplificador de audio. 


El circuito integrado 2N414Z : 
x b) Símbolo 


= 
Tiarra 


€) Diagrama funcional de bloques 


Elapa de anima  Gondansadoreu 
de muy alta impairs dh acoplamiento 


El 2N414Z puede operar con tensiones de ali- 
mentación desde 1,2 hasta 1.6 V. El fabricante reco- 
mienda utilizar una fuente de 1.3 V. Bajo estas con- 
diciones, el consumo de corriente es típicamente de 
0.3.1 0.5 mA. | 


El ZN414Z se especifica para trabajar en el 
rango de frecuencias comprendido entre 150 KHz a 
3 MHz. Su detector ha sido diseñado para respon- 
der a señales de AM dentro de esta gama. Sin em- 
bargo, ha sido utilizado con éxito a frecuencias su- 
periores a 7 MHz, 


_ Esta caracteristica lo hace apropiado para ser uti- 
lizado como receptor de AM en las bandas de onda 
larga (150 a 300 KHz), onda media o AM estand: 
(530 a 1600 KHz) y de señalización de tiempo o 
WWYV (2.5, 5, 10 y 15 MHz) de la NBS (Buró 
Nacional de Estándares) de los Estados Unidos 
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Las emisiones de WWY las origina la NBS 
desde Boulder (Colorado, EE-UU). Consisten en 
tonos alternados de 440 y 680 Hz que modulan en 
amplitud la portadora principal y se utilizan para 
calibrar la frecuencia de equipos de comunicaciones 
tanto profesionales como de radivafición, 


La ganancia de potencia típica del ZN414Z es de 
72 dB pero se han reportado ganancias de potencia 
hasta de ¡110 dB! La salida de audio es del orden 
de 30 mV (valor rms), Con una fuente de 1.3 V, el 
umbral de sensibilidad (mínima señal de entrada 
discernible sin ruido) es de 50 Y. 


El ZN414Z puede manejar directamente un au- 
difono de 400 a 600 © Para impulsar un parlante 
de baja impedancia, la salida de audio (pin 1) debe 
acoplarse do dr ala entrada de un amplifi- 
cador de audio apropiado. 


La acción del control automático de ganancia 
(CAG) del ZN414Z depende de la pga de la 
carga. Para independizar el CAG de la carga, se 
recomienda utilizar un condensador de aislamiento 
entre esta última y la salida de audio (pin 1). 


En la figura 490 se muestra el esquema de un re- 
ceptor completo de AM con ZN414Z para la banda 
doméstica de 530 a 1600 KHz. El ancho de banda 
es del orden de 4 KHz. 


El circuito opera a partir de una bateria o una 
fuente regulada de 9 V. Se puede utilizar como am- 
plificador de audio una o varias etapas a transistores 
o cualquiera de las configuraciones con Cls vistas 
en la Lección 38. 


El regulador de voltaje constituido por el transis- 
tor Q1, las resistencias R2, R3 y R4, el potencióme- 
tro Rs y el condensador C2 permite que el receptor 
opere confiablemente a partir de la fuente de 9V. El 
condensador C3 aisla el circuito de CAG del 
ZN414Z del amplificador de audio. 


El potenciómetro R5 se utiliza para ajustar el vol- 
taje entré los pines 1 y 3 (puntos A y B) del 
ZN414Z al nivel de 1.3 Y recomendado por el fa- 
bricante. Una vez fijado este voltaje, R5 puede ser 
sustituido por una resistencia de valor apropiado. 


La bobina L1 y el condensador variable CV1 son 
unidades estándar de 30 pH y 365 pF, respectiva- 
mente, del mismo tipo de las utilizadas en el 
receptor de AM CEKIT. Estos componentes deben 
mantenerse aislados del resto del circuito para mi- 
nimizar efectos de realimentación no deseables. 


En la figura 491 se muestra una versión sim- 
plificada del circuito de la figura 490 utilizando un 
audífono de 400 a 600 © y una pila de 1.5 V. Este 
receptor "mínimo" capta estaciones locales de AM 
con sorprendente claridad y a un buen volumen. 


El circuito de la figura 491 puede convertirse 
fácilmente en un receptor de WW V de 2.5 MHz con 
unas pocas modificaciones. En la figura 492 se 
muestra el diagrama correspondiente. Para proveer 
una óptima recepción de la señal WWV, utilice co- 
mo antena un alambre de 4 a 5 m de longitud. 


Las bobinas L2 y L4 son unidades estándar de 
30 pH con núcleos ajustables de ferrita, La deriva- 
ción de L2 debe realizarse a 10 espiras del extremo 


Receptor completo de AM con ZN414Z 
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inferior para proporcionar un buen punto de acopla- 
miento con L3. 


Receptor de WWV con ZN414 


z Antena (4,6 m) 


E cy 
355 pF ¿NA14Z 


Audlionos 
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Las bobinas L1 y L3 consisten de 10 espiras de 
alambre aislado o Litz y se acoplan magnéticamente 
a L2 y L4 respectivamente, como se indica. El aco- 
plamiento magnético puede también efectuarse deva- 
nando L1 alrededor de L2 y L3 alrededor de LA. 


Cuando sintonice el receptor de la figura 492, 
utilice los condensadores variables CV1 y CV2 para 
la sintonía propiamente dicha y desplace los núcleos 
de L2 y L4 para conseguir ajustes finos. 


Manipule estos componentes hasta conseguir la 
recepción más fuerte y clara posible de la señal 


WWY de 2.5 MHz. Una vez conseguido el punto 
óptimo de calibración, inmovilice las bobinas y con- 
densadores con cemento plástico o similar, 


Recuerde que la acción del CAG del 7ZN414Z 
depende fuertemente de la impedancia de los audifo- 
nos. Por esta razón, utilice preferiblemente audifo- 
nos de 400 a 600 (2. Tenga también presente que la 
señal WWYV sólo se emite a determinados momen- 
tos del día. 


Además de receptores de AM y WWY, el 
£N4142 puede también utilizarse en una gran va- 
nedad de aplicaciones. Es sin duda uno de los chips 
de experimentación con radio más versátiles y eco- 
nómicos de que se dispone actualmente. 


Por ejemplo, si se sintoniza a una frecuencia fija 
de 1,75 Mile (FI) y se continúa con un convertidor 
de 2 a 54 MHz, pueden captarse transmisiones de 
onda corta. 51 se introduce realimentación positiva 
de RF y se hace oscilar, el 2N414Z permite de- 
modular emisiones de banda lateral única (SSB). 


Otros circuitos integrados receptores de AM. 
LM1863 y LM3820. 


Además del 2N414Z, existen otros circuitos inte- 
grados que, con unos pocos componentes externos, 
permiten implementar receptores completos de AM 
para la banda de 530 a 1600 KHz y otros servicios. 
Destacamos, entre otros, los siguientes de la línea 
de National: 


*1.413820, Sistema receptor de radio AM de 3 
etapas. 14 pines. Superior al LM1820. Incluye am- 
plificador de RF, oscilador, mezclador, amplifica- 
dor de FI, detector de CAG y regulador de voltaje. 
Tensión de alimentación máxima: 16 Y. 


*LMI1863. Sistema receptor de AM para radios 
de sintonía electrónica. 20 pines. Se utiliza en recep- 
tores de AM con búsqueda automática de emisoras, 
Puede manejar directamente un sintetizador PLL. 
Compatible con AM estéreo. Voltaje de alimenta- 
ción máximo: 16 Y, 


En la figura 493 se muestra la configuración de 
pines y el diagrama funcional de bloques del CI 
[.M3820. El sistema incorpora, en una cápsula DIP 
de 14 pines, un amplificador de RF, un oscilador 
local, un mezclador, un amplificador de Fl, un cir- 
culto de CAG y un regulador Zener . 


En la figura 494 se muestra un circuito típico de 
aplicación del LM3820. El tanque doblemente sin- 
tonizado T1-T2, que acopla la salida del mezclador 
(pin 14) con la entrada del amplificador de Fl (pin 
7), provee una alta selectividad, 
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El | circuito Integrado LM3820 


Las bobinas de antena (L1) y osciladora (L2), 
así como los transformadores de Fl (T1, T2, T3) y 
el condensador variable de dos secciones (CA, CB), 
son estándares, del mismo tipo de las utilizadas en 
el receptor de AM CEKIT., 
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En la figura 495 se muestra la configuración de 
pines y el diagrama interno de bloques del CI 
LM1863. El sistema incorpora, en una cápsula SO 
o de montaje superficial de 20 pines, un oscilador 
local, un mezclador, un amplificador de Fl de dos 
etapas, un detector y un regulador de voltaje. 

308 


El oscilador local puede manejar directamente un 
sintetizador o rastreador de frecuencias externo, El 
chip utiliza un detector de CAG de RF para reducir 
la ganancia del amplificador de RF externo y 
minimizar el efecto de sobrecarga de señales muy 
fuertes. La Tabla | resume la función de cada pin. 


Tabla 1, Función de los pines del LMI1863 


1. Terminal de desacople de CAG y RF, 
| 2. Tierra (GND). 
3. Salida de CAG para amplificador de RF. 
4. Entrada para el filtro de CAG. 
£. Terminal de ajuste del tiempo de stop.* 
6. Entrada de la fuente de alimentación (Vcc). 
7. Entrada a cristal del detector de emisoras, 
8. No se utiliza, l 
9, Salida digital de control del sintetizador, 
10. Salida del mezclador. 
|. Entrada de FI. 
2. Desacople de Fl. 
3. No se utiliza, 
. Salida de FI. 
. Salida de audio. 
. Salida regulada de 5.6 V. 
. Salida para medidor de intensidad de señal, 
| 18. Tanque oscilador, 
19. Salida de LO para sintetizador PLL. 
20. Entrada del mezclador, 


Nota *: El tiempo de stop o de parada es el tiempo 

requerido por el Cl para explorar la banda AM e in- 
dicar en el pin 9 cuando se ha sintonizado una emi- 
sora válida. 


Sistema de recepción de FM TDA7000 


El TDA7000 de SGS es un sistema completo de 
recepción de FM que incluye, en una misma cáp- 
sula DIP de 18 pines, un oscilador local, un 
mezclador, un filtro de Fl de dos etapas, un ampli- 
ficador limitador de FI, un demodulador de FM y 
un circuito de mute o de silenciamiento de ruido. 


El filtro de Fl de dos etapas determina la selec- 
tividad del receptor, Se caracteriza por ser activo. 
La frecuencia central, así como las frecuencias 1n- 
ferior y superior de la banda de paso, se establecen 
mediante condensadores externos, 


Los filtros activos realizan las mismas funciones 
de los filtros pasivos LC estudiados en la Lección 
11 pero no utilizan bobinas. Operan a base de con- 
densadores, resistencias y amplificadores opera- 
cionales. En el TDA7000, estos dos últimos tipos 
de componentes están incorporados en el chip. 


El circuito integrado LM1863 


El circuito silenciador de ruido impide la recep- 
ción de espúreas y elimina pulsos de ruido super- 
puestos a la señal de audio. Lo controla internamen- 
te un detector de correlación asociado al demo- 
dulador de FM. 


Los demás bloques (oscilador local, mezclador, 
etc.) realizan las mismas funciones que en un re- 
ceptor de FM convencional. Sin embargo, el 

JA7000 utiliza internamente una Fl de 70 KHz en 


El circuito inte 


rado 7DA7000 ? 
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Fig. 495 E 


lugar de la FI estándar de 10.7 MHz. Las razones 
de esto último son puramente técnicas y se explican 
más adelante. 


El TDA7000 resulta adecuado para radios de 
FM portátiles por la mínima cantidad de componen- 
tes externos o periféricos que requiere. También se 
puede utilizar como receptor en equipos de banda 
ciudadana, teléfonos inalámbricos, sección de so- 
nido de televisores y otros sistemas FM. 


A o ee eee 


Fig. 496 | 
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27 / LC L 
Note Here IS another version of the 
resonance frequency formula that is helpful 


when Q is known: 


l 
f, = | - 
2T4LC V1 + Q* 


11 You can calculate the total opposition 
(impedance) of an inductor and capacitor 
connected in parallel to the flow of current by 
using the following formulas for a circuit at 
resonance: 


Z, = Q’r, if Q is equal to or greater than 10 


Ln = : , forany value of Q 


rC | | 
At resonance, the impedance of an inductor 
and capacitor in parallel is at its maximum. 
You can use an inductor and capacitor In 


parallel in a voltage divider circuit, as shown 
in Figure 7.15 
Figure 7.15 


il 


En la figura 496 se muestra el aspecto físico, la 
configuración de pines y el diagrama interno de blo- 
ques del TDA7000. Se indica también, en línea 
gruesa, la trayectoria de la señal desde la entrada de 
RF (pin 13) hasta la salida de audio (pin 2). La 
Tabla 2 resume la función de cada pin. 


¡Tabla 2, Función de los pines del CI TDA7000 


| 


1. Condensador del silenciador de ruido (C1). 

2. Salida de audio y de deénfasis (R22) 

3. Condensador de la fuente de ruido (C3). 

4. Condensador del filtro del FLL* (04), 

5. Fuente de alimentación y desacople (Vcc, C5). 

6. Entrada de control del oscilador local (LO). 

7. Condensador del primer filtro de FI (C7), 

4. Condensador del primer filtro de FI (C8). 

9, Condensador del primer filtro de FI (C7), 
10. Condensador del segundo filtro de FI (C10). 
11. Condensador del segundo filtro de Fl (C11). 
12, Condensador de salida del filtro de FI (C12). 
13. Entrada de RF del mezclador (RF) 
14. Desacople del mezclador (C14) 
15. Desacople del amplificador de FI (C15) 
16. Terminal de referencia (GND o tierra). 
17, Condensador del demodulador (C17). 

18. Condensador del detector de correlación (C18). 


* Nota : PLL es la abreviatura de frequency-locked 
loop (lazo de amarre de frecuencia). Se trata de un 
circuito interno de control del oscilador local. Su 
operación se explica más adelante. 


El TDA7000 puede trabajar con tensiones de ali- 
mentación desde 3V hasta 12 V. El fabricante re- 
cormenda operarlo con 4,5 V, Bajo estas condicio- 
nes, el consumo de corriente es del orden de 8 mA. 


Externamente, el TDA?7000 sólo necesita de 
unos componentes pasivos (resistencias, conden- 
sadores y bobinas) para configurar un receptor 
completo de FM, Estos componentes son, básica- 
mente, los siguientes: 


* Un condensador para determinar la constante 
de tiempo requerida porel circuito silenciador de rui- 
do para asegurar la supresión de pulsos o tran- 
sientes de ruido presentes en la señal de audio. Este 
condensador (C1) se conecta entre el pin 1 (salida 
del detector de correlación) y el +Vce (pin 4). 


* Un circuito pasabajos RC para determinar el 
grado de deénfasis de la salida de audio, Este cir- 
culto (R2C2) se conecta entre el pin 2 (salida de au- 
dio) y tierra (pin 16), 


* Un condensador para determinar el nivel de 
salida del generador de ruido asociado al circuito 
silenciador, Este condensador (C3) se conecta entre 
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el pin 3 (entrada del generador de ruido) y el +Vce 
(pin 5), En ciertos casos, C3 puede omitirse, 


* Un condensador para determinar la constante 
de tiempo del circuito pasabajos de salida del demo- 
dulador de FM. Este condensador (C4) se conecta 
erie pin 4 (salida del demodulador) y el +Vce 

in 3). 


El circuito pasabajos anterior lo constituyen la 
resistencia de 13,6 K£2 interna y el condensador C4 
externo. Su propósito es eliminar las armónicas de 
FI presentes a la salida del demodulador de FM. 


* Un condensador de desacople de RF para la 
fuente de alimentación. Este condensador (C5) se 
conecta entre el pin 3 (+Vec) y tierra (pin 16). Fi- 
sicamente. debe estar lo más próximo al pin 5 del 
1047000 como sea posible, | 


« Un circuito sintonizado LC para establecer la 
banda de operación del oscilador local, Este circuito 
se conecta entre el pin 6 (entrada de control del LO) 
y el +Vcc (pin 5). 


* Dos condensadores para establecer, en asocio 
con las resistencias internas de 2.2 KO, la frecuen- 
cia central o de corte del filtro de FI de dos etapas, 
Estos condensadores (C7 y C8) se conectan, en su 
orden, entre los pines 7 y 5 salida del primer filtro 
de Fl) y entre el 5 y el +Vec (pin 5). 


* Dos condensadores para establecer, en asocio 
con las resistencias internas de 4.7 KO, los límites 
inferior y superior de la banda de paso del filtro de 
Fl de dos etapas. Estos condensadores (C10 y C11) 
se conectan, en su orden, entre los pines 10 y 11 
(entrada del segundo filtro) y entre el 11 y el +Vox, 


* Un condensador para determinar, en asocio 
con la resistencia interna de 12 KO, el límite su- 
perior de la banda de paso de un circuito pasabajo 
previo al amplificador limitador de FI. Este conden- 
sador (C12) se conecta entre el pin 12 ( salida del fil- 
tro de FI de dos etapas) y el +Vec (pin 5). 


* Un circuito sintonizado LC para establecer la 
banda de recepción de RF deseada, es decir, la ga- 
ma de frecuencias dentro de las cuales proporciona 
sintonía el receptor, Este circuito se conecta entre 
los pines 13 (entrada de RF del mezclador) y 14 (ter- 
minal de desacople de RF del mismo). 


Nota: El rango de respuesta de frecuencia del 
TDA7000 se extiende desde 1.5 hasta 110 MHz, 


Por lo tanto, incluye la banda comercial de FM 
estándar de América y Europa (88 a 108 MHz), la 
banda de FM estándar del Japón (76 a 91 MHz) y 
otras bandas populares de FM, - 


« Un condensador de desacople de RF para el 
mezclador. Este condensador (C14) se conecta entre 
el pin 14 y tierra (pin 16). Su función consiste en 
establecer una tierra dinámica para lá señal de RF 
apis ada al mezclador sin afectar las condiciones de 

IC de la etapa. 


* Un condensador para desacoplar la realimen- 
tación de CC del amplificador/limitador de Fl. Este 
condensador (C15) se conecta entre el pin 15 y el 
+Vcc (pin 5). 


+ Dos condensadores para establecer la frecuen- 
cia intermedia (Fl) de referencia del demodulador 
de FM y el detector de correlación. Estos conden- 
sadores se conectan de los pines 17 y 18 a tierra 
(pin 16), respectivamente. 


Recuerde que el TDA7000 utiliza una FI interna 
de 70 KHz y no la estándar de 10.7 MHz. 


El empleo de una Fl tan baja permite lograr una 
integración total, proporciona un adecuado rechazo 
de frecuencias imagen y espúreas y garantiza una 
buena relación señal a ruido. Sin embargo, puede 
introducir distorsión. 


La distorsión es particularmente crítica en el ca- 
so de señales de entrada fuertemente moduladas, es 
decir, con desviación máxima. Para obviar este in- 
conveniente, el TDA7000 comprime la desviación 
pico de la señal de Fl (+75 KHz) a +15KHz. 


Esta compresión del margen de desviación se lo- 
gra desplazando la frecuencia del oscilador local 
mediante la señal de salida del demodulador de FM. 
La frecuencia del LO varía en proporción inversa a 
la desviación de frecuencia de la señal de FL 


El circuito de control así constituido se denomi- 
na FLL o bucle de enganche de frecuencia. FLL es 
la abreviatura en inglés de frequency-locked loop. 


La acción del FLL en el TDA 7000 no debe con- 
fundirse con la del CAF en un receptor de FM con- 
vencional, Este último mantiene constante la fre- 
cuencia del LO, El FLL, en cambio, la varia per- 
manentemente, dependiendo del valor instantáneo 
de desviación de la señal de FI. 


En la figura 497 se muestra el circuito completo 
de un receptor de FM para la banda doméstica de 88 
a 108 MHz con TDA7000. El radio opera a partir 
de una fuente de 4.5 V, fácil de obtener conec- 
tando 3 pilas de 1.5 Y en serie. 


El receptor responde a niveles señales de entrada 
desde 1.5 UV hasta 200 mV, sin introducir distor- 
sión ni ruido, El primer valor (1.5 uV) es su wmn- 
bral de sensibilidad, es decir, la señal más débil que 
puede discernir sin ruido. La salida de audio es del 
orden de 70 mY (valor rms). 


Se puede utilizar como amplificador de audio 
una o varias ¢lapas a transistores o cualquiera de las 
configuraciones con circuitos integrados vistas en la 
Lección 38, 


Las funciones de los condensadores C1 hasta 
Cis y del filtro pasabajos R2C2 son las mismas 
explicadas anteriormente, Con los valores de com- 
ponentes suministrados, la Fl es de 70 KHz y el an- 
cho de banda es del orden de 92 KHz.La constante 
de tiempo R2C2 es de =40 Ls, 


_ El circuito de sintonía del oscilador local lo cons- 
tituyen la bobina ajustable LI, el condensador varia- 


- Receptor completo de FM TDA7000 
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ble C20 y los condensadores fijos C19 y C21. El 
circuito de sintonía de RF lo forman la bobina L2 y 
los condensadores C22 y C23. El único componente 
que requiere ajuste es la bobina L1. 


Para la recepción de otras bandas de FM distin- 
tas a la estándar ($8 a 108 MHz), deben modificar- 
se los valores de L1 y L2. Por ejemplo, para la ban- 
da japonesa de 76 a 91 MHz, Li debe ser de 0.078 
LH y L2 de 0.15 WH. 


En la figura 498 se muestra la forma de modifi- 
car el receptor de la figura 497 utilizando un diodo 
varactor como sintonizador. El varactor actúa como 
un condensador en paralelo con la bobina LI, Su 
capacitancia se controla mediante el voltaje inverso 
suministrado por el potenciómetro de 100 KQ 
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Otros receptores integrados de FM 


Además del TDA7000, existen otros circuitos 
integrados que, con unos pocos componentes exter- 
nos, permiten implementar receptores completos de 
FM para la banda de 88 a 108 MHz y otros servi- 
cios, Destacamos, entre otros, los siguientes de la 
línea de National: 


*-LMI1865, 1965 y 2065. Sistemas avanzados de 
FI para FM. Todos son de 20 pines, El LM1865 y 
el LM 2065 han sido diseñados para receptores de 
FM con sintonía electrónica (búsqueda automática 
de emisoras) y el LM1965 para receptores de sinto- 
nia manual. Voltaje de alimentación: 16V, máximo, 


*LIMS089. Sistema de FI para FM. 16 pines, 
Incluye amplificador de audio, Apropiado para auto- 
radios, equipos de alta fidelidad y de comunicacio- 
nes y otros sistemas FM. Reemplaza el CA3089E 
de RCA. Voltaje de alimentación máximo: 16V, 
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1,113189: Sistema de FI para FM superior al 
LM3089, 16 pines. Incluye amplificador de audio, 
amplificador/limitador de FI de 3 etapas, detector de 
FM doblemente balanceado, regulador de voltaje y 
otras funciones. Opera con voltajes entre 8.5 y l6 
V, Apropiado para equipos de alta fidelidad, 


*LM336LA. Sistema de Fl para FM de banda es- 
trecha. Incluye oscilador, mezclador, amplificador 
limitador de Fl, demodulador y otras funciones, $i- 
milar al MC3361 de Motorola. Trabaja con menos 
de 2V. Voltaje de alimentación máximo: 12V, 


"TBA 1208. Amplificador de Fl y detector de 
FM. 14 pines. Adecuado para la detección de audio 
en receptores de TV y FM. Incluye amplificador de 
FI de E etapas con limitador, detector balanceado, 

amplificador de audio y regulador de voltaje. 
a con voltajes entre 6 y 18 Y. 


Sistema receptor de AM y FM LMIS68 


El LM1868 es un sistema integrado de recepción 
de AM y FM que proporciona toda la circutteria 
necesaria para implementar un radio de dos bandas 
AM/FM de 0.5 W. En la fi 499 se muestra su 
distribución de pines y el diagrama interno de blo- 
ques. 
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El LM1868 puede operar a partir de una bateria 
o una fuente de 9 Y. Como puede observarse, in- 
corpora un amplificador de audio y un regulador de 
voltaje. Estos bloques son comunes a los cireuitos 
de AM y EM, El amplificador de audio puede ma- 
nejar directamente un parlante de $02. 


La sección de FM consta de un amplificador de 
Fl y un detector. La sección de AM consta de un os- 
cilador local, un mezclador, un amplificador de Fl y 
un amplificador de CAG. El oscilador y el mez- 
clador configuran un conversor de AM. 


El amplificador de CAG interno de AM gobierna 
la operación tanto del mezclador como del ampli- 
ficador de FI. Las salidas de los detectores de AM y 
EM se superponen en el pin 17, que es la salida co- 
mún de audio, La entrada del amplificador de audio 
es el pin 18. 


En el modo AM, la señal de antena se acopla 
capaciiivamente al pin 7 (entrada del mezclador). La 
frecuencia del oscilador local se programa mediante 
un circuito sintonizado LC conectado al pin 8 (en- 
trada del LO). 


La FI se selecciona mediante un circuito 
sintonizado conectado al pin 9 y se acopla inductiva- 
mente al pin 11 (entrada del amplificador de FI). 
Después de amplificada, la señal de Fl se aplica al 
detector y se controla mediante una trampa LC co- 
nectada al pin 13 (entrada del detector). 


Una vez detectada, la señal de audio se obtiene 
en el pin 17, Esta señal se puede acoplar a un ampli- 
ficador de audio externo o a la entrada del amplifica- 
dor interno (pin 18). Una vez amplificada, la señal 
de audio impulsa, desde el pin 20, el parlante. Los 
demás pines AM (10, 12 y 14) son de control. 


En el modo FM, la señal de FI proveniente de 
un mezclador o conversor de FM externo se aplica a 
la entrada del amplificador de Fl y se detecta. La FI 
de referencia del detector de FM se establece me- 
diante un circuito LC conectado al pin 15, Una vez 
detectada, la señal de audio se suministra al pin 17. 


Otros receptores integrados de AM/FM. 


Además del LMI868, existen otros CIs. que, 
con unos pocos componentes externos, permiten 
implementar receptores completos de AM/FM para 
las bandas de 530 a 1600 KHz y de 88 a 108 MHz, 
respectivamente, Destacarnos, entre otros, los si- 
guientes de la línea de SGS-ATES: 


*TDAI2Z2Z0A. Radio AM-FM. 16 pines, Diseña- 
do para su uso en radios portátiles y domésticos de 
AM y FM. Trabaja con tensiones de alimentación 
desde 3 hasta 16 V. 


La sección AM incluye oscilador local, mezcla- 
dor con preamplificador, amplificador de Fl con 
CAG, detector balanceado y preamplificador de au- 
dio, La sección de FM incluye amplificador de El, 
detector de cuadratura y preamplificador de audio. 


"DA 12208. Radio AM-FM de alta calidad, 16 
pines. Versión mejorada del TDA1220A. Adecuado 
para producción en serie, Utiliza un mezclador do- 
blemente balanceado en la sección AM. Cubre ban- 
das de AM hasta 30 MHz. Compatible con FM es- 
téreo. Opera con 3a 12 Y. 


*IDALZ20L. Radio AM-FM de bajo voltaje, 16 
pines. Diseñado para su uso en radios portátiles que 
operan con baterías de 4.50 6V. El máximo voltaje 
de alimentación admisible es 12 V. La misma confi- 
guración interna del TDA1220B, 


Fundamentos de la recepción de FM estéreo 


Como vimos al final de la Lección 29 (página 
232), en una emisora de FM estéreo la información 
de audio proveniente de los micrófonos izquierdo 
(L) y derecho (R) se procesa en un mezclador de au- 
dio. Este entrega una señal de audio suma (L+R) o 
monofónica y una señal diferencia (L-R) o estéreo. 


La señal L+R modula directamente la portadora 
de 88 a 105 MHz como en el sistema FM conven- 
cional o monofónico. La señal L-R modula previa- 
mente en amplitud una subportadora de 38 KHz 
que se suprime durante el proceso de transmisión. 


Las dos señales modulan la portadora principal 
de FM conjuntamente con un tono piloto de 19 
KHz que facilita, en el receptor, la regeneración de 
la subportadora suprimida de 38 KHz. Esto permite 
demodular la señal estéreo L-R y recuperar las 
señales L y R originales. 


Además de señales estéreo, las emisoras de FM 
pueden también transmitir sobre subportadoras de 
33 a 75 KHz música de fondo, reportes de tiempo 
y otros programas privados. Este servicio se deno- 
mina FM multiplex o SCA y se presta por suscrip- 
ción ($$) a hoteles, restaurantes y otros sitios. 


En la figura 500 se muestra la distribución de fre- 
cuencias del canal de audio de una señal de FM es- 
téreo. La señal monofónica (L+R) se extiende 
desde Ü hasta 15 KHz y la señal estéreo (L-R) des- 
de 23 hasta 53 KHz. Se incluye también una sub- 
portadora SCA o multiplex de 67 KHz. 


Las señales mono y estéreo modulan la por- 
tadora principal del canal en un 80% o 90%, dejan- 
do un 10% para el tono piloto de 19 KHz y un 10% 
para la señal multiplex o SCA, cuando se utiliza, 


Un receptor de FM estéreo detecta la señal L-R 
e individualiza la información original de los cana- 
les izquierdo (L) y derecho (R) en dos parlantes. 
Los receptores monofónicos de FM, como el radio 
FM CEKIT, detectan la señal compuesta L+R pero 
no separan sus componentes L y R individuales. 
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Espectro de audio de la Señal FM estéreo 
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Existen varias maneras de recuperar, en forma 
independiente, la información de los canales L y R 
de una señal de FM estéreo. Uno de los métodos 
más eficientes es utilizar un lazo de amarre de fase 
o PLL. Además, el PLL se presta a la integración, 


Demodulador integrado de FM estéreo CA3090 


La primera compañía en a ip el principio 
PLL en un decodificador integrado de FM estéreo 
fue la RCA. En la figura 501 se muestra el diagra- 
ma interno de bloques del decodificador PLL de 
FM estéreo CA3090, precursor de toda una genera- 
ción de dispositivos como el popular LM18500, 


La regeneración de la subportadora de 38 KHz 
la realiza un circuito PLL constituido por un VCO 


El circulto integrado CA3090 


(oscilador controlado por voltaje) de 76 KHz, una 
cadena de divisores de frecuencia que genera las se- 
ñales requeridas por el proceso y un detector de fa- 
se de 19 KHz. 


El voltaje de CC de salida de este último es pro- 
porcional a la diferencia de fase entre la salida del 
divisor de frecuencia de 19 KHz y la señal piloto 
incidente de 19 KHz. Para operar, el VCO requiere 
de una bobina externa entre los pines 15 y 16. 


Se utiliza una frecuencia de VCO de 76 KHz 
para asegurar que la portadora reinsertada de 38 
KHz sea perfectamente simétrica y la separación en- 
tre los canales de audio (L. y R) sea nítida. 


La salida del detector de fase de 19 KHz es cero 
cuando la frecuencia del VCO es correcta (76 KHz) 
o cuando no hay señal piloto de 19 KHz. Este úl- 
timo es el caso de emisiones de FM monofónicas. 
Para señalizar la presencia de una emisión de FM 
estéreo se utiliza un detector de 19 KHz adicional. 


Los componentes externos conectados a los pi- 
nes 6,7 y 8 establecen el umbral de sensibilidad y 
la constante de tiempo de este detector de presencia 
de la señal piloto de 19 KHz. 


La salida del divisor de frecuencia está en fase 
con la señal piloto y proporciona la señal de control 
de un conmutador electrónico de mono a estéreo del 
tipo Schmitt trigger. 


Este pert ir amet a dispara el detec- 
tor de la señal L-R, habilitando la recepción de pro- 
gramas estereofónicos, y excita la lámpara indi- 
cadora de estéreo. 


La señal de salida del detector L-R se procesa en 
un circuito sumador o matriz con la señal estéreo 
de FM recibida y aplicada al pin 1. A la salida de la 
matriz se obtienen individualmente las señales de 
los canales izquierdo (L) y derecho (R). La señal 
estéreo de entrada es previamente amplificada. 


Las señales L y R se amplifican por separado y 
se suministran a los pines Y y 10 respectivamente. 
De estos puntos se envían a los amplificadores de 
potencia externos de cada canal. La separación entre 
canales es del orden de 40 dB y el rechazo a las 
señales SCA de 55 dB. 


Otros demoduladores de FM estéreo integrados 


Además del CA3090, existen otros circuitos 
integrados que, con unos pocos componentes exter- 
nos, permiten implementar receptores completos de 
FM estéreo para la banda de 88 a 108 MHz y otros 
servicios. Destacamos, entre ellos, los siguientes: 


:1,M11800, Demodulador de FM estéreo con 
PLL. Utiliza técnicas de PLL (lazo de amarre de fa- 
se) para regenerar la subportadora de 38 KHz. 16 
pines. Voltaje de alimentación máximo: 18 V. 


*LM1870, Demodulador de FM estéreo con re- 
ducción de ruido.Utiliza técnicas de PLL. para re- 
generar la subportadora de 38 KHz y control por 
CC para reducir el mido durante la recepción de 
señales débiles, Opera con voltajes de alimentación 
entre 7 y 15 V. 


"1.M14500A., Demodulador de FM estéreo de alta 
fidelidad con reducción de ruido. 16 pines. Utiliza 
una novedosa técnica de demodulación de FM que 
minimiza la interferencia entre emisoras adyacentes 
debida a los armónicos de la subportadora de 38 
KHz. Máximo voltaje de alimentación: 16 V. 


*TEAI330. Decodificador de FM estéreo, 16 pi- 
nes. Utiliza técnicas de PLL. No requiere bobinas 
externas. Sólo necesita ajuste del VCO, Puede tra- 
bajar con voltajes entre 3 y 14 V. 


*MCI310P. Decodificador de FM estéreo. 14 pi- 
nes. No requiere bobinas. Utiliza técnicas de PLL. 
Sólo necesita ajuste del VCO. Separación entre ca- 
nales de 40 dB. Rechazo de SCA de 80 dB. Trabaja 
con voltajes entre 8 y 16 V. 


En la figura 502 se muestra el diagrama de blo- 
ques y un circuito típico de aplicación del Cl LM 
1800, El chip trabaja con tensiones hasta de 18 V y 
puede manejar directamente una mpana indica- 
dora de estéreo de 100 mA conectada al pin 7. 


El LM18000 incorpora, en una cápsula de 16 
pines, un regulador de voltaje, un preamplificador 
de audio, dos detectores de fase, un amplificador de 
baja frecuencia, un VCO de 76 KHz, una cadena de 
divisores de frecuencia, un conmutador electrónico 
de mono a estéreo y un decodificador de estéreo. 


El amplificador de baja frecuencia, el VCO, el di- 
visor de frecuencia y uno de los detectores de fase 
configuran un circuito PLL que produce la sub- 
portadora de 78 KHz. El otro detector de fase de- 
tecta la presencia del tono piloto de 19 KHz y con- 
trola la operación del conmutador electrónico. 


La señal compuesta de audio, proveniente del 
detector de FM del receptor, se acopla mediante Cs 
a la entrada del preamplificador de audio (pin 1), Es- 
te último proporciona una señal de salida (V) para el 
decodificador y otra (W') para los detectores de fase 
del PLL y el detector de piloto. 


La señal de audio Y es accesible externamente 
desde el pin 2. La entrada de audio de los detectores 
de fase es el pin 12. El acople entre ambos puntos 
se realiza a través del condensador C7, 


En el circuito PLL, la frecuencia de salida de 76 
KHz del VCO se divide sucesivamente por 2 para 
obtener una señal de 38 y dos de 19 KHz. Una de 
las señales de 19 KHz se aplica a la otra entrada del 
detector de fase, 


Esta señal de 19 KHz se puede monitorear en el 
pin 11 mediante un frecuencimetro (medidor de fre- 
cuencia) para ajustar exactamente a 76 KHz la fre- 


El circuito integrado LM1800 


Entrada 
estérso | 
Salida amp | And RG 
estereo VEO 
Salda JEE, 
cama) i J) Filtre PLL 
Salida 19 KHz 
buffer L LMBI 
Salida 11800 , Entrada 
buter A E 12 ldomodulado: 
Salida Monitor 
canal A |” 11119 KHz 


+ Voc 


indicador 
osióreo Filtro 
IMEruptol 
GND | astáreo 


A 
Be 
da tma Oe 


wie |e 


Fig 502 
SS 


Torg a et a a ee T hee 


- Curso de radio AM, FM, Banda Ciudadana y Radivafición 315 


cuencia del VCO mediante R5. La frecuencia del 
VCO se puede también calibrar manualmente utili- 
zando R5 y la lámpara indicadora de estéreo, 


La salida del detector de fase del PLL mantiene 
la frecuencia del VCO constante en 76 KHz. La sa- 
lida de 38 KHz del primer divisor de frecuencia se 
torna como subportadora regenerada para demodu- 
lar la información L-R en el decodificador. 


La señal amplificada de audio W y la otra señal 
de 19 KHz generada en el PLL manejan el detector 
de piloto, La salida de voltaje de este detector es 
proporcional a la amplitud del tono piloto de 19 
KHz. Cuando este tono es suficientemente fuerte, 
el conmutador electrónico $ se dispara. 


Al dispararse, el conmutador prende la lámpara 
indicadora de estéreo y conecta la subportadora de 
38 KHz al decodificador para permitir la demodu- 
lación de la señal L-R. 


En el modo monofónico ($ abierto) la salida del 
decodificador es la misma señal de audio de entrada 
aplicada al pin 1 y amplificada internamente. Los cir- 
cuitos RIC! y R2C2 son redes de deénfasis. 


En el modo estéreo (5 cerrado), el decodifi- 
cador demodula la información L-R, la suma o ma- 
triza con la información L+R y produce como re- 
sultado dos señales separadas L y R que se sumi- 
nistran a los pines de salida 4 y 5. 


El circuito R3-C3-C8 establece el rango de captu- 
ra del PLL, Cs contribuye también a mantener la se- 
paración adecuada entre canales, garantizando que 
la información del uno no se mezcle con la del otro. 


El condensador C9, conectado al pin 2, asegura 
que la subportadora interna de 38 KHz esté en fase 
con la subportadora suprimida de 38 KHz origi- 
nalmente enviada por la emisora, 


Para ajustar la frecuencia del VCO, gire com- 
pletamente R5 en sentido CCW. Aplique al pin 1 
una señal débil, Gire R5 en sentido CW hasta que la 
lámpara indicadora de estéreo se prenda. Marque 
ese punto como A. 


Retire la señal compuesta y gire completamente 
Rs en sentido CW. Reaplique la señal débil, Gire 
RS en sentido CW hasta que la lámpara se prenda. 
Marque ese punto como Y, Sitúe entonces R5 entre 
las marcas X e Y, Ese es su punto de ajuste. 


El circuito anterior se puede adaptar fácilmente 
al radio FM CEKIT para convertirlo en un receptor 
de FM estéreo, Simplemente, inyecte la señal de 
audio al pin | del LM 1800 y utilice dos amplificado- 
res de audio separados para las señales L y R. 
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Actividad práctica N* 22 


Ensamble de la etapa osciladora 


En esta actividad instalaremos en el tablero del 
radio AM CEKIT los transformadores L2 y Tl del 
amplificador/conversor de RF, la etapa marcada con 
color amarillo en la lámina correspondiente al dia- 
grama esquemático del receptor. 


Componentes necesarios 


1 Bobina osciladora de núcleo rojo. L2 
1 Transformador de FI de núcleo amarillo. Tl. 


Procedimiento 


Paso 1. Con alambre realice las siguientes cone- 
xlones punto a punto y corte el excedente: 


- Una las puntillas B11 y B13. Asegúrese de 
que este alambre no haga contacto la puntilla B12. 


- Una las puntillas B12 y B14 y el extremo su- 
perior de R5. Asegúrese de que no haga contacto 
con el alambre que conecta las puntillas B13 Y Bll. 


- Una las puntillas B18 y 44, Cerciórese de que 
este alambre no haga contacto con el alambre que 
conecta las puntillas B14 y B17. Realice una ele- 
vación en el punto de cruce para mayor seguridad. 


-Una la puntilla B94la5ylaBl6ala6 


Paso 2. Tome la bobina osciladora roja L2 (figura 
A62-A). Superponga los pines de L2 a las puntillas 
de montaje.Suelde el pin | a la puntilla B7, cl 2 ala 
B8,8l3a1l4B9,el4ala B13, el6ala B12 y el 
blindaje a la B9, 


Paso 3. Tome el transformador de FI amarillo 
(figura 462-B). Superponga los pines de Tl a las 
puntillas de montaje. Suelde el pin 1 a la puntilla 
B17,el2al4 B18, el 3ala B19, el 4a la D2, el 6 
ala D1 y el blindaje a la B16. 


MIEDO 
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Actividad práctica N° 23 


Ensamble de la etapa de antena 


En esta actividad instalaremos en el tablero del 
receptor AM CEKIT la bobina de antena y el con- 
densador de sintonía. Estos componentes comple- 
tan el amplificador/conversor de RF, la etapa marca- 
da con color amanllo en el esquema del radio. 


Componentes y materiales necesarios 


| Bobina de antena de núcleo de ferrita con so- 
portes plásticos. L1. 

l Condensador variable con perilla (dial), tornillo 
y cinta de montaje. Cv1/Cv2, 


Procedimiento 


Paso 1. Introduzca la bobina de antena en sus so- 
portes y asegure el conjunto a la tabla con pegante 
sintético, como se indica (figura A63A). Recorte las 
prolongaciones de los soportes si no dispone de 
taladro o herramienta de perforación. 


Paso 2. Tome el condensador variable y adhiéralo a 
la tabla con cinta de montaje, pegante sintético o lá- 
mina de auluminio como se indica (figura A63B), 
Instale la perilla y asegúrela mediante el tornillo. La 
perilla debe girar libremente, sin rozar la tabla, 


Paso 3, Identifique los terminales de la bobina L1 y 
conéctelos así: el negro a la puntilla 1, el rojo a la 
B2, el azul a la Bi y el rosado al terminal "A" del 
condensador variable, Prolongue con cable aislado. 


Paso 4. Identifique los terminales del condensador 
variable y conéctelos asi: el oscilador ("O") a la 
puntilla B7, el común ("G") a la puntilla 1 y el de 
antena ("A") al rosado de L1. Utilice cable aislado. 


Fa. ABI j 
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Actividad práctica N* 24 


Funcionamiento y manejo de un Generador de RF 


En la Lección 15 de este curso habíamos men- 
cionado la importancia de algunos instrumentos de 
medida para la correcta calibración y ajuste de los di- 
ferentes aparatos electrónicos. 


_ Enel trabajo con circuitos de radio y comunica- 
ciones en general, uno de los instrumentos más 
utilizados para su alineación y prueba es el genera- 
dor de radiofrecuencia o RF. 


Un generador de RF es un instrumento que en- 
trega una señal de alta frecuencia con forma de onda 
sinusoidal, 


Las principales características que debe tener 
son: frecuencia variable en un amplio rango, ampli- 
tud de la señal ajustable en la salida y posibilidad de 
modular, con audio, la señal de RF. 


En la figura A64 tenernos un modelo común de 
generador de RF. A continuación vamos a estudiar 
su manejo y funcionamiento, que se puede asimilar 
a otros modelos con pequeñas variaciones. 


Los números encerrados en los círculos de la 
figura indican los diferentes controles, que tienen 
las siguientes funciones: 


1. Control de frecuencia. Con esta perilla debemos 
seleccionar la frecuencia de RP deseada teniendo en 
cuenta la posición del selector de bandas 2. 


2. Selector de bandas. En cada posición selecciona 
una banda de frecuencias. Ejemplo: si está en la 
posición € el generador puede entregar entre 1 y 
3.5 MHz, dependiendo de la posición del dial. 


3. Borne para cristal. Permite conectar allí un cris- 
tal de cuarzo para obtener una señal muy precisa. 


4. Suiche general, Se utiliza para encender y apa- 
gar el equipo. 


5. Lámpara piloto, Se enciende cuando se oprime 
el suiche peneral. 


6. Selector de modo. Permite seleccionar modula- 
ción externa, modulación interna de 1KHz 0 activar 
el generador con el cristal si está instalado en sus 
bornes. 


7. Bornes para modulación externa. Cuando se 
selecciona el modo de modulación externa, se 
conecta en ellos el generador de audio, 
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8. Control de ajuste. Permite regular el nivel de 
salida de la señal. 


9, Selector de rango de salida. Permite establecer 
dos niveles, alto (HIGH) y bajo (LOW), en la 
salida, 


10. Terminales de salida. Por estos bornes sale la 
señal de RF del generador, 


Operación 


Para lograr una determinada señal de RF con 
este generador debemos proceder de la siguiente 
forma: 


Paso 1. Antes de conectar el generador al circuito se 
debe ajustar su frecuencia y su nivel de salida. Para 
hacerlo, coloque el selector de bandas en el rango 
de frecuencias deseado, va sea en KHz 0 en MHz. 


Paso 2. Con el control de frecuencia obtenga la 
frecuencia buscada moviendo el dial hasta que la 
marque en la escala. 


Paso 3, Con el control de ajuste y el selector de ran- 
go de salida lleve el nivel de la señal de salida al va- 
lor deseado. Este valor se puede medir con un mul- 
timetro digital o con un osciloscopio. 
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Se debe tener en cuenta si el valor medido es 
RMS, pico o pico a pico, 
Paso 4, Con el selector de modo seleccione si la se- 
fial es modulada internamente, externamente 0 sin 
modulación. Con estos pasos ya está listo el gene- 
rador para su utilización. 


Para cambiar de señal, en otras pruebas, se 
deben repetir los pasos anteriores. 


Características generales de este generador de RF 
Rango de frecuencias : de 100 KHz a 150 MHz en 
cinco bandas así: A (100 - 300 KHz), B (300 -1000 
KHz), € (1.0 - 3.5 MHZ), D (3.0 - 11 MHz), E 
(10 - 35 MHz) y F (32 - 150 MHz). 

Precisión en la salida de frecuencia: +- 1.5 % 


Salida de RF : 100 mVrms, aproximadamente. 


Control de salida : Suiche de ALTO-BAJO y con- 
trol fino de ajuste. 


Modulación : Interna de 1 KHz y Externa de 50 Hz 
a 20 Khz. 


Alimentación : 1100220 Voltios de CA. 


Actividad práctica N* 25 


Análisis y prueba del conversor de RF 
Objetivo 


En esta actividad alinearemos el circuito amplifica- 
dor/conversor de RF del receptor de AM CEKIT y 
analizaremos su comportamiento, tanto en condicio- 
nes estáticas como dinámicas. Al final de esta ac- 
tividad su radio quedará plenamente calibrado y tra- 
bajando en condiciones óptimas. 


Las pruebas que se realizaran son las siguientes: 
Estáticas o de CC (sin señal) 


« Corriente total consumida por el radio. 
* Voltajes de polarización de Q1. 
* Corriente de reposo de colector de Q1. 


Dinámicas o de CA (con señal) 


* Alineamiento del transformador T1. 

+ Visualización de la señal del oscilador local, 

+ Alineamiento del LO (Tc2, L2). 

* Alineamiento del circuito de antena (TC1, L1). 


Para la realización de estas pruebas necesitará de 
un multímetro, un osciloscopio y un generador de 
RF como equipo mínimo de prueba. Se supone que 
usted ya está familiarizado con el uso de estos ins- 
trumentos y con las técnicas de medición de corrien- 
te, voltaje, resistencia y frecuencia. 


Si usted no posee osciloscopio ni generador de 
RF, en la próxima actividad le explicaremos cómo 
calibrar su radio sin instrumentos, utilizando otro ra- 
dio de AM en servicio como modelo, 


Equipo de prueba necesario 


1 Multimetro digital o análogo. 
1 Generador de RF, 
l Osciloscopio de doble trazo. 


Análisis estático 


El propósito del análisis estático es medir las 
condiciones de polarización o de CC de la etapa. 
Mediremos inicialmente lacornentetotal consumida 
por el receptor y luego los voltajes y corrientes de 
reposo del transistor Q1. 


En todas las pruebas estáticas, suprima las se- 
ñales de RF y local creando un cortocircuito, a tra- 
vés de puentes de alambre entre las puntillas B1 
B2 y las puntillas B 11 y B14, respectivamente. Reti- 
re los puentes del corto al terminar este análisis, 


Medición de la corriente total consumida 


Programe el multímetro como miliamperímetro 
de CC en la escala de 30 mA. Conéctelo en serie a 
la batería con la polaridad apropiada. Encienda el 
interruptor y registre la corriente medida. Retire el 
medidor y restablezca la conexión original. 


IT = mA 


Una corriente excesiva puede indicar la presen- 
cia de un cortocircuito en la etapa conversora, Si 
este es el caso, desconecte la batería y revise todas 
las conexiones para detectar posibles cortos. Rea- 
lice pruebas de continuidad con el óhmetro para de- 
tectar la causa de la falla. 


Medición de las condiciones de polarización 


En esta prueba mediremos los voltajes de po- 
larización del colector, la base y el emisor de Q1 así 
como la comente de reposo del colector. Utili- 
zaremos un multímetro, digital o análogo, como ins- 
trumento de prueba. 


Paso 1. Programe el multímetro como voltimetro de 

CC en la escala de 12V, Envíe el terminal negativo 

a tierra y toque sucesivamente con el terminal po- 

o tivo el colector (C), el emisor (E) y la base (B) de 
I. 


_ Registre los valores obtenidos en la Tabla 1. Re- 
tire el voltímetro. 


Ea 
Tabla 1/8 
| il j 
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Paso 2. Programe el multímetro como miliam- 
perímetro de CC en la escala de 3 má. Conéctelo en 
serie a colector de Q1 con la polaridad apropiada. 
Sogam la corriente medida. Retire el medidor y res- 
tablezca la conexión original. 
ICQ = má 

La comente de colector se puede también 
evaluar de un modo "indirecto" midiendo la caída 
de voltaje sobre la resistencia R2 (1KQ) y aplicando 
la Ley de Ohm, Es decir: 


ICO = VR2/R2 = VR2/1KQ = má 


CEKIT- Curso de radio AM, FM, Banda Ciudadana y Radioafición 319 


If V out is plotted against frequency on a 
graph for the circuit shown in Figure 7.15 , 
the curve looks like that shown in Figure 7.16 


Figure 7.16 


Noi 
f 
Questions 
A. What would be the total impedance 


formula for the voltage divider circuit at 
resonance? | 

B. What is the frequency called at the point 
where the curve is at its lowest point?  —__ 

C. Why is the output voltage at a minimum 
value at resonance? ———___ 

Answers 

A ZT = Zp + R 

Note The relationship shown by this formula is 
true only at resonance. At all other 
frequencies, ZT is a complicated formula or 
calculation found by considering a series r, L 
circuit in parallel with a capacitor. 


Análisis dinámico 


Durante el análisis dinámico alinearemos el pri- 
mer transformador de Fl (T1) y observaremos la se- 
ñal del oscilador local. Veremos como CV2, CT2 y 
L2 afectan la frecuencia de esta últma, sin modi- 
ficar sustancialmente su amplitud. 


Posteriormente, alinearemos Cv2, CT2 y L2 pa- 
ra establecer la banda de operación del oscilador lo- 


cal entre 985 Se 2055 KHz, es decir, 455 KHz po 


encima de la banda de recepción de AM {53 


1600 KHz). 


Finalmente, alinearemos loscomponentesdel cir- 
cuito de antena (CV1, CTI y L1) para establecer la 
banda de sintonía del receptor entre 530 y 1600 
KHz. 


Las pruebas de analisis dinámico descritas re- 
quieren el uso de un osciloscopio y un generador de 
RF. En la próxima actividad veremos cómo puede 
alinearse el convertidor de RF prescindiendo de 
estos instrumentos y utilizando un receptor de AM 
en servicio. 


Alineamiento del transformador T1 


En esta prueba alinearemos el transformador T1 
operando el transitor Q1 como amplificador de RF. 
Inhibiremos el efecto del oscilador local e inyec- 
tarernos una señal de 455 KHz, proveniente de un 
generador de RF, al circuito de antena, 


SHR ee SRE 


See ee ene atta cheeses TA 


Ajustaremos entonces el núcleo de T1 hasta con- 
seguir la máxima ganancia de la etapa conversora. 
Posteriormente, realinearemos T2 y T3 hasta lograr 
la máxima ganancia de señal desde a conversor 
hasta el detector. 


Paso 1. Inhabilite el oscilador local desoldando o se- 
parando el condensador C2 de la puntilla B6. Esta 
operación impide que la señal de realimentación 
local se inyecte al emisor de Q1 durante la prueba. 
Puede utilizar un cortafrios. ` 


Paso 2, Inhabilite el circuito de antena desoldando 
el alambre rosado de la bobina L1 del terminal "A" 
del condensador variable, Esta operación impide la 
recepción de señales externas durante la prueba. 


Paso 3, Programe el generador de RF para producir 
una señal modulada de 455 KHz y amplitud má- 
xima, por ejemplo 500 mVpp, 


Paso 4, Acople inductivamente la señal del ge- 
nerador de RF a la entrada del conversor conec- 
tando el calmán negro a cualquier puntilla de tierra 
del radio y el rojo al alambre rosado (libre) de L1, 
corno se muestra en la figura A65, 


Con la batería conectada y el control de volumen 
al máximo, se deberá escuchar el tono de modula- 
ción en el parlante o el audifono, aunque sea leve- 
mente. Después de verificar esto, elimine la modu- 
lación interna y deje sólo la onda continua de 455 


ANOS AECE cin | 


Paso 5, Sitúe el control de atenuación vertical del 
osciloscopio en 0,01 V/div y la base de tiempo en 
cualquier rango de 1 a 5 is, Conecte la sonda al cá- 
todo del diodo detector D1 (puntilla C1) y el caimán 
negro a cualquier puntilla de tierra (figura A65), 


Paso 6. Con el generador de RF sin modulación 
interna, ajuste lentamente el tornillo del trans- 
formador T1 (amarillo) hasta obtener la máxima se- 
ñal en el osciloscopio. Utilice un destornillador 
plástico. 


Paso 7. Reajuste ligeramente, en su orden, los trans- 
formadores T2, T3 y T1 hasta obtener, con cada 
uno, la máxima señal en el osciloscopio, 


Paso 8. Repita el paso 7 varias veces, hasta 
convencerse de que la señal visualizada en el os- 
ciloscopio es, en definitiva, la máxima posible. 


Una vez terminada esta prueba, los tres trans- 
formadores de FI (Ti, T2 y T3) estarán per- 
fectamente alineados a 455 KHz. La ganancia del 
conversor y de las etapas de FI será, bajo estas còn- 
diciones, máxima. 


Paso 9. Conecte nuevamente la modulación interna 
del generador de RF, Notará que el tono en el 
parlante o el audífono se escucha ahora con mayor 
intensidad. Si lo desea, inmovilice los núcleos con 
resina epóxica, parafina derretida o similar para 
prevenir desajustes, 


Paso 10. Apague el radio. Reconecte el conden- 
sador C2 a la puntilla B6 y el alambre rosado de la 
bobina L1 al terminal "A" del condensador variable, 
Desconecte los instrumentos del radio. 


Encienda el radio y sitúe el control de volumen 
al máximo o en una posición intermedia, Mueva 
lentamente el dial del condensador variable. Notará 
que se sintonizan varias emisoras de su localidad, 


Visualización de la señal del oscilador local 


En esta prueba observaremos en el osciloscopio 
la señal del oscilador local. Comprobaremos cómo 
L2, Cv2 y CR influyen en la frecuencia de la mis- 
ma, Realizaremos también algunas medidas previas 
de voltaje y frecuencia en los extremos de la escala, 
La alineación definitiva del circuito se realiza en la 
prueba siguiente. 


Paso l, Encienda su radio, sitúe el control de 
volumen en una posición intermedia y gire com- 
etamente la perilla de sintonía (C'V2) en sentido 
CCW (contrario a las manecillas del reloj). 

Paso 2, Programe el osciloscopio para una atenua- 
ción vertical de 0.1 V/div y ajuste la base de tiempo 


en 0,56 1 ps/diy. Conecte la sonda a la puntilla B6 
y el caiman negro a cualquier puntilla de tierra. 


Observe la señal del oscilador local en el oscilos- 
copio. Deberá ser una onda lsc ay a sinu- 
soidal y sin distorsión, de amplitud uniforme y con 
una determinada frecuencia. Regi stre los valores de 
amplitud y frecuencia obtenidos. 


AOS = —mVpp 
Fos (min) = __ KHz 


Paso 3. Gire lentamente la perilla de sintonía en 
dirección CW (el mismo de las manecillas del reloj) 
y observe las formas como cambia (aumenta) la fre- 
cuencia de la señal observada a medida que avanza 
el dial. A intervalos regulares escuchará algunas 
emisoras de AM de su localidad. 


Notará también que la amplitud de la señal local 
se mantiene prácticamente constante. Registre los 
valores de amplitud y frecuencia obtenidos cuando 
el dial llega a su tope máximo. 

Aos= _ mVYpp 
Fos (mín) = KHz 
Paso 4. Sitúe el dial en una posición intermedia y 
observe el efecto del condensador trimmer Cr? en 
la frecuencia del oscilador local. 

Gire el tornillo de ajuste de este condensador (fi- 

gura A66) mientras observa en el osciloscopio la se- 


ñal del LO. Utilice un destornillador plástico. De- 
rive sus propias conclusiones. 


Cort (terra! 


Paso 5. Con el dial y el tornillo de ajuste de CT2 en 
posiciones intermedias, observe el efecto de la bo- 
bina L2 en la frecuencia del oscilador local. 


Gire el tornillo de ajuste de esta bobina (figura 
A67) en una u otra dirección mientras observa en 
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el osciloscopio la señal del LO. Utilice un destor- 
nillador plástico. Derive sus propias conclusiones, 


Alineamiento del oscilador local. Método 1 


En esta prueba alinearemos el oscilador local 
mediante el generador de RF. Acoplaremos la señal 
del generador a la base de Q1 por inducción, in- 
vectándola al primario de L1. Utilizaremos una 
señal de RF relativamente fuerte para "enmascarar” 
las señales de AM que convergen a la antena, 


Estableceremos el límite inferior de frecuencia 
del LO calibrando el núcleo ajustable de la bobina 
L2 y el límite superior calibrando el tornillo de ajus- 
te del trimmer CTZ. 


Paso 1. Desconecte el alambre rosado de la bobina 
Li del terminal "A" del condensador variable. Gire 
completamente la perilla de sintonía en sentido 
CCW (antihorario). Prenda su radio y sitúe el con- 
trol de volumen en una posición intermedia. 


Paso 2. Programe el penerador de RF para sumi- 
nistrar una señal sin modulación de 530 KHz y am- 
plitud máxima, digamos 500 mV pp. Conecte el cai- 
mán negro a cualquier puntilla de tierra y el rojo al 
alambre rosado libre de L1. 


Paso 3. Ajuste la atenuación vertical del oscilos- 
copio en 0.01 V/div y la base de tiempo entre | y 5 
us. Conecte la sonda al cátodo de D1 (puntilla C1) y 
el caimán negro a tierra, Observará en la pantalla 
una señal de 455 KHz (FI) sin modular, 


Paso 4, Mientras observa la señal de Fl en el 
osciloscopio, gire lentamente el tornillo de ajuste de 
la bobina L2 (figura A67) hasta obtener la máxima 
amplitud posible. Utilice un destornillador plástico. 


Conecte la modulación interna del generador de 
RF. Deberá escuchar el tono de modulación en el au- 
difono o el parlante. Después de verificar esto, des- 
conecte la modulación interna, 


Paso 5. Gire completamente la perilla de sintonía en 
sentido CW (horario).Programe el generador de RF 
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para suministrar una señal sin modulación de 1600 
KHz. Mantenga conectado el osciloscopio a la 
puntilla El. 


Paso 6. Mientras observa la señal de FI en el os- 
ciloscopio, gire lentamente el tomillo de ajuste del 
trimmer CT2 (figura A66) hasta obtener la máxima 
amplitud posible. Utilice un destornillador plástico, 


Conecte la modulación interna del generador de 
RF. Deberá escuchar el tono de modulación en el au- 
dífono o el parlante. Después de verificar esto, des- 
conecte la modulación interna. El ajuste anterior 
completa la alineación del oscilador local. 


Apague el radio y retire los instrumentos. Conec- 
te nuevamente el alambre rosado de L1 al terminal 
"A" del condensador variable. Encienda el radio y 
recorra el dial. Note cómo ha mejorado la sintonía, 


Alineación del oscilador local. Método 2 


En esta prueba alinearemos el oscilador local 
mediante el generador de RF. Acoplaremos la señal 
del generador a la base de QI capacilivamente, es 
decir mediante un condensador, 


Desconectaremos el circuito de antena para mini- 
mizar la influencia de señales externas. Establecere- 
mos los límites inferior y superior de frecuencia del 
LO de la misma forma anterior, 


Paso L Desconecte el alambre rosado de la bobina 
Li del terminal "A" del condensador vanable y el 
alambre rojo de la base del transistor QI. Cure com- 
pletamente la perilla de sintonía en sentido CCW 
(antihorario). 


Prenda su radio y sitúe el control de volumen en 
una posición intermedia. 


Paso 2, Programe el generador de RF para su- 
ministrar una señal sin modulación de 530 KHz y el 
osciloscopio con una atenuación de 0.005 V/div y 
una base de tiempo entre 1 y 5 ys. 


Conecte el caimán negro del generador de RF a 
tierra y el rojo a la base de Q1 a través de un con- 
densador de desacople de 0,01 HF. Con el mismo 
terminal de este condensador, realice un puente tem- 
poral entre las puntillas B2 y Bi (figura AGB). 


Conecte la sonda del osciloscopio a la base de 
Qı (puntilla B2) y el caimiin negro a tierra. Ajuste el 
control de amplitud del generador de RE hasta 
visualizar en el osciloscopio una señal de 10 mV pp. 


Después de verificar lo anterior, desconecte la 
sonda de la hase de Q1. Los demás pasos, a partir del 3 
son los mismos del método 1. 
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Al concluir el alineamiento, apague el radio y re- 
tire los instrumentos. Elimine el puente temporal en- 
tre las puntillas Bl y B2. Conecte nuevamente el 
alambre rosado de L1 al terminal "A" del conden- 
sador variable y el rojo a la base de Q1. 


Alineamiento del circuito de antena 


En esta prueba alinearemos el circuito de antena 
mediante el generador de RF. Acoplaremos la señal 
del generador a la base de Q1 por inducción, inyec- 
tándola al primario de L1. Utilizaremos una señal 
de RFrelativamente fuerte para "enmascarar" las se- 
nales de AM que convergen a la antena, 


Estableceremos el límite inferior de frecuencia 
de la banda de sintonía (530 KHz) encontrando la 
posición óptima de Ll en su núcleo y el límite su- 
perior calibrando el tornillo de ajuste del trimmer 


CTI. 


Paso 1. Desconecte el alambre rosado de la bobina 
L1 del terminal "A" del condensador variable. Gire 
completamente la perilla de sintonía en sentido 
CCW (antihorario). Prenda su radio y sitúe el con- 
trol de volumen en una posición intermedia, 


Paso 2. Programe el generador de RF para 
suministrar una señal sin modulación de 530 KHz y 
amplitud máxima, digamos 500 mVpp. Conecte el 
caiman negro a cualquier puntilla de tierra y el rojo 
al alambre rosado libre de L1. 


Paso 3. Ajuste la atenuación vertical del oscilos- 
copio en 0.01 V/div y la base de tiempo entre 1 y 5 
us. Conecte la sonda al cátodo de D1 (puntilla CÙ y 


el caimán as a tierra, Observará en la pantalla 
una señal de 455 KHz (FI) sin modular. 


Paso 4. Mientras observa la señal de El en el os- 
ciloscopio, desplace lentamente la bobina Li a lo 
largo del núcleo de ferrita (figura A69) hasta ob- 
tener la máxima amplitud posible, Preserve el punto 
de ajuste inmovilizando la bobina Li al núcleo con 
pegante epóxico o parafina derretida. 
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Conecte la modulación intema del generador de 
RF. Deberá escuchar el tono de modulación en el 
audifono o el parlante, Después de verificar esto, 
desconecte la modulación interna. 


Paso 5. Gire completamente la perilla de sintonía en 
sentido CW (horario).Programe el generador de RF 
para suministrar una señal sin modulación de 1600 
KHz. Conecte el osciloscopio a la puntilla C1. 


Paso 6. Mientras observa la señal de FI en el osci- 
loscopio, gire lentamente el tornillo de ajuste del 
trimmer CT1 (figura A66) hasta obtener la máxima 
amplitud posible, Utilice un destornillador plástico. 


Conecte la modulación interna del renerador de 
RF. Deberá escuchar el tono de modulación en el 
audífono o el parlante, Después de verificar esto, 
desconecte la modulación interna, 


El ajuste anterior completa la alineación general 
de su receptor de AM CEKIT. 


Apague el radio y retire los instrumentos. Conec- 
te nuevamente el alambre rosado de L1 al terminal 
A” del condensador variable. Encienda el radio y 
recorra el dial. El receptor debe captar las emisoras 
de AM que transmiten en la banda de 530 a 1600 
KHz de su localidad. 


En la próxima actividad realizaremos el alinea- 
miento definitivo de esta etapa utilizando un recep- 
tor de AM en servicio. $1 el radio no le funciona 
apropiadamente, la Lección 40 le enseñará un mé- 
todo para localizar el origen de la falla, 
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Lección 40 


Reparación de radios AM 


Introducción 


En las lecciones anteriores hemos estudiado la 
teoría básica de las comunicaciones por radio a tra- 
vés de los sistemas de modulación de amplitud 
(AM) y de frecuencia (FM), También hemos tratado 
el tema de la radioaficion. 


Para reforzar esta teoría hemos ensamblado, 
paso a paso, un receptor de AM en donde hemos co- 
nocido todos los componentes que lo forman y ana- 
lizado los circuitos que lo constituyen. También he- 
mos entregado toda la información para construir y 
comprender un radio de FM. 


Para finalizar este curso, dedicaremos dos 
lecciones al importante terna de la reparación y ser- 
vicio de aparatos de radio AM y FM, también cono- 
cido como troubleshooting en el argot técnico. 


Partiendo de la base de que usted ya posee un ba- 
gaje importante de conocimientos teóricos y prác- 
ticos, adquiridos a lo largo de las distintas lecciones 
y actividades de este curso, en las Lecciones 40 y 


41 lo orientaremos sobre una metodología a seguir 


en la repararación éxitosa de aparatos de radio. 


Esta metodología es de aplicación general 2 por 
lo tanto se puede derivar hacia la reparación de 
otros aparatos electrónicos, 


En la Lección 40 trataremos inicialmente el tema 
en forma general y luego aplicaremos la meto- 
dología de reparación al caso específico del radio 
AM CEKIT que hemos ensamblado en este curso. 
En la Lección 41 haremos lo propio con el radio 
FM CEKIT. 


Reparación de equipos electrónicos 


La reparación de equipos electrónicos es una téc- 
nica que ha estado ligada al desarrollo de la elec- 
trónica misma desde sus comienzos, La razon de su 
existencia se debe al hecho de que los componentes 
electrónicos no son completamente inmunes a con- 
diciones anormales de funcionamiento y se pueden 
dañar en cualquier momento, 


Aunque la gran mayoría de los circuitos elec- 
trónicos se diseñan para que puedan soportar 
cambios bruscos en sus parámetros eléctricos, todo 
aparato está expuesto a sobrevoltajes, sobrecorrien- 
tes o cortocircuitos, así como a variaciones bruscas 
de temperatura, golpes e impactos mecánicos. 
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Estos cambios en las condiciones normales de 
funcionamiento producen daños en uno o varios 
componentes de un circuito o subsistema, dando co- 
mo resultado el daño total o la operación errática del 
aparato del cual forman parte. 


Otra causa muy común de daño en aparatos elec- 
trónicos, especialmente durante el montaje, son los 
errores en la conexión de los mismos. Cuando las 
conexiones de entrada y de salida de los circuitos 
no se respetan, se pueden producir daños internos, 
a veces irreversibles, en los aparatos. 


Otra causa de daño puede ser un diseño defi- 
ciente de fábrica, el cual causa que algunos com- 
ponentes trabajen sobrecargados y estén expuestos 
a dañarse fácilmente a corto, mediano o largo plazo. 


Además, ciertos componentes electrónicos tie- 
nen una vida útil determinada, al cabo de la cual ya 
no funcionan correctamente o dejan de funcionar to- 
talmente, causando daños en el aparato en que es- 
tán conectados. 


Esta es sólo una parte de las múltiples causas 
por las que se pueden dañar los aparatos elec- 
trónicos y con las cuales usted se irá familiarizando 
eoe que tenga experiencia en la reparación de 
ellos, 


La reparación de aparatos electrónicos es una 
rofesión muy difundida en todo el mundo debido a 
la gran cantidad de éstos que hay instalados. Cada 
vez más, el hombre utilizará un mayor número de 
aparatos electrónicos, lo que incrementa la nece- 
sidad de técnicos especializados en su reparación. 


La profesión de técnico se puede convertir en 
una actividad muy lucrativa. Existen, incluso, em- 
presas completas dedicadas exclusivamente al man- 
lenimiento y servicio de equipos electrónicos. 


Las cualidades más importantes que debe reunir 
un técnico en electrónica son: ser estudioso, estan- 
do siempre al día en las tecnologías del momento, 
ser muy metódico, realizando su trabajo con cono- 
cimiento y ser muy organizado, planeando muy 
bien sus actividades, 


En la reparación de equipos electrónicos, ade- 
más de tener buenos conocimientos teóricos y prác- 
ticos, es necesario adoptar un método eficiente y se- 
guro que nos garantice efectuar con éxito la gran 
mayoría de los trabajos que emprendamos. 


En adición a los conocimientos y el trabajo me- 
tódico, es necesario tener las herramientas y los ins- 
trumentos adecuados para realizar esta labor. 


También debemos conocer cuáles son las fuen- 
tes de información y de suministro de repuestos o 
partes dereemplazo necesarias paracompletarlasre- 
paraciones. 


Metodología para la reparación 


Antes de estudiar la metodología general que re- 
comendamos para reparar equipos electrónicos, de- 
bemos aprender un concepto fundamental para po- 
der aplicarla. 


Este concepto se trata de la división o reco- 
nocimiento en todo aparato electrónico de sus cua- 
tro partes fundamentales: secciones, etapas, circui- 
tos y componentes. 


Secciones 


_ Todo aparato electrónico se puede dividir en sec- 
ciones. Una sección es la parte de un aparato que 
realiza una función especifica diferente a las demás 
de acuerdo a las señales presentes en ella. Esta es la 
mínima división que podemos hacer y la debemos 
tener claramente definida antes de iniciar la labor de 
reparación. 


__ En la figura 503 tenemos como ejemplo la divi- 
sión de un radio AM en sus correspondientes sec- 
ciones. 


Secciones de un radio AM 
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_ Para conocer estas secciones lo primero que de- 
bemos tener o conseguir es el manual de servicio o 


el diagrama esquemático o plano del aparato que 
vamos a reparar, En ellos encontraremos la infor- 
mación necesaria para establecer esta división, 


Si no tenernos esta información debemos elabo- 
rarla dibujando el diagrama del aparato a partir del 
circuito real, lo que es un poco difícil pero no im- 
posible. El tiempo empleado en esta labor nos aho- 
rra él uempo gastado en reparar un equipo sin infor- 
mación y que puede ser mucho mayor. 


Una vez que se han comprendido claramente las 
secciones, la reparación se puede hacer mucho más 
fácil y rápidamente, 


Etapas 


Así como un aparato está compuesto por seccio- 
nes, las secciones se dividen en etapas. Una etapa 
se puede identificar claramente, ya que tiene como 
elemento central un tubo, un transistor o un circuito 
integrado. Algunas etapas pueden tener dos o más 
de estos elementos. 


En la figura 504 podemos observar la división 
de las secciones del radio AM en sus etapas corres- 
co Todas las etapas de una sección tra- 

jan con el mismo tipo de señal, 


Etapas de un radio AM 


Hay un concepto muy importante que podernos 
observar en la etapa mezcladora de la sección de RF 
y en la etapa detectora de la seción del amplificador 
de audio. 


Estas etapas se utilizan para unir dos secciones y 
generalmente convierten un tipo de señal en otro. 
Estas etapas reciben el nombre de etapas acopla- 
doras o de interfase, 


Estas etapas forman parte de dos secciones, su 
entrada es parte de la sección anterior y su salida es 
parte de la sección siguiente. 


CEKIT- Curso de radio AM, FM, Banda Ciudadana y Radicafición 325 


Circuitos 


La siguiente división que debernos hacer es la de 
los circuitos, Comúnmente se ha llamado a una eta- 
pa un circuito pero esto es equivocado, Los circui- 
tos son las diferentes partes de una etapa. 


_ Para entender mejor este concepto vamos a ana- 
lizar un ejemplo real utilizando una etapa con tran- 
sistor como la que se muestra en la figura 505. 


Etapa típica a transistor 
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_ En el diagrama de bloques que nos muestra los 
circuitos podemos observar dos tipos de ellos. Los 

ue tenen línea sólida son los circuitos de pola- 
nización DC y los que tienen línea punteada son cir- 
cuitos de señal o de CA, en este caso. 


Esta división es un caso específico que ocurre 
en los circuitos amplificadores y para cada tipo de 
etapa puede variar, pero lo más importante es es- 
tablecer esta configuración para cualquier aparato y 
en nuestro caso para los aparatos de radio AM. 


En la figura anterior podemos observar que hay 
tres circuitos de polarización claramente definidos: 
el circuito de colector, el circuito de emisor y el cir- 
culto de base. Además de éstos hay dos circuitos de 
señal uno de entrada y otro de salida, 


Esta identificación de los circuitos de una etapa 
también es muy útil para efectuarreparaciones fácil- 
mente, 


Conociendo los circuitos podemos realizar medi- 
das de voltaje y de corriente y evaluar la calidad de 
los componentes, 
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Componentes o partes 


La última división de un aparato es cuando es- 
tablecemos los componentes o partes que forman 
un circuito. Estos componentes ya son elementos 
únicos como transistores, resistencias, condensa- 
dores, etc., y se denominan generalmente por su 
nombre y la función que desempeñan en el circuito, 


Asi tenernos por ejemplo, la resistencia de emi- 
sor, el condensador de acoplamiento, el transistor 
conversor, etc. El comportamiento de cada com- 
ponente se debe diferenciar si se hace un análisis de 
polarización en CC o se analiza el paso de una señal 
de CA, | 


Una vez conocida esta división de un aparato en 
componentes vamos a estudiar el método recomen- 
dado a seguir en las reparaciones. 


Método para las reparaciones 


El método para las reparaciones está directamen- 
te relacionado con la división establecida en las pá- 
ginas anteriores. 


Este método también está compuesto por cuatro 
pasos o partes que son: 


lL. Diagnóstico, 
2. Localización. 
3, Aislamiento, 
4. Sustitución, 


l. Diagnóstico 


__ El diagnóstico consiste en determinar cuál sec- 
ción del aparato es la que tiene el problema. Para 
realizar un diagnóstico correcto debemos conocer 
muy bien las secciones del aparato y la forma como 
se relacionan unas con otras, 


A este diagnóstico se debe llegar analizando el o 
los sintomas que presenta el aparato. El diagnóstico 
hene tres etapas. La primera es el conocimiento del 
equipo por medio de su plano, el manual de ser- 
vicio, la experiencia, el estudio o los cursos dit- 
tados por los fabricantes. 


Con base en este conocimiento se debe hacer 
una inspección rápida, que puede ser visual, audi- 
iva, olfativa o táctil, observando, escuchando, 
oliendo o tocando los componentes de esa sección, 


Por último analizamos los síntomas para em- 
pezar a tomar decisiones. Entre los síntomas pue- 
den estar: el equipo no trabaja nada, o trabaja par- 
cialmente con algunas deficiencias en su funcio- 
namiento, o sus controles no trabajan, o trabaja 
sólo un momento, o trabaja en forma intermitente. 


Establecer el síntoma correcto es el primer paso 
para lograr la reparación. Con la experiencia se lo- 
gra una gran habilidad para asociar inmediatamente 
el síntoma con la sección que lo produce. Para lle- 
gar a estas conclusiones se necesita tener razona- 
miento lógico. 


No debemos apresurarnos a seguir siempre el 
método de los cuatro pasos en forma mecánica. 
También la intuición juega un papel importante en 
cualquier reparación. 


2. Localización 


Una vez que estamos seguros de la sección que 
tiene el problema, debemos hallar la etapa en esa 
sección que causa el problema, El objetivo de este 
paso no es encontrar todavía la parte o componente 
defectuoso: se trata de acercamos a él. 


En este paso debemos empezar a utilizar los ins- 
trumentos. Con las pruebas y la observación de los 
síntomas podemos determinar rápidamente cuál es 
la etapa defectuosa. 


La mejor manera de determinar si una etapa de 
un radio está trabajando bien es inyectar una señal 
similar a la que utiliza esa etapa en su normal fun- 
cionamiento. 


Para hacerlo debemos tener disponible gene- 
radores de señal como los que hemos estudiado en 
este curso: un generador de RF, un generador de 
audio, un inyector de señales o similares que se 
utilizan según la etapa a probar, 


Prueba de una etapa de audio 
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Una vez aplicada la senal debemos tener la for- 
ma de comprobar que ésta es bien procesada por la 
etapa que estamos analizando. 


En las etapas amplificadoras de audio, por ejem- 
plo, podemos aplicar una señal débil audible en la 
entrada la cual debe resultar amplificada en la salida 
de esa etapa. Para comprobar este proceso necesita- 
mos un voltimetro, un osciloscopio o un trazador 
de señales. Figura 506. 


Un trazador de señales es un amplificador de 
audio que se utiliza para detectar si hay sonido en 
una etapa. Este es uno de los instrumentos más 
versátiles para la reparación de radios y lo podemos 
construir fácilmente. 


Para ello se puede emplear uno de los circuitos 
amplificadores de audio con circuito integrado estu- 
diados en la Lección 38 de este curso.Para hacer el 
circuito aplicable a señales de RF se le conecta en la 
entrada un circuito detector de RF (figura 507). 
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Algunas etapas, como los osciladores, producen 
su propia senal y solamente debemos observar si 
entrega la señal correcta de acuerdo a lo estudiado 
en el curso. 


Una vez establecido que una etapa nos entrega la 
señal que debe suministrar, debemos proceder ame- 
dir voltajes y corrientes en CC hasta determinar el 
componente o la conexión defectuosa, 
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3, Aislamiento 


En este paso del método nos vamos acercando 
más al objetivo de la reparación y debemos aislar el 
circuito defectuoso. Este circuito está formado por 
pocos Componentes y ya podemos verificar su fun- 
cionamiento uno por uno sin tomamos mucho 
tempo. 


Midiendo en un transistor sus voltajes de colec- 
tor, emisor o base podemos determinar si el tran- 
sistor está dañado o si alguno de sus componentes 
relacionados, especialmente resistencias, estádefec- 
tuosa. 


Si hay dudas sobre un componente podemos 
desconectarlo y medirlo por fuera del circuito. Esto 
elimina la posibilidad de interacción con los otros 
componentes del circuito. 


4. Sustitución 


El paso final de toda reparación es la sustitución 
del o de los componentes dañados. Esta sustitución 
debe hacerse en lo posible por un componente o 
parte original del circuito. Sin embargo, muchas 
veces se pueden reemplazar los componentes por 
algunos similares sin que se afecte el funcionamien- 
to del aparato. 


Algunas veces se sustituye un componente 
dañado y el aparato sigue sin funcionar. Se debe en- 
tonces aplicar nuevamente el método hasta en- 
contrar otro u otros Componentes dañados. 


Reparación de radios AM 


Tomando el método general y el diagrama de 
bloques de un receptor AM, vamos a estudiar la 
forma de reparar un radio AM analizando los prin- 
cipales tipos de fallas que se pueden presentar, 


Cualquier radio AM se puede dividir en cuatro 
secciones principales que son: sección de RF, 
sección de Fl, sección de audio y sección de fuente 
de poder (Figura 503). 


Aunque puede haber muchos tipos de daños, los 
síntomas más frecuentes que se presentan en los 
radios son los siguientes: 


El radio no funciona totalmente. 
Sonido muy débil, 

Recepción intermitente y ruidosa, 
Ruido de fondo muy alto, 

. Distorsión en el sonido, 

6. Ruidos de alta frecuencia. 

7. Sonido demasiado agudo. 
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Como se mencionó en el método debemos apren- 
der a buscar la sección del radio que se relaciona 
con los síntomas presentados. Vamos ahora a tratar 
brevemente cada uno de los síntomas y el pro- 
cedimiento a seguir. 


i. El radio no funciona 


Este primer caso, en donde un radio no produce 
ningún sonido, es quizás el más fácil de reparar. 
Probablemente, el daño se puede encontrar en la 
sección de audio o en la de la fuente de poder, 


Lo primero que debemos hacer es verificar con 
un multímetro el estado de las pilas o baterías con el 
radio encendido, Si estos están bien, se debe 
verificar el funcionamiento del interruptor general 
para ver si está pasando el voltaje al aparato. 


Si ese no es el problema, se debe probar el 
parlante. Luego podemos inyectar señal a la entrada 
de la sección de audio y se debe escuchar algo en el 
parlante. Si no ocurre esto debemos dividir la 
sección de audio e inyectar señal a cada una de sus 
etapas hasta encontrar cuál está defectuosa. 


Una vez encontrada la etapa debemos medir sus 
voltajes de polarización hasta detectar el o los com- 
ponentes defectuosos. 


Si el radio tiene fuente de poder se verifica su 
funcionamiento. Muchas veces se daña el trans- 
formador de entrada que alimenta el circuito, Otro 
daño muy común en esta sección es un fusible de 
entrada. 


Este se debe reemplazar siempre por uno de 
igual valor y si se sigue quemando nos indica que 
hay un corto en el aparato y debemos encontrarlo an- 
tes de seguir adelante. 


Para este tipo de daños es muy útil tener una 
fuente variable con limitador de corriente. Esto nos 
permite ir probando cada sección hasta detectar el 
cortocircuito sin dañar otros componentes. 


2. Sonido muy débil 


Si el radio sintoniza todas las emisoras pero su 
volumen es muy débil, se debe buscar el problema 
en la sección de audio, 


Alli se deben medir los voltajes de polarización 
de los transistores o de los circuitos integrados para 
determinar si éstos o alguna resistencia conectada a 
ellos está dañada. 5i trabajan bien se debe buscar el 
problema en alguno de los condensadores del cir- 
cute. 


Un condensador puede estar en cortocircuito o 
en circuito abierto. 51 este último es el caso, no deja 
pasar la señal. 


3, Recepción intermitente y ruidosa 


En este caso, el radio sólo funciona cuando se 
coloca en determinadas posiciones o se golpea. 
Incluso se escucha un chisporroteo de fondo. Una 
forma práctica de encontrar la etapa a partir de la 
cual se manifiesta la perturbación es utilizando un 
analizador dinámico o trazador de señales. 


La causa más frecuente de esta falla es la rotura 
de una de las pistas de cobre del circuito impreso de 
la etapa. Para identificar la pista defectuosa, pro- 
voque una avería total, presionando levemente la 
plaqueta hasta que la recepción se interrumpa por 
completo. Así es más fácil arreglar el problema, 


Realice a continuación pruebas de continuidad 
con el óhmetro en todas las pistas de cobre de la 
etapa, especialmente las que llevan la corriente de 
alimentación. Recuerde que el óhmetro debe uti- 
lizarse con la energía desconectada. 


Una vez identificada la pista defectuosa, recons- 
truya la conexión original con soldadura o alambre 
y pruebe el radio. Si la falla persiste, localice con el 
lrazador de señales la siguiente etapa a partir de 
donde comienza la falla y efectúe las pruebas de 
continuidad. 


Si después de medir y corregir la continuidad de 
las pistas el problema persiste, la causa debe buscar- 
se en soldaduras “frías”, terminales quebrados o 
componentes defectuosos. 


4. Ruido de fondo muy alto 


La mayoría de receptores presentan un ruido de 
fondo más o menos alto cuando se gira el control 
de volumen al máximo, Para calificar este ruido 
como excesivo, debe compararse con el de otro 
receptor bajo las mismas condiciones. 


Un ruido excesivo puede originarse por un ajus- 
te defectuoso de la RF o la FI, el cual obliga a utili- 
zar al máximo la amplificación de audio. También 
puede ser provocado por un potenciómetro de con- 
trol de volumen ruidoso o localizarse en el preampli- 
ficador de audio. | 


5, Distorsión en el sonido 


Una forma de distorsión muy común en los 
receptores de radio es la que se manifiesta única- 
mente durante la recepción de una emisora local, La 
causa más probable es un desajuste en el circuito de 
control automático de ganancia (CAG). 


Un segundo tipo de distorsión es la que es per- 
ceptible en la recepción de todas las emisoras, es- 
pecialmente en las que transmiten con baja poten- 
cia, La causa más común es una polarización insufi- 
sg de la etapa de salida del amplificador de 
audio. 


_ Algunos receptores traen un potenciómetro para 
ajustar la corriente de polarización de los transis- 
tores de salida, Este potenciómetro debe ajustarse 
sólo lo necesario para que desaparezca la distor- 
sión, sin provocar una corriente excesiva. Se reco- 
mienda utilizar un osciloscopio. 


Otro tipo de distorsión implica también la pér- 
dida de potencia. La recepción es normal a bajo 
volumen pero cuando se aumenta éste, la señal se 
distorsiona. Sucede generalmente porque los tran- 
sistores de salida no son simétricos o uno de ellos 
ha dejado de trabajar por completo. 


6. Ruidos de alta frecuencia 


Los silbidos de alta frecuencia o "enganches" 
provienen, por regla general, de los amplificadores 
de Fl o del conversor de RF, No se producen en to- 
das las frecuencias, 


Los silbidos en las etapas de Fl se originan al 
variar la capacitancia interna entre colector y base 
de uno de los transistores. La forma de compensar 
esta variación es ajustar el condensador de neutra- 
lización, si lo trae, o reemplazar el transistor. 


En otros casos, los ruidos de alta frecuencia son 
provocados por variaciones espontáneas en las ca- 
racterísticas y valores de los condensadores de neu- 
tralización y de desacople y/o acoplamiento de FL 


Los silbidos de alta frecuencia originados en la 


etapa de conversión son particularmente estridentes 


y se deben a una reacción demasiado intensa del 
oscilador local. Una forma de corregir esta falla es 
reducir el voltaje de alimentación del conversor, 
aumentando el valor de la resistencia limitadora. 


Otro recurso para minimizar la reacción del os- 
cilador local es insertar una resistencia de 10 a 50 0 
en sené con el emisor del transistor conversor. 
Maturalmente, debe abrirse el circuito impreso en 
ese punto, 


7. Sonido demasiado agudo 


Cuando la reproducción de las frecuencias bajas 
es deficiente $e presenta el fenómeno de la sono- 
ndad aguda, caracterizado por la proliferación de 
altas frecuencias de audio. En estos casos debe exa- 
minarse el parlante para detectar algún bloqueo acci- 
dental en la bobina móvil. o en la membrana. 
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B. The parallel resonant frequency. 
C. The output voltage is at its lowest value at 
the resonant frequency. This is because the 
impedance of the parallel resonant circuit is at 
its highest value at this frequency. 

12 For the circuit shown in Figure 7.17 
the output voltage equals the voltage drop 
across the inductor and capacitor. 

Figure 7.17 
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If V out is plotted on a graph against 
frequency for the circuit shown in Figure 7.17 
, the curve looks like that shown in Figure | 
7.18 . At the resonance frequency, the 


impedance of the parallel inductor and 
capacitor is at its maximum value. Therefore, 
the voltage drop across the parallel inductor 
and Capacitor (which is also the output 
voltage) is at its maximum value. 

Figure 7.18 


El fenómeno de la sonoridad aguda va acom- 
pañado generalmente de distorsión y pérdida de 
potencia y sensibilidad. Si el parlante está en buen 
estado, la causa debe buscarse en un condensador 
de acoplamiento o de desacople, 


Si la deficiencia en la reproducción de tonos 
graves se manifiesta cuando se conecta el trazador 
e señales al control de volumen, lo más probable 
es que esté fallando el condensador de desacople 
del CAG. 


Guia de reparación de fallas del radio AM CEKIT 


Si después de ensamblar todos los componentes 
en el tablero y seguir los procedimientos de alinea- 
ción explicados en las actividades 25 y 26 su radio 
no le funciona como debe ser, identifique la cate- 
goría de la falla y realice las acciones correctivas 
que se recomiendan a continuación. 


Localice la etapa defectuosa por el método ex- 
plicado anteriormente. Compare su circuito con la 
guía a color, Busque componentes mal colocados, 
invertidos o en cortocircuito, así como soldaduras 
frías o puentes de alambre o de soldadura entre 
puntillas que no deben estar conectadas, 


En cada etapa que revise, mida los voltajes de 
polarización de los transistores. En la tabla 1 se 
resumen los valores de voltaje de polarización ti- 
picos que deben obtenerse en diferentes puntos del 
receptor, 


91 después de realizar todas las pruebas y estar 
seguro de que no hay componentes defectuosos ni 
errores de montaje, su radio continúa sin trabajar, 
deberá realinearlo paso a paso, 
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Sail 


Recuerde que su rece plor consta de fuente de ali- 
mentación, amplificador de audio, detector, segun- 
do amplificador de Fl, primer amplificador de Fl y 
amplificador/conversor de FI. De este último for- 
man parte el oscilador local y el mezclador. 


Mida la corriente consumida por el radio para 
detectar la presencia de un posible cortocircuito, En 
condiciones normales, el radio consume de 3 a 15 
mA. Si la corriente es excesiva, apague el radio, 
desconecte la resistencia y midala nuevamente. 


Si sigue siendo excesiva, el problema está en el 
amplificador de audio. Si no es asi, localicelo en 
las secciones de FI o RE. Compare su circuito con 
la guía a color para encontrar la causa del corto. En 
especial, busque componentes mal colocados, in- 
vertidos o en cortocircuito interna o extemamente. 


Si el problema no es por cortocircuito, mida los 
voltajes de suministro del amplificador de audio 
(puntilla 38) y de las demás secciones (puntilla 39), 
En la puntilla 38 deberá medir 9V. En la puntilla 39 
deberá medir 7 V, aproximadamente. Si no es asf. 
pruebe la resistencia R12. 


Pruebe el amplificador de audio aplicando a la 
entrada (puntilla A1) una señal de audio provenien- 
te de un inyector o un generador. Deberá escuchar 
el tono en el parlante. Si no es así, revise el am- 
plificador de audio para encontrar el componente 
defectuoso, 


Pruebe el detector inyectando una señal modu- 
lada de 455 KHz a la puntilla Cl, Puede usar el 
dr de FI construido en la Actividad 17. 

eberá escucharel tono de modulación en el parlan- 
te. Si no es así, revise el detector para encontrar el 
componente defectuoso. 


Pruebe la segunda etapa de Fl inyectando una 
señal modulada de 455 KHz a la puntilla E4 a tra- 
vés de un condensador de 0.01 HF. Deberá escu- 
char el tono de modulación en el parlante. Si no es 
asi, revise la etapa para encontrar el componente de- 
fectuoso. 


Pruebe la primera etapa de FI inyectando una 
señal modulada de 455 KHz a la puntilla D4 a 
través de un condensador de 0.01 uF. Deberá 
escuchar el tono de modulación en el parlante. Si 
no es así, revise la etapa para encontrar el com- 
ponente defectuoso, 


Pruebe el amplificador/conversor de RF inyec- 
tando una señal modulada de 455 KHz a la puntilla 
B2 a través de un condensador de 0.01 uF. Deberá 
escuchar el tono de modulación en el parlante, Si 
no €s así, revise la etapa para encontrar el com- 
ponente defectuoso. 


Lección 41 


Reparación de radios de FM 


Introducción 


En esta lección enfocaremos el temade la repara- 
ción de receptores de FM desde un punto de vista 
general y lo particularizaremos al radio FM CEKIT 
como aplicación práctica, La metodología seguida 
refuerza los principios básicos expuestos en la lec- 
ción anterior. 


Se asume que usted está familiarizado con los di- 


versos aspectos teóricos y técnicos involucrados en 
la operación de los receptores de FM. Si no es el 
caso, le mommas repasar las lecciones relacio- 
nadas con el tema. De este modo, adquinra una ma- 
yor seguridad en sus conocimientos. 


La reparación de un aparato electrónico es una 
aplicación práctica y lógica de conceptos técnicos. 
51 usted maneja estos conceptos, dispondrá de 
elementos de juicio razonables para enfocar el pro- 
blema y localizar el área donde se origina la falla. 


Es absurdo pretender reparar un radio de FM si 
no sabemos cómo funciona ni podemos identificar, 
tanto en el plano como en el receptor mismo, sus 
secciónes, etapas y circuitos o desconocemos la 
función de componentes claves como Cls, semi- 
conductores, circuitos sintonizados, etc. 


_ Para lograr esta solidificación de conceptos es 
importante refrescar, actualizar y renovar conoci- 
mientos a través del estudio y la investigación, prac- 
ticados de manera asidua y disciplinada, Sin em- 
bargo, un buen reparador de radio no se forma sólo 
a través de la lectura. 


Un reparador electrónico deja de ser un empírico 
y se convierte en un experto cuando consigue de- 
sarrollar, a través de la experiencia, un modo de pro- 
ceder lógico y eficiente sugerido por su propio ra- 
zonamiento y adquiere habilidad en el manejo de 
herramientas, instrumentos e información técnica. 


No pretendemos que con estas dos últimas 
lecciones usted se convierta en un experto en la repa- 
ración de radios AM y FM. Sólo queremos orien- 
tarlo hacia la búsqueda de una metodología personal 
donde sus conocimientos, habilidades e interés jue- 
gan un papel muy importante. 


Pruebas básicas 


_ Antes de comenzar a buscar y analizar sistemá- 
ticamente las causas de una falla, revise primero las 


cosas fáciles de reparar. De este modo, si el daño es 
sencillo, podrá ahorrarse tiempo y procedimientos 
innecesarios. 


Por simple rutina, mida siempre los voltajes de 
CA y de CC asociados a la fuente de alimentación. 
Revise las tensiones de entrada, de salida y de 
control del transformador, del rectificador y de los 
reguladores de tensión. Mida también la corriente 
total consumida para detectar posibles cortos. 


En la figura 508 se muestra el diagrama esque- 
mático de la fuente de alimentación del radio FM 
CEKIT y se indican los valores típicos de voltajes 
AC y DC presentes en diferentes puntos del circuito 
en condiciones normales de funcionamiento. 


Voltajes de la fuente de alimentación 


EAS 


E ne 
a 


Mota: Todos los voltajes de CA son valores RMS, 
Todos los voltajes de CO están medidos con 
respect a tiara L Fig. 508 


De la misma forma mida los voltajes de CC aso- 
ciados a todos los transitores. De este modo podrá 
saber si alguno de ellos está abierto o en cortocir- 
culto o no está siendo correctamente polarizado por 
los circuitos externos. Un transitor mal polarizado 
no puede trabajar apropiadamente. 


En la Tabla 2 se relacionan los voltajes de pola- 
rización típicos de los transistores de RF y Fl del ra- 
dio FM CEKIT. VC1-VC4 son los voltajes de 
reposo de colector de Q1-Q4, VB1-VB4 los voltajes 
de base y VE1-VE4 los de emisor. Todos estos vol- 
tajes están medidos con respecto a tierra. 
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Nota: Voltaje de alimentación = 775 Y 
Tabla 2 
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Mida también los voltajes de CC presentes en 
cada uno de los pines de los circuitos integrados uti- 
lizados en el receptor. Así podrá detectar posibles 
cortocircuitos internos o entre pines y evaluar si 
están siendo o no correctamente alimentados. 


En la Tabla 3 se relacionan los valores tipicos de 
voltage de CC obtenidos en los pines del Cl arm- 
plificador de audio LA4101 del radio FM CEKIT. 
Todas estás tensiónes están medidas con respecto a 
tierra y pueden variar de acuerdo a la tolerancia de 
los componentes. 


Ci Tl Ls i eS 
KALAL 
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ai sospecha que el circulto integrado es el cau- 
sante de una falla, no se preocupe si no es capaz de 
explicarse a si mismo como funciona internamente 
el chip. Lo verdaderamente importante es saber qué 
hace, el tipo de señales de entrada y salida que ma- 
neja y cómo se prueba y utiliza, 


Toda esta información se la suministra el fa- 
bricante del Cl en las hojas de datos del producto o 
en los manuales técnicos. Si el dispositivo no tra- 
baja de acuerdo a estas especificaciones, es porque 
esta defectuoso y debe reemplazarse. 


Busque visualmente cables sueltos, conexiones 
abiertas © resistencias quemadas, Muchas veces 
una mala recepción se debe sólo al hecho de que el 
cable que va a la antena se ha desoldado, hace un 
contacto intermitente o está abierto, 


Con el control de volumen al máximo, mueva 
cuidadosamente con un destomillador o un éstilete 
no metálico resistencias, condensadores, transis- 
lores, bobinas y tanques de Fl para detectar posi- 
bles soldaduras frías o roturas de los terminales. 
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Mueva también el condensador variable de sin- 
tonia. $1 el radio ha recibido un impacto o se ha de- 
jado caer al suelo, es posible que una de las patillas 
se haya desoldado del circuito impreso o esté ha- 
ciendo un contacto intermitente, 


Flexione suavemente la tarjeta de circuito impre- 
so, especialmente a lo largo de los costados. Es pro- 
bable que durante esta operación, el radio recupere 
repentinamente su funcionamiento normal, indican- 
do que existe una conexión abierta o suelta que ha 
sido temporalmente restablecida. 


Si cuando prende el radio escucha un “click” en 
el parlante, será una indicación clara de que la bo- 
bina del parlante y el circuito de salida del am- 
plificador de audio están trabajando bien. $i no lo 
escucha, algo anormal está pasando en esa etapa. 


Toque con un dedo el terminal central o "cursor" 
del potenciómetro que sirve como control de vo- 
lumen con este último al máximo, Si se produce un 
ruido en el parlante (hum), el amplificador de audio 
está trabajando correctamente, 


Cuando estas pruebas no son suficientes para 
localizar la falla, debemos acudir necesariamente al 
uso de instrumentos como el generador de RF y el 
trazador de señales. El procedimiento que sigue se 
basa en razonamientos lógicos del tipo "si esto su- 
cede, entonces proceda a esto” y es aplicable a la re- 
paración de cualquier aparato electrónico. 


Puebas con generadores y trazadores de señal. 


En la figura 509 se muestra la forma de utilizar 
un generador de RF/FI, un trazador de señales y un 
generador de audio para revisar el funcionamiento 
de un receptor, El método es aplicable tanto a ra- 
dios de AM como de FM. Recuerde que en AM la 
Fl es de 455 KHz y en FM es de 10.7 MHz. 


Rastreo de señales en un radio 
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Si no posee generador de audio, puede utilizar 
en su lugar el inyector de señales construido en la 
Actividad 11. El generador de RF debe poder entre- 
gar señales de FM tanto de 10,7 MHz como de 58 a 
108 MHz. El trazador de señales es un detector se- 
guido de un amplificador de audio. 


Pruebe el amplificador de audio inyectando la se- 
ñal del generador de AF inicialmente al parlante y 
luego a la entrada del amplificador. En ambos ca- 
sos deberá escuchar un tono en el parlante. Si no 
es así, el parlante está defectuoso o el amplificador 
de audio tiene una falla. 


En el radio FM CEKIT, puede tomarse como 
entrada del amplificador de audio el terminal (-) de 
C25 y como salida el terminal (-) de C38. El camino 
recorrido por la señal de audio desde la entrada 
hasta la salida se ilustra con línea gruesa en el cir- 
cuito de la figura 510, 


Flujo de señal en el amplificador de audio 


Un 
LA 4100 | 0 


Si no hay salida de audio, recorra con la punta 
de prueba del trazador el trayecto que debe seguir la 
señal comenzando por la entrada hasta localizar el 
punto donde se interrumpe. Por ejemplo, si hay au- 
dio en el pin 9 de Ul pero no en el pin 1, lo más 
probable es que el Cl esté defectuoso. 


Sila señal de audio se escucha en el parlante con 
distorsión, revise los condensadores de realimenta- 
ción C33 y C36. Si la reproducción de altas y bajas 
frecuencias no es uniforme, revise C31 y R26. Si 
hay ruido de fondo (hum), revise C32 y CH. 


Si el amplificador de audio está operando correc- 
tamente, pruebe el demodulador inyectando con el 
generador de RF una señal modulada de Fl de 10.7 
MHz a la entrada, Detecte con el trazador la pre- 
sencia de señal de audio a la salida del detector. 


En el radio FM CEKIT, la entrada de FI del 
detector de relación es el pin 3 de T3. La salida se 

uede tomar del potenciómetro RV1. El recorrido de 
la señal compuesta de Fl desde la entrada hasta la 
salida del detector se ilustra con línea gruesa en el 
circuito de la figura 511. 


Flujo de señal en el detector de FM rs 


Recuerde que el detector es una etapa de acopla- 
miento o interface. Maneja dos tipos de señales: una 
de Fl a la entrada y una de audio a la salida, Esta úl- 
lima modula la primera. El trazador detecta siempre 
señales de audio, estén o no modulando una porta- 
dora de alta frecuencia, 


Si no hay salida de audio, recorra con la punta 
de prueba del trazador el trayecto que debe seguir la 
señal comenzando por la entrada hasta localizar el 
punto donde se interrumpe. Recuerde que el traza- 
dor siempre extrae la componente de audio de la se- 
ñal modulada. 


Por ejemplo, si hay audio en C22 pero no en 
C20, lo más probable es que R19 esté abierta o se ha 
interrumpido una de las pistas de circuito impreso 
que conectan este componente a C22 o C20. 


Revise también los componentes del filtro de FI 
(C22, R19 y C20) cuando se presente el fenómeno 
de sonoridad aguda (ruidos de alta frecuencia) en la 
señal de audio escuchada en el parlante y los del 
limitador (C23, R22 y R23) cuando el volumen de es- 
ta señal no sea constante. 


Si el detector de relación está operando correc- 
tamente, pruebe el segundo amplificador de Fl 
inyectando con el generador de RF una señal mo- 
dulada de FI de 10.7 MHz a la entrada. Detecte con 
el trazador la presencia de señal de audio a la salida 
del circuito. 
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En el radio FM CEKIT puede tomarse como 
entrada del segundo amplificador de Fl la base de 
Q4 y como salida el pin 3 de T3. El recorrido de la 
señal compuesta de Fl desde la entrada hasta la sa- 
lida del amplificador se ilustra con línea gruesa en el 
circuito de la figura 512. 


Flujo de señal en la segunda etapa de Fl 


| Del 2do. amp. Fl 


T3 
"Rosado" 


Al dalector 


Si no hay salida de audio, recorra con la punta 
de prueba del trazador el trayecto que debe seguir la 
señal comenzando por la entrada hasta localizar el 
punto donde se interrumpe. 


Por ejemplo, si el trazador detecta audio en la 
base de Q4 pero no en el colector, lo más probable 
es que este transistor esté defectuoso o desconec- 
tado, Puede suceder también que el circuito esté os- 
cilando y por lo tanto ignora la señal aplicada a la en- 
trada. En este caso, revise también R18. 


Si la segunda etapa de Fl está operando co- 
rreectamente, pruebe la primera etapa inyectando con 
el generador de RF una señal modulada de Fl de 
10,7 MHz a la entrada. Detecte con el trazador la 
presencia de señal de audio a la salida del circuito. 


En el radio FM CEKIT puede tomarse como 
entrada del primer amplificador de Fl el pin 4 de T1 
y como salida el pin 6 de T2. El recorrido de la 
señal compuesta de Fl desde la entrada hasta la 
salida del amplificador se ilustra con línea gruesa en 
el circuito de la figura 513. 


Sino hay señal de audio a la salida, recorra con 
la punta de prueba del trazador el trayecto que debe 
seguir la señal comenzando por la entrada hasta 
localizar el punto donde se interrumpe. 


Por ejemplo, si el trazador detecta audio en el 
pin 3 de T2 pero no en el pin del mismo, puede es- 
ar sucediendo que este transformador está abierto 
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Flujo de señal en la primera etapa de FI 


Del conversor : 
Ti Al 2d0, amp. Fl ; 


“Naranja 


internamente o su pin 4 está desconectado y no 
tiene retorno a tierra a través de C19 o R16, 


51 la primera etapa de Fl está operando bien, 
po el conversor inyectando con el generador de 
F una señal modulada de RF de 100 MHz, por 
ejemplo, a la entrada. Mueva el control de sintonía 
hasta que detecte con el trazador la presencia de una 
señal de audio máxima a la salida del circuito. 


En el radio FM CEKIT puede tomarse como 
entrada del conversor el emisor de Q1 y como salida 
el pin 4 de T1. El recorrido de las señales com- 
puestas de RF y Fl desde la entrada hasta la salida 
del conversor se ilustra con línea gruesa en el cir- 
cuito de la figura 514, 
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Recuerde que el conversor es una etapa acopla- 
dora o de interface. Maneja tres tipos de señales: la 
de RF de entrada, la de FI de salida y la de LO 
(oscilador local) de control. Las dos primeras son 


moduladas y por lo tanto llevan señal de audio. La 
señal LO no debe contener modulación, 


51 no hay señal de audio a la salida, recorra con 
la punta de prueba del trazador el trayecto que debe 
seguir la señal comenzando por la entrada hasta 
localizar el punto donde se interrumpe. No olvide 
mover el control de sintonía hasta localizar el punto 
donde se produce la Fl de 10,7 MHz. 


Por ejemplo, si el trazador detecta audio en el 
emisor de Q2 pero no en el colector, puede ser 
porque este transistor está defectuoso o se ha inte- 
rrumpido la conexión con R6 o está abierto el pri- 
mario de T1, entre otras posibilidades, 


Si el trazador detecta audio a la salida del con- 
versor pero la señal no se escucha en el parlante a 
pesar de que todas las demás etapas subsiguientes 
estan operando correctamente, lo más probable es 
que el oscilador local está trabajando erráticamente 
o el transformador T1 está desintonizado. 


La señal de LO no la puede detectar con el tra- 
zador porque no es modulada. Para saber si el os- 
cilador está trabajando, debe observar esta señal 
con un osciloscopio. Revise las conexiones y com- 
ponentes del tanque oscilador (L4, C13, etc.) y del 
CAF (D2, C12, etc.) para localizar la falla. 


al el conversor está operando correctamente, 
pruebe el amplificador de RF inyectando ¿on el ge- 
nerador de RF una señal modulada de RF de 100 
MHz, por ejemplo, a la entrada. Mueva el control 
de sintonía hasta que detecte con el trazador la pre- 
sencia de una señal de audio máxima a la salida. 


En el radio FM CEKIT puede tomarse como 
entrada del amplificador de RF el terminal de C1 
que va a la antena o la antena misma y como salida 
el terminal de C6 conectado al emisor de Q2. El re- 
corrido de la señal compuesta de RF desde la en- 
trada hasta la salida del amplificador de RF se ilus- 
tra con línea gruesa en el circuito de la figura 515, 


` no hay audio en la señal de RF de salida, 
recorra con la punta de prueba del trazador el tra- 
yecto que debe seguir la señal comenzando por la 
entrada hasta localizar el punto donde se interrum- 
pe. No olvide mover el control de sintonía hasta en- 
contrar el punto de máxima ganancia de RF. 


Por ejemplo, si el trazador detecta audio en el 
punto de unión de Cl y C2 pero no en el emisor de 
Ql, es probable que C2 esté abierto o desconectado 
O que R1 esté en cortocircuito. 


Con estas instrucciones creemos que hemos da- 
do una guía suficiente para emprender nuestras pri- 
meras reparaciones, Hemos utilizado como modelo 


Flujo de señal en el ampliticador de RF 
| Amena 


Alconvarsor E 


el radio FM CEKIT, Sin embargo, para cada caso 
en particular, el técnico debe desarrollar sus propias 
habilidades al aplicar los conocimientos teóricos y 
prácticos adquiridos en este curso. 


Por último le damos un consejo; atrévase a re- 
parar radios, ya lo puede hacer. Pero estudie muy 
bien el aparato y realice los procesos técnicamente. 
Antes de actuar, planee mentalmente cada paso. 


Si después de intentar una reparación por un 
buen tiempo tiene la sensación de que no puede ha- 
cerla o no se consigue un determinado componente 
o repuesto, devuelva el aparato a su dueño y sea sin- 
cero con él: dígale que usted no está en capacidad 
de repararlo. No prometa que lo hará mañana, la 
próxima semana o el próximo mes. Tal vez nunca 
pueda hacerlo. 


Una regla de oro que se debe seguir es que si no 
logra reparar algo en un tiempo prudencial, es me- 
jor renunciar a ese trabajo e iniciar rápidamente otro 
en el cual pueda lograr una reparación exitosa, 


Es necesario resaltar la importancia de los ins- 
trumentos de prueba y de medida que debe usted te- 
ner en su laboratorio. A lo largo de este curso he- 
mos aprendido a manejarel multímetro, el oscilosco- 
pio, el generador de audio, el generador de RF y 
Otros aparatos y sabemos de su utilidad. 


También debe disponer de herramientas básicas 
de trabajo como pinzas, cortafrios, cautin y destorni- 
lladores tanto metálicos como plásticos, Estos últi- 
mos son imprescindibles para ajustar los núcleos de 
ferrita de las bobinas de alta frecuencia utilizadas en 
los receptores de radio. 


Debe también poseer un buen stock de compo- 
nentes de emergencia como resistencias y condensa- 
dores de varios valores. 
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Actividad práctica N2 26 


Instalación del parlante 


En esta primera parte de la actividad 26 instala- 
remos en el tablero del radio AM CEKIT el parlante 
del amplificador de audio, la etapa marcada con co- 
lor azul en el diagrama esquemático del receptor. 


Componentes necesarios 


1 Parlante dinámico de 8 O., SP 
2 Alambres aislados 


Procedimiento 


Paso 1, Tome el primer alambre aislado, Suelde un 
extremo a la puntilla A30 y el otro extremo a uno de 
las bornes del parlante. 


Paso 2. Tome el segundo alambre aislado. Suelde 
un extremo a la puntilla A31 y el otro extremo al 
borne restante del parlante, 


Paso 3, Asegure el eins a la tabla de montaje 
corno se muestra en la figura A7O-A, Puede utilizar 
cinta adhesiva de doble faz o pegante sintético. La 
calidad del sonido mejora notablemente si monta el 
parlante en un baffle o caja acústica similar a la 
mostrada en la figura A70-B, 


Si se decide por utilizar el parlante externa- 
mente, no necesita conectarlo a las puntillas A30 y 
A31, Puede utilizar el jack del audífono, conectan- 
do el parlante a un plug monofónico como se mues- 
tra en la figura 20€ 


e ARRIETA RRA RETIRA tad 


Alineamiento del radio con generador de RF 


se describe a continuación la forma de calibrar 
el radio AM CEKIT utilizando únicamente un gene- 
rador de RF. Alinearemos los transformadores de 
FI (13, T2 y T1), las bobina osciladora (L2), la bobi- 
na de antena (Li) y el bloque de sintonía (CVI, 
CV2,. CT CTA 


Nota: Si realizó la Actividad 25 hasta el final y su ra- 
dio ya está calibrado, no necesita efectuar estas prue- 
bas. Solo reajuste ligeramente, en su orden, los tor- 
nillos de CT1 y CT2 y los núcleos de Li y L2 para 
que los extremos de 1600 y 530 KHz de su dial 
coincidan con los de un radio de AM en servicio. 


Si no posee amplificador de RF, puede utilizar 
el generador de FI construido en la actividad 17 co- 
mo fuente de señal modulada de 455 KHz, 


Paso 1, Conecte la batería al radio y enciéndalo, 
Sitúe el control de volumen en su punto medio, 


Paso 2, Programe el generador de RF para producir 
una señal AM de 455 KHz, Conecte el caimán ne- 
gro a tierra e inyecte la señal de RF a la base de Q3 
(puntilla E4) con un condensador de 0.01 uF. 


Paso 3, Ajuste el núcleo del transformador T3 (ne- 
gro) con un destornillador plástico hasta que la in- 
lensidad del tono de modulación escuchado en el 
parlante sea máxima. Desconecte el generador de 
RF de la base de Q3. 


Paso 4. Inyecte la señal de RF de 455 KHz a la ba- 
se de Q2 a través del condensador de 0.01 uF. Ajus- 
te el núcleo del transformador T2 (blanco) hasta que 
el tono escuchado en el parlante sea máximo. 
Desconecte la sonda del generador de RF de la base 
de Q2 y el caiman negro de la puntilla de tierra. 


Paso 5, Inhabilite el oscilador local desconectando 
el condensador C2 de la puntilla B6. Desconecte 
también el alambre rosado de la bobina de antena 
del terminal "A" del condensador variable. 


Paso 6Conecte el caimán negro del generador de 
RF a la sonda de prueba del mismo formando un bu- 
cle. Sitúe este bucle cerca de la bobina de antena 
Gup acoplar por inducción la señal modulada 
de RF de 455 KHz al radio. 


Paso 7. Sitúe el control de amplitud del generador 
de RF al máximo. Deberá escuchar el tono de mo- 
dulación en el parlante. Ajuste el núcleo del trans- 
formador T1 (amarillo) hasta que el tono escuchado 
en el parlante sea máximo. 


Paso 8. Reajuste los transformadores T3, T2 y Ti, 
en ese orden, hasta lograr, con cada uno, el máxi- 


mo volumen posible. Una vez obtenido el punto 
óptimo de ajuste, inmovilice los núcleos con para- 
ina derretida o similar. 


Paso 9. Conecte nuevamente el alambre rosado de 
la bobina de antena al terminal "A" del condensador 
variable y el condensador C2 a la puntilla B6, 


Paso 10. Gire completamente la perilla de sintonía 
del receptor en sentido antihorario (CCW). Progra- 
me el generador de RF para producir una señal AM 
de 530 KHz. Acerque el bucle de RF a la bobina 
de antena. Deberá escuchar el tono de modulación 
en el parlante. 


Paso 11. Ajuste el núcleo de la bobina L2 (roja) 
hasta que el tono escuchado en el parlante sea de am- 
plitud máxima. Una vez obtenido el punto de ajuste 
óptimo, inmovilice el núcleo de L2 con parafina de- 
rretida. 


Paso 12, Ajuste la posición de la bobina de antena 
(L1) en su núcleo desplazándola lentamente hacia 
adelante y hacia atrás hasta que el tono escuchado 
sea máximo, Una vez obtenido el punto de ajuste, 
solidarice la bobina al núcleo con parafina derretida. 


Paso 13. Gire completamente la perilla de sintonía 
del receptor en sentido horario (CW), Programe el 
generador de RF para producir una señal AM de 
1600 KHz. Acerque el bucle de RF a la bobina de 
antena. Deberá escuchar el tono de modulación en 
el parlante, 


Paso 13. Ajuste el tornillo del condensador trimmer 
CT2 hasta que el tono escuchado en el parlante 
alcance su máxima intensidad. Una vez obtenido el 
punto Figo de ajuste de CT2, realice la misma 
Operación con el trimmer CT1 hasta que el tono sea 
máximo, 


es Seo ER AEE TA id SSE RIDA EEE PP A MARE RE RH E 
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Alineamiento del radio sin equipo de prueba 


Paso |. Encienda su radio y sintonícelo en una emi- 
sora de su localidad. Sitúe el control de volumen en 
un punto intermedio. 


Paso 2. Con un destomillador no metálico, ajuste el 
núcleo del transformador T3 (negro) hasta que la es- 
tación sintonizada se escuche con la máxima inten- 
sidad en el parlante. Repita la misma operación con 
12 y Ti, en su orden. Reajuste varias veces T3, T? 
y Ti hasta obtener la máxima señal posible. 


Paso 3. Gire completamente la perilla de sintonía en 
sentido antihorario y sintonice una emisora de su lo- 
calidad cuya frecuencia de transmisión sea muy pró- 
xima a 530 KHz, Ajuste el núcleo de las bobinas 
osciladora ( L2, roja) y de antena (L1) hasta que la 
señal captada sea máxima. 


Paso 4. Gire completamente la perilla de sintonía en 
sentido antihorario y sintonice una emisora de su lo- 
calidad cuya frecuencia de transmisión sea muy pró- 
xima a 1600 KHz. Ajuste los tornillos de CT1 y 
CT? hasta que la señal captada sea máxima. De este 
modo habrá completado la calibración de su radio. 


Voltajes de polarización del radio AM CEKIT 


Una forma práctica y segura para diagnosticar si 
uno de los transistores del radio es el causante de 
una falla determinada es medirsus voltajes de pola- 
rización de la base, el colector y el emisor, Un tran- 
sistor mal polarizado no puede realizar adecua- 
damente su función amplificadora o de otro tipo. 


En la figura A71 se muestran los valores típicos 
de voltajes de CC presentes en diferentes puntos del 
radio AM CEKIT. Todas estas tensiones están medi- 
das con respecto a tierra, 


Fig. A71 | 
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Question 
What formula would you use to calculate the 


resonant frequency? 
Answer 


i | 
f. = ——_—~ if O is equal to or greater than 10 
'  Qara/LC Q d 5 


5 
l ¿AAA 
f = — = ,]l — if Q is less than 10 
27 LC L 

13 Find the resonant frequency in these 
two examples, where the capacitor and the 
inductor are in parallel. (Q is greater than 
10.) 
Questions 
A L = 5 mH, C = 5 WF _ _ frs —ćç 
B. L = 1 mH, C = 10 F —_—_— 
frs —ć 
Answers 


A. fr = 1kHz (approximately) 
B. fr = 1600 Hz (approximately) 
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Fun Prejects fer the Experimenter 


FREE-POWER AM RECEIVER (P,E) 


This project uses a strange way to get its power. It uses power “extracted” 
from the tuned station to give to the amplifier transistor. With a reasonably 
strong applied modulation envelope, this type of detector produces a Siang 
demodulated output. 


Naturally, the closer you are to a strong station, the more current your radio 
will be able to supply. | 


For best results, you must do everything possible to deliver a strong signal to 
the transistor detector. We recommend a good antenna and ground, the lat- 
ter preferably being made to a water pipe or solid external ground composed 
of a pipe driven at least 5 feet into moist earth. This i is important for ensuring 
maximum signal pickup. EE 


If you have plenty of space available, the longer the antenna (up to about 100 
feet), the better the results. | 


Figure 1 shows the schematic diagram of the Free-Power AM receiver. Ob- 
serve that the heart of the circuit is a germanium transistor that works as a 
detector and audio amplifier. 3 


Components placement on a terminal strip used as a chassis is shown in 
Figure 2. The terminal strip can be fixed on an experiment board that can be 
constructed using some common tools and materials. 


Q1 is any germanium transistor, such as GE-2 or 2N107. You can find germa- 
nium transistors in old nonworking AM transistor radio receivers. Nonworking 
AM radios can also supply the variable capacitor and the papis (ferrite 
rod). 


Earphone must be a high-impedance crystal type. Low-impedance nl 
don't function in this circuit. 


Projoct 7 Free-Pewer AM Receiver 


Figure 1 


_ Figure 2 


projects fer the Exporimenter — 
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Li - Loopstick - see text 


- Parts List — Free-Power AM Receiver 


Q1 -NPN or PNP germanium transistor - see text 


XTAL - Crystal earphone 
CV - 365 pF variable capacitor - see text 
Ri - 12,000 ohm, 1/4W, 5% resistor 


C1  -1uE25WVDC electrolytic capacitor 


Ideas to Explore 


To learn more about the circuit: — 


e Replace L1 by 15 turns of No. 28 wire, wound on a ferrite rod, to 
tune short-wave stations. 


e By replacing Q1 with a germanium diode and removing R1 and C1 
you'll transform this radio into a simple crystal set. 


0 Alter R1 in a range between 4,700 and 47,000 ohms to get better 
performance, depending on the transistor used. 


0 Replace the transistor with a silicon type, such as the BC548. What 
will happen with sensivity? 


Science project involving the circuit and uncommon uses: 


e Explain how crystal sets function and tell about radio history. lf you 
are interested in more radio history, several texts can be found in the 
public library. | 


e if you want to learn more about radio receivers, try to find informa- 
tion about heterodyne and super-hereterodyne types. 


EE 
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An FM Crystal Set 


Updated 2010-11-28: 


Since this page was first posted in June 2010, I have made a number of 
improvements to the receiver described below. I've also received a few 
requests for additional information. In reviewing this page, I realized that it 
was long overdue for an update. The original information is unchanged. 
The updated information appears at the bottom of the page. 


Introduction 


Crystal sets—totally passive receivers without any amplification—have been 
popular for many years. The vast majority of them are designed and built 
for the Medium Wave band, 530 to 1700 kHz. However, there have also 
been some built for the shortwave bands, and occasionally some for the FM 
band (88 to 108 MHz). 


Having several local powerful FM stations, I'd occasionally noticed that I 
was picking up FM on a medium wave crystal set. Considering that there 
was a strong enough signal to receive FM when it wasn't wanted, it should 
be possible to build a receiver to pick up the signal intentionally. 


Most FM crystal sets use slope detection. That is, they are tuned slightly off 
the centre frequency of the station, and as the frequency modulated carrier 
moves in and out of the receiver's resonant frequency, an audio signal 
approximating the original modulation 1s produced. True FM detection 
requires a frequency discriminator circuit, and the complexity generally 
makes it unsuitable for a passive receiver. I'm only aware of one such 
project. It was designed and built by Edward Richley, and was written up in 
the Xtal Set Society Newsletter, January and March 1996. In order to 
achieve the high Q required, the circuit used a coaxial resonator constructed 
from 2 inch copper pipe. It was ingenious in that, while most FM 
discriminators have two tuned circuits, this one only required a single tuned 
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circuit. This was an important feature, because trying to adjust two tuned 
circuits when tuning to different stations, would be extremely difficult, 1f 
not impossible. 


I've redrawn the Richley circuit here: 


COAXIAL RESONATOR 


— PHONES 
& ` 


COAXIAL RESONATOR Yl: 

CENTRE CONDUCTOR: COPPER TUBING 0.5° DIAMETER, 25.5° LONG; 
SHIELD: COPPER PIPE 2” DIAMETER, 29.5" LONG; 

TUNING BY MEANS OF MOVABLE SLUG IN TOP OF RESONATOR; 

Ll & L2: SINGLE TURN WIRE LOOPS 2.75" LONG X 0.5" WIDE MOUNTED 
AT BASE END OF RESONATOR ON OPPOSITE SIDES OF CENTRE 
CONDUCTOR. 


A very brief description of the circuit follows. For a more thorough 
discussion, please refer to the original newsletter articles. 


As described in the diagram notes, the resonator 1s constructed from a two 
foot piece of 2 inch diameter copper pipe, with a centre conductor of 1/2 
inch copper pipe. The resonator is designed for an unloaded Q of 2000, and 
a loaded Q of about 500, which is required for acceptable selectivity. FM 
channel bandwidth is 200 kHz, or 0.2 MHz. Therefore, at a frequency of 
100 MHz, required Q will be 100/0.2=500. 


Transformers T1, T2, and T3 are made from standard 300:75 ohm baluns 
which are included in the kit of parts that come with virtually every new 
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television or radio. T1 is used unmodified. T2 is rewound as 1:3 
autotransformer. T3 has a two turn primary and a two turn secondary. 
Transformer T1 converts the incoming unbalanced signal to a balanced 
signal which then feeds T2 and T3. The secondary of T3 1s loosely coupled 
via the 8 pF capacitors to the resonator coupling loops, which develop a 
90° phase shifted signal due to the normal behaviour of a coupled circuit at 
resonance. The secondary of T2 is connected to the common point between 
the diodes. This signal is 180° out of phase with the incoming RF. Hence, 
there are quadrature signals applied across the diodes which act as a 
synchronous detector. As the frequency modulated radio carrier moves 
above and below the resonant frequency, the phase shift varies above and 
below 90°. The detector converts this phase shift into an audio frequency 
signal which matches the original audio source. 


Initially, I planned to build a copy of this receiver, but after doing a bit of 
research, I concluded that a helical resonator would be more practical at 
these frequencies. My new plan was to duplicate this circuit, except that I 
would substitute a helical resonator for the coaxial resonator. 


The first step then was to design a helical resonator with an unloaded Q of 
2000 at a resonant frequency of 110 MHz, the top of the FM band. Using 
standard helical resonator design 
formula, the resulting resonator 
has an inner coil constructed 
from 4.3 turns of 9.5mm (3/8") 
copper tubing. Coil outside 
diameter is 65mm (2.6"), and coil 
length 1s 84mm (3.3"). 


The shield is constructed from 
copper sheet, and 1s 84mm (3.3") 
square by 200mm (8") long. It is 
housed inside a wood enclosure 
for rigidity. The shield 1s about 2" longer than required to allow room for 
coupling loops at the bottom, and for a tuning assembly at the top. The 
photo to the right shows the shield parts prior to assembly. The tuning 
mechanism is a small plate attached to a length of brass tubing which runs 
through the end cap. The rod is moved in and out by means of a screw. This 
changes the fringing capacitance at the open end of the coil. The closer the 
plate 1s to the coil, the lower the resonant frequency. The next photo shows 
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The Output Curve 


14 Now it's time to look at the output curve 
in a little more detail. Take a look at the 
curve shown in Figure 7.19 for an example. 
Figure 7.19 


Vi 
V yut 
Y, 
k y f E E, 
An input signal at the resonant frequency, f 
r, passes through a circuit with minimum 
attenuation, and with its output voltage equal 


to the peak output voltage, Vp, shown on 
this curve. 


The two frequencies f1 and f 2 are 
“passed” almost as well as fr is passed. That 
is, signals at those frequencies have a high 


output voltage, almost as high as the output 
of a signal at fr. The graph shows this 
voltage as Vx. 

Signals at frequencies f3 and f4 have a 
low output voltage. 

These two frequencies are not passed but 
are said to be blocked or rejected by the 
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the top cap with tuning 
mechanism assembled. The tubing 
has a square cross section to 
prevent the assembly from 
turning. It slides inside a slightly 
larger piece of square tubing. This 
type of tubing is available at 
hobby shops and comes in a range 
of sizes suitable for close sliding 
fits. The coil and the inside of the 
shield were polished to remove d 


oxidization, and hence maximize 
Q. The partially assembled 
resonator is shown in the next two 
photos. The photo on the left is of 
the top end, and the photo on the 
right is of the bottom end. 


The next photo shows the top cap installed and the exterior part of the 
tuning mechanism: 
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I decided that for initial testing, 1t would be best to keep things simple and 
use a Slope detector circuit. This is shown 1n the following schematic: 
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DIPOLE ANTENNA 


MW TRAP 
150pF 2/pH 


300: 750 
BALUN 


MID a 


(HANDPICKED co 


UNKNOWN 
GERMANIUM) 


HELICAL RESONATOR Y1: 

COPPER TUBING 9.5mm (3/8") 

4.3 TURNS 

OUTSIDE DIAMETER 65mm 

COIL LENGTH 84mm 

SHIELD SIZE 85mm SQUARE X 198mm HIGH 

TUNING BY MEANS OF MOVABLE END PLATE IN TOP OF RESONATOR 


The 27uH choke and 150pF cap are a low pass filter to trap out a local high 
powered AM station that was causing some interference problems. For a 
diode, I used a 1N34A initially, but found another unknown type in my 
parts box which worked slightly better. It may in fact also be a 1IN34A from 
a different manufacturer. The detector and coupling loops were built on a 
small circuit board and mounted on a block of wood so that the assembly 
could be repositioned easily to obtain the best performance. The assembly 1s 
shown below. 
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The RF and detector coupling loops are blue hook-up wire. The little 
postage stamp sized circuit board is a low power headphone amplifier 
which was used in conjunction with my relatively insensitive headphones to 
make testing a bit more painless. The initial working set-up 1s shown below: 
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Reception was fairly good. The signal was weak using my piezo phones 
without any amplification. So, I connected in the headphone amplifier, and 
did all the remaining testing with it. Selectivity was very good. However, I 
don't have any easy means to measure the Q. I found that I could easily pick 
either side of a station's centre frequency for detection, and if I tuned dead 
centre, the signal became very distorted. That leads me to believe that the Q 
is very high. I couldn't get that kind of precision with earlier experimental 
sets which used a coil/capacitor tuned circuit. 


So with that bit of success, I started thinking about making a true 
discriminator. As mentioned above, I had intended to duplicate Ed Richley's 
circuit except that the coaxial resonator would be replaced with the helical 
one. However, after reviewing the original circuit, I concluded that two of 
the transformers could be eliminated. The first transformer is a balun to 
convert from an unbalanced RF signal from the antenna to a balanced one. 
Since I intended to use a dipole antenna, this was unnecessary. 


Rather than excite the resonator via coupling loops through the small 
capacitors, I decided to drive the resonator directly at a tap near the ground 
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end of the resonator coil. This eliminated the need for the balanced 
secondary winding on T3. 


I decided that I could combine T2 and T3 into a single transformer. I had 
disassembled several baluns and found some to have two-hole cores and 
some were simple toroids. I used the toroid from one of these and wound a 
4-turn primary, and 4-turn secondary. The secondary has a tap after the first 
turn which is grounded. The schematic follows: 


DIPOLE ANTENNA 


PHONES 


HELICAL RESONATOR Y1: 

COPPER TUBING 9.5mm (3/8") 

4.3 TURNS 

OUTSIDE DIAMETER 65mm 

COIL LENGTH 84mm 

SHIELD SIZE 85mm SQUARE X 198mm HIGH 

TUNING BY MEANS OF MOVABLE END PLATE IN TOP OF RESONATOR 


The secondary arrangement still gives the same 3:1 power ratio between the 
diodes and the resonator excitation, but the circuit is much simpler. The 
revised coupler/detector board is shown below: 
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The black wire with the brass clip 1s for connecting to a tap on the resonator 
coil. I made it this way so that I could quickly try different positions. 
Optimum turns out to be about 40mm (1.5") from ground. 


The pickup loop is the single loop of blue wire with the audio output tap at 
the halfway position (black wire). 


Diodes are socket mounted so that different ones may be tried without fuss. 
I didn't put in an AM trap this time, because the circuit arrangement 1s not 
conducive to AM pickup, since the diodes are essentially shorted at MW 
frequencies by the pickup loop. 


Here's a brief description of how the circuit works: 


Input transformer T1 splits the incoming RF (untuned) into two signals 180 
degrees out of phase with reference to ground. The low level side goes to 
the resonator and the high level side goes to the common point of the 
diodes. The voltage induced by the resonator into the pickup loop will be 90 
degrees out of phase with the the input signal. This is the nature of a loosely 
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coupled tuned circuit at resonance. The phase of the signal on the pickup 
coil will vary on either side of 90 degrees as the carrier is frequency 
modulated. The "90 degree" signal 1s applied to the outside ends of the 
diodes while the 180 degree signal 1s applied to the diode common point 
which then act as a quadrature detector. Hence it 1s essentially the same 
mode of operation as Richley's original circuit. 


The following photo shows the discriminator assembly 1n position: 


Now, with everything connected up, and after finding the best position 
for the pickup coil I found that the discriminator appears to be working 
correctly. Tuning is sharper, and there are no double slopes to select as I 
could previously. In fact tuning this receiver has very much the same 
feel as tuning a commercially made FM receiver. Audio level has 
increased significantly too. This is something I had been wondering 
about. I was concerned that a true discriminator might be less sensitive 
than a slope detector, but 1t appears not to be the case. 


2010-11-28 Update: 
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Since the original material first appeared on this page, I've continued to 
tinker with this circuit, resulting in several incremental improvements. 
Although the improvements came in many small increments, the 
cumulative result is that this is now a very good performing receiver. 
Improvements listed in order of importance (most important first) are: 


e Changing the detector diodes to Avago HSMS-2850; 
e Changing the turns ratio on the RF input transformer; 
e Getting a good set of sound powered headphones; 

e Permanently mounting the detector loop; 

¢ Finding a good antenna location; 


e Shortening the resonator helix. 


Diodes 


The Avago (formerly Agilent) HSMS-2850 diodes are rather odd ones. I 
had purchased these along with a number of other different types of 


detector diodes, more or less at random, to test their effectiveness. These 


particular diodes were described as "zero bias" which made them too 
intriguing to pass up. When they arrived, I set them aside and didn't 
think about them again until I ran across this page on Dick Klever's site. 
He had also built an FM crystal set and had tested a number of different 
diodes. Among them were the HSMS-2850's which turned out to be his 
best performers. I dug through my diode assortment and confirmed that 
they were the same ones I had. These are surface mount, and so I had to 
construct a small printed circuit adapter board. Otherwise, I would have 
tried them much sooner. When I tried them, there was a considerable 
improvement in performance. I mentioned that these diodes are odd 
ones. They have a very low Ro (zero crossing resistance) of about 5000 


ohms (many thanks to Mike Tuggle who measured them for me). 
Coincidentally, this is about the same Ro as a galena detector. The low 


Ro would normally make them a bad choice as a crystal set detector 
(galena aficionados notwithstanding). However, it appears that this 


particular resonator circuit has a very low resonant RF output resistance, 


which turns out to be a good match to the diodes. For more info on this, 
see Article #4 on Ben Tongue's site. This low RF resistance has another 
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consequence which 1s discussed below. 


In addition to the above mentioned diodes, I also recently tested Sanyo 
1855351 diodes. These are a surface mount type, with two diodes in a 
single package, and while not quite as sensitive as the HSMS-2850's 
they are significantly better than any of the germaniums or other 
Schottkys that I've tested. I also tried paralleling two of these, and got a 
further improvement in performance. In a listening test (which was 
completely subjective) I found it difficult to tell much difference 
between the parallel 1SS351's and the singleHSMS-2850's. 


RF Input Transformer 


Getting the best turns ratio for the RF input transformer was an iterative 
procedure which also affected the optimum input tap position on the 
resonator. The schematic appearing earlier on this page shows a primary 
with 4 turns, and a secondary with 4 turns, with a grounded tap at 1 turn. 
After much experimentation (and wire breakage), I currently have a 
primary with 6 turns, and a secondary with 8 turns, with the grounded 
tap again at | turn. This 1s the current schematic: 


FM CRYSTAL SET 
R. WEAVER 
REVISED 2010-11-06 


DIPOLE ANTENNA g 
| = 


Tl 
MODIFIED 
300:7538 

BALUN 


PHONES 


D1,DZ: HSMS-285U 
(AVAGO TECHNOLOGIES) 


HELICAL RESONATOR Y]: 

COPPER TUBING 9.5mm (3/8") 

3.75 TURNS 

OUTSIDE DIAMETER 65mm 

COIL LENGTH 84 mm 

SHIELD SIZE 64 mm SQUARE X 200mm HIGH 

TUNING BY MEANS OF MOVABLE END PLATE IN TOP OF RESONATOR 
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circuit. This output voltage is shown on the 
graph as Vz. 

The output or frequency response curve for 
a resonant circuit (series or parallel) has a 


symmetrical shape for a high value of Q. You 
can make the assumption that the output 
curve is symmetrical when Q is greater than 
10. 

Questions 


A. What is meant by a frequency that is 
passed? —— 
B. Why are fl and f2 passed almost as well 
as fr? —ç 

C. What is meant by a frequency that is 
blocked? 

D. Which frequencies shown on the previous 


output curve are blocked? 


E. Does the output curve shown appear to 
be symmetrical? What does this mean for the 
circuit? | 

Answers 

A. It appears at the output with minimum 
attenuation. 

B. Because their frequencies are close to fr. 

C. It has a low output voltage. 

D. f3 and f4 (as well as all frequencies 


below f3 and above f4). 


E. It does appear to be symmetrical. This 
means that the coil has a Q greater than 10. 
15 Somewhere between fr and f3, and 


between fr and f4, there is a point at which 
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I might have arrived at this turns ratio a bit sooner 1f I hadn't made a bit 
of a blunder, confusing a dipole antenna with a folded dipole antenna, 
and thinking my antenna impedance was 300 ohms when in fact it 1s 75 
ohms. (You may pick up on this goof ın the earlier text of this page, 
which I haven't corrected yet.) I'm not yet at the point where I will claim 
this transformer configuration to be optimum, but it is much improved 
over what I had before. 


Another addition is the 27H choke connected between the centre tap 
on the detector loop and the phones. This seems to help isolate the audio 
wiring from the RF part the circuit, and vice versa. This improvement 1s 
subjective at this point (it seems to increase volume), but regardless, it 
doesn't appear to be a bad idea. 


There were a few other changes made to the circuit as well, but in the 
end, except for the diodes, the revised RF transformer windings, and the 
addition of the 27uH choke, the other changes resulted in negligible 
improvements. Hence, they were dropped. 


While on the subject of the schematic diagram, alert readers will note 
the apparent short circuit at audio frequencies if the diodes happen to be 
conducting. The consequence of this is that when receiving a very 
strong signal, there is an upper limit to how much audio the detector 
will produce. My earlier circuit simulation verified this, but I haven't yet 
encountered a real life signal strong enough to hit this limit. However, I 
have allowed for 
circuit modifications 
should this ever 
become a problem. It ' 
would involve the 
addition of a resistive 
or reactive component 3 : 
(Z1) between the a. <a Nee ph pe 
diodes as shown in > — — 
the diagram here. The 7 | 
circuit model used in 

the simulation does 

not yet have sufficiently accurate parameters for the diodes or other 
components, to give a good idea what values to use for Z1 or the 
coupling capacitors. My circuit board has several strategically located 
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jumper plugs to allow for this future addition without the need for any 
soldering or de-soldering. 


Sound Powered Phones 


There's not much I can say about sound powered phones other than: If 
youre serious about crystal radios, eventually you'll have to get a pair. 
There is nothing else that compares in sensitivity. Piezo phones are not 
bad if you have nothing else available, but simply don't compare to 
sound powered phones . I was lucky enough to get a pair of Western 
Electric SP phones (thanks to Darryl Boyd), and with the other 
improvements that were made in the receiver, there 1s no longer any 
need for an amplifier, not even for testing purposes. 


The Western Electric phones (model D173014) have an impedance of 
about 600 ohms per element, and I have them wired in series for a total 
impedance of 1200 ohms. This turns out to be such a good match for the 
low impedance detector, that I have not found any advantage to using an 
audio matching transformer. Originally, I tested these with a Bogen 
T725 transformer wired as an autotransformer. The best transformer 
configurations were the 2:1 and 4:1 ratios. However, I couldn't honestly 
detect any improvement over the direct connection using no transformer 
at all. I did notice a slight difference in frequency response (better bass 
with the transformer), but no net improvement in volume using the 
transformer. I'm guessing that the optimum impedance would be 
somewhere around 2400 to 3000 ohms, but the transformer's insertion 
loss probably negated any benefits from the better impedance match. 


Detector Loop Mounting 


Originally, as shown in the early photos above, I mounted the diodes 
and detector loop on a separate moveable base. Once I'd determined the 
optimum position for the loop, I mounted it permanently through the 
side of the enclosure. This eliminated quite a bit of excess wire which 1s 
never good to have when dealing with VHF. The RF transformer and 
diodes are now mounted on the side of the enclosure where the leads 
come through. Here 1s a detail of how the detector mounts: 
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The detector loop is 50 mm (2") diameter #14 AWG (1.6 mm) copper 
wire, which is stiff enough to maintain optimum shape and position, 
once those have been determined. It is a friction fit through the side of 
the enclosure. Both leads are insulated where they pass through the 
shield. 


The detector loop could mount through any of the four sides of the 
shield. However I chose the arrangement shown here, where both ends 
of the loop cross the ground end of the helix at 90°. It's my belief that 
this would minimize any possible unbalance in the loop due to ground 
capacitance effects. 


What isn't shown 1n the photo, is the separation between the detector 
loop and the bottom of resonator helix. The distance is approximately 
16 mm (5/8"). The loop has a bit of a twist in it, to follow the pitch of 
the helix, so that separation is a fairly constant 16 mm at all points, 
except where it bends around the ground end of the helix. Audio 1s 
taken off at the middle of the loop through the 27uH choke. The input 
tap (black wire) is connected to the resonator helix about 75 mm (3") 
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from the grounded end. 


Antenna Location 


Unfortunately, antenna location is much more critical when dealing with 
VHF than when dealing with medium wave. A change in position of 
less than a metre can drastically affect reception. Initially, I found that to 
receive some stations, the antenna would have to be in one position, and 
to receive other stations, the antenna would have to be moved 
somewhere else. In all cases the antenna would have to be rotated to get 
the strongest signal. 


My antenna is a simple set of rabbit ears (dipole) that was supplied with 
some long forgotten television receiver. I have it mounted on a camera 
tripod with a pan head, making it easy to rotate. 


Currently, 1t sits in one corner of my house where I find that it gives 
good reception for all of my local FM stations (except one; more on that 
below). I have no explanation for why this particular location 1s best. No 
doubt, there are many complicated factors. However, I do note that this 
is in a far corner of my house which likely has the least amount of 
electrical wiring in the walls and ceiling. 


Resonator Helix Length 


Originally the helix was 4.3 turns of tubing. According to my design 
calculations this should have given a resonant frequency of about 110 
MHz, just above the top of the FM band. In practice, it gave a resonant 
frequency of just a bit over 103 MHz. I expect this is mainly because I 
wasn't able to make the helix diameter exactly as designed. 


The resonant frequency 1s also affected by fringing capacitance between 
the ungrounded end of the helix and the outer shield. If the helix 1s not 
perfectly centred in the shield (particularly the ungrounded end) the 
fringing capacitance will be higher and the resonant frequency will be 
lower. The resonant frequency can often be increased slightly by 
adjusting the position of the helix (1e., making sure it’s exactly centred). 
However I wasn't able to increase the resonance enough, using this 
method. So, I trimmed pieces off the end of the helix until the resonance 
increased to an acceptable value. 


After trimming, the helix was stretched out lengthwise to return the 
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overall length to the design value of 84mm (3.3"). 


Currently, the the helix 1s 3.75 turns, and it tunes up to 106.3 MHz 
which covers all of the FM stations in my area, but not quite the whole 
FM band. 


Performance 


Shortly after building the phase discriminator version of the detector 
circuit, I was asked—quite legitimately—whether I was certain that the 
circuit was behaving as a proper phase detector, and not just an oddly 
configured slope detector. So, 1t was quite important that I verify its 
operation. Previously, I'd run a circuit simulation which indicated it 
would work. Then subsequently, I put a digital voltmeter on the audio 
output and verified that as an unmodulated carrier was slowly and 
manually swept across the resonant frequency of the receiver, the output 
went negative, crossed through zero, became positive and then dropped 
to zero again. But that's a far cry from actually seeing a decent response 
curve on a scope. 


Unfortunately, I don't have a VHF signal generator which can be 
suitably frequency modulated. However, I do have a cheap FM 
modulator (intended for playing portable music players through a car's 
FM radio). It uses a Rohm BA1404 FM modulator IC. The RF output 1s 
tied back into the 12V power cable which plugs into the car's cigar 
lighter. This was not suitable for providing a reliable and consistent 
signal to the receiver. So, I had to perform some surgery. Thanks to an 
online data sheet for the BA1404, I was able to locate the RF output (pin 
7, for anyone interested), and connect a separate RF output lead. 


Once I managed to separate the RF output, I got a nice clean signal. My 
audio sweep source 1s a sine wave from an audio generator. The only 
remaining complication was that the FM modulation was slightly out of 
phase relative to the input audio signal. So, I had to build an adjustable 
phase shift circuit to go between the audio generator and the scope X- 
input. Once it was adjusted properly, the waveform cleaned up very 
nicely, and I was quite thrilled to see a fairly good S-shaped 
discriminator response curve which is shown here: 
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This 1s the actual DC response of the detector with an input FM signal 
of about 100 MHz. Mid position on the graticule 1s O Volts DC. Some 
asymmetry can be seen in the response curve; the skirt on the right 
tapers off much more gradually than that on the left. At some point I 
will probably investigate why this is happening, though I'm not too 
concerned about it. The flat section on the left is an artifact of the FM 
modulator. All things considered, I'm quite happy with the results. 


Unfortunately, because the modulator is uncalibrated, I'm unable to say 
just what the actual bandwidth 1s. I hope to address this in the future. 


As a side note, it can be seen that the trace is somewhat fuzzy. This is 
because there is a superimposed 19 kHz stereo pilot tone which 1s 
produced by the FM modulator. This had me baffled for a while until 1t 
dawned on me what it was. By adjusting the audio generator frequency, 
the 19 kHz signal can be made almost stationary, but still moves too fast 
for the camera to catch it. 


The test set-up, used to generate the above response curve, 1s shown 
here: 
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Listening Test 


I have twelve local FM stations (within approx. 30 km). With this 
receiver I can clearly hear all except for two of them. Of those two, the 
first (91.7 MHz) seems to be temporarily off the air (although I can pick 
up its unmodulated carrier on other receivers). The second (100.3 MHz) 
is so weak that I can barely pick it up on a regular FM receiver, and 
even then, it is buried in noise and is barely intelligible. 

So, I wasn't too upset about not picking 1t up on the crystal set. 


The ten local FM stations, which I can hear clearly, range in power from 
1300 Watts to 100,000 Watts. All of them can be heard at pleasant 
volume in a reasonably quiet room. The 1300 Watt station is one of the 
loudest. However, its transmitter is probably closer to my listening 
location than the others. The receiver is selective enough that there 1s 
absolutely no overlap in stations. Audio quality is very good with the 
sound powered phones. 


Four of the stations are strong enough that they can be heard fairly well 
with Sony MDR-W08 Sport Walkman phones when properly matched 

with a Bogen T725 transformer. Although the volume was considerably 
lower than with the sound powered phones, it was still quite intelligible. 


Here is an audio clip tuning through the ten local stations starting at 
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88.7 MHz and ending at 105.5 MHz, which gives a general idea of the 
audio quality. File size is 1.6 MB. It was created by connecting the 
crystal set audio output through a simple RC de-emphasis filter, into a 
microphone preamp and then into the audio input of my computer 
running Audacity 1.25 software. The audio 1s exactly as recorded with 
no editing or other processing. You will notice that the sound quality 
changes rather erratically during tuning. This 1s due to backlash in the 
tuning mechanism (particularly troublesome at the bottom of the band), 
and simultaneous adjustment of antenna direction. 


More to Come 


While this project 1s close to being complete, a few things remain to be 
done. 


Firstly, the tuning mechanism 1s very non linear. Tuning at the low end 
of the band is very touchy, and backlash in the adjusting screw makes 
tuning these stations a bit frustrating. I'm currently looking at an 
alternative tuning method which should result in more linear tuning. 


Secondly, I would like to test the receiver with a good quality outdoor 
FM antenna. 


Hinally; T naad ta An cama final claan_iin af tha eanctrietian and mala 
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Radio for the Beginner 


By HUGO GERNSBACK 


Chapter I 


HISTORIC 


HE true art of radio was un- 
E questionably discovered by Hein- 
rich Hertz, a German professor, 
living at Frankfort. His first tech- 
nical papers on his epoch-making 
invention were published in 1887. 
Hertz was the first to send electric 
waves through space by means of 
an electric spark. His apparatus was 
simple; he had an electric spark 
coil that made intermittent sparks, 
and by proper arrangement of this 
station, he could receive sparks at 
a distance by the simple arrange- 
ment of cutting a single wire hoop 
and leaving a small gap. Between 
the two free ends, small sparks 
jumped whenever sparks were made 
to jump on his spark coil a few 
ards away. : 
n Guglielmo Marconi, an Italian 
youth, read of these experiments 
and being gifted along these lines, 
he duplicated Hertz's experiments. 
Soon his mind conceived the idea of 
using the invention for transmitting 
intelligence over a distance. He en- 


deavored to send a message without 
wires over miles where Hertz used 
ards. Instead of the wire hoop, 
arconi devised and used a more 
sensitive apparatus. He found that 
an instrument called the coherer 
was enormously sensitive to the new 
electric waves, and soon was trans- 
mitting signals for many hundreds 
of yards on the estate of his father 
in Italy. By diligent labor he in- 
creased this distance and shortly 
was telegraphing without wires 
across the English channel. Not 
many years later, he transmitted 
the letter “S” in telegraphic code 
across the Atlantic by means of 
wireless, 

Radio telephony, contrary to pop- 
ular opinion is not a new invention 
either. It was first invented by Val- 
demar Poulsen, the “Danish Edi- 
son.” Instead of using a crashing 
spark at his sending station, he used 
a silent electric arc, with certain 
adjuncts. 


frequencies are said to be either passed or 
reduced to such a level that they are 
effectively blocked. The dividing line is at the 
level at which the power output of the circuit 
is half as much as the power output at peak 
value. This happens to occur at a level that is 
0.707, or 70.7 percent of the peak value. 

For the output curve shown in problem 14, 
this occurs at a voltage level of 0.707 Vop 


The two corresponding frequencies taken from 
the graph are called the half power 
frequencies or half power points . These are 
common expressions used in the design of 
resonant circuits and frequency response 
graphs. 


If a certain frequency results in an output 
voltage that is equal to or greater than the 
half power point, it is said to be passed or 
accepted by the circuit. If it is lower than the 
half power point, it is said to be blocked or 
rejected by the circuit. 


Question 

Suppose VP = 10 volts. What IS the 
minimum voltage level of all frequencies that 
are passed by the circuit?  — Ćć 

Answer 

V = 10 volts x 0.707 = 7.07 volts 


(If a frequency has an output voltage above 
7.07 volts, you would say it is passed by the 
circuit. ) 

16 Assume the output voltage at the 
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Chapter Il 
WAVE ANALOGIES 


What is a radio wave? It is not 
any different physically than a sound 
Wave or a wave in the ocean. If 
we throw a heavy stone in a- still 
lake, it makes a splash. This wave 
rapidly extends in the form of cir- 
cles, as shown in Fig. 1. 


The analogy between water waves 
and radio waves can be carried a 
step further. We have seen how 
waves may be produced; now let us 
study how they may be received. 

Take, for instance, a tank of water 
20 or 30 feet in length. At the two 


- opposite ends, platforms have been 


built, as illustrated in Fig. 2. On 
one of these platforms a large 
paddle has been arranged, so that 
a person may operate its handle, 
Now, if the paddle is moved back 
and forth, a series of waves extend- 
ing in all directions from this source 
of creation will be formed. The 
waves spread further and further 
away from the paddle in concentric 
rings until their strength is com- 
pletely expended. In this instance 
the tank is small, and the waves 
are sufficiently powerful to reach 
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the opposite end, where the other 
platform is built. 

On the other platform, located 
at the other end of the tank, we 
have a smaller paddle, on the handle 
of which a hammer has been ar- 
ranged to strike a gong. It is ob- 
vious that the waves moving the 

addle will cause the gong to ring, 
informing the operator on that plat- 
form that the operator on the other 
platform is moving the paddle and 
creating waves on the surface of 
the water. By skillful manipulation 
of the larger paddle, it is possible 
to cause the smaller paddle to mng 
the bell periodically, as desired; and 
if a series of signals has been pre- 
arranged, the operator with the 
larger paddle may communicate cer- 
tain information by properly oper- 
ating its handle. This represents 
both the transmitting and receiving 
stations of the wireless telegraph, the 
larger paddle being the transmitter, 
sed y the conducting medium being 
the water, while the smaller paddle 
is the receiver. It is exactly so in 
radio. If, by means of certain elec- 
trical apparatus connected to an 
aerial, we excite this aerial elec- 
trically, waves are set up in the 
space exactly as water waves are 
set-up on the lake. Radio waves, 
just as do the water waves, branch 
out in all directions. With the water 
waves this is not so true. A true 
water wave, as we know, 1s carried 
along only upon the surface of the 
water. A few feet below the water 
and immediately above the water, 
no water waves are found. A better 
analogy would be sound waves. 
Take, for instance, a church bell. 
By giving it a blow with a hammer, 
we excite this bell. Sound waves 


are set up in the air in all directions 
from the bell. Whether you are on 
the street level, 100 feet below, or 
in a building on the same level as 
the bell—in all these positions you 
will clearly hear the ringing of the 
bell (Fig. 3). The sound waves are 
propagated in every direction in 
the form of waves, invisible to the 
eye, but “visible” to the ear. These 
waves are exactly of the same shape 
as are the ocean waves or water 
waves, with the difference that the 
sound waves go out in the air in 
the form of spheres, In other words, 
the first sound wave leaving the 
bell would be a sort of invisible 
globe all around it. The wave rap- 
idly spreads out, becoming larger 
and larger, always remaining, how- 
ever, in the form of a sphere. If 
the sound waves did not go out 
in the form of spheres, it would 
not be possible for us to hear them 
in all directions as we have seen 
in Fig. 3. | 

Sound waves that leave a bell 
branch out, above, below, sideways; 
in fact in all directions. 1t is exactly 


4 


so in radio. The aerial of the broad- 
casting station, or other radio trans- 
mitting station radiates as does a 
bell, Both are transmitters of waves. 

We can hear a bell even if win- 
dows are closed, The invisible sound 
Waves pass through the window 
panes. Radio waves do exactly the 
same thing, except that they pass 
through solids far better than do 
sound waves. Radio waves even pass 
through mountains, providing these 
mountains do not contain ores or 
other metallic substances. Radio 
waves also pass through the water 
just as sound waves do. But, as we 
all know, the farther away we go 
from a ringing bell, the more dif- 
ficult it is to hear it. The reason is 
that the original wave, as we increase 
the distance between ourselves and 
the bell, becomes larger and larger 
aad soon covers a tremendous area. 
Finally there comes a point where 
we no longer can hear the bell. 


If, now we were to take two 
horns and point them in the direc- 
tion of the bell, as shown in Fig. 4, 
and apply the ear pieces to our ears, 
we would be able to hear the bell 
again, although without these appli- 
ances, we would not be able to hear 
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it at all. The reason is that the yi- 
brations that reach our ears norm- 
ally are too weak to be intercepted 
by our small ears. By enlarging our 
ears, as shown in Fig. 4, we inter- 
cept many more weak sound waves, 
and these waves, all being collected 
into our ears—bunched together, so 
to speak—are sufficient to impress 
the diaphragm in the ear. This holds 
true in radio as well. If we have a 
transmitting station, or a broad- 
casting station, we can hear it only 
up to a certain distance with a given 
apparatus. If we take a small aerial 
which we can liken to a normal 
ear, we can use it only for a given 
distance, let us say 25 miles, If we 
move this aerial 30 miles away 
from the radio broadcasting station 
we can no longer hear it. The case 
here is exactly as with the sound 


waves. The radio waves now have 


to cover much larger areas, and 
there are not enough waves, so to 
speak, to leave any impression upon 
our small aerial. If, however, we 
were to double or triple the size 
of the aerial, we would do physically 
the same thing as we were doing 
when we attached the two horns 
to our ears. By having a larger 
or increased aerial with more wires, 
we would, by means of this, inter- 
cept more waves than we could with 
a small normal aerial; consequently 
with such an aerial we could hear 
the broadcasting station again, even 
though we were removed 35 miles 
from it. The analogy between the 
sound wave and the radio wave 
holds pretty true, all the way 
through. Of course, in radio we 
have other means to bring in the 
signals even if we are removed still 
greater distances. It would not al- 
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ways be practical to make the aerial 
tremendously large in order to hear 
greater distances, also we would 
not expect to hear our bell 20 miles 
away by means of even large horns. 
We would have to devise some 
other more sensitive means to hear 
the bell, and there are such means 
at hand today in super-sensitive 
electrical microphones which mag- 
nify the very weakest sounds. So 
too in radio it is not necessary to 
build a larger and larger aerial, the 
more we remove ourselves from the 
broadcasting or transmitting station. 
Instead, we use more sensitive ap- 
paratus which will magnify the 
sounds in an electrical manner, so 
that we can hear the station even 
though we are removed thousands 
of miles from it. 


Let us now return to our stone 
which we dropped into the water. 
If we were to place our eye on a 
level with the water, and someone 
was to throw a stone into a quiet 
surface of water, what would we 
see? Fig. 5 shows this. Any water 
wave is composed of two distinct 
parts, the crest and the trough. In 
other words, the water first comes 
up, then dips below the original 
surface, then up again above the 
original surface etc. In our illustra- 
tion, we have shown in dotted lines 
the original surface of the water. 
The disturbance of the stone has 
caused the water to expand into 
waves. Now then, the wave length 
is that portion which extends fron. 
crest to crest. In Fig. 5 we see what 
a wave length consists of. It starts 
at the top of the crest, covers the 
trough and again up to the crest. 
This is exactly one wave length, be- 


cause it embraces the total make-up 
of one complete wave. 

In radio we have the same sort 
of waves, and these waves go out 
into space in all directions, as we 
have learned before. In radio we 
can make a wave length from a 
fraction of one meter up to several 
thousand meters and over. This all 
depends upon the apparatus we use. 

RADIO TELEGRAPH AND 
RADIO TELEPHONE WAVES 
In radio telegraphy we simply 
hear the plain wave in our telephone 
receivers. If the operator in the 
transmitting station presses his key, 
groups of waves are sent out into 
space as long as the key is de- 
pressed. At the receiving side we 
hear the waves making a buzzing 
seund for the length of time that 
the key is depressed at the sending 
station. If the key is pressed down 
for a second, we hear a buzz for 
a second. If the key is depres 
for two seconds we hear the buzz 
for two seconds, and by means of 
this buzzing sound the telegraphic 
signals are reproduced. Usually a 
code such as the Morse or the 
Continental is used. For instance. a 
short buzz will be the letter “E” 
while “SOS” would stand for the 


following ---———--- (a short 
dash being a short buzz, a long 
dash being a long buzz). 


In radio telephony (broadcasting) 


however, we have a different an 

more complicated action. In the first 
place, we hear sounds, words, and 
music exactly as they are produced 
at the broadcasting or transmitting 
station. Two distinct things happen. 
The aerial is made to send out a 
radio wawe that is continuous. This 
wave cannot be heard by the human 
ear with ordinary receiving appa- 
ratus. It is what is technically called 
C.W. or Continuous Wave. It is 
also used to carry along the human 
speech. At this point we must re- 
sort again to our water wave. 


pose we throw a stone into a river. 
At the same time that the stone is 
thrown we also throw a cork into 
the water, at the same spot. What 
happens? The cork is carried along 
by the current as shown in Fig. 6. 
First we see the cork in position 1. 
'A little later we see it in position 2. 
Still later in position 4 as shown 
on the dotted lines. The cork, there- 
fore, is carried along by the wave 
as well as by the current. As the 
waves progress, the cork progresses 


——_ Ő 


Sup- , 
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also. Exactly the same thing hap- 
pens when the human speech is im- 
pressed upon the radio carrier wave. 
By certain means too technical to 
go into here, the vibrations made 
by the voice are carried along upon 
the carrier wave, exactly as the 
cork is carried upon the water wave. 
At the receiving side we only hear 
the words or music, for the reason 
that the carrier wave is inaudible. 
Hence, nothing but the words or 
speech are heard by us in our loud 
speakers. ; 

Radio waves travel with the speed 
of light, namely, the enormous speed 
of 186,000 miles per second. We, 
therefore, can understand that if a 
message is sent out anywhere on 
our globe, it will be received at any 
place almost instantaneously; the 
greatest distance that a radio wave 
or a message could travel would 
be 12.000 miles, for the reason that 
the circumference of the earth is 
24,000 miles. You will see, therefore, 
that a radio wave would travel 
around the earth at the rate of al- 
most eight times in one second. 

POPULAR MISCONCEPTION 

AS TO RADIO WAVES 

Many people have an idea that 

radio waves broadcast by a trans- 


mitting or broadcasting station, 


change their form as they are sent 
out into space. The length of the 
wave never changes between the 
transmitting and the receiving sta- 
tions. 


It stands to reason that if all this 


stations were to send at exactly the 
same wave length, we we get 
nothing but a jumble. 

Suppose you have six pianos in 
one room, which are all tuned alike; 
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if we have six players sitting down 
at the pianos and each hits the same 
key, we will only hear that one note, 


let us say A. You could not pos- 


sibly detect it if five were striking 
the key A, because all of the players 


are transmitting on the same soun 

wave length which transmits only 
the note A. Suppose, however, that 
one operator is striking the key A 
while another strikes the key E. We 
can immediately eliminate one of 
the other, and by a little concentra- 
tion of our ear, we can hear either 
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A or E. In other words the two 
pianos are now transmitting at dif- 
ferent sound wave lengths, the wave 
length of E being different from 
the wave length of A, and vice 
versa. It is exactly so in radio, only 
we have better means in radio be- 
cause we can tune out entirely one 
station or another by means of 
tuning appliances so that we can 
hear either one at will. That is the 
reason why different transmitting 
stations send on different wave 


lengths. 


Chapter IHI 
TRANSMITTING 
General 


There are several ways of trans- 
mitting by radio; the oldest and 
historical method is shown in Fig. 
7. Here we have an ordinary spark 
coil such as is used in automobiles, 
a few dry cells, a key and the so- 
called spark gap which may con- 
sist of wire nails or better two zinc 
balls. Every time we press the key 
a spark jumps across the open space 
in the spark gap. By connecting 
one end of an aerial to the ground, 
which may be a water pipe, or a 
steam radiator, radio waves are sent 
out into space. We might compare 
to a string held between two 
nails and plucked with the finger, 
when we would hear some sort of 
noise. 

Just exactly as a manufacturer of 
a piano knows what the sound wave 


length of the longest string of his 
piano is, so the radio engineer will 
know on what wave length a given 
aerial will send. 

Roughly speaking, an aerial 100 
feet long will give a wave length of 
about 140 meters, while an aerial 
200 feet long will give a wave length 
of exactly twice the length of the 
shorter one or 280 meters. 

Suppose, with our little outfit 
shown in Fig. 7, we wish to send 
out a wave length of a thousand 
meters; we could do this by making 
an aerial 833 feet in length. That 
however, would not be practicable 
because not in all instances could 
we find that much room for the 
aerial. 

We, therefore, resort to another 
means, and we build an aerial in- 
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doors which we attach to the orig- 
inal aerial—a sort of sending tuning 
coil, which we show in Fig. 8. This 
tuning coil is the same wire which 
we use for the aerial, wrapped 
around a frame or tube, as shown 
in Fig. 8. This coil means simply 
the additional wire which is neces- 
sary to lengthen our aerial in order 
to make it long enough to give us 
our thousand meters. By means of 
the slider, which runs up and down 
the wire convolutions, we now have 
the means of changing the wave 
length merely by adding more or 
less wire. If this is not entirely 


plain, take a violin as an example.. 


Vhen the violinist wishes to trans- 


mit a certain sound wave he plucks 


his string first without touching his 
hand to it. As he presses down on 
the string, he automatically makes 
it shorter and shorter, and the 
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ES : 
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further down his fingers slide, the 
higher and higher the note becomes. 
He does here exactly the same thing 
as the slider does on our sending 
tuning coil, that is, he changes his 
sound wave length. Fig. 9. 

In other words, if he wants a long 
sound wave he slides his finger 
down the small end of the violin, 
and if he wants a short sound wave, 
he slides his finger towards his chin. 
This changes the sound wave length 
in exactly the same way as our 
sending coil changes the radio wave 
length. Both are fundamentally the 


_ When Marconi first rigged up his 
little sending station, as shown in 
Fig. 7, he naturally could only send 


out radio telegraphic signals. Every | 
time he pressed the key, radio waves | 


were sent out. When he pressed 


the key for a second, a buzzing 


noise was heard for a second in the 
distant receiving telephone receiv- 
ers. If he pressed the key for two 
seconds, a buzzing sound for two 
seconds was heard. By this means 
the telegraphic code is made up. At 
the present time, the Continental 
code is used almost exclusively, and 
today, as in Marooni's time, when 
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he operator at his transmitter 

ses down his key for a short 
duration, this is interpreted-as a dot 
at the receiving side, and when he 

‘esses his key down for a longer 
period this becomes a dash on the 
other end. By means of dots and 
dashes, the telegraphic code is made 
up. 

In Fig. 7, we showed a simple 
sender, Of course, it goes without 
saying that soon after Marconi 
Ea his apenan, more od 

ted sending apparatus was de- 
signed. 


There are now many different 
fansmitters in use, as for instance, 
le vacuum tube which may be used 
4 transmitting. This has the ad- 
Vantage of giving rise to what is 


— called continuous waves; this is 


| A clear by the diagram shown 
i 


| g. 10A. When we press the key 
of the old Marconi outfit, we send 
= into space radio waves which 
ave somewhat the form shown in 


pitch, as we might say, and 

out rapidly. This happens a 
great many thousand times each 
second, but these waves are not 
continuous. They are small wave- 
lets, as we might term them, which 
are disrupted and do not form a 
continuous line. Look at Fig. 10B; 
is what we might term a con- 
uous wave and is a wave which 
is sent out by a vacuum tube trans- 


| hi g. 10A. These waves start with a 


_ mitter such as is now used univers- 
ally at broadcast stations. As long 


as the sending set is transmitting, 
a continuous wave is sent out into 
space which does not vary. It does 
not take a technical mind to know 
that the waves sent out, as shown 


in Fig. 10B, must be better and 
clearer than the interrupted waves 
sent out in Fig. 10A. This is the 
day of the Continuous Wave com- 
monly called C. W. It is the Con- 
tinuous Wave that makes broad- 
casting possible. 

Let us make a comparison again, 
which can be easily understood, and 
which may serve to make the inter- 
rupted wave and the Continuous 
Wave clear in our minds. Take a 
number of pipes as shown in Fig. 
11A; one person stands at one end 
and another at the other end. One 
talks into this interrupted pipe, 
which may be 100 feet long, and as 
will be readily seen the person at 
the other end will have a great dis- 
advantage in hearing the speaker 
because the pipe, being interrupted 
se many times, breaks up the 
speech. This is the analogy for 


spark waves. Now turn to Fig. 11B; 
here we have a long pipe the same 
as we use in our speaking tubes, 


10 


which is free from interruptions, 
and is continuous all the way 
through. You cañ readily understand 
why the person at the other end wil 
have no trouble in hearing what the 
speaker say:, ror the reason that the 
pipe is continuous all the way 
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long pipe 


through. This continuous 
This 


stands for a continuous wave. 


of course, is not a strict analogy, 
but may serve to implant in the 


reader’s mind the difference between 
an interrupted spark wave and a 
continuous wave. 


Chapter IV 


RECEIVING 
General 


No matter what receiving station 
you have, it can receive either radio 
telegraphy or radio telephony. The 
receiving station has the exact coun- 
terpart in your ear, which receives 
any and all sound and noises that 
are floating about in the air. So it 
is with the radio receiving station; 
with it you can hear, if properly ad- 
justed, any and all disturbances that 
are flung out into space by the 
various broadcast stations. Receiv- 
ing instruments are becoming more 
and more sensitive for which reason 
we can hear the sending station 
further and further away. 1f we 
have a broadcast station which is 
sending out a band concert, and if 
we were to use Marconi's first in- 
strument, the coherer, for receiving 
purposes, it would not be possible 
for us to receive this concert at all 
because Marconi's coherer is totally 
unsuited to receive broadcast radio 
music. After Marconi's coherer came 
the auto-coherer a somewhat more 
sensitive instrument. With such an 


instrument a broadcasting station 
could possibly be heard five to ten 
miles, but no further. Next came 
the crystal detectors; with a good 
cne we may hear the broadcast sta- 
tion at a distance of 25 miles or 
more. Still later came the audion 
or vacuum tube. This instrument, 
being enormously more sensitive 
than a crystal detector, at once 1n- 
creased the range up to a thousand 
miles and over. vs 
How do we get more sensitive 
radio receivers? A single vacuum 
tube is only able to detect radio 
signals for a given 
ing more vacuum 
mapie as we call 
arlance, we step up 
‘ins until finally a radio signal 
could not be heard at all with a 
pair of telephone receivers, and a 
crystal detector, will roar out, of 
the loud-speaker with ear-splitting 
strength. If conditions are not right, 
for instance, if our insulation is bad, 
or if the adjustments of the appara- 


tubes, more 
them in radio 


= 


distance. By add- — 


the faint sig- 
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are not correct, we will hear 
le signals faintly, and often not 
‘all. Receiving radio waves is not 
different from receiving light 
ives. If you go to the opera you 
would not think of using the opera 
glass unless it was properly ad- 
Justed — tuned — to your particular 
eye. You also would not have the 
lenses covered with finger marks. 
You know in advance that you 
would not see much of the opera if 
were to do that. The same thing 
true of your receiving set. We 
mst have perfect insulation; all 
metal parts that carry the current 
Must make good contact—all parts 
Must be perfectly adjusted. Only 
im this case will the receiving be 
100 per cent., or rather approaching 
it, because we have not as yet 
reached the stage where we can 
receive 100 per cent. 
We have mentioned before that 
‘radio waves pass as readily through 
a stone wall as through the air. le, 
therefore, does not surprise us that 
‘we can have a modern radio receiver 
in our library without an outdoor 
“Merial at all and the waves will be 
received just as well as if the radio 
‘Set was stationed on top of the roof 
or out in the yard. This is true only 
the detecting apparatus of the set 
S very sensitive, otherwise we will 
mot be able to detect the waves, al- 
though they are there. 
T As a general thing, it has been 
found in receiving that the higher 
our receiving aerial is, the better 
we can receive. It also has been 
d that one can receive further 
a given receiver over water 
over land. Roughly speaking, 
One can hear twice as well over 
water as over land. 
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Presence of steel buildings also 
tend to cut down the receiving 
range. Thus, for instance, if a crystal 
of moderate sensitivity is located 
in the heart of the New York 
downtown district, we will hear 
practically nothing from the neigh- 
boring broadcast stations, unless of 
course the aerial extends above the 
buildings. All these facts should be 
borne in mind when erecting a good 
receiving station, 

Another point to be remembered 
is that reception during the night 
time as a rule is better than during 
the day. The reason for this is that 


during the day time the sun’s rays. 


ionize the air, which means that the 
sunlight makes the air partly con- 
ductive. That cuts down the receiv- 
ing range as well, It is not a rare 
occurrence that distant stations are 
heard twice as far during the night 
time as during the day. 


STATIC 


A few words as to this greatest 
nuisance that the radio man has to 
contend with. Static disturbance is 
nothing but atmospheric electricity. 
We are not bothered much with sta- 
tic in the winter time, but during 
the months of May, June, July. 
August and September, there is 
plenty of it, particularly, if we have 
an aerial extending up into the air. 
Static makes itself heard in our re- 
ceivers in a sort of irregular noise 
that cannot be controlled today. 
Very often we hear sharp clicks in 
our receivers which vary up to a 
loud roar particularly when a thun- 
der storm is approaching. Some- 
times the air, even on a perfectly 
clear day, is so highly charged with 
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electricity that if we bring the lead- o collecting upon the aerial — 
in from our aerial, close to the ic nois have 
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f r best results. A 75-ohm receiver, 
such as is used in house phones, 
should never be used in connection 


und wire, small sparks will jump been corrected, as no way has been : d 
3 | radio waves. The results are 


om the aerial to the ground, prov- found to weed out or entirely tune = 
ing conclus? -y that static electrici- out these disturbances. very poor. 

Soon after the silicon detector was 

i e invented, Greenleaf W. Pickard, the 

inventor of the silicon detector, in- 

vented a host of other detectors all 

of which use a native mineral crys- 

al, such as, for instance iron pyrite, 


Chapter V 
| copper pyrite, bornite, etc. All of 
RECEIVING INSTRUMENTS these detectors are used similarly 


o the silicon detector, the crystal — ' 
“being cast into a soft metal in pellet whisker, as lat ir ae 
form, This pellet is used in the same with the Aisa ne ATT E 


FIG.12 


The earliest instrument for detect- the crystal part of this round pellet 


ing radio waves was the coherer. is afterwards placed in contact wi way as the silicon detector; some- amount paps aly Feige 
This was a rather complicated little the contact member as shown in times a sharp brass contact point is by ecm Oe tony ‘ 


id with some minerals and at not sensitive on every 5 t, but 
othe times a fine wire is used, there are certain Baii hrad ce 
hich latter is termed a Catwhisker. equally sensitive over the entire sur- 
today | cor 8 pl ee face; this is known as Argentiferous 
sehr ee im sensitive : which m E FI 
_ One of the earlier detectors, still a piece of brass, which is not very Mber the mineral or crystal Galens, oe ge rahe 
in use today, is the crystal detector. sharp at the end, but rather blunt. wn as the iron pyrite. As with argentiferous galena is equally pea 
Dunwoody was perhaps the first The amount of pressure upon the | other crystal detectors, no battery sitive, and there is no hard and fast 
man to use such a crystal, viz., car- pellet is varied by a spring. In de- if used in connection with it. In rule about it. It must be found b 
borundum. This particular crystal tectors of this kind, not every point | stector no sharp point is used, experiment. A good connection for 


instrument, and one that was dif- Fig. 13. | us 
ficult to keep adjusted. Furthermore The galena and other common | h 
it was not at all sensitive, compared crystals of today are similarl 
with the detecting instruments of mounted. The contact member to 

the silicon detector is nothing but 


is seldom used today. of the silicon is equally sensitive. rather a fine wire catwhisker. t o padres fete y 
Another of the early detectors, Some points are very sensitive while | tatwhisker is a piece of fine wire ee ger eh pot nie cho gs 
which has almost entirely vanished others are not. Some of the sensitive BOU No. 26 or No. 28 B & S a matter of fact a battery "ik de- 


T: e phosphor bronze. This is stroy the usefulness of it by burnin 
ball) attached to some sort of out the sensitive points. With i 
idle or other adjusting means so lena, a fine brass wire No. 24 or 

[the pressure of the wire upon No. 26 B & S gauge is used; a stiff 
‘surface of the mineral may be gold wire of the same. dimension 

e y may also be used, as it is non- 
Jne of the most sensitive and oxidizing. 

t widely used detectors is made All crystals are sensitive only if 
Galena, a lead ore of which there absolutely clean, and their useful- 
| different grades. It is known ness becomes destroyed immediately 
many trade names as well, upon being handled with bare fin- 
pod piece of galena is probably gers. | 
ensitive as any crystal yet dis- Although we have stated a little 

ed, but it is not stable. A cat- further back that most crystal de- 


from the radio picture is the silicon points require more pressure than 
detector. Silicon is a manufactured others. All this is found out by ex- í 
substance, which is a by-product of periments. The silicon detector is 
the electric oven in the manufacture quite sensitive; it was the first de- | 
of abrasives; it is a cousin to car- tector invented that required no 
borundum. Silicon is a hard rock- battery whatsoever to detect radio 
like substance of a dark silver-gray signals, and for that reason was a | 
color. A small piece of silicon favorite instrument with early ex- | 
broken from a larger piece by means perimenters. The silicon detector | 
of a hammer or in a vice, about 14 had also the great advantage in that 
inch by 14 inch, is first imbedded it was not easily “knocked out,” as | 
into a soft solder. The idea of this most other detectors are, nor did 

pellet is that contact is made on it burn out easily. When connected, 

five sides with the metal, which is as in Fig. 12, a set of receivers of | 
simply cast around the silicon, and at least 1,000 ohms should be used ' 
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tectors have the sensitive mineral 
embedded in a metal pellet, the am- 
ateur or experimenter does not al- 
ways require this, and Fig. 13A 
shows several simple home-made 
detectors. The illustrations are so 
self-explanatory, that no further de- 
tails need be given. Base boards 
may be of wood, hard rubber or 
any good insulator. As will be seen 
in these illustrations, the detector 
mineral is clamped by simple hold- 
ing devices; anything that will hold 
the crystal down so that it will not 
move, and at the same time make 
good contact with it, may be used. 
The catwhisker wire is best, a No. 
24 or No. 26 B & 5 brass gauge, or 


phosphor bronze wire. It may be. 


straight, or coiled in pig-tail fashion, 
either will work equally well. The 
clever experimenter can change the 
design to suit his own individual 
tastes, and the chances are that the 
device will work well. The trouble 
with most mineral detectors is that 
their adjustment does not keep for 
any length of time. Jars, or static 
surges in the aerial will cause the 
detector to become inoperative, af- 
ter which it must again be adjusted. 

We now come to a vastly differ- 
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ent sort of detector, namely the 
Audion, or as it is commonly calle 
the “Vacuum Tube.” This detector 
works upon an entirely different | 
ple from any of the former | 
described, and is in general 
use today for reasons which we shall 
sently. Fig. 14 shows a 
acuum tube where we 
have the filament, which is the same | 
used in an incandescent | 
lamp; this is heated by means of | 
a battery of from two 
or by means of current 
house lighting lines. 
the grid which may 
of a gridiron or 
little difference w 
filament and with the 
middle, we find the plate, 
a small piece of 
metal. The connection 0 
on is shown in 
the plate positive with 
filament, we find that | 


be in the form | 
piral, it making 4 
hich. Opposite the 


nickel or other | 


respect to the 


Radio for the Beginner 


„charged electrical particles 
alled electrons” travel constantly 
rom the filament to the cold plate. 


Tt was soon found that the vacuum 
lube acted as a sort of valve for 
he electrical current, allowing the 

uh frequency currents as they 
ime over the aerial to travel in one 
rection in a vacuum tube but not 
| the other. In this respect the 
cuum tube is the same as a crystal 
ector, which also acts as a valve, 
rmitting currents to pass one way 


The vacuum tube was first in- 
mted by Dr. Fleming, to whom 
longs the honor of using it first 
S a detector for radio. He was 
ing only a two-element tube, viz., 
an exhausted bulb containing a fila- 
ment and a plate. Dr. Lee De Forest 
onceived the idea of introducing a 
ird electrode into the tube, as ex- 
fined above. The purpose of this 
ectrode which he called the grid 
ves only to control the flow of 
t electrons attracted by the cold 
ate. It is the grid that makes the 
icuum tube the exceedingly sensi- 
apparatus that it is. Making the 

lternately positive and nega- 


T 


tive varies the amount of current that 
flows from the hot filament to the 
plate, decreasing, and even stopping 
it entirely. The grid simply acts as 
a gate valve which controls the 
plate current. The curious thing 
about the grid is that it uses no 
great amount of power. A modern 
vacuum tube is exhausted to a very 
high degree, because it was found 
that unless the vacuum was perfect, 
the sensitivity of the tube was very 
poor. It is not necessary here to 
go into a very technical discussion 


of the vacuum tube, as we are mere- 


ly interested in its functioning. The 
study of the vacuum tube, however, 
is a science in itself today, and for 
that reason it can only be treated 
generally here. We must, however, 
add that the vacuum tube is far 
more sensitive than other detectors, 
particularly when used in connec- 
tion with other vacuum tubes. It 
was found, for instance, that this 
was the case when several tubes 


were coupled together; this re 
us the so-called two-step or three- 
step amplifier, which will be dis- 
cussed later on. The idea of these 
amplifiers is for each to step up the 
exceedingly weak current received 
from the first tube. By means of 
such a stepping up process, it is 
possible to bring in signals over 
tremendous ranges, a thing impos- 
sible to do with any other detector 
known at this time. 
| Tuning Devices 

We have seen in previous chap- 
ters that each radio ware tenet is 
dependent upon the length of wire 
of each aerial. If it were possible to 
make all aerials of exactly the same 
length and capacity, and’ if all sta- 


tions were transmitting at exactly 
the same wave-length, we would 


not need any tuning devices. Un- 
fortunately this is not the case. 
When we install an aerial, we can- 
not always make it of the eg 
or capacity which we desire, but 
are hampered by physical and geo- 
graphical limitations. In other 
words, our aerial is usually a com- 
promise. On the other hand, the 
various transmitting stations all 
send on different wave lengths and, 
for that reason, many different tun- 
ing devices are used. One of these, 
and the oldest, is the Tuning Coil, 
shown in Fig. 16. This is nothing 
but an aerial wound upon a card- 
board tube or other circular Or 
square piece of insulating material. 
The tuning coil is simply an exten- 
sion of the aerial. Even though we 
have an aerial which is only 100 
feet long, by attaching more wire 
to it in the form of the tuning coil, 
we thereby lengthen the aerial. The 
tuning coil, as shown in the illus- 


pending upon what it is to be used 
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tration, is simply an insulated wire | 
wrapped upon a cardboard tube, its 
size is immaterial. Tuning coils may 
be made in almost any size, from 
the smallest one wound upon a pen- 
cil, to the largest, as big as a barrel. | 
The more wire we use, the more 

wave-length our tuning coil will be 
able to absorb, so to speak. Of | 
course, in practice tuning coils are — 
built for a certain capacity, all de- 


for. If, for instance, we have but | 
a little aerial and wish to receive 
from stations having a wave length 
of say 650 meters, a small coil about | 
6 inches long and 2 inches in di- | 
ameter and wound with No. 24 
B & S gauge wire will do nicely. 
The purpose of the slider is simply 
to add more or less wire to the 
aerial; it is but an adjustment. It 
goes without saying that the slider | 
of the tuning coil must touch the 
wire, 


i reason that better tuning is ac- 
plished with them. | 

| Loose Couplers 

he Loose Coupler, Fig. 18, is 
ther form of tuning coil and this 
tument, which was formerly used 
eat deal, is really one of the 
‘tuning devices known. Instead 
ing just one coil, as for instance 
uning coil just described, a loose 
ler uses two coils—one sliding 
the other without touching. 
loose coupler is an electrical 
former, as it has been found 


l as otherwise no connection 
would be made. In Fig. 16, we show | 
the simplest connection for a tuning 
coil, This, as will be seen, duplicates 
the connection of the crystal detec- 
tor. We have here merely added 
the tuning coil in order to tune the 
circuit. By means of this tuning 
coil, it now becomes possible to 
tune out unwanted stations merely | 
by moving the slider back and forth 
and so connecting more or less wire 
to the aerial. For instance, if two 
stations are sending at the same 
time, by moving the slider back- | 
ward and forward it becomes pos- 
sible to tune in or out the unwanted 
station, and listen only to the one 
we desire to hear. In Fig. 17, we: 
show the same tuning coil, but with 
two sliders. The two sliders are 
somewhat of an improvement, for 
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that if a radio current traversed one 
coil, another tuning coil standing 
close by would be affected, although 
no wire touched the first coil. This 
is termed an “inductive effect.” In 
other words, the energy is radiated 
from one coil to another, the same 
as a stove radiates heat to objecta 
that are close to it. 


As we just mentioned, the loose 
coupler is a transformer. The cur- 
rent that comes in over the aerial 
in the form of radio waves is a high 
frequency current. By that we mean 
that waves swing back and forth 
very rapidly. It is the purpose of 
the loose coupler to change this 


energy into a more suitable form. 
We again iake recourse to an anal- 
ogy. In Fig, 19 we show, by means 
of a lever action, the principle of 
the transformer. We are all fa- 
miliar with the lever action whereby 
a man who weighs only 150 lbs. 
can raise a weight of 1000 lbs. by 
means of the lever. Is he gettin 

something for nothing in this case 

Certainly not! You cannot get free 
energy, but the experiment in Fig. 
19 simply shows that force plus 
time may be transformed into some- 
thing else. In this case the man 
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who weighs 150 Ibs. is the force and 
the time is the interval that it takes 
him to reach from point A to point 
B. The two added together are suf- 
ficient to raise the 1000 Ib. weight, 
the distance from C to D. The 
longer the lever arm L, the more 
weight we can raise. Archimedes 
told us that “give him a long enough 
lever he could raise the earth from 
its hinges.” Always providing that 
he has a sufficiently long lever and 
a fulcrum, or point of rest which 
is shown at F in Fig. 19. Summing 


FIG.19 (SECONDARY) A 


(PRIMARY ) 


up, we understand now that by 
means of a small weight we are 
able to lift a much heavier one. 

This analogy holds with our loose 
coupler, which we have shown in 
Fig. 18. The loose coupler has two 
coils; the primary, which is usually 
the outer tube, is always woun 
with a coarser wire, while the inner 
tube is wound with a finer wire. A3 
in the tuning coil we have a slider 
upon the primary, Or if we do not 
use a slider we may have taps (con- 
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nections) taken at every few turns ee 
of ss if we so en, ale On the windings come together, the better 
secondary also, we may have a Best En me. on, geor the sim- 
slider or taps brought out, both of Dial’ doc y Ss coupler, 
which are the same. The inner tube kood results e h d p fh thi Very 
is made to slide back and forth upon | uit, and the loos a Laer uA GI 
sliding rods so that the degree of Weulariy effici $ ESHprer. 14 Par” 
coupling, as we call it, may be ME ce ra or cor out in- 
changed. If the inner tube, called ves ee as e egree. It 
the secondary, is pushed into the i... if ee sharp tuning, 
outer tube, which we call the pri- ve length let Opoe aha 
mary, we have a complete electrical $60 meters a al er * 320 1 at 
lever system, as shown in our anal- | fer oh: jouer de or ey MIE 
ogy Fig. 19. The energy that comes |. E results de ee mn as 
into the primary is now mised ex- | Mining by reason of its sharp 
actly as the weight is raise by The War aie wd 
nase of a es and we get A: y > e a a a y ee 
marked effect from the secondary. | goupler, In hte fn T n se: ei 
The more we pull out the secondary | gm outer tube wound i h e 
tube, the less our lever action be- Wire, while the hrs be ech 
comes. It is as if the man in Fig. Mlates upon its axis i ee) de e 
19 were to move down to the point re, A WEEN w 
> aida di thn EY Y para an a tadio circuit, in order to do 
or even to budge it. By using the a a oa ce 
loose coupler, we do not get some: Pifrument is used to do ji w hat 
thing for nothing any more than if same implies, viz., sn 4 ve 
we raise a stone we perform no work. | ihe electri ‘ieee ie oncensing 
Reverting back to Fig. 18, the) ectric current. This is perhaps 
tubes of the tuning coil may be of fi 
cardboard, hard rubber or composi- 


ALA 


tion, or any good insulating ma- [PL AERIAL 
terial: No steel or iron should be > - 
used in the construction of a good | DETECTOR | 


loose coupler. Its size is immaterial | 
providing the proportions are right, | / 
this being determined by a 
ment. The important part is that) 
the secondary must come as close | € 
as possible to the primary. In other | 
words, the diameter of the tw o | 
tubes must be so that the secondary | | 
tube, when moved inside the pri- f 
mary will take up the entire air 
space without, however, touching | 
the outer tube. The closer the two L 
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not exactly accurate, for there is 
no condensing done in radio work, 
but rather storing of energy. 

Consider Fig. 22. Here we have 
a spring which we compress by 
means of a weight. As soon as we 
take the weight away, the spring 
returns to its original position. 
What have we done? We have sim- 
ply stored energy into the spring. 
The electrical condenser is used in 
exactly the same way, viz., to store 
electrical energy. However, that is 
not its only purpose. Just as the 
spring may be used for other pur- 
poses besides that of storing me- 
chanical energy, so the electrical 
condenser may be used for other 
purposes also. 

condenser is a capacity or a 

vessel in which electrical energy 
is stored. The simplest form o 
electrical condenser is shown in 
Fig. 23, where we have a metal 
plate A, a glass plate B, and another 
metal plate C. By means of this 
arrangement, we may store elec- 
trical energy upon the surfaces, of 
glass plate B. The larger we make 
the metal plates, the more electrical 
energy may be stored. 

The form shown in Fig. 23, is 


used in many. condensers today. 
The metal plates A and C may be 
any form of metal, such as, for in- 
stance, tin or metal foil, while the 
glass plate B may be replaced by 
a piece of paraffin paper. In other 
words, any good metallic conductors 
may be used if coupled with a good 
insulator. The better the insulator, 
the better the condenser will be 
and the greater its electrical capac- 
ity. In the commercial condensers, 
paraffin paper, varnished silk, sul- 
phur, sealing compounds, or mica, 
is usually used. In Fig. 24, is shown 


a simple condenser; this is also 


shown opened up. It is made by 
rolling together two strips of tinfoil 
between several strips of paraffin 
paper. The whole, when rolled to- 
pet and assembled, becomes the 
finished condenser. By rolling it to- 
gether, it takes up less room. In 
radio work, where fine regulation 
is required, we make use of still 
another condenser, as shown in Fig. 
25. This condenser, instead of being 
fixed, is variable. As will be seen 
there are a number of plates which 
are usually made of brass, zine or 
aluminum, which mesh into each 
other to a more or less degree. The 


more plates we have and the closer 


until a point is 


they come to each other, the higher | 
will be the capacity of that con- My 
denser. For certain purposes we pe 
need only a small condenser of a pip 

few plates, while in others we need © 
a larger one of a great many plates. |] 
It is just like having a small spring 
and still another very large one. 
Both have their uses, and both are 
very necessary, all depending upon | 
what work they are required to do. 
In Fig. 26, we show the simplest 
elementary connection, where we 
have a crystal detector, a tuning 
coil without a slider, a pair of phones 
and a telephone condenser. This is 
a peculiar connection because in it 
we wish to show that we can tune 
by means of the condenser, As will 
be seen in this tuning coil, we do 
not use any slider by which the 


ngth of the aerial may be changed, 
h would thus change the wave 
1. This is performed entirely 


AERIAL 


DETECTOR 


FIG.26 


by the variable condenser. When 
we adjust the latter, we also change 
the relation of the tuning coil, and 
in fact are changing the wave length 

t is found where the sig- 
nals come in best. This is a finely 
balanced circuit, and the amount of 
wire on a little tuning coil should 
be in direct relation to the con- 
denser. In other words, if there is 
too much wire on the tuning coil 
and the capacity of the condenser is 
small, we cannot do much tuning. 
For the best results, as for instance 
for receiving broadcast music on a 
wave length of 360 meters, we could 


a 


resonant frequency in a circuit is 5 volts. 
Another frequency has an output of 3.3 volts. 
Question 
Is this second frequency passed or blocked 
by the circuit? | 
Answers 
V = Vp x 0.707 = 5 x 0.707 = 3.535 volts 
3.3 volts is less than 3.535 volts, so this 
frequency is blocked. 

17 In these examples, find the voltage level 
at the half power points. 
Questions 
A. Vp = 20 volts __— 
B. Vp = 100 volts  ___ 
C. Vp 3.2 volts ___— 
Answers 
A. 14.14 volts 
B. 70.70 volts 
C. 2.262 volts 

18 Although this discussion started off by 
talking about the resonance frequency, a few 
other frequencies have been introduced. At 
this point, the discussion is dealing with a 
band or a range of frequencies. 

Two frequencies correspond to the half 
power points on the curve. Assume these 
frequencies are fl and f2. The difference 
you find when you subtract fl from f2 is 
important because this gives the range of 
frequencies that are passed by the circuit. 
This range is called the bandwidth of the 


use a small coil, one inch in dia- 
meter, wound with about 70 or 80 
turns of No. 18 enamel wire, while 
the condenser should be of the com- 
mercial yariety known as a 23-plate 
condenser. Then, all we have to do 
is simply adjust the condenser until 
the signals are heard best. 

In this illustration, we also see 
where the phone condenser is lo- 
cated. This phone condenser stores 
the energy of the circuit, and dis- 
charges it into the telephone receiv- 
ers which enables us to hear the 
signal more loudly. 

The two forms of condensers 
shown here are of course not the 
only ones, as many more types of 
either fixed or variable condensers 
are made. 

VACUUM TUBE ACCESSORIES 

We have learned something about 
the vacuum tube which was described 
previously in this article, and in Fig. 
15 we have shown the simplest con- 
nection of an audion detector. There 
are, however, a number of other 
auxiliary instruments used in vacu- 
um tube systems which give certain 
refinements. 

The vacuum tube, when it is used 
singly, acts as a detector and detects 
the signals the same as a crystal 
detector. Also, we might state here, 
that the crystal detector is a better 
ee “valve” than the vacuum 
tube. 


With a crystal detector, or in the. 


ordinary single vacuum tube circuit, 
the incoming signals act upon the 
phones and we hear the signals with 
a certain strength. Let us now con- 
sider the vacuum tube and the in- 
coming signal. We may indeed, by 
certain means boost up the very 
weakest of signals and amplify or 


a powerful light enlarge the little WM 
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magnify it a hundred or a thousand 
or a million times its original] 
strength. It is just as if you take alf 
piece of film such as is used in a 


moving picture theatre and examine] 


—— 
e —. 
— e 
—. 


it with your eye. The figures are so} 2 - 47 
small that you can hardly distin- (e° (WEAK AMPLIFIED | 
guish them. The regular film which] BATTERY WAVE 


is about the size of a postage stamp LS 
here stands in our analogy as amm 
single vacuum tube. We can, how- HE 


feuit we have, as before, the aerial, 
ever, take that film, and by using MM 


ground, the variable condenser, 
locking or phone condenser 
Ì several other instruments as 
sll, We find for instance, that sev- 
Al transformers are used, viz. 
is technically called the Audio 
equency Transtormer. 

T AUDIO FREQUENCY 

3 TRANSFORMER 

his transformer (E in Fig, 28), 


picture (no larger than a postage nd 
stamp,) by projecting it upon the M 
screen. We thereby amplify or mag- 
nify the original picture several 
thousand times. We can amplify orf 
enlarge it a million times if neces- 
sary all depending upon the amount 
of light we put behind a film and 
the distance from the screen. This! 
is graphically shown in Fig. 27. 

We may do precisely the same 
thing with a vacuum tube, but we 
must use additional energy, the same 
as in our film where we use energy 
(the electric current which produces’ 
the light) to project the film upon 
the screen. In other words, we can 
take the detector tube and enlarge 
the original small and weak signal, 
and boost it up until the sound 
comes out loud from a loudspeaker, 
which in our analogy stands for the 
moving picture screen. The electrical 
connections for a vacuum tube am- B A, 
plifier are shown in Fig. 28. This is t = 
what is called technically a two-ster 
amplifier. We show this connechoa 
simply because without it, it is al- 
most impossible to bring home the 
meaning of the vacuum tube aux- 
iliary instruments with which the 
reader is as yet unfamiliar. In this} 


E 
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MAGNETIC LOUDSPEAKER 


VARIABLE CONDENSER : B-GRID LEAK AND CONDE 

l- DETECTOR TUBE ; E-AMPLIFIER TRANSFORMER , F-AMPLIFIER TUBE, 

RHEDSTAT; H-STORAGE BATTERY J-"B"BATTERIES , K- EARPHONES OR 
FIG. 28 
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consists of just an iron core upon 
which is first wound a coarse wire 
termed the primary, and on top of 
this a finer wire termed the second- 
ary. The ratio of these transform- 
ers is usually such that, electrically 
speaking, the value of the secon- 
dary is from three to ten times as 
much as that of the primary. The 
audio frequency transformer is in 
principle the same as the loose 
coupler, which we studied before, 
and the purpose of the audio fre- 
quency transformer is to transform 
the energy from a low level to a 
high one. The purpose of this trans- 
fcrmer, as shown in Fig. 28, is to 
boost up the weakest signals, trans- 
forming them into stronger ones. 
The transformer by itself could 
never accomplish this, and in order 


NSER ; C-VARIO-COUPLER, 


Ell 


WOUND ON 
| ABER STRIP AN ie 


to make the lever action work per- 


fectly, we take recourse to a bat- 
tery which is connected to the 
transformer and with the vacuum 
tube, as shown. By means of this 
additional electrical energy we are 
now in a position to boost up and 
relay the weak signal. In this con- 
nection, we have shown first a de- 
tector tube, while the other tubes 
are amplifier tubes. By this we 
mean that the first tube receives 
the signal, while the other tubes are 
merely used as pumps to boost up 
the electrical energy until the signal 
finally comes from the phones so 
loudiy that if we connect the phones 
with a loud speaker, loud signals or 
music will issue from it. The bat- 
tery used in this case is a so-calied 
“B” battery, or high voltage battery 
which has been found necessary to 
aid in boosting up the weak signals. 
As a rule batteries anywhere from 
24 to 300 volts are used, all depend- 
ing upon the circuits. 

it should be understood that the 
audio frequency transformer is used 
only to boost up the weak signal as 
it leaves the first detector tube. It 
is not in the province of this trans- 
former to do anything save amplify 
the signal which is detected by the 
detector tube. 


RESISTANCE WIRE 
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of safety valve to let the sur- 
ás accumulation of electrons run 
f. The grid leak is nothing but a 
ry high resistance, sometimes 
llions of ohms high. It may con- 
st of only pencil lines drawn a- 
iss a piece of stiff Bristol board; 
se pencil lines are but slight 
trical conductors, but the re- 
ance is enormous. It suffices, 
yer, to allow the surplus elec- 
ms to leak off. There are various 
ys and means to make grid leaks, 
d a popular form isishown in Fig. 
Here we have a piece of care 
ird or fibre upon which is traced 
fine line in India ink. This line 
is the same as a pencil line. The 
ole is enclosed in a tube to pre- 
at moisture or dust from settling 
yn the grid leak. Connections are 
on the ends by metal clips. 
30 shows a grid leak and con- 
ser combined as two instru- 
is, which are usually used in 
ction. The grid leak conden- 
is small and is similar to a tele- 
ne blocking condenser, and the 
‘leak is traced by means of 
ia ink upon a piece of fibre; the 
e is enclosed in waxed paper. 
RADIO FREQUENCY 
TRANSFORMER 

Fig. 28 we have learned about 
audio frequency transformer. 
know that this transformer am- 
static and also other distur- 
es, as well as the signals. For 
‘reason it is not possible to use 
y such transformers, or, tech- 
lly termed, many steps of audio 
ification. If we use more than 
e such transformers and their 
ective vacuum tubes, addition- 
ss are all amplified, and the 


RHEOSTATS 

In Fig 28, we also find another 
new instrument, the Rheostat 
shown in detail in Fig. 29. This is 
simply an electrical resistance and 
is used solely to increase or de 
crease the glowing of the vacuum! 
tube filament. When signals are re-i 
ceived, it has been found that the 
filament must glow at a certain in-i 
tensity. Some signals come in besti 
when the filament is burning very! 
brightly, while with other tubes thej 
signals come in best when the fila- 
ment is only a cherry red. 

GRID LEAK 

In Fig. 28 we have another new- 
comer, which is termed the Gric 
Leak, and its condenser, It has been 
found that when the grid condense: 
is used, as shown in the illustration 
the signals will come in about twice 
as well as if none was used. How 
ever, this condenser alone would 
not be sufficient, for the reason that 
the accumulation of electrons, 
which are highly charged electrical 
particles on the grid o the vacuum 
tube, would interfere with the nor- 
mal working of the tube. We must 
provide a means to let the surplus 
electrons leak out without, however 
letting them out too quickly. It 1 
as if we had a boiler under which 
a constant fire was maintained. In 
order to provide a remedy, we in 
stall a safety valve. This valve i 
used for the purpose of giving ol 
the surplus steam and so keep the 
boiler free from harm. It is the 
same with the vacuum tube. While 
of course, the vacuum tube would 
not burst, even if we did not use 
the grid leak, electrically speaking 
the tube would not function proper 
ly. Hence, the grid leak, which is 3 
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weak signals as they are coming in 
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amount of noise which we get in 
the phones is tremendous. For that 
reason, we take recourse to what is 
termed a Radio Frequency Trans- 
former. The radio frequency trans- 
former may consist of only two 
windings, one adjacent to the other 
on a cardboard tube. The simplest 
form is shown in Fig. 31. The wire 
used on this is usually exceedingly 
fine, No. 24 B & S wire, or even 
thinner. The two windings act upon 
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over an aerial. The radio frequency 
transformer steps up these weak 
signals, amplifying them and pass- 
E them on to the detector tube. 

e now get the net result, with the 
detector tube in a position to detect 
already fairly strong signals which 
may then be amplified in the audio 
frequency amplifiers, and boosted 
up further by a second or a third 


transformer, if so d 
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two simple types are shown in Fig) Phragm is changed into sound course, not all tone amplifiers work 
32; this consists of the following: ya ives, which are sent on to our so loudly. Those made for home or 
First we have a powerful magnet r, where we hear them. parlor purposes do not use so much 
which attracts to it a thin iron dial a. LOUD SPEAKERS current, and therefore do not give 

phragm. This diaphragm is clamped b The dynamic loud speaker, now so much power. There are a number 
tight like a drum head along its M ARM used, works upon a prin- of types of tone amplifiers, but most 
outer edge. Upon the magnet are cp le where a small coil, through of them work along the same elec- 
mounted two pole pieces around "fi ich the received current flows, is tro-magnetic lines, and if they do 
which are wound many thousand en fenced by a powerful electro- not use the outside electric current 
turns of exceedingly fine wire, al- gnet. It is another case of boost- in order to create a strong electro- 
most as fine as the human hair. es i pup the sound which is received magnetic field, they either use 

Ordinarily when no current is PO the last amplifier tube. Such strong magnets to accomplish the 
sent into the telephone receiver, the PM amplifiers can throw the voice same result, or necessitate the use 
To resume and in a few words, diaphragm ispulled down some- PF Music over distances of one-half of a high tension current in the am- 
we may say that the radio frequency what to the pole pieces, although Band on mors, and 4 l. person pier arg ber py tp are 
transformer boosts up the very it must never bach then. 1 p? s in front of one of these giant nothing but transformers or relays, 
weak radio frequency currents so does, no sound will be received. 1f, Morns, the amount of sound that transforming or relaying a weak 
that the detector pives maximum however, a weak electrical current ues from it is simply terrific. Of sound into a loud one. 
results, whereas the audio frequency passes through these spools the 0 
boosts up the audible signals. The diaphragm will either be pulled 
radio frequency transformers, in down more if the current is in the Chapter Vi 
other words, amplify signals that right direction, or if the current is 
would be lost otherwise, while the in the wrong direction, it will weak- TUNING 
audio frequency transformers give en the magnetism on the pole á 
volume to signals which are already pieces. In this case, the diaphragm former chapters we learned ial to the same wave, namely, 360 
audible. is not attracted. These little varia- m thing about tuning; this is meters. If we have an aerial which 

TELEPHONE RECEIVERS tions make the, diaphragm vibrate ti hing but resonance. We all know is 260 meters long, electrically 

In order to receive signals or more or less. These vibrations are t experiment of standing near the speaking, it stands to reason that 
broadcast entertainment by ear, we passed on to the air, and the air) plāno and singing a certain note in- We must add 100 meters to this aer- 
use a telephone receiver, of which vibrating in unison with the dia t; when we reach the correct or f — 
| damental note, the piano begins 

i pund that particular note in 


pathy. We may then say that 
are in tune with that particular 
which sounds in our ears. 
rise in radio, we make use of 
milar system, except that we 
ed tuning instead of a- 
Stical tuning. Tuning consists as 
ile in merely attuning our aerial 
trically to the same length as 
i Aerial that is transmitting to us. 
ether words, if a broadcasting 
lor : is transmitting on a wave of 
n s, we must attune our acr- 
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ial in order to receive the wave at 
all. We have learned in other chap- 
ters how this may be accomplished. 
If we have a receiving outft, all we 
have to do is move the slider of our 
tuning coil backward and forward 
until the signals come in at maxi- 
mum strength. When that point is 
reached, we know that our aerial, 
electrically speaking, must be 360 
meters long. We have also seen in 
Fig. 26 that we need not have slid- 
ers on the tuning coil in order to 
tune. We may use a condenser for 
tuning purposes because its electri- 
cal equivalent is the same as a tun- 
ing coil slider. By adding more or 
less capacity to the condenser and 
therefore to the tuning coil, we 
changed the electrical value of the 
tuning coil, and also its wave length. 
This is not literally true, technically 
speaking, but we must use this lan- 
guage to bring home the meaning. 
We therefore learn that we may 
tune either by lengthening the aer- 
ial with additional wire, or by using 
a capacity or condenser in connec- 
ton with a wire coil. Both, if cor- 
rectly apportioned, give the same 
results. Before we can receive sig- 
nals, or amplify them, it is of the 
greatest importance that we tune 
in to the right wave length. An 
aerial must be in electrical sym- 
pathy with the sending station be- 
fore we hope to receive signals. In 
Figs. 17 and 26, we have shown the 
elemental methods of tuning. Of 
course, there are many other ways 
of tuning, all of which, however, are 
along the same principles as those 
just enumerated. | 
Perhaps an analogy in tuning will 
not be amiss here, and we have a 
particular analogy that covers tun- 
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ing nicely. Take the musical in- 
strument, the trombone shown in 
Fig. 33, You all have seen this in- 
strument, as nearly every orchestra 
boasts of one or more. It is known 
by all of us that while the musician 
blows into the mouth piece, he var- 
ies the length of the trombone by 
moving the sliding member bac 

and forth. If he wants to get a deep 
note, he pulls the sliding member 
almost all the way out, and this 
gives him a long sound wave. If he 
wishes a high note, he must have 
a short sound wave. This means 
that he must push the sliding mem- 
her all the way in. It is literally, as 
well as scientifically, true that the 
lengthened trombone gives a lon 

wave length, while the shortene 

trombone gives a short wave length. 
These are, of course, sound waves 
with which we have to do here. In 
radio we do exactly the same thing 
in tuning. When we wish a long 
wave length, we must add more 
wire or its equivalent to the aerial. 


If we want a short wave length we: 


must either have a short aerial or 
subtract some wire from the aerial. 
The reader should remember that in 
order to decrease the wave length 
of an aerial, all that is necessary is 
to put a condenser in series with 
the aerial, which actually decreases 
the wave length; it does not in- 
crease it as some people seem to 
think. The variable condenser, 
therefore, gives us the best practical 
means to rie the wave length; 
this point is quite important to re- 
member. Suppose you have a long 
aerial, say 200 feet, in connection 
with a small tuning coil, or sup- 
pe you have a short aerial and 

on the tenth floor of an apart- 
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ment house. The only available 
| ground would be the water 
This water pipe, however, would 
be so long that it would add extra 
meters to your wave length, and 


pipe. 


something must be done to de- 


crease it, if you wish to receive 
signals sent out from a broadcast- 


ing o 
wave lengt 1 
only way you could then tune in 
would be in the former case of the 
long aerial, to put a variable con- 


operating on a short 
of 360 meters. The 


denser in the aerial circuit, or in 
the other case where you have a 
long ground to interpose the con- 
denser in the ground lead. 


Chapter VII 
AERIALS, LOOP AERIALS, GROUNDS 


An aerial is used to intercept 


' radio waves; that is its sole func- 


jon in the receiving set. It does 
one amplify or make the si als 
come in clearer by itself. Hundreds 
of different aerials have been in- 
vented, and there is hardly anything 
in this field that has not been triod 
out. An aerial, properly speaking, is 


€ an elevated wire that is well insu- 


lated, and is usually placed outside 
of the building or house. 
An aerial can be made of most 


any metallic wire, but the best maz 


terial is copper wire. A still better 
wire to use is a stranded wire, 
which is composed of several cop- 
per or phosphor bronze wires 
twisted together. As a rule, we may 
say that the larger the wire, the 
better it is for radio purposes. Ve 

thick wires, as a rule, cost much 
and are very heavy, and therefore 
are not very practicable. A No. 14 
B & S gauge wire is a standard as 
used today and gives exceilent re- 
sults. For radio broadcast reception 
it has been found that a single wire 


50 feet long gives excellent results. 
Illustrations 34 and 35 show such 
a type of aerial. 
Unless you wish to go to a great 
deal of inconvenience, make your 
lead-in of the same wire as the 
main aerial. This may be done very 
simply with a single wire aerial, for 
the reason that no soldered con- 
nections are necessary. This is also 
shown in Fig. 34 and Fig. 35. The 
next things to consider are the in- 
sulators, which are quite important. 
The insulator serves to insulate 
the aerial, and unless we use good 
ones, a great deal of energy will 
be dissipated uselessly. We show in 
Fig. 36 various types of insulators 
that may be used. One of the sim- 
plest is the ordinary porcelain 
cleat, but when this type ts chosen, 
an unglazed cleat should be avoid- 
ed. Insist upon getting a glazed 
cleat which is a better insulator. 
When using cleats, put them in 
tandem, two or three strung in a 
row, as shown, The more insulators 
we add, the better the insulation. 


It is, however, hardly necessary to 
use more than three in a row. We 
next have the small spool insulators, 
which are very good and may also 
be strung in pairs, or sets of three. 
Various other types are shown. 

When putting up an aerial, it 
should be remembered always that 
the aerial proper must be at least 
a foot away from all buildings, 
barns, trees and the like. In other 
words, it should be away from all 
objects. | 

The height of the aerial is often 
important. It should always be 
placed at least 20 to 30 feet above 
the ground. : 

As a rule, an aerial in the country 
may be stretched from the attic 
window to a flagpole, or if such is 


not at hand, a barn, garage, or even 


a: tree could be made use of. If a 
tree is used, some means must be 
had to compensate for the swaying 
-of the tree. Such a method is to have 
a pulley attached to a tree by 
means of a rope: the end of the 


aerial is then run over this pulley 
and a fairly heavy weight secured 
to the open end. As the tree sways 
back and forth, more or less aerial 
rope is paid out or taken in, and a 
good compensation is thus had. The 
a may be 50 to 100 pounds, 

_ When an aerial is erected in the 
city, let us say on an apartment 
house, it should be at least 10 feet 
above the roof, particularly if the 
apartment has steel construction. 

LEAD -IN 

The lead-in is that part of the 
aerial that goes into the building or 
house to establish connection with 
the instruments. In a single-wire 
aerial, the lead-in is simply the aer- 
ial wire itself leading into the house 
and thence to the receiver. The 
lead-in wire should be of the same 
size as the aerial. In other words, 
about No. 14 B & S wire. It should 
be insulated at the point where it 
nears the building, or if this is not 
possible in the case of a single-wire 
aerial, the lead-in is strung on in- 
sulators, the wire being always at 
least 2 inches away from buildings, 


| station. 
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i swalls, etc., until it reaches the points 


where actual entrance is made into 


the building. 


We now come to an aerial which 
is ip different from those of 
which we have spoken before. We 
refer to the loop aerial, which is 
shown in Fig. 37. It should be un- 
derstood that a loop aerial is hard- 


Ply, if ever, used in connection with 


| is us t ex- 
a crystal set. It is used almos 
clusively with a vacuum tube set, 


‘where it serves several purposes. 


In the first place, it does away with 
o dr connection. Secondly, 
the loop aerial may be made in any 
size from a few inches square up to 
20 feet square. The loop aerial is 
highly directive; by that we mean 
that it will only receive with max- 
imum intensity if the loop is turned 
in the direction of the coming sig- 
nals. This is shown clearly in Fig. 
-38. Here we see how an ordinary 
lcop aerial is placed in a building 
and we also see how the waves are 
propagated from a distant sending 

It will be found that the 
signals are strongest when the loop 
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points exactly in the direction from 
which the waves are coming. 
GROUNDS 
In radio, in connection with the 


usual aerial, it becomes necessary 
to use a ground, which as its name 
implies, is a connection made with 
the earth. Fig. 39 shows the sim- 
plest and perhaps the best. It is 
simply a wire fastened to the cold 
water pipe, which is found in al- 
most every house and apartment. 
In order to make a good connec- 
tion, we use a ground clamp, as 
shown in Fig. 39. By means of some 
clamping arrangement, which dif- 
fers for every ground clamp, a 
strong mechanical connection 18 
made, The ground wire is then fas- 
tened to the screw or binding post 
attached to the ground clamp. The 
Dag wire need not be insulated. 
n 


ordinary bare No. 14 B & S- 


wire will do nicely; in other words, 
the same wire which we use on an 
aerial may be used. It is not neces- 
shry to run the ground wire on in- 
sulators, as is done with the aerial 
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lead-in, but it may be attached to 
the wall by means of nails which 
serve the purpose equally well. Of 
course, the ground wire should not 
be longer than is absolutely neces- 
sary. If it is not possible to find a 
cold water pipe, a radiator pipe may 
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be used, although the results may 


not be as good as from the cold 
water pipe. It is against the law to 
connect a ground to a gas pipe, and 
it should therefore never be done, 

When we are out in the country, 
for instance, when camping, it is 
not always possible to have a water 
pipe, and in that case we have to 
establish contact with Mother 
Earth direct. This is usually ac- 
complished by driving a metal rod 
into moist earth, as is shown in 
Fig. 40. 
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LIGHTNING ARRESTERS 

The properly installed aerial, 
when used with a lightning arrester, 
is the best protection a building or 
house could have against lightning. 
The aerial is a lightning conductor 
itself, and will actually protect the 
house, and will never endanger it if 
properly installed. 

The lightning arrester itself is 
nothing but a small spark gap either 
in a vacuum or in the atmosphere, 
which gap breaks down when a cur- 
rent of a few hundred volts strikes 
the aerial. Instead of going through 
the instruments which have a high 
resistance, the current travels di- 
rectly to the ground, which has a 
low resistance, Secondly, the instru- 
ments are not damaged. 
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SWR POWER METER FOR 50 
THRU 10m BANDS 
James Lee WG VAT 


W ITH the declining sunspots, usage of the 
lower frequency bands is definitely in- 
creasing. The resulting increased QRM is 
helpful to no one and only efficient equipment 
and operating procedures will result in a 
maximum number of QSO’s. The SWR/PWR 
meter described here won't make you a better 
operator, but it can help you be sure that you 
are delivering the most rf to your antenna 
from your rig. Fig. 1 shows a front view of 
the meter. 

The basic circuit is a directional coupler 
switched to sample either forward or reverse 
voltage and a voltmeter to read this voltage. 

This type of coupler has an output propor- 
tional to length, power, and frequency. The 
longer it is, the more output it gives. Since 
it puts a small impedance “bump” in the line, 
the length of the coupler should be limited to 
not over 1/20 wavelength at the highest fre- 
quency, or it may begin to contribute notice- 
ably to the SWR itself. For a given power, 
if the frequency of the rf flowing through the 
coupler is reduced, the maximum coupler out- 
put is reduced. This means that you can get 
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full scale readings on 10 M with a lot less 
power than on 80 M. The meter described here 
gives half scale deflection on 40 M, at maxi- 
mum sensitivity, with about 350 watts of for- 
ward power. If your rig is a KW this meter 
will fll the requirements for SWR/PWR 
measurements nicely. It can be left in the line 
at all times to monitor SWR or Power deliv- 
ered to the antenna or other load, If desired, 
a Barker and Williamson type 551A coaxial 
switch can be used to insert the meter in the 
line for test purposes and then switch it out 
during operating periods. 


Construction 


The unit is built in a gray hammertone 
LMB type 141 box. The dimensions of this 
box are 3" x 4" x 6". Fig. 2 shows the parts 
placement and should answer any questions 
concerning layout. 

The coax directional coupler is made from a 
14” length of RG-8/U. The outer covering is 
slit lengthwise with a knife and peeled off. 
Take care here not to cut into the woven braid. 
The woven braid is then bunched toward the 
center to loosen it. Next, a length of #22 
enameled wire is passed through the braid 
at about 2%" from one end and run under 
the braid next to the inner insulation, It is 
brought out at the other end, again 244” 
from the end of the shield braid. When this 
is done, smooth the braid back to its original 
position carefully to avoid scratching the 
enamel on the #22 wire. The #22 enameled 
wire should lay as straight as possible under 
the braid. It should have no slack nor should 
it twist around the inner insulation to any 
great degree, The ends of the shield braid are 
trimmed back far enough to be soldered to 
Amphenol 83-1H hoods. The inner insulation 
is trimmed off so as to expose about 3/16" of 
the inner conductor. The inner conductors are 
then soldered to Amphenol 83-1R female type 
chassis mount coax connectors. The coupler 
may now be sct aside and the rest of the meter 
constructed. 

Potentiometer R, is mounted on 1/16" x 1" 
x 4” piece of bakelite and positioned approxi- 
mately in the center of the box to minimize 
capacity to ground. The metal rear cover is 
removed from the pot for the same reason. 
The pot ground lead is to the center of the 
coax and is wire in last. The diode D, should 
be protected from damage by heat when solder- 
ing it in the circuit. Long nose pliers gripping 
the leads near the body of the diode are sat- 
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isfactory. The directional coupler is the last 
Item soldered in place. As can be seen in the 
photos—the coax connectors are mounted from 
the inside of the box. When the #22 enameled 
leads are soldered to S: they should be the 
same length, and again, take care not to 
scratch the enamel or a short circuit may 
occur and you'll have to do it all over again. 


Calibration 


There are any number of ways to calibrate 
the SWR/PWR meter, but the way most hams 
will use is their own rig and a suitable dummy 
load. Though very limited in power, a 2 watt 
50 ohm resistor such as made by Ohmite, 
IRC and others, mounted inside an Amphenol 
83-18P male coax plug makes a very good 
dummy load, Although not completely non- 
inductive, this dummy load is far superior to 
such real unknowns as light bulbs, electric 
iron heating elements, ete. This particular load 
is 50 ohms shunted by 6 mmfd over the range 
of 3-30 me. It is a good dummy load—though a 
low power one, 

With the back cover off, attach the dummy 
load to J2, the load jack. Set Ri, the Sensitivity 
Control, to maximum and S: to FORWARD. 
Next apply power by hooking your rig (or 
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circuit and can be calculated using the 
following equation: 

BW=f f 
All frequencies within the bandwidth are 
passed by the circuit, whereas all frequencies 
outside the bandwidth are blocked. A circuit 
with this type of output (such as the circuit 


shown in Figure 7.17 ) is referred to as a 
bandpass filter 
Question 


Indicate which of the following pairs of values 
represent a wider range of frequencies, or, in 
other words, the wider bandwidth. 

A. f2 = 200 Hz, f1 = 100 Hz 

B. f2 = 20 Hz, f1 = 10 Hz 

Answer 

The bandwidth is wider for the frequencies 
given in A. 

When playing a radio, you listen to one 
station at a time, not to the adjacent stations 
on the dial. Thus, your radio tuner must have 
a narrow bandwidth so that it can select only 
the frequency of that one station. 

The amplifiers in a television set, however, 


must pass frequencies from 30 Hz up to 
approximately 45 MHZ, which requires a 
wider bandwidth. The application or use to 
which you'll put a circuit determines the 


bandwidth that you should = design the circuit 
to provide. 
19 The output curve for a circuit that 


other rf source) to J,, the transmitter jack. 
Make sure that the rf applied is 28-30 me, 
or, the highest frequency you operate in the 
3-30 me region. This meter is sensitive to fre- 
quency, Stray capacities and other unbalances 
will have their greatest effect nt the highest 
frequencies. In any event, calibrate the unit 
on the highest frequency your rig will tune 
in the 3-30 me region. With power applied, 
set Ra so the meter reading is at least half 
scale and switch S: to REVERSE. This will 
result in a lower meter reading. R: should then 
be adjusted for a minimum reading on the 
meter. Using the suggested load, you will not 
ret a complete null, but the null should not 
be much more than 50 ua for half scale de- 
flection in the FORWARD position on $, 
Don't put too much power into the dummy 
load since excessive dissipation can ruin it 
and change its characteristics greatly. Lf you 
have a higher power dummy load whose char- 
acteristics you know accurately, by all means 
use it, but remember a light bulb is not a 
good load. Once nulled, lock the nut on R, 
taking care not to disturb the setting, Replace 
the back cover and using the dummy load, re- 
check the null to make certain that it has not 
shifted. 


Using The Meter 


To make SWR measurements you need only 
insert it in the line and set S, to FORWARD 
and 5: to SWR. Adjust the sensitivity control 
for at least a half scale reading. Then switch 
S: to REVERSE and read the value. SWR 
ls then calculated by the following: 


[rwa “E Lees 
SWR = ——— 
Lima = Lre 
or example: 


let Irea = 500 ua and Ire = 50 ua, then 
500 + 50 

SWHR= —————————— = 
500 — 50 


550 
= 1.22:1 


450 


The meter is useful for tune-up purposes 
where exact SWR is not needed, Just keep the 
FORWARD reading at a constant value and 
tune for minimum REVERSE readings. The 
exact SWR can be calculated when you have 
found the lowest REVERSI position. 
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The POWER position may appear to be 
essentially the same as the SWR position and 
it is. When measuring power into a load of 
known fixed value you only need to know 
the voltage across (or the current through) 
the load. The POWER position on 8. is used 
with $i set to FORWARD. R: is merely set 
to a scale reading that is convenient for all 
bands if only a relative reading is used. Hf a 
good 50 ohm high power dummy load is avail- 
able, you may make accurate calibrations by 
using a VTVM plus high frequency detector 
probe and measuring the actual voltage across 
the load. Just put a T-connector on the load 
jack Ja Put the dummy load on one arm of 
the “T” and read the voltage at the other arm. 
200 volts across a pure resistive load of 50 
ohms is equal to 800 watts of power. If your 
rie delivers a key down 800 watts to a load 
then you could set R, at 0.8 ma on the seale, 
ete. The seale will not be precisely linear, 
particularly at low powers, but if enough re- 
sistance is used at Ri the effects should be 
minimum. Since the coupler voltage is fre- 
quency sensitive one setting of Rs will not 
hold for all bands, If desired, Ra could be re- 
placed with a switch and a number of selected 
resistors (one for each band). This would keep 
the scale factor constant between bands. This 
could be done for Ra as well, but complicates 
an otherwise simple device 


Operation 


Once calibrated, the meter is very simple to 
use. Just hook it in the line at some con- 
venient point and apply power, With S. set 
to FORWARD and $; set to SWR, adjust 
R; for at least a half scale reading. Switch 
S, to REVERSE and you will then be able to 
continuously monitor your reverse power. For 
power measurements, set S, to FORWARD 
and 5, to PWR. Apply power and the meter 
will be monitering your forward power con- 
tinuously. Ra is a screw driver adjusted pot. 
It can be set, and locked at a point which al- 
lows operation on all the bands you operate. 
The scale reading on each band will be differ- 
ent, but once set, these readings can be jotted 
down in your log book and any change quickly 
noted. This meter is also an excellent device 
for the antenna “tinkerer,” or if you have coax 
coupling between stages in your rig it can be 
used to provide proper power transfer. Best 
of all, it is not expensive nor diffleull te con- 
struet. Try one and you won't be without one 
again. 


AN ETCHED CIRCUIT SWR BRIDGE 
Ed Lawrence WASSWD 


Several of these boards have been etched 


and units assembled, and all have been satis- 
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factory. T have used mine, with a 200 micro- 
amp meter, from a kw on the low bands 
up to a “T'woer,” with no problems with 
sensitivity. 

Since Bud Miniboxes are commonly avail- 
able, I scaled this board to fit into the Bud 


TO DIODE 
DETECTORS 


Fig. |, Metering circuit for the etched 
circuit SWR bridge. 


Fig, 2, Layout for the printed circuit beard, 


Minibox CU 21024 or CU 30024. If you 
want to include the metering in the same 
package, the CU 2103A or CU 3003A should 
be used to give more room. 


If you use the CU 21024, center the 
coax connectors on the ends. If the CU 
2105A, mount the connectors (8 inches from 
the open end. I used solder lugs bent at 
right angles to mount the P. C. Board io 
the chassis. The. photograph shows the 
mounting much better than 10,000 words. 


The meter sensitivity control circuit shown 
has a wider control range than the one 
shown in the ARRL Handbook, since the 
pot shunts the meter at low settings. This 
action could be accentuated by putting a 
fixed resistance in series with the meter 
movement, at the expense of sensitivity. 


Although the virtues of operating transmis- 
sion lines with low standing wave ratios 
(SWR) have been discussed many times in 
the past, evidently the economics of main- 
taining low SWR's are not readily apparent, 
particularly if the frequency of operation is 
law and the transmission line short. This 
has been reflected in various pseudo-techni- 
cal QSOs where many have been led to the 
utter disregard for standing wave ratios, Most 
members of the amateur fraternity exist on 
limited budgets at best and when a significant 
portion of that precious transmitted pewer is 
eaten up by transmission line losses and mis- 
interpreted standing wave ratios for naught, 
something should be done. 
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A look at the graph in Fig. 1 will show you 
the percentage of power reflected for various 
standing wave ratios. For instance, if you are 
presently tolerating an SWR of about 5.8:1 
(not uncommen in many ham shacks), 50% 
of the power which reaches the antenna 
is actually reflected back down the transmis- 
sion line, heating up the final tank and causing 
TVI. Nor is only the transmitted signal effect- 
ed, a high SWR will similarly degrade the 
received signal. This is particularly important 
in the reception of the extremely low level 
signals often encountered in DX and VHF 
operating. Stereophonic buffs should take heed 
too. A recent report by the IEEE (Institute 
of Electronic and Electrical Engineers} Pro- 
fessional Group on Broadeasting noted that a 
high SWR on receiver antenna inputs causes 
a reduction of stereo quality. 
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Attenuation vs frequency. 


Many of the amateur stations on the air 
today make use of RGBA/U coaxial cable. Its 
excellence is proven out by its extensive use by 
the military, but a look at the loss graph (Fig. 
2) for this cable indicates that it is not com- 
pletely lossless! Even at 4 me it has approxi- 
mately 0.3 db loss per 100 feet, and on six 
meters there is a loss of 1.4 db for the same 
length. A look at Fig. 3 indicates that on 75 
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Attenuation vs Power transmitted. 


meters only 94% of the transmitted power is 
delivered to the antenna if 100 feet of 
RGSA/U is in use. At 50 me the loss has 
sky rocketed to 26% for the same length of 
line. However, there is one big hooker for 
these conditions to exist: the SWR must be 
1:1. For any other value of SWR there will 
be further line losses as shown in Fig. 4 be- 
cause standing waves have the property of 
multiplying attenuation. This graph indicates 
that if a transmission line is operating at an 
SWR of 3.7:1, the line loss will be multiplied 
by a factor of two, For the previously men- 
tioned situation on 50 me, an additional 24% 
loss could be expected with an RGSA/U line 
operating at an SWR of 3.7: 1, 

It should be obvious by now that the use 
of an SWR bridge in the line at all times is 
very advantageous in the maintenance of a 
low SWR at the operating frequency. How- 
ever, contrary to popular belief, the SWR 
bridge does not tell all. Since there is loss or 
attenuation in anv length of transmission 
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Line loss multiplier vs SWR, 


line, the reflected wave will be attenuated in 
the same matter as the transmitted or inci- 
dent signal. Because the standing wave ratio 
is the ratio of the incident wave to the reflected 
wave, attenuation of the reflected wave will 
give erroneous SWR measurements when the 
SWR bridge is conveniently located at the 
transmitter. In this location the bridge will see 
the full power of the transmitter, but only a 
portion of the reflected signal. In some cases 
where the length of the transmission line is 
excessively long, the reflected wave will be 
attenuated to such a decree that the SWR 
will appear to be very close to 1:1, while in 
reality it will be a good deal higher. This 
fact is graphically represented in Fig. 5. 
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For example, 143 feet of RGSA/U at 50 
me would result in approximately 2 db attenu- 
ation. If an SWR bridge inserted in the line at 
the transmitter indicated an SWR of 2:1, this 
graph shows that an SWR of 3:1 exists at the 
antenna. A look at Figs. 3 and 4 will indicate 
that a 3.3 db loss (2 db times 1.65 multiplier) 
occurs, amounting to 47% loss of transmitted 
power in transmission line losses, Of the re- 
maining 53% power arriving at the antenna, 
24% will be reflected back down the line. A 
little simple arithmetic will show that of the 
total power transmitted, only 30% will be ra- 
diated! This simple mathematical fact should 
make the merits of low standing wave ratios 
immediately obvious if we wish to get the 
most out of our equipment. By keeping trans- 
mission lines short and by insuring that the 
SWR is as close to 1:1 as practicable, line 
losses will be minimized, maximum power 
will be delivered to the antenna and more 
suceessful and reliable radio communications 
will result. 


CHECKING YOUR SWR INDICATOR 
Carl Drumeller WSEHC 


Many articles have been published on 
how to build and even some on how to 
calibrate a VSWR indicator. The calibration 
instructions usually tell you to terminate 
the indicators output with a purely-resistive 
52-ohm load and then to adjust the device 
so that a maximum forward and minimum 
reflected meter deflections are obtained. 
Sometimes theyll go further and tell you 
to reverse the device and recheck for op- 
posite indications. 

This is all very well. It assures you that 
the VSWR indicator will be telling you the 
truth when it says “All’s well!” while look- 
ing into an utterly-Hat transmission line. 
It doesn't tell you a thing about what the 
indicator will have to say when it gets tan- 


gled up with a line that has a wildly-mis- 
matched termination. 

As most transmission lines, in actual prac- 
tice, are terminated in loads which are not 
only mismatched in the matter of resistance 
but also in the inclusion of a considerable 
magnitude of reactance, it would be well 
to explore the indications you'll get under 
realistic circumstances. After all, these are 
the situations under which you'd want to 
take corrective steps. Accurate indications 
of undesired conditions, therefore, are im- 
perative if intelligent remedial actions are 
to be taken. 

Fortunately, some quite enlightening tests 
are made easily, All you'll need are some 
lengths of coax transmission line (the same 
as youre using in your antenna feedline) 
equipped with male fittings at each end 
and a few female-to-female junctions. Se- 
lect the frequency at which you want to 
make the test. Usually it’s wise to make 
the test on the highest frequency band you 
plan to use. With this in mind, make up 
three one-eighth wavelength sections of 
transmission line and mount the male 
fittings on the ends of each section. 

If vour antenna presents an unmatched 
load to your transmission line, you may 
elect to skip over this paragraph and go 
directly to the next one, If it does not 
(Ah, you dreamer!), you'll need another 
piece of transmission line. It should be fairly 
long, perhaps a half wavelength. Put a male 
fitting at one end and attach a termination, 
which is deliberately made to be a sad 
mismatch, at the other end. Don’t just mis- 
match it by using too high or too low a 
value of resistance. Throw in some react- 
ance, too! You might use a resistor with an 
inductor in series. Or, you might try a ca- 
pacitor in series with the resistor. Or, you 
could use either an inductor or a capacitor 
in parallel with a resistor. In fact, it would 
be best to experiment with all four! 

Now that you have a transmission line 
available that you know is mismatched, 
youre ready to start the test. The frst 
check (the “control”, you might call it) 
is made with everything normal. That is, 
youll have the transmitter feeding directly 
into the VSWR indicator’s transfer box and 
the transmission line (either the one to your 
antenna or the substitute line to the mis- 
matched load) attached to the output of 
the: transfer box. Note the VSWR indicated. 
Also note vour transmitter; insure that 
its tuned to resonance and is adjusted to 
a power you can maintain throughout the 
first portion of the tests. Jot down these 
indications, Now, insert an cighth-wave 
seclion between the transfer box and the 
transmission line and without making any 
other changes or adjustments, note the 
VSWR. Repeat these steps, adding an ad- 
ditional eighth-wave section each time until 
you've used all three. Did vou detect any 
change in VSWR? If there was even the 
slightest change. vour VSWR indicator is 
not trustworthy! 

Now for two more checks. Try varying 
the transmitter power output. Does this 
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have any effect upon the indicated VSWR? 
If it does, your VSWR indicator is not trust- 
worthy! Then try varying the transmitter 
output tuning, deliberately throwing the 
stage out of resonance. Does this have any 
effect upon the indicated VSWR? Tf it does, 
your VSWR indicator is not trustworthy! 

Few VSWR indicators under the $150 
class will pass these basic tests. If yours 
doesn't, don't be perturbed. You have an 
instrument that still has a useful field of 
application. You can use it as a comparative 
indicator. For instance, if you're adjusting 
the gamma match at an antenna, it'll serve 
quite well; in this application, you're holding 
all of the significant variables constant, with 
the exception of one (the gamma match), 
the effect of which you want to observe. 
Your tests will have shown you the para- 
meters you'll have to hold constant for any 
other than simple comparisons. In all prob- 
ability, you will have found that measure- 
ments taken with different (electrical) 
lengths of transmission line are invalid. Also, 
is probable that, owing to the non-con- 
gruity of diode curves, measurements will 
have to be taken at precisely the same level 
of rf power if accurate comparisons are to 
be made. 

If youll keep its very real limitations in 
mind, you'll find that even an inexpensive 
VSWR indicator has excellent potentials for 
useful measurements, But don't ask it to 
perform at levels that even its expensive 
siblings can't attain! 


HOME BREW BRIDGE CALIBRATION 
Clifford Honess W4QOAB 


This table is useful for all homebrew SWR 
bridges and gives the % reflected power and 
the % full scale reading in the reflected mode, 
when the meter is set at full scale in the for- 
ward mode. 


BWR © Pwr. Refi. Rel. Rdg. in ©: of Full Seals 
1.1 de, 4.85% 
1.2 iB 0,1 
Ld 1.7 13.1 
1.4 23 16.7 
1,5 4.0 20,0 
1,6 5.5 23.1 
1.7 6.7 26.0 
1. 83 28,0 
1.0) J.T 21,1 
2.0 11,0 pad 
ae | 13,6 of 
22 14.0 47.5 
2.3 15.5 0,4 
El 17.0 11,3 
m5 13.4 42.0 
2.6 10.7 dl. 
27 211I 15,5 
2.3 22.5 iT 
3.0 23.8 48.7 
2.0 25.0 Bib 
3.0 26.0 60.0 
BT 45.0 TO. 
aM 64.0 80.0 
1N BE TO 


MINI SWR BRIDGE 
John Schultz W2EEY 


Most SWR meters today are of the coupled 
variety which can be left in a transmission 
line while a transmitter is operated at full 
power. However, for a number of prolonged 


tune-up operations, involving antenna match- 
ing systems, for instance, such couplers have 
several disadvantages. 

On 160 and 80 meters, especially, a rea- 
sonable amount of power is necessary to 
produce full deflection—up to 100 watts 
with some configurations. With a very low- 
powered transmitter, making adjustments at 
this power level certainly may damage the 
output tube or tank-circuit components with 
a high SWR. This will not be the case with 
higher-powered circuits but, in any case, a 
signal strong enough to cause needless QRM 
will be radiated. 

Another disadvantage of the coupled SWR 
meter, if it is home constructed, is that it 
must be carefully calibrated since its re- 
sponse is very dependent upon the mechani- 
eal configuration of the coupling circuit. This 
is unlike the bridge-type SWR meter (de- 
scribed in this article) where a standard 
SWR curve may be used with a good degree 
of accuracy. 

The above factors, plus the fact that I 
didn't need an SWR meter continuously in 
the transmission line, led me to construct 
the little resistance type SWR bridge shown 
in the photograph. It is just about as simple 
and inexpensive a unit as can possible be 
built. 
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Fig. |. SWR Bridge Circuit. See text for values of 
Ri, Re and Ra. Ri and R; may be any matched value 
from 10 k to 47 k Di and De are 1N34, IN54, or 
similar types. All capacitors are disc ceramic, .005 


MF, 100¥. 


Construction 

Two 50-239 coax chassis connectors are 
joined back to back by two Li inch threaded 
hex spacers. The two four-lug terminal strips 
are mounted at the ends of one of the spac- 
ers. The wiring of diodes D, and D. as shown 
in Fig. 1, should be such that the incidental 
voltage-measuring point appears on the 
terminal strip mounted on the “input” SO- 
239 connector, in order to avoid confusion 
in measurement, Short leads, of course, 
should be used but hardly anything else is 
possible with only 14 inches between con- 
nectors. 

Some attention must be paid to the com- 
ponents used if accurate readings ure to be 
obtained. Resistor Ra must closely match the 
impedance of the coaxial line used (52 or 
75 ohms). For 52-ohm lines, a suitable re- 
sistor (within % to 1 ohm) can usually be 
found from a group of standard 10% toler- 
ance, 47-ohm resistors: and for 75-ohm lines, 
from a group of 68-ohm resistors, Resistors 
R; and Ro can have any value from about 
30 to 100 ohms, but it is important that they 
are as closely matched as possible, One trick 
which may be used to affect very small 
resistance changes is to file “Y” notches in 
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Fig. 2. Simplified diagram of SWR Bridge. Y, rep- 
resents incident voltage and Y, the reflected voltage. 


a composition resistor to raise its resistance. 
Two-watt units ure suggested for these re- 
sistors because of their longer-term stability 
and endurance in case too much input power 
is applied. 

Resistors R} and KR, serve as linearizing 
resistors so that almost any meter with a 
basic movement of | mA or less can be used 
as an indicator. The lower de voltage ranges 
on almost any VOM will work fine. These 
resistors as well as diodes D, and D, should 
be checked to see that they match reason- 
ably well (the resistors within a few precent 
and the diodes within a few percent for 
their forward and reverse resistance read- 
ings). 


Calibration 


There are really no adjustments that can 
be made to the bridge, and calibration 
really consists of checking the balance. Fig. 2 
is the de circuit of the bridge (a simple 
Wheatstone bridge with resistance arms). 
If the balance of the bridge is good, Va 
should be the same when points Ry are 
opened or shorted so long as V, is held con- 
stant. This can be checked on the actual 
bridge by applying an input at the highest 
frequency of interest (6 or 10 meters), short- 
ing Js, and checking that incident and re- 
flecting voltages are the same. The same is 
done with J. open. If the voltages are not 
equal, the difference can be taken as an in- 
dication of how accurate the SWR readings 
will be. If the difference is too great, R} or 
Ra will have to be changed for a better match 
or the mounting of the components changed 
to reduce stray couplings. 

A further check is to connect a known 52 
or 75 ohm resistor across Ju. The reflected 
voltage should, of course, read zero. 


Operation 

As noted in Fig, 2 
simple function of the 
voltage readings, Fig. 3 presents this fune- 
tion in graphical form. The incident voltage 
is simply adjusted for some convenient value, 


the actual SVR is a 
incident and reflected 
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Fig. 3. SWR values for selected reflected voltage 
readings taken as % of incident voltage reading. 
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say 10 volts reading on the de scale of a 
VOM (possible with most SSB transmitters 
by adjusting the carrier balance control with 
no audio input) The reflected voltage is 
then read as a percentage of the incident 
voltage and the SWR found from Fig. 3. 
The input power required ta operate the 
bridge is essentially independent of frequen- 
cv, being about 1-2 watts maximum, 

It should be remembered that such a bridge 
can measure only the resistive portion of an 
impedance. When using it to adjust a circuit, 
if a SWR minimum null but not a zero read- 
ing for reflected voltage can be obtained, 
it indicates some reactive component must 
still be present. 


VSWR SUPREME 
EE. Klein WH BRS 


One of the most valuable tools used by the 
amateur is the Voltage Standing Wave Ratio 
Meter. It ranks with the grid-dipper and the 
plate current meter as an indispensable in- 
strument around the ham shack, We know 
that the VSWR meter is verv handy in indi- 
cating relative power output when tuning a 
transmitter, particularly when the plate dip 
is not too discernable. It is most useful, how- 
ever, in proving that the last available watt 
has reached the antenna where it can do 
some good, 


Why a good match? 


Although a good copper connection is 
made all the way to the antenna, an efficient 
Hhranster of power may not be achieved be- 
cause of a mismatch between the characteris- 
lic: impechiiees of the various portis caf 
the transmission The interesting 
thing is that the “matel is different for each 


SVStCHT. 


Frequency because the antenna is essentially 
it single frequeney device, 

We can appreciate the importance of a 
proper mitch between the transmitter and 
the antenna when we are told, for example, 
that ia VSWR of 3-to 1 causes a power loss of 
near 3 dB for 200 feet of RG-8S/U coaxial 
line al 30 Mike The table below provides 
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sociated switching circuits. 


Table 1 Transmitter 
Power 
Needed to 
Power Loss Provide 1 kW 
VSWR (da) at the Antenna 
[.5:] 2.1 1600 watts 
2:1 2.3 1700 
3:;1 2.8 1900 
4:1 3.3 2000 
5:] 3.7 2300 
7: 4.5 2800 
10: 1 5.3 3400 


Additonal power needed to compensate for a poor 
impedance match between transmitter and antenna. 
Figures are based upon 200 foot of RG-8/U cable 
at 30 MHz. 


the real reason why we should be concerned 
with the impedance match. Notice how much 
the transmitter power would have to be in- 
creased to make up for a poor match be- 
tween the transmitter and the antenna. In- 
cidently, this match involves cach and every 
purt of the total transmission system includ- 
ing connectors, antenna relay, low-pass filter, 
balun, ete., as well as the transmission line 
itself and that particularly critical point at 
which it is connected to the antenna. 


A new approach 


Most VSWR meters today are an external 
accessory to the transmitter. But this practice 
is not good, Coaxial connectors are expensive 
and cause unwarranted mismatch and power 
loss. Meter faces usually end up behind the 
transmitter or in some other inaccessible 
location. When switching from forward to 
reverse, the little accessory box scoots across 
the table leaving scratches and a distraught 
operator. 

The transmitter plate current meter is no 
longer a plug-in accessory. Why should the 
VSWR meter be? (Believe it or not, plate 
meters used to be plugged in with phone 
jacks.) Using the simple design described 
here, the home constructor as well as the 
commercial manufacturer can now build the 
VSWR meter into the transmitter in the 
smallest possible space and at only pennies of 
cost. 


The circuit 


Nothing is new about the circuit, It has 
been adequately described in the past in 
magazine articles and handbooks. However, 
far the convenience of the reader, the VSWR 
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meter circuit is reproduced in Fig. 1 for 
handy reference, Terminating resistors R1 
and R2 should be 33 ohms for a 50-ohm 
transmission line when the physical configura- 
tion, as shown here, is used. One-half watt 
or smaller size resistors mav be used. Diodes 
CRI and CR2 are any matched pair of sili- 
con diodes or germanium. The tvpes which 
are enclosed in glass cases are the easiest to 
use because of their small size. The ohmmeter 
can be used to select and match the diodes 
of the ten-cent surplus variety found in ad- 
vertisements in ham magazines such as 73, 
Bypass capacitors Cl and C2 are 1500 pF 
Centralab type FT-1500. 


Physical components 

Parts used in this VSWR meter are illus- 
trated in Fig. 2. The brass tubing is about 5 
to 7 inches long and of 7a inch outside di- 
ameter. This size tubing fits snugly around 
the inner polvethelyne insulation from RG- 
WU coaxial cable. About 10 inches of coax 
is stripped of its outer jacket and braid. The 
inner insulation is trimmed to extend 4s inch 
past each end of the brass tubing. Two large 
solder lugs are selected to fit over the 4 inch 
threaded shank of the bypass capacitors. 
These lugs should be of the long variety so 
they may be shaped and soldered to the 
brass tubing as shown in Fig. 3. Two 8-inch 
pieces of #22 enameled copper wire are also 
required, 


Assembly 
After soldering the lugs to the brass tub- 
ing about 5s inch in from each end, the by- 
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Fig. 2 Component parts used in making the YSWR sensing unit. 
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pass capacitors are assembled to the lugs. 
Place several fiber washers under the ring 
nuts prior to tightening them down on the 
threaded shank of the capacitors. This per- 
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Fig. 3 Solder lug is shaped 10 fit one-quarter way 
around the brass tubing. 


mits careful soldering of the capacitors to 
the lugs without danger of also soldering 
the nuts in place. 

Two small grooves are now cut 180 de- 
grees apart for the total length of the poly- 
ethelyne insulation. A small wood carving 
gonge or carefully manipulated razor blade 
“an be used for this purpose, These grooves 
provide a space for the enameled copper 
wire which is held in place when assembling 
as shown in Fig. 4. Prior to this operation, 
the wire should be stretched and work-hard- 
ened by jerking it between two pairs of pliers. 
Be sure that the plane described by the two 
wires lies at right angles to the chassis on 
which the unit is mounted. This permits all 
resistors and diodes ta have equal lead 
lengths. 

When the inner assembly has been tugged 
and shoved into place within the brass tub- 
ing, the #22 wire ends are trimmed, stripped 


Fig. 4 Assembling the 
inner components into 
the brass tubing. 


and soldered to their respective resistors and 
diodes. Much care should be exercised at 
this point to prevent melting the insulation 
or damaging the near zero-length component 
leads, 
Application 

A completed sensing unit for the VSWR 
meter is shown mounted on a typical chassis 
in Fig. 5. It will be noted that no conven- 
tional box or housing is used because the 
total outside of the unit is at ground rf and 
de potential, save for the component connec- 
tions at each end. By mounting the bypass 
capacitor in the chassis, the low-voltage 
rectified current fed to the meter switch is 


Fig. 5 Finished VSWR sensing 


isolated from high-power rf on the other side 
of the chassis. It can readily be seen that 
the finished sensing unit occupies no more 
space than would be used by a coaxial lead 
running from an antenna relay to the antenna 
connector on the chassis. 

A further refinement is shown in Fig, 6. 
Complete isolation of the high-power rf is 
provided by the coaxial hood. Impedance 
discontinuity is also minimized by use of the 
hood, which was designed for this purpose 
and is readily available. 


Length of sensor 

The dimensions given for the length of 
the sensor element, inclucling its outer tub- 
ing and inner conductor, are not critical. 
They are, however, directly related to the 
power of the transmitter with which the 
VSWR meter is used. For example, with a 
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Fig. 6 Recommended chassis connection for output 
of VSWR meter sensing unit. 
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unit mounted on a typical chassis, 


one kilowatt high-frequency CW transmitter 
and a 0-1 milliammeter as the indicating 
meter, the length of the sensor can be as 
short as 2-3 inches. A sensor which is con- 
structed approximately 7 inches long, as 
illustrated in this article, will work fine with 
the same meter on a 25-200 watt high fre- 
quency transmitter. If meters with higher 
current ratings are used, a longer sensor is 
required, and, conversely, a more sensitive 
meter would provide adequate full-scale 
deflection with a shorter sensor element. 
Obviously, it is impracticable to vary the 


El 


length of the sensor element in order to vary 
the sensitivity of the VSWR meter as a 
whole. It is for this reason that the adjusting 
resistor is provided in series with the meter, 
For VHF use, the sensor can be shorter, 

All that has been said above can be de- 
picted graphically. Fig. 7 shows the general- 
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Fig. 7 The approxi- 
mate relationship be- 
tween sensor length and 
transmitter power is 
shown for two common- 
ly used meter movo- 
ments. Other meter val- 
ues may be used as dis- 
cussed in the text. 
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ized relationship between the sensor length 
and transmitter power with which it is used. 
The two curves represent different meter 
sensitivities. A 0-1 milliammeter offers a good 
compromise. With a 5-7 inch long sensor 
and the proper series resistor, all powers 
normally encountered in amateur work can 
be handled, However, if space requirements 
so dictate, a shorter sensor unit can be em- 
ploved with some small sacrifice in accuracy, 


Terminating resistor 


Small variations in mechanical construc- 
tion and lead dress will have an effect on the 
value of the terminating resistors, Ri and Ra. 
Also, a carbon resistor does not display the 
same reactance at high frequencies as its 
measured resistance at de. The value of the 
33-ohm resistor was therefore determined 
empirically. 

To verify the proper value of the terminat- 
ing resistors, the test set-up shown in Fig. 8 
is used, A radio-frequency source of approxi- 
mately 10 to 20 watts is required. A trans- 
mitter exciter stage operating on the 10- 
meter band is preferred for this purpose. 
Ten meters, or even fifteen meters, will pro- 
vide better accuracy than one of the lower 
frequency bands. A dummy load is also re- 
quired. This load must be capable of dissi- 


Fig. 8 Test setup for 
verifying the proper 
value of the terminat- 
ing resistors which are a 
part of the sensor unit. 
Tho value of the dummy 
load should match the 
characteristic impedance 
of the sensor unit and 
total wattage 
rating nearly equal to 
the source power. 


have a 


pating the power of the radio-frequency 
source used in making the test. Three or four 
2-watt carbon resistors of the proper value 
in parallel to provide 52 ohms will suffice if 
the power is not left on continuously. 

In making the test, the selector switch is 
first placed in the “forward” position. With 
power applied, immediately adjust the sensi- 
tivity control so that the meter reads full 
scale. Upon switching to the “reverse” posi- 
tion, the meter should read near zero and be 
at or below the 1:1 calibration point on the 
meter scale. Several resistors may be substi- 
tuted until the proper value is found. The 
important thing to remember is that both of 
the resistors should be simultaneously sub- 
stituted and that they must be as near 
identical as possible as measured on a rea- 
sonably good ohmeter. Lead lengths should 
also be as short as possible and of identical 
length. 
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Fig. 9 Full-size photomaster of the VSWR meter 
dial. A multi-purpose meter was used in the auth- 
or's transmitter so that the grid and plate currents 
could also be read on the upper scale. 


The dial scale 


Using the standard formula for calculating 
VSWR, it is possible to calibrate the meter 
face as follows: 


forward + reverse 


ce =< 
forward — reverse 
Fig. 9 is a full-scale illustration of a meter 
face used with the VSWR Supreme. This 
scale fits the Triplett Model 327, as well as 
a number of other meters of the same size 
category. A word of caution—dont assume 
that the scale calibration, or linearity will 
be the same for all makes of meters. The in- 
dividual meter movement selected should be 
checked by using the above formula and 
marking off radials representing 4-5 different 
VSWR values. With the scale from your 
meter at the center of an oversized radialis) 
drawing, it is possible to verify the angular 
placement of each VSWR calibration point. 
The VSWR Supreme is truly a novel ap- 
proach to an old standby. Using the con- 
struction methods outlined in this article, it 
is possible to fabricate the sensor unit so that 
it occupies the smallest possible space. ‘This 
sensor can now be built into a transmitter 
and take up no more room than the coaxial 
lead which it replaces. 


A SIMPLE VHF SWR METER 
John Schultz W2EBY/KIEZ 


recently wanted to do some work ona 2 
J mesos antenna and since no other instru- 
ment was handy, started to use an SWR 
meter manufactured for use on the high 
frequency bands. Alter some erratic results, 
it was decided to check the SWR meter 
accuracy on 2 meters with some carbon 
resistors to simulate different SWE's. The 
results readily confirmed that the SWR 
meter was useless al VHF unless one didn’ 
care whether a SWR was really 1:2 or 1:5, 
Rather than purchase another SWR meter, il 


was decided to construct one that would 
render reasonable results, within 10% ac- 
curacy or so, on the VHF bands, particularly 
144 and 220 MHz. 

There is nothing basically new in the 
circuitry of the SWR meter to be described. 
What is different about it is that it utilizes a 
particularly simple and inexpensive method 
of construction that yields reasonable re- 
sults. It can be constructed as a completely 
self-contained SWR meter or only the pick- 
up element can be constructed and used 
with an external meter. The circuitry as 
shown here for the meter utilizes two meter 
movements so one can read forward and 
reflected power simultaneously and avoid 
the annoyance of having a forward-reflected 
switch arrangement for a single meter. 


The heart of the SWR meter is a carefully 
constructed pickup element. Details of construc- 
tion are discussed in the text but the photo shows 
how closely the diodes and terminating resistors 
must be soldered to the pickup element. 


Pickup Element 

The “heart” of any SWR meter of the 
reflectometer type is the pickup element. 
Many elaborate forms for such elements 
have been devised which involve complicated 
mechanical construction, Such complicated 
construction does become necessary if very 
uccurate results ure desired and if the meter 
is lo maintain lineanty Wide 
frequency range. However, over a smaller 
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Fig. 1. SWR meter circuit. Two identical meters 
should be used (current range and internal resis: 
tance). 
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frequency range and with Some minor sacri- 
in accuracy, the construction of a 
pickup element can be greatly simplified. 
Basically, the pickup element should not 
cause any discontinuity in the transmission 
line section in which it is inserted but yet be 
long enough so enough voltage can be picked 
up in beth the forward and reflected direc- 
tions to make the meter usable with even 
low power transmitters. 

The pickup element | devised is shown in 
lhe photo. It is a 2-7/8" long piece of 
allernate grid pre-punched perf-board stock, 
The board is about 7/16" wide and within 
this width contained 4 separate copper strips 
spaced about 1/16” or less apart. The center 
two strips are soldered together to act as the 
inner conductor continuation of a coaxial 
line section. To solder the two inner strips 
logether tack solder a bare ptece of hookup 
wire between the two strips and then cover 
the entire two strips with solder, 

Without the use of pickup wire, it will be 
nearly impossible to develop a smooth solder 
flow between the strip. Each outer strip acts 
as a pickup element for the SWR meter 
circuit shown in Fig. 1. The terminating 
resistor and diode are soldered to each end 
of the outer strip as shown in the photo and 
with minimum excess lead length to the 
strip, The use of a heat sink on the diode is 
necessary to prevent damage during solder- 
ing. 
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Mounting The Pickup Element 

The pickup element made from the board 
slock is mounted belween two approxi- 
mately spaced 50-239 chassis connectors, 
The center strip of the board ts soldered at 
each end to the center post of the 50-239 
connector. The terminating resistor at each 
end 15 grounded as directly as possible to a 
ground lug held in place by one screw of the 
SQ-239 mounting hardware. These details 
are Shown in Fig. 2. It is important that the 
lerminating resistor be grounded in this 
manner with minimum lead length. The 
enclosure in which the pickup element is 
contained should just be wide enough to 
accommodate the SO 239 connectors so that 
when the enclosure is secured together, the 
pickup element is boxed in by a metal 
surface on each side except directly above it, 
Many chassis or enclosure types are sudtuble 
lor this purpose and the overall size of the 
enclosure will depend, olf course, on the 
meter used and sensitivity control place- 
ment. These details are here 
because they can be made as desired. They 
will not affect the basic accuracy of the 
meter as long as the pickup element is 
properly mounted and enclosed. The bypass- 
ing of the pickup rectifier diodes must also 
be done with us short leads as possible on 
the bypass capacitor. As shown in Fig. 2, a 
two lug terminal strip (one lug grounded) 


not covered 


mounted on the side wall of the enclosure 
Immediately al the cathode end of the diode 
will perform this task very well. The length 
of ihe IN34A diodes is such that the bypass 
capacitor cannot be connected to the same 
ground lug used for the terminating resistor. 
The leads on the capacitor would be too 
long and it will be ineffective. 
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Fig, 2, Center strip of vector board is soldered to 
center post of 50-239, Other components are 
mounted at each end of board as shown (only one 
end shown here}. 


Operation and Results 

The dual circuit of Fig. | reads 
forward and reflected power simultaneously. 
The sensitivily polentiomeler is sel to read 
full scale on the forward meter and the SWR 
read directly from the reflected meter. The 
latter meter can be calibrated for various 
SWR's by the use of small carbon resistors 
(10082 to simulute a 1:2 SWR in a 500 line, 


meter 


etc.). Usually, it is only necessary to cali- 
brate the reflected meter for SWR’s of 1.5, 2 
and 3 al the frequency of interest. Calibra- 


ted in this manner, (he accuracy of measure- 
ment will be roughly 10% and is certainly 
good enough for most general antenna work. 
A particularly nice meter display be 
made if one can find a lwo meter movement 
in one enclosure, | purchased a surplus 
stereo VU meter which had dual 200 HA 
movements and used IL in the SWR meler. 
The sensitivily of the SWE meter is such 
that transceivers of the 1-2 watt oulpul class 
can easily be used with it on the VHF bands, 
The basic meter, cun also be used 
on the lower frequency bands as well and it 
will retain good accuracy. The only problem 
on the lower frequency bands is thal the 
pickup strips are so short that more trans- 
mitter power has lo be used to activale the 
meter than is usually convenient use 
during antenna experiments. No exact Leslis 
were made but probably 70-100 watts 
would be needed to use the meter on as low 
a band as 80 meters. 
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The meter was used and 
however, on 40 meters. The accu- 
rucy of the meler remained very good and 
full deflection the level 
meler required y power level of 60 walls. 
Being an in-line type meter, it can be left 
permanently in line when used on any band 
with a minimum of loss, 
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DIRECTIONAL COUPLER AND VSWR 
BRIDGE FOR VHF AND UHF 
Bob Kolb WA6SXC 


The aerospace industry has [fostered the 
development of many new components and 
materials. Hams, being the kind of people 
they are, are quick to see practical appli- 
ations for these materials that never occur 


to design engineers. I have often heard the 


criticism that it is impractical to publish arti- 
cles or design ham gear with these new or ex- 
pensive materials, because most OM's don't 
have access to them. Yet Ive often been 
dismayed when 1 learn of an application 
lor a piece of surplus equipment after it 
is no longer available. For this reason 1 
feel that we should publish any applica- 
tion that is practical regardless of how 
immediately it can be used. Sooner or later, 
the material will show up on the surplus 
market and then we'll know what use can 
be made of it. 


Reliable test equipment for the VHF-UHF 
bands is difficult to come by on a low 
budget. The literature is full of “relative” 
measuring devices but few pieces of home- 
brew gear are engineered for repeatable 
performance, Several directional couplers 
have been built according to the descrip- 
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Fig. |. A typical directional coupler. This davice 
is the heart of a YSWR bridge, and can also be 
used for many other applications. 


tion in this article and each has measured 
to within +.5 dB of the designed value. 
This is due in part to the mechanical rigidity 
and close tolerance of RG-141 “coaxitube.” 
No special tools are required outside of a 
cheap pair of vernier calipers. The tools 
used ta make the original coupler were an 
Xucto knife, file, soldering gun, vernier 
calipers and a vise, Dont let the calipers 
scare you. If youre not after a closely cali- 
brated device they may be omitted. 


This UHF directional cou- 
pler is very simple to make, 
yet offers excellent perform- 
ance on the 70 and 23 cm 


bands, 


The design goal was a directional coupler 
with about 30 dB directivity in the pass- 
band with a low insertion loss. Each milli- 
watt measured at the coupling arm equals 
one watt through the main line. Such a de- 
vice is the heart of a good quality VSWR 
Bridge, The measured values were 30.3 dB 
coupling and 38 dB directivity at 432 MHz. 
Data presented in the graph was taken us- 
ing HP608C and 614A signal generators 
and a General Microwave R. E, Power Me- 
ter. The measured insertion loss was 0.2 dB. 


Resolution of the smallest possible VSWR 
is limited by directivity, Few of the hand- 
book VSWR bridges or the low cost type 
attractive to the CB trade achieve as much 
as 20 dB directivity. Thus the minimum dis- 
cernable VSWR is approximately 1.7:1. With 
38 dB directivity, 1.02:1 VSWR's can be 
accurately measured. 

Directivity may be defined as the isola- 
tion of arm D from arm A, over and above 
the coupling as shown in the Fig. 1. Coupling 
is achieved by removing part of the jacket 
between adjacent coax conductors. IF the 
input is at arm A, incident power can be 
sampled 30 dB down at arm C but ap- 
pears —68 dB at arm D. Reflected power 
entering arm B is sampled —30 dB at arm 
D while at arm G it is —G8 dB. It stands 
to reason if the directivity is low, one can- 
not tell with certainty if he is measuring 
incident or reflected power. Port D may 
be used as the de return for a detector at 
port C and vice versa. 

This device will have its fundamental pass- 
band where the length exposed between the 
two lines is 4/4 yer. It will also have a pass- 
hoard at (2n — 1) A/4 Ver or at three, five, 
seven, ete., times the frequency for which 
it is a quarter wave, Hence a coupler de- 
signed at 432 MHz is usable at 1296 MHz. 

This coupler has also been used to meas- 
ure relative power and modulation at 2 me- 
ters where its coupling factor for incident 
power is approximately --40 dB but the 
directivily is poor, hence arm LD must be 
terminated in 50 ohms, Its a real aid for 
tune up and will give a good indication of 
inereased power with AM modulation right 
in the rf. line, RG141 will handle 500 watts 
of rf up to 2000 MHz. 
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Fig. 2. Details of the construction of the UHF 
directional coupler. 


The 
length is 


(A) 


formula for determining coupling 


0 = Ne or 300x 10" em a 
over 4 le 4xfoxv2.1x2,54 m/i 
= Acinches 
4 Ver 


ve dor Teflon = 12.1 = 1.449 


From these calculations *coupling at 432 
a 
MHz is 4.73 inches. With an Xacto knife cut 
two pieces of line 5.73 inches long and care- 
lully bend them so that they form the shape 
shown in Fig, 24. 


Clump the bent coax into the vise and 
file away the copper jacket taking care that 
the filed surface is smooth and flat. A belt 
or stationery disc sander works well too. 
A cross section of the filed piece should 
look like Fig. 2B. Next fit the two pieces 
together so that a cross section would look 
like a figure 8 and secure in a vise, Heat 
with a soldering gun only. Do not use a 


torch. Avoid excessive heating. Flow solder 
between the two lines as shown in Fig. 2C. 
The “arms” can now be bent into any con- 
venient configuration provided enough al- 
lowance is made at the ends for connector 
assembly. A good rule to follow is a mini- 
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Fig. 3. Use of Kings A-51-05-11 adapter for us- 
ing 


GR-141 with standard BNC connectors. 


connector that will accept RG 58/U can 
be used on RG 141 provided a sleeve is 
made up to make a snug fit in the clamp- 
ing nut, A special adaptor is made by Kings 
for this purpose and sells for 45 cents. The 
connector assembly is shown in Fig, 3, Three 
RG 88E/U and one RG 89C/U connectors 
were used on the coupler shown in the photo. 


Fig, 4 gives the measured directivity and 
coupling for this type of directional coupler 
at both 70 and 23 cm. You can see that 
performance is quite satisfactory. 


Fig. 5 lists a number of applications for 
a directional coupler, The detectors in the 
measuring instruments should be suitable 
for use at 500 or 1300 MHz. 


1250 260 1200 100 


Fig. 4. Coupling and directivity for a directional coupler similar to the one discussed in the text, 
This device used a coupling wavelength of 4.635 inches rather than the 4.73 inches specified in the 
text. The only effect of the longer wavelength is to center the curves on 432MHz instead of about 


500 MHz. 


mum bend radius of half an inch although 
a quarter inch radius is permissible. The 
arms should be approximately two inches 
long. 

EG 141 has the same cross section as RG 
58/U without the vinyl jacket therefore any 
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Fig. 5. Applications of the directional coupler described in the text. Unlika most pieces of ham-made 
test equipment, this one is good at 450 and even 1300 MHz. 
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A SLOTTED LINE FOR 1250 MHz 
Silas Smith WASCHD 

The SWR bridge is a very useful-and 
sometimes badly neglected—tool, Especially 
on 1250 me with only two or three watts of 
power, you should measure your SWR and do 
something about it if necessary. I recently 
joined the 23 em boys, though 1 have only 
worked 1234 me so far. My first attempt to 
communicate with W8VKO on the other end 
failed but after two evenings of diligent work 
with a meagre amount of test equipment we 
made contact. It would have been a lot easier 
with test equipment good in the 1250 me 
range since most hams are not equipped to 
measure frequency and adjust their rigs at 
these frequencies, 

After that experience, I made the slotted 
line indicator described in this article. The 
cost is next to nothing and its easy to build, 
but it does a good job. The unit is built around 
a one inch thin wall copper tube 10%" long 
(Fig, 1). This tube has a %” slot cut length- 
wise for 74", about ¥ wavelength at 1250 me. 
This is long enough to get a fair sampling of 
the standing wave or null points. 


Three other pieces of 1% copper pipe are 
needed. Two are 5/16" long and one is 1%" 
long. The two 5/16” pieces each have 4% cut 
out and are reshaped to fit inside the 1” tube. 
These two pieces were each soldered to 1/16" 
plates as in the detail in Fig. 1. This process 
makes two cup-like structures which should 


FOLO WTO GONE 


SHAPE - SOLDER- 

DRESS WTH FILE 

ti is 
pera B 


Fig. 1. The slotted cooxla] line and probe for 1215 to 1300 me described in this article, 


fit within the end of the 1% pipe. Drill nine 
holes in each cup: four holes for attaching the 
cup to the slotted line, four to fit the BNC 
connector mounting plate and one X” hole to 
pass the main body of the connector. File two 
notches for the connector ears. You can fasten 
the cups to the slotted tube with small sheet 
metal screws, threaded holes or nuts soldered 
to the back of the holes. 

The 17 x 1%” piece of pipe is for the probe 
carriage. It is cut lengthwise on one side, 
slipped over the 17 tube, centered, and a 2” 
hole drilled through it over the slot in the 1" 
tube, 

The probe is built from 2%" and 3s" brass tub- 
ing from your hobby shop. At the probe end 
is an insulator from a coax fitting and on the 
other end is a jack made from an octal tube 
socket, A small piece of 4” brass tubing is 
used ta make the diode socket (see detail Aj, 
A piece of 22 gauge wire is inserted in the 
probe enc of the 1/16" tubing and soldered. 
A IN21 diode works very well, 

Use Fig. 2 to choose the proper size Fur the 
line in the center. Each end of this line should 
he tapered and soldered to the coax fitting as 
in detail B. The center conductor should be 
7/16" for 50 ohms or 5/16" for 73 ohms: 

The meter used should have a range that 
permits a full scale reading and shonld be 
calibrated with some scale. 


pe ee 


Uses: Measuring frequency 


Frequency can be measured with the slotted 
line in two ways: the distance between null 
points at one half wavelength (4/2) or the 


Fig. 2. Rotio of outer tube to inner line for vorious 
impedances. 


distance between peaks. See Fig. 3. Measur- 
ing between the nulls is preferable since the 
peaks are very broad. If your line is Hat, the 
peaks and nulls may be very small, so vou 
may have to induce a mismatch in the line. 
Likewise, vou mav have to induce a mismatel 
ta get the two mulls to fall within the 74" of 
the line. The easiest way to induce a mis- 
mateh is a short in the line. 

Measure the distance between the nulls 
carefully with a centimeter rule. Twice this 
distance divided into 30,000 will give vou 
vour frequeney in megacycles. It would be a 
good idea to check this against a standard or 
at least avoid operating too close to the edge 
of the band. 


Measuring VSWR 


Measuring voltage standing wave ratio 
(VSWR) with the slotted line is easy, too, We 
are looking for a ratio of Epin the minimun 
voltage on the line, and Epas The ratio: 

one Xx = VSWR 


= 
d 
ba 


However, there is a slight complication of 
vectors in Ewa, and Ewie 50 that to find them, 
vou must first determine the highest voltage 
read on the meter, E, and the lowest voltage 
read on the meter, E. with the same setting 
of the shunt resistor, as the probe carriage ds 
slid along the line, Now, E... = E, + Es and 


Ei li = Fy Te Eis RO th; it 
sn HES 
VSWR = Eo E 


An even simpler method ds to set the meter to 


full scale (100) at the hixhest reading, and 
reading the VSWH directly from Fig. 5. 
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Fig. 3, Left Measuring frequency. 
Measuring WAWR 


Fig. 4, Right 
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Fig. 5, Left. VSWR scale. Fig, 6, Right. Impedance 
measurements. 


Impedance measurements 


Its a little harder to measure impedance, 
but even it's not bad if vou do it step by step. 
First, consider the high impedance on vour 
line when vour antenna is open or shorted. 
Perhaps you don’t think of it as a change in 
impedance. This is what we are looking for. 
Remember that there is a definite relationship 
between impedance and frequency. Fig. 6 
shows the voltage relationship between a short 
and open. On a short set the probe for a null 
point, usually the first null from load end of 
the slotted line. This will be our reference 
point. You will note that when the load point 
is open there is a shift of 90° or a quarter 
wavelength either side of the reference point. 
This adds up to one half wavelength. Any 
impedance between infinity and zero ohms 
will lie somewhere along the half wavelength 
ot the line. It will be noted that an open is 
equidistant from the reference point toward 
the generator and toward the load, however 
the line has moved toward the lead (capaci- 
live reactance}. To measure this reactance, 
we replace the load that we measure with a 
short. We set our probe to the first minimum 
reading from the load end of the slotted line. 
Mark this spot with a scribe. This is our ref- 
erence point. Now we remove the short and 
add our load under measurement. It will be 
noted that the voltage has moved upward, 
Move the probe toward the load. Tf the volt- 
age goes down, vou are heading in the right 
direction, Tf the voltage starts to go up change 
direction toward the generatore Move the 
probe us above to the new null point and note 
the direction that the probe has been moved. 

Here's a step-by-step example, First, vou'll 
need the eco and wavelength, VSWR, 
direction of probe, distance between refer- 
ence point and new null, and impedance of 
the slotted line. 

Lets say as we measured the frequency, 
the distance between the null points was 12 
em. This is half the wavelength, so the wave- 
length is 24 em. The frequenev is 30000/24 or 
1250 me, 

Let's say we read 80 as a maximum and 20 
as a minimum on a point seale in measuring 


the VSWR: 
Emax =E, +E =80:4+:20 = 100 
E a El = E. = 80 
ES 100 
VSWR = = 1.66 
ir te 


Or set E, to 100 bv adjustment of R, then E. 
would read 25 on the meter, a VSWR of 1.66 
by Fig. 5 
As in Fig 
the load. 
Let's assume the distance from the reference 
point to the new null was 2 cm. What part of 
a wavelength is 2 cm? Wavelength is 24 cm, 


. 6, the probe was moved toward 


so 2/24 = 083 wavelengths, 


This is a movement of 
toward the load. 


O53 wavelengths 


passes a band of frequencies around the 


resonance frequency (such as the curve 
shown in Figure 7.20 ) was discussed in the 
last few problems. 

Figure 7.20 


F. 
The same principles and equations apply to 
the output curve for a circuit that blocks a 


band of frequencies around the resonance 
frequency, as is the Case with the curve 
shown in Figure 7.21 . 

Figure 7.21 
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Questions 
A. What points on the curve shown in Figure 
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Fig. 7. Smith chart for determining impedance, 


The slotted line used has an impedance of 
50 ohms, 

We are now ready to plot this information 
an the Smith chart (Fig. 7, better get out vour 
magnifying glass). 

Draw the VSWR circle at the prime center 
with a radius of 1.6. 

Draw a line from 083 wavelength toward 
the loud from the prime center, 

At the intersection of the circle and line, 
follow: the constant resistance circle to -74 and 
the capacitive reactance circle to .31. Our 
loud impedance 15 then: 


w= La la = 310 
Z = 50 4.74 —-31i) 


Well, there are some of the things vour 
slatted coax line can do besides telling you 
thal youre on the air. A commercial version 

y ete eee: 
would cost $750. I guarantee that you'll get 
vour dollars worth out of this one as it costs 
less than $1 to build. I hope that it helps vou 
get on 1250 mc. 


SOME DIRECTIONAL WATTMETERS 
AND A NOVEL VSWR METER 
POG, Martin GSPOM 


| ost conventional reflectometers can- 
M not be used for accurate’ power 
measurement because their sensitivities are 
frequency dependent. This is due to the use 
of combinations of reactance and resistance 
in the sampling circuits which detect the 
transmission line current and voltage. 


This basic problem can be solved by the 
uso conventional lumped components 
instead of the distributed parameters of a 
trunsmission line, The line voltage can be 
sampled by two resistors or two capacitors 


cl 


used us a voltage divider, rather than one 
resistor and some distributed capacitance. 
The current can be monitored by a 
properly designed current transformer in- 
stead of an inductance and resistance. High 
frequency current transformers consist of 
primary and secondary windings on a ferrite 
or iron dust toroidal core, with a low value 
of load resistance across the secondary 


line 


winding. 


All SWR bridges and directional watt- 
meters need to generate two de voltages 
proportional to the forward and reflected 
voltages or currents of the transmission line. 
To achieve this one has either the current 
detector or the voltage detector providing 
two antiphase signals so that addition and 
subtraction can be performed. 


A Frequency-Independent Directional Watt- 
meter 

M. B. Allenson G3TGD, has designed a 
waltmeter using the above principles, where 
the low resistance in the current transformer 
secondary circuit is splil into two equal 
parts. The center connection is taken to the 
voltage sampling point so that sum and 
difference voltages are available at the ends 
of the transformer secondary winding, see 
Fig. 1. 

With two meters, this circuit can be used 
as a versatile calibrated directional watt- 
meler over the freqnecy range 100 kHz to 
70 MHz, with an accuracy of about 10 per 
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Fig. 1, Circuit of the basic frequency-dependent 


directional wattmeter due to G3TGD. The two 
meters indicate forward and reflected powers. 


cent. Precise calculations of SWRand trans- 
mitter efficiency can be made. 

Maximum sensitivity with a 50 uA meter 
Is less than five milliwatts, but with the 
multiplier resistors specified in Fig. 1, full 
scale deflection corresponds to power of |, 
10, 100 and 1000 watts. Calibration is 
non-linear, because the instrument samples 
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described in Fig. 1. 
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Fig. 3. Linear and logarithmic scales. The inherent 
advantages of the logarithmic form are immedi- 
ately obvious. 


voltage, and power is proportional to voltage 
squared, 

Unfortunately, two transmission line im- 
pedances are in common use in coaxial 
systems: 5092 and 7542. As it is not possible 
to design instruments whose sensitivities are 
independent of line impedance, some com- 
ponent values must depend on the im- 
pedance in use. For simplicity, only one of 
the voltage dnver resistors need be changed, 
but instrument calibration will be different. 
By changing the current transformer resis- 
tors as well as one of the voltage divider 
resistors, the calibration is the same for both 
line impedances. This technique has been 
adopted here, and the calibration curves in 
Fig. 2, are correct for 50 or 7522 lines 
provided the resistor values in Table | are 
used. 


The Logarithmic Wattmeter 

The basic instrument can be simplified by 
including a logarithmic network so that the 
nower range switch is redundant and a single 
meter scale can be used for powers from, 
say, one watt to 1000 watts. A logarithmic 
scale has the I, 10, 100 and 1000 watt 
points equally spaced (see Fig. 3). 

The advantage of a logarithmic instru- 
ment is that one can measure very low 


reflected powers and very high forward 
powers simultaneously with the same per- 
centage accuracy, without having to switch 
meter ranges, 

It is simple to add a reasonably accurate 
wide-range logarithmic network to the meter 
(see 


in Fig. | Fig. 5). The basis of its 
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Fig. 4. Smoothed experimental plot of the current 
‘voltage characteristic of a 1N 4002 silicon Junction 
diode, showing its logarithmic properties. 


operation is that the voltage dropped across 
a forward-biased p-n junction diode is pro- 
portional to the logarithm of the current 
passing through it (see Fig. 4). To reduce the 
potential dynamic range of the circuit, a 
relatively insensitive meter is used, and a 
small resistance is added in series with the 
logarithmic diode to restore a logarithmic 
form to the scale (see Fig. 6). 
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Fig. 5. Basic wide-range logarithmic converter. 


An experimental logarithmic wattmeter is 
shown in Fig. 7. Figure 8 gives the calibra- 
tion scale for 50 or 7541 lines, provided the 
correct resistors are used (Table L}. 


A Direct-Reading SWR Meter 


A particularly useful device would be an 
instrument giving a direct measurement of 
the standing wave ratio on a transmission 
line, independent of the absolute power 
levels or the frequency in use. Such an 
instrument, with its single meter, would be 
ideal for incorporation into transmitters and 
transceivers (especially with the physically 
small sampling circuits associated with it). 

The swr can be expressed in terms of the 
forward and reflected voltages according to: 


(1) 


We wish to generate this function elec- 


tronically, so that outputs of the two detec- 
tors can be used to generate a meter current 


proportional to SWR.This would be rather 
tedious, though not impossible. 

Conveniently, manipulation of equation 
{T} shows that: 


Ef = SWR +1 
SWR -| 


(2) 
Er 
which although not proportional to SWR, isa 
mathematical function of it only. Electronic 
division of Ef by Ep is easily done by taking 
logarithms and subtracting. That is: 


log Ef = log Ef — log Er 


Er 
Table | 
cl 2 
Line impedance 50 75 
R32 and R4 27 33 
A2 220 180 


Values for R2, R3 and R4 to be used m 50 and 
7541 transmission lines. 


In Fig. 9, the two silicon diode voltages 
are proportional to the logarithms of their 
currents, which in turn are proportional to 
the forward and reflected voltages. The two 
diode voltages can be sublracted directly by 
connecting a meter between them, rather 
than from each one to chassis. 
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Fig. 6. Circuit of the logarithmic directional 
wattmeter. D3 and D4 are matched (see text). 


The meter cannot be calibrated linearly in 
SWR, because of equation (2), and because 
the circuit does not takeanti-logarithms after 
subtracting the logarithms. The outcome of 


this is beneficial: the SWR meter is in- 
creasingly sensitive as the standing wave 
ratio approaches l:l. This is where one 


wants most sensitivity: to make the final 


Fig. 7. An experimental logarithmic wattmeter, 


adjustments to aerial arrays, to measure the 
variations in SWR overa band, and so on. Fig, 
10, shows a calibration curve for SWR meters. 
Naturally the meter sensitivily cannot be 
completely independent of the power level 
Accuracy falls when the reflected 
power is less than about half a watt (this 
corresponds to an SWR of 1,05:1 when the 
forward power is | kW), 

A differential amplifier could be added to 
the circuit of Fig. 9, to enable a less sensitive 
meter to be used. 


In use, 


Fig. 8. Calibration curve for logarithmic watt- 
meters, 
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Construction of the Instruments 

Layout of the sampling circuits is fairly 
critical, see Fig. LI. The input and output 
sockels should be set a few inches apart, and 
connected together with a short length of 
coaxial cable. The coax braid must be 
grounded at one end only,so that it acts as an 
electrostatic screen between the primary and 
secondary windings of the toroidal trans- 
former, Twelve turns of 24 AWG enamelled 
equally spaced around the circum- 
ference of the ring, form the secondary 
winding. The primary is formed by simply 
threading the ring onto the coax, 


Wire, 


A suitable ferrite ring is the Mullard 
FX1596, made in England, although other 
types suitable. The FX15% has an 
outside diameter of half an inch, and is 
designed for wideband rf applications be- 
tween 5 and 20 MHz, The main requirement 
is that the ferrite material should maintain a 
high permeability over the frequency range 
In Use, 

Other components in (he sampling cir- 
cuits should have the shortest possible leads. 
R1, R2 and E must be non-inductive solid 
carbon types: for high power levels (about 
100 watts) Rl should consist of two or three 
2 watt carbon resistors in parallel. VRI 
should be a miniature skeleton potentio- 
meter lo keep stray reactance lo a minimitm, 
although it may be dispensed with by trying 
fixed resistors for RI until the 
reflected indication under matched condi- 
Hons 15 zero. 
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Fig. 9. Complete circuit for a power independent, 
frequency-independent direct-reading SWR meter. 


The detector diodes need to be matched 
for similar voltage drop, using the circuit in 
Pig. 12. Point contaci germanium types with 
a PIN rating of $0 volts or so are recom- 
mended. 


Logarithmic diodes should be modern 
medium-current silicon junction types, such 
as conventional rectifier diodes. The 1N4002 
is specially recommended for its good loga- 
rithmic properties. Log diodes should also be 
matched with the circuit in Pig. 12, 

The 0.01 E decoupling capacitors should 
be a disc ceramic type. 

In designing a toroidal transformer differ- 
ent to that specified, several factors should 
be borne in mind. As the number of secon- 
dary turns increases, the sell-capacitance 
rises and causes the response to fall at high 


PORE ae ee = 
(OO 4002 ODS nor I ros 11 12 if 2 4 5 Fil 


SW 


Fig. 10. Calibration curve for SWR meters of the 
type described in Fig. 9. 


frequencies. Failure of this nature causes the 
reflected power indication to rise; in other 
words the directivity of the instrument falls. 
If the 2782 resistors are raised appreciably in 
value, the instruments will eventually be- 
come frequency sensilive. 

The ratio of the voltage sampling resistors 
(Rl and R2) in the HF designs is determined 
by the sensitivity of the current sensing 
circuit, and the two sampling voltages must 
be equal in magnitude under matched con- 
ditions. VRI provides fine adjustment of the 
ratio. Absolute values of the resistors can be 
varied considerably, bearing in mind that as 
their values increase the stray capacitance 
across them may need to be compensated 
for. 

Useful Equations 

Let the line current be | amps, the line 
voltage be Y volts, and the characteristic 
impedance of the transmission line be Zo. 
Then V= IZo. 

If the current transformer has a ratio of 
lin, and each of the resistors in its secon- 
dary circuit has a value of RQ, then the rf 
voltage across each of them is given by: 


(3) 


The voltage detector output is obviously 
VR Ro 

——= E 

Ry +R Ry +R 


Viv) = 


Which is, to a good approximation, 


11, Photograph showing layout of sampling 
circuits used in an experimental swr meter. 


Fig. 


The main design equation for all the HF 
instruments is therefore: 


R.R] 


FA 
where the value for R2 includes the effect of 
VEL, if fitted, 

The dissipation of some of the com- 
ponents specified is quite high. For those 
planning different circuits, the following 
equations express the dissipation of R] and 
the current transformer resistors R: 

| Zo.W 
W(R1 = Ri 


Ko = 


watts, 


where W is the transmitter oulput power, 
Wor 
W =s watts. 
(R) n2. Lo 


In the instruments described, W(R 1) is about 
+ watts, and W(r) 2 watts for a transmitter 
power of 500 watts. 


Calibration 


If any of the instruments are built exactly 
as described, and used in systems of the 
correct impedance, the calibration given in 
Figs. 2, 8 and 10 will be sufficiently accurate 
for most purposes. For those designing their 
own circuits, the following procedure ts 
recommended. 

Test equipment needed includes a high 
power rf source (a transmilter) and an rf 
voltmeter. The instruments can be calibrated 
with less accuracy without the rf voltmeter. 
The wattmeters are calibrated by feeding 
power through the meter into an appropriate 
dummy load (50 or 7592). VR1 is set for 
minimum reflected power Indication, and 
the power scale is marked according to the rf 
voltage appearing across the load. If an rf 
voltmeter is not available, a peak-reading 
type can be made with a diode, capacitor 
and de voltmeter. As the detector output is 
equal to the peak rf voltage applied to it, 
equation (4) leads to: 


Rə i Ka 
= LBV Wio 


Videt} = 2.8 V Ri RI 

lt would be difficult for most amateurs to 
obtain sufficient high power carbon resistors 
to calibrate an SWR meter by means of 
deliberate mismatching. An indirect method 
is therefore recommended, 
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Fig. 12 Hookup circuit for matching detector 
diodes for equal forward voltage drop, and silicon 
junction diodes for similar logarithmic properties, 
The meter should be as sensitive as possible (say 50 
LIA fsd), and should not deflect appreciably as the 
voltage is varied between zero and nine volts. 


18 


Fig. 13. Circuit used to calibrate SWR meters(see 
text): 


Disconnect R5 and RG, Fig. 9, from the 
detectors, and connect them instead as 
shown in Fig. 13. One voltage is fixed at 
about 20 volts, and the other is varied 
between zero and 20 volts. The ratio of 
these vollages corresponds to adefinite SWR 
which can be determined from equation (1). 
Before carrying out this procedure, however, 
VR2 should be set for full scale deflection of 
the meter under matched conditions at the 
highest power level to be used. 


Conclusions 


All of the instruments described in this 
article have been tested under actual 
operating conditions, on all amateur bands 
between 1.8 MHz and 30 MHz. Power levels 
used varied from 100 to 1200 watts. With 
the components specified, the instruments 
will sustain power levels well above the 
kilowatt level for periods of tens of 
seconds. 

It is hoped that by introducing frequency 
independent directional wattmeters, one will 
be able to make useful comparisons of 
absolute power levels and accurate assess- 
ments of standing wave situations. The 
logarithmic scales are an added convenience, 
and the direct-reading SWR meter offers a 
saving in meters. 


SWR BRIDGES USING ZERO-CENTER 
METERS 
John Schultz WSEEY/K3EZ 


The basic coaxial cable swr meter, which 
samples both the forward and reflected 
voltages on a transmission line, is an essential 
Instrument in setting up an amateur station. 
Although a low transmission line swr in itself 
doesn't guarantee that an antenna system 
will work, knowing what the swr is remains 
an essential bit of information in evaluating 
the status of the transmitter antenna inter- 
face, 

The virtues of the usual coaxial line swr 
meter — economy and simple circuitry — are 
offset by the awkwardness involved in using 
the instrument: that is, switching back and 
forth between “forward” and “reflected” 
switch positions and adjusting a sensitivity 
control for sull-scale deflection in the for- 
ward position. This awkwardness of opera- 
tion is partly relieved by dual-instrument swr 
meters so the forward/reflected switch is no 
longer necessary — but the cost of the 
instrument increases. The awkwardness of 


operation can be completely relieved by 
special dual movement meters with crossing 
pointers and/or special circuitry, but then 
the cost really soars, 


Another approach is the usage of some 
different circuitry to detect the swr which 
can then activate a zero-center meter so one 
can peak up the antenna coupler, etc., for 
minimum swr ona transmission line with the 
same ease as one tunes an FM entertainment 
receiver for a zero-center reading on the 
discriminator meter. In the end analysis, 
practically no line is set up for any specific 
swr, but simply for the lowest swr that can 
be achieved. So, why not make the process 
as simple as possible? Circuitry to do this has 
actually been available for many years and 
was especially developed for use with the 
automatic servo-tuning of military trans- 
mitters. The zero output when tuning con- 
ditions were correct, and the plus or minus 
output when they were not, allowed, after 
sufficient power amplification, the activa- 
tion of motors to tune transmitter PA task 
circuits, coupling circuits, etc. Now, with the 
economical availability of toroids and 
imported zero-center meters, zero-center swr 
type circuits can be applied to amateur usage 
and meet the criteria of being easy to 
construct and economical. They offer a real 
challenge to the conventional type of swr 
meter, especially when one is using a multi- 
band antenna and tuner arrangement, or just 
leaves an swr meter in a transmission line to 
verify that the line swr is holding constant. 
In the former case, one usually knows the 
approximate transmitter/tuner settings on 
each band, and the swr meter is used to peak 
up the adjustments. Such peaking-up, as 
mentioned before in the case of an FM 
receiver, is certainly facilitated by Just 
having to look at a zero-center meter. In the 
latter case, a zero-center meter will more 
readily reveal slight changes in transmission 
line swr from an established norm. Perhaps 
the only place where a conventional swr 
meter is still to be preferred is when one is 
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dealing with experimental antennas where 
extreme swrs exist and a conventional swr 
meter can help to more quickly obtain 
“ballpark” antenna coupler or loading coil 
settings. The zero-center type circuits 
operate on a slightly different basis than the 
conventional swr meter circults, and just a 
brief review of transmission line operation 
will be helpful to understand the different 
basis for the functioning of the two types. 


If a transmission line is attempting to 
deliver power to a load, both voltage and 
current values exist along the line. If the 
antenna load impedance is resistive and 
equals that of the line impedance, all the 
power feed into the line reaches the antenna 
less any power loss tn the line itself because 
of the line's inherent loss. If the load is not 
equal to the line impedance or reactive, part 
of the power the line tries to deliver is 
rejected by the load and reflected back along 


the line. This sets up standing waves of 


voltage and current which are not in phase 
with the original voltage and current waves 
the transmitter is trying to “pump” into the 
line. 


Conventional swr meters sample a portion 
of the voltage or current wave traveling 
towards the load and a sample of that 
traveling back from the load. The relative 
amplitude of the two samples is the swr and, 
of course, the desired condition is that there 
be no reflected wave from the load. If there 
is no reflected power from the load, the line 
is often referred to as being “Hat.” This term 
is a bit misleading. Although the reflected 
power may be zero under matched con- 
ditions, the power flowing to the load via 
the line will still set up normal sine wave 
distributions of voltage and current along 
the line. 


Another way to sense that the load is 
matched to the line is to determine first of 
all that the phase difference between the 
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voltage and current on the line is zero and 
that the ratio of the in-phase voltage and 
current is correct for the impedance of the 
line being used, If there is no reactance 
present in the load, there will be no phase 
difference between voltage and current, as in 
any ac circuit feeding a resistive load. If the 
load is not only non-reactive but also of the 
correct resistance, the ratio of voltage and 
current on the line will have a definite 
relationship correct for a given line impe- 
dance. The zero-center meter circuits are 
designed to monitor both of these line 
conditions. 


Practical Circuits 


Two separate circuits are used to monitor 
the line conditions just described. One could 
switch a separate zera-center meter between 
the two line monitor circuits but with 
imported zero-center meters available for as 
low as $1.50, it is hardly worthwhile to do 
so. (A good source of the 100-0-100uA 
meters needed is Edlie Electronics, 2700 
Hempstead Turnpike, Levittown NY 11756. 
Their meters with order number DA798 or 
DA792 cost only $1.50 but they have a 
$7.50 mail order minimum.) Also, for many 
installations, it is not necessary to use both 
circuits. For instance, in a home installation 
feeding a set of various fixed antennas, it 
would probably be of primary interest to 
have the impedance monitor circuit 
(voltage/current ratio). Once the antennas 
have been set up and operate satisfactorily, 
one would primarily just be interested to 
know that some impedance condition on the 
line has not changed. In a mobile installa- 
tion, where some reactance cancelling L or C 
needs to be adjusted with frequency 
changes, it would be of prime interest to 
have the phase monitor circuit once the 
installation has been initially set up for a 
correct impedance match, and the reactance 
cancelling component only needs adjustment 
during actual operation. 


Phase Monitor 


Fig. 1 shows the circuit of the phase 
monitor. It is a basic discriminator circuit, 
The voltage on the transmission line to 
ground is sampled via R1. The current on 
the line induces a voltage in the windings on 
the toroid placed in the line which, of 
course, is 90% out of phase with the voltage 
sample. The voltage proportional to the line 
voltage is divided across RI and R4 (C1 and 
C2 are rf bypass capacitors). The voltage 
proportional to line current (across the 
toroid winding) is divided between R2 and 
R3. Referenced to the center point of R2 
and R3, these voltages are 180° out of phase 
with respect to each other and either one is 
90° out of phase with respect to the voltage 
across R4. The voltages across R2 and R4 
are rectified by DI and, because of the diode 


polarity, produce a voltage with the polarity 
indicated across R5. Similarly, R3 and R4 
and D2 produce a voltage of opposite 
polarity across R6. When the transmission 
line current and voltage are in phase, the 
voltages across R5 and RG are equal and 
opposite, and the resultant voltage output 
which drives the meter is zero. For an 
out-of-phase condition, some output voltage 
exists whose magnitude indicates the 
amount of the phase difference and whose 
polarity would indicate whether the line 
voltage leads or lags the line current. 

One could actually calibrate the output 
meter for different magnitudes and direc- 
tions of phase difference, but this would be 
very tedious and not of real use for just 
checking the adjustment of a line for reac- 
tance cancellation. The only calibration that 
has to be checked is to excite the circuit into 
a resistive dummy load and Lo be sure that 
the zero-center feature works, If it does not, 
it indicates that some unbalance has been 
introduced during construction or some of 
the components (R2/R3 and R4/R5) are not 
closely enough matched. If the meter excur- 
sions off zero center become too violent 
with a high power transmitter, some addi- 
tional resistance can be introduced in series 
with the meter to limit the maximum 
current flow, 


Impedance Monitor 


Fig. 2 shows the circuit of the impedance 
monitor, which is also a form of discrimin- 


ator circuit. Samples of the transmission line 
voltage and current when they achieve the 
desired ratio produce an output voltage from 
the circuit which is zero, As in the previous 
circuit, a toroid placed around the center 
conductor of the transmission line develops 
by transformer action a voltage proportional 
to the line current. A sample of the line 
voltage to ground is taken via the variable 
capacitor C5. Unlike the previous circuit, 
both the sampled voltages are rectified, 
producing voltages across load resistors R3 
and R4, without paying any attention to the 
phase differences between the sample 
voltages. It is only the amplitude of the 
sample voltages which determines the ampli- 
tude of the voltage across R4 (for the line 
voltage) or across R3 (for the line current). 
Because of the diode polarities, the voltages 
across R3 and R4 are of opposite polarity. 
They will cancel when equal, producing zero 
output voltage, and since C5 ts variable, this 
condition can be set to occur al any desired 
line voltage to current ratio. 

The difficulty with this circuit is that the 
sample voltages generated by the toroid 
transformers and the C5 coupling are fre- 
quency dependent, The rest of the com- 
ponents in the circuit (R1/Cl and R2/C2) 
are there to help eliminate the frequency 
sensitive output of the coupling elements 
over a reasonable range. 

CS is set with Cl and C2 at mid-range to 
provide a zero voltage output from the 
circuit on 20m when the line is terminated 
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in a resistive load equal to the line impe- 
dance. Going to 10m, C2 is adjusted to 
restore balance and on 80m, Cl is used to 
restore balance. The adjustment has to be 
gone through several times before a good 
balance is achieved over the entire HF range. 
It would be possible to calibrate the meter 
with different value load resistors for differ- 
ent swrs. For high value loads, the meter 
would move off center in the opposite 
direction for low value.loads. But, such 
calibration would only hold true for non- 
reactive loads. 


Construction 

Many conventional swr bridge circuits 
have been described over the last year or two 
in amateur literature where a toroid trans- 
former, rather than a parallel wire to the 
center conductor of a coaxial line, has been 
used as a pickup element. The construction 
of such units applies equally well to the 
circuits shown here. It is only the circuitry 
following the pickup element that is really 
different, plus the added RI pickup in Fig. 
1, or the C5 pickup in Fig. 2. Note that it 
doesn't matter on which side of the toroid 
these pickups are placed. However, as in any 
rf circuit, all leads must be kept as direct and 
as short as possible. The circuits shown are 
for the HF range, but by changing the toroid 
and values of the bypass capacitors, they can 
be extended, by experienced experimenters, 
into the VHF range. 


Chapter Il 


How to Measure RF Impedance 


THE ANTENNASCOPE — AN EFFECTIVE 
TOOL 
W. R. Carruthers VESCEA 


There are two types of antennas, com- 
mercial and amateur. A commercial antenna 
is generally designed for one frequency, has 
many acres of ground around it, no obstruc- 
tions and miles of heavy copper cable buried 
underground to provide an “effective” 
ground. These antennas work as de 
signed — very well. The amateur antenna, on 
the other hand, is just that — an amateur 
design and construction. 

This antenna is subject to all ills, roof 
tops, buildings, trees, TV masts, house elec- 
tric wiring, telephone wires and what not. 
It’s a wonder they work at all! But they can 
be made to work and thousands of amateurs 
make them work. They make them work by 
pruning or lengthening the feeder cable and 
by using an antenna coupler. These are 
always empirical steps, the “let's cut and try 
and see what happens” method. How much 
better it would be, and a time saver too, if 
we tested our antenna systems electrically 
and knew what was happening and then 
could take intelligent action to put the 
whole antenna system into resonance. 

This fact is well known — an antenna can 
only accept power and radiate properly 
when it is operating at its resonant fre- 
quency. This is no problem for the com- 
mercial people who operate at one fre- 
quency. The amateur, however, wants to 
“roam the band” and may wish to operate 
over frequencies hundreds of thousands of 
cycles wide, even megacycles wide, How can 
he do this with a fixed antenna system? The 
answer is, he can't! But he can construct an 
antenna system for a certain frequency and 
take the penalty of reduced radiation when 
he moves far away from it. However this 
actually works very well, because each ama- 
teur has his own particular part of a band in 
which he likes to operate — and his friends 
tend to stay there too. On this particular 
spot, the amateur works diligently to “put 
out a good signal” 


The question arises — how can we make 
sure our antenna system is radiating well at 
the particulaf frequency we wish to use? 
One answer is to use electrical test equip- 
ment to show us what is happening on the 
whole antenna system, which includes the 
antenna and the feed line. 


One of the most useful devices for this 
purpose is the rf bridge. generally called the 
Antennascope. It is a simple device, inexpen- 
sive to construct and very effective in 
results. It is usually powered by a grid dip 
oscillator. Such bridges should be used at the 
junction of the feed line and the antenna 
and will show the resonant frequency ol the 
antenna itself and the radiation resistance at 
the feed point. 


Making such measurement up in the air is 
a difficult thing for the average amateur and 
impossible for those whose antennas are 
supported at the ends. If we are willing, 
however, to accept a small degradation in 
results, we can use the rf bridge al the 
station end if we have a half wave, or 
multiple of a half wave, feed cable, Al every 
half wave point on a feeder cable the voltage 
and current vectors are in phase, which 
simply means that the electrical condition 
seen at the end of the cable is repeated every 
half wavelength in the cable. We can use the 
rf bridge then, at the station end of the feed 
line, if we are willing to agree that the results 


FM 
Fig. 1, 100° Feedline Test No. 1, 
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will not be 100% but reasonably close to it, 
The results will be affected by all the various 
factors that affect amateur antenna reso- 
nance and these effects may give us some 
peculiar results, but they can be overcome 
and the final results may be quite valuable to 
us 

Let me give you an example to illustrate 
what Um talking about and to show you 
how effective the use of the rf bridge can 
be: — 

A friend of mine constructed a 40 meter 
inverted V antenna, held at the feed point 
40° up on his beam tower, 66” legs down to 
supports which held the ends about 8” off 
the ground. Feed line was 100° of Twin 
Amphenol cable, velocity factor .68. The 
antenna was difficult to feed, swr was high, 
radiation was poor. He asked me to have a 
look (electrical) at it. I took my grid dip 
meter, rf bridge and vtvm. 

The first thing done was to check the 
feed line length. 1/2 wave length at 7.1 MHz 
was 492 x .68/7.1 or 47.1 feet. Two 1/2 
wave lengths (to get into the station) would 
be 94,2 feet. 

The first conclusion was that the feed line 
was 5.5 feet too long. 

Next Test No. 1 was made using the rf 
bridge with results as shown in Fig. 1, the 
results being shown in table form and also 
plotted in graphical form. 

[t was obvious from this graph that the 
antenna system was resonating outside the 
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Fig. 2. 94,.2' Feedline Test No. 2. 


band as shown by the dotted lines. This test 
was repeated and the results were taken 
down to 6.4 MHz. They showed the system 
to be resonant at 6.6 MHz. 

Test No. 2 was made next using the feed 
line cut to 94.2 feet. Fig. 2 shows the 
results. 

it was obvious the resonant point of the 
system was rising. 

Test No, 3 was made next, cutting the 
feed line to 91.2 feet long. Fig. 3 shows the 
results. 
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Fig. 3. 91.2" Foedlina Test No. 3. 
The resonant point was rising, but not far 
enough yet. 
Test No, 4 was made using the feed line 
cut to 88.2 feet long. Fig. 4 shows the 
results. It was obvious that we were very 
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Fig. 4. 88.2" Foadline Test No, 4. 


close to the resonant frequency of 7.1 MHz 
which my friend wished to use. 

Test No. 5 was with 85.2 feet in the feed 
line. Fig. 5 shows the results. 
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Fig. 5. 85.2" Feedline Test No. 5. 


Test No. 6 was with the transmitter (300 
watts CW) and antenna coupler connected. 
There was no trouble in loading and no 
trouble in balancing the coupler to obtain an 
swr of 1 to l ratio. 

The results on the air were interesting, 


5/9+ reports to the Eastern half of the 
U.S. A., 5/8 reports to Germany etc. Con- 
clusion: The results shown above are not 
precise, nor can they be expected to be 
precise. There are too many unknown fac- 
tors entering the electrical picture, such as 
those which required a shortening of the 
feed line, in this example, to somewhat less 
than a half wave length. But the bridge 
showed us the overall picture and suggested 
what was required to be done. The on-the-air 
results show that it was giving us a good 
picture and a result that was very satis- 
factory for my friend’s needs. 

Why not construct an rf bridge and check 
you own antenna system? I suggest it will 
pay off and be very informative to you, 
showing you what your antenna system 
looks like electrically and what to do to 
bring your whole system to the resonant 
frequency you wish to obtain. ... VESCEA 


HOW TO BUILD AN ANTENNASCOPE 
Paul Franson WAICCH 


A type of simple bridge used for measur- 
ing antenna impedance is called the 
Antennascepe, shown in Fig. 1. This bridge 
is designed for low power operation — a grid 
dip meter usually gives plenty of power. It 
should be built very compactly with short 
leads. The potentiometer should be of high 
quality: an Allen-Bradley Type J is fine. The 
bridge can be calibrated with regular com- 
position resistors. Simply connect the resis- 
tors in turn to the antenna terminal and 
adjust the pot until the meter reading dips to 
zero, Then mark the value of the resistor by 
the pot pointer, In use, the meter reading 
will not null completely except for resistive 
loads, so it will not read zero for reactive 
antennas, Nevertheless, the minimum 
reading will occur at the approximate impe- 
dance reading, Remember that all antenna 
bridges should be used between the antenna 
and the transmission line, 


0-00 


Fig. 1. The Antennascope is a simple antenna 
impedance bridge. li should be constructed com- 
pactiy for best high frequency Use. 


THE MARK II] RF IMPEDANCE BRIDGE 
Mark Cholewski WOCRT 


NE to measure the input impedance of that 
new beam? Or maybe to find out just what 
is the Q of the coils in your final? Or even to 
determine how much signal is being soaked up 
by your coax? If you ever want to do these, 
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or any similar jobs, then the Mark III RF 
Impedance Bridge is the thing for you. 

You can build it for a total cost of about 
pod (exclusive of sheet metal) and, if you fol- 
low instructions closely, it will be accurate to 
closer than 10 percent throughout its operat- 
ing range. Unlike the more common resistive- 
bridge and reflectometer methods of measuring 
impedance, the Mark III operates equally well 
at resonance or far away. It will measure both 
resistance and reactance present in resistors, 
capacitors, inductors, antennas, and transmis- 
sion lines at any frequency between 2 and 30 
me. 

Before we start into the actual construction 
of the Mark III, one thing must be emphasized. 
Accuracy can be assured only if the com- 
ponents, circuit, and parts layout are abso- 
lutely duplicated. The original instrument’s 
calibration was obtained through tedious lab- 
oratory techniques. If you make any changes, 
the calibration curves will no longer apply. 
However, if instructions are followed to the 
letter you need have no worries about accu- 
racy. A test model, built by W6BJU following 
these instructions, checked out to 2 percent 
accuracy at 2 me and 10 percent at 30 me. 

Construction of the Mark ITI divides into 
three major sections: Preliminary metalwork, 
actual wiring, and calibration. Each will be 
described separately. Ready? Let’s go! 


Preliminary Metalwork 


1. Cut, drill, and bend to shape from soft 
aluminum shields 51, 82, and 83 as shown in 
Figs. C1, C2, and C8, 

2. Cut, drill, and tap plexiglas insulators Il, 
12, and 13 from bulk rod stock as shown in 
Figs, C4 and C5. When tapping plexiglas, use 
water as lubricant. 

3, Cut, drill, bend, and solder tubular shields 
SLA, S2A, and SSA as shown in Fig. Cü. Cop- 
per or brass may be used; aluminum should be 
avoided because of solding difficulties. 

4. Assemble shielded resistor assembly 2/54 
as shown in Fig. CT. The copper tubing must 
be drilled out to clear the body of R2, When 
soldering, hold the assembly in a vise to pro- 
tect R2 from excessive heat. 

5. Cut, drill, bend to shape, and solder box 
shields S18, S2B, and S3B as shown in Fig. 
C8. 

6. Drill S5 (a 3x4x6 LMB unpainted chassis 
box) as shown in Fig. C9. 

7. Cut, drill, and bend to shape shield parti- 
tion S5A as shown in Fig. C10. 


Shielded Transformer 


While classified under the “preliminary 


metalwork" section for reasons which will 
become obvious, construction of the shielded 
transformer is the most critical part of the 
entire project. Before proceeding, read and 
re-read steps 8 through 24 and be sure that 
you understand them fully. Take special care 
when soldering—three transformers were built 
for the original instrument before a non- 
shorted one was achieved, 

8. Cut to length, drill, and tap transformer 
mounting insulator 14 from 5/16-inch plexi- 
glas rod, 


D. Cot and drill two bobbin-end washers as 
shown in Fig. C12 and solder them to a length 
of copper tube as also shown. Then cut half- 
way through the bobbin with a hacksaw. 

10. Pull the shielding from an 18-inch length 
of RG58/U. Save 8 inches for step 19 and use 
the rest in sten 11. 

11. Solder one end of the 10-inch shielding 
into the U-shaped slot on the bobbin end, 
using an aluminum rod or small drill to keep 
the inside of the shielding open. It must pass 
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No. 26 plastic-covered wire. Clean off all metal 
burrs and solder splatters, 

12. Wind 48 turns of No. 26 plastic-covered 
hookup wire on the bobbin in three lays of 16 
turns each. Solder the start of the winding at 


point A (see Fig. C12) and wind in the direc- 
tion shown by the arrow. 

13. The last turn will end at the shielding 
attached in step 11. Feed the free end of the 
wire into the shielding, draw the turns tight, 
and secure the winding with plastic tape. 

ld. Cut a piece of brass or copper shim stock 
as shown in Fig. C13 to a length which will 
wrap around the bobbin but will not allow 
the ends of the shim stock to touch each other. 
15. Tin the shim stock along the edges. 

16. Place the wound bobbin in a vise, wrap 
the shim stock around it, lining up the free 
ends of the shim with the slot cut in step 9, 
and solder the shim to the bobbin ends, Caution. 


Do not overheat the winding; the plastic cover- 
ing melts easily and a short is almost impos- 
sible to detect. 

17. Connect an 90-2339 conx connector and 
UG-177/U hood to the shielded primary lead 
as shown in Fig. C15. 

18. Wind one turn of 4-inch diameter half- 
hard copper tubing around a 1-inch diameter 
form. Saw the tubing as shown by “phantom 
lines” in Fig. CM. Drill as shown in Fig. Cl4 
and clean off all burrs. 

19. Locate the 8-inch piece of shielding left 
over from step 10. 

20. Using same technique as in step 11, solder 
one end of the shielding into the 14-inch hole, 
Clean off all solder splatter and burrs. 

21. Solder one end of another length of No. 
26 plastic-covered hookup wire to point A (see 
Fig. C14) and wind three turns inside the 
tubing in the direction shown, 

22, Feed the free end of the hookup wire 
through the shielding. Bend the tubing into 
final shape as shown in Fig. Cild. Pull up the 
three turns snugly, making sure that the plas- 
tie coating is undamaged, 


Cé—Tube 


Brass 


eri (No Nim 
a z= TUN i 


Ca—Shield can, Mat'| Aluminum 


GE 
| 
| 


C9—3X4X6 LME Shield can 55 


ad 


C7—Shield As- 
sembly S4 


23. Connect a male phono plug to the free end 
of the shielded wire as shown in Fig. C15. 
Length of the wire is critical. 
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24. Using four pieces of 4-inch diameter plex- 
iglas rod as spacers, assemble the primary and 
secondary shielded windings as shown in Fig. 
C15, Attach insulator 14 to the transformer 
by cementing it into the bobbin hole with Dueo. 
cement both windings to spacers with Duco 
and allow to dry overnight, This completes the 
transformer. 

25. Remove top and bottom from the 8x10x10 
utility box. Remove all paint from flanges; 
clean to bare metal to provide adequate rf 
shielding on reassembly. 

26, Remove paint from inside of bottom plate 
for 13 inch in from each edge. 

27. Remove paint from inside of top plate as 
shown In Fis. 016 by “phantom lines.” 

28, Drill the top plate as shown in Fig, 016, 


Note that drawing shows INSIDE surface of 
plate. 

29. Cut shafts of all four variable capacitors 
to 35-inch length. Remove all trimmer capa- 
eltors. 

30. Tap the threcholes on the face of each 
capacitor, using a 6-42 tap. Take care not to 
damage the first stator plate; a bottom tap 
may be necessary. Attach three type 12 insul- 
ators to C1 and C2, using 14-inch-long 6-32 
set screws as shown in Fig. 3. This completes 
preliminary metalwork. 


Actual Wiring 
SL Attach C1 and C2 to shield box 55 using 


six 14-inch-lone 6-42 machine serews, Connect 
stator lugs of C1 to those of C2 with No. 18 
tinned wire, as shown in Fig, 3. 

22. Mount two soldering lugs as shown in Fig. 
3 and connect remaining stator lugs to them, 
using No. 18 tinned wire. 

uu. Press the Erie CF-408 feed-thru into the 
(.136-ineh diameter hole in 85. Solder a short 
No. 18 tinned lead from the inside terminal 
af this insulator lo the wire installed in step 
31, as shown in Fig. 3, 


34. Attach shield partition S5A, using three 
1 -inch-long 6-32 machine screws. One of the 
screws installed in step 32 must be temporarily 
loosened and removed. 

so, Attach four type I3 insulators to shield 
box 565 as shown in Figs. 3 and C9. 

36. Attach three more soldering lugs to Sh 
as shown in Fig. 3, using M-inch-long 6-32 
machine screws. 

37. Attach four type 13 insulators to shield 
platform Sl, using the 4%4-inch-spaced holes 
inSl and 6-32 screws. Attach S1A to S1, using 
6-32 screws from the inside of 51. Attach the 
female phono socket to 51 in the 7/16-inch 
diameter hole. Attach four type IL insulators, 
using %-inch-long 6-32 serews, Do not tighten 
the serew in the hole marked “Hole A” in Vig. 
Cl; this serew will hold a cable clamp later. 
See Fig. 4 for details of insulator placement. 
38. Attach four type 11 insulators to shield 
platform 52, using the 2% -inch-spaced holes in 
52 and M4-inch-long 6-32 screws. Attach S2A 
to 52. Attach capacitor C3 with 1-%4-inch-long 
6-32 screws, using two nuts on each screw as 
shown in Fig. 4, Mount a soldering lug under 
one nut us shown, Align the capacilor by ael- 
justment of the mounting screws and nuts. 
59. Solder a No. 18 tinned wire to the female 
phono socket and pass the wire through the 
corresponding hole in 52. Attach 52 to 51 with 
1¿-inch-long 6-32 serews going into the type 
Il insulators attached to 51 in step 37. — 
40. Attach C4 to shield platform 83 using 
S4-inch-long 6-82 serews with dual nuts (same 
as in step 38). Attach SoA to 53. 

41. Connect two of the stator lugs of C4 with 
No. 18 tinned wire as shown in Fig. 4. Slide 
shield assembly S4 into S3A. Center assembly 
S4 in S3A, using a piece of 4-inch-long insul- 
ating tubing. Make certain that opposite ends 
of S4 and S3A are even as shown in Fig. 4, 
and cement tubing in place with Duco. Solder 
the shorted end of resistor R2 (which is in 
84) to the wire connecting stator lugs of Cd. 
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42. Attach shield platform 83 to 52, using 
l4-Inch-long 6-32 screws going into the type 
Il insulators installed on S2 in step 38. 

43. Place a l4-inch-long 6-32 screw in the 
flange of 53 as shown in Fig, 4, with a solder- 
ing lug. Connect this lug to the stator lug of C3 
with No. 18 tinned wire. Using 4-inch-long 
6-52 screws, mount a soldering lug in Hole 
B (see Fig. C1) of 51 and another in $2 as 
shown in Fig. C2. These lugs are mounted in 
a direction opposite to that of the platform 
flanges. 

44, Attach the “unknown” ground lug to the 
panel next to the “unknown” coax connector 
hole, as shown in Fig. C16. Attach the “re- 
ceiver” coax connector to the panel, from the 
inside. Attach the “IND-CAP” switch to the 
center of the panel, using an extra nut to 
position the switch as far as possible from the 
panel. Orient the switch as shown in Fig. 5. 
Place a soldering lug under each nut. Mount 
Ch and C6, using *4-inch spacers between the 
capacitor frames and the panel. Connect the 


Fig. 3—Resistance box—Inboard view 


rotors of C5 and CG to the lugs of the switch 
with No. 18 tinned wire as shown in Fig. 5. 
45. Solder a 244-inch length of No. 18 tinned 
wire to the “COMMON” terminal of the 
switch. Connect the stators of C5 and C6 to 
the remaining switch terminals, as well as 
resistors R3 and R4. Complete connections are 
shown in Fig. 6, 

46. Attach the “unknown” 


coax connector to 


Fig. 4—Reactance Assembly—Inboard view 


the panel, placing a soldering lug under one 
mounting serew, Conneet the “unknown” 
round lug to this soldering lug to provide a 
good bond. 

47. Mount panel bearings for capacitors C2 
and C4. Mount the special panel bearings fur- 
nished with the Johnson Vernier Dial assem- 
blies in place. Attach the two large dials to 
dummy shafts and mount the dial indicator 
in the position you prefer. Remove the large 
dials and dummy shafts after placing the dial 
indicators, 


Fig. 5—Switch Assembly 


48. Mount 55 at the left side of the panel (as 
shown in Fig, C16) and mount the assembly 
of 51, 52, and 53 at the right side. See Fig. 2, 
49. Attach shaft couplers to the four capaci- 
tors. Cut the plexiglas shafts to length and 
mount them in place. Attach the large vernier 
dials. Set the dial of C2 so that it reads “0” 
at minimum capacity. Set the dial at C4 so 
that it reads “100” at maximum capacity. 
Mount the two Calrad dials on the panel, set- 
ting them so that they both read “0” at maxi- 
mum capacity, Attach the knob to the “IND- 
CAP" switch. 

50, Connect resistor R1 (270-chm deposited- 
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carbon) from the soldering lug on 52 to the 
lug in line on 55. Connect R3 (220 ohms) and 
Ra (100 ohms) to the soldering lugs on Sa 
which were installed in step 36. R3 will he 
the resistor nearest the bottom of the panel. 
51, Connect a No, 18 tinned-wire lead from 
the “detector” coax connector to the lug on 
S5. Connect a No, 12 (note different wire size) 
lead from the “unknown” connector to the 
free end of R2. Make sure that R2 is nat 
shorted to any shield, 

52. Attach the transformer, completed in step 
24, to the bottom of the panel as shown in Fig. 
2. Attach the coax connector connected to the 
transformer to the panel in the “signal gen- 
erator” hole. In the hole between the trans- 
former and the connector, mount a cable clamp 
ta hold the shielded primary lead. Secure the 
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shielded secondary lead with another clamp 
held by the loose serew installed in step 37. 
5a., Mount a soldering lug to SIB with a M- 
inch-long 6-32 serew, placing the lug in the 
direction of the box opening. 
54. Place “4-inch-long 6-32 screws in all reo- 
maining tapped holes in S1, S2, and S3. Start- 
ing with $3, place all shield boxes in place and 
secure screws. Connect a No. 18 tinned lead 
From the soldering lug installed in step 53 to 
the Erie feed-thru on 85, Set C5 and C6 to 
micd-eapacity. 
26. Attach four rubber feet to the bottom 
plate of the case and four more to the bottom 
side of the utility cabinet. Restore the front 
plate in place and secure with the sheet-metal 
screws provided, This completes construction 
of the bridge. After calibration, it will be ready 
for use. 
Calibration and Use 

Since the Mark III is a null-type instrument 
{adapted from the Schering bridge circuit) it 
ean only be used with a signal generator and 
a detector. Hoth must be shielded; however, 
a Heath SG-8 will do nicely as the signal gen- 
erator and any decent communications receiver 
will serve as the detector. For best results, it 


7.21 would you use to determine the circuit's 
bandwidth? ———__ 
B. Would the output voltage at the resonant 


frequency be above or below these points? 
Answers 

A. The half power points (0.707 V out(max) ). 
B. The output voltage at the resonant 
frequency is the minimum point on the curve, 
which is below the level for the half power 
points. 

Project 7.2: The Band Pass Filter 


Objective 

The objective of this project is to determine 
how V out changes as the frequency of the 
input signal changes for a bandpass filter. 

General Instructions 
When the circuit is set up, you measure V 
out for each frequency. You also generate a 
graph to show the relationship between the 
output voltage and the input frequency. 
Parts List 
You need the following equipment and 
supplies: 
One 100 Q, 0.25-watt resistor. 
One 1000 pF capacitor. (1000 pF is also 
sometimes stated by suppliers as 0.001 pF.) 
One 100 pH inductor. 
One function generator. 
One oscilloscope. 
One breadboard. 


should be calibrated with the signal generator 
and receiver with which it will be used, 

56, Connect the bridge to the signal generator 
and the receiver, using coax cable from the 
panel connectors to each. 

57. Set both the signal generator and the re- 
ceiver to 2 me. 

58. Short the “unknown” terminal and ground 
terminal using a banana plug in the connector 
or a coaxial short made by soldering the pin 
of a PL-259 connector to the shell through a 
copper disc. 

59. Set the “IND-CAP” switch to “CAP.” 

60. Set the “Reactance” dial to 15. 

61. Set the “Resistance” dial to 5. 

62. Tune the signal generator, only, for max- 
imum signal in the receiver, 

63. Using the two small “balance” dials, re- 
duee the signal in the receiver to the lowest 
level possible. This is the “null” or “balance” 
condition, The dials will interact, and multiple 
adjustment will be necessary. However, all 
receiver and signal generator adjustments 
must be left alone during this step. 

64. Replace the short across the “unknown” 
connector with the 620-ohm deposiled-carbon 
“test” resistor, 

65. Using only the large “resistance” and “re- 
actance” dials, null out the signal once more, 
Record the final reading of the “resistance” 
dial. If this reading is 95, you are extremely 
lucky and the first half of the calibration is 
complete. If not, proceed with step 66. 

GG. If the “resistance” dial reading is less 
than 95, increase the capacity of CG slightly 
and repeat steps 60 through 65. 11 the reading 
is larger than 95, decrease the setting of C6 
and repeat steps 60 through 65. Continue this 
process until the reading comes out at 95. 

67, When capacitive calibration is complete, 
set the “IND-CAP" switch to “IND,” and the 
“reactance” dial to 30. 

68. Repeat steps 60 through 65; if the final 
reading of the “resistance” dial is other than 
95, proceed with step 69. 

69. If the reading is less than 95, increase the 
capacity of C5 slightly and repeat steps 60 
through 65. If the reading is larger than 95, 
decrease the setting of C5 and repeat. Continue 
until the reading is 95. This completes calibra- 
tion, and the curves shown here can be used 
for readings. 


Using the Mark Ill 


To use the Mark III, set the instrument up 
as described in step 56 of the calibration pro- 
cedure, Set the signal generator to the desired 
frequency and short out the “unknown” termi- 
nal of the bridge as described in step 58. 

If you're measuring an inductive impedance, 
set the “IND-CAP" switch to “IND,” the re- 
actance dial to 95, and the resistance dial to 
5. Null the signal with the small balance dials. 

Now remove the short and connect the un- 
known. Rebalance the bridge using the large 
dials, note the readings, and convert the read- 
ings to ohms by use of the calibration curves. 

These initial values must be corrected. The 
reactance value ix corrected by dividing the 
value read from the curve by the frequency 
(in me) at which the reading was taken. The 
resistance value is corrected by obtaining the 
correction factor due to frequency from Fig. 5 
and multiplying the reading by this factor. 

If you're measuring a capacitive impedance, 
set the switch to “CAP.” Then estimate the 
reactance of the unknown and set the large 
reactance dia) to a value just larger. Set the 
resistance dial to 5 and short out the “un- 
known” connector, Null the signal with the 
short and again with the unknown, the same 
as for an inductive impedance, 

Correct the resistance reading in the same 


manner as for an inductive impedance, How- 
ever, the reactance reading is corrected differ- 
ently: Subtract the value taken from the cali- 
bration curve from the value originally set on 
the reactance dial. Now divide this remainder 
by the frequency (in mc) at which the reading 
was taken. The result is the true value of 
capacitive reactance. 

A few minutes’ practice will make operation 
of the Mark III far more simple than the de- 
tailed directions would indicate; in practice, 
you can make a reading in less time than it 
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takes to read these paragraphs, 


Parts Substitutions and Design Changes 


Since few hams are content to build a 
“Chinese copy” of someone else's design, a few 
words on the effect of changes are necessary. 

Naturally, the Mark III doesn't represent 
the only possible—or even necessarily the best 
—way in which such a bridge can be built. 
Any part, or all, may be changed. However, 
any such change will invalidate the calibration 
curves, and is not recommended unless the 
builder has access to laboratory equipment. 

Even then, before making any substitutions, 
these three design articles should be read and 
fully understood: 

“A Radio-Frequency Bridge for Impedance 
Measurements From 4000 KC/S to 60 MC/S," 
D. B. Sinclair, Proceedings of the I.R.E., No- 
vember, 1940, pages 407-502, 

“A High Frequency Model of The Precision 
Condenser,” D. B. Sinclair, General Radio 
Experimenter, October-November, 1938, pages 
1-7, 

“The Effect of Stray Capacitances to Ground 
in Substitution Measurements," M. Reed, 
Wireless Engineering, May, 1036, page 284 IT. 


Parts List 


{juan liem Diiseripiión Cat. No 
| aH Ci. ts titans, Ia mmiisysart. at BA 
len, Ch Ct ... Miller, 10-63 mmf 22.222. 23111 
lew 05, Ch 0 mmf air padder (goud 

nlity soca eee eee a ee AP 
fen, 31.42.40. 30.430 Ponel cmix concer 
| A Phono plur 
| J5 ..<....hond socket 
| Bel oca hiper 154 LEW 270 chm 
“Carbohinv’ .2.2...-...... Type-CP 
1 BP AA “0 ohm 57% 1/2W Carbon Resistor 
1 R3 ......, 220 ohm 57% IW Carbon Resistor 
1 Dd 100 ohm 55 1W Carbon Resistor 
l Test eis Aerovox 156 1/2W 620 ohm 
Hy Opa el a or Type-Cl’ 
| SW oo... Centralob ip; 1 Sect: 2-4 
A 2506 
i ronel stop to two positions only) 
+ Dials ..,. E, F. Johnson Vernier 
ULIG cin 116-2551 

3 Bras .....E. FE, Johnson Panel Bearings 115-253 

4 Cplra .... Metal 4 shaft couplers 

a Rod ...... 14 inch diameter plastic rod x 12" 

1 Rod ..... ha inch diameter plastic rod x 6" 
p Rod ..... a Inch diameter plastic rod x 12" 
2 Dials ....“Culrad” 1-14/32 inch Vernicr 
DIRI rro raat WD-36 
| BP .,.... Binding Post (ground lug) 

1 Case ...., Hud carrying case 10x10%x8 CO-1100 
| Bör sures LME box (plain) a x 4" x 0” 

1 Hood ....UG 177/U coaxial cable hood 

1 Insul. .... Erie feed-thru insulator . CF-408 
1 Short .... PL-259 coaxial male connector 

pl Clamps ..Walsco clamp for Y to 3/16 

ERIO iene nas aa A wet 7i02-N 


Of the above list the critical parts are: 
Cl, C2, Ci, C4, 42, Ri, Test resistor, Case, 
LMB box, UG I/U, Ere feed-thru. 
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* This author hand engraved these dials per Figs, 6 
and 7, 


MEASURE RF IMPEDANCE WITH YOUR 
SWR BRIDGE 
Warren McDowell W2400 


S: far, the great majority of antenna 
impedance bridges that we have found 
in construction articles are devices that 
function only with a low power rf source. 
The run-of-the-mill impedance bridge is de- 
signed to operate with a grid dipper as the 
source of rf excitation. Operation with tube 
type dippers is generally intended as the 
transistor dippers produce an rf level that is 
too low for excitation of this bridge type. 

The conventional antenna bridge cannot 
be left in the transmission line continually as 
excessive rf energy would soon destroy the 
device. This means that each time measure- 
ment of antenna impedance is desired, the 
transmission line must be opened and the 
bridge inserted and grid dip excitation ap- 
plied. Grid dippers are not necessarily the 
most accurate rf source for a specific fre- 
quency in an amateur band . . . therefore the 
station receiver must monitor the dipper 
output for any bridge accuracy. A low 
power bridge will not often present the true 
operating impedance of the antenna... 
especially antennas with parasitic elements. 
A bridge that operates under full transmitter 
power will present a much more accurate 
picture of your antenna system at a specific 
frequency. 


Fig. 1. Conventional swr bridge. 


Inspiration for the “In Line” full power 
bridge came from information concerning 
the standard swr bridge. Just about every 
amateur has in his possession some sort of 
swr bridge and the great majority are of the 
type illustrated in Fig. |. This bridge consists 
of a section of transmission line near which 
are placed two inductors. These inductors 
are actually two bridges along with their 
associated diodes and resistors. One of the 
bridges reads forward power and the other 
reflected power. The resistors (Rx) at the 
end of the inductors Ll and L2 are critical 
for accurate bridge null (balance) and there- 
fore must be the proper value for the 
specific transmission line used. For the 
average swr bridge the value for Rx is 10090 
for 7541 line and 150Q for 5022 transmission 
line. Considering that resistor Rx is critical 
for the impedance of the line in use, varying 
the value of Rx and devising a system of 
calibration for Rx would enable us to 
determine the impedance of a line when a 
null is achieved on the bridge meter, 

The “reflected” inductor which is Ll in 
Pig. | is the portion of the bridge circuit we 
are interested in for impedance measure- 
ments. The value of Rx and the transmission 
line must balance the bridge for a null to be 
realized. Any variation from the above para- 
meters will mean changing the value of Rx 
so that the bridge again balances at a new 
impedance value. 

By experimenting with various values of 
resistance at Rx, it was determined that a 
100082 potentiometer represents a fair value. 
The 100082 potentiometer is inserted in 
place of Rx on inductor Ll (see Fig. 2). This 
is the inductor with the dicde pickup lo 
cated toward the load or antenna end of the 
swr bridge. 

Make sure that all leads to the 100092 
potentiometer are short and that the metal 
case (shell) of the potentiometer is well 
grounded. Excessive lead length or induc- 
tance will create inaccuracy of the device. 


The position of the potentiometer will be 
determined by the physical layout of your 
particular swr bridge. It must be set at a 
point where the shaft can be extended 
through the front panel of your swr bridge. 
Allowance must also be made for a dial or 
other indicating device which can be cali- 
brated in ohms (impedance) on the front 
panel. It might even be desirable to mount 
your entire present bridge in another larger 
case so that all functions can be accom- 
modated. 

Calibration of this in-line bridge was the 
major problem. An ordinary grid dip meter 
will not provide sufficient excitation for 
readings. With full power applied, especially 
a kilowatt, it becomes difficult to find 
resistive dummy loads of various values to 
calibrate the bridge. Even with 100W of rf, 
proper resistive load values are not common. 

The solution to the calibration problem 
came to us in the form of an (ouch!) CB 
transmitter. A CB transmitter is fortunate if 
it is able to put out 3W of rf and at the same 
time is well within the frequency range of an 
swr bridge. The most important fact is that a 
CB transmitter will provide adequate excita- 
tion for calibration of the bridge with 
ordinary 5W 45% carbon (garden variely) 
resistors. For calibration, a good assortment 
of these resistors is necessary. Use values 
such as 5, 27, 47, 75, 100, 150, 220 and 
4700. Intermediate values can be then 
interpolated on your scale. The calibration 
procedure is simple... first borrow your 
neighbor's CB, then attach the 5W resistors 
across the antenna coax connector of the 
bridge and excitation of the CB transmitter 
is applied to the remaining connector on the 
bridge. The bridge sensitivity should be sel 
for a middle scale reading of the meter and 
the 100042 potentiometer is varied until you 
reach a null on the meter. Mark the value of 
the calibration resistors on the potentio- 
meter scale (dial). Do this for all of the 
available resistors and your bridge will be in 
fair calibration. 

At this point we should mention thal this 
system does not measure reactive com- 
ponents in the antenna system. If your 
antenna is reactive, either inductive or capa 
citive, the meter will present a shallow, 
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Fig. 2, The modified bridge leads to 1K pot should 
be as short as possible and shell (case) of pot 
grounded. 
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poorly defined null at the operating fre- 
quency. A sharp, well defined null will 
indicate a purely resistive impedance. 

When using the bridge in its former 
function as an swr bridge, set the resistance 
dial to the value of your transmission line. 
When measuring impedance, vary the dial for 
maximum dip on the meter and read the 
resistance (impedance) directly. 

As a final point, it is wise to insert the 
swr/impedance bridge at a half-wave or an 
even multiple of a half-wavelength from 
your antenna. At half-wave points from the 
antenna, the antenna impedance is repeated. 
This will enable your measurements to be 
much more accurate. When determing half- 
wavelength points, take into consideration 
ihe velocity factor of your particular coax. 


USE YOUR GDO AND Z METER 
Denys Fredrickson WOBMW 


The GDO is one of the most versatile pieces 
of test equipment available. Yet there are 
many hams who don't know how or when to 
use one. The writer will try to describe and 
explain some of its various functions. 

The GDO is basically a variable high fre- 
quency oscillator with a frequency range of 
approximately 550 ke to 250 Mc. It may also 
be used as a diode detector or wave meter. 
The GDO gets its name from the fact that a 
meter measures the grid current and when 
the oscillator circuit is coupled to a resonant 
circuit a reduction in grid current is obtained. 
This is called the grid dip. However, when it 
is used as a wavemeter and coupled to an rf 
source, an increase in current is obtained at 
resonance, 

The GDO and impedance meter can be 
used to accomplish the following: 

1. Determine the resonant frequency of 
tuned circuits, including antennas. 

2, Determine the impedance of circuits, re- 
ceiver inputs and antennas. 

3, Determine the length of half-wavelength 
or quarter-wavelength transmission or tuning 
stub lines. 

4. Determine the “Q” of a circuit or com- 
ponent with the aid of a VTVM. 

5. Determine the resonant frequency of 
individual] coils, capacitors or crystals that are 
within the range of the GDO. 

6. Determine the rf frequency of ener- 
gized circuits. 

7. Monitor a radiated rf signal with the 
aid of headphones. 

5. Neutralize rf stages. 

9. Locate parasitic oscillations. 

10. To align receivers and television sets. 

11, Determine where BCI and TVI is enter- 
ing the radio or television receivers, 

12. Determine unknown inductance. 
13. Determine unknown capacitance. 

Now if you will step into the lab we will 
try to demonstrate how these instruments can 
be put through their paces. Let’s begin with 


the simple functions and then gradually creep 
up to those which are more complex so they 
dont scare us before we get started, 


An oscillator-detector 


Simply plug in a pair of headphones (if 
GDO has facilities for them) and “zero-beat” 
with the radiating signal. This then will be 
the frequency of the radiating signal. 


Crystal frequencies 


Connect a one turn loop of wire across the 
erystal and couple the GDO close enough to 
get a dip of the meter when resonance is ob- 
tained. It is always wise to check lower fre- 
quencies to be sure it is the fundamental fre- 
quency that is being indicated. 


Frequency determination 


Generally the GDO has a switch which is 
used to remove the plate voltage from the 
tube. The tube will then serve the function 
of a diode and the meter as a diode load. 
When a peak deflection of the meter is ob- 
tained this will indicate the frequency of the 
radiating signal. 


Resonance of an RF choke 


When an rf choke is used as a parallel or 
shunt fed circuit, it must be free of self reso- 
nance over the operating frequency range ol 
that circuit or it may burn up. The popular 
pi tank circuit is an example. Place a short 
circuit across the choke and then determine 
its self resonant frequency by coupling the 
GDO close enough to indicate a dip on the 
meter when the resonant frequeney is ob- 
tained. 


Neutralization 


Apply plate power to the exciter stages and 
filament power only to the stage being neu- 
tralized. Use GDO as a wavemeter and cou- 
ple close to the tank coil in the stage being 
neutralized. Vary the frequency of the GDO 
until maximum reading is obtained and then 
adjust the neutralization for minimum GDO 
meter reading. The circuit being neutralized 
may have to be retuned and the above pro- 
cedure repeated with a closer coupling of the 
GDO to the Tank coil, 


IF alignment 


Tune the GDO to the desired frequency 
and couple it close to the if coil to be aligned, 
Adjust the if coil until a dip is observed on 
the meter. The if coil will then be tuned to 
the desired frequency, 


Inductance and capacitance checking 


To determine the value of an unknown ca- 
pacitor, connect it acrass a known inductance 
and use the GDO to find the resonant fre- 
quency of the eirenit, With these known 
values a reactance chart will give the value 
of the capacitor. Some CDO's supply a chart 
which corresponds to the coils supplied with 
the GDO as the known inductances. To deter- 
mine the value of an unknown inductance, 
connect a known capacitance across the coil 


and use the GDO to find the resonant fre- 
quency. Again, the reactance chart may be 
used or the following formula (which may be 
used for either inductance or capacitance) for 
resonant circuits: 


l x | 


L= aime " “= 3045 (1 L 


Where f= cycles per second 
L = inductance in henries 
C= capacitance in faracs 


The inductance of an air core coil can be es- 
timated by the following formula: 
(rN)? 
Yr we low 


Where L = inductance in microhenries 
N = number of turns 
r= radius of coil in inches 
w= length of coil in inches 


() measurements 


Connect a condenser across the coil so the 
lank cirevito resonates at the desired fre- 
quency, Connect a VTVM across the tuned 
circuit and tune the GDO until maximum 
reading is obtained on the VTVM. The CDO 
coupling may be changed until a convenient 
value is obtained on the VTVM and then it 
must not be moved during the remainder of 
the test, Note the resonant frequency f, then 
detune the CDO to a lower frequency until 
the VTVM reads 70,7 percent of its original 
or peak value and call this frequency f. Now 
detune the GDO to a higher frequency until 
the VTVM again reads 70.7 percent of its 
original or peak value and call this frequency 
fa The Q is then calculated by using the fol- 
lowing formula: 


F. 
eek 
Where f, = is the center of resonant frequency 

fa = the dilference between f, and f. 


Parasitic oscillations 


By using a pair of headphones with the 
GDO, the parasitic oseillition frequency may 
be determined. Turn the power off of the 
stage being checked and then use GDO to 
find the circuit which resonates at the para- 
silic frequency bv moving the CDO slowly 
around the wiring. When a “dip” is observed, 
moisten the finger and touch an ungrounded 
point of the circuit. If a change in the dip is 
observed, it indicates that it is the portion ol 
the cirenit that would be a likely suspect, 


BCI and TVI locator 


Most of the BCI and TVI problems can 
only be resolved at the receiver, either by in- 
stallation of filters, resistors or condensers or 
a combination of all three, The problem is— 
where is the rf entering the receiver? Use the 
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CDO tained to the frequeney which produces 
the greatest amount of interference. Probe 
around with the GDO until the most sensitive 
spot is located, which is indicated by watch- 
ing or listening to the receiver interference. 
After the point of entry is determined then 
the appropriate corrective action can be ac- 
complished. 


Antenna measurements 


Space does not permit to discuss all types 
of antennas and adjustments so only a few 
will be mentioned to give some idea on the 
use of the instruments, At this point it should 
be mentioned that inductive type coupling 
should be used between the GDO and antenna 
when checking near the current maximum 
point and capacitive coupling when checking 
near the voltage-maximum point. 

The beam antenna has gained tremendous 
popularity in recent years plus many head- 
aches for those striving to obtain the maxi- 
mum effectiveness. Most of the headaches can 
virtually be eliminated by using the CDO 
and Impedance meter (Z-meter). Let’s take 
a look at a 3 element yagi and see what has 
to be done to obtain a good adjustment. The 
element lengths must be physically adjusted 
or electrically loaded to obtain resonance at 
the desired frequencies and the feed point 
impedance must match the impedance of the 
transmission line. These two points are not 
the only considerations for beam adjustment 
but they are the most important factors. The 
GDO can be inductively coupled to each ele- 
ment and the elements adjusted until each 
one is resonant at the desired frequencies. It 
is best to make the measurements while the 
antenna is in operating position. This is very 
difficult to do in many eases but let's assume 
you can. Alter the elements have been ad- 
justed, the feed point must be adjusted to 
match the line. The Z-meter and GDO will 
be used to accomplish this adjustment. The 
4-meter is basically a resistance type bridge 
with a calibrated potentiometer as one of the 
bridge arms. Connect the Z-meter directly to 
the antenna feed point. Couple the GDO to 
the Z-meter inductively thru a couple loops 
of wire connected to the other terminals of 
the Zemeter. Tune the GDO to the resonant 
frequency of the beam and adjust the Z-meter 
to the dip or null. If the impedance indicated 
by the Z-meter is not the same us the trans- 
mission line then readjust the matching net- 
work and redip the Z-meter until the imped- 
ances are equal, 

Now—if you can't adjust the antenna in the 
operational position vou still can determine 
the resonant frequency and the impedance by 
standing on the good old Terra-Firma, The 
procedure is a little more involved but efec- 
tive. First—we must have a means of elec- 
trically connecting the instruments to the an- 
tenna. This is best accomplished by a trans- 
mission line a half-wave or a multiple of a 
half-wave in length, Determine the height of 
the antenna above ground and ealeulate how 
many half-wave lengths of line will be re- 
quired by using the following formula for a 
half-wave length of line: 


L= $492) (K) 
f 


Where L = feet 
f= megueyeles 
K = propagation constant 
(RG/S is 66) 


This is an approximate length so be sure and 
cut it extra long because now we will End the 
exact physical length. Why an exact physical 
length? A halfwave length of transmission line 
will reflect the resistance placed across the 
output at the input end of the line, Le. if a 
50 ohm non-reactive resistor is placed across 
one end of a half wave or multiple length 
thereof, the GDO and Z-meter will indicate 
50 ohms at the other end of the line. Cut the 
line somewhat longer than calculated above, 
short one end and connect the Z-aneter to the 
other end of the line. NOTE: Keep twin lead 
off the ground and away from metal objects. 
Set the Z-meter to zero impedance and couple 
the GDO inductively to the Zameter, Adjust 
(DO frequency until the fundamental fre- 
quency causes the Z-meter to dip or indicate 
a null. The frequency indicated should be 
lower than the desired frequency. Simply cul 
a few inches of cable off, short the end again 
and readjust the CDO. Repeat this procedure 
until the desired frequency (which should be 
the same as the resonant frequenev of the 
antenna) is obtained, You will then have au 
electrically halfwave length of line or a multi- 
ple thereof. 

Coax or twin-lead may be used for the half- 
wave length line when checking the imped- 


ance of the antenna. Connect the line to the 
antenna, hoist the antenna up to its operating 
position and adjust both the #-meter and GDO 
lor the null indication. If the antenna is not 
resonant at the desired frequency, the driven 
element should be readjusted a measured 
amount and then note the frequency change. 
This will give vou an idea how much the 
resonant frequency changes with a corres- 
ponding element change. Now adjust the 
matching network to the desired impedance. 
This will be accomplished when the Z-meter 
dips at the desired impedance with the GDO 
set at the resonant frequency of the Antenna. 

What would you do if your 100 foot coax 
cable developed a short someplace along the 
line? Replacing the whole line would be too 
expensive. Simply connect the Z-meter to one 
end of the line, adjust the Z-meter for zero 
impedance and then adjust the GDO for low- 
est frequency which will produce a null on 
the Z-meter. Use this frequency in the for- 
mula given for a halfwave length line and 
carefully calculate the length which will be 
the distance from the input end to the short. 

A quarter wave length tuning stub can also 
be determined by using the procedures just 
outlined for the halfwave length line except 
a quarter wave line reflects a short at the in- 
put when the output end is electrically open. 
Now that we have mentioned the quarter 
wave length line, some may be wondering 
just what useful purpose does it serve, The 
quarter wave tuning stub (as it is sometimes 
called) may be used for antenna matching, 
TVI elimination or matching two units which 
have different impedances. The quarter wave 


matching stub can be used as a matching de- 
vice on antennas which is explained in most 
antenna handbooks. It may also be used to 
eliminate an interfering frequency from en- 
teing the TV. This is accomplished by con- 
necting a quarter wave stub to the TV an- 
tenna terminals which is a quarter wave in 
length at the interfering frequency. 

Another use for the quarter wavelength 
matching stub is to permit maximum signal 
transfer between the source and a load which 
have different impedances. If the signal source 
impedance was 100 ohms and the load imped- 
ance was 52 ohms, a 72 ohm quarter wave- 
length of line would give a good impedance 
mateh, Hold it just a minute, how in the 
world did we come up with that 72 ohm busi- 
ness? Simple—another formula will give us this 
information. 


=V Z, 

= Impedance of quarterwave match- 
ing stub 

= Impedance of the source 


,= Impedance of the load 


y 
where Z, 


NN 


Very little has been said concerning the 
various methods of GDO coupling. Actually— 
only two types of coupling are used; inductive 
and capacitive. Capacitive type coupling may 
be used on shielded coax cable, the ends of 
antenna elements and generally where the 
voltage maximum exists. To obtain the great- 
est accuracy, the GDO should be loosely eou- 
pled, Parallel coupling to inductors can be 
used to obtain maximum coupling. 


Chapter HI 


Measuring RF Power Output 


MEASURING RF OUTPUT 
Paul Schuett WAGCPP 


So your new Bandjammer 5000-0 is 
rated at 752W peak power. Big deal. How 
much of this is getting out where it counts” 

It’s easy to find out by inserting an rf 
ammeter in series with the line. A more 
exact reading would be to have the rf 
ammeter at the antenna inpui terminals, 
but that might be impractical when it 
comes to reading the meter (although you 
could put a diode there and a remote- 
reading meter in the shack). 

Recently I found an rf ammeter al one 
of the mail-order surplus houses for $2.95, 
| installed this in a little cabinet, put two 
coax connectors on the back (in and out) 
und now can read rf current in the line, 
into the dummy antenna, or wherever it is 
going 

Remember the formula P=1° R? Square 
the reading on the meter, multiply by the 
impedance of the line you're using, and 
you have the power past thal point. Al the 
antenna, you could determine the antenna 
resistance and take the current reading al 
that point. 

For those who have difficulty with mental 
computations and can't find a pencil, the 
following chart fives the computed power 
levels present in matched 50 and 70 Ohm 
coaxial lines for various levels of rf current: 


RF Current Power Output in Watts 
Amperes 50 Ohm Line 70 Ohm Line 

0.5 12.5 17.5 
1.0 50 70 
2.0 200 280 
3.0 450 630 
4.0 HOO 1120 
5.0 1250 1750 


When tuning up the rig, place the 
ammeter on the antenna side of any tuning 
or matching devices and tune for maximum 
current. 


inside wiring is extremely simple. Note ground 
wire installed to. insure continuity of the shield 
circuit. 


The completed instrument showing the coax 
connectors on the rear. 


It’s amazing to learn how much (or how 
little) current these rigs produce, For 
instance, my Swan 250-C puts 1.35A into a 
50Q line. My friend's SB101 from Heath- 
kit put out 0.7A until we worked on the 
antenna — then it put out about 1.25A. My 
Heathkit SB401 puts anywhere from 2 to 
0.6A into a 5022 Cantenna, depending on 
what band it's on. 

Commercial stations determine their 
power by the antenna current. Knowing 
the antenna resistance at the operating 
frequency, they multiply that by the cur- 
rent squared, If the antenna resistance is 
6242, 4A rf would be 1 kW into the 
antenna. 126,48A would be 1 MW, 

Remember the ammeter does insert a 
little reactance in the line (1 never leave it 
in all the time), and the calibration changes 
with frequency, although you can tell what 
side of the ballpark you are on. An rf 
ammeter in the shack makes a nice picce of 
test equipment. 
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LIGHT BULBS AS RF INDICATORS 
John Houser WR2GQY 


he major appeal to the amateur - as 
fie as some commercial applica- 
tions — of light bulbs as rf power indicators 
is low cost. To this must be added the 
universal availability of bulbs and screwbase 
sockets for pennies. 

As low cost is of primary interest Lo well 
over 50% of those interested in any project, 
and as | have always had an insatiable desire 
to find out the why's and wherefore's of 
standard light bulbs as rf power indicators, | 
decided it might be the opportune time to 
do a resarch project and determine once and 
for all just which bulbs might be suitable and 
which might not be, and also to determine 
whether light bulbs would make good rf 
power indicators, or poor, and to find out 
what precautions might have to be taken if 
one decided he was going to take this 
low-cost path of determining his transmitter 
output power rather than go for a more 
expensive power output meter. 

Also, power output meters in the higher 
wallage ranges become quite expensive com- 
pared to the $2 to $5 which might be 
expended in a light bulb indicator. In 
general, porcelain screw bases are available 
for from 124 to 25g each, and bulbs from 
154 to 65g each, and not more than four of 
each are necessary for up lo 3 KW power 
indication. 

Table 1 lists most of the common types 
of electric light bulbs readily available. One 
look at this table immediately reveals why 
such light bulbs might not be such good rf 
power indicators as some folks may have 
thought they were in the past. It also reveals 
that some very special precautions have to 
be taken in using them, or the user may find 
he has overloaded his transmitter and burned 
up a few components which might be 
expensive to replace. 


N 


Table 1 


Wariation in Resistance, Cold to Hot State, 
Common Variety of Electric Light Bulbs- 


Table 2 


Possible Configurations for Various Power Outputs 
at Various Impedance Terminations 


Bulb Rating Cold Hot Ratio A. — Nominal 70 to 7342 Impedance Loads: 
Watts Filament Filament Cold to Hot 175W Load: 3—60W bulbs in parallel 17314 
At 115V Resistance Resistance Filament Res. OR 
[Approx] 7-25 bulbs in parallel (7082) 
75 166 1750 110 10 3,000W Load: 

25 40 599 1 to 13 4—750W bulbs in series (715% 

40 27 331 1 10 12 

60 20 219 i to 11 B, ) Nominal 50 to 5542 Impedance Loads: 

100 9 132 1 to 15 250W Load: 4—60W bulbs in parallel (54 9£)) 
150 6 83 Tio 14 500W Load: 2— 150W bulbs in series, 
200 4.5 65 1 to 14 both paralleled by 
250 3.5 53 i to 15 1—150W bulb (5502) 
500 > 76 l to 13 1,000W Load: 2—S00W bulbs in series (53.642) 
750 1+ 17. i tw 15 2,250W load: 3—750W bulbs in series (53.140) 


The extremely high ratio of cold to hot 
filament resistance in all types of these bulbs 
immediately struck me as being the most 
undesirable factor in using them. 


easy to see, for instance, that if 
one wished to use a 250W bulb for indi- 
cation on a 250W transmitter, and he com- 
puted the resistance at 250W to be 5392, 
(which it is, but only when Aor), he would 
assume he had just about a perfectly 
matched indicator to plug in in place of his 
52.50 feed line. 


It is very 


However, from this table, it is apparent 
that this 5342 resistance is attained only al 
full brilliance and wattage, and the actual 
cold resistance is only 3.592. In other words, 
if the bulb were connected to the antenna 
terminals of the transmitter, and the trans- 
mitter keved full power, the transmitter 
would be looking into ner 5322, but 3.52, 
which is a lot of difference, and an extreme- 
ly low value for any pi network to match. 

For a few seconds, until the filament 
attained full brilliance, the transmitter 
would be subjected to a terrific overload, 
due to this impedance mismatch. 

Therefore the first precaution which 
might be emphasized in using light bulbs 
would be nor to key the transmitter at full 
power with a cold bulb, but to gradually 
bring the power from some lower value to 
full power as the bulb attains full brightness 
(and hot, matching resistance). 

Not until I got into this project did I 
realize the very high ratio of resistance of 
these filaments from the cold to hot state; | 
don't suppose very many people do, It also 
brings to mind how the house electric meter 
must jump every time a bulb ts snapped on 
in the house. This is not an ad for those light 
dimmers being sold at all the electrical 
stores, but it sure brings to mind thal power 
bills could be cut appreciably through their 
use, Le. bringing the bulb gradually to full 
brilliance instead of just Snapping on a 
switch, 

Getting back to the bulbs, Table 2 gives 


in various configurations series, and/or 


parallel combinations which would be most 
likely to give the amateur a load for a 
particular transmitter power output, in 
nominal impedances near 52 and 7242. If the 
configuration mentions 200W, this does not 
mean that it would be suitable for indicating 
the output of a 100W output transmitter, 
because at half brightness, the resistance 
offered by the bulb is not identical to that at 
full brightness. 

While a differance of an ohm or two 
would not be serious, nor would a difference 
of as much as five, or even ten watts, at high 
power levels, at low power levels less than 
|OGW, for instance, such differences would 
be seen to become increasingly serious from 
the matched impedance standpoint. The 
configurations given match quite a variety of 
standard line impedances and a wide range 
of power outputs. Matches can be obtained 
for RG-8, 11, 17, 13, 58 and 59 type cable.' 

One may not realize without measure- 
ment that the lead length of the filament 
support wires alone inside the 25—150W 
bulbs is very close to 18 cm. Even though 
they are coiled on a 2 to | ratio, the 
filament is inductive in every sense of the 
word. At higher frequencies, the filament 
support wires would appear inductive, and 
to these factors must be added the parallel 
capacity of the serewbase shell and the 
central base contact wafer, Even though 
such capacity is small, it would become 
significant at most amateur [frequencies 
above the 30 MHz range. Though the 22 cm 
total wire path would perhaps indicate a 
bulb could be used up to 300 MHz, such is 
not at all the case. 

It is easy to see that the sometimes 
suggested trick of using a capacitor in series 
with a light bulb as a load should be 
approached with caution, for it would be 
very easy indeed to run into a series resonant 
circuit which might result in damage to the 
transmitter to which such circuit were con- 
nected. 

In the course of my preparation of this 
article. | discussed the ramifications with a 
number of interested hams, Some of them 
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suggested | extend the research to include 
the use Of the smaller types of indicator 
(pilot) bulbs as loads for testing oul trans- 
mitters with power outputs in the 1W to 
20W range, not only just for amateur ap- 
plications, but also with a view to using 
them as loads in testing FM transmitters. 
When one considers that there are well 
over 100 types of these small bulbs, rated 
from .001W to 2W, and if all of these were 
to be considered individually, it could take a 


vast amount of time — and eventually one 


would end up with perhaps only five or so of 
these bulbs that would be at all suitable, so 
such research was not included in this 
article, However it did open up a field in 
which there may be a demand for informa- 
tion and may be the subject of a subsequent 
article. 


Frequency Ranges 


The use of standard screw-base ceramic or 
slealite porcelain light bulb sockets 15 en- 
tirely feasible for all of the configurations 
shown and will handle all amateur bands, 
160 through 10. Naturally the leads from 
socket to sockel should be as short as 
possible in either the series and/or parallel 
configurations, | found these leads can be 
kept to approximately 2 cm for such inter- 
connections. Likewise, the coax termination 
lead should be kept to 2 cm or less. 

If extra precautions as to lead lengths are 
observed, and the bases of the bulbs re- 
moved to enable connections directly to the 
stem wires, it would appear reasonable to 
suspect that these bulbs might be used for 6, 
5, and perhaps 2 meter bands, but it is also 
quite evident the 2 meter band would be the 
practical limit, 

One should be able to conjecture that 
light bulbs as power rf indicators are not 
quite the equal of well-designed power oul- 
put meters which maintain their rated im- 
pedances over a very wide power output 
range bulbs do not — but then, they are 
cheap in comparison. 

Visual comparison of brightness is com- 
pletely satisfactory for comparison purposes. 


For instance, a 500W bulb connected to the 
115V mains should show the same brilliance 
us one of the 500W bulbs as used in the | 
KW load. 

Actually a transmitter supposedly putting 
out 2,000W PEP is putting out something 
less than 1,000W with average voice modu- 
lation: it would be more of the order of 
500--750W average power. Remember that 
the light bulb is only going to show average 
power output, not peak, and as ham trans- 
milters are limited to 1,000W de input to 
the final amplifier, one cannot expect much 
more than 500—750W output (average) un- 
less the efficiency of the final amplifier stage 
approaches 85% which is very unusual, 
although I am hearing lately that certain 
high-power transistors are in development 
which will deliver such high efficiency 
figures; a bit above that which heretofore 
has been obtainable with tubes. You should 
be hearing a lot more about these super- 
efficiency transistors in the near future: and 
| expect them to be appearing in certain ham 
transmitters within a year or so. 

Naturally a CW transmitter with the final 
operated Class C may deliver as much as 
850W with 1,000W de input, while a DSB 
transmitter on phone could not be expected 
to deliver more than 650W with Class A or B 
modulation. 

The research and conclusions I reached 
on this project brought to mind the old 
subject of using light bulbs in series with 
primaries of transformers to reduce the 
secondary output voltages, which is a trick 
which has been used for years by hams and 
others. The information contained herein 
indicates they are not only quite suitable for 
such usage, but in fact make quite ideal 
voltage regulators of a sort. 

In fact, the question immediately arises as 
to why bulbs would not make rather ideal 
voltage regulators for high voltage supplies if 
used as a vartable-resistance de regulator in 
the de leg. This again opens up a field which 
might bear intense investigation. 


Solid Dielectric RE Transmission Lines, WSLUO, 
Radio News Oct. 1946, 

Line Matching: Table of Power and Voltage Loss in 
DB, Radio News Feb. 1947. 


BUILD YOURSELF A 
LIGHT WATTMETER 
Carl Henry 


Every week brings something new in the 
hectic field (or pasture) of electronics. At- 
tempting to solve old problems with new com- 
ponents is an interesting pastime for electronics 
enthusiasts, but they must be careful not to 
put their foot in the wrong thing. One of the 
new components is the cadmium sulphide/ 
selenide photocell. A semiconductor sensitive to 
light is not an entirely new concept, since 
selenium cells have been around for some 
time, but the degree of sensitivity makes the 
cadmium cell stand out. 


av WEEDS BRETT, 


Fig. 1. Circuit of Light Wattmeter, 


In measurements especially, there are many 
possible applications for cadmium photocells. 
One measurement in particular is usually diffi- 
cult for the amateur, and this is power meas- 
urement. There is a way of using cadmium 
photocells to measure power, and I call this 
circuit a “light wattmeter”. Operation is just 
as the name implies, that is, the power is used 
to generate light which is measured by the 
photocell. 

You have probably realized by now that we 
are going to use a light bulb as a load. Now 
this is frequently done in amateur circles, but 
no one will go out on a limb as to its accuracy. 
Except me. We know that the ordinary lamp 
filament has a positive temperature coefficient. 
Fig. 5 illustrates the variation of a typical 
lamp filament resistance with input power. 
By keeping this in mind, fairly good accuracy 
can be had. OF course, if you use a different 
lamp, the curve will still apply, but the resist- 
ance will be different. 

You can run your own graph, however, by 
using the setup shown in Fig. 2. Either de or 
ac can be used, and since the lamp has little 
inductive or capacitive effect, the readings 
taken will be good to better than 100 me. After 
you have a graph on the lamp you are using, 
you can effect any kind of impedance match 
you wish. 

Using a lamp as a load simplifies the prob- 
lem of power measurements because loads for 
this service are hard to come by. Power re- 
sistors are too inductive, and when they ap- 
proach 1000 watts, they become downright 
expensive. However, eyen a 1000 watt lamp 
is not too expensive, 

Fig. 1 shows the circuit that I used as the 
basis of this article. A standard 150 watt 
lamp was used here as a load. The photocell 
is mounted about five inches from the bulb. 
A wooden box houses the wattmeter, com- 
pletely sealed internally against extraneous 
light. Figs. 3 and 4 illustrate the variation of 
resistance of the photocell with variation of 
power applied to the lamp. Even very small 
amounts of power are measureable, if the cell 
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Fig. 2. Method of calibrating lamp and de- 
termining resistance. 
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Fig. 3. Response of CdS cell to 150 watt 
lamp. 
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Fig. 4. Response of cell to 7 watt lamp. 
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Fig. 5. Resistance versus power input, 150 
watt lamp. 


is shielded from external light. 

The wires from the input connector to the 
lamp are kept as short as possible by remov- 
ing the lamp base and soldering the lamp 
wires directly to the coaxial connector, Switch 
51 selects three ranges, which can be set by 
the builder to anything he desires, In my 
case | used three ranges which cover from 0.5 
watt full scale to 250 watts full scale. With 
some photocells a 1.35 volt mercury battery 
ean be used instead of the 4 volt battery 
shown, Also, I used a 50 microamp meter. 
because of convenience (mine), but even a 
10 ma meter will work. Don't exceed the rated 
power dissipation of the photocell, and re- 
member this may derate with increasing am- 
bient temperature. One thousand watts in a 
box can be a lot of ambient temperature, 
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Fig, 6. Calibration curve for Light Wott- 
meter. 


Getting back to the accuracy, if I were to 
tell you what the meter would read with such 
and such a lamp, and a given power input, 
your calibration would be off ten to twenty 
per cent when the construction was finished. 
The best wav of getting a good calibration is 
something you've heard before; “if you want 
a job done right around here you've got to do 
it yourself”. 

Now obviously you can't calibrate the watt- 
meter at 14 me, because this is what you are 
trying to measure to start with. Luckily the 
light from the lamp filament is primarily a 
power function, and it doesn’t matter whether 
this is de power, or 100 me power. 

So, to calibrate the wattmeter, apply ac or 
de as you wish. Measure the input voltage and 
current, and read the meter. Make a graph of 
input power vs. meter reading, and there you 
have it. Fig, 6 is the graph that I use with 
the circuit in Fig. 1. Keep the impedance 
variation in mind, and select a lamp with the 
power impedance so that standing waves won't 
eat up lots of your power. As a dummy load 
and approximate power indictor this is not too 
critical, of course. But if you wish accurate 
power measurements, your impedance should 
be approximately matched. 


LOW POWER LIGHT WATTMETER 
Bill Hoisington KICLL 


his article describes a very useful 
diet for determining the rf power 
output of solid-state WHF-UHF trans- 
mitters in the difficult range to measure, 
from about 10 mW up to 5 watts. It does 
not read watts directly; but by a simple 
comparison of calibrated pilot light bril- 
liance, if will tell you how many watts 
you are putting out, to within less than 
5%. It allows you to check power 
increases and estimate your efficiency 
quite close, 
Principle Involved 

We'll stari right in with this part 
because, while this unit is not by any 
means a “trick,” it does not read rf 
directly. You first light a pilot light as a 
good dummy load, matching it into the rf 
tank circuit of your transmitter by the 
normal means, also noted here. 

You then switch on a second bulb of 
the same type by means of a battery, 
controlling the light output with a $1,30 
wirewound potentiometer in series, as 
shown in This pot must be 
previously calibrated in milliwatts, as by 


Fig. 1, 


Fig. 1. The circuit supplies the brilliance “stan- 
dard” for comparison. When the “standard” 
lamp is mounted adjacent to the dummy load, 
the pot permits variation of the standard to 
match the load. If the resistance is panel- 
marked in watts, a good power indication is 
achieved. 
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the method of “volts times milliamperes 
equals milliwatts.” You then match the 
brilliance of the bulb lit up with rf or its 
dull glow at some 18 to 25 milliwatts if 
you're just getting your transmitter going. 
and read the watts on the wattmeter dial. 
its astonishing how well it works, how 
repeatable it is, and how you wouldn’t be 
without it once you build and calibrate it. 
Brilliance Standard 

Figure 2 tells almost the whole story 
at a glance. You can, of course, put as 
much calibration on the dial as you have 
time for. It is quite important to orient 
the bulb filaments in the same relation to 
your eyes for best matching. There isn't 
much in back of the panel except one 6V 
battery which can be obtained in any 
hardware store. 
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Fig. 3. Matched pilot light load for the UHF 
version. 


RF Matching 

Not that it is particularly critical, but 
be sure and note the need for a large 
range of series capacitors for the rf pilot 
lights as you go up in frequency. This can 
be seen clearly in Figs. 2 and 3. The block 
diagram, Fig. 2, shows a 6 meler setup. Ás 
you go up in frequency the series capaci- 
tance drops. A good matched load on 432 
MHz can be obtained as shown in Fig. 3. 
I sometimes remove the tin base from the 
bulbs, but this is not an absolute neces- 


Fig. 2. A series capacitance loads the rf indicator for comparison, The capacitance value will decrease 


inversely with frequency increases. 
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sity, It is important to vary the amount 
of coupling, and thus the series capacity, 
by spacing the tub capacitor closer or 
further away from the ground plane, as 
detailed in Fig. 3. You also can use as 
many bulbs as you can solder onto a 
tuned rf inductor, even though they don’t 
all light up with the same brilliance, You 
can match them all up, but you don’t 
have to. Just check the wattage, or milli- 
wattage, of each one and add them up for 
the total. 

The number 48 or 49 bulb, listed at 
2V and 60 mA, is rated at 120 mW, and 
glows dim at about 12 to 15 mW; so it 
can be used for low-power receiver oscil- 
lators, etc. With two other bulbs found in 
hardware stores, connected and matched 
to the rf inductor, such as the PR13 (5V 
at 500 mA), you can read correctly up to 
5W. From there on up you're on your 
own, although a good variable 115V de 
supply can be made up to work around 
50 to 100W. I generally use a variety of 
115V bulbs of different wattage, light 
them up with rf, and use their rated 
wattage. 


YET ANOTHER LIGHT WATTMETER 
John Meisner KACNN 


Mè VHE operators would like a 
cheap, accurate instrument to mea- 
sure rf power. The same desire is frequent- 
ly expressed by operators of the HF bands. 
Here is a very simple wattmeter which 
when used with a 5092 transmission line or 
load has all of the following desirable 
characteristics: 


l. Easily calibrated to good accuracy 
(45%) with your multimeter and a variable 
de source; 

2. Perfectly flat from de to 450 MHz; 

3, Insertion VSWR less than 1.05 

4. Power readings in the 2 to 50 watt 
range (higher power can be measured with 
slight design changes); 


The operating principle of this watt- 
meter is stark simplicity. A pilot lamp 
across the rf line senses a small portion of 
power in the line and glows brighter with 
increasing power. An appropriately located 
photovoltaic cell connected to a micro- 
ammeter measures the light output which is 
proportional to the power flowing in the 
line. Of course a good deal of nonlinearity 
is involved in the various elements — both 
the lamp’s resistance and its spectrum 
output change with heating; output of the 
photovoltaic cell varies considerably with 
both the amount and frequency of the 
light shining upon it. Some of these factors 
tend to cancel out however, because the 
photovoltaic cell produces some current 


with only infra-red lamp output at low 
power levels before the lamp even produces 
a visible glow, and the cell tends to 
saturate, increasing its output quite slowly 
at more intense illumination levels. 

Probably the biggest single requirement 
of any wattmeter is that it must be capable 
of being inserted into a transmission line 
without disturbing the operating conditions 
in the line (low insertion VSWR). It might 
be argued that hanging a lightbulb across a 
transmission line will seriously affect the 
line impedance. Ordinarily, this is true, but 
the undesirable changes can be minimized 
and indeed approach an insignificant level 
if the resistance of the lamp filament is 
very large when compared to the line 
impedance. In general, a factor of 15 or 
more times the line impedance is suffi- 
ciently large to produce negligible effects. 
In the case of the suggested 10V, .014 
Ampere pilot lamp, the mismatch produced 
in the line gives a VSWR of 1.05:1 at the 
power level of 1 watt. This mismatch 
decreases rapidly with increasing power. It 
falls to well below 1.01:1 at 50 watts. 
Another point of interest with regard to 
this particular choice of lamp ts that it is a 
long-life type with a life expectancy of 
10,000 hours. This implies two advantages: 
(a) The lamp will operate at well over its 
rated voltage without burnout (50.0V at 50 
watts), and (b) the interior of the lamp 
envelope will resist darkening which would 
negate the wattmeter calibration. In addi- 
tion, the filament structure of this type of 
lamp is a single-strand straight tungsten 
wire. The coiled type of filament structure 
introduces undesirable inductance into the 
circuit which can distort wattmeter read- 
ings in the UHF range. 

The wattmeter shown is constructed in 
two boxes for the sake of convenience. The 
sensor can be located in the transmission 
line at any point and the meter can be 
placed beside the transmitter. For test 
work, the whole unit could easily be put 
into a single box. Coaxial fittings and cable 
were used for interconnection, but since de 
only flows in this circuit, any type of 
wiring would be satisfactory. 

The photovoltaic cell used in this watt- 
meter is a unit obtained from the local 
Allied/Radio Shack store. (Catalog No. 
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Fig. 1. Schematic diagram. 
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276-115.) Output of the cell is rated .5V at 
.6 mA in sunlight. 

Since the cell generates considerably 
more than 20 mA under moderate ilumina- 
tion, a switching arrangement is incorpora- 
ted into the wattmeter to shunt it into 
progressively higher current ranges with 
increasing power. Alternatively, a 50 or 
100 milliammeter could be used with less 
switching at a sacrifice of sensitivity in the 
l—3 watt range. 

Calibration of the wattmeter is a simple 
process. By solution of the formula P = 
V*/R for voltage, the following tabulation 
is made for a 5002 line impedance: 


VOLTAGE POWER 

(rms or dc) (Watts into 5092) 
7.07 l 

10.00 2 

12.24 3 

14.14 4 

15.71 5 

17.32 6 

18.71 T 

20.00 

21.21 9 

22.36 10 

31.62 20 

38.71 30 

44.71 40 

50.00 50 


Using the tabulation, fasten a metered 
variable dc supply into the wattmeter ac- 
cording to the following diagram. Now 
simply note the reading on your wattmeter 
for each of the selected voltages in the 
table and tabulate this reading with the 
corresponding power in watts in a table of 
your own. It may even be possible to 
remove the front of the meter case and 
mark new calibrations directly on the dial. 
This was not possible with some hermeti- 
cally sealed meters. It is best to disconnect 
the wattmeter from the antenna feedline 
for this calibration. If the meter is left with 
a transmission line attached and the an- 
tenna happens to be fed through a balun 
device with near zero resistance, the power 
supply, and perhaps the balun, will suffer. 

it must be pointed out again that this 
power meter is intended for use either 
with 5042 coaxial line systems with low 
VSWR or with 5082 dummy loads. A 
coaxial line that is not “flat” (unity 
VSWR) or a dummy antenna that does not 

look like” 5042, which is the case with 
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Fig. 2. Calibration diagram. 


most HF loads used at VHF or UHF, may 
cause distorted power readings. If you have 
doubt about your transmitter’s power out- 
put when using this meter, you should 
check it while using a known 5022 load 
rated at the transmitter’s output frequency. 

| mentioned before that this power 
meter was easily adaptable to higher power 
readings. To upgrade the meter, the only 
change required is to insert the correct 
higher voltage pilot lamp having low cur- 
rent, long-life specifications. Suggestions for 


some of these are the following Dialco 
Lamps: 

Part No. Max Power Level (Watts) 
1405 100 

48CS 200 

b0PSB 340 

I20PSB 800 


A LOW COST RF WATTMETER 
Mark Leavey WA3AJR 


ou say you just finished building that 
Y: meter rig and want to find out how 
much power you're running but cant 
afford to buy a wattmeter? You've been 
calling “CQ 80 QRP” all day with your 
quarter-watt wonder and nobody is answer- 
ing? Then get yourself up, go down into 
the workshop, and build yourself a neato- 
keeno handy-dandy wattmeter. 


If we are going to build a wattmeter, 
let's consider what we want, Accuracy and 
ease of calibration, as well as simplicity in 
construction are prime requisites. The 
meter described here is as accurate as 
components allow, and it's easy to build, 
The calibration is logarithmic, which means 
that a simple graph is possible, and easier 
than changing the meter scale, 


For the mathematicians, | will present 
the formulas upon which this device is 
based, and ways of modifying it; for those 


of you who avoid math whenever you can, 


look at the graphs and skip these few 
paragraphs. 
To spare undue complexity, assume 


5112 line — other values can be dealt with 
later. Perhaps the 
measure, and one thal is proportional to 
power, A voltmeter can be 
made most easily with a series resistor and 
4 O-l mA meter. Now let's plunge into the 
wcludl calculations. 


easiest parameter to 


is rf voltage, 


Assume W ts the full-scale meter reading 


in watts, Z is the line impedance. E is the 
voltage measured. I is the full-scale meter 
reading in amps of the basic meter, and R 


is the value of the series resistor in ohms. 
We know that the voltage (IR) is equal to 


the square root of “impedance times 
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Fig. 1. Logarithmic plots for determining power. The upper curve gives resistance values for 
determining what the full-scale meter deflection will be (remember to multiply the series resistance 
value shown on the chart by 12 k&2). The lower curve will allow you to determine your precise power 


out if you use a 0-1 mA meter. 


power,” or 14.270V. Now, since the volt- 
age and the current (.0O1A because the 
full-scale movement is | mA) are known, 
simple division yields 14,270. The resistor 
value, then, is 14.270 kG. The upper 
portion of Fig. | is a graph that will enable 
the nonmathematician to choose the value 
of the resistor for full-scale readings up to 
4 kW, with 5142 line and a 0-1 mA meter, 

Why 4 kW with an amateur power limit 
of |] kW? A look al the bottom half of Fig. 
l will explain, Although this is the calibra- 
tion of the prololype, for 4W full scale, it 
will double for 40, 400, or 4000W. A 
half-scale reading, 0.5 mA, corresponds to 
IW (1 KW, etc.). This spreads out the range 
below 1 kW for case of reading and 
measuring. 

Now get out that soldering copper and 
As the schematic 


gas pliers, and build it. 


Front view of unit. 
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(Fig 2) shows, the circuit is a basic 
rechilying type rf voltmeter. The prototype 
was built plug-in- 
module variety that was scrounged from 
the junkbox, About the only critical part is 
The capacitors in the 
mica, but ceramic disks 
would work as well. The diode can be a 
IN34A, 1N270, 1N52, IN35A, or just 
about anything else. Use the old ham's rule 
of thumb: “When in doubt, try it out!” 

Two sockets might prove more con- 
venient rather than one with a coaxial tee 
as shown. Conventional minibox construc- 
tion or building into a new or existing rig 
will be more than adequate. Point-to-point 
wiring 1s used to permit compactness and 
reduce lead length. 

“Fine,” you say, “but I don't have a 
huge mound of test equipment. How do | 
calibrate it?" That is the beauty of it - 
you don't! If the series resistor is accurate, 
the meter will be self-calibrating to a log 
scale, Remember, you know R and Z, and 
the full-scale W. Now assume a half-scale 


ina small can of the 


the series resistor. 
prototype were 


Fig, 2, Schematic diagram of the simple, accu- 
rate, and easy-to-build rf wattmeter. 


Step-by-Step Instructions 


Set up the circuit shown in Figure 7.22 . If 
you have some experience in building circuits, 
this schematic (along with the previous parts 
list) should provide all the information you 
need to build the circuit. If you need a bit 
more help building the circuit, look at the 
photos of the completed circuit In the 
“Expected Results” section. 

Figure 7.22 

Vi Y 
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Carefully check your — circuit against the 
diagram. 

After you check your circuit, follow these 
steps, and record your measurements in the 
blank table following the steps. 

1. Connect the oscilloscope probe for channel 
2 to a jumper wire connected to Vin, and 
connect the ground clip to a jumper wire 
attached to the ground bus. 

2. Connect the oscilloscope probe for channel 
1 to a jumper wire connected to V out , and 
connect the ground clip to a jumper wire 
attached to the ground bus. 


Connection to transmitter with dummy load (see 
text). 


reading, 1=0,0005, and calculate W for 
half-scale. Plot these two points at 1.0 and 
0.5 mA on Fig, 1, and connect by a 
straight line, which you may extend the 
length of the graph. 


Connection to transmitter with antenna con- 
nected, 


Install the meter through a coaxial tee 
at your antenna connector, or through 
some other predetermined means, and 
terminate with a dummy load. The one 
seen in the picture is three 15092 resistors 
in parallel, dipped in epoxy, shielded with 
a copper braid, and installed on a BNC 
plug. Apply power and reac the meter. 
That's it! The meter can be used with an 
antenna if your swr is below about 1.2: 1, 

So what did | promise? A low-cost, rf 
wattmeter that is inexpensive enough for 
the Novice, practical and useful enough for 
the General, and “Extra” accurate. Go raid 
the junkbox, and udd a worthwhile piece 
of gear to your shack. 


RF POWER MEASUREMENT USING 
HOT CARRIER DIODES 


Frank Jones W6A y 


T wo rf wattmeters are shown here, one 
with a range of 25 mW to [OW and 
the other covering the range of 5 to 300W. 
Both are useful from low radio frequencies 
on up through 450 MHz. 

The low-power version (Fig. 1) makes 
use of a 20W Sierra dummy antenna buill 
into the meter case, though the metering 
circuit only goes up to 10W. Tf the maxi- 


mum is to be 20W, the reference meter 
reading could be about 45 BA instead of 
30. The minimum power reading would be 
doubled. In this wattmeter, the power 
range potentiometer is calibrated and only 
a reference line on the meter is used when 
making rf measurements. The dummy 5022 
antenna resistor is rated up lo 1000 MHz 
so is excellent from 450 MHz down. 

The range potentiometer had an audio 
(nonlinear) taper. By connecting the 
“high” resistance end to the diode, the 
watt range scale is spread out quite well in 
the 0.1 -10W range. The hot carrier diode, 
an HP 2900, has a 10 PIV rating, which 
means that the rms rf voltage across il 
should be less than 3V for safe operation, 
At LOW of rf power, the rms voltage would 
be a little over 22V, which means a voltage 


Bottom view of 10W unit with the rf dummy 
antenna clamped in one corner. 
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Top view of low powered rf waltmeter covering 
025 to 10W. Built into a 8x4x2 chassis with wire 
screen bottom plate for ventilation, 


divider is needed to keep the applicd diode 
voltage down lo about IV. An HP 2800 
diode with a 75 PIV rating would be more 
desirable, especially if the meter was to be 
calibrated for 20W maximum. This diode is 
ghoul $1 and has a little higher capact- 
lance, which require a different 
shunt capacitance across parts of the rests- 


would 


tor divider to make the device work with 
the same power range calibration. 

The divider should use MW resistors of 
the carbon or metal film type, since these 
units are part of the rf circull. His better 
to use three WW 30082 resistors in the 
string rather than a single 90022 IW resis- 
tor: this is because the rf resistance charac- 
teristic is usually better in ‘4 or 14W types 
in certain ranges of resistance. Every resis- 
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Fig. 1..025 to 10W RF wattmeter. 


tor has some inductance and shunt capaci- 
tunce which becomes part of the voltage 
divider, The diode shunt capacitance is in 
parallel with that of the 11042 '4W resistor 
in Fig. 1. However, nearly any combination 
of resistor sizes can be equalized within 10 
to 20% over the desired frequency range, 
This divider is across the 5042 dummy 
antenna. so should not shunt the value 
dawn to less than 49 or 489). This divider 
has to dissipate a little rf power also. Its 
total resistance should be at least 20 times 
as high as the dummy antenna load resistor, 

The values shown in Fig. | 
about the minimum that should be used. 
Too high values makes it more difficult to 
extend the frequency range to the upper 
end, though it can be done, as was dis- 
covered in the higher-powered wattmeter 
of Fig. 2. 

All diodes are poor rectifiers at applied 
rt voltages below their forward bias values 
of 300-700 mV (peak) By using a for- 
ward de bias voltage to make the diode 
conduct at least 5 or 10 mA, the detection 
sensitivity is increased as much as 5 or 10 
times. This requires a small battery, a 
couple of fixed-value resistors, and an 
adjustable pot to balance this current out 
of the meter when measuring rf powers 
below 100 mV. If the power range is 
limited to a minimum of 14 or AW , no bias 
circuit is needed in this 10W instrument. 
The range scale in either case has to be 
hand calibrated. 


are just 


A low-powered radio transmiller or 
exciler can be used as a LOW power source 
when calibrating the power range pot scale, 
The transmitter can use stage detuning lo 
reduce power outputs down to the lower 
values needed, Many swr meters have watts 
of power calibration and one of these can 
be put in the coax line to the rf wattmeter 
for calibration service. A more accurate 
calibration can be made by comparing the 
power readings against some reliable com- 
mercial rf wattmeter within its frequency 
range and calibration charts. This scheme is 
usually necessary for checking the calibra- 
tion at VHF or UHF. Another method is to 
use an accurate rf volimeter across the 
dummy antenna connection to ground and 
read the power values in watts = E? /R, For 
example, SV (rms) squared is 25; and 
divided by 5082 is equal to 500 mW. 


The Sierra 508 dummy antenna has no 
connection available at the high end of the 
resistor, which terminates in a type N 
fitting. The metering circuit has to connect 
to this point as close as possible by getting 
into the inner conductor of a coax fitting, 
or by drilling a 3/8 or 2 in. hole through 
the shell of the dummy antenna close to 
the rf fitting end. This can be done and the 
first 30082 resistor in the voltage divider 
soldered to the inner connection to the 
large 5O42 resistor. A long 1/8 in. diameter 
soldering iron tip is needed. The divider 
resistors, diode, and four .001 uF stud- 
mounted bypass capacitors were all mount- 
ed around this large hole in tapped 6-32 
holes for the four capacitors. Larger values 
of bypass capacitors can be shunted across 
these 0.001 uF values to ground to extend 
the frequency range down to low rf or even 
af values. For example, a ,02 uF capacitor 
shunt would allow operation to 2 MHz, A 
miniature 50 or 100 uF electrolytic shunt 
would function at audio frequencies down 
to 300 Hz. The diode must have a low- 
impedance path to ground over the desired 
frequency range to function as a peak 
rectifier and get as much de output voltage 
as pussible for the meter circuit. The 
microammeter in series with a variable 
range resistor is simply a de voltmeter. The 
diode rectifier converts rf voltage to dc, so 
the diode should be equally efficient over 
the whole rf range. 

The 5-300W unit was built to use with 
a large dummy antenna rated up to 500 
MHz, which is a massive unit external to 
the box shown in the photographs. Quite a 
bit of rebuilding went into this device to 
make one calibration of the range poten- 
tiometer fit all frequencies from 450 to 2 
MHz. The input and output coax fittings 
had to be finally mounted so the inner 
conductor tips could be soldered together 
and the resistor divider connected to this 
point, The latter consisted of two 430082 
2W carbon resistors and a 6802 |W resistor 
in series to a copper sheet inside of the 
aluminum box. 

The watt range variable resistor was a 
500 kQ linear potentiometer which was 
limited to a lower value by shunting i 
from the moving arm to the diode connec- 
tion end with a 220 k%2 resistor. This gave 
a maximum power reading of 300W when 
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Fig. 2.5 to 300W RF wattmeter metering circuit. External 300 or 400W during antenna load, 
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Top view of 5 to 300W metering circuit for use 
with external high powered dummy antenna. 


the reference line was drawn on the meter 
face at 12 wA. The import, low priced, 
0—30 uA meter had a large meter scale. A 
smaller 0-50 uA meter would have been 
usable, since the meter is used only as a 
reference. The range pot knob is adjusted 
when rË power is applied to run the meter 
reading up to the line drawn on the meter 
scale face, 

The circuit shown in Fig. 2 was equal- 
ized to within about 15% error over the 
range of 2 to 450 MHz by shunting a 5 pF 
capacitor across the 6842 resistor in the rf 
divider. 

Calibration of this device was made at 
144 MHz using a transmitter having up to 
400W available carrier output. The meter- 
izing unit was connected to a large Bird rf 
wattmeter at the external fittings of the 
latter. Several thermocouples had to be 
used to cover the wide range of power for 
the calibration. This required reading a 
chart curve for each Bird wattmeter read- 
ing and using correction factors for fre- 
quency in order to obtain the actual watts 
of rf power. Now, the large unit is used 
without the charts; rf 
choke, etc. simply as a dummy antenna, 
The new metering circuit connects directly 
into the antenna fitting, with a few feet of 


thermocouples, 


50681 coax over to the transmitters being 
tested. 


This power measuring device can be 
used in any 5082 coaxial line to monitor 
the actual power going toward the antenna, 
The swr in the line should be low, or near 
unity, in order for the calibration to be 
reasonably accurate, 


VHF DUMMY LOAD WATTMETER 
Glen Zook KYSTH 
The unit 

The unit described herein is similar to 
some 60 watt units which may be found ar- 
ound many commercial two-way radio shops. 
This dummy load has provision for connec- 
tion to an external relative output meter. 
This external output meter may become an 
accurate wattmeter if the following criteria 
are niet: 

|. Frequency bandwidth of 210% of cal- 
ibration frequency. 

2. RF output kept within power dissipa- 
tion of dummy load. 

3. Accurate initial calibration. 

These criteria may be easily met in ama- 
teur vhf operation if only one band is con- 
sidered for each set of calibration data. Since 
most vhf amateurs operate on 50 mhz, 144 
mhz or 432 mhz, the £ 10% frequency limi- 
talions may be easily met. This limitation 
fives a 10 mhz bandwidth at 50 mhz, 29 mhz 
bandwidth at 144 mhz, and 86 mhz at 432 
mhz. The limitation to the power ratings of 
the dummy load is only common sense, for 
if a resistive network is overloaded. the im- 
pedance may be drastically increased, caused 
by damage to the load resistors. The calibra- 
tion limitation may be overcome ifa standard, 
previously calibrated unit, or commercial unit 
is used. 


The unit consists basically of 16 220 
Ohm resistors in a series parallel arrange- 
ment, The metering circuit consists of a 
germanium diode pickup with necessary rf 
filtering. The meter movement is generally a 
vom, but any 50 ua meter movement should 
suffice. Exact physical layout is nol 
extremely critical, but it is suggested [hat 
the layout be made similar to the unit shown 
in the accompanying photographs. This unit 
is acceptable for 60 Watt output transmitters 
without modification, The power capability 
may be increased to about 200 Watts if the 
resistive network is suspended in 1 quart of 
oil. If this is done, care must be taken to 
keep the metering circuit out of the oil, The 
lead from the diode to the resistive network 
must, of course, be partly submerged, but 
Keep the diode itself out of the oil. | do not 
personally use this arrangement, but | know 
of two units which have been in use at a 
large Southeastern two-way radio shop for 
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Fig. 1, Schematic. Rl and R2 consist of eight resis- 
tors each, in parallel, 


several Years. The same shop has incor- 
porated a range switch with several meter 
shunts for various maximum scale power 
readings. This feature is especially useful to 
the amateur vhf PM operator who may be 
working with equipment of from 4 to 250 
Watt outputs. The schematic appears as Fig. 
l, and the basic circuit for various meter 
shunts as Fig, 2, 
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Paris layout and interior view of Dummy Load — 
Wattmeter 


External view, 


Calibration 


Calibration is best accomplished by using 
a Bird “Thruline” or similar commercial vhf 
inline wattmeter. Second choice 1s a Bird 
“Termaline” or similar dummy load-wattme- 
ter. In both cases, a graph should be created 
by plotting meter divisions on the horizontal 
axis, and power on the vertical axis. The 
meter shunt should be placed at minimum re- 
sistance and increased to give maximum read- 
ing at the desired power level (this holds pri- 
marily true for units using the metering cir- 
cuit of Fig. 2) or, if a vom or vtvm is being 
used the range switch should be placed ona 
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Fig. 2. Metering shunts. 
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high voltage setting and reduced a setting at 
a time until the desired readine is obtained. 
The transmitter should be adjusted for vari- 
ous power levels on the standard wattmeter 
and the voltage or current reading on the new 
meter recorded on the graph. In the case 
where the standard meter is of the dummy 
load-wattmeter type, it will be necessary to 
switch the coax from one unit to the other. 
Do not retune the transmitter, for each unit 
will present almost the same load to the trans- 
mitter (50 ohms). Take the reading and re- 
cord as with an inline type of meter. The 
points on the graph should now be connected 
with a smooth curve (use of a draftsman's 


Using the Dummy Load — Wattmeter to check 
output of FM unit, 


range switch is used, it will be necessary to 
calibrate for each switch position. Also, if 
multi-band use is expected, the graphs must 
be made for each band. Use of the wattmeter 
now requires only the connection to the 
transmitter, setting of range switch to the 
proper level, and reading the eraph. 

Uses 


The uses of this dummy load-wattmeter 
are as varied as the amateur mind can devise. 
One very important use is determining the 
losses of 50 ohm coax. Measure the output 
of the transmitter at the transmitter. Then 
measure the output at the end of the length 
of coax. The losses in the line become ap- 
parent. The loss in db may be calculated by 
the standard power ratio formula, 10 log; y 
Power out of coax/Power into coax. 

Another use is the determination of effi- 
ciency of final amplifier stages. This efficien- 
cy may be calculated by Power out (measured 
by dummy load-wattmeter}/Power in (meas- 
ured by plate current/plate voltage meter) x 
100%. <A third use is determining once and 
for all which amateur really has the most 
output. This list may be expanded by the 
builder to suit his own tastes. 

Conclusion 


This dummy load-wattmeter is not a Bird 
“Termaline” nor should it be regarded as a 
substitute for any other laboratory equip- 
ment. However, with a little care in calibra- 
lion, (assuming a 5% accuracy standard is 
used for initial calibration) the accuracy 
should be within 10%, and this, my friend, 
is not bad for a wattmeter costing less than 
$10. 


Chapter IV 


Measure Your Field Strength and Frequency 


THE RF SNIFFER 
dim Kyile KSIKX 


Every now and then there's a need to know 
if any rf is present in a circuit. Frequency 
isn’t so important—the question is simply. “Is 
there rf here?” 

Your grid-dipper can frequently answer this, 
if used in the wavemeter mode, but occasion- 
ally it’s not sensitive enough—particularly if 
you're working with a receiver oscillator where 
power is measured in microwatts. 

Here's an rf Sniffer which will indicate the 
slightest trace of rË in a circuit. In addition to 
checking receiver oscillators, it’s a perfect 
gadget to ensure perfect neutralization of a 
transmitter final. 

Connect the components as shown in [he 
schematic. Use long-nosed pliers as a heal sink 
between the diode and the solder joint when 
wiring, to prevent diode damage. Note that the 
pickup loop of 14 gauge wire is insulated with a 
strip of spaghetti. 


Mount capacitor and diode on back of meter 
with shortest possible leads. Attach pickup loon 
directly to neaative meter terminal; it's stiff 
enough to do without other mechanical support. 


IN3 4A 


PICKUP LOOP 
tid WIRE 
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Amplifier Neutralization—Couple the Sniffer 
to the antenna terminal with a temporary 
two-turn link around the pickup loop. Remove 
plate and screen voltage from the final ampli- 
fier, Apply drive. Adjust neutralization for 
minimum indication on the Sniffer—but don’t 
expect to be able to get it down to zero. 


Oscillator Checking—Place the pickup loop 
near the oscillator coil. If the oscillator’s work- 


ing, the Sniffer will indicate rf. Touching 
either the grid or plate lead (use an insulated 
tool for this test, not your fingers) should re- 
duce the Sniffer’s indication, 

Receiver Troubleshooting—Check the oscil- 
lator as described above. If it's okay, next 
check the mixer plate coil by placing the Snif- 
fer pickup loop near it. If you get an indica- 
tion here, move to the first if stage and place 
the pickup loop near the plate pin of the tube 
socket, Proceed through the receiver until you 
lose the indication. The trouble is somewhere 
between the last indication and the point at 
which it disappeared. 

Field Strength Meter—Couple a short an- 
tenna to the pickup loon by two turns of wire 
around the loop, Field strength will he in- 
dicated in a comparative manner by the meter. 
Tt cannot be calibrated, but proves useful in 
tunine mobile or beam antennas, ete, 

SWR Measurement—(Parallel lines only}, 
Move the Sniffer long the line, Mark maximum 
reading and minimum reading over a half- 
wavelength, Divide minimum inte maximum. 
The quotient is, roughly, your VSWR. This 
method is by no means exact, but will indi- 
cate whether the line is under or over a 2:1 
SWR. 

UHF Frequency Measurement — Set up 
Lecher wires. Couple the rf Sniffer lightly to 
the tank cireuit instead of using a flashlight 
bulb. Use Lecher wires in normal fashion, read- 
ing Sniffer indications for maximum and mini- 
mum. This is much more exact than the nor- 
mal methods. 

Improvised Grid-Dipper—If you have a sig- 
nal generator available, it can be used with 
the rf Sniffer to serve as a “wrid-dip” meter 
to locate resonance for any tank circuit, 
Couple both the generator and the Sniffer 
liehtly to the unknown tank. Vary renerator 
frequency. A sharp rise in Sniffer indication 
indicates the resonance point. 


THE PINK TICKET REJECTOR 
A. D. Taylor GW8PG 


H sometimes get into trouble with 
the FCC because they have made a 
mistake in tuning a frequency multiplier or 
PA stage. For example, if the multiplier 
stage following a 3.5 MHz oscillator ts 
accidentally tuned to 10.5 MHz instead of 
7 MHz, the PA can be loaded on 10.5 MHz; 
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and if this is done even a short transmission 
is likely to produce an unwanted “QSL” 
from the FCC! Mistakes like this can be 
prevented by using the simple, easily built 
absorption wavemeter shown in Fig. 1. 
Only one coil is required in this meter, the 
low frequency range being obtained by 
switching a padding capacitor in parallel 
with the variable tuning capacitor. With 
switch 51 open the tuning range is approx- 
imately 6.8 to 30 MHz, and with 51 closed 
it is approximately 3,5 to 6.8 MHz. 

Construction of the wavemeter is sim- 
ple. It can be put together in a metal utility 
box, on a wooden panel and baseboard, or 
even in a cracker can of the right size, The 
coil can be wound on any type of % in. 
diameter form. If nothing else is handy, a 
short length of dowel could be used. The 
coil winding consists of 7 turns of 20-gage 
wire, close wound. Both the tuning capaci- 
tor (Cl) and the padding capacitor (C2) 
should be 500 pF components, but the 
values of the other components are not 
critical. 

Any meter having a full-scale deflection 
between 100 uA and 1 mA can be used. If 
the wavemeter is built in a metal box, Ll 
must be mounted outside the box. A 
slow-motion drive is not needed. If Cl is 
fitted with a pointer type knob and a 
cardboard scale is cemented onto the front 
panel, the calibration points can be written 
on the scale in ink. 


Fig, 1, LI— 7 turns 20 gage enameled copper 
wire, close-wound on a % in. form; Cl — 500 pF 
variable capacitor; Ca — 500 pF fixed capacitor; 
C3 — Fixed capacitor, any value between 1000 
pF and 0.01 UF; D1 — Silicon or germanium; 
Mi — Moving col-meter (100 mA—J] mA). 


When it came to calibrating the wave- 
meter | thought of a simple method that | 
have not seen described before. I soldered 
about 2 in. of wire onto one end of Ll, 
and about 10 ft of wire onto the other end. 
| then connected the short lead to the 
antenna terminal of my receiver and strung 
the 10 ft of wire up as a temporary 
antenna. 1 then tuned the receiver to a 
steady signal at each frequency at which | 
wanted a calibration point, and adjusted 
Cl until the strength of the received signal 
suddenly dropped sharply, indicating that 
the wavemeter was tuned to the frequency 
of the signal. | was then able to mark this 
frequency on the cardboard tuning scale. 
The drop in signal strengh was very sharp 
so calibration was easy. Once enough cali- 
bration points had been obtained the tem- 
porary wires were unsoldered and the 
wavemeter was ready for use. 

The only frequency which may require 
a little adjustment is 30 MHz. If the 
wavemeter will not tune as high as this, 
push the top turn of coil Ll about 1/8 in. 
away from the other turns. This should 
reduce the inductance sufficiently; a spot 
of cement will held the turn in its new 
position. 

To use the wavemeter for checking a 
transmitter, bring coil L] close to the tank 
coil of the stage being checked, apply 


power to the stage and rotate Cl until a. 


maximum reading is obtained on the me- 
ter, The output frequency of the stage can 
then be read off from the wavemeter 
tuning scale. 

The wavemeter can also be used as a 
radiation meter for tuning up single-wire 
antennas. If it is tuned to the transmitter 
output frequency and placed near to the 
antenna Wire, maximum reading on meter 
M1 will indicate maximum output power 
from the transmitter, 

Many readers will have realized that the 
calibration method I suggest uses the prin- 
ciple of the rejector circuit, That is why I 
have called the little gadget “the pink 
ticket rejector”! 


A USEFUL ACCESSORY FOR THE 
HAM SHACK 


Rex Morris W2WAN 


B ECAUSE we are dealing with something we 
3 cannob see, namely electrons and electro- 
magnetic radiation (we only see their effects), 
we must acquire the ability to use test equip- 
ment, in order to understand and find our way 
in this invisible realm. 

The piece of test equipment about to be de- 
scribed is one of the more useful instruments 
that the amateur should have in the shack. 
While this instrument serves primarily as a 
field strength meter, it will also serve as a 
phone monitor, neutralization indicator and a 
sensitive wavemeter. 

Referring to the circuit diagram, meter M1 
is a sensitive instrument which indicates the 
pressure of rf when the device is used as a 


field strength meter, wavemeter or neutraliza- 
tion indicator. 

To use this instrument as a wavemeter, a 
pickup loop is substituted for the short whip 
antenna at the top. Switch $1, the band switch 
on the right of the panel, is placed on the 
proper position. Coil L1 tunes the vhf range 
of approximately 90 me to 170 me (2 meters). 
L2 tunes 28 me to 100 me (10 meter and six 
meter bands). L3 tunes to 7 me to 30 me (40, 
20, 16 and 10 meter bands). Ld tunes from 
2 me to 7 me (80 and 40 meter bands). With 
switch S1 on the proper tap, condenser C2, on 
left of panel, is used to peak the reading on 
meter M1. Using a calibrated dial, frequency 
may be read directly, Toggle switch $2 is a 
high-low range switch for meter M1, providing 
a means of keeping the meter on scale and 
protecting it against burn-out. Potentiometer 
Rl (center of panel) is a vernier shunt control, 
also for keeping the meter on scale. 

For use as a phone monitor, rf should be fed 
into the input jack with a link or pick-up wire. 
Once again the LC circuit is resonated to the 
frequency we desire. Earphones inserted in 
jack J2 will open the meter circuit and allow 
you to monitor the signal. Switch 32 is placed 
in the Hi position. 

Field strength readings can be taken by 
using a short pickup antenna. Again the LC 
cireuit should be tuned to resonance. Meter 
Mi will give an indication of field strength. 


With switch 52 in the Hi position the meter 
is very sensitive and potentiometer R1 is a 
variable shunt providing much range of scale 
adjustment. For use as a remote reading field 
strength meter an external microammeter 
(with up to 200 feet of wire) may be plugged 
into J2. For making transmitter adjustments 
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this is a very desirable feature. 

Now notice that one position on the band- 
switch S1 is vacant, this vacant position pro- 
vides a very broad band—low sensitivity posi- 
tion for those extremely high rë fields where 
even Rl and 52 cannot provide enough atten- 
uation. 

Neutralization measurements are made by 
coupling the instrument through a pick-up link 
to the tank coil involved, with 52 in the Lo 
positión. When the instrument is tuned to 
resonance it becomes a very sensitive rË indi- 
cator, It is so sensitive that it will readily be 
seen that complete neutralization exists in 
theory only, 

As in all simple gadgets there are a few 
simple construction techniques which make the 
difference between gadget and instrument. In 
this ease the important thing to keep in mind 
is that from the antenna to the crystal is the 
rf portion, and from the crystal to the jack J2 
is the de portion (with audio superimposed). 
With this in mind, construction is such that 
the two parts are separated, thereby giving 
some measure of protection from rf energy to 
the very sensitive microammeter M1. Also note 
the extensive use of sheet metal screws on the 
aluminum case, The only rf we want to enter 
the case is the rf we are attempting to measure 
Via the antenna jack. Note again, we have here 
an instrument for detecting electromagnetic 
radiation, from approximately 170 me to 2 me. 
We now have an instrument for visualizing 
what cannot be seen. 

The usefulness of this instrument is limited 
only to one’s ability to apply it and interpret 
Lhe results it gives. These only come with ex- 
perience, trial and error and determined appli- 
cation. 


Coil Data 


Li—One turn hairpin loop. 
L2—fi turns of £18 enumel wire space wound 1” din. 
vi 


Ld—24 turns 222 cloth covered wire, close wound, "$ 
ilid, 


TWO THRU TWENTY FSM 
Howard Pyle W7OE 


l used a small LMB aluminum meter cabi- 
net with a hole for a 8" meter; any equivalent 
cabinet can of course be used. With a small 
enclosure such as this (4"x4") the meter oc- 
cupies the face of the cabinet and all controls 
ure on the rear, Using a somewhat larger 
housing both the meter and the control knobs 
can be placed on a front panel if you prefer. 


Rather than wind up the three coils I 
found that the J. W. Miller Company RF 
chokes with minor modifications were admir- 
ably suited for a compact job. One each of 
their catalog numbers 4606, 4588 and 4580 
were required to cover the three frequency 
spreads from 2 through 20 meters, The #4606 
coil should have five turns carefully removed, 
to cover the 10-20 meter bands; remove three 
turns from 44588 for six meters and two turns 


From the #4580 coil to handle 2 meters. These 
can all be resonated with a 50 pf midget vari- 
able tuning capacitor; a Hammarlund HF-50 
or the equivalent is excellent. Any of the smal] 
multi-point selector switches can be used for 
band switching. A JBT lever switch type SS- 
14-115 will handle the job or, if you prefer 
a rotary switch you can use a Mallory type 
3215] as I did, leaving two positions unused. 
(I might want to add a couple of coils and try 
40 and 80 later!). 

Resistors R-L and R-2 shown in the schema- 
lic, need be only K watt. A single flashlight 
cell will serve for the battery although I chose 
a 1.4 volt mercury transistor battery to con- 
serve space. Other items shown on the sche- 
matic are obvious and all parts are readily 
available from most electronic parts distribu- 
tors as well as from the electronic mail order 
houses. 

Build this little F/S meter and know what 
vour VHF outputs are doing. If you want to 
check your modulation quality, a phone jack 
may be added as shown, making this little 
gadget really versatile. 


Side view of the FSM. 


Fig. 1. tronsistorized field 


The bandswitching, 
strength meter for two through twenty meters, 


AN AMPLIFIED, CALIBRATED SIGNAL 
STRENGTH METER 
J; L. Hiffe VEICES 
ecently, | had the problem of tuning a 
four element quad. As you may or 
may not be aware, these beasties are sup- 
posed to be tuned from the rear for mini- 
mum signal. A quick check showed none of 
my friends had a signal strength meter, so I 
prepared to degrade myself and buy one. A 
look at a few prices convinced me to build. 
Since | wanted some other information 
on the quad, like front to back ratio and the 
effect of more or fewer elements, | decided 
to add a calibrated attenuator and enough 
gain to make a fairly wide input range. It 
also had to be cheap! 
The result is shown in Fig. 1. 


Fig. 1. Diagram of the field strength meter. 


To use the normal rf attenuator method 
of switched T-pads requires complicated 
shields and quite a few resistors. Also the 
attenuator has to be terminated in its charac- 
teristic impedance to read correctly. To 
bypass this problem | first detect the rf, then 
attenuate the de. This has the added advan- 
tage that the circuit is no longer frequency 
sensitive. 

The incoming rf is tuned by C1-L2. Cl 
can be any small variable. I used both 
sections of a dual 15 pF because my local 
surplus store has them for 60¢. For VHF use 
only | section. 

L2 is wound ona plastic pill bottle about 
1” in diameter and tapering to 7/8”. To 
cover 13-24 MHz, I used 11 turns spaced 
over about an inch. Ll is 2 tums over top of 
L2. I tried bandswitching with another pill 
bottle fastened on the other side of the 
shield from L2. The idea was to bandswitch 
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another frequency range but | find it more 
convenient to wind on coils as needed. Use 
the grid dipper to get you in the ballpark. I 
have used this meter as high as 72 MHz 
without trouble. DI can be any diode. I used 
a 1N34 because I could then specify it and 
know it would work, but I tried a computer 
type which also worked. If you prefer the 
meter to peak rather than dip, reverse D1. 

Rectified rf from Dl is put on the top of 
RI, the calibrated attenuator, R2 in series 
with R1 gives the 0 dB point at its junction. 
For a 30 dB range, R2 is 47K if Rl is 1 MQ 
This doesn't quite fill the range but is close. 
Changing the value of R2 will change the 
range but 30 dB is considerably more than 
the F/B ratio of most beams. 

Qi is a 2N5033 FET. The high input 
impedance of Ol allows us to set the 
calibration of RI directly by de voltage 
measurements on the VIVM since it does 
not draw any base (gate) current. It is a 
p-channel device. If you use an n-channel 
type you will have to change the entire 
biasing of the circuit and also reverse D1. 

Q2 and Q3 form a differential amplifier 
to drive the meter. Q2 is necessary to avoid 
loading Q1 and I had quite a bit of trouble 
balancing the meter against battery voltage 
changes until | added 03, It will now 
operate from 8.5-9.2 volts with no trouble. 
The 10K pot in Q3's base centers the meter. 
The meter I used is a 250 pA tuning meter 
with no markings on it except a red/white/ 
blue bar. This is all you need since we 
calibrate on R1, not the meter, 


Operation 

The meter is quite sensitive and with a 
lwo foot antenna | could get a reading 
several hundred feet behind my quad at 60 
watts input. First tune the input (which is 
quite sharp) with the attenuator set at zero. 
This is the least sensitive position. Now set 
the meter for a convenient reading near the 
center scale with the incoming signal still on 
using R3. Adjust your antenna. When you 
feed it power again the reading will not be 
quite on scale on the meter but turning up 
Rl will allow you to put the meter back to 
the original position. Do not touch R3. The 
reading on R1 is now the increased gain in 
dB needed to bring the signal back to its 
Original strength. In other words, the de- 
crease in signal strength. 

Note that dunng measurements you need 
a received signal to use R1. With no signal 
the meter will be off scale. 

[ have also used the meter to align 
oscillators and doublers in my two meter 
receiver. A probe can be made for this from 
two turns of wire on the end of a piece of 
coax. The high gain available allows the 
pickup loop to be quite far away which 
reduces detuning. Adjustments show up well 
on the meter. 


FREQUENCY MEASURING EQUIPMENT 
AT MICROWAVE FREQUENCIES 
Silas Smith WaA9 VFG 


T article is not intended to give the 
theory, but rather a practical solution 
lo the building and use of wavemelers at 
micro-vave frequencies. 

In microwave work, frequency is one of 
the most important measurements. It must 
be understood the wave length in the devices 
described here is not the exact frequency 
wave length. A well-constructed wavemeter 
that has been calibrated can be very precise. 
They can be within 1.5 MHz at 10 GHz or 
less than half of a MHz at 1250 MHz. 
Temperature has some effect on the frequen- 
cy. Most commercial wavemeters are con- 
structed of Invar, a metal that changes very 
little with temperature. Some parts are of 
bi-metal construction to compensate for 
temperature, For the average experimenter, 
brass and copper will have to suffice. Al- 
though silver plating is desirable, it isn't an 
absolute necessity, Frequency at microwave 
frequencies can be measured by three meth- 
ods: wavemeters, slotted lines, and frequen- 
cy comparisons. All of these methods are 
used commercially, The frequency compari- 
son is usually used in the laboratory to 
calibrate the wavemeter and the slotted line. 
AS a general rule, any method of frequency 
measurement used at lower frequencies can 
also be used at the microwave frequencies, 
but are not always practical. The resonate 
cavity as a wavemeter is used in microwave 
measurements, 

There are three types of cavity wave- 
meters: the transmission type, Fig. 1A and 
1B, the reaction type, Fig. 1C, and the 
assorption or absorption type, Fig. 1D. All 
are resonate cavities. The way in which the 
wavemeter is used determines the type. 

All wavemeters are adjusted for maxi- 
mum readings except the assorption type. 
The assorption is adjusted for a dip in power 
output. The most popular wavemeter used 
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WAVEMETER 


Fig. 1. 


by the beginner is the open circuited trans- 
mission line type, Fig. 2. This type of 
wavemeter is the equivalent of lecher wires. 
(Open circuit refers to the standing wave 
within the cavity, not the physical construc- 
tion except as it pertains to the frequency 
wave length.) The practical physical dimen- 


sions are not many. The inner circumference 
of the main tube should be less than one 
wave length at the highest frequency to be 
measured. The rod should be small com- 
pared to the tube. If inductive coupling is 
used, the inductive coupling should be close 
to the shorted end, For probe coupling, the 
probe should be close to the middle. The 
open circuited transmission line is generally 
used in two ways. This type can be used “in 
line’ (Fig. 1B) as it has very little loss when 
it is resonated. However, il should be re- 
moved from the line before transmitting, as 
it will act as a narrow band filter. The half 
wave length is the measurement between the 
two successive points at which the generator 
will load to maximum, as the rod is inserted 
or withdrawn. 

Another method in the use of the open 
circuited transmission line calls for the use 
of an additional circuit, as in Fig, 3. The 
circuit is a simple crystal diode detector 
connected to a microampmeter. The diode 
and condenser are usually built into the 
connector, as the leads should be kept as 
short as possible, The half wave length 
measurement is made on the rod between 
two successive maximum readings on the 
meter, as the rod is inserted or withdrawn. 
See Fig. 1A and 1B for the setup. 


Fig. 3. 


The quarter wave coaxial cavity 1s actual- 
ly a shorted coaxial line one quarter wave 
length long (Fig. 4, 5, 6). As illustrated in 
these figures this type makes a very good 
cavity to use as a standard. To calibrate, a 
chart is made of the micrometer settings at 
different frequency wave lengths from a 
calibrated source generator. Don’t tell them 
so, but the Public Relations Department of 
the Telephone Company may help you here, 
if they have any microwave technicians close 
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by. The quarter wave coaxial cavily can be 
either physically open or closed. If closed, 
the closed end should extend at least a 
quarter of an inch beyond the center con- 
ductor at its lowest frequency. The closing 
of the end will lower the resonate frequency. 
Probe (capacitance) coupling as used for 
coupling in Fig. 5 will shorten the center 
conductor, and loop (inductive) as used in 
Fig. 4 will lengthen the conductor. In Fig. 4 
we change the length of the center conduc- 
tor to change its one quarter wave length, In 
Figs. 5 and 6 the center conductor remains 
the same, and we change the resonate 
frequency by capacitance. This method 
makes it necessary to construct the center 
conductor very short as compared to the full 
quarter wave length as in Fig. 4. These 
devices are not longer, so caution must be 
used when calibrating. The closed wavemeter 
as indicated in Fig. 7 is a shorted coax line at 
each end. The wavemeter uses a shorting 
plunger which is movable along part of its 
length. If used as the quarter wave coaxial 
cavity, the center conductor must be longer 
than a quarter wave length. 


Fig. 4. 


Up to this point we have covered most of 
the wavemeters that could be used from 
around 144 MHz up to approximately 3000 
MHz. 1000 MHz to 3000 MHz are usually 
called the lower microwave frequencies. If 
the inner circumference of the outer tube is 
kept less than one wavelength, these wave- 
meters will operate in the desired TM mode. 

There are four ways to couple energy into 
a wavemeter, loop (Fig. 4), probe (Fig. 3), 
direct (Fig. 6) and slit (Fig. 8). The most 
commonly used is the loop, as it has very 
little effect upon the electric field. The usual 
methods for changing loop coupling is to 
change the size and orientation of the loop, 
Loop coupling is usually placed in the high 
current area of the wavemeter. Capacilative 
coupling is changed by the size of probe and 
the distance from the center conductor. 
Capacitative coupling is usually placed at the 
high voltage portion of the wavemeter. As in 
Fig. 5, a small probe — say % in. piece of No, 
22 wire, for example — may require an 
external voltage amplifier. The smaller the 
probe, the less effect on the resonate fre- 


quency of the wavemeter. In direct coupling 
as in Fig. 6 the primary concern is imped- 
ance, To increase the impedance, move the 
coupling up the line away from the shorted 
end. To decrease the impedance, move the 
coupling down the line toward the shorted 
end. Slit coupling (Fig. $) can be a small 
hole or a series of small holes or a slit. Its 


purpose is to allow a certain amount of 
leakage. In all forms of coupling, it is 
desirable to use loose coupling, as the 


wavemeter will have less effect on the 
system, and the Q of the circuit will be 
higher. 


Above 3000 MHz, usually only the 
tunable wavemeter is used. The cavity is one 
quarter wave length long. The cavity can be 
coupled in three ways: loop, probe and slit. 
Because of the high frequencies, the slit ts 
usually used, and the meter is most often 


Fig. 8, 


kept as an assorption meter. In the assorp- 
tion method, the wavemeter should be de- 
tuned when not in use. Some of the cavity 
wavemeters have a little lossy material added 
to absorb some of the energy, as in Fig. 7. 
Lossy material can be made from graphite 
impregnated cloth in epoxy. 

There is one other type of wavemeter 
that can be briefly mentioned; it is the 
reference wavemeter. The reference wave- 
meter is of any design as described, but 


would be constructed more like Fig. 6. It 
can be locked when adjusted to a Selected 
frequency and used as a reference standard. 
The micrometer assemblies can be made 
from any micrometer with additional parts 
welded on. I constructed one using an 
oversized tube over the main cavity, and 
dimpled it at various places around its 
circumference until it fit smoothly over the 
cavity, and I used a piece of 3/8 threaded 
brass pipe as the main adjusting screw. l am 
sure you can come up with a good one 
without any backlash. This wavemeler 
spread the 1250 MHz band out to over 100 
inches by rough measurements. 1 haven't 
calibrated it, so | can't say for sure just how 
far. There are three nice veeder root count- 
ers in the APX 6 which would make ex- 
cellent wavemeters plus sliding contact ma- 
terial. One could even use the entire cavity. 

The last method of microwave measure- 
ment that we will look at is the slotted line 


Fig. 9 
(Fig. 9). The slotted line is a section of coax 
line along which is cut a slot. A probe, which 
is a simple crystal detector with a one 
quarter wave length shorted stub for a de 
return path, is moved along near the center 
conductor of the slotted section. In this case 
we are looking for two Successive minimum 
readings along the line. The distance be- 
tween these readings is one half wave length. 
A slotted line should also be calibrated. If 
calibrated at one spot near the intended 
frequency to be measured, a chart will not 
have to be made — just a K factor obtained. 
The distance between two successive read- 
ings times the K factor should equal the 
frequency half wave length. There are a few 
accessories that can be either built in or used 


Fig. 10 


externally, One is a coax attenuator shown 
in Fig. 4. H will slide in and out of the other 
half. H too can be calibrated if one wishes. A 
5061 resistor can be used for an impedance 
match for $082 lines if inductive coupling is 
used such as in Fig. 10 and when the loop is 
small, The line stretcher (Fig. 11) is useful 
with the slotted line. It merely consists of 
two coux sections, one sliding into the other. 
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Fig. 11. 


FREQUENCY METER — 1 to 10 GHz 
AMATEUR MICROWAVE 
Bill Hoisington KICLL 


A quarter wave coaxial cavity is used up 
to about 5 ghz, and from there to over 10 
ehz the three quarter mode is used. A 
complete explanation of these types of 
operation is given. 

The same type of unit can be used as a 
very good tuned mixer from | to 10 ghz. 
The Coaxial Cavity 

The basic circuit of “the coaxial cavity is 
shown in Fig. 1. A cylindrical outer cavity 
wall encloses a round rod some 4 inches long 
Which is the center conductor—this center 
conductor is grounded at one end. 


The Shape of the Cavity 


The exterior shape of the cavity 1s shown 
in Fig.2. and is seen to be rectangular in 
cross section, with two thin walls and two 
thick side walls. Believe me, this configur- 
ation was not arrived at in one day! De- 
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Fig. 1. Basic coaxial cavity. 
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Fig. 2. Shape of the cavity. 
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signing tuners for X Band, | gaily started in 
with sections of thin-wall round pipe, the 
way ld always done on uhf. The first thing 
you run up against is, how do you make the 
diode bypass capacitor? Machine out a cur- 
ved saddle piece to fit exactly over the outer 
wall? Possible, bul too expensive. And then 
how do you introduce the rf probe coupling 
into the cavity? Add on a “saddle” with a 
hole in it? These considerations and others, 
such as mounting (more saddles?) led to the 
abandonment of the pipe as a shape for 
microwave cavities: but not until a lot of 
time had been spent on the above mentioned 
items, 

Diode holder and capacity 


Looking at Fig. 3. you will see the first 
answer arrived at; but only after weeks and 
weeks of making different types and shapes. 
The center conductor is slightly flattened 
and drilled out to fit the diode prong. An 
8/32 copper machine screw is drilled out to 
fit the other prong, then slotted with a fine 
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Fig. 3. Diode holder and capacitor. 


jeweller’s saw, and then compressed slightly 
to an inside diameter a shade less than the 
OD of the diode prong. In this way the 
copper screw will hold the diode as you 
insert it into the cavity. Believe me, that 
helps! 


The second answer is also evident from 
Fig. 3. as the diode bypass capacity can now 
be made efficient at X-Band. As mentioned 
before, you cannot “buy” a capacitor “good 
for X-Band. You can make it though, as 
shown in Fig. 3., if the cavity body has been 
designed correctly for it. One of the thin 
wall sides of the cavity is drilled out (or 
machined oul) just wide enough to clear the 
diode and it's holder, which is the 8/32 
copper screw. The copper capacitor plate, 
which is thick enough to take at least a half 
dozen 2/56 threads, is drilled and tapped for 
the 8/32 screw, and clearance drilled in the 
corners for the 2/56 mounting screws. A 
soldering lug for the de connection is used 
under one of these, and a three mil (three 
thousandth of an inch) thick sheet of fiber- 
glass cut oul to fit, larger than the plate. 
This helps to keep metal particles from 
lodging inside the tiny crack that might be 
there if the fiberglass sheet did not extend 
out beyond the plate all the way around, 
You can begin to see some of the detail 
needed at X-Band. 


Further reasons for the rectangular cross- 
section now show up in Fig. 4., which details 
the rf probe connections. This item was also 
very troublesome in first models using pipe 
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Fig. 4, HF moda connector detail. 


walls, where “more saddles” was the only 
solution. All “saddles” are eliminated by the 
rectangular shape. Small semi-rigid cable is 
used for the connector, I have some short 
lengths with X-Band antennas connected to 
them for use as “In-Space” pick-ups, feeding 
directly into the wavemeter cavity. There is 
at times an advantage in this type of “energy 


collection” (antennas) which will be taken 
up later. 
Fig. 5. shows detail of the treatment of 


the cavity end of the rf cable, or probe. The 
outer conductor is cut away for about one 
quarter inch in length and removed. About a 
sixteenth or so of the Teflon is left, which is 
then removed from the center conductor. A 
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Fig. 5. RF probe detail. 


thin copper washer (which | generally cut 
out of sheet copper since the hole to solder 
the center conductor is quite small) is then 
soldered to the center conductor, making 
the “capacity probe”, as shown in Fig. 5, 

Mylar tape or other good insulation is 
fastened to the side of this washer facing the 
center conductor. With this insulation in 
place you can push the probe all the way in, 
while testing, and still not have a dead short. 
Different thicknesses of fiberglass sheet can 
also be cemented on, to make up more 
permanent types of fixed capacitors, of 
different values. 

For some uses, particularly in this one as 
a wavemeter, loose coupling is desired, but it 
must be securely locked with the set screw, 
otherwise your dial calibration and fre- 
quency reading will suffer. 
Plunger fingers 


Here is the most difficult item. It is 
hoped to have stock pieces made up for this 
work that you can purchase at reasonable 
cost. The fingers should be made of tem- 
pered beryllium-copper, which is not easy to 
work with. 

Fig. 6. shows some details of the plunger 
and fingers, I assume, having been told so by 
“well-informed sources” (mechanical engi- 
neers) that these units should be made in a 
machine shop by competent machinists. 
Maybe so, as the ones I have made here in 
the shack by hand tend to lose their tension 
if not handled carefully, 


Fig. 6. Plunger details: AJEnd view, B)Outer 
fingers, C)Center fingers. 


Fig. 7. shows the desired fit for these 
fingers. The plunger body should be an 
easily slide-fit inside the % inch cavity, and 
the center hole in the plunger after the 
fingers should also be an easy fit over the 
center conductor. 


Fig. 7. Desired shape and curvatura of the 

plunger fingers. 

Two steel push rods lead back from the 
plunger through small holes in the back end 
of the cavity (see Fig. 1.); these terminate in 
the brass block which is furnished with a 
pointer for the frequency scale. Maximum 
extension of the plunger should be up 
against the end piece, as a positive reference 
point for the dial, in case of trouble after 
calibration. This point should be indicated 
on the scale as “minimum frequency” in 
order to reset the pointer if it should ever 
become displaced after calibration. 


The diode 


At present, the diode used is an A-Band 
“pill package,” with a prong at each end as 
shown in Fig. 3. These are point-contact 
diodes, like the famous 1N23 ceramic car- 
tridge types of World War [I fame, only a lot 
smaller. Referring again to Fig. 3. always 
make sure that the ceramic part of the diode 
is, as nearly as possible, in the open space 
between the inner and outer conductors. 
This space is where the rf is! It is also 
important to make sure that there is as much 
metal surface continuity as possible along 
the cavity wall, across the fiberglass sheet 
X-Band capacitor insulation onto the diode 
capacitor plate, and from there over to the 
diode holder and onto the metal end of the 
diode. 

The rf is at a maximum between the inner 
and, outer conductors, which is an air space 
of a sixteenth of an inch. and that is where 
the diode should be. 

The diode rf bypass capacitor, formed by 
the diode plate and the flat top of the cavity 
body, need only have a capacity which is 
relatively small; anything over about 20 pF 
is sufficient. What it must have is the proper 
lack of inductance! The details of how this 
act has been covered in previous paragraphs, 
and if you follow those details you will find 
little or no rf on the outside of the diode 
capacity plate or the de lead from it. 

X-Band is not just short waves. It is really 
short; like a quarter wave at X-Band equals 


FULL WAVES 


Fig. 8. Full waves for S, Č and X-Bands on 
millimeter scala, 


9/32 of an inch as you can plainly see, if you 
get one (or more) of those little plastic 
millimeter rulers in a stationery store for 5 
or.10¢, Be sure and get some, by the way, if 
you're going to do anything above two 
meters. 

Fig. 5. shows the millimeter scale, with s, 
C, and X-Band plainly showing. 

A handy wavelength-frequeney chart is 
included here for your convenience, which is 
useful from the khz range way up above 
X-Band. See Fig. 9. Get lo know the easy 
reciprocals, like 1 centimeter equals 30,000 
mhz, 3 centimeters equals X-Band, 10 centi- 
meters equals S-Band (3,000 mhz), 1,000 
mhz equals 30 centimeters, etc. Very useful! 
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Fig. 9. Wave-length/frequency converter, 
Use of multiplying factors such as those at 
the bottom of the graph will cover any 
portion of the electromagnetic-wave spac- 
trum. 


The 3/4 mode and harmonics 

Don't worry about that word “mode.” 
Generally when something odd takes place 
in a cavity or waveguide, certain types of 
engineers tend to fall back on obscurantism 
(l seem to have fallen for that $64 word. It 
just means covering up). They say, “It 
jumped mode”, or, “Spurious showed up.” 

Here's the straight dope. Fig. 10 shows 
the quarter wave “mode” of operation, 
Starling at | ghz you will find ene point of 
maximum de output, If the oscillator under 
measurement is “running hard’ with lots of 
2nd and 3rd harmonic energy content, these 
will be found at 2 and 3 thousand mega- 
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DE Fig. 10. Quarter wave in cavity, 
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hertz, and possibly higher ones, which 
should drop steadily in power as you go up. 
The diode itself may cause some of these if 
hit too hard with the rf input. 


Fig.11. shows the 3/4 wave mode, which 
isa very “natural” type of operation. Don't 
forget that in an instrument of this,kind you 
are looking for standing waves and you want 
them to be of the greatest amplitude pos- 
sible (within reason) So, if you tune the 
cavity by the plunger so that it measures 
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oe Fig. 11. Three quarter waves in cavity, 


some three quarter waves on it (allowing for 
length-loading of the diode on the first 
quarter}, you will find two peaks on the 
meter due to the situation shown in Fig.11. 
The higher the Q, and the lower the losses 
along the line, the more quarter waves can 
be found. For the 4 inch cavity shown, three 
quarter waves at 5-Band are the longest that 
will fit. 

A check on this operation is easy. Using 
the millimeter scale on the “dial”, take 
several readings between maximums, for 
example, 22, 37, 51, and 67, add the 
spacings together, which comes to 45 milli- 
meters, divide by three (the number of 
samples), and you will find an average of 15 
millimeters for the waves which are standing 
on the center conductor (or “along the 
cavity’, if you prefer) and there you are, 14 
millimeters for the half wave, 3 centimeters 
for the full wave. Which is X-Band at 10,000 
mhz or 10 ghz. 
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Fig. 12, Double input detail. 


3. Set the function generator to generate a 5 
V pp , 100 kHz sine wave. 

4. Measure and record V out . 

5. Adjust the function generator to the 
frequency shown in the next row of the table 
(labeled 150 kHz in this instance). Each time 
you change the frequency, check V in, and 
adjust the amplitude knob on the function 


generator to maintain Vin at 5 V pp if 
needed. (If you leave the amplitude knob in 
one position, the voltage of the signal 


provided by the function generator will change 
as the net reactance of the circuit changes.) 
6. Measure and record V out.. 

7. Repeat steps 5 and 6 until you have 
recorded V out for the last row of the table. 
fin (kHz) V out (volts) 

100 

150 

200 

250 

300 

350 

400 

450 

500 

550 

600 

650 

700 

750 
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Fig. 13. Test 
element”. 


anteanna—X-Band “two: 

If you find numbers which are not well 
known, you can find the frequency on the 
chart, at least close enough to put you in 
one of the microwave amaleur bands, such 
as 5,650 or 10,500 mhz. 

Use as a Microwave Mixer 

This same type of cavity can be used 
from 1 to 10 ghz as a mixer for the front 
end of a superhet receiver covering those 
frequencies. 

This application will only be touched on 
briefly here as the whole receiver is detailed 
in another article in 73 Magazine. 

Fig. 12. shows how to do it, so you can 
plan on this use, and make more than one, if 
you wish to. 

Looking at Fig. 12., you can see how 
useful it is to have two thick sides on the 
cavity, one for rf input and one for the local 
oscillator input. 
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Fig. 14. Test antenna—S-Band. Dimensions 
suitable for amateur S-Band 2,400 mhz 
(omni-directional). 


Conclusion 


That about covers the details and some 
uses. The whole unit can be mounted on a 
piece of copper-clad, along with a 50 ma 
meter, the dial scale, and the centimeter- 
frequency chart. | broke down on this one 
and used a “regular” small microwave input 
connector for the rf. (Instead of an “RCA 
Phono Jack”.) For connections to other 
units, such as oscillators and multipliers, 
small flexible cable may be used. 

Fig. 13 shows a test antenna for X band, 
not the best in the world but good enough 
for a starter. With a lens in front it really 
picks up signals. Fig. 14 shows an S band 
antenna for the 2,400 MHz amateur fre- 
quencies. 


LAMBDA LINES 
James Ashe W2DXH 


Over the past few years, new kinds of com- 
mercial gear and military surplus have made it 
quite easy to generate VHF frequencies. But 
the problem of measuring the frequencies has 
not become any easier for amateurs short on 
calibrated instruments. Of course this means 
the newcomer to VHF! What can he do to 
find what ballpark a circuit is radiating in, if 
there are no accurate devices available? When 
this problem came up recently, a simple solu- 
tion appeared quite by accident. It was so 
simple, in fact, that its simplicity must be the 
feature that has kept it out of the ham pub- 
lications. Another first for 73! 

The traditional solution to the rough fre- 
quency measurement problem is to make up 
it Lecher Wire system. There is some question 
about the value of one of these in the modern 
ham shack. Narrow-band  erystal-controlled 
techniques guarantee frequency and stability 
once the multipliers are tuned properly. In the 
old modulated oscillator days things were not 
that stable . . . so why go to all that carpentry 
and construction work for what fairly well 
promises to be a use-it-once gadget? Particu- 
larly when a little reflection (pun intended!) 
may bring out a cheaper, faster and better 
arrangement? 

Ham and commercial builders of VHF gear 
have been using tuned stubs for years to match 
impedances, tune out frequencies, tune in 
others, etc. Yet it seems to have occurred to 
very few workers indeed that it might be 
possible to cut stubs to length accurately 
enough to serve as frequency standards, Ap- 
parently this can be done, with an accuracy 
of about 5%! This compares very favorably in- 
deed with the performance of lower-frequency 
grid dip meters and some signal generators. It's 
pretty good for a pencil and yardstick opera- 
tion: the only other items required are some 
understanding of how it works and a piece of 
300 ohm twin lead. Belden #8235 recom- 
mended. You can calibrate that new GDO for 
432 at a cost of just a few cents! 


Theory 


Many kinds of things show a property of 
tuning sharply to a certain frequency. This 
property is called resonance. We hear it 
when a struck piece of metal rings, and see it 
in the pendulum of an old grandfather clock. 
The grid dip meter shows a drop in grid cur- 
rent of an oscillator when a nearby resonant 
circuit steals energy from the oscillator, And 
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fundamental resonances os the frequency produc- 
ing the illustrated voltage distribution. This shows 
that none of them has a unique resonont fre- 
quency. 
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it is the nearby resonant circuit that is the 
subject of this article. 

The basic circuit is the quarter-wave stub. 
A little browsing around in the handbooks and 
earlier issues of 73 and other ham magazines 
will tell you lots about quarter wave stubs. 
The important practical points are that the 
stub resonates at certain frequencies, and that 
at these frequencies it can be dipped at its 
shorted end in the same way as any other reso- 
nant circuit. 

But the term ‘quarter-wave’ has to be taken 
with a grain of salt. The tuned stub will be 
shorter than a free-space quarter wave, be- 
cause the dielectric has a slowing-down effect 
on the rate at which the RF bounces end-to- 
end along it. Suppose you laid out a mile or 
so of twin-lead and transmitted a signal, at the 
same time sending off a reference signal by 
space wave. The reference signal would arrive 
at the other end first, in about 5.35 microsec- 
onds. The twin-lead signal would arrive a full 
microsecond later, about a 20% delay. Since 
this applies even to short lengths of twin-lead, 
the delay must be taken into account for ac- 
curate measurements. Also, there is a consid- 
erable difference in velocity factors between 
diferent brands and qualities of twin-lead. 

Crystals are often used in overtone oscilla- 
tors for generating stable VHF frequencies. 
The various modes of oscillation are pictured 
in the handbooks. Tuned lines will also show 
overtone resonances, and in the case of large 
uncertainty, it might just happen that reason- 
able errors could lead to a consistent but very 
wrong result. A halfwave line will resonate at 
a frequency f, and also at 2£, 3f, and so on. 
Note both odd and even multiples! All other 
resonant lines have a similar overtone reso- 
nance property. The problem is slightly aggra- 
vated by the convenience of using relatively 
long lines at the higher frequencies because 
they are easier to handle. The solution is to 
cut a pair of lines whose collections of reso- 
nant frequencies have only one resonance in 
common. The recommended lengths are a half- 
wave and a three-quarter wave line. 


Fig. 1 shows lour basic tuned lines, Just 
which resonance is an overtone and which is 
not depends somewhat on the application, The 
simplest way out of this problem in semantics 
is to say that the three-quarter wave line really 
doesn't have that resonance at f/3, ignore the 
quarter and fullwave lines, and stick to the re- 
maining two for test work. 

At 432 MHz a wave in free space is about 
27.3 inches long. Suppose we are using Belden 
#8235 twin lead, which Belden says has a 
velocity factor or propagation constant of 0,77. 
The twinlead wavelength than is 27.3 times 
0.77 or 21 inches. The halfwave stub must be 
10.5 inches long, shorted on both ends; and 
the three-quarter wave stub 15.75 inches long, 
shorted at one end. These are convenient 
lengths, not too long to use on the workbench, 
nor so short that percentage accuracy in cut- 
ting becomes a big question. 


Using the stubs 


The commercially available grid dip meters 
are not noted for accuracy. It's commonly 
estimated that the scale calibration can be 


trusted to within about 20%. With some care, 
calibration points taken from twin-lead resona- 
tors appear to be good to about 5%, The first 
precaution is accurate construction, Cut the 
strips slightly long, short one end of each, and 
cut the three-quarter wave line to length. 
Then go more carefully at the other end of 
the halfwave line, which must be shorted at 
both ends. It should not be too hard to get 
the correct lengths within one sixteenth inch. 


When making frequency checks, the lines 
must be held off the workbench an inch or 
two. Use small boxes or pieces of cardboard. 
Probably the better part of a foot distance is 
in order if the workbench is of metal or has 
a copper surface. At two meters, a perceptible 
change in calibration can be detected if the 
line is laid out on a wood surface! It's very 
good practice to make up lines for two meters 
or lower, and practice dipping them. Some 
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Fig. 2. Some overtone resonances of a halfwove 
stub (shorted at both ends). Fl, F2, F3 and F4 
should be IF, 2F, 3F, 4F. 


refinement of technique will certainly be re- 
quired before a halfwave and a three-quarter 
wave line can be made to dip at the same 
point on a standard dip meter. Once the trick 
is mastered, it can be carried up to the higher 
frequencies. 

The lines are dipped in the same wav as 
anv coil, Because thev have a verv high Q. 
there will be a tendency for the dip oscillator 
to pull, or to seem to give different readings 
when tuning down to frequency and tuning 
up to frequency. The remedy is less coupling: 
move the dip meter a little further away from 
the line and try again. Dip the stub at its 
shorted end! 

But what was that trick for calibrating a 
dip oscillator, mentioned earlier? Can't make 
up a pair of lines for each frequency. No need 
to! That's simply the reliable way for finding 
the right ballpark. When vou're there, vou 
can set the lines aside, make up another three- 
quarter wave resonator cut for the lowest 
frequency, and after marking that point on 
the scale, trim the stub up to the next cali- 
bration frequency. Throw the remainder away 
when done calibrating, 

The half-wave stub is also useful as a tuned 
coupler, Suppose you want to tune an oscilla- 
tor to a particular Frequency but have nothing 
to indicate at that frequency. Loosely couple 
the RF into one end of the half-wave stub, 
and take it out the other end with a hairpin 
loop, through a diode to a 50 nA meter, You 
will only get a reading at the resonant fre- 
quency of the half-wave stub. Simple! 


ZERO-BEATING WITH A FREQUENCY 
METER 
Jim Harrison WRATBN 


After putting an LM-18 in service, | 
found it a nuisance to plug in headphones 
every lime it was necessary to adjust the 
corrector control to produce Zero Beat at 
one of the crystal check points. I hooked 
up a phone plug to the plate winding of an 
audio output transformer, and then con- 
nected a small loudspeaker to the secondary 
winding. I leave the phone plug inserted in 
the LM phone jack at all times. After 
using this setup for a while, it occurred to 
me that the last few cycles either side of 
zero beat might not be audible, so 1 tried 
a parallel hook-up off the primary side of 
the transformer. The other end of the cable 
was connected to the Vertical input of an 
oscilloscope. Now, when adjusting the 
corrector control for zero beat, you will see 
low amplitude sine waves even after you can 
no longer hear the beat note. You tune out 
the sine waves until you have a perfectly 
straight reference line on the scope. The 
Heterodyne oscillator is then corrected to 
calibration much more accurately than trust 
ing to the car alone. The principle is not 
new, yel Lhe idea may nol have occurred to 
some people. Any old scope will do, as the 
frequencies are in the audio range. 

Another bit of frustration occurred when 
trying to adjust the corrector knob. | would 
pass the zero beal point lime and time again, 
due to the stiffness of the control. Remen- 
ber, these units are built for ship-board use, 
and loose controls cannot be tolerated. | 
dug up a small vernier tuning drive, similar 
to the Jackson Planelary-Vernier drive, 
(about 5 to | ratio). | mounted this drive 
on a rightangle aluminum bracket and 
attached it to the LM using the two screws 
on the upper right side of the unit. Bore 
holes slightly oversize to allow for accurale 
alignment of the control shaft so that it 
will not bind. Cut out a portion of the 
bracket so the “High-Low” knob can be 
moved. The precise Zero beat adjustment 
can now be made very easily with the re- 
duction drive. 


Chapter V 


RF Signal Generators 


HAND CALIBRATE THE BC-221 
FREQUENCY METER 
Carl Henry 


At present many amateurs have an oppor- 
tunity that may not repeat itself. I refer 
to the many army and navy surplus frequency 
meters now available, through MARS and sur- 
plus sales. Many of these meters have the 
original calibration chart missing, and are con- 
sidered virtually useless, This is demonstrated 
graphically by prices, the frequency meters 
with charts costing $100, the meters without 
charts selling for one-third this amount. 
Meters without charts are worth more than 
this would seem to indicate. It is no great 
job to calibrate one of these meters, but it is 
time consuming. A little care is required, but 
you do not need to be a super technician or 
electronic engineer to da the job. Neither is 
elaborate equipment required. 


Essential to the calibration are several items 
not commonly available around the shack, but 
easy to build. Figure 1 illustrates the first 
requirement. This is a 10 ke multivibrator, 
which will operate from a 100 ke xtal cali- 
brator, and give 10 ke markers up to 20 nic. 
l am assuming here that you have or cuan beg, 
borrow, or steal a 100 ke calibrator. this being 
a common item. In fact, some receivers have 


them built in. Using this 10 ke marker source, 
the high band of the frequency meter con be 
calibrated. Interpolation to | ke points is then 
possible, and if care is used an accuracy of 
will result. 


better than 0.005; 


DOKE OS 


FILOO12W4C 


Figure 1. 10 ke multivibrator for use with 100 ke 
erystal oscillator, providing 10 kc beats with 
frequency meter, 
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rig. 2 shows a simple beat detector that can 
be used with earphones to get an exact zero 
beat. It took about ten minutes to wire up a 
1629 (army surplus magic eye tube) tempo- 
rarily for this purpose, and it is certainly 
worth while in the interest of increased 
accuracy. 

With your equipment assembled, connect the 
frequency meter to its power supply. Allow 
at least one hour for proper warm-up so that 
all equipment will stabilize, ineluding the 100 
ke calibrator and 10 ke multivibrator. Set the 
CALIBRATE control on the frequency meter 
to center, and be especially careful not to 
move it until the calibration is complete. After 
the warm-up period the 100 ke calibrator 
should be zeroed against WWV, at as high a 
frequency as possible, The 10 ke multivibrator 
must be checked to see that it gives nine beats 
between each 100 ke beat. This can be done 
with your communteations receiver, and it will 
be easiest to do it on as low a freguency as 
possible, say 600 to 700 ke. Now type several 
sheets of paper, listing the high range of 
your frequency meter by 10 ke points. If you 
are in doubt as to the range, check it with 
your receiver. To do this set the dial to the 
low end of its range, turn on the internal xtal, 
and zero in on the strongest beat at or near 
the low end. Turn off the internal xtal oscil- 
lator and find the signal from the frequency 
meter with your receiver. Note the frequency. 
Tune your receiver until you reach another 
harmonic from the frequency meter. The dif- 
ference between the first and second readings 
is the frequency of the meter at the low end 


Figure 2. A simple zero-beat indicator for use 
in conjunction with he idphones. 


of its dial, Now do the same thing at the 
high end, and you have the primary coverage 
of your frequency meter. Most have a range 
of 125 to 250 ke on the low band and 2 to 4 
me on the high band. 

When you write up the frequency range by 
10 ke points, leave a space between notations, 
since you will be adding information here 
later. Now, using the 100 ke xtal, check the 
high band of the frequency meter at 100 ke 
points, listing the dial readings. Now go back 
and cheek the dial at 10 ke points, listing all 
The cheeks should agree 
with the 100 ke checks at every tenth point. 
This is a handy method of cross checking 
yourself. You might note that on equipment 
of this type, always approach the final read- 
ing from below. If you pass the zero beat 
point, don't jockey the dial back and forth for 
Go back below the beat by 5 ke 
or so and approach again from below. This 


the dial readings. 


zero beat. 


procedure will help to eliminate error from 
dial backlash. 

After your 10 ke points are all listed, in- 
terpolate to 1 ke points, This is the hardest 
part of the job, and is very time consuming. 
A big pot of coffee and a patient and loving 
XYL will be a big help here. The patient XYL 
ean be replaced with an adding machine if 
you have one available, but you'll still need 
the coffee. 

The difference between each 10 ke point 
must be listed. Note this in the space you left 
on your sheets. Each 1 ke will be 10% of this, 
so add 10% to the 10 ke listing for 11 ke, 
10% more for 12 ke, 10% more for 13 ke, 
and so on. When you reach the next listed 
10 ke point, the calculated listing and the 
measured listing must agree, another cross- 
check. This will take 2000 individual additions. 

After the high band is finished, you may 
wish to calibrate the low band in the same 
fashion. Referring to Figure 1, change the 
grid-plate capacitors to 0.01 mfd. This will 
put the multivibrator at approximately 1 ke 
intervals. If you have trouble syncing the 
multivibrator, you may have to build another 
to operate at 10 ke, and sync the 1 ke from 
this. No trouble should be had with a strong 
output xtal calibrator, however. Calibrate 
the multivibrator as before, except with 1 ke 
intervals instead of 10 ke. 

A calibration book can be prepared when 
you finish. It is a good idea to file all your 
original calculations and papers, should the 
book ever be destroyed. The frequency meter 
is now as good as any with original calibra- 
tion book, at a good saving of money. 


HIGH ACCURACY VHF FREQUENCY 
MEASUREMENTS 
Howard Burgess WSWGE 


Accurate frequency measurements can be a 
problem for the amateur with a limited budget, 
However with some home construction and 
careful operation the average ham can make 


VHF frequency measurements to an accuracy 
better than .00015% at two meters. This is the 
equivalent of measuring the distance from New 
York to Los Angeles with an error of only 
25 feet. Many commercial units cannot equal 
this figure. The same method can also be used 
for HF and UHF measurements, 

There are many ways to measure frequency 
but few of them are satisfactory for use at the 
very high frequencies. The well known hetro- 
dyne frequency meter becomes unstable when 
its oscillator is operated at VHF, It can no 
longer be held or read to any degree of accu- 
racy, The oscillator can be operated at a low 
frequency and one of the harmonics used at 
VHF, but any error in the oscillator will be 
multiplied by the number of the harmonic 
used. A frequency meter that can be held to 
within 200 hertz at 4 MHz will be off by 7.4 
kHz at the 145 MHz harmonic, 

A second method of much greater accuracy 
uses low frequency crystals which are refer- 
enced to a known standard such as WWW, The 
harmonies of these oscillators will be quite 
accurate and useful far into the UHF region. 
However this system has its limitations. Even 
when used with multivibrators and harmonic 
amplifiers it produces only spot frequencies. 

Although neither of these two methods is 
satisfactory when used alone, they can be 
combined to make an accurate and versatile 
system. If you haven't guessed it by now, the 
system works like this. A crystal oscillator 
operates on 5 MHz. This oscillator can be kept 
to zero beat with WWV with very little effort. 
With a simple harmonic amplifier following it, 
strong markers are available every 5 MHz far 
into the UHF region. To fill in between the 5 
MHz points, and get full tuneable coverage, all 
that is required is to add the output of a stable 
law frequency VFO to the proper marker, 
Example: To measure 146,25 MHz just add 
1.25 MHz from a calibrated tuneable oscillator 
to the 145 MHz harmonie of the crystal. The 
same results can be had by using the 150 MHz 
marker and substracting 3.75 MHz. 

The tuneable low frequency oscillator of this 
hetrodyne system can be any stable, calibrated, 
oscillator that will give the desired frequencies. 
A good signal generator can be used but better 
vet is the old faithful BC-221 frequency meter. 
The crystal oscillator that supplies the 5 MHz 
markers should be designed for high stability. 
However, even simple crystal-controlled units 
can be kept zero beat with WWY for periods 
long enough to make most measurements. 
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Fig. 2. Schematic of the escillator, 
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Fig. 1. Block diagram of the WHF frequency meter. 


Earlier we quoted a figure of .00015% or 
better for the accuracy of this system. Perhaps 
we should show how this is possible. The 
crystal oscillator can be held to near zero beat 
with WWV but due to propagation errors in 
the signal of WWW, we can never be sure that 
our crystal is closer than 2 parts in 10 million. 
This would be 2 hertz of error at 10 MHz 
or an uncertainty of 29 Hz in the 145 MHz 
marker, The BC-221 is normally considered to 
be a .05% instrument. This would be an error 
of about 1.75 kHz at 3.5 MHz. However with 
care in calibration, and reading it is not diff- 
cult to reduce this value to 200 hertz or less. 
In a hetrodyne system the error of the VFO is 
not multiplied at VHF but is just added to the 
error of the crystal marker used. 


The total error at 2 meters is 29 Hz con- 
tributed by the crystal and 200 Hz by the VFO 
for a total of 229 Hz. This is a little more 
than 1.5 hertz per million hertz for a tuneable 
system. OF course these values are approximate 
and with careful operation they can be re- 
duced by 50% or more. 


In the 146.25 MHz example used earlier, 
the VFO was required to furnish less than 1% 
of the total output. To put it another way, the 
only wobble is in the smallest cog and its 
contribution is so small it can't shake up the 
machinery too much. 


The circuit shown in Figs. 1 and 2 has been 
used for monitoring MARS, CAP, and several 
other services. The crystal oscillator is quite 
stable but can be tuned enough to zero with 
WWY. Tuning is done with Cl. One stage of 
harmonic amplification is sufficient to give 
strong signals well above 150 MHz, The plate 
circuit of this amplifier stage is tuned to the 
harmonie to be used. This feeds one input 


F 
0 Mi 


multipliers and mixer for using a BC-221 on the WHF ham bands. 


grid of the mixer. The other grid of the mixer 
is driven by the output of the BC-221 fre- 
quency meter. The tuned circuit shown in this 
grid resonates broadly in the 2-4 MHz range of 
the BC-221, This helps to keep the higher 
harmonics of the BC-221 out of the mixer. 

The output of the mixer is resonated to the 

desired operating frequency. This will be 

either the sum or difference of the two input 
signals. The level of the output signal can be 
controlled by R6. 

Operation of this system is simple. The 

“cook book” would read as follows: 

1. Couple the output to the antenna of the 

VHF receiver, 

2. Determine the crystal harmonic and VFO 
frequency that will give the frequency of 
the signal to be checked. 

3, Tune the VHF receiver to the signal to 
be checked. 

4, Tune the BC-221 until the output of the 
frequency monitor zero beats the re- 
ceived signal. 

5. If required, peak the tuned circuits in the 
monitor for maximum output and adjust 
R6 as needed, 

G. The frequency of the received signal 
will be the erystal harmonic plus (or 
minus) the reading of the BC-221. 


Many details cannot be covered in one story 
due to lack of space. The operator will have to 
determine the most effeceive method of 
coupling to this particular receiver. He will 
also have to explore the many combinations 
of frequencies which can be used. These and 
many other questions cannot be included at 
this time, However those who require such a 
system as this will probably be capable of 
hlling these details, 

One word of caution is in order. With two 
oscillators that are rich in harmonics, there can 
be many unwanted “birdies.” These present no 
problem after the operator has gained experi- 
ence but the new user should be very cautious. 
Many times an unwanted beat can be elimi- 
nated at a critical spot by changing the two 
frequencies that are being mixed (shift from 
sum to difference). 

Perhaps we should emplusize that this 
system is a “trade off” where the amateur can 
trade his skill and patience for highly accurate 
measurements with simple equipment, 


A TRANSISTORIZED LM METER 
Charles Landahl WS5SOT 


T: last word may never be written 
a about the BC-221 and LM frequency 
meters. The LM is particularly attractive 
hecause it 1 in the smaller package. With 
transistors replacing tubes, it has features 
most everyone wants — it is rugged, port- 
able, and accurate, to name a few, 1 will 
describe a conversion of an LM-15 fre- 
quency meter in which field-effect trans- 
istors replace tubes; the power supply 
becomes a standard 9V transistor radio 
battery and the current drain is less than 3 
mA when all functions are energized. In 
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Fig, 1, Modified schematic of frequency meter. 


addition, | offer calibration information 
which will be of interest to anyone having 
a BC-221 or LM without the official 
calibration book. I bought an LM-15 for a 
temptingly low price (Fair Radio Sales Co., 
Lima, Ohio, $14.95). The set is sold in the 
“as 18% condition with tubes and crystal 
but without calibration book, IM is a good 
idea, bul not necessary, to start with a set 
which is working before making the change 
to FETs. Resistance measurements will 
show if the circuits are complete. Impor- 
tant values are marked on the schematic of 
Fig. 1. 


Smash Tubes 


The most difficult part of my conver- 
sion was getting up the courage to smash 
the tubes! 1 wanted the bases for mounting 
transistors. Place the tubes one al a time in 
a paper sack, hold the top closed and with 
a metal object, strike the glass through the 
paper. The flying glass is caught and 
collected for disposal. Scrape and clean the 
mastic from the inside of the tube bases, 
Should you choose to mount a transistor 
socket in the wall of each tube socket, vou 
can use the original wires; otherwise, un- 
solder the old wires and replace the needed 
ones with about 2 in, of sturdy new tinned 
wires. The appropriate tube base pin con- 
nections are Actually 
there is no preferred mounting scheme. Use 
whatever appeals to you. 

Check for clearance between socket and 
walls. My conversion used transistor sock- 
ets mounted on metal plates which were 
bolted to the wall of the salvaged tube 
bases. This allowed FET substitution to 
determine which ones would work best in 
the several circuits of the LM. All FETs 
used are N-channel. 


shown in Fig. 2. 
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Modification 


With cover removed and the LM in the 
upright position, front panel toward you, 
on the left side wall, look through two 
oblong machined slots and see mounted on 
a phenolic board a 50 kíl plate resistor. 
Parallel it with about 6 ki. Turn the LM 
upside down, panel toward you. On the 
underside, two resistors must be shorted 
and a jumper wire made up and connected. 
Short R115, which is a 15 k£1 wirewound 
resistor, quite visible on a phenolic board 
at the left of the 1000 kHz crystal can. 
Run an insulated wire from a terminal of 
this shorted resistor to the 260—470V tap 
contact of the link switch. This wire can be 
about 6 in. long and conveniently passes 
through a slot behind the crystal 
socket, The link switch and its terminals 
are on a phenolic board in the compart- 
ment aft of the erystal socket. The jumper 
wire wall cross near the erid resistor, R109, 
of the crystal oscillator, While there, 
change the 100 k§2(R109) to | MU, Next, 
unfasten the screws holding the phenolic 
board located to the left of the power plug. 
Tip up the board and short across R108. 
This isa 20 kí? composition resistor which 


wall 


is in the plate voltage line to the audio 
amplifier. Also, at the power plug, locate 
pin 346. Short it to chassis ground. On most 
sets pin 36 is the ground return for the vío 
The circuit was closed through 
external connections in a power supply. 
You have completed the surprisingly few 
changes needed to make the LM work on 
FETs and a 9V battery. 


cathode. 


The VFO 

With FET source connected to pin 5, 
drain to pin 2, can to pin 1 (if needed), 
plug the FET into the vfo socket. Connect 


a solid wire between terminal E109 and the 
gate of the FET. (Terminal E109 held the 
grid cap wire for the vfo tube.) Connect a 
9V battery to the power plug pins. PLUS 
to 26 and MINUS to terminal 41, If you 
have a milliammeter in the battery lead, it 
should read about 1.5 mA when you turn 
on the FIL and PLATE switches, Provided 
you were fortunate in the choice of FET, 
you should hear a clear CW signal in your 
receiver. Set your receiver to 2 MHz or 4 
MHz. You may need to connect a wire 
from the rf coupling post on the front of 
the LM to your receiver antenna. Rotate 
the LM dial between 0300 and 0600 on the 
readout. Your vfo will be on the low end 
of 125-250 kHz or 2-4 MHz depending 
on the position of the low or high band 
switch, The XTAL and MOD switches 
should be off. The FET selected for the vfo 
may require a 47 k£2 resistor between pate 
and chassis ground. I found this to be true 
for the RCA 3N128, 3N 142 and one of the 
two 40559A FETs. On the other hand, one 
RCA 40559A and one of several 2N 3085 
silicon N-channel FET from Poly-Paks 
worked beautifully without adding 47 kQ 
to the gate, 

Apparently junction and insulated-gate 
field-effect transistors have slightly differ- 
ent characteristics which show up in this 
peculiar vfo circuit. My own choice is the 
3N128 with the additional resistor on the 
gate. You may find it necessary to “tune” 
the source, drain, and gate resistances in 
order to have your vfo working well with a 
particular FET. I used potentiometers 
across the various elements to arrive at the 
recommended values. My vfo works reli- 
ably from 10V down to 6V and the 


maximum drain current is 1.5 mA. 
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Fig. 2. Suggested semiconductor hookups for 
tube sockets. 


Caution 


Other oscillator hook-ups may occur to 
you, and they will work — but the tuning 
range and linearity of the vfo will suffer! 
Linear tuning is most important, so stick 
with that shown, 


The AFO and AF Amplifier 


The audio oscillator and amplifier 
wasn't as fussy as the vfo. I used a Radio 
Shack 276-664 FET — it is said to replace a 
C-610 or 2N3088. I found that the Poly- 
Paks “hobby” FET 92CU588 will work 
equally well. In making up the socket, gate 
goes to tube pin 3, source to cathode pin 4, 
and drain to plate pin 2. That is all there is 
to this one, Plug in the FET. When you 
next turn on the 9V power, the milliam- 
meter will barely increase a few hundred 
microamps as you switch on the modula- 
tion control. At this moment a rather 
pleasant 500 Hz tone will appear on the 
vio frequency no matter which harmonic 
you have tuned in on receiver. Your 
modulator is finished. The audio amplifier 
is too, for that matter. You just won't hear 
anything in the headphones until you 
complete the crystal oscillator and the 
mixer circuits. 


Crystal Oscillator 


The reference oscillator is not much 
trouble. You have already changed the gate 
resistor from 100 kQ to 1 MQ. Actually 
this change may nol be necessary because 
some crystals are more active and will 
oscillate well with the original resistor. 
Mine went into oscillation better with the 
higher value. The FET you select for this 
circuit can be one of several. Mine is a 
Motorola MPF-107. I found the Radio 
Shack 276-112 and the Poly-Paks 2N3085 
also work, but draw more current. Which- 
ever you choose, the gate connects to base 
grid pin 5, source to cathode pin 6 through 
a 2.2 K£2 resistor. Drain hooks to plate pin 
4. 

Now, when 9V is turned on, MOD off, 
XTAL on, you should hear the crystal 
oscillator signal every 1000 kHz on your 
receiver. The milliammeter should increase 
about 1.5 mA or less when XTAL is turned 
on. If you don’t hear the crystal frequency, 
bring the receiver antenna wire close to the 
crystal FET. We still haven’t made the 
connection which adds the crystal- 
oscillator signal to the rf coupling post on 
the front of the LM. Assuming you have all 
circuits in working order up to this point, 
we move to the mixer. 


Mixer 
There is no single FET substitute for a 
pentagrid converter tube. The dual-gate 


MOSFET comes closest; however, use of 
one would have defeated my goal of 
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simplest conversion. Therefore, four 
N-channel FETs are needed to do the work 
of three tubes, but what a saving in power 
supply! The mixer concerns itself only 
with beat frequencies occurring between 
the reference oscillator, vfo, or an external 
signal —all audio work. Thus, a hobby 
FET was selected. | used the Poly-Paks 
N-channel FET. A Radio Shack C-610 
replacement will also work. Connect source 
to chassis ground through pin 6 of the tube 
socket; the drain connects to plate pin 2, 
gate to mixer grid cap wire through the lug 
in tube socket wall. 

Finally, connect a capacitor (200—300 
pF) from the top of the 2.2 kQ crystal 
oscillator source resistor to the gate of the 
mixer FET (grid cap wire), You are in 
business. 

With 60022 phones plugged into the LM, 
you should hear all the necessary beat 
frequencies occurring between the vfo and 
the crystal oscillator as you tune the vfo 
through its range. XTAL must be on and 
the MOD switch off. Otherwise, the audio 
amplifier becomes the modulator and you 
hear nothing in the LM phones. 


What Next? 


With the beat notes loud and clear you 
are ready to calibrate. This is quite the 
most fun part of the work because the 
linear tuning rate of the LM is almost 
unbelievable. The slow rate is due to the 
series combination of the A section of 
C109, C101, tuning LIOI or L102. The 
amount of the matter is that one revolu- 
tion of the 100-division circular dial pro- 
duces about 3 kHz change on 125-250 
kHz range, and about 50 kHz per revolu- 
tion on the 2-4 MHz range. The actual 
calibration of my unit was 2.89 kHz and 
45.17 kHz per revolution, 

The linearity can be checked by how 
little you need to vary the “corrector” for 
each zero-beat checkpoint. Each LM or 
BC-221 will be slightly different. Now, 
when you consider that the vernier allows 
you to split one division into tenths, then 
it is clear that you can set a frequency to 
better than 0.5 kHz over the range of the 
frequency meter, May | repeat: 

| dial revolution of 

100 div= 45.17 kHz 

| division = 0.4517 kHz 

1/10 div = 45 Hz 
Therefore, all you need is a checkpoint at 
which to zero the vfo and start counting 
revolutions, divisions and tenths of divi- 
sions to accurately sel any frequency with- 
in the two ranges of the vio. | found it 
useful to construct graphs on K&E 358 
IIL graph paper. The grid is 10 X 10 (per 
0.5 in.). The paper has 20 units vertical and 
30 horizontal. This allows graphing 100 
division and leaves room for 10 vernier 


divisions on the right hand end of the 
paper. Use the crystal checkpoints listed in 
Table I to locate vour dial settings. Once 
graphed, a frequency can be selected di- 
rectly from the chart, or, depending on the 
accuracy desired, interpolated between 
checkpoints. 


Table I. Crystal Checkpoints 


Approximate 


Dial 
KHz VFO XTAL Settings 

Low Band 
125 a 1 0320 
150 20 3 1192 
166.667 6 1 1750 
200 5 1 2935 
222.222 g 2 3700 
250 4 1 4647 

High Band 
2000 1 2 0396 
2250 4 9 0945 
2500 2 5 1493 
2750 4 11 1050 
3000 1 3 2606 
3250 4 13 3150 
3500 2 7 3711 
3750 4 15 4262 
4000 1 4 4812 


It is obvious from this discussion that 
the low band of the LM is fabulous. You 
can squeeze down to about 3 Hz by use of 
the vernier scale, By the way, hidden 
behind two cover plates just beneath the 
corrector knob, are “high” and “low” 
padder capacitors. These were used when 
vfo tubes were replaced to bring calibration 
book values into usefulness. The padders 
should be set near the middle of their 
range, 


Make it Handy! 


Fasten a handle to the case, strap on a 
9V battery, go forth and have fun with 
your rejuvenated frequency meter. I use 
mine for its intended purposes as well as a 
band-edge marker and keying monitor, 


AN LF SPOTTER 
Howard Burgess WSWGF 


If you have ever tried to find the if fre- 
quencies of unfamiliar and inoperative pieces 
of surplus gear with no schematic, it is a waste 
of time to tell you how rough it can be. Even 
a single if transformer from the junk box can 
be a problem if it has no part number or 
identification, 

Of course in some cases a grid dip meter 
can be used to find the operating frequency. 
However, few grid dippers cover the important 
if frequencies below 2 me. To complicate 
things, if a dipper is used on a shielded trans- 
former above 2 me, the resonant frequency of 
the transformer may be shifted if the shield is 
removed, 

If these problems sound familiar to you, we 
would like to suggest a little gadget that can 
help solve them. With just two resistors, two 


The if spotter, The switch for changing the 
coupling capacitor is at the upper left 
marked “HI” and “LO.” The posts on the 
end are X1 and X2. 


capacitors, and a tube, don't expect it to give 
a digital read-out to all your questions, but it 
can put you in the ball park. 

The principle of operation is as simple as the 
construction. The tuned circuit in question is 
merely made to oscillate at its resonate fre- 
quency. The frequency can then be determined 
by tuning in its radiated signal on the ham 
receiver. To set the unknown coil into oscilla- 
tion requires the use of a simple “two terminal” 
oscillator. Such an oscillator is shown in the 
schematic of Fig. 1. When any tuned circuit is 
connected to the two points marked X, the cir- 
cuit will oscillate at its resonant frequency, 

In this oscillator the twin triode is a tube 
such as the 12ATT. The section V2 furnishes 
the necessary feedback and eliminates the 
need for extra coils or feedback connections, 

The construction is simple. The unit could 
have been built in a larger case with its own 
power supply and would have become a nice 
piece of bench equipment. However, due to the 
few parts required and the small amount of 
plate power used (3 mils at 90 volts) it was 
built as an overgrown probe. The power is 
robbed from another piece of test equipment 
or the receiver. 

As a probe it can be used on the work bench 
to test individual coils and transformers or it 
can be held in contact with the various trans- 
formers in a receiver. 

There is only one point of caution that 
should be observed in construction. The lead 
from the grid contact of VI to the XI post 
should be kept as short and direct as possible 
with the least capacity to ground. This lead 
becames part of the oscillating tuned circuit 
and limits the upper frequency to which the 
unit will operate. 

The coupling capacitor from the grid of V1 
to the plate of V2 furnishes the feedback re- 
quired to maintain oscillation. To reduce the 
loading on the tuned circuit, this capacitor 


should be held to the smallest value that will 
sustain oscillation. Because of the wide range 
aver which this instrument operates, a switch 
is provided to change values. With the capaci- 
tors shown, operation is possible from about 
60 me down to well below 50 ke. The larger 
value is used at the lower frequencies and is 
switched in only when required. With coils 
of medium © the switching point is around 
3 to 5 me. 
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The connectors X1 and X2 can be almost 
any kind of posts. The ones shown on the unit 
here are banana plugs. These can be used as 
test points, or alligator clips can be slid over 
them for use in clipping to coil leads. 

The meter shown is a three mil meter and is 
used to read the total plate current of both 
halves of the tube. This will indicate when the 
circuit is oscillating. When the tester is not 
oscillating the meter will indicate a current of 
about 1 mil (with 90 plate volts). Under oscil- 
lating conditions the meter will rise to as much 
as 3 mils with a high Q coil. The actual amount 
of current is not so important as the fact that 
the upward shift indicates that the coil is not 
open and is oscillating. A 5 or 10 mil meter will 
serve the purpose just as well. 

As the pictures show, this unit was built in 


FIGURE | 


Circuit diagram of the if spotter 


01 Ceramic capacitor 

50 pt Mica capacitor 

10 pf Ceramic 

68 K 15 watt carbon resistor 

22 K 1 watt carbon resistor 
Millommeter in range of 3 to 10 ma 


Slide action Double Pole-Single Throw 
switch (51) 
2 Bonona plugs [xl and x2) 
¡LAT tube 
Minibox (size depends on type of meter 
used) 


9 pin miniature tube socket 


asmall 5" x 3x2” box. The unit will work just 
as well if it is built on a small piece of peg 
board with a couple of leads run out to the 
multimeter. This is for the man in a hurry. 


When the unit is finished, apply power with 
the “X” points open (no coil across them). Be- 
cause of the open grid of V1, the meter will 
drift about. After the tube has had time to 
warm up, short the X posts with a heavy piece 
al bus or copper, The meter will now come to 
rest somewhere around 1 mil. This is the “no 
oscillation” current and should be kept in mind 
as a reference point for future use. Now re- 
move the short and connect almost any kind of 
an LC circuit across the posts. The meter read- 
ing will now rise from the “no oscillation” 
value indicating that the coil is oscillating. Do 
not use the large coupling capacitor unless 
the circuit refuses to oscillate with the smaller 
value, 


To check a single if transformer, all that 
is necessary is to hook one of the tuned coils 


Checking on if transformer 


Inside view showing extreme simplicity of 
the “Spotter.” The tube is mounted at an 
angle to keep the grid lead to the “un- 
known’ as short as possible. 
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Close up of tube socket showing ports 
placement. 


lo the input terminals of the tester. Some 
transformers have a number of terminals 
which may not go directly to the tuned 
circuit inside. To obtain oscillation there 
must be both a de and an rf path between 
the two pots. 

If the transformer is one whose frequency 
falls in the range below the broadcast band it 
is quite convenient to have one of the surplus 
receivers that covers the range down to 200 ki 
However the check can still be made with a 
regular broadcast receiver. All that is neces- 
sary is to find the harmonics of the tester as 


they fall in the broadcast band. They will be 
separated by a value equal to the frequency of 
the coil being tested. As an example, if a 
signal is spotted at 900 ke and the next one 
higher is found at 135 ke, it is a pretty good 
bet that the transformer is operating on 450 ke 
(1350 — 900 = 450). 

To find the operating frequency of an if 
stage it is not necessary to have the amplifier 
in operating condition or the tubes hot. Just 
connect the two contacts across the primary or 
secondary of the transformer in question and 
watch for signs of oscillation on the meter, 
Some transformers have a partion of the bias 
system inside of the can. This can usually be 
overcome by connecting the tester from grid 
to ground of the tube in the stage being tested. 

In addition to checking transformers it can 
also be useful in testing the range over which 
a transmitter tank will tune. Just make sure 
that the high voltage is turned off and connect 
the probe across the tank to be tested. Now 
vou can tune the tank and follow its entire 
usable range with the receiver. If the tank 
being checked happens to be the final, the 
meter on the probe will indicate when the 
antenna is brought into resonance. 

This little tester was built to do just one 
thing—sort out some old ifs in the junk box. 
After we tried it we found that it would do u 
lot of useful chores around the ham shack. 
With proper care and feeding, it ean probably 
learn to do tricks that we haven't even thought 
af. 


430-470 kHz SWEEP FREQUENCY 
GENERATOR 
Edward Lawrence WASSWD 


Here isa simple sweep frequency generator 
for aligning the most common if strips. The 
unit has only one transistor because the sweep 
voltage is taken from the oscilloscope it is 
used with. Most general purpose oscillo- 
scopes have a sawtooth output jack. By using 
this sawtooth, the frequency is locked to the 
position of the trace. 

The oscillator is made to deviate in fre- 
quency instep with the voltage applied to the 
base bias circuit, cither the sweep voltage or 
the de voltage applied at the control point. 
If no sweep or control voltage is applied, the 
oscillator runs at the center frequency, and 
may be used as a conventional signal genera- 
Lor, 

The 2.5 mh choke and the two 150 pf 
capacitors form a very broad tank circuit, 
so it is easy to FM the oscillator without a 
great change in amplitude. As to how the 
change in base voltage causes the frequency 
shift, | am not quite sure. All I know is that 
it is quite linear and is a positive shift (Fig. 3). 
That is, an increase in base voltage causes an 
increase in frequency. Also, a change in col- 
lector supply voltage will shift the frequency, 
so be sure lo use a stable supply. 

Since an rfc is used as part of the tank, 
you may have to compensate for a variation 
in center frequency by changing the 150 pf 
capacitors to some other value to get 455 
khz as your center value. 
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APPLIED DE 
SAWTOOTH SWEEP 


CONTROL 


Fig.1. Sweep generator circuit diagram. 


If you do, then run a plot of de control 
voltage vs frequency and adjust the voltage 
divider R2 and R3 so that 1 volt P-P at the 
sweep pot wiper gives plus and minus 5 khz 
(10 khz total). This is not as hard as it 
sounds. Just listen for the harmonics on a 
broadcast band radio. For instance, the sec- 
ond harmonic of 430 khz is 860 khz, and the 
second harmonic of 470 khz is 940 khz, both 
handy on the BC radio. Note the de voltages 
at the control point required to obtain these 
frequencies. Take the difference and divide 
by four. The answer is the P-P voltage re- 
quired to shift the oscillator plus and minus 
5 khz. Then apply a low, known ac voltage 
to the wiper of the sweep pot with the switch 
in the sweep applied position. Adjust the 
value of the divider resistors to get the proper 
fraction. In my case it was 0.43. 

It is advisable to run the sweep rate as 
slowly as possible, in order to display the re- 
sponse curve as accurately as possible. The 
sharper the skirts, the more slowly the gener- 
ator must pass through the bandpass. With 
this generator, the amount of frequency devi- 
ation is controlled by the P-P amplitude at 
the sweep pot arm. If you are looking at the 
response of a regular ff, you would set the 
sweep amplitude high to see the entire re- 
sponse curve. As far as an accurate display is 
concerned, this is fine, since the slope of the 
skirts is shallow. But if you were looking at 
the response of a sharp filter, you could not 
tolerate such a wide sweep, because the fast 
rate-of-change would tend to skew the dis- 
play. To correct this, reduce the sweep am- 
plitude to reduce the frequency deviation 
down to the edges of the skirts of the re- 
sponse curve. This reduces the rate of change 
and minimizes the skewing of the display. 
Also, it is better to display the if before de- 
tection, if possible, to prevent the detector 
time constant from possibly distorting the 
display. 

If you have the sweep generator sel up as 
described, then it is easy to set the sweep for 
a known deviation, and then procede to read 
the 3 or 6 db points from the face of the 
scope. Be sure to disable the AGC for this 
test. 

For those who aren't familiar with the set- 
up for obtaining the response curve display, 
refer to Fig. 2. and the following outline. 
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Fig.2. Interconnections of sweep generator. 


First, hook up the equipment as in Fig. 1 
Set horz gain for desired sweep width. Adjust 
sweep amplitude pot on generator for de- 
sired frequency range. Set output level to 
mid-range. Adjust the vert gain for the desir- 
ed pattern height. 

If we wish to change the total frequency 
deviation and the horizontal display width at 
the same time, use the scope's horz gain con- 
trol. This presumes that the amplitude of the 
sawtooth output is also varied by the horz 
gain control. 

If we wish to change the frequency spread 
and not change the width of the scope dis- 
play, adjust the sweep amplitude control. 
This allows you to take a better look at the 
sidelobes or any ripples in the passband, de- 
pending on how the controls are adjusted. 

You don't have to use a sawtooth to sweep 
with if it isn't handy. 

Sixty hz can also be used, but it will pro- 
bably skew the passband you are trying to 
display, so 1 don't recommend it. One note 


here: when the sweep generator is first turn- 


ed on, or the setting of the sweep amplitude 
is changed, the frequency will drift for a few 
seconds. This is due to the charge on Cl 
changing to a new level, Cl is large to couple 
the low frequency sweep with as little distor- 
tion as possible. 
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Fig.3. Sweep frequency vs de voltage. 


DC CONTROL VOLTS FREQUENCY 
5.86 430 
6.27 410 
6.69 450 
6.90 455 
Pie 460 
7.33 465 
7.55 470 


AN ARMSTRONG SWEEPER 
Al Donkin W2EMF 


Sometime ago while experimenting with 
S5B crystal filters at 480 ke, it occurred to me 
that a manually swept Armstrong oscillator 
with a pot coupled to the tuning capacitor 
for ‘scope sweep voltage would save point by 
point frequency measurements with a BC22] 
while adjusting the filter for minimum in-band 
ripple. A circuit was hurriedly developed, 
and the results were even better than expected. 
Simple though it may be, Um sure anyone 
who is working with crystal filters will appre- 
ciate its usefulness. The effects of tuning and 
“diddling” were immediately visible in the in- 
band ripple and the skirts down to about 20 
db could be observed with a few twists of the 
knob. 

With this encouraging experience, a sturdier 


model was constructed. The circuit was as: 
sembled on a small piece of Vector-board, 
with the tuning capacitor and batteries mount- 
ed in a 3xX7x3" aluminum chassis. An alu- 
minum bracket was bent to hold the “sweep” 
pot and mounted behind the tuning capacitor, 
spaced to accomodate the mechanical shaft 
coupling. The Vectorboard was also mounted 
on the bracket. 

The oscillator circuit is simple, using a | 
mh rfe for the tank inductor. The range of the 
circuit as shown is about 400 ke to 500 ke, al 
venter frequency. The tuning capacitor is a 
Hammerlund MC-50-M with two of the 
rator plates removed, resulting in a range of 
approximately 7-25 mmfd. An untuned ampli- 
fier provides isolation of the oscillator from the 
reactance of the load, T used 2404 transistors 
but most PNP if transistors will work. 

In addition to sweeping crystal filters, [ have 
found this ttle box handy as a general pur- 
pose low frequency oscillator and sweeper for 
reveiver ifs. The persistency of most oscillo- 
scapes produces a much better display than 
might be expected, and it certainly beats the 
point by point method of plotting Glter re- 
$pPondses. 


A NEW BROOM 
Dick Gridley K6JHJ 


This unit is a sweep generator of simple 
design, with many uses, Besides being useful for 
filter alignment, as shown in the diagram, it is 
useful for optimizing receiver and transmitter 


performance, 
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FILTER 
TO BE 
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The heart of the rig is an inexpensive item 
called the Vari-Cap by International Rectifier 
Corp. Two are discussed here, the 6,.85C20 
and the 100802, The 6.88020, according to 
the manufacturer, will vary its capacitance 
from 50 mmfd at .lv to 2.5 mmfd at -200v. 
The 1008C2 will vary from 600 mmfd at .lv 
to 100 mmfd at -10v. These units each cost less 
than $3.00. The construction is not critical in 
any way, nor is layout a problem—just use 
good ham practices. Any power supply de- 
livering 150 v de at 60 ma regulated will do. 
The oscillator tank must be grounded and I 
did have some trouble until I removed the un- 
used winding from the 455 if transformer used 
for the oscillator tank. 


Sawtooth energy is applied to R1 which 
regulates the amount to be amplified by V1. 
R2 linear control merely puts a portion of 
regulated voltage on the Vari-Cap and thus 
sets the capacity of Vari-Cap close to its 
center, so the sawtooth pulse creates a linear 
frequency swing. This circuit gives about 6 ke 
sweep. I have used TV horizontal colls for 
Li and increased El and C2 to .003 for 85 ke 
and 50 ke operation. However, to get enough 
awing at low frequency, the Vari-Cap 
changed to a 100 SC2. For 200 ke to 10 me 
the 6.85020 pives plenty of sweep. 


Was 


A note here about scopes, Most of the aver- 
age do not go below 15 cycles and the sweep 
rate should be about 10 ecyeles. Some do not 
have a sawtooth output jack. The sawtooth 
output can be picked off the syne circuit. I 
found the best point is on the feed side of the 
syne pot through a .25 mfd capacitor. Some 
scopes have a couple of jack pins to add ca- 
pacity externally, some don’t. You will find 
little trouble adding about .25 mfd across the 
slowest speed, 
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The use of the rig is simple. Plug the lead 
from RI into the scope's sawtooth output. 
Couple the output from the cathode follower 
section of V2 to the filter input through a .001 
mfd capacitor. The vertical input of the scope 
is connected to the filter output through an rf 
probe, Adjust R1 and R2 about 2 open. With 
C3 about 4 meshed, adjust the trimmer in the 
if can to put you in the ball park, and then 
use C3 for fine adjustments of frequency, Ad- 
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ditional minor adjustments of RI and R2 may 
he necessary. Of course, when used to align 
a receiver, the diode probe is unnecessary if 
the input to the scope is picked off of the 
diode detector, It goes without saying that it 
is necessary to plot an index for the scope 


bezel so that a ready reference is available 
for band pass width and depth of skirt. 


Some one now says “This is just like setling 
ye old TV—if band pass.” That it is. The only 


difference here is the frequency and the sweep 
generator cost was junk and $5.00, 


The unused switch, shown in the photo, was 
installed to select one of three frequencies. 
However, this rig has been used on about six. 


I don't think I ever will decide which three to 


use. The unidentified tube is a GUS used as a 
1 ke audio oscillator with cathode follower 
output. 


LOW COST SIGNAL SOURCE 
Howard White VE3GFW 


po many years the Measurements Cor- 
poration Model 80 signalgenerator has 
been the industry standard for tuning rigs. 
Many hams have wanted to have a labo- 
ratory-grade signal source of this type but 
the $800 price tag is prohibitive. This ar- 
ticle describes a signal source that has 
many of the same features as the 80 ex- 
cept that it only costs 1% as much. That’s 
why I call this the Model 0.8. 

You wonder at some of the features of 
the marvelous little device? To briefly list 
them, it has: 

e Variable output from about 80 nV 

to 50 mV of rf power. 

® Frequency range from I|.8 to 450 
MHz so you can cover 160 through 
44 meters. 

e Crystal-control frequency stability. 

® Fairly clean output signal. 

e A 512 antenna load. 

è Safety feature to prevent the destruc- 
tion of the device in case a trans- 
mitter is accidentally loaded into it. 

The Circuit 


The circuit is the combined brainchild 
of many ham engineers and technicians in 
our local 2m FM club — the Toronto FM 
Communications Association. More than 
300 of these units have been built in the 
past two years, so the circuit has been 
exceptionally well tested in the field. 
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The unit consists of a single 2N5130 
NPN transistor oscillator configuration. 
Other transistors, such as the 2N706, can 
be used in this circuit with slightly differ- 
ent biasing arrangements; however, the 
2N5130 appeared to give the cleanest 
output signal. 

Output level can be varied from less 
than 80 nY (the best we could measure) 
to 50 mV. It is controlled by a 1 kf? pot 
in the transistor collector circuit. Power is 
obtained from a 1.5V penlight cell by- 
passed for rf by a 0.1 uF capacitor, 

My present “0,8” signal source has 
been used intermittently for more than a 
year without any degradation of output. 
However, remember to shut the unit off 
when you're finished with it; the battery 
doesn't last forever. 


Fig. 1. Schematic diagram of the "Point Eight” 
Signal Source, the “poor man’s Model 80,” 


The unit is buill on a PC board. The 
parts layout is almost exactly the same as 
that of the schematic shown in Fig. 1. 
The electronic components are placed on 
the copper side of the board. The on-off 
switch-level control, frequency adjust- 
ment, output jack, and crystal socket are 
on the other side (Fig. 2). The unit can 
be packaged in a minibox. 

Almost any crystal in the 1.8-12 MHz 
will oscillate in this unit. The output is 
tich in harmonics to 450 MHz, so you 
can tune up any receiver from 160 to % 
meters, 

The output impedance of the signal 
source is 5142, a value which simulates a 
perfect antenna load to the receiver. This 
is the manner in which this is accom- 
plished: A 5142, “AW resistor is connected 
across the terminals of an RCA phono 
jack, No physical connection 1s made to 
the circult except through the common 
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Fig, 2. Minibox layout of the signal source 
panel. 
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8. In the blank graph shown in Figure 7.23 

plot V out versus fin with the voltage on the 
vertical axis and the frequency on the X axis. 
The curve should have the same shape as 
the curve shown in Figure 7.20 . 

Figure 7.23 
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Expected Results 
Figure 7.24 shows the breadboarded circuit 


for this project. 
Figure 7.24 


ground of the PC board. The maximum 
output level depends on the lead lengths 
of the resistor. (The unit has plenty of 
output when the lengths are about % in. 
long.) This design has an added safety 
feature, too; if by accident you load a 
transmitter into the unit, all that is 
destroyed is the 44W resistor. 


Operation. and Uses 


These units were originally designed to 
tune up 2m FM receivers. The procedure 
is quite simple. You connect the signal 
source to the antenna input on your 
receiver, Plug in a transmit crystal, and 
adjust the frequency control for a zero 
reading on the discriminator. Adjust the 
output level to the desired signal strength 
(below first limiter saturation) and tune 
up the receiver. 

There are a myriad of other uses for 
the signal source. Using a 3.5 MHz erys- 
tal, you have a band edge marker. With 
the transmit crystals on a Twoer or any 
other transmitter you have instant fre- 
quency spotting without modifying the 
circuit of the transmitter. Of course, the 
signal source can be used to tune up any 
receiver, peak tuned circuits, be an rf 
source for an antenna noise bridge, and so 
on. 


RECEIVER TWEAKER 
Malcolm Oakes K6UA W 


Pve found that the singlemost piece of 
needed test equipment by the amateur on 
FM is a receiver alignment generator. Most 
of us, however, do not have access to a signal 
generator. (Come on now, you wouldn’t 
really call that TV thing a signal generator 
would you?) 

The unit to be described is a very 
functional device that will allow you to 
scrape every ounce of sensitivity from your 
receiver. The generator can be built so small 
you can carry it around in your shirt pocket. 
Compactness, combined with its battery- 
powered portability make it ideal for ser- 
vicing mobile receivers. Stability? It’s crystal 
controlled and is as good as the rock you 
plug in (you obtain the rock from your 
transmitter). Output reactance? Nearly zero 
degrees, allows proper tuning of rf stage. The 
attenuator shown does not have a great deal 
of dynamic range due to distributed capacity 
of the potentiometer. However, I said 
before, the unit was “functional” and it is 
just that. The signal can be attenuated into 
the noise and brought up to approximately a 
30 uv level; overly sufficient for a normal 
alignment. 


Construction 

The circuit layout is not particularly 
critical, and if laid out in a manner similar to 
the schematic, no problems should be en- 
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ommended transistor is not usad, 


countered. The attenuator section should be 
completely shielded away from the oscillator 
and multiplier stages, so rf leakage will not 
be a problem. A crystal socket should be 
provided so the unit is versatile for any 
frequency. However, if you plan on using it 
on only one channel and can spare a crystal, 
build it with the crystal inside. Two glass 
piston screwdriver adjusted trimmers must 
be provided (to “rubber the crystal” and 
tune the output to resonance) as front panel 
controls, 

Circuit 

Transistor Q1 in the first stage is a crystal 
escillator which is very loosely coupled to 
Q2 the multiplier. This stage is biased into 
“class C” so as to multiply the 6 mhz crystal 
24 times, up to the two-meter band. (3 mhz 
crystals will also work at a multiplication of 
48.) Another important function of this 
stage is to attenuate the oscillator output 
(about 6-7 volts peak-to-peak) to a level 
usable at the two-meter frequency for align- 
ment—30 to 40 uv. The potentiometer 
adjusted attenuator takes the signal down to 
a level as desired by the operator. 

I developed this unit for use on two 
meters. Several have been built and all work 
fine. But, for those of you who need a 
six-meter generator, this same circuit should 
work fine with the only modification needed 
being the final tank frequency. (A few more 
turns on the coil and a slightly larger 
trimmer capacitor.) 

Adjustment and operation 

Connect the output of the generator to 
your rig. Plug in a crystal and tune for zero 
(with frequency adjustment) on the discrim- 
inator (center frequency). Now, looking at 
the first limiter voltage, peak the final tank. 
Attenuate the generator as necessary to 
avoid saturation of the limiter, Repeat as 
necessary until a definite peak is reached. 

If the generator will not go down into the 
noise with the attenuator control, the final 
tank may be detuned as necessary to provide 
the desired range on the attenuator. 
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CITIZENS BAND ALIGNMENT AID 
Edward Lawrence WASSWD 


It is obvious that the front end of a 
receiver should be tuned to respond equally 
well across the band, and thus have consis- 
tent sensitivity at any frequency in the band, 
if maximum usefulness is to be obtained. 
The usual method of insuring reasonable 
results is to tune at the middle, and check 
the ends. This is rather spotty, at best, as it 
would be better to check all channels, This is 
involved since you must set both frequency 
and amplitude 23 times in a single pass. 

Naturally, a good sweep generator could 
be used, and the rf-mixer tracking set with 
it instead, but this was not available to me at 
the time. The circuit in Fig. 1 was originally 
a Super-regenerative receiver taken from the 
GE Transistor Manual. These, as is well 
known, tend to spray alot of rf back out the 
antenna. With this in mind, I listened with a 
communications receiver and noted strong 
modulation products about 106 kHz above 
and below the “carrier.” Deducing this to be 
caused by the quench frequency, | brilliantiy 
decided to drop the quench frequency into 
the audio range, by increasing the capaci- 
Lo and 
behold! Suddenly the entire Citizens Band 
was alive and jumping with a mass of “line 
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Fig. 1. Schematic of the alignment aid, Li is 15 
turns No. 22 tapped at 9 turns from the collector 
end. No switch is shown, so remove battery when 
not in use. 
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| NEW REPEATER ATLAS 

Hundreds of new listings ... listed by both 
location and frequency ... dual listing, in- 
valuable for your car .,. find those repeaters 
as you travel. This is the ONLY complete list 
of repeaters being published, Almost 3000 
repeaters listed in this issue ... repeaters from 
all over the entire world, only $1.95 
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VHF ANTENNA HANDBOOK 
The NEW VHF Antenna Handbook details 
the theory, design and construction of hun- 
dreds of different VHF and UHF antennas. . . 
A practical book written for the average 
amateur who takes joy in building, not full of 
complex formulas for the design engineer. 
Packed with fabulous antenna projects you 
can build. $4.95 


| 73 VERTICAL, BEAM AND TRIANGLE 
ANTENNAS by Edward M. Noll W3FQJ 
Describes 73 different antennas for amateurs. 
Each design is the result of the author's own 
experiments: each has actually been built and 
alr-tested. Includes appendices covering the 
construction of noise bridges and antenna line 
tuners, as well as methods for measuring 

| resonant frequency, velocity factor, and 
standing-wave ratios. 160 pages. $5.50 


RF AND DIGITAL TEST 
EQUIPMENT YOU CAN BUILD 

RF burst, function, square wave generators, 
variable length pulse generators — 100 kHz 
marker, i-f and rf sweep generators, audio osc, 
at/rf signal injector, 146 MHz synthesizer, digital 
readouts for counters, several counters, prescaler, 
microwavemeter, etc. 252 pages. $5.95. 


WEATHER SATELLITE HANDBOOK 

Simple equipment and methods for 
getting good pictures from the weather 
satellite. Antennas, receivers, monitors, 
facsimile you can build, tracking, auto- 
matic control (you don't even have to 
be home). Dr. Taggart WBSDOT $4.95. 
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This excellent book tells all about it, from 
its history and basics to the present state of 
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73 DIPOLE AND LONG-WIRE ANTENNAS 
by Edward M. Noll W3FQJ 


The Fascinating World of 
RADIO COMMUNICATIONS 


4 MAINE oe 


Interesting stories of the history of radio 
pioneering and discovery. Also includes the 
fundamentals of broadcast band DXing. A 


This is the first collection of virtually every 
type of wire antenna used by amateurs. 
Includes dimensions, configurations, and de- 
tailed construction data for 73 different 
antenna types. Appendices describe the con- 
struction of noise bridges, line tuners, and 
data on measuring resonant frequency, 
velocity factor, and swr. 160 pages. $5.50 


- Perrien avo, 


The 2-Maiar FM Hendbesk 
Mula Fil tee Micra, Medid 

My Nee A ers q 

Toru E 


2M FM HANDBOOK 

Contains almost every conceivable circuit 
that might be needed for use with a repeater. 
All circuits explained in detail. All aspects 
covered, from the operator ta the antenna. 
$5.95 


Practical Test Instruments You Can Build 
37 simple test instruments you can make — 
covers VOMs, VTVMs, semiconductor testing 
units, dip meters, wattmeters, and just about 
anything else you might need around the test 
lab and ham shack. $4.95 


IC OP-AMP COOKBOOK 

by Walter G. Jung. Covers not only the 
basic theory of the IC op amp is great 
detail, but also includes over 250 practical 
circuit applications, liberally illustrated, 
592 pages, 5% x 8%, soft bound. $12.95 


73 MAGAZINE e PETERBOROUGH NH 03458 


must for every radio amateur. $3.95. 


TEST EQUIPMENT LIBRARY 

A multi-volume anthology that you won't 
find anywhere for three times the price! The 
editors of 73 present a complete guide to 
testing that is both basic and complete and 
aimed at everyone from beginners to amateur 
Extras. Everything from how to test diodes to 
frequency counters. Plus a cumulative index 
... all in 73's all new TEST EQUIPMENT 
LIBRARY Vol. | — Vol. 1H. 


Vol. | — Component Testers — $4.95 
Vol. Il — Audio Frequency Testers — $4.95 
Vol. 111 — Radio Frequency Testers — $4.95 


1001 PRACTICAL ELECTRONIC CIRCUITS 

Tabs new 1001 circuits is available for only 
$9.95 ppd. The next time you want a circuit for 
just about anything, eat your heart out that you 
didn't send for this book the first time you read 
about it. You'd better order the book right away, 
before they run out, $9.95 


VHF PROJECTS 
EXPERIMENTER 

A must for the VHF op. Opening chapters on 
operating practices and getting started in VHF, 
both AM and FM, followed by 58 chapters on 
building useful test equipment, modifying exist- 
ing and surplus gear. $4.95 
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Hewlett Packard 6384A 
power supply 


SPECIFICATIONS: 

DC Output: 4 to 5.5 Vde @ 8 Amps 

Load Regulation: 2 mV no load to full load 

Line Regulation: 2 mV for line changes between 104 and 127 Vac at any 
output voltage and current within specifications 

Ripple & Noise: Less than 5 mV peak to peak 

Crowbar, Factory Set at 6.25 Y, Automatic cutback limit circuit and overvoltage 
crowbar protection. 


HEWLETT PACKARD 6384A Power Supply $99.95 


Power design 1210 
regulated a 
power supply dE *. 00 
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Output: Dto 12 V @ 0 to 10 Amps | 
Regulation: 0.01% or better. LJ 
Ripple and Noise: Less than 500 uV rms. Voltage Controlled, Metered. 3 


POWER SUPPLY 1210 - Regulated Power Supply - $149.00 


a full range, 5-function 
% digit multimeter 


DC CURRENT: 0 to £1.999/19.99/199.9/1999 mA 

AC CURRENT: 0 to 1.999/19.99/199.9/1999 mA 
RESISTANCE: 0 to 199.9 {2 through 19.99 Megohms (6 ranges!) 
ACCURACIES 


DC VOLTS: 40.2% F.S. 40.2% of reading 
(1000V range: 20,5% F.S. £0.5% of reading). 
AC VOLTS: £0.7% F.S. £1% of reading 
(1000W range: 20,7% F.S. 22% of reading). 

DC CURRENT: 20.5% F.S. £0.8% of reading 
(1000 mA range: £0.5% F.S. 21.8% of reading). 
pl AC CURRENT: 20.5% F.S. £1.3% of reading 
(1000 mA range: 50.5% F.S. £2.3% of reading). 
RESISTANCE: £0.5% F.S. 20.8% of reading 


RANGES (10 megohm range: 20.5% F.S. 41,8% of reading). 
DC VOLTS: 0 to +1.999/19.99/199.9/1500 Volts 
AC VOLTS: 0 to 1.999/19.99/199.9/1000 Volts DATA PRECISION MODEL 134 — $169.00 


| ee" AST/SERVO SYSTEMS, INC. 
20 Republic Road, North Billerica MA 01862 
(617) 667-8541 


TEST EQUIPMENT LIBRARY 
Vol. 111, Radio Frequency Testers 


Radio frequency waves are the common denominator of Amateur Radio so here is a book for all hams. 
No matter what your specific interest, such items as SWR, antenna impedance, line impedance, RF output 
and field strength should interest you. This book not only gives detailed instructions on testing these items 
but includes sections on signal generators, crystal calibrators, grid dip oscillators, noise generators, dummy 
loads and much more. It's a must for all up-to-date shacks. 
Test Equipment Library 
Vol. IH, Radio Frequency Testers ........0.6.4--- Se ae SRR ERE A OS ARA 


TEST EQUIPMENT LIBRARY 
VOL. Il, Audio Frequency Testers 


HOW'S YOUR SPEECH POWER? YOUR SHIFT? YOUR SYNC? 


You can find out easily with a little time and a junk box full of parts. Its all right there in the new 
Volume Il of the 73 Test Equipment Library... Audio Frequency Testers... jam packed full of all kinds 
of audio frequency test equipment. So if you're into SSB, RTTY, SSTV, ete., this book is a must for you 
... good book for hi-fi addicts and experimenters too! 

Test Equipment Library 
Völ EE il AS PAN EEE IEE E EOT e OE OF 


TEST EQUIPMENT LIBRARY 
VOL. |, Component Testers 


Just out is Volume | of the 73 Test Equipment Library 

. how to build transistor testers (eight of ‘em}), diode 
testers (3), IC testers (3), voltmeters and VTVMs (9), 
ohmmeters (8 different kinds), inductance (3), capacity (9), O measurement, crystal checking (6), 
temperature (2), aural meters for the blind (3) and all sorts of miscellaneous data on meters... using them, 
making them more versatile, making standards, things like that. Invaluable book, ridiculously low priced. 


Test Eguipment Library, Vol L Companent Testers a SARRIA ees eam mnie TA 54.95 
| e Campori Fisterra Shas Ll Cash enclosed O Check enclosed | 
aye a ee ene los a ae O BankAmericard [ll Master Charge LI American Express | 
| + A ebak Epiro ate | 
| ne sisal: | 
| Address | 
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New England's #1 
| Surplus Dealer For Over 20 Years. 


Send for our latest catalog. 


PO Box 62 E. Lynn, Mass. 01904) 
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Fig. 2. Full size PC board layout (foil side). 


natural noise. Then | turned on the BFO, 
which showed it to be many, many, many 
clostly spaced “carriers,” | presume the 
lower quench frequency develops a much 
larger bias swing on the base of the transis- 
tor, FM'ing it across the entire band. This 
stuff is concentrated in the region of 27 
MHz, with very little spill-over into 10 or 15 
meters, although the level across the design 
runge is rather constant. The nearly constant 
ri level is what I needed to simplify tuneup 
of the front ends of the units | was working 
on 

Figure 2 is the layout of the PC., board | 
made to facilitate reproduction of this useful 
circuit fora few interested friends and Fig. 3 
is the component layout, 

| used 6 ft wire an antenna 
to the emitter side of the 
with 9 ft of wire on the battery side of the 


of as 


connected ric, 
rfc as a counterpoise. Since this made it a bit 
large, | carefully hung it vertically in a handy 
nearby. Of this put a 
strong signal on every channel into every CB 
receiver within 300 yards. | limited the use 
device to inter- 
ference to the deserving users of the band 
However, one fellow accidentally launched 
his into a tree too high tò recover with an 
over-ambitious heave, and it ran for about a 
month in the dead of winter in a nameless 
northern city, helping every CBer for miles 
around align their sets! It only draws about 
half a milliamp from a Y volt battery. 


ree course, since 


ot this avoid unnecessary 


Since | am sure many others would like 
to align their 11 meter receivers for opti- 
mum results, I am presenting this circuil asa 
very low cost and worthwhile aid. 
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Fig. 3. Component side parts placement. 


FET CHIRPER 
Chuck Hines K6OKL 


The Chirper is an automatically keyed, 
crystal controlled, signal source which may 
be used to optimize the signal-to-noise ratio 
of a receiving converter. Homebrew or com- 
mercial, converters are a common thing 
around an amateur station. And, most of the 
VHE Tribe have read thru a jungle of 
esoterica dealing with low noise front ends, 
the velvet beauty of FET’s on Two, noise 
generators and eternal truth, and how to 
copy 20 db below the noise by the selective 
use of liquid helium. With a kind of re- 
lentless evolution converters have been 
getting better and better, noise figures be- 
come lower, and the prices of suitable front 
end devices are dropping by the hour. But 
when it comes to aligning these converters 
the scene is one of wretchedness. A black art 
at best, the job is taken up with an enduring 
combination of blunt instrument and myth. 
The latter have a certain charm. Are you 
convinced your converter is in top notch 
condition because you can “hear noise” 
when you attach the antenna — or better 
yet, when you place a 50 ohm resistor across 


the input? Try putting a complete short 
across that same input. Shorts aren't much 
good as noise sources. You'll find the short 
gives about the same change in noise level as 
the 50 ohm termination. What has changed 
is the impedance the front end “sees”, The 
same is partially true of the noise from the 
antenna. Neither is indicative of the 
performance of the converter. Peaking the 
system up for maximum on either a weak 
signal or on noise gets you nowhere. The 
diode noise generator which every VHF 
book of substance describes is a good and 
useful tool when used properly. The assump- 
tion is that everyone already knows full well 
how to use it and does so. Few in fact do. 


I’m sure you've read of it before in many 
places, but a little redundancy is in order. 
The noise with which you are concerned is 
the noise generated internally by the first 
tube, transistor, or other active device the 
sienal encounters upon its arrival at your 
converter. By fiddling with the external 
reactances, adjusting the voltage and current 
and otherwise manipulating the things 
soldered to the device, one may minimize 
the internally generated noise. At the same 
time the reason the front end exists is to 
amplify the signal. One usually desires as 
much amplification possible, short of smoke 
and oscillation. Minimum noise and maxi- 
mum amplification is the game. Though the 
two are not quite mutually exclusive a 
certain amount of compromise takes place, 
Thus, the signal to noise ratio, When aligning 
a converter’s first stage every adjustment 
effects both signal and noise. Given a con- 
stant signal source coupled into the con- 
verter thru an appropriate impedance, the 
job is finished when the front end has been 
adjusted for the greatest difference between 
signal and noise of which it is capable, 

The Chirper is designed to help you do all 
this by letting you see what effect cach 
adjustment has on both signal and noise. The 
TIS34 oscillates at a frequency controlled by 
the crystal. With the constants shown, that 
can be anywhere between 8.2 and 36 MHz. 
The variable capacitor must be adjusted for 
resonance. It isn't particularily critical but 
its setting peaks the rf output at either the 
fundamental or some harmonic. For 6 
meters an 8.35 MHz crystal is used. A 9.0 


MHz rock will pin the meter when the 
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Chirper is connected into a 2 meter con- 
verter. The Amidon toroid is wound with 
No. 30 enameled, 40 turns for the primary 
and 5 turns for the secondary. After it is 
wound, spread the turns to fill the toroid 
and paint it with Q dope. The diode and 5 
pF coupling capacitor are connected with 
the shortest possible leads, the diode being 
grounded at the rf connector. The harmonic 
output is excellent and quite useable at 1200 
Mhz. 

The oscillator is turned on and off by a 
multivibrator combination of unijunction 
and NPN transistor adapted from the G. E, 
Transistor Manual. The rate at which the 
multivibrator cycles is determined by the 
large value capacitor, in this case 33 mF. The 
polarity of the capacitor is critical. Observe 
it. To increase the cycling rate, decrease the 
capacitance; and, to decrease the rate, put in 
a larger value, Mine cycles a little under once 
per second. A value somewhere between 30 
and 40 mF should suit your needs. You are 
better off scrounging some odd value from a 
defunct computer board because of the 
tolerance problem. If it says 33.2 mF, its 
probably pretty close to that value. Other- 
wise you're dealing with tolerances of plus 
100% and minus 50% or something equally 
grotesque. The 50K pot determines the 
portion of the cycle during which the 
oscillator is On and is mislabeled rate on the 
Chirper shown. The HEP-310 is generally 
available and inexpensive. Other unijunc- 
tions were not tried. On the other hand 
almost any NPN of reasonable quality will 
work in place of the 2N718. A number of 
2N388 and 2N3478% were tried and be- 
haved well. It’s a good place to use those 
transistors you've replaced with FET’s. Use 
something with a Beta of 50 or better for 
best results. The 5100 ohm resistor in series 
with the pot is for current limiting. It’s 
deletion will increase battery drain with no 
increase in Chirper performance. Normal 
current from the 9 volt battery is around 5 
mA. 


Fig. 2. Test set-up for converter alignment. 


Construction is non-critical and pretty 
much a matter of taste. Mine is built on a 
piece of vector-board and mounted in a 
Suzurando box, model M-IN. It measures 
3144 X 2 X4” and there is still room inside 
for additions. It sells for 330 yen, about 926, 
A slide switch is used to turn the power on 
and off. Paint one well of the slide switch 
with red paint — Testor’s Pla, a model plastic 
paint, is good — and the switch will indicate 
its position, Red for On and black for Off. 
It saves batteries. Check your work and the 
polarity of the large capacitor. Re-check the 
connections to all the semi-conductors. With 
four different kinds of devices things can 
become confused. Set the pot to the middle 


of its range. Insert a crystal in the socket. 
Connect the Chirper to your converter, turn 
the switch on and adjust the variable capaci- 
tor for the highest reading on your S-meter. 
The oscillator will turn on and off, Varying 
the pot will extend or diminish the amount 
of time the oscillator is on. Whatever you 
do, don't connect the chirper to an external 
antenna, The harmonic content is high and 
even at this power level is sufficient to cause 
severe interference to television receivers 
within a two block radius. 

For converter alignment, the test set-up is 
illustrated in Fig. 2. The Chirper is fed to the 
converter thru an attenuator for two 
reasons. First, the power output of the 
Chirper is too high on six and two. You 
don't want to align with a forty over nine 
signal. Something around S-5 to S-7 is 
desired. Second, the attenuator maintains a 
50 ohm termination for the converter. A 
converter cannot be aligned with a floating 
input impedance. Fixed and variable attenu- 
ators of excellent quality are available thru 
surpius and homebrew data ts available. See 
73, January 67, p. 40 for one that will do 
the job. Turn the receiver ave off. The 
read-out options are diverse. The best is 
prebably a scope connected to the if. A 
vtvm can be used, connected to the audio 
output. And, the S-meter can be used with 
the avc on fast. This will vary with the 
receiver and it’s particular time constants. 
What needs to be avoided is ave pumping 
that interferes with your readings. 

Turn the Chirper on, adjust the attenua- 
tor for a convenient signal level. When the 
oscillator is on, you're reading signal. When 
the oscillator is off, you're reading noise (on 
the scope, vtvm, S-meter, etc.). As you make 
adjustments on your converter, observe the 
effect on both signal and noise. Adjust for 
the greatest difference between the two. 
Turn the Chirper off and re-check the 


Nara ALETTE) 


251744 


converter neutralization. If necessary, re- 
neutralize the converter and go thru the 
whole thing again. Talking about it makes it 
seem somewhat complex. It really isn't and 
the whole business won't take long once 
youve done it. It will become quickly 
apparent that highest signal level and lowest 
noise level do not coincide. You can vary the 
bias, voltage, etc., and observe the effects of 
each on the signal-to-noise relationship. You 
can, in short, optimize your converter's 
performance. 

Á number of things can be done with the 
Chirper. There is room in the box to build 
another oscillator section connected to the 
transistor collector, operating in parallel and 
simultaneous with the first oscillator. By 
appropriate choice of crystal and attenua- 
tion, both signals can be introduced into the 
converter in order to adjust the mixer for 
minimum cross modulation. 

Or, instead of using an oscillator at all, 
you can use the switching section of the 
Chirper to key a noise generator on and off. 
This has a certain attraction where an 
integrating network is used prior to a vtvm. 
In this case noise is used as a signal. 

In spite of it’s name, the Chirper is 
remarkably stable. Chirp becomes apparent 
from two meters or so, but is no problem. 
Build one and take the myths out of your 
converter. 


UHF SIGNAL SOURCE 
Bill Hoisington KICLL 


The UHF experimenter learns early that the 
UHF ham bands don't always furnish a signal 
when you need them. When I build receivers 
and converters for 432 and 1296, 1 find that 1 
need a small signal generator for alignment 
and band spotting. Not much power is needed 
for this work, so transistors are the ideal choice 
far generating the signal, This signal source is 
in three parts, a 432 source, a tripler to 1296 
and a modulator. 


The 432 Driver 


I started with a low-cost 27 me crystal that 
I found in my junk box. (Never mind how it 
got there!) I used my usual phase-reversing 
crystal circuit followed by a bunch of doublers. 
Lower-priced transistors were used in the early 
stages and the UHF ones saved for later, 
You really need good ones on 1296! Each 
doubler is biased from rectification of rf from 
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Fig. 1. Schematic diagram of the 432 mec signal source. The transistors aren't critical in most 
coses and other UHF and VHF ones will work fine. 
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Fig. 2. Details of the 432 me collector cir- 


cuit, 


the previous stage. Jf you need more output 
than this cireuit gives you, use less than a 1 k 
resistor in the emitter, hut watch out for high 


collector current. Fig. 1 shows the schematic 


of the 432 me generator and Fig. 2 gives de- 
tails of the 432 me collector circuit. 


Fig. 3. The tene oscillator for the 432 mc 
signal source, 


The tone modulator 


This is a crude modulator (Fig. 3), but it 
works. The modulation transformer is not ab- 
solutely necessary, but seems to improve re- 
sults. You can apply the modulation almost 


anywhere for this application, but modulating 


across the | k emitter resistor gave the cleanest 
sound with the doubler used. 


Now to 1296 
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Fig. 5. Pictorial loyout of the 1296 me 


tripler. 


input on 432 tunes very nicely. But I had to 
reduce the emitter resistor in the doubler to 
432 to get enough drive. It ended up at 200 
ohms. The collector circuit is short, but tunes 
smoothly, The 1296 me output registers 100 a 
in the 1296 cavity in the May 73, 

You might try a small amount of modulation 
on the 1296 me tripler. Also a waveguide at- 
tenuator. Be seeing you on 23 cm. 


CRYSTAL CONTROLLED SIGNAL 
SOURCE WITH INFINITE ATTENUATOR 
FOR 144, 432 AND 1296 MHz 

Bill Hoisington KICLL 


ne of the most useful test-cquipment 
Jc the homebrewer can build is a 
signal generator. The one described here is 
of commercial quality and it can be com- 
pletely contained inside a waveguide. Posi- 
tioning, by sliding along the waveguide, 
provides a variable-strength stable signal of 
one millivolt, one microvoll, one nanovoll, 
or less, dropping down gradually to a true 
zero. H does this in a perfectly smooth 
fashion without steps or jumps so thal 
every fraction of 4 decibel in lower noise 
figure shows immediately on the slide dial. 


What's more, the slide can be calibrated so 
that FM'ers can use the device for directly 
measuring receiver sensilivily in tenths of a 
microvolt, 

In building a 6 meter receiver recently 
for maximum absolute sensitivity | nalur- 
ally had to check especially on the first- 
stage rf transistor and circuit for minimum 
noise figure, (For this type of work you 
must have a signal generator capable of 
being attenuated out of sight with any 
receiver you can buy fer any money.) The 
usual generators on the market under $100 
do not do this. And many of the very 
expensive generators get so leaky that they 
have to be used 200 ft from the receiver. 
Al any rate, the generator described here 
can be made up quickly and at low cost, 
and if w stable, reliable, and infinitely 
variable, 

Waveguide 

The only possible difficulty might be in 
obtaining the piece of waveguide needed. 
The piece | used is 4% in, wide by 2 1/8 in. 
high, and is 24 in. long. If you have a 
choice, gel a piece a little longer, You 
could make up this item out of brass or 
copper if you had to, because in this case it 
is nol used to curry energy bul to artenuate 
it, so the worse you make it the better! 

The waveguide musi nor have anv holes 
in it and should be reasonably smooth 
inside; otherwise your dial would not read 
smoothly in attenuation. You could use 
copper or aluminum drain pipe, although | 
have not tried them yet. Working directly 
on the rf, this attenuator is good for any 
kind of modulation, including SSB, FM, 
pulse, or what have you. 

Construction 
Figure | shows the basic idea. When the 


signal plate is close to the 


generator 


I built this tripler to 1296 just for the fun of 
it. But it worked quite well, I normally don't 
hold with triplers at this frequency, but its 
an easy Way to get 1296 me energy from the 
432 me driver. The transistor I used was a 
Motorola 2N1141. Its several vears old and 
there are better ones that are far cheaper now, 
But it does work on 1296. 1 couldn't get it to 
work with grounded emitter, but grounded 
base is fine. Fig. 4 gives the schematic but 
Fig. 5 gives the details, which are vital. The 
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Fig. 4. Schematic of the 1296 mc tripler. put signal. 
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Fig. 2, Schematic of generator. This entire assembly about 3 x 4 in. including small 9V battery and 
switch must be entirely inside the waveguide. No wire or metal of any kind can be brought outside. 


receiver pickup plate, you can get about 
100 mV of signal into the receiver, and it is 
handy for checking diode receivers. When 
the two plates are about 8 in. apart, the 
sienal is just detectable on a good receiver. 
Additional spacing between plates amounts 
to “waveguide beyond cutoff.” I do not 
believe that there is any receiver in the 
world that can pick up the signal much 
beyond the 8% in. point. 

Pretty soon in your receiver “peaking” 
work you get to that signal that may be 
but a tenth of a microvolt or so, and you 
begin dreaming about cryogenic front ends, 
masers, and such. As mentioned, every 
fraction of a decibel lower in noise figure, 
every Improvement in sensitivity comes out 
rigorously and relentlessly on that slide 
dial. You can easily check which of your 
low-noise transistors is really low, whether 
that MOSFET will do a better or worse job 
for you, and in which circuit, 

As you go up in frequency you may 
have to make smaller and smaller oscil- 
lators in order to fit in smaller waveguides 
to get the cutoff effect. (That will not be a 
problem if you read 73: the May issue 
described a “postage-stamp-sized” rf gener- 
ator that is an ideal candidate for the signal 
source.) 


Circuit 

A crystal oscillator, an af oscillator, and 
a simple class A modulator do an excellent 
job to start with, Figure 2 shows the 
present unil as used on 6 meters, Ho must 
be stressed again that no wire or other 
piece of metal may be allowed to reach the 
outside from this assembly. I'm making up 
another for 2 meters soon (still my favorite 
band) and will try one on 450 a little later, 


Audio 

A controlled-feedback transformer- 
coupled af oscillator does a good job in 
furnishing a sine wave. A Motorola 
HEP55 is used for the oscillator, with 
feedback to the base from the collector 
through transformer Tl, controlled by 
resistor RI. Audio output is taken off the 
5 kO winding of T1, is fed through RA the 
modulation control, and then to the base 
ot af modulator Q2. Transistor Q2 is set up 


for low-power class A operation because 
not much modulation is needed for the 
signal generator, Transformer T2 is an old 
SW unit from “tube-type portable” days. 
The secondary of T2 feeds a modulated 
+9V signal to Q3, the crystal-controlled 50 
MHz oscillator, 

This rf oscillator is one of my negative- 
feedback jobs with phase reversal in the 
crystal. A 1% in, square plate is tied onto 
the collector, radiating energy to the 
receiver pickup plate facing it insidé the 
waveguide, This energy is rapidly atlenu- 
ated as you move the plates apart, and 
Should be impossible to detect after some 9 
or 10 in. of separation, 

Once again, do nort bring any wires or 
any other metal or conductor out from the 
oscillator assembly. If you want an oulside 
controlled switch or other control, bring it 
out asa wooden dowel handle, 


That's about it. Tune everything up 
outside the waveguide on the bench; when 
you're satisfied, plug your best 6 meter 
receiver into Jl, push the oscillator plank 
along the wavepuide (or rather | should say 
pull it along) away from Jl, You'll get a 
surprise! Hope this helps you with your 
low-noise receiver work. H did a lot for me. 


LOW COST 220 MHz SIGNAL 
GENERATOR 
Bill Hoisington KICLL 


his article deseribes the design and 
construction of an easy lo build, inex- 
pensive, crystal controlled signal generator 
for the 220 MHz band, including a very low 


STANDARD MAMINY MAST, 1164 INCH 00, 


cost attenuator that goes from a quarter volt 
down through 1/20th of a microvolt and on 
to a real zero (of rf power). It is very useful 
for receiver front-end tuneup, low noise 
tests, and as a portable field generator for 
overall antenna tests through the receiver. 
For signal identification purposes, af and FM 
modulation are included. 

If you really want to fight for a low-noise 
front end, this piece of equipment will be of 
great assistance to you, because the attenu- 
ation really is infinite and without any 
difficult bypassing or shielding. 


Design of the attenuator. 


Infinite attenuation is achieved here by 
the use of a 50¢ piece of aluminum tubing, 
as shown in Fig. 1. You cannot drive 220 
MHz signals more than a few inches down 
inside of a piece of aluminum tubing. By 
putting everything — battery, on-off switch, 
circuit and all — on the movable generator 
strip and sliding it in and out of the tubing, 
you avoid all touchy, difficult and expensive 
bypassing, costly attentuator pots, shielding, 
etc., and provide a simplified means of 
varying the attenuation with stable, smooth, 
easy repeatability. Calibration is of the slide 
tule variety and also simple as far as writing 
down the microvolts on the scale is con- 
cerned. 

This principle is older than radio tubes: in 
fact Sir Oliver Lodge used it in his 1890 
microwave work. 


Attenuator Construction Details 


Figure | tells most of the story, with 
details in Figs. 2 through 9. An adequate rf 
seal can be made at the pickup end of the 
aluminum tubing, standard TV masting, 1% 
O.D., by 2 or 4 tabs in one end as in Fig. 3 
and bending them back as shown, then 
culting off the excess tubing. Install the 
pickup, plate, output jack, and end plate as 
shown in Fig. 1. | used time-saving external 
mounts for fastening it down to the wood 
baseboard as shown in Figs. 2 through 5. 
Drill a 44 in. hole for a screwdriver as in Fig, 
2, and use angles for the pickup end, Figure 
2 also shows the scale in use for attenuation 
settings, and Fig. 3 shows pointer details. 
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Fig. 1. Sideview, 220 signal generator and infinite attentuator. 
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Fig. 2. Top view of the 220 signal generator and 
details of the calibration pointer. 


Figures 6 and 7 show pictorials of the 
layout, lop view and side view. 
The Generator 


Nothing too fussy here, but atlention to 
details will assure reliable af and rf oscilla- 
lion at low power and low battery drain and 
good frequency multiplication. Figure 8 
shows the schematic with the details of the 
two oscillators, the crystal in the 44 MHz 
range, and the quintupler, The af uses a 
standard circuit which, however, has one 
item to watch. Contrary to a transformer 
coupled circuit, which is seldom mentioned, 
this twin-T job has a nasty trick of not 
starling every time. However a small cap 
from collector to ground cures this and 
makes it 100% reliable in that respect. The 
emitter being grounded, | suppose this estab- 
lishes the correct in-phase relation with the 
collector, in which both of these elements 
should be in phase. You can put a small trim 
pot af gain control between the modulator 
and the oscillator if you wish, watching out 
for de voltages of course. As shown here, 
there is plenty of modulation for signal 
identification, both AM and FM, 

Referring to Fig. 8, at the left is the af 
oscillator. It is not down symmetrically, but 
you can note the two 22K resistors and the 
two .02 frequency settling caps, along with 
the .05 and the 2.2K terminating the lines. 
All of these set the frequency, and to change 
the frequency you should vary all of them in 
at least their approximate present ratios. It 
is around 500 eycles shown. Do 
not forget the “starting cap” from collector 
to ground, 


ds 


Fig. 3. Cable end view tubing. 


Fig. 4. Open end view. 


SOLOER 


The output goes to the antenna plate on 
the forward end of the baseboard plank. 
When this plate is moved all the way in so 
that it is only 4 in. from the cable pickup 
plate in the end of the aluminum tube, a full 
scale reading may be obtained on a 50 
microamp meter on the output of a tuned 
diode detector (see Fig. 9). My first model 
here has marks on the scale (see Fig. 2) for 1 
rf stage; 2 rf stages; mixer (feeding into a 
good i-f strip); mixer plus | rf, etc. At the 1 
rf plus mixer, you begin to hear all the 
repeaters within 100 miles or so. With 2 rf 
plus mixer (followed by a sensitive i-f of 
course) you are really getting sensitivity. 
This is where you put a scope in line in order 
to have an electronic comparison point for 
signal coming out of the noise purposes, and 
then can really get into the low-noise bit, if 
you have a hermit location. Just happens | 
have one here. When | hear the noise of a 
car, it’s a visitor! 


Fig. 64. Layout, top view, 


This audio is fed to the base of the 
multiplier where it provides some AM and 
some FM modulation for signal identi- 
fication purposes. When working with receiv- 
er oscillators, and in particular with high- 
ratio multipliers, this is very important. It 
may also be locked into any old scope sync 
for noise figure and sensitivity comparisons, 
The scope syne gives a reference point where 
the signal to noise ratio will always be the 
same, without resorting to guess work. The 
crystal oscillator is my old tried and true 
crystal phase-reversing job, which uses nega- 
tive feedback from the collector coil, which, 
after going through the crystal, reverses 
phase and becomes positive, thus assuring 
oscillation but only on the crystal frequen- 
cy. A HEP 75 (similar to the famous 3866) 
is used for the quintupler. A lot more output 
is noted with this powerful but smooth 
operating old faithful, still good to 450 
MHz. 


SUBMINIATURE SWITCH 


COPPER SIDE 


POINTS 


è TIE POINTS 4 TIE 
FOR AF CiRCUIT 
| 3 Li 


n use PIN 
DRILL HOLE AND 
i HAMMER IN 
a 
COPPER CLAD dome 


Fig, 6B. Tie-point construction. 


Output 

You will see for yourself as soon as you 
start testing that the attenuator is smooth- 
working and stepless, and thal true infinite 
attenuation is at hand. An rf input state 
(pre-amp) with a noise figure a fraction 
better than another shows right away on the 
scale. For example, adjustment of the fixed 
bias voltages on the two gates of a 3N200 or 
3N201 shows right away on the scale as the 
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Fig. 7. Side view of the signal generator, 220 MHz. 
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100 © resistor 


1000 pF capacitor 100 WH inductor 
Figure 7.25 shows a function generator and 


oscilloscope attached to the circuit. 
Figure 7.25 
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Fig. 8. Schematic. L] = 16 turns No. 26 output tap at 2 turns, crystal feedback tap at 4 turns, from 
cold end. Wound on phenloic form .6 cm O.D. L2 = 6 turns No. 18 bare, air wound, .6 cm O.D., 2.5 
cm long between tie points. RFC = about 40 turns No. 40, on phenolic form .3 cm O.D., 1 cm long 


(not critical). 


push-rod is moved in and out and the signal 
is locked onto the scope. This work you can 
do right on the bench and at low cost. 

There is quite a bit of mechanical work in 
the unit, depending on just how much 
“finish” you want it to have. You can also 
bring a dowel rod for “on and off” use. 
Do not, under any circumstances, bring out 
a conductor. You can do this, but only with 
an extreme amount of filtering, which is not 
part of this article. Be sure to set up the 
baseboard, antenna plate and battery first, 
and get them working mechanically. With a 
drawn-out shape like this | generally start 
with a longer piece of copper-clad than 
needed, build from one end, and then cut 
off what is left over. Understandably, once 
you have made the first one you can always 
see, after it is done, many ways of improving 
it. However, someone has to make the first 
one, and that's generally my job. 

Antenna and Field Tests 
Out of the tubing, and with a small 


around the quadrupler coil and then to 
ground, returning L2 for maximum output, 
this little rig puts out a lot of signal on 220. 
Especially if you reduce the oscillator emil- 
ter resistor! Up to several volis of rf can be 
obtained in a tuned diode receiver if you push 
things along, which is around 5 to 10 mW. If 
you place this generator out in a field several 
hundred yards or more away, you can then 
line up your antenna on the car or house, 
check antenna cables, antenna input align- 
ment, and match or mismatch for lowest 
noise figure, etc. 

Front end alignment should first be done 
with a relatively broadband i-f strip on 10.7 
MHz. Be sure nothing metallic on the genera- 
tor strip protrudes enough to touch the 
inner wall of the tubing, or “scratch” will 
occur in the high gain receiver. A piece of 
thin fiberglass or other insulating sheet 
wrapped around the whole generator 
movable plank is a good precaution. 

Once again | include a 220 MHz tuned 
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Fig. 9. Tuned diode detector, 160—460 MHz. 


for frequency multiplication, especially 
quintupling and such, where the other un- 
wanted harmonics are as little as 20% away 
from the desired frequency. Figure 9 shows 
this piece of test equipment in pictorial 
schematic form. Remember, shape is of 
considerable importance as you go from 
VHF into UHF. It is quite easy to make the 
square trough line out of an old piece of 
copper clad, Or even a new piece! And this 
particular one described and shown in Fig. 9 
goes very well to over 450 MHz and thus is 
very nice for the next band also. If you 
make it just as I’ve shown it, it will do a 
good job for you. 

Calibration will present some difficulties, 
so line up some other lads around who are 
already on these bands and get your calibra- 
tion thal way. 

50 good luck, friends, more coming — 
lots more! Keep reading. 


UHF SIGNAL GENERATOR 
Jim Kennedy K6MIO 


Several requirements were the basis for the 
design of this signal generator: operation on 
both 432 mc and 1296 me, high stability e.g., 
crystal control, variable rf amplitude, provision 
for insertion of various types of modulation, 
and lowest possible cost consistent with satis- 
factory operation. 

I had a 27.005 me overtone crystal left over 
from a brief period of disillusionment about CB 
and, since 27 times 6 is 432 which times 3 is 
1296, this seemed a likely place to start. 

Fig. 1 shows the final result. The overtone 
oscillator is voltage regulated and is left operat- 
ing at all times when the generator is on. The 
crystal is mounted underneath the chassis to 
protect it from rapid temperature changes from 
drafts, etc., further enhancing the stability. 

The use of diode multipliers at 432 me and 
1296 me greatly simplifies developing UHF rf. 

Direct coupling the modulation into the 
cathode of the last vacuum tube multiplier 
provides a modulation input that will aceomo- 
date almost any signal from audio to video, or 
even pulse, 

A four position mode switch on the front 
panel allows the choice of carrier, no carrier, 
carrier with 60 cycle modulation and finally 
carrier with external modulation, 

Construction 

Building the unit presents no special prob- 
lems except getting it all under the chassis. The 
3 x 9% x 2% chassis doesn't leave much useful 


Front view of signal generator. 
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room to spare, but it does make for a very 
compact device. 

The lengths of the diode multiplier tuned 
lines were determined primarily by the space 
available and bear only the slightest relation 
to the wave lengths involved; hence, it was 
necessary to pad both lines with additional 
capacitances in order to resonate them proner- 
lv. 

Both lines were folded from 1/32 inch brass 
sheet stock. The inner conductors are made 
from £ inch brass tubing. The 432 line is 14 
x 1% x 7% The input diode is tapped onto 
the inner conductor 14 inches from the other 
end. The signal output loop is about 14 inches 
long. The output diode is tapped 2 inches 
From the loop end of the line. 

The tuning capacitor is made by soldering 
a 10-32 nut over a hole in the middle of the 
line shell. This provides the threads for the 
10-32 screw which actually serves as the 
capacitor, 

Round E inch disks are soldered to the bot- 
tom of the center of the inner conductor and 
to the end of the turning serew to provide 
additional range. 

The 1296 line is similar except it is only 3% 
inches long, The multiplier diode is tapped on 


the inner conductor & inches from one end. 
i inches long 


The signal output loop is about A 
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Closeup showing the oscillator and vacuum 
tube multipliers. 


and is located at the other end of the line. The 
tuning capacitor is identical to the one used 
in the 432 line. 

The 15K 10 watt resistor in the carrier OFF 
position limits the no load voltage from ex- 
ceeding the ratings on the filter capacitors. 


Operation 

The tune up of the tube stages can be easily 
accomplished with a grid dipper. The UHF 
stages should only need to be peaked with a 
converter and receiver. 

Shields on all tubes and a bottom cover on 
the chassis are important requirements if stray 
leakage at the signal frequeney or lower har- 
monies is to be eliminated as a possible source 
of measurement error. These were removed for 
the photographs but are always used in prac- 
tice. 

For best results it is a good idea to employ 
a 50 ohm (or 75 ohm as the case may be) pad 
between the signal generator and the equip- 
ment under test, This will insure that the 
generator will appear as a resistive load as 
much as possible. This is necessary if the 
generator is to duplicate the conditions pre- 
sented to the receiver by a good antenna. 

This pad can take many forms. The two 
easiest ways to make one would be to use 
solficient lengths of some lossy coax. At 432 
me higher, 20 or 30 feet of RG-58 (or AG-59) 
seems to be quite adequate for most applica- 
tions. The other approach would involve build- 
ing a conventional resistor pad into a male and 
female BNC connector soldered back to back. 
Fic, 2 shows such a pad. 


Aside from receiver testing. this device has 
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Fig. 2. 20 db 52 ohm pod. Resistors mount- 
ed in BNC connector. 
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Closeup view showing details of diode multi- 
pliers lines. 


several other uses to which it can be put. It is 
also useful as a signal source for antenna tests 
and it mav be used as frequency standard. 

‘Luis last use can be of great value at UHF 
because of the persistent problem of crystal 
tolerance versus frequency multiplication. A 
converter can easily be 40 or 50 ke or more 
off of the indicated frequency at 1296 mc. 
This can be quite a problem if you are hunting 
for a moonbounce signal through a 3 cps 
filter. 

Though not shown on the diagram or in 
the pictures, it was found that a 50 mmid 
variable capacitor connected across the crystal 
was sufficient to reduce 27.005 me to the 
27.000 .. . me required to put the generator 
on 432.00 ... and 1296.00... me. It will 
probably be necessary to retune the oscillator 
plate circuit for best operation; some loss in 
output will be encountered but this should 
not be a serious problem. However, if such 
operation is contemplated, it might be of some 
advantage to obtain a 27.002 me crystal and 
employ a smaller variable capacitor, 

In order to make the frequency standard 
really something of a standard, a 1 me cali- 
bration oscillator should be employed. Some 
harmonic of the oscillator (5 me, 10 me, ete.) 
should be zero beated against WWW, The 
signal generator should then be zero beated 
against the 27 me harmonic of the 1 me cali- 
brator—prestol—a 432-1296 me frequency 
standard. 

Though there are many refinements which 
can be made, the unit described has done a 
veoman service in all the varied tasks asked of 
it, 


LAB TYPE IF/RE SWEEP GENERATOR 
USING ICS 
Ray Megirian K4DHC 


de sa about every kit-type sweep genera- 
tor on the market starts life out at 
around 3 or 4 MHz and ends up at 200 MHz 
or so, This always made analysis or display 
of 456 kHz 14 amplifier response character- 
istics a tedious step-by-step plotting pro- 
cedure or required time out to rig up a 
temporary gimmick to do the job. No more. 
The sweep generator to be described here 
will do the job with ease and precision. Even 
if you do not intend to duplicate the 
instrument, you may find parts of it useful 
for other applications. 


¡pan 


Fig. 1. Schematic of the MC 1648 IC. 


The generator covers a frequency range of 
from 400 kHz to 30 MHz in five bands. I 
can be operated in the CW mode as well as 
swept, thus allowing it to be used as an 
ordinary signal generator. Maximum outpul 
is 350 mV p-p across 5092. When sweeping, 
the return trace may be blanked or not, as 
desired. Two calibrated dials are provided 
for setting the start and stop frequencies and 
the maximum sweep width would be the 
entire band in use, The frequencies covered 
by the five bands are: 400 to 900 kHz, 850 
KHz to 2,3 MHz, 2 to 6 MHz, 5 to 15 MHz 
and 10 to 30 MHz. Sweep time ts variable 
between 20 ms and 6 seconds per sweep. A 
step attenuator in conjection with a vernier 
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Fig. 2. Tuning the MC1648 with a single diode (A) 
and using back-to-back diodes (B). 


control provide a maximum attenuation of 
the output of 120 dB. An input is provided 
for a post-injection marker system built into 
the unit. A synchronous ramp with gain 
control is provided for driving the oscillo- 
scope horizontal sweep. Blanking pulses are 
also brought out to a connector in case they 
are needed for synchronizing external equip- 
ment, 


A New IC 

The heart of the penerator is a new 
Motorola IC, the MC1648 emitter-coupled 
oscillator. lt was intended for use in phase- 
locked loop systems operaling in excess of 
150 MHz, but may be used in many other 
applications such as this one. The device 
provides output of high spectral purity and 
incorporates an internal age system which 
simplifies design of the sweep generator by 
eliminating the need for external leveling, A 
buffer amplifier and emitter-follower output 
are also incorporated on the chip, elimina- 
ting the need for external amplifiers. Figure 
l is a schematic of the MC1648 IC. Figure 2 
illustrates two methods for tuning the oscil- 
lator. The device is packaged in a 14-pin DIP 
and requires a 5V de supply. Since it was 
intended to be used with Motorola MECL III 
logic, either polarity is permissible. A posi- 
tive supply is used here, connected to pins | 
and 14 with 7 and 8 grounded. 

All the information covered by the data 
sheet for the MC1648 dealt with operation 
from 10 MHz up to about 180 MHz. Since I 
was interested in going as low as 400 kHz, | 
had to do some experimenting with tank 
circuits. My best results were obtained with 
the use of cup cores for the two lowest 
bands. I also found that ordinary molded 
iron core rf chokes of the miniature variety 
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did an excellent job the rest of the way. Use 
of these tiny components made possible a 
very compact 5-band assembly. 


The VCO 

In order to facilitate shielding and simpli- 
Ty construction, electronic band switching is 
employed. Figure 3 is the schematic for the 
rf portion of the generator, The 2N430] 
J-FET has a low ‘on’ resistance and works 
very well as a switch. One of these transis- 
tors is placed in series with each tank circuil 
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Fig. 3. Schematic of the rf assembiy using de band 
switching. 


Completed rf assembly ready for mounting in the 
cabinet, A plastic version of the 2N439] was used 
with a considerable savings in parts cost. 


and can be tumed on by application of a 
positive voltage at the gate. This allows the 
use of a strictly dc-operated remole switch- 
Ing arrangement. The entire assembly is built 
on a 2 x 3 in. pe board and mounted ina 
Pomona Model 3306 enclosure with a Model 
3328 bottom mounting plate. 

A BAI163 tuning diode by ITT is used to 
sweep the oscillator. Although it is intended 
for be band use, il performs admirably at 
these higher frequencies and its high capaci- 
tance ratio allows wide sweep excursions. If 
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Fig. 5. Pictorial demonstration of ramp generation. 


you are planning to use this oscillator for 
VHF applications, a more suitable diode 
would be in order. According to the data 
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Fig. 4. (A) Foul side of rf pe board. (B) Location of parts on component side, 
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sheet on the MC164&8, typical maximum 
output frequency is 225 MHz. 

The vernier attenautor is a 10002 RV6 
style potentiometer mounted inside the en- 
closure. A coupling and extension shaft are 
used to bring the control out to the front 
panel. The value of the resistor at the 
bottom end of the pot will have to be 
selected so that a range of 20 dB is provided 
with full swing of the control. Since end 
resistance varies from one control to 
another, an exact value will have to be 
arrived at experimentally. 

The output from the YCO is a square 
wave. If sine wave output is desired, the age 
characteristic may be modified by intro- 
ducing resistance between pin 5 and ground. 
The small trimmer incorporated on the 
board is used for this purpose. It was my 
experience, however, that this may intro- 
duce instability with some MC1]648s. Al- 
though the trimmer was left in, the one in 
my unit is turned to maximum resistance 
where it has no effect and left there. It 
would do no harm to leave it out altogether 
since no other changes would be needed. 


If any readers are contemplating exact 
duplication of this generator, you will find 
lhe cup cores | used are no longer available. 
These were Ferrox-cube part number 
332P133B4-3€ and are obsolete. | had a 
large number of these on hand left over from 
another project and saw no sense in buying 
more. | am sure some of the presently 
available cup cores will make excellent sub- 
stitutes. Those used here are about 3/8 in. in 
diameter and are ungapped. You may have 
to experiment with the number of turns in 
the coil to obtain the coverage you require. 
One handy trick you can pull with a cup 
core 1s to rotate the slots in each half so that 
fractional turns are produced when the coil 
wires are brought out separately through the 
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two spaced holes. Exerting pressure on the 
core by means of the mounting screw will 
also shift the frequency and is almost like 
having a slug to tune. Increasing pressure 
seems to raise the frequency, The rl chokes 
used for the higher bands may also vary 
slightly from piece to piece and several may 
have to be tried to get the desired coverage. 
There isn’t much we can do to alter the 
frequency where the chokes are used, Of 
course, slug-tuned coils may be used if the 
pe layout is modified. I do not recommend 
their use on the two lowest bands, however, 
since my results were rather unsatisfactory 
with this sort of tank circuit, 

One final point would be in order before 
leaving the VCO. Note that the 10 KË 
resistor going to the tuning diode, the 1.2 uF 
rf output capacitor and each of the 12 KQ 
resistors going to the transistor gates are not 
mounted on the board. One end of each has 
a hole provided on the board and then the 
component itself is used to make the con- 
nection to its final destination. This saves 
board space and eliminates separate wires. 
The small the bottom of the 
vernier attenuator is similarly mounted be- 
iween the board and the bottom lug on the 
control, These points are more clearly seen 
in the photo. Also note that the cup cores 
are fastened directly to the board by means 
of 1-72 screws into threaded holes. 


resistor al 


The Ramp Generator 

In contrast with kit-type sweep genera- 
tors that use the 60 Hz line for sweeping the 
oscillator, laboratory instruments have in- 
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Fig. 6, Schematic of the ramp generator circuit. 


ternal circuitry designed for this purpose. In 
our case, as with most sweep generators, a 
voltage ramp is used to control the oscillator 
during the sweep period. The circuitry has 
been arranged so that we can adjust the 
starting point (de level) of the ramp indepen- 
dently of the stopping point. This simply 
means that we can set the frequency at 
which the sweep starts as well as the 
frequency at which it stops. We can also 
control, over a fairly wide range, the time it 
takes for a complete sweep. In this case, the 
sweep time is continuously adjustable be- 
tween 20 ms and 6 seconds per sweep, 

To get a better idea of how the ramp 
generator produces the results we've de- 
scribed above, let's look at Fig. 4. Note that 
a negative-going linear ramp (start) is com- 
bined with a positive-going linear ramp 
(stop) to produce the resultant ramp being 
applied to the varactor diode, [f either input 
ramp is zero, the resultant will be the same 


The ramp and blanking generator pe assembly, The 
leads going to external points will go in the holes 
visible on the board. 
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as the single ramp since adding zero to 
anything will not change its value, Naturally, 
if both are zero, the output will be zero and 
the oscillator output frequency will be con- 
stant during the sweep period. The same is 
true whenever both ramps are of equal 


amplitude, except that the output will be a 
steady voltage other than zero. Alsc note 


that the resultant ramp could have a negative 
slope if the ‘stop’ input is lower than the 
‘start’ input, and the oscillator would ob- 
viously sweep down in frequency rather than 
up. 

The schematic for the ramp generator is 
shown in Fig. 6. Operational amplifiers Al 
and A2 form a triangle wave generator with 
Al acting as a threshold detector and Alas 
an integrator. One half of the triangle 
(negative-going) represents the sweep period 
while the other half represents the retrace 
time. Since a square wave is generated at the 
output of Al, we have a convenient source 
of blanking voltage built right in. This signal 
is positive during the sweep period and is 
connected to the band switch when Swept | 
(blanked retrace) operation is selected. 
During retrace the square wave drops lo zero 
and actually disconnects the tank circuit 
until the next sweep starts. An emitter- 
follower, Q3, buffers the square wave oulpul 
for external use, 

The output of inverting amplifier A3 isa 
positive-going ramp during the sweep period 
and is used for both the ‘stop’ signal and 
horizontal sweep for the oscilloscope. Since 
an additional inversion takes place in the 
output of A4, the negative-going ramp at 
this point is used as the ‘start’ signal, These 
two ramps are applied across front panel 
controls which have 6:1 reduction drives and 
are fitted with dials calibrated in frequency 
for the five operating bands. The outputs 
from these two pots are fed to summing 
amplifier Ql, where the output will be the 
resultant ramp we discussed above, Because 
the output Q1 isin the negative region (PNP 
transistor), a second common-base (NPN) 
amplifier is used to shift the output back to 
where it will always be positive. 

The ramp and blanking generator is con- 
structed on a pe board 2,6 x 4.1 in. in size, 
For convenience, all the trimmer resistors 
were mounted along one edge. As Seen in the 
photo, this board was mounted by means of 
two small brackets in a vertical position with 
the trimmers facing up. To simplify pattern 
layout, unused pins 1, 5 and 5 on each of 
the-four 74] opamps were clipped off right 
at the case. Color-coded wires were con- 
nected to all necessary points on the board 
before it was mounted, with the leads made 
long enough to reach their destinations. For 
those interested in building this unit, a 
detailed procedure for setting up the ramp 
generator will be given later. 


The Mixer/Amplifier 

In order to provide a means for displaying 
frequency markers, a mixer and amplifier 
circuit was built into the sweep generator. 
The schematic for this circuit is shown in 
Fig. 6. A marker generator was not included 
inside the sweeper because other rf genera- 
tors were available for use as markers and 
the added expense seemed unnecessary. Be- 
cause the mixer board was to be installed 
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inside a shielded box, dc gain control was 
resorted to as with the band switching 
discussed earlier, A 2N4391 is used as a 
variable resistor to control the signal input 
to the amplifier stage. This in turn controls 
the size of the marker being displayed on the 
curve. A 2N3819 FET is used in a simple 
mixer circuit which worked the best of 
several tried. Incidentally, the PNP and NPN 
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7 (A) Foil side of ramp generator board, (B) location of parts on component side. 


transistors used here and on the ramp 
generator board are unknown surplus silicon 
units. 

The pc board for the mixer is 1,5 x 2.9 
in. and is mounted in a Bud CU-124 die-cast 
aluminum box. Note that here again some of 
the components are mounted between the 
board and their external connectors. These 
include both the 10 pF and 100 pF input 
capacitors to the 2N3819 and the 10 KQ2 
resistor going to the gate of the 2N4391. 


The Power Supply 

Figure 7 is a schematic for the power 
supply. Vollage requirements for the sweep 
generator are +15 V, —I5V and +5V de. The 
current drawn by any of the above circuits 
runs no more than 30 or 40 mA maximum, 


Completed mixer/amplifier board mounted in the 
die-cast housing. 
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Fig. 10. (A) Foil side of power supply pc board. 
(B) location of parts on component side. 


making the use of small JC voltage regulators 
ideal. Motorola MFC6030 (plastic) regula- 
tors are used in each supply and are overload 
protected against accidental short circuit. 
Varo type VEI8 molded bridge rectifiers, 
together with 1000 uF filter capacitors, 
supply the de input to the regulators. The 
+15V and +5¥V regulators are both fed from 
the same source. The power transformer was 
a surplus unit with a 30V CT secondary, The 
center tap was uncovered and the (wo leads 
separated so as to provide two independent 
I5V windings. A small trimmer is provided 
in each supply for voltage adjustment. 

The pe board for the power supply is 2.6 
x 4,1 in. All components but the transform- 
er are mounted on the board. The transform- 
er is mounted directly on the chassis. Rela- 
tive placement of the various components 
making up the complete generator can be 
seen quite clearly in the photo, 


Control Circuits 

Figure 8 is the wiring diagram for the 
control circuitry. Note that for CW opera- 
tion of the generator, a de voltage is applied 
to the varactor by way of the Start pol. In 
order for the dial calibration to be valid in 
either mode, the de level applied lo the 
control must be exactly the same us the peak 
amplitude of the ramp during swept opera- 
tion. As wil be explained in the set-up 
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The power supply pc assembly. 


procedure, the ramp will vary from a starting 
point of approximately +1.4V and peak al 
+12V, Resistor RI in series with lhe +15¥V 
line is selected for a +12V level at the high 
end of the pot. R2 is selected for a level of 
+1.4V at the low end. The reason for the 
offset of 1,4V at the low end is because the 
pin to which the tuning diode is connected 
al the MCI648, sits at this level. The source 
of this bias is the drop developed across two 
torward-biased junctions within the IC and 
not from any external source. Once these de 
levels have been set for CW with the fixed 
resistors, the ramp can be made to match by 
means of the trimmers in the ramp generator 
circuit. 

The rest of the control circuitry is quite 
straightforward. In position 2 (Swept 1) of 
the mode switch, positive pulses from the 
ramp generator are fed to the band switch 
during the sweep period. When retrace oc- 
curs, the pulse drops to zero and the 
oscillator shuts off until the next sweep 
starts. In the CW and Swept 2 positions of 
the mode switch, a steady +15¥ is applied Lo 
lhe band switch and the oscillator runs 
continuously, 

The final function performed by the 
mode switch is to route the de for CW or the 
ramp for swept operation to the tuning 
diode. The two fixed resistors are mounted 
point-to-point behind the panel since all 
points are readily accessible within every 
short distances. The fixed 
cluted with the marker gain control are also 
mounted the same way behind the panel, 
The switches are ordinary rotary types and 
the potentiometers are all ordinary carbon 
controls. The Start and Stop controls as well 
as all gain controls have linear tapers. The 
Sweep Time pot is an audio taper type with 
built-in switch for ac power. 


resistors asso- 


Setting Up the Ramp Generator 


For best results, a calibrated de scope is 
required to properly adjust the ramp genera- 
tor, Test points have been provided on the 
pe board and short pieces of bare wire 
connected to each of these points make 
excellent tie points for the scope probe, The 
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Fig. 11. (4) Foil side of power supply PC board. (B) Location of parts on component side. 


circuit may be aligned either before or after 


installation. The Start, Stop and Sweep Time 
pots can be connected at the ends of their 
respective leads if the unit is checked outside 
the cabinet. 

Set all seven trimmers to mid-range. 
Connect the scope to TP] and adjust the 
horizontal for a full sweep of 20 ms. Set the 
Sweep Time control to minimum resistance 
and apply power. Some sort of triangular 
wave should be displayed. Adjust RI fora 
3V p-p amplitude of the waveform. Tum R2 
cw until the negative-going portion of the 
triangle is 20 ms long, Since RI and R2 
interact, you will have to stop occasionally 
and reset R] for proper amplitude. Once the 
ramp is set at 20 ms with the Sweep Time 
pot at minimum, the slow speed end will 
automatically be about 5 or 6 seconds witha 
| MA pot. 


Transfer the scope probe to TP 2 where a 
posilive-going ramp should be seen. Sel the 
starting point of the ramp to zero volis by 
means of R3. Amplitude of this ramp must 
be 10V. If it is not, go back and adjust R] 
slightly until it is. If necessary, reset R2 for 
20 ms trace length. As soon as a 10V, 20 ms, 
zero-based, positive-going ramp has been 
achieved at TP2, go on to TP3. 

At TP3 there should be a negative-going 
ramp. Once again we require a zero base line 
or starting point. Adjust RS to accomplish 
this. Amplitude should once again be LOV 
and is controlled by R4. Once you have a 
10V, zero-based, negalive-going ramp, move 
onto TP4, 

Connect the probe to TP4 and set the 
Stop control to full cw. The Start pot should 
be at minimum setting. A positive-going 
ramp should be present at 1P4. By means of 
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Fig.1 2 Control circuit wiring schematic. 


trimmer R7, move the ramp up or down 
until the starting point is approximately 
+1.4V. Ordinarily the ramp will not go 
below zero but will flatten out as the 
positioning control is adjusted. This is due to 
clipping in the output amplifier. If the ramp 
generator is going to be used with another 
type of VCO, the ramp can be sel lo exactly 
zero if desired. In our case we can't as 
explained previously. 


Because a substantial amount of capaci- 
tance change occurs in the tuning diode up 
to 12V, the final ramp amplitude is set to 
12V by means of R6. Because RG stretches 
the signal in a negative direction, R7 will 
have to be used to reset the base line at 
1L4W, Other than for checking tracking 
between the CW and swept modes, this 
completes the alignment procedure for the 
ramp generalor. 

When the generator is finished, you can 
check the tracking by observing actual sig- 
nals al the input to the VCO. Connect the 
scope probe to the feedthrough capacitor on 
the VCO assembly that goes to the tuning 
diode and set the Start control to maximum. 
Switch rapidly between the CW and Swept | 
positions of the mode switch. The CW input 
will be a straight line sitting at +12V while 
the swept input will be a ramp peaking at 
+12V, Next, turn the Start control to 
minimum and again compare levels, If the 
Stop control is also at minimum, both 
signals will be straight lines at +1,4V, If 
there is any substantial difference between 
the two modes, use R6 and R7 on the 
generator board to make the ramp agree 
with the de levels, That completes all phases 
of the ramp set-up procedure. 


This bird's eye view of the interior shows the 
location of all major assemblies, 


Construction 

The cabinet used here is one manufac- 
tured by Sorensen Electronics in their 
Mod-U-Line series. These are the most 
reasonably priced instrument enclosures I've 
come across so far and I've used them for 
several projects. This one is a Model 
MCH-3129 with a CP-129 chassis plate. 
Dimensions are: 5% in. high by 12 in. wide 
by 9 in. deep. 

The 5-step attenuator was picked up 
surplus from Fertik’s Electronics for about 
$10. It is well made and designed for 5082 
systems operating up to 1 GHz. It has an 
integral female BNC output connector on 
the front face along with four threaded 
mounting holes for ease of installation. The 
input connector is a BNC male at the end of 
a short piece of coax. 

All rf assemblies are interconnected inside 
the cabinet by means of coax cables, This is 
clearly evident in the photo. 

The Start and Stop pots were mounted 
on brackets behind the front panel so that 
Jackson Brothers type 4511/DAF reduction 
drives could be installed for easier tuning. 
The two circular dials are slightly under 2 in. 
in diameter and were cut from sheet plastic, 
While operating in the CW mode, one of 
these was calibrated in pencil to provide a 
pattern for the finished product. A master 
was laid oul using Rubylith® film and 
rub-on numbers, A negative of this was then 
made using 3M reversing film, From the 


The finished sweep generator makes a professional 
appearance. 


negative a finished set of dials was printed 
on aluminum material of the presensitized 
variety. These were cul out and stuck to the 
plastic by means of their own pressure- 
sensitive adhesive backing. The nameplate 
was made from the same material, The two 
index pointers are clear plastic with hairlines 
scored on the inside surface. They are 
mounted on spacers directly over each dial. 
All remaining labeling was done with tub-on 
lettering. 

Vendor Addresses: 

Fertik's Electronics, 9th & Tioga Sts., Phila- 
delphia PA 19140, 

Sorensen Electronics Co., Inc, 418 Queens 
Lane, San Jose CA 95112. 
PO. Box 2436, CA 


Wescom, El Cajon 


02021. 


100 KHZ THIN-LINE PULSE 
GENERATOR 
James Ashe W2DXH 


Ordinary 100-kHz frequency standards are 
usually audible up to a few tens of mega- 
hertz. A good one might be usable at 50 
MHz. The circuit described here uses a dual 
NAND gate to generate a 100 kHz signal 
whose harmonics are usable to 432 MHz or 
higher. And it can be built without benefit 
of special instruments and knowledge, 


The thin line pulse 


One rather surprising result of higher 
mathematics is that all repetitive signals are 
composed of harmonically related sine and 
cosine waves, For example, the familiar 
square wave is composed of a fundamental 
frequeney, which sets its basic repetition 
rate, and of odd harmonies only of its funda- 
mental, which contribute to its square cor- 
ners. If the harmonics’ amplitude or phase 
relationship is upset, the square wave is dis- 
torted, This feature makes the square wave 
very useful for amplifier testing, but its har- 
monie content is not very good for frequency 
standard applications. 


Extornal view of the 100 
Hz thin-line gonorator. 


INT, CONT. 


Qo > 


Now suppose that we start adding up sig- 
nals of F, 2F, 3F, and so on, phased in so 
that they all reinforce each other once per 
cycle. Let's say thay are all the same ampli- 
tude. What would we get? See Fig. LA. 

The five equal amplitude sine waves peak 
simultaneously at the beginning of the fun- 
damental's cycle. Everywhere else, until near 
the end of the cycle, they are more or less 
out of phase. Trying to see what will happen, 
we try adding the first two frequencies. 
Fig. 1B, the result, might suggest something 
to a mathematician. 


(B) 
Fig. |. Five sine waves (A) and the waveform as a 
result of point-by-point addition (B). 


As the number of frequencies is increased, 
their amplitudes tend to average to zero 
everywhere except at the beginning of the 
cycle, Here, they all add up to a short, sharp 
pulse, It follows that a short, repetitive, one- 
sided pulse should contain odd and even 
multiples of the fundamental frequency. 

An ideal thin line pulse has infinite fre- 
quency content.” No real signal could meet 
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Fig. 2. Real circuit output as seen by a Tektronix 


5454, oscilloscope. A faster scope shows shorter rise- 
time and sharper corners. 


this spec, but a fast digital IC can produce 
a very workable approximation, Fig. 2 
shows a Tektronix 545A view of the gen- 
erator output and tests with other scopes 
indicate the real pulse has better rise time 
and sharper corners than shown here. 

If this pulse is viewed on a low-pertorm- 
ance service variety scope, its appearance 
will be greatly changed. There will be an 
apparent loss in amplitude, since the pulse 
occurs and terminates before the slow cir- 
cuitry can properly respond. The apparent 
duration is increased, also because of the 
slower viewing circuitry, And the fast pulse 
may excite circuit resonances, so that the 
thin line pulse appears as a damped oscilla- 
tion. But these problems do not interfere 
with constructing the generator, because 
the very simple NAND gate circuitry con- 
tains no critical elements or adjustments. 


How it works 


There are four circuit sections, shown in 
Fig, 3, A 100-kHz crystal-stabilized oscilla- 
tor sets the basic frequency, and a dual 


NAND gate circuit converts the oscillator 
output to a thin line pulse. A 1-Hz astable 
generates the output marking signal. A 6 
volt de power source is provided by a volt- 
age doubler zener-regulated supply. 

Multivibrator oscillators are not ordinarily 
very stable frequency sources. But if the os- 
cillator is designed to run slightly below 
required frequency, and an appropriate crys- 
tal is connected between transistor base 
terminals, oscillations are stabilized at the 
ervstal frequency. 

The ervstal does not change the multi- 
vibrator's style of operation. It synchronizes 
the astable to its own frequency, by trigger- 
ing the OFF transistor into conduction short- 
ly before normal RC turn-on. The output 
is a squarish wave with good fall time, but a 
long rise time as shown in Fig. 4A. 

In passing through the first NAND gate 
the pulse is squared up and becomes slightly 
unsymmetrical. See Fig. 4B, A differentiat- 
ing network, C7 and R11, converts the square 
wave into the pulses shown in Fig. 4C. These 
pulses, applied to the second NAND gate, 
reappear as the thin line pulses shown in 
Fig. 4D. 

Since one CW signal sounds just like an- 
other and there may be several in the vicinity 
of a check point, a marker feature is re- 
quired. This is provided by the 1-Hz astable, 
which paralyzes the second NAND gate part 
of the time. Its base bias resistors are un- 
equal, giving a distinctive duty cycle to the 
output signal. A switch disables the astable 
if a continuous signal is required. Fig. 5 
shows the output when the second astable 
is operating: the output is locked in the up 
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Fig. 3. Schematic of the 100 Hz thin-line generator. 
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Fig. 4. Signals at four critical points in the gener- 
ator, as displayed on a Tektronix 545A oscilloscope, 
They are shown in time coincidance. 


condition during half of each 1-Hz astable 
cycle. 

Sometimes an astable oscillator will refuse 
to start oscillating when it is turned on, It 
does not start because both transistors are 
in saturation. This reduces loop gain so 
that available noise cannot be amplified 
around the loop. It would never start with- 
out some strong, outside interference. 

A pair of diodes, D1 and D2, provide a 
reliable remedy. The diodes are arranged 
so that base bias must come from whichever 
collector is at the higher voltage. If both 
transistors are in saturation, their collectors 
are at perhaps 1 volt, which cannot provide 
enough base current to keep the transistors 
in saturation. This contradictory situation 
does not arise in the real circuit, which 
starts reliably. 

Additional diodes, D5 through D8, appear 
in the base circuit of the 1-Hz astable. 
These are protective diodes, The collector 
swing at turnoff of about 5 volts is con- 
veyed powerfully to the opposite base 
through the large coupling capacitors C5 
and C6. The reverse B-E breakdown voltage 
of these transistors is not known, so the 
diodes are provided to prevent the turnoff 
voltage exceeding 2 volts or so. 

DC power for the Generator circuitry 
comes from a voltage doubler supply based 
on a low-current filament transformer, Its 
design is conventional, but a large capacitor, 
C12, is provided across its output to mini- 


Channel 2 
Channel 1 Channel 2 oscilloscope 
ground clip ground clip probe 


Black lead 
from function 
generator 

Channel 1 Red lead 

oscilloscope from function 

probe generator 
The input signal is represented by the upper 
sine wave shown in Figure 7.26 , and the 
output signal is represented by the lower sine 
wave. Read the number of divisions for the 
peak-to-peak output sine wave, and multiply it 


by the corresponding VOLTS/DIV setting to 
determine V out 
Figure 7.26 
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Fig. 5. The second NAND gate locks in its up posi- 
tion part of the time to produce an intermittent 
output. 


mize noise on the supply line. The supply 
could be replaced with some batteries, 
shunted by a 50 „F or larger capacitor to 
absorb transients. The original breadboard 
ran very well, powered by four flashlight 
batteries. 


Construction 


The generator is built in a Premier #PMC 
1008 3x5x7 inch heavy aluminum box. Its 
top cover was refinished in light green enam- 
el, and four % inch grommets in the bottom 
piece serve as protective feet, 

Inside the box, the 6.3-volt transformer 
and cheater cord connector are mounted on 
the left-hand wall. A pilot lamp, fuse, and 
two switches are mounted on the horizontal 
panel, at the extreme left. This leaves just 
enough open space for the two circuit boards 
which occupy most of the box. Two banana 
jack output connectors are placed on the 
right-hand side, just below the panel. 

The circuit boards are cut to 4% x 5 
inches, from Vector %2 inch pattern A stock 
and mounted parallel to the panel. The up- 
per board is spaced an inch from the panel, 
and carries both astable oscillator circuits. 
The other board is mounted one half inch 
below, and carries the digital IC and the 
power supply circuitry. Assembled, the two 
boards make a sandwich with wiring sides 
together. 

Both boards are mounted on the same 
four centers. These are through the second 
hole diagonally inward from each corner. 
The 1 inch 6-32 internally threaded spacers 
are modified by adding a short length of 
6-32 threaded shaft to one end of each, sim- 
plifying assembly. 

Component assembly on the boards is 
largely a matter of plugging in Vector T9.4 
lugs. The finished product looks much bet- 
ter if some thought is given to facing the 
lugs in one of two directions. Mounting and 
transistor holes should be drilled and reamed 
to size before installing lugs. 

The general arrangement puts all wiring 
on one side of the board and practically 
all components on the other side, This ap- 
proach seems a little inflexible but is straight- 
forward and looks good. 

Possible board orientation problems may 
be overcome by working out a handling and 
wiring procedure that doesn't require con- 
stant reference to actual components. A good 
approach assumes that the board is only 
turned over an imaginary hinge at its 
bottom edge, so that top down when one 
side is up becomes bottom up when the 


other side is down. This preserves left-right 
relationships. Another useful convention is 
that all supply wiring goes to left-hand end 
of components. 

Wiring is carried out one network (plus 
supply lines; ground lines; interstage lines, 
etc.) at a time, with prearranged color 
coding. Bare wire goes for short runs and 
where there is no chance of a short. Solder 
each lug when convenient, #22 solid wire 
fits the T9.4 lugs well, but flexible stranded 
wire is used for the four ‘lines from one 
board to the other. 

Transistors precede other components in- 
to the board, because they are convenient 
position markers. They are placed in their 


Inside the assembled thin-line generator showing the 
component side of the power supply and IC board. 


mounting holes in the board from the com- 
ponent side, and their leads brought to the 
T9 4 lugs. Then the other components are 
mounted on the boards. Diode and electro- 
lytic capacitor mounting polarity should be 
double checked. The T9.4 lugs may need a 
little bending before they will take a good grip 
on the components, but no component solder- 
ing is done until everything is installed. 

Trimmer capacitor C3 is mounted on its 
tabs just under the top panel, Then a small 
screwdriver access hole is drilled over it in 
the panel, before painting, for vernier fre- 
quency adjustment after final assembly. 

Certain components are matched before 
installation. An ohmmeter and a capacitor 
checker will do a satisfactory job of select- 
ing Cl and C2, and R4 and RG, for equal 
values. These components are chosen alike 
for best symmetry of the 100-kHz oscillator 
operation. It might be good planning to 
leave these components unsoldered until tun- 
ing is completed, but everything else can be 
soldered to the board at this point. Note 
that the R3 and R5 sites do not get resistors 
until later. 

Two optional capacitor sites are included. 
These are for C4, an additional and prob- 
ably unnecessary padder across the crystal; 
and C7A, which can be added to increase 
the width of the thin line pulse. 

Apparently, the digital IC comes in a 
specially designed package for testing before 
use. To mount the IC, solder a % inch 


T2 


picce of #22 wire in each of the T9.4 
lugs carrying supply and signal voltages to 
the IC. Place the IC between the two rows 
of lugs, bend the wires against the proper 
terminals, and solder. No other mounting is 
required. 

The original breadboard showed a lot of 
transient noise in its supply circuit. This 
originated fram the IC, which was trying 
to get big chunks of current to manufacture 
pulses. Since the IC cannot deliver frequen- 
cies not available from the supply lines, very 
careful bypassing is indicated. 

High-frequency bypassing consists of C9, 
a ,OluF dise ceramic capacitor across the 
IC supply terminals on the wiring side of 
the board, and C10, a 100 picofarad capaci- 
tor soldered directly between supply termin- 
als on the IC. The capacitor leads are pro- 
vided with spaghetti insulation and placed for 
minimum open space between the capacitor 
leads and the IC's supply leads. 

Testing before final assembly is very easy, 
because the odd appearing board layouts 
go together giving a structure that opens out 
like a book, The hinge is the four leads 
between boards, Leave transformer leads long, 
so that the circuit may be tested well free 
of its cabinet. 

The upper half of the Premier box is pre- 
pared by a powerful cleaner which removes 
its original paint. After thorough removal 
of the cleaner, the metal is roughened with 
wet sandpaper, rinsed in vinegar solution 
and then clear water, leaving a very good 
surface that does not require priming for 
excellent paint adhesion. Watch out for 
greasy fingerprints. 

Rustoleum #868 Green applied from a 
convenient spray can gives a fine finish. 
Follow instructions on the can. After drying, 
the fresh, clean enamel will take water- 
proof India ink, applied with a Leroy draft- 
ing pen. When the ink is thoroughly dry, a 
final coat of Rustoleum #717 Clear finishes 
the job. The enamel is soft at first, but 
hardens into a coat durable in normal lab 
use, 
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Fig. 6. Mounting dimensions and spacer assembly 
diagram. 


Table of special parts 


Crystal: 100 kHz parallel resonant 32 pF. shunt ca- 
pacitance normally designed quart crystal. 
The following parts were obtained from Solid State 
Sales, P. O. Box 74, Somerville, Mass. 02143, 
Tl & T2: 2N2060 type dual NPN transistor 
Di, D2, D3, D4: fast point-contact Germanium 
diodes coded IN59 

D5, Dé, D7, D8: fast point-contact Silicon di- 
odes marked $7946M 

Gl: surplus digital integrated circuit 
Solid State Sales type Gl. (comes with data 
sheet] 


Tuning up 


The generator should be zeroed to fre- 
quency before installation in its case. This 
is a two-step process. First, the 100-kHz 
astable base resistances are adjusted by 
choosing resistors for R3 and R5 to bring 
the oscillator frequency within trimmer range 
of 100 kHz, perhaps a few hundred cycles 
high at 15 MHz. Then the trimming capaci- 
tor brings the frequency to accurate coinci- 
dence with WWV. 


To roughly zero the generator, set the 
trimmer capacitor, C3, at minimum capaci- 
tance. Identify WWV on a short-wave re- 
ceiver, and tune around a bit to familiarize 
vourself with whats happening in the vicin- 
itv. It would be nice if things are fairly 
quiet, 

Then put 4.7k resistors into the astable 
board at the R3 and R5 sites, turn on the 
generator, and look around for the signal. 
Depending upon actual values of Cl and 
C2, the signal may be on either side of 
WWV but is likely to be on the high side. 
If so, try again with resistors one size larger, 
which will lower the frequency. You should 
shortly find resistors that bring the fre- 
quency near enough to WWV for final zero- 
ing with the capacitor. Verify tuning range 
on both sides of WWV. 

Correct values for R3 and R5 may be 
approximated very quickly if a good trig- 
gered scope is available. Try selecting re- 
sistors For a period of 11.4 microseconds with 
the crystal removed. 


Using the thin line generator 


A breadboard test showed that (as might 
have been expected) there should be some 
way to distinguish generator signals from 
other CW signals. The continuous/intermit- 
tent feature provides the marking, and once 
the correct signal is located the generator 
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can be switched to “continuous” for accurate 
work. 

At low frequencies, the generator output 
and behavior resembles a conventional 100- 
kHz standard. The signal simply is not as 
strong. A greater difference appears at 
higher frequencies: the original model yields 
an audible beat note at 80-MHz from a diode 
mixer through an inexpensive audio ampli- 
fier. And another test shows a usable signal 
at 432 MHz: the 4,320th harmonic. 

Some connection to the receiver or other 
detector is required. This is a natural con- 
sequence of a circuit design that puts the 
signal where it belongs, rather than spray- 
ing it all over the lab. A few picofarads 
coupling capacitance is sufficient at all fre- 
quencies, 


Perhaps this circuit can be used for pur- 
poses other than a frequency standard. Its 
moderate amplitude but wideband output 
should be ideal for detecting changes in 
receiver sensitivity over a broad tuning 
range. In fact, with a little decoupling of 
the input leads and provision of a coax out- 
put connector the generator should do well 
as a stable, reliable small-signal source. A 
piece of adjustable waveguide-below-cutoff 
would make an excellent attenuator for 
work not requiring exact measurements. An- 
other thought that occurs is possible further 
development by provision of some arrange- 
ment for detecting which harmonic is actual- 


ly being heard, 


ALL BAND BAND-EDGE MARKER 
Charles Berner WA2HRZ 


This calibrator is complete with its own ac 
supply, eliminating the need for taking power 
from the receiver, If ac outlets are at a premi- 
um at vour shack, the on-off switch and the 
line plug can be eliminated and the ac line 
connected across the receivers ac input so 
that the calibrator comes on whenever the re- 
celver is turned on. A high density selenium 
rectifier was used and this contributes greatly 
to the compactness of the unit. The whole thing 
runs very cool and even after 24 hours opera- 
tion, still isn’t hot. 

Wiring isn’t too critical, but kecp all leads 
short and direct. Using an octal socket for a 
xtal holder lets you use the unused pins as 
tiepoints and is recommended. 

A Petersen type 4-2 xtul was used because 
it has a tolerance of .002%. This is one reason 
why no provision is made for “zeroing” the 
calibrator against a standard. The other is 
that there isn’t any such standard as WWY 
for use. However, if this provision is desired, 
C1, the 56 mmfd capacitor. connected ta pin 
1 of the G6BH6 thru the 18K resistor, can be 
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Chapter VI 


Crystal Calibrators 


made variable. Also, if band edge markers are 
wanted for 50 me and up, a & me xtal may be 
substituted when this function is wanted and 
Cl made variable for “zeroing” against WWV, 

This gadget can also be used as a xtal ac- 
tivity checker by simply replacing the marker 
xtal with the xtal to be tested. Tuning your 
receiver should got vou a strong signal at the 
xtal’s fundamental if it is OK. 


Table 1: 


Harmonic 
Band Lome TO kc Marker Frequency 
El meters | ab 3.9 me 
AO a 7 7.0 me 
21) 43 l 140 14.0 me 
1h de $ 210 21.0 me 
10 r? E 280 28.0 me 
ñ 3 15 52h PAB me 
2 > 42 1470 147.0 me 
AL ga 2205 220.5 me 
i " fie 2240 224.0 me 


THE MULTICA L 
ER. Davison KOVAL 


What is the “Multieal’? As the name im- 
plies, “multi” would suggest several uses, and 
“cal” might infer a calibrator of some sort. 

Well, that’s right, but there is slightly more 
significance to the name. “Multi” is also a 
short form term used to describe flip-flop cir- 
cuits known as multivibrators. 

By combining the basic characteristics of a 
free-running multivibrator (astable) with erys- 
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tal control, you have a simple, stable, virtually- 
insensitive-to-temperature-changes, crystal cali- 
brator for that receiver you have been wonder- 
ing about. 

The circuit uses no inductors and depends 
upon the crystal for the proper feedback for 
oscillations. Temperature stability is partially 
due to the absence of capacitors. 

Transistor stage Qs operates with unity gain, 
whereas transistor Q, operates at considerably 
more gain. Both stages are operating as feed- 
back amplifiers, The harmonic generator diode 
D, is a 1N128. Any general purpose diode 
may be used. 

By using the multivibrator circuit, the wave- 
form obtained is comparatively rich in har- 
monics and could be used without any further 
refinements. However, to insure useful har- 
monics through 30 MHz starting from a 100 
kHz crystal, a harmonic generator consisting 
af Rg and D, shown in Fig. 1 was added. The 
capacitors Cy and Cs are used strictly for 
coupling and have no effect on frequency sta- 
bility. 

Crystals from 100 kHz up to 1 MHz may 
be used in the Multical with no changes. The 
circuit will oscillate from voltages as low as 2 
volts and can be operated safely from voltages 
as high as 20 volts. This wide range of voltage 
operation allows the source to be obtained 
from virtually any place. 

Output from the calibrator may be fed di- 
rectly into the receivers input, or may be 
coupled to a short whip antenna. With a whip 
antenna, close coupling to the receiver's input 


. Schematic of the Multical. 


El 


Fig. 2, Suggested printed circuit board layout for 
the Multical. A gives the copper side, B the com- 
ponent side. A board for the Multical is available 
for $1 from the Harris Company, 56 E, Main 
Street, Torrington, Conn. 


may be required at higher frequencies, (Es- 
pecially at the lower voltage levels.) 

For the more ambitious builders, Fig. 2 
shows the printed circuit board layout for the 
Multical Due to its small physical size 
(1” x 2”), room can probably be found even 
in the most compact of receivers. Fig. 2A 
shows the foil side, and 2B shows the parts 
placement, 

So the next time you wonder about the ac- 
curacy of your receiver calibration, give this 
simple circuit a try and you'll know for sure. 


100 KHZ MARKER GENERATOR 
W. W. Davey W7CJB 


This useful piece of equipment generates 
usable harmonics from 100 kHz to 225 MHz. 
It is completely self contained and portable 
which makes it convenient not only to use 
in the ham shack, but also in the mobile 
unit or at a field day location, Its use lies 
mainly in accurately spotting band edges 
and 100 kHz calibration points throughout 
the ham bands. 

Most modern day home receivers are 
equipped with calibrators, but these cali- 
brators are of little use when needed to 
spot frequencies on VHF and UHF conver- 
ters or portable equipment. 

The generator is constructed in a 2% x 
4% x 1% inch handi-box. The parts are 
mounted on a vector board, and the entire 
unit is powered by one #216 nine volt 
battery or its equivalent. 

Hints on construction First obtain some 
vector board. The piece I used was cut 
from the board supplied in a “GE experi- 
menters aid hobbyist kit.” The board must 
be cut to size before construction and will 
measure 3% x 2 inches. This will allow 
room for the 9 volt battery in the end of 
the handi-box. Make sure the newly cut 
vector board will fit inside the handi-box 
before you start mounting parts. It might 
save a lot of trimming at a later date. 

The parts layout is not critical, Com- 
ponents may be arranged as shown in the 


photo or in any other arrangement suitable 
to the components you may be using. I 
used sockets for the transistors, as I wanted 
to be able to experiment to see which 
transistors from my junk box would give 
the most output in the VHF and UHF 
bands. I ended up using the 2N404 for the 
ascillator and a 2N354 in the multiplier 
stage. I also found that Japanese 25483 
transistors which had been removed from 
the if stages of a junked transistor radio, 
would work equally well in both sockets. 
All components are mounted on the top 
of the Vector board with the exception of 
C4 and C5. For the most part, wiring can 
be completed with existing leads on com- 
ponents. The push-in terminals furnished 
with the GE experimenters kit were used 
for the battery connections, antenna con- 
nection and for mounting the crystal sock- 
et. The cireuit board can be mounted to 
the handi-box with three 116 inch bushings. 
This leaves room for a slide switch to be 
mounted on the cover of the handi-box. Two 
of these bushings were purposely placed at 
the end of the board to form a sort of 
socket to hold the 9 Volt battery. The 
antenna output connector which is mounted 
on the handi-box is a switcheraft ++3501FP 
phono jack. A small hole may be drilled in 


the bottom of the handi-box through which 
a screwdriver may be inserted for adjusting 
Cl. For extreme accuracy Cl is adjusted to 
zero beat with WWV. 

A 36 inch piece of insulated wire soldered 
into a phono plug may be inserted into the 
phono jack and used as a test antenna. The 
intensity of the markers may be varied by 


moving this test antenna near your receiver 
antenna lead-in. If you are using a coax lead- 
in you can couple by drilling a small hole in 
your coax relay so that the test antenna can 
be inserted near the relay armature. You will 
find that most SWR meters provide an easy 
method of coupling to the center conductor 
of the coax. Asa last resort you can always 
couple to the receiver or converter antenna 
coil, 

| have made very good use of this gadget 
to spot frequencies in the 144 and 220 MHz 
bands. It was well worth the time and effort 
it took to build it. 


ALL BAND FREQUENCY MARKER 
Kenneth W. Robbins WIKNI 
C rystal controlled marker generators are 
useful adjuncts in any frequency deter- 
mining situation requiring high accuracy, 
such as locating band edges, sub-bands and 
calibrating receivers. If you've been enter- 
taining thoughts about construction of one, 
a version is described here which uses the 
new C/MOS integrated circuits powered by a 
9 volt transistor radio battery. And instead 
of the usual rotary harmonic selector switch, 
a multi-pin IC connector strip and three test 
plugs serve as a miniature patch panel to 
enable various divisions of the reference 
crystal, with a maximum countdown of 256. 
“Rocks” from 100 kHz to 4 MHz oscillate 
readily in this circuit. In this model an 
FT241 xtal set to 400,000 Hz has been 
chosen for control and has usable receiver 
calibration divisions down to 2.5 kHz. The 
harmonic spectrum extends to at least 160 
MHz, the tuning limit of a transistor super- 
regen used in testing. When used in densely 


Divide by 


Output, KHz 
400 
200 
100 
50 
40 


occupied HF bands, an AM beeper can be 
switched on as an identification aid. 
Referring to Fig. 1, one third of a hex 
inverter makes up a crystal controlled oscil- 
lator and buffer, another third is a slow rate 
pulser and the two remaining units function 
in the dividing section. These are all standard 
circuits described in RCA's COS/MOS Data 
Book %55D-203, An emitter follower mini- 
mizes loadirg on the IC outputs, speeds up 
rise time to increase harmonic content, and 
provides a low impedance output. The AM 
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Fig. 1, Schematic. 


beeper is a simple clamp that gates rf on or 
off to following stages. 

Photo 1 shows all components mounted 
on Vector P pattern perf-board that fits 
inside a Bud minibox, Sleeving 3/8” (10mm) 
lang is slipped over the wire trap terminals 
of the contact strip to space it up from the 
board. A DPDT center-off miniature toggle 
switch acts as one board to panel spacer. 
Diagonally across from it, a 4-40 threaded 
rod conducts emitter follower output up 


Photo 1. 


CD4009 
204015 
1034 
1995 
205130 or equiv. 
2.7k 
4.7k 
47k 
22M 
22pF 
47pF 
100pF 
470pF 
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through the front panel via a 1/2” (13mm) 
insulating spacer and = plastic shoulder 
washers. Two regular 4-40 screws and 
spacers complete the four corner mounting. 
This spacing allows the contact strip to 
project partly through a panel cutout so that 
it is mechanically secure without fastening. 


Photo 2 [completed assembly) shows a 
stick-on label with patching connection call- 
outs for various division ratios. If only one 
crystal is employed, labeling could indicate 
most used frequencies instead. A typical 
frequency vs division listing for this model is 
shown in Table 1. You can easily make up a 
compiete table of all possible ratios, remem- 
bering that each CD4015 shift register 
divides by even numbers ONLY, starting at 2 
and ending at 16, 


Uses to which a marker generator may be 
put have been described before: |-f align- 
ment, BFO, scope linearity, etc, A type that 
divides down to the audio range like this one 
is especially useful in checking superhets. A 


15/60pF trimmer 

¿07 uP 

«tal; see text 

xtal socket 

Alco FMST205P switch 
Bud #CU-2115HG minibox 
Vector $44P29-062 perfboard 
216 battery 

Battery connector 

16 pin IC sockets 

Augat patch pins or equiv. 
20 pin contact strip 

SAE Series 7000 


Table 2, Parts List. 
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Photo 2. 


very broad and flat spectrum of overlapping 
signals is generated and an audio tone will be 
heard no matter where the set is tuned. If its 
tracking and sensitivity are top-notch, the $ 
meter will hold steady over the tuning range. 
Tracking adjustment amounts to tweaking 
for maximum meter reading or loudest audio 
tone. Then patch for 100 KHz markers and 
check calibration. It’s a lot faster and easier 
than using a conventional signal generator. 


POOR MAN'S UNIVERSAL FREQUENCY 
GENERATOR 
John Schultz W2EE Y 


AS precise frequency control and 
measurement becomes more and more 
a part of the amateur radio game, the need 
develops for test instruments that deliver a 
wide range of both rf and af signals of high 
accuracy. lt would be ideal if everyone could 
have a frequency counter and a synthesizer 
type rf and af generator but that is hardly 
the case. Most amateurs must utilize their 
basic station gear along with selected 
accessory items to test out and adjust 
equipment. This article describes a very 
useful accessory item that for a modest cost 
goes a long way toward having some of the 
expensive test equipment just mentioned, 
The item to be described is somewhat like a 
erid-dip meter in that it is basically a simple 
type of oscillator but as one gets to know 
and use it, new uses for it are found and its 
versatility constantly expands. 


Circuit Description 

Figure | shows the circuit diagram of the 
test generator, Basirally, it consisis of a 
string of SN7490 decade counters which are 
used to divide down a selected inpul signal 
by a factor of 10 or 2. The input signal can 
come from a ] MHz master oscillator, a 
special crystal oscillator for externally used 
crystals or from any external sine-wave 
source. The special crystal oscillator which 
uses a SN7400 will operate with almost any 
basic or overtone crystal in the hf range. It 
can be used for crystals in Lhe low frequency 
and lower VHP range also by a simple 


modification. One gate of the SN 7400 
crystal oscillator is used to drive a LED 
which will indicate that the crystal is oscil- 
lating so it serves as a crystal activity 
indicator as well. When an external sine-wave 
source is used, il is first coupled through a 
5N741 21 multivibrator. This stage squares 
off the sine wave so it can better drive the 
subsequent frequency divider chain. 

The frequency divider chain is fixed, 
although one could easily switch the indi- 
vidual SN7490 units to divide by different 
ratios when desired, This should be obvious 
by noting the wiring of the divide by 2 
SN7490 with that of the divide by 10 units. 
However, the variety of frequencies which 
can be generated then with different input 
sources becomes confusing and more than 
would normally be needed. 

The fixed divider chain follows the se- 
quence: divide by 10, divide by 2, divide by 
10, divide by 10. A separate branch after the 
first divide by 10 unit goes through two 
other divide by 10 stages. In the case of the 
divider chain being driven by the | MHz 
master oscillator, this results in the following 
output frequencies being simultaneously pre- 
sent: | MHz (basic oscillator output), 100 
kHz, 50 kHz, 10 kHz, 5000 Hz, 1000 Hz 
and 500 Hz. With any other frequency 
inpul source you can easily calculate what 
frequency outputs the divider chain will 
bring in both the rf and af regions, Many 
surplus crystals will produce interesting fre- 
quencies of high stability in the af region 
that can be used for test purposes. 

When using the special crystal oscillator, 
the LED will glow to indicate that oscilla- 
tion is taking place. As shown witha 150 pF 
capacitor from one of the crystal 
oscillator circuit to ground, the oscillator 
will work satisfactonly with hf crystals. Its 
range of oscillation can be extended to If as 
well us high frequency overtone crystals by 
changing this capacitor. The value of capaci- 
tor required in picofarads is 500 divided by 
the frequency of the crystal in MHz. Thus 
value need, however, to be only approximate 
unless you require an absolutely square wave 
output from the unit, 

When using the multivibrator input about 
a 1% to IV peak input, either sine-wave or 
approximate square wave is required. 


side 


Construction 

The whole unit can be constructed on a 
piece of perforated board about 3 x 2 in. 
and made completely portable if powered by 
a 44V battery (Burgess No.532) or just 
three D cells in series. This arrangement does 
not provide the absolutely best stability for 
the | MHz master oscillator but unless you 
intend to use the unit for marker frequency 
generation inthe VHF range, it is a perfectly 
satisfactory arrangement. Alternatively, one 
could power the 1Cs from any standard 5.5V 
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Fig. 1. Diagram of universal frequency generator. Output frequencies shown are 


for using 1 MHz oscillator. 


regulated supply used for IC digital circuitry. 

l constructed my unit for battery 
powered operation and enclosed the unit in 
a small aluminum mini-box. The output of 
each divider was brought to a pin jack on the 
front panel of the unit. 

One simple way lo wire the relatively 
small number of ICs involved is lo purchase 
perforated board which has hole spacing to 
fit standard DIP and preferably with a 
copper pad still left around cach hole. The 
ICs are then placed on the board and the 
appropriate pins which either go to ground 
or to the 4.5¥V line bent in different direc- 
tions. The ground line is run along one side 
of the IC and the 4.5V line along the other 
side and bare wire used to connect the 
appropriate pins to cither line. Figure 2. 
illustrates the wiring for one of the divide by 
10 ICs. When one starts this process on the 
board. it will be surprising how fast the 
wiring is completed. Individual insulated 
wire jumpers are used to make the input/ 
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output connections between ICs. The wiring 
is not critical and using a receiver to hear the 
markers, or an audio amplifier for the lower 
frequency outputs, one should be able to 
determine quickly if the circuil is working, 
The frequency of the 1 MHz master oscil- 
lator may be brought exactly on frequency 
using the 25 pF trimmer in the circuit and 
checking against WWV with a harmonic of 
the oscillator or by using a counter, 


Applications 


As I mentioned before, the applications 
that you can find for the generator really 
begin to unfold only after you have had it 
around the shack for awhile. Some of the 
applications would be: 

l. A frequency marker generator for 
receiver calibration. The markers are usable 
up into the VHF range. 

2, To extend the range of present rf or af 
signal generators into lower frequency ranges 
than they presently cover. 
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Fig. 2. Perforated board wiring of ICs. One SN 7490 divide by 10 unit is shown wired. 
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3. To perform stability checks on high 
frequency variable oscillators. The divider 
chain will always perform precisely and you 
can monitor the change in frequency of a 
higher frequency oscillator witha stable low 
frequency receiver, 

4. A frequency generator to generate 
precise rf or af square wave signals at any 
frequency desired by choosing the proper 
crystal. 

5. A crystal activity checker. 

6. By taking two or more of the simul- 
taneous outputs together via mixing diodes 
and a series tuned circuit resonant at the 
desired frequency, you can also mix the 
divider outputs to generate a variety of 
intermediate frequency outputs. 


CALIBRATE THAT CALIBRATOR 
Mitchel Katz W2KPE 
ost modern receivers and transceivers 
in use today rely upon a 100 kHz 
crystal oscillator to calibrate the tuning 
dial. While some of the calibrators are built 
in, others come as outboard accessories. In 
any event the operation of each is the 

same. 

By this time we all probably know what 
“zero beating” is. The 100 kHz oscillator 
in order to serve as a calibrator must be 
“zeroed” to some standard frequency such 
as the WWV carrier frequency on 5, 10, 15, 
20, etc. MHz. With a CW or AM receiver, 
we can very easily tune through the zero 
beat point. On SSB receivers because one 
of the sidebands is missing we can only 
hear the one side as we approach zero. The 
other side of zero is greatly attenuated and 
may possibly not be heard at all. To 
further complicate matters for us in trying 
to calibrate the 100 kHz oscillator, as we 
can only hear down to about 20 Hz, we 
can't zero in any closer than this. Leaving 
the receiver at this point, we next turn on 
the 100 kHz calibrate oscillator. After a 
suitable warm up period, we turn the tune 
control of the oscillator and again adjust 
for a zero beat condition against the WWV 
frequency. With this method of calibration 
we have several possible sources of error. 
First in zeroing WWV with the receiver 
beat frequency oscillator and then zero 
beating the 100 kHz calibrator against the 
bfo. Each of these adjustments is limited to 
the lower limit of our hearing range, as well 
as the fact that we are obtaining the zero 
beat at a relatively low i-f frequency. 

A more accurate method of calibrating 
the 100 kHz oscillator will now be dis- 
cussed. After the receiver and calibrator 
oscillator have been warmed up for about 
30 minutes, tune in WWV on a frequency 
that produces a fairly good, steady signal. 
Adjust the tuning for maximum reading on 
the S-meter, Having tuned in WWV, turn 
off the beat frequency oscillator. Now turn 


on the 100 kHz oscillator that is to be 
calibrated, If a harmonic of this oscillator 
is fairly close to the WWW frequency, a 
beat note will be heard. At this time adjust 
the calibrator “‘crystal tune” control and 
the S-meter will start pulsing from a 
maximum to a minimum value. The closer 
you get to dead center the slower the 
pulsing action will become. It is fairly easy 
to come down to | pulse per second with 
this method. If your receiver doesn't have a 
meter, you can also hear this pulsation very 
clearly. In any event you would always 
tune for the slowest pulse rate. 

Note that with this method we have 
adjusted the calibrator frequency harmonic 
directly to the WWV carrier rather than to 
a low if. We have eliminated one zero 
beating step, and this, together with the 
fact that we are obtaining the zero beat at 
a much higher frequency, will provide 
greater accuracy. 

Having described the method, here are a 
few points of general interest: 

l. Before attempting any calibration let 
the equipment heal up for at least a half 
hour to stabilize. 

2, After tuning in WWV, wait until the 
400 Hz modulating tone goes off before 
adjusting the calibrator, If not, you may 
find later that you zero beat the 400 Hz 
instead of the carrier frequency! 

3. The levels produced in the receiver by 
WWV and the calibrator oscillator should 
be about equal to produce a good beat 
between the two frequencies. 

4. Use the highest WWV frequency that 
will produce a good, stable signal in the 
receiver, Certainly a 1 pulse per second 
beat at 20 MHz will provide greater calibra- 
tion accuracy than | pps beat at 5 MHz or 
better yet than 455 kHz! The accuracy will 
be considerably greater and it is no more 
difficult to come by. 


A SIMPLE FREQUENCY DEVIATION 


METER 
A frequency-deviation meter allows one to 
read the deviation plus or minus that a 
received signal is off frequency. Depending on 
the meter range desired and used, a deviation 
of ten or less cycles can be read either high or 
low. Such a device is especially useful when 
used on MARS nets or when frequency checks 
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TS NO MEASURABLE DRAIN ON THE BATT 
WHEN METER ISNOT IN USE. | 


Fig. | 
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àre desired of any incoming signal and the 
answer must be in cycles low or high of a 
desired frequency. Those grinding their own 
erystals or desiring to compare crystals will 
find this device especially useful. 


Two fundamental circuits were investigated, 
one using diodes only and the other using tran- 
sistors only. These are shown in Fig. 1 and 
2 respectively, A 0-50 microumpere meter 
should be used for the diode type and a 0-1 
milliampere meter will serve nicely for the 
transistor type, although a 0-50 or 0-100 micro- 
ampere meter will also serve nicely in the 
transistor type frequency-deviation meter sys- 
tem. Silicon diodes were used for the diode 
type and 2N123 for the transistor type. An 
input voltage of 25 is needed for the diode 
type and 7 volts or less for the transistor type 
depending on the meter sensitivity, being 2 
volts when a 50 microampere meter is used. 

Whatever scale reading is desired, be it 250 
cycles low or high or 500 cycles low or high, 
the meter cover is removed and new figures are 
added below the meter scale with a zero in 
the center of the scale and maximum readings 
at each end of the scale as appropriate, Pen- 
cil markings will do, The 250 cycle can be read 
to 10 cycles per division and the 500 cycle 
scale can be read to 20 cycles per scale divi- 
sion. Each can be read to half these values or 
5 and 10 cycles respectively. 

In use, you set your frequency meter, LM 
or 221 either 250 cycles or 500 cycles lower 


Fig. 2 


than the frequency to be checked. If the fre- 
quency to be checked is right on, the frequency- 
deviation meter will read zero at the center 
of the scale on the meter; if the frequency is 
low, the meter will read low and if higher, 
the meter will read higher. The answer in 
cycles will be the value indicated by your 
new markings. In use the frequeney-deviation 
meter is connected across the high impedance 
output of your receiver in the case of the 
diode type and across the low impedance out- 
put in the case of the transistor type. 

In those cases where a definite frequency 
will be under observation, it will be found 
advantageous to grind or obtain a crystal that 
is adjustable to 250 eycles low or 500 cycles 
low, as appropriate, and to use it in the tran- 
sistorized oscillator shown in Fig. 3. Any 
erystal holder that has an adjustable air gap 
will do. Some of the TCS surplus crystal hold- 
ers have a three point adjustable top plate 
and are about the best obtainable. Since your 


best and probably only method of adjusting 
the erystal is by the use of your LM or BC221, 
be sure that your frequency standard is ac- 
curate. It is best to use the low frequency posi- 
tion and with the 1 me erystal switch on, tune 
the meter to that portion of the desired fre- 
quency less the me part. For instance, to set 
the LM for a reading of 2,732,000 cycles, set 
the LM on the low frequency for 732,000 eyeles 
or 732 ke. The 1 me crystal will furnish the 
me part of the reading. In my case I set the 
LM to 731.5 ke and adjust the erystal to that 


frequency in the adjustable TCS holder, The 
transistorized oscillator holds the frequency 
to such a close tolerance it has not been nec- 
essary to make adjustments in weeks. A hand 
held push switch connected into the positive 
battery lead allows the oscillator to be turned 
on as needed to check the frequency of a 
MARS station on 2732 ke to an accuracy of 
plus or minus 10 cycles of that frequeney. The 
frequency-deviation meter is of course checked 
against the 440 or 600 cycle tone of WWY, no 
other check is necessary since the scale is 
linear. 


THE INDICATING OSCILLATOR 
Ken Brown KH6AF 


elatives of this little gadget have been 
Eigen a long time! Even the tran- 
sistorized versions, which usually leave 
something to be desired. With an FET, 
however, we are back in business as with 
tubes, but with many advantages. 

The range of this oscillator is fantastic. 
That is, without any circuit tricks or 
special handling. The low frequency end 
was carried down to the 1 MHz in order to 
cover the lowest ham band. The high end 
lakes care of 250 MHz easily. This can be 
extended with a little more effort. 

Use of a field-effect transistor (FET) 
allows operation more nearly like the tubes 
with which we are, perhaps, more famil- 
lar. However, we are not tied lo the power 
lines, which alone makes it worthwhile, 

A 2N4221 FET was used in this indi- 
caling oscillator. Very likely other FETs 
will work also. The MOSFETs also should 
be as good, if not better, The new ones 
with buili-in diode protection would be 
much easier to handle. 
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Standard banana plugs spaced % In. make ideal 
bases for the coils. The lower frequency coils are 
wound on polystyrene forms. 


Chapter VII 


GDOs 


SOpF 50pF 


Fig. 1. Indicating oscillator circuit diagram. 


The circuit (Fig.l) is not critical, How- 
ever, the sensitivity control should not be 
bypassed. Layout could possibly be im- 
proved with a slightly larger box, allowing 
the dial to be placed on the face with the 
meter. It is a good idea to keep the layout 
symmetrical as far as possible, particularly 
the tuned circuit. This can be seen in the 
photo of the inside view. The box used was 
an LMB 532 EL with the cover reversed to 
allow for coil mounting insulator (poly- 
stryrene or other good rl insulating 
material), The meter should be a 50 pA 
movement; otherwise, a meter amplifier 
such as the one shown schematically in Fig. 
2 will be necessary. This is no problem, as 
there is room for this amplifier on the 
circuit board. 

A thumbwheel from a BC-375 tuning 
unit could be used very nicely as a dial. 
Three sides have been left clear for ease in 
placement of unit when in use. Plug-in coils 
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makes for easy bank change and applica- 
tion to the job at hand. Standard-spaced 
banana pins allow for use with other 
accessories, Use 5/8 in. polystryrene tubing 
and stud-type banana pins. 

A dual banana plug can be used during 
construction for setting the spacing 
accurately. The coils shown have the pins 
wired in place for stronger mechanical 
assembly. Drill a hole for about 24 AWG 
copper wire on each side of the pin studs 
which will lie along each side of the poly 
tubing. Use a number 59 or 60 drill. One 
wire is enough on each pin. Form a hairpin 
with about an inch of wire, push it through 
the drilled holes from the outside, Now 
twist tightly with longnose pliers, cut it off 
short, but not so short as to allow the wire 
lo untwist! Then apply several coats of 
liquid “poly” cement. Be sure to move the 
coils frequently during the hardening 
period to make sure the liquid “poly” 
flaws evenly over the stud and forms a 
slight fillet with the tube. Epoxy doesn’t 
seem to work well with polystyrene. 
Neither Allied nor Newark list liquid poly- 
slyrene any longer, but your neighborhood 
hobby shop should be well stocked. 

The lowest frequency coil (number 1, 
0.95-2.2 MHz) was made from a Miller 


Fig. 2. This meter amplifier will increase the level 
of the signal so that a less-sensitive meter than 50 
HA may be used. 


Interior view of oscillator with coil attached shows construction of the author's version, 


951 ferrite 0.5 mH choke with 6 or 8 turns 
removed — just enough to slip inside the 
paly tubing. Some reaming may be neces- 
sary. The number 2 coil (2.2-5.4 MHz) 
was made from a Miller ferrite antenna unit 
with the slug permanently installed in the 
top end and all lugs and mounting hardware 
removed. This coil was also mounted inside 
the poly tubing. The number 3 coil 
(5.4—13.5 MHz) consists of 32 turns ol 28 
AWG enameled wire, close-wound on the 
outside of the poly tubing. All coils are 244 
in. long with windings as near the end as 
practical. The number 4 coil (27-50 MHz) 
consists of 10 turns of 24 AWG enameled 
wire, close-wound. The number 5 coll 
(45—100 MHz) consists of 2 turns of 14 
AWG enameled wire, self-supporting. The 
number 6 cold (60-270 MHz) 1s one 
hairpin loop 3/8 x | in. 

A jack is provided for headphone use. 
The screwdriver-adjusted miniature pot is 
for zero adjustment of the meter amplifier. 
H can be seen in the photograph. 


THE LITTLE GATE DIPPER 


John Aggers WSETT 


pes you now own a erid dipper, 
AL but is it small, easy to handle, and 
cordless, making 11 completely portable? If 
not, you will want to build this gate dip 
meter. The cost is extremely low — only 
about $7, All parts are readily obtainable 
and construction is simple, The plug-in coll 
forms, using battery plugs and polystyrene 
tubing, are easy to make, 
The Circuit 

An MPF 102 FET is used ina modified 
Colpitts circuit. Except for the #1 coil, 
where a choke is used, the B+ is fed to the 
centertap of the coll. This is necessary to 
obtain a fairly constant gate current as the 
oscillator is tuned to its end frequencies. 
Drain current varies from 4 to 1 mA 
proceeding from 225 to 1.7 MHz. At the 


same time the gate current varies from 20 
to well over 50 LA, 

From this, it is apparent that the 
stronger the oscillations the smaller the 
drain current and the larger the gate 
current. In gate dip operalion, as power is 
drawn from the oscillator the drain current 
will increase and the gate current will 
decrease or dip. 

Limited wavemeter operation, obtained 
by switching off the B+, is accompanied by 
a slight shift in calibration. When the 
circuit picks up rf, the FET suddenly goes 
into oscillation using the rf as its battery. 
Thus, the amount of rf picked up must be 
large enough or there will be no oscillation 
and no meter indication. However, despite 
these deficiencies, it is still considered a 
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Fig. 1. Schematic diagram of the little gate 
dipper, 


useful mode of operation and for that 
reason has been included. It is only neces- 
sary to wire the sensitivity control so thal 
the resistance is maximum when the switch 
is in the off position. 


Construction 

A natural finish aluminum minibox (4 x 
2-1/8 x 1-5/8 in.) is used for the meter 
case, The variable capacitor came from an 
old transistor radio and measured | 3/8 x 
1/2 x | in, The shaft was already squared 
and tapped for a small screw. Since those 
listed in the catalogs have a plain or flat 
shaft, you will have to use a collar with 
setscrew, or drill and tap the shaft. The 
trimmer capacitors are not used and should 
be removed. 


The little gate dipper with spare coils. 
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1 division 
peak-to-peak 


4.6 divisions 
peak-to-peak 


LA 


As you set fin to a new value on the 


function generator, you may also need to 
adjust the TIME/DIV control, the VOLTS/DIV 

control, and vertical POSITION controls on the 
oscilloscope. The controls shown in Figure 
7.27 are adjusted to measure V out when fin 


= 500 kHz. 
Figure 7.27 


To make the coil socket you will need 
three pin receptacles from an octal socket, 
two pieces of 1/8 in. Plexiglas approxi- 
mately 7/8 x 3/4 in., and one battery plug 
for a pattern. The pins of the battery plug 
form a triangle. 1 shall refer to the holes at 
the base as the outside holes. Drill holes in 
one piece of plastic to match the pins of 
the battery plug. Match the two pieces of 
plastic, clamp in a vise, and drill the two 
outside holes in the second piece, Bend the 
lug part of each socket pin to a right angle. 
Slip one over each outside pin of the 
battery plug. Using this as a jig, solder the 
lug portions to the stators of the variable 
capacitor, Remove the plug, and the pieces 
of plastic should fit down over the variable 
capacitor, The lug part of the center socket 
pin is brought out between the two layers 
of plastic. 

File a small notch in the bottom piece 
to accommodate the lug. Before cementing 
the two pieces together and to the frame, 
make each hole slightly larger than the 
diameter of the socket pins. This will allow 
for expansion when the plug is inserted. 


The dial is made of 2-1/4 in. diameter 
1/8 in. Plexiglas. To give the dial a rough 
edge, for good thumb traction, | heated an 
old gear wheel and rigged up an arrangement 
to rotate the dial against it. The gear should 
have rather coarse teeth and rotate with the 
dial, or you will create flat spots. 

The variable capacitor can now be 
mounted in the case. Position it so that the 
top and sides of the dial will be just about 
even with the edges of the case. 


Meter is held against the front panel by a small bracket. The FET is the small black object in the center 


The dial marker is mounted on square 
aluminum posts. The top post (2 in. long) 
has 1% in. of its length filed down toa 1/8 
in. thickness to reduce its bulky appear- 
ance, To make the hairline, scribe a line in 
a Y in, wide piece of plastic and fill in with 
a ballpoint pen. 
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42-85 MHz 
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wi (SPACED 1/4 in BETWEEN TWO WINDINGS) 


The sensitivity control I used was 
already prepared for the knob shown. If 
you don't have one like if, use a dime-size 
pot and a setScrew knob. Any resistance 
from 5 to 10 KO? will be fine. 
Keystone light meters are available from 
Electronics in a package of five 
(33.99) or Transistors Unlimited Co. (75d 


each). Some modification of the meter is 
necessary. Remove the light cell and series 


A 


Olson 


pe 


resistor. Drill two holes, spaced 4 in. apart 
back of the case to pass 4-40 
machine screws for easy soldering, make 
sure the heads and nuts are clean and free 
of any nickel plating. The screws should be 
filed even with nuts in order to make room 
for the battery. Solder the leads from the 
meter movement to the terminals, but be 
quick because the plastic case tends to melt 
in a hurry. 

Wiring is just a here-to-there proposi- 
tion, requiring no terminal boards or ter- 
minal lugs. The FET is soldered in place 
supported by its own leads. With reason- 
able care you should not damage it. A 
battery holder was found unnecessary, 
however, it is a good idea to wrap a layer 
of tape or stiff fiber paper around the 
battery to prevent the metal case from 
shorting out the meter terminals, 


m the 


Coil Construction 

Figure 2 and the photo give the neces- 
sary dimensions and show the parts needed 
to make the coil forms. The battery plugs 
are listed in the catalogs to fit #48? and 
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Fig. 2. Coil configurations for various frequencies of resonance. 
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M3 batteries. The center pin should be 
filed slightly shorter to make the plug seat 
evenly in the socket. While you are at it, 
file the nickel plating from the ends of all 
plug prongs. This will make for easier 
soldering. 

Complete coil information is given in 
Fig. 2. However a little explanation may be 
in order. The irregular method of winding 
the #2 coil is necessary lo reach 85 MHz 
and still maintain oscillation. With 4 turns 
close-wound the highest was too low. With 
the 4 turns spaced, oscillation ceased at the 
highest frequency. The 30 AWG silk wire 
was taken from a TV flyback transformer. 
The resistors in the centertap of the last 
three coils improve the meter's sensitivity 
slightly, They are mounted right next to 
the coil winding. With a slight groove filed 
inside the insulating sleeve, it should slip 
over the resistor. 

The #6 coil is layer-wound as space 
permits and scrambled wound the rest of 
the necessary turns. The top winding of all 
coils should end near the very edge of the 
coil form. This will make easier 
coupling to a tuned circuit. After the coils 
are checked out the insulating sleeves may 
be glued to the plug base. 

Allow the glue to dry for several days 
before plugging the open ends of each coll 
with a small cardboard disk. The coils are 
painted with colored lacquers. Colored 
paper between the coil and the insulating 
sleeve will probably work just as well. 
Calibration 

For calibration purposes, you will need 
another indicating oscillator or dip meter. 
Operate it in the diode or wavemeter mode 
and loosely coupled to the gate dipper. | 
calibrated only 5 points on each scale plus 
any ham bands which appeared. Remember 
the dipper is not a frequency meter but 
something to get you in the ballpark. 


Conclusion 

The little gate dipper was checked 
against a well known commercial tube 
equivalent and, as near as | could tell, they 
were just about even. The battery should 
last for a long time because the current 
drain is extremely low. 
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THE GREAT DIPPER 
John E. Boyd WAQGAYP 


Test equipment is essential in the ham- 
shack, as those of us have found when we 
attempted to get that new piece of home- 
brew perking for the first time. One of the 
most useful pieces of test equipment is the 
grid dip oscillator or simply, the GDO; be- 
sides being relatively inexpensive, it is partic- 
ularly versatile. Need an indicating absorp- 
tion wave meter? The GDO will do that. 
How about a modulated signal source? It 
handles that too. If you are interested in 
discovering its whole variety of uses, why 


not purchase one of several books on the 
subject. 

Every item used in this GDO was selected 
with an eye toward the average home build- 
er. There are no parts which must be spe- 
cially purchased from the West Indies Ex- 
port Company or similar outfit. Nearly all the 
parts, except for the meter, miniature pot, 
and mode switch, were obtained from the 
junkbox, or rather, from several junkboxes. 
If you insist on buying all new parts, total 
cost of the project will be about $20. 


Circuit description 

The grid-dip oscillator, in this case more 
properly termed an emitter-dip oscillator, 
gets its name from the fact that emitter cur- 
rent in transistor Q, decreases when the 
tuned circuit C,-L, is in resonance with a 
nearby circuit. This decrease is easily seen 
by the dip of the meter indicating pointer. 

When switched to the diode position, B+ 
is removed from the oscillator and the in- 
coming rf is rectified by diode D,; the volt- 
age developed across the 2k resistor is am- 
plified by the meter amplifier and monitored 
by the 0-1 mA meter. In switching to the 
signal position, B+ is removed from the 
meter amplifier but applied to the modula- 
tor, and a 1 kHz tone is available from one 
of the output jacks. In the modulated oscilla- 
tor position, B+ is reapplied to the oscilla- 
tor, and the oscillator is modulated by the 
1 kHz tone. 


Like a patch-work quilt, this GDO was 


built using circuits from already published 
articles or books and modified where nec- 
essary. The whole circuit is composed of 
three separate  entities—oscillator, meter 
amplifier, and audio tone generator. The 
circuit is not particularly critical, but lead 
lengths and dress in the oscillator must fol- 
low good VHF practice, if stable VHF oscil- 
lation is to be maintained. 

My operating time is spent on the various 
bands from 28 mHz to 432 mHz. Quite natu- 
rally, when 1 discovered that the GDO would 


not oscillate satisfactorily over the entire 
range from 2 mHz to 200 mHz, I juggled 
values so that it would oscillate well at 216 
mHz (for tuning frequency doublers to 432 
mHz); then I tried to get as low in fre- 
quency as possible. Oscillation was vigorous 
to about 20 mHz. Coils and scales were then 
made to cover the respective ranges. It you 
don’t do any homebrewing on the VHF 
bands perhaps you will find it necessary to 
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Fig. |. Circuit diagram of the great dipper. Note that although the 2N2398 is a PNP transistor, the 


2N918 is NPN, and if used as the oscillator transistor, 


problems would arise with voltage polarity. The 


diode D. may be almost anything that you have available. The | pF gimmick capacitor consists of 


145% of twisted wire. 
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Internal construction of 
the great dipper, The 
modulator and oscilla- 
tor boards are to the 
right—the oscillator 
transistor is mounted 
right next to tho coil 
jacks, 


change the value of the emitter-collector 
feedback capacitor, and to juggle the emitter 
and base resistor values in order to sustain 
oscillation at your desired frequencies. 


Construction 

Vector board was used, mainly because 1 
wanted to experiment with component val- 
ues; however, a printed circuit would be just 
as good, especially for something such as a 
club project. It can be seen from the photo- 
graph that the meter amplifier and audio 
oscillator are built on separate boards. This 
is due to the fact that I built several differ- 
ent amplifiers; the layout would look neater 
if they were on the same board. Positioning 
of the rf oscillator and capacitor C, as 
shown in the photograph is recommended, 
but the placement of other parts is not 
critical, 

Fiberglass board is used as an insulator 
for mounting the banana jacks and plugs. 
It cuts and drills easily and appears to work 
fine. Three banana jacks were used, the 
third jack being used merely to provide me- 
chanical rigidity. It could also be used, if 
necessary, to shunt additional capacitance 
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Fig. 2. Layout of the two circuit boards used in tho great diper. Almough iwo boards were used in this 


across the emitter and collector on the lower 
frequencies. 

Because a shear and a brake were available, 
I constructed my own chassis, consisting of 
two U-shaped pieces of Yo” aluminum. Using 
the GDO is a breeze, for it fits the hand 
very comfortably; if placed on the work- 
bench, it doesn’t roll off each time it is 
bumped. The completed case (1%” H x 
22° W x 6%” L) is exceptionally rigid 
and imparts a reassuringly solid feel when 
handled. Commercially available miniboxes 
could be used if you don’t have facilities 
available for rolling your own. 

In building the rf oscillator, keep all the 
rf leads as short as possible; especially the 
short lead from C, to Q, and from circuit 
ground to chassis ground, It was found that 
false dips could be completely eliminated if 
a copper strap 4” wide was added from the 
capacitor ground lug directly to chassis 
ground. Apparently the ground on the var- 
iable capacitor C, is not quite good enough 
at frequencies above 100 mHz. Various 
transistors were tried in the oscillator; the 
PNP type 2N2398 was found to be a good 
performer, as was the NPN type 2N918. 
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case, the circuit could be easily adapted to ono board, and even to printed circuitry. 
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BANANA PLUGS 


Fig. 3. Construction of the plug-in coil assemblies. 
The coil forms were made from the plastic con- 
tainers which hold Polaroid print coater. 


However, the use of the NPN type could 
lead to problems with battery polarity, Ca- 
pacitor Cs is a 1%” length of twisted wire 
positioned near the collector lead of Q,. This 
slightly modified oscillator circuit is from a 
book describing, among other things, a tran- 
sistorized GDO which you may wish to use 
as a reference, 

To keep cost low, a 0-1 mA meter was 
used in conjunction with a simple meter 
amplifier. If you happen to have a 0-50 sA 
meter lying in the junkbox, that would work 
equally well, and the circuit could be sim- 
plified accordingly, Several circuits were 
built for the meter amplifier; the one chosen 


was a compromise between cost and per- 


formance. A germanium transistor was used 
because it requires less voltage to turn it on. 
Leakage is low, the pointer of the meter 
resting just off zero when no coil is in place. 
Further information can be obtained from 
January 1966 73 Magazine, which was the 
source for this circuit, 

A transistorized audio tone generator is 
coupled by a 2 F capacitor to the base of 
the oscillator transistor for modulation. This 
modulated oscillator allows the GDO to be 
used as a versatile signal source. An output 
jack is included on the panel to allow the 
1 kHz tone to be used without turning on 
the oscillator. 
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Fig. 4. Wiring the four-position slide switch for 
tho great dipper. 


The throe plug-in coils 
for the Great Dipper. 
Three ranges cover fram 
28 to 216 MHz. The sec- 
ond harmonic of 216 
MHz may bo used for 
Juning up 432 MHz con- 


vortors and such. 


28-48 MHz 


48-105 MHz 


105-215 MHz 


Fig. 5. Fullsseale dials for the great dippor. If tho 
construction shown in the photographs is followed 
closely, the calibration of these dials should bo 
within several percent. 


There are a couple of components which 
not everyone will want to duplicate. One, the 
sub-miniature 10k pot with SPST switch, was 
chosen because a very limited amount of 
space was available; if the unit is built on a 
larger chassis, the more commonly available 
Midgetrol could be used. The other, a four 


position switch used to select the desired 
mode, is a 29c variety available from Lafa- 
vette or Radio Shack. It has a peculiar 
switching arrangement and if you duplicate 
this project, several hours of experimenting 
could be eliminated by following the pic- 
torial diagram included in this article. A 
disadvantage of this particular switch is that 
the meter does not indicate in the modulated 
oscillator position. 

Using individual scales on each plug-in 
coil assembly greatly enhances scale leg- 
ibility, reducing the chance of reading error 
and speeding frequency identification. This 
scheme; however, is not original. It was de- 
scribed in a 1957 issue of Short-wave Maga- 
zine, and is currently being used on a com- 
mercial GDO. It requires little additional 
effort ta build the coil assembly in this man- 
ner and is, to me, well worth that extra 
effort. For want of anything else, the coil 
forms were made from the plastic tubes which 
contain the film coater supplied with each 
roll of Polaroid film. 

Lastly, ease of tuning is accomplished 
largely through the use of a 1” skirted knob. 
Small knobs are simply too difficult to use 
comfortably. 


Calibration and operation 


It is best to calibrate this GDO by listen- 
ing for the oscillator, modulated by the 1 
kHz tone, on a general coverage receiver, 
An alternate method is to use another GDO, 
placing one in oscillate and the other in 
diode, tuning for either peak or dip. The 
scales which were used on this GDO will 
serve if parts and layout are followed closely. 

To use this unit as a dipper, place the 
mode switch in oscillate, and place the dip- 
per coil next to the coil under test. The turns 
of both coils should be parallel, and not at 
right angles to each other. To keep from 
pulling the oscillator frequency, keep the two 
coils separated as much as possible, while 
still maintaining a meter dip. This assures 
that dial accuracy will be kept high. If a coil 
is inaccessable, twist a pair of wires togeth- 
er, forming a two turn coil on each end; 
slip this coupling link over the two coils. 
Keep in mind that a coil, when it is in a 
circuit, may not dip at the same frequency 
as when it is out of this same circuit. 
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GREATER DIPPER — MODIFICATION 
John E. Boyd WAQAYP 


Introduction 

To the uninitiated, a grid dip oscillator is 
neither glamorous nor exotic, even if it does 
happen to be transistorized. Bul to those 
who have ever tried to put a coil on 
frequency, one is worth its weight in micro- 
circuits, 

The original model of the Great Dipper 
proved to be a versatile, if unexciting, grid 
dip oscillator. Intended to be used mostly at 
VHF, the dipper was limited to frequencies 
above 28 MHz. To those who seldom oper- 
ate above 10 meters, the lack of frequency 
coverage below 28 MHz was a definite 
handicap. Expanding the frequency coverage 
downward extends the dipper’s usefulness 
considerably. 

Component changes made were not 
extensive, nor were the physical dimensions 
of the unit changed. The schematic diagram 
of the modified circuit is shown in Fig. 1, 
and the pictorial diagram of Fig. 2 is included 
to supplement the photographs printed in 
the original article. 

Modification 

First, the oscillator circuit board should 
be rotated 90 degrees from its original 
position so that transistor substitution or 
replacement can be made easily. A micro- 
wave diode might be substituted for the 
original glass computer-type diode; this 
results in better performance at VHF, but its 
effect cannot be accurately predicted. A 
IN21 or 1N23 diode could be used in place 
of the D4900 called for in the schematic. 
Best oscillator performance over a wide 
frequency range results from using a 5 pF 
capacitor as the collector feedback coupler, 
but this was a compromise value. If oper- 
ation is likely to be confined to either the 
HF or VHF segments of the radio spectrum, 
some experimentation with this capacitor 
should result in improved performance over 
that particular range. For experimentation, 
use a 3-]2 pF or 4-30 pF trimmer. 


Fig. 1. Schematic of modified circuit, with com- 
ponent changes indicated by *. Ll; 13-23 MHz, 
14% turns No. 20; 22-44 MHz, 5% turns No. 24, 
45-90 MHz, 1% turns No. 24; 90-195 MHz, 24 x 
3/8 in. 
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Fig. 2. Pictorial view of the dipper and its circuit 
board. 


To perk up meter amplifier performance, 
the 2N388 meter amplifier is replaced by a 
2N918, a relatively high gain, low leakage 
transistor, 

Although the change was not made in this 
unit, a 6-100 pF (MAPC-100) variable capa- 
citor could be substituted for the existing 
5-50 pF unit. As can be seen from the 
full-size scales, frequency coverage is narrow 
on the 13-23 MHz plug-in coil. Those who 
frequently construct HF gear might benefit 
from the substitution. 

Operation 


Operation of the dipper is the same as 
before, except the frequency range is 
greater, Another coil must be wound for the 
10-25 MHz range, but existing coils were not 
modified. Calibration 1s now different from 
before; full-size scales are included with this 
article for those who do not have a general- 
coverage receiver or another grid dip oscilla- 
tor on hand for calibration. 

Oscillation is still vigorous at 13 MHz, 
which indicates lower frequencies may be 


90-195 MHZ 


W 


45-90 MHZ 


reached with a suitable coil plugged in. 
Similarly, oscillation is still noticeable at 195 
MHz. so operation at higher frequencies may 
be possible. 

Finishing Touches 


Appearance of the dipper was improved 
after enlisting the help of a draftsman. The 
dial and meter scales were professionally 
inked. Figure 3 provides full-size copies of 
these scales, 

To improve the legibility of the labels and 
scales, they were inked on yellow cards 
rather than on conventional white paper. It’s 
a small point, but for those who use test 
equipment frequently, the black-on-yellow 
technique results in less eye strain. 


ETCHED CIRCUIT UHF DIPMETER 
Bob Corbett WEAEL 


| made three models of the dipper, They 
cover 130-175 MHz, 175-250 MHz, and 250- 
I80 MHz. The first two models use the same 
size inductor, with the 130-175 MHz model 
using a larger capacitor for tuning with a ce- 
ramic trimmer across it. This trimmer is not 
shown in the schematic; its value is 7-45 pF 
and it should be adjusted to cover the proper 
range, 

The 250-480 MHz dipper uses a smaller 
inductor than the others. It also has a copper 
jumper (shown in the layout) that the lower 
frequency dippers don't have. 

Each dipper is complete (including the bat- 
tery) except for the meter. The meters were 
omitted to save space and money, but can be 


13-23 MHZ 


Fig. 3. Dial designs for the various MHz ranges, full size. 


86 


The three dippers shown here 
MHz. 


included if you wish to use a slightly larger 
CISC. 

Each dipper uses one RCA 2N3478 NPN 
silicon transistor, These transistors cost only 
$1.90 apiece, but it's likely that other tran- 
sistors that are even cheaper could be used, 
The 2N3478 has odd basing—the only refer- 
ence is the short case-shield lead—so don't 
shorten any leads until youre sure that you 
can keep track of the connections. 

The copper side of the board for the 
dipper is shown in Fig. 2 with the com- 
ponent side in Fig. 3. Use glass or Teflon 
based board. Paper or bakelite board 
probably wouldn't be satisfactory. Trim the 
board to the proper shape with a nibbler, 
The inductor should be coated with coil 
dope to keep from shorting it when you use 
it. 


Fig. 1. The etched circuit mb is very sim 
ple. The circuit is almost identical to the 
one described by WA1CCH in the December 
1965 73, but the construction is quite dif- 
ferent. Cl is Johnson 160-104 (9 pF) for the 
two higher frequency dippers, and 160-107 
(14 pF) for the 130-180 MHz model. There 
is a trimmer across Cl in the 130-180 MHz 
model; see text. 


To mount the boards, vou have to cut a 
thin slot near the edge of the Minibox used 
as a case. One way to do it is to drill a num- 
ber nf holes of the proper size in a row. then 
use a file to finish the slot. You'll have to bend 
that sido of the Minibox out to get the board 
in. It’s held in place by an extra set of nuts 
on the shafts of the potentiometer and the 
tuning capacitor, Be sure to trim the leads 
projecting from the copper side of the board 
so that they won't touch the metal of the case, 
The battery is held in place with a simple clip 
made from serap metal, 

The dipper is very easy to use. But before 
we get to that, let's check it out and calibrate 


cove r 130-480 


| Here's the inside of one of the dippers. 


130-175 MHz 
(75-250 MHz 


275-480 MHz 


Fig. 2. The copper side of the etched circuit 
board used in the dipper. This layout is full 
size. Use board suitable for these frequencies: 
fiber glass or Teflon. 


Plug a 2 to 5 mA meter into the mete 
jack. You can use a more sensitive meter il 
vou shunt it with a resistor that gives the 
proper scale. Put the resistor across the meter 
jack terminals in the dipper if vou use the 
meter for other things. 

Turn on the dipper by twisting the poten 
tometer knob clockwise until it clicks, The 
meter should show verv low current. As vou 
turn the part, the current should. suddenly 


jump to about 1 mA. That means that the 
transistor ds oscillating, If vou touch the coil, 
the meter reading should drop and the dipper 
may stop oscillating completely. Now tune the 
vapacitor through its range, There should be 
a little variation in current, but not too much. 


Now voure ready to calibrate the dipper. 
The evsiest method is a sensitive wave meter 
that covers the range, but it’s quite easy to do 
the job with a TV set. A TV set covers 176 
to 216 MHz (channels 7-13) for the low cali- 
bration, Then the second harmonies of the 
dipper tuning 235 to 445 MHz can be received 
on a UHF TV set (470-590 MHz). If vou have 
a two meter receiver, that gives vou another 
måker at 146 MHz. You can put on the panel 
markings with Ami-Tron or Datak rub-on 
lettering. 

The dipper should be complete now, and 
ready for use. Bring the dipper near a res- 
ouant circuit in the dippers range and tune 
the frequenev control. You should get a promi- 
nent dip in current when both circuits are 
hined to the same frequency. The amount of 
dip depends on the setting of the pot in the 
dipper, the distance from the tuned circuit, 
the Q of the circuit, and the type of coupling. 
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Fig. 3. Component side of the dippers, There 
is a 7-45 pF ceramic trimmer across Cl in 
the lowest frequency model. See the text. 


ln many cases it's easiest to leave the dipper 
stationary and tune the other circuit, 

The dipper can also be used for monitoring 
AM transmitters by plugging a set of head- 
phones in the meter jack and adjusting the 
tuning and pot. You can also use the dipper 
for determining the frequeney of another oscil- 
lator, Simply tune the oscillating dipper with 
headphones plugged in until vou hear a slight 
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click, You probably won't be able to get a 
zero beat at these frequencies, 

Be careful that vou don't use the dipper 
around an energized transmitter of more than 
a few watts output or the dipper may be 
damaged. 

These dippers are simple, inexpensive and 
non-critical to build. After you've build them, 
you'll wonder how you ever tried to build 
UHF equipment without a good dipper. 


UHF GRID DIPPER 
J. Fisk WA6BSO 


When building or testing equipment for the 
420 me band, amateurs invariably run into the 
problem of, “Where am IF”. It becomes a little 
difficult to tell whether you are actually in the 
band or somewhere nearby. The uninitiated 
will counter that you should be able to figure 
close enough, alter all the band is 30 me wide; 
but even the experienced old timer will con- 
firm that this just isn’t so. 

The 420-450 me amateur band falls be- 
tween the VHF and UHF television assign- 
ments and there is very little to use for a 
frequency reference point. It is nearly impos- 
sible to tell exactly where you are without re- 
sorting to expensive commercial gear or lecher 
wires. Nor is the problem confined to the M 
meter band; when building crystal controlled 
converters for 432 or 1296, it’s nice to know 
that the lust tripler is really tripling and not 
doubling or quadrupling. Even with a 45 or 
50 me crystal, it's quite easy to tune up on 
the wrong harmonic, Remember that a 40 me 
change at 400 me is analogous to a 400 ke 
change on 75 meters. 

There are several commercial instruments 
that fill this requirement nicely, but the cost of 
the least expensive of these would buy a pretty 
respectable all band receiver. Occasionally 
suitable test equipment appears on the surplus 
market, but again, the price is prohibitive. 
The simple UHF grid-dipper described in this 
article was designed specifically to economi- 
cally fll this need. It covers the frequencies 
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Fig. 1. Schematic of the rf head of the UHF grid 
dipper. 


from 300 to 680 mc at a total cost that is 
comparable to a low-frequency kit-tvpe grid- 
dipper. By using junk-box parts and smart 
horsetradesmanship this cost may be substan- 
tially reduced. I should hasten to point ont 
that substitution of parts in the tuning head 
should be avoided if accurate dial calibration 
is desired. 

This particular grid-dipper has been dupli- 
cated several times and in each case calibra- 
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tion has heen within several percent of the 
original unit; at least as accurate as the 
familiar kit-type grid-dipper. This is helpful 
to the ham who does not have access to com- 
mercial equipment for calibration purposes. By 
using the layout and parts described in this 
article, the precalibrated dial illustrated in 
Fig. 8 may be used with a minimum of error, 

Although an accessory power supply, modu- 
lator and indicator are included in this design, 
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and modulator for the UHF grid dipper. 
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an enterprising ham could use the power sup- 
ply and meter presently available in any lower 
frequency tube type grid-dipper, Although us- 
ing a modified low-frequency dipper is simple 
and inexpensive, the power/indicator box spe- 
cifically designed for the UHF tuning head 
has several features that are not available in 
inexpensive kit-type units. These include in- 
ternal 1,000 eycle modulation, provision for 
external modulation, and voltage regulation 
which provides the necessary stability at the 
ultra high frequencies. 


The rf tuning head 


The heart of this instrument lies in the tun- 
ing head itself. There is nothing particularly 
new or different about the circuit, but at these 
frequencies stray inductance and capacitance 
in circuit layout and construction will seriously 
affect the end result. All the lead lengths must 
be as short as humanly possible and physical 
circuit layout must follow standard UHF 
practice. One of the big preblems in building 
tunable oscillators at UHF is to obtain an os- 
cillator that will tune from one end of the 
range to the other with no “holes,” frequency 
jumping or instability, The series tuned 6CW4 
nuvistor oscillator shown in Fig. 1 fills these 
requirements. 


Insofar as possible, all the tuning head wir- 
ing is done on a point-to-point basis with the 
components mounted directly to the 6CW4 
tube socket or button capacitor lugs as illus- 
trated in Fig. 3. To obtain the desired accu- 
racy with the precalibrated dial, this diagram 
shuuld be followed as closely as possible. 


Te keep stray circuit inductance to a mini- 
mum, all wiring between the coil and tube 
socket is done with one-quarter inch wide 
strips of thin copper sheet. In addition, the 
rotor of the variable capacitor is connected to 
the 6CW4 grid (pin 4) with a short strip of the 
same material, The only tricky part of this 
Wiring is the installation of the series capacitor 
C4. This capacitor is a 500 picofarad button 
tvpe mounted as shown in Fig. 5. The “S" 
shaped bracket ("A") is made from a one- 
quarter inch wide copper strip, one and one 
half inches long and soldered to the mounting 
stud of the capacitor. Connection to the 6CW4 
plate (pin 2) is made with the soldering lug 
on top of the button, 


Fig. 3. Critical wiring around the 6CW4 socket, 
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Fig. 4. Layout af the tuner chassis, chassis cover, dial, connector insulator, oscillator support and oscil- 


latar support angle. 


Connection to the stator of the variable ca- 
pacitor is accomplished with another short 
strip of thin copper as shown in Fig. 5 (“B”). 
This piece of copper is bent so it touches both 
stator mounting pins when the unit is assem- 
bled; then it is saldered in place. 

The oscillator and tuning mechanism are 
housed in a standard 2h x 2% x 4 inch chassis 
box laid out as shown in Fig. 4. Although the 
authors unit is based on an LMB type 107 
chassis box, other manufacturers have simi- 
larly sized boxes which are equally suitable. 
The layout of the enclosure is straight-forward 
and no difficulty should be found in duplicat- 
ing it, The dial and coil socket cutouls are 
made by drilling or punching round holes and 
then cutting out the area between them as 
shown in the drawing. This is easily done 
with an Adel “nibbling” tool. All of the small 
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serew holes are drilled with a standard J inch 
drill to pass 4-40 screws; %% inch holes will 
be required if 6-32 screws are used. 

The dial window is cut from a sheet of Me 
inch clear plastic to the dimensions shown in 
Fig. 4. A hairline is scribed in the center of 
this window: if a more distinct line is desired, 
this scribe mark may be filled in with black 
india ink, After the tuner enclosure is com- 
pleted, this dial window is epoxied in place 
aver the dial cutout. 

The coil socket is made by installing two 
banana jacks (E. F. Johnsen type 108-740) on 
1444 inch centers in the Teflon connector insu- 
lator illustrated in Fig. 4 (if Teflon is not 
available, Polystyrene may be used). This 
“socket” is installed over the large oblong hole 
cut in the end of the chassis. The serew holes 
used for mounting the connector insulator are 
match-drilled to the holes in the insulator it- 
self, In this way it is properly mated to the 
enclosure. Although nylon attaching screws 
were used in the original model, they are not 
necessary and regular metallic screws will not 
alter any of the oscillator’s characteristics. 

To reduce stray capacity to a minimum, the 
oscillater circuitry is mounted on an insulating 
sheet. Teflon was used for this purpose in the 
original unit, but epoxy board with the copper 
peeled off would be perfectly suitable. Shect 
polystyrene is not too desirable in this location 
because of its susceptibility to heat. The en- 
velope of the 6CW4 gets very hot and the 
ambient temperature within the confines of 
the small chassis is quite high. 

The general layout of the Teflon oscillator 
support and associated support angle are also 
shown in Fig. 4. The angle is cut out from a 
piece of Mes inch aluminum sheet and bent in 
a vise to form the angle. When these two 
pieces are mated together, the metal angle 


will probably interfere with the lower nuvistor 
socket mounting screw. It must be drilled out 
using the hole in the oscillator support as a 
guide. This additional hole is not shown be- 
cause its exact location will vary from unit to 
unit and depends upon the aceuracy with 
which the parts are laid out. 

The dial mechanism is not complicated, but 
it is hard to ascertain from the photographs 
exactly how it is put together. The exploded 
drawing of Fig. 6 should help in this respect. 
The vernier mechanism is an Eddystone 10:1 
planetary drive that provides both smooth 


Tum hasir 


le Fr DA FAG da 


BOTH Tet BUTTON CAPACITOR AHO WA IA BLE CAPACITOR 
CONNECTING STRAPS (A AND B RESPECTIVELY) ARC MADE 
FA Ai" WIE THIN COPPER STRIPA AWD FORMED INTO 
SHAPE AS SHOWN MOTE THAT Te STATOR SUPPORTING 
PIWS ÒH THE AMADA CAPACITOR HAVE LENGTATHED 
SOMEWHAT FOR PURPOSE Of Tei ILLUS TAT ICH 


Fig. 5. Exploded view of the connections between 
the 6CW4 and the coil socket, 


action and repeatability in a small package, 
Although this unit is manufactured in Eng- 
land, it is available from many of the larger 
electronics parts houses in this country. 

Substitution of similar drives should be per- 
fectly satisfactory as long as they don't extend 
more than one inch beyond the front panel 
of the tuner chasssis. 

The vernier drive is connected to the vari- 
able capacitor through a % inch polystyrene 
shaft 1-4 inches long and the usual “4 to E” 
shaft couplers. Polystyrene or some other in- 
sulator must be used here because the rotor of 
the capacitor must be isolated from ground. 
Because of the space limitations inside the en- 
closure, the coupler at the variable capacitor 
end of this shaft is only one-half of a standard 
coupler. A standard "X to 4" coupler is sawed 
in two and one-half is epoxied to the end of 
the polystyrene shaft. Save the other half; it 
will be used for the dial drum hub. 

The 8 pf variable capacitor was designed 
for screwdriver adjustment and its “ie inch 
shaft must be made compatible with the 
standard coupler. This is accomplished with a 
bushing made from sheet copper. A short 
piece of A inch wide, Me inch thick copper 
strap is formed around the capacitor shaft and 
takes up the slack between the shaft and the 
coupler, 

The drum dial in the original unit was 
made from the metal top of a Johnson's Shoe 
Shine Kit (49¢ at the local grocer's), but any 
similar closed cylinder 1-40 inches in dinm- 
eter and about J-"jq inches long should be 
suitable; other diameters will void the accu- 
racy of the precalibrated dial. The “skirt” or 
bottom rim is cut off the metal can at the cir- 
cumferential notch and a A inch hole is drilled 
in the center of the top. The remaining half of 
the 4 inch shaft coupler that was left over 
from the polystyrene shaft is then epoxied in 
place over the hole to provide a dial drum 
hub. Another hole is drilled in the side of the 
can Hie inches from the top; this provides ac- 
cess to the shaft coupler on the rear end of 
the vernier drive. 

The precalibrated paper dial may now be 
cemented in place. It’s a good idea to cement 
a piece of white paper the same size as the 
dial between the dial and the drum, otherwise 
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Fig. 7. The coils for the UHF grid dipper. 


the label on the can will show through the 
paper dial. Rubber cement is recommended 
at this point to prevent excessive wrinkling 
and distortion of the dial. 

When all of the dial parts are completed, 
they are put together as shown in Fig. 6. It's 
a little crowded in the small box, but all of 
the parts will fit. However, in order to get all 
af the dial machinery into the box in the right 
order, a correct assembly sequence must be 
followed. First the polystyrene shaft and cou- 
pler are inserted into the dial drum from the 
rear. Next insert the Eddystone drive assembly 
through the hole in the front panel and mate 
it with the end of the polystyrene shaft. Place 
the bushing over the capacitor shaft, attach 
the polystyrene shaft and tighten the coupler; 
also tighten the coupler at the back end of the 
Eddystone drive thru the access hole pro- 
vided in the dial drum. Install the vernier 
drive mounting screws. Now completely mesh 
the capacitor plates, center the low edge of 
the dial in the window and tighten up the 
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dial drum hub. Disassembly must be accom- 
plished in reverse order. 

The tuning head is attached to the indici- 
tor/power unit through a four-conductor cable 
three feet long. This cable is attached to the 
box with a plastic cable clamp mounted in a 
hole provided immediately adjacent to the 
oscillator support angle and exits through a 
rubber grommeted hole at the front end of the 
enclosure. There is not enough room at the 
rubber grommet to use a cable clamp, so the 
cable is epoxied to the box at this point. Be- 
fore installing the cable, however, check for 
sufficient clearance between it and the dial 
drum. It will probably be necessary to route 
the cable along the corner of the chassis to 
gain enough clearance. 


Power indicator modulator 


The power/indicator unit is housed in a 
standard 9 x 6 x 5 inch utility box (Bud type 
AU-1040 or equivalent), The lavout of this 
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Fig. 6. Assembly of the dial. 


circuitry is not at all critical, and just about 
anything that suits the builder may be used. 
The only particular caution that must be ob- 
served is with the transistorized 1 ke phase 
shift oscillator. This unit is built on a piece of 
perforated epoxy board (Vector 324A18) 1-Yin 
inches wide and 1-40 inches long. To pre- 
elude any 60 cycle pickup, this board is sit- 
uated on the opposite side of the chassis from 
the power transformer. 

In the author's case all the power/indicator 
components were mounted on a 4 x 5 x | 
inch aluminum chassis. This chassis was then 
mounted to the front panel of the utility box 
with the phone jack and power plug mounting 
nuts. Two large diameter holes (12% inch) are 
punched in the rear panel to provide access to 
the fuse holder and to pass the AC power 
plug. A chassis handle (Bud H-91685) on the 
top and rubber feet on the bottom just about 
complete the unit. There is one other addition 
however; five pairs of ¥ inch holes, drilled on 
M44 inch centers along the rear edge of the top 
of the box provide convenient storage for the 
five frequency determining coils. A coat of 
spray paint and some Datak “Letraset” dry 
transfer labels are the finishing touches. 


Calibration and operation 


Without uccess to existing 420 me equip- 
ment with known frequency characteristics, 
exact calibration in this band is impossible. 


PLL dd A | 


DIAL DALIA 
POLTSTTAESE 
SHAFT >, 
Ho CDOT TONI 
EA Cea 


bf Caua dd 


DRIVE ASSEMBLY - SIDE VIEW 


Oa. GAUM 


SANDAR A CLEP 


A 10 EDDYSTOWE ORW 


However, this grid-dipper may be checked on 
the other ranges with the aid of an all-band 
television receiver. If the circuit layout and 
construction techniques described are closely 
followed, good correlation can be obtained 
and reasonable accuracy insured. The bands 
that are likely to be the furthest off are the 
lowest and the highest. In the lowest the coil 
spacing is quite critical and in the highest a 
slight change in length will move the fre- 
quency several megacycles. An accuracy of 2% 
at 600 me is plus or minus 12 me; close atten- 
tion to the specified dimensions should provide 
accuracy better than this. 

Operation of this grid-dipper is exactly the 
same as any lower frequency unit. It may be 
used in determining circuit resonance, detect- 
ing parasitic oscillations or as a signal genera- 
tor, Because of its extended range, it has been 
found to be very useful in determining the 
series resonance point of rf chokes and ce- 
ramic bypass capacitors. 

In the detect mode. this unit will indicate 
rf voltages as low as 50,000 microvolts. More 
sensitive operation may be obtained if it is 
used as an oscillating detector. In this case 
headphones are used and an audio beat note 
will be heard when the grid-cipper is tuned to 
the oscillator being checked. In the upper 
frequency ranges, it is usually difficult to ob- 
tain an actual beat note, and only a “tick” 
will be discernible when vou tune by the 
frequency of the unknown energy, 
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Fig. 8. Full size diol scale. 
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When the oscillator is tuned between 605 
wid 650 me, there is sufficient second har- 
monic energy to provide a strong reference 
signal in the 1215 me amateur band. This is 
particularly useful in the initial tune-up of 
converters for this band. Use of the internal 
1000 cycle modulation aids in distinguishing 
the grid-dipper signal from other rf sources 
that are present throughout the spectrum, 


WIDE RANGE VHF-UHF DIPPER 
Bill Hoisington KICLL 


Most dippers for amateurs that I have 
seen so far, not counting the $400 ones, 
stop around 200 MHz just as you are about 
to enter the fascinating UHF region. We 
do have the 432 and 1296 bands, so let's 
become more familiar with them. 

After all these years of “wrid-dipping” 
we find ourselves without a grid; so it just 
becomes a “dipper”. To retain the prestige 
of a hyphenated name we can call it a 
“dipper-generator”, Most grid-dippers have 
been used as generators, but this one has 
built-in modulation, variable input-output 
coupling, controlled Q, and several other 
interesting features. Best of all, it goes all 
the way up to 1296 MHz. 

When this little unit is completed it may 
be used as a dipper for determining the 
resonant frequency of VHF and UHF cir- 
cuits, as an indicating frequency meter with 
an adjustable Q-multiplier, a field strength 
meter and modulation monitor, a sensitive 
regenerative receiver, or a CW and MCW 
signal generator. You can also use it as a 
harmonic monitor or as a frequency trans- 
fer unit from one transmitter to another. 

Several circuits must be considered when 
building a wide band instrument such as 
this, For example, you should change cir- 
cuits around 100 MHz and again at 600 
MHz, give or take a few hundred. Below 
100 MHz coils are good; from there to 
600 MHz you can use A wave resonators, 
and after that the & wave job becomes 
rapidly the best method, up to 1300 MHz. 


Plug-in rf heads 


I have made no attempt to cover the 
complete range from 130 to 1300 MHz with 
one oscillator. By using plug-in tuners you 
may vary the components to suit the fre- 
quency. On 50 MHz for example, you may 
use a low cost transistor, a coil, and a 25 
or 50 pF capacitor. From 100 to 600 MHz 
you use a better transistor, a N wave strap, 
and a 10 or 15 pF capacitor. In the micro- 
wave region up to 1296 MHz you use the 
best transistor you've got, k wave lines, 
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Basic VHF/UHF oscillator circuit. 
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Time/div control set 
to 1usec/div 


Channel 1 set to Channel 1 vertical Channel 2 vertical Channel 2 set to 
1 volt/div position knob position knob 5 volts/div 


Your values should be close to those shown 
in the following table, and the curve should 
be similar to that shown Figure 7.28 . 

fin (kHz) V out (volts) 


100 0.3 
150 0.5 
200 0.7 
250 1.0 
300 1.4 
350 1.8 
400 2.6 
450 3.6 
500 4.6 


550 4.2 
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Fig. 2. 130 to 300 MHz tuning head. 


and a small butterfly capacitor of 3 to 5 
pF. 

If you break the circuit at the right point, 
it simplifies things—then the two halves 
may be connected through a miniature 7- 
pin socket and plug as shown in Fig, 2. 
All four leads are reasonably dead to rf. 
You can leave out some of the audio if you 
like, but it's very handy to have a modu- 
lated signal. If you're running triple or 
quadruple conversion, it's nice to know by 
its modulation which is the signal and 
which might be a birdie. As far as dials 
are concerned—it makes calibration and 
reading a lot easier to have only one band 
or range per dial. 


130 to 300 MHz oscillator 


Fig. 1 shows the basic X wave circuit; 
Fig, 2 the complete rf unit with control, 
af output and modulation. 

The circuit itself is very simplified, as 
seen in Fig. 1; there being only one in- 
ductance, L1, and no choke coils. This should 
make for a flat tuning oscillator without 
power dips as it is tuned over a 2 to 1 range 
in frequency, and it does just that. With 
a 2N1726 in the circuit there is a smooth 
power output curve from about one volt rf 
at 130 MHz down to X volt at 300 MHz, 

The rf coupling jack Jl couples the rf 
energy both in and out. This is because 
Ll acts as either a detector resonator or 
an oscillator resonator, as required. Actual- 
ly this rf jack can be used as shown in 
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Fig. 3, 300 to 600 MHz oscillator with variable link, 


Fig. 2. Pl is a variable link to Ll and is 
plugged into Jl; JIA has a few inches of 
cable between the white ABS plastic front 
panel and the copper clad bakelite sub-panel. 
Because the phono plug is rotatable, a nice 
variation in rf coupling can be obtained. The 
coax cable and JIB get the rf out to the 
front panel for easy use with antennas, 
probes, cables, etc. 

The emitter goes to a 1K resistor then 
through a coaxial bypass capacitor which 
gets the de in and out and leaves the rf 
behind. These feed-through type bypasses 
are very necessary—do not skimp on this 
item. 


300 to 600 MHz unit 


Fig. 3 shows that this unit is essentially 
the same as the last, except for dimensions. 
[ used a 2N1141 here although many others 
will work too. It tunes smoothly from 300 
to 600 MHz; use the variable link feature 
as in Fig. 2. 


900 to 1100 MHz 


For this frequency range we need a little 
different approach. From Fig. 4 we can 
see that we now have two % wave lines 
on which low-voltage points can be found 
to attach the base and collector resistors. 
Most of the k wave portion of the lines 
on the transistor end are actually inside 
the case. The places where the base resistor 
and the 500 ohm collector resistor are at- 
tached to the X wave lines can be found, 
or checked, by watching the rf meter and 
touching the lines with a pencil, At the 
proper point no change occurs in the rf 
output; sometimes it even increases, 

The diode circuit of Fig. 6 is not ideal 
but it works. I have several of these around 
the shack and they work very well for de- 
tecting 1296 Mhz energy. Even ordinary 
hook-up wire will support the assembly of 
Fig. 6 about % inch below the rf lines; 
you will soon find the best spot with the 
unit oscillating. The rf input jack and as- 
sociated loop L3 are fastened so that L3 is 
in place over L1 and L2, and it's coupling 
can be varied in a semi-fixed fashion. 

At this point we should mention that as 
a “dipper the circuit is still working fine; 
also as a signal generator. It also serves 
as an rf detector but as the frequency gets 
up into the microwave ranges it is not 
quite as good as the tuned rf detectors fea- 
tured in another article in 73 Magazine. 
Ideally, you should use the dipper on micro- 
waves as a modulated generator and couple 
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Fig. 4. 900 to 1120 MHz oscillator circuit. 
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Fig. 5. 1200 to 1300 MHz oscillator and layout. 


it into the unknown circuit; then a probe 
attached to another tuned detector should 
be coupled into the unknown circuit, There 
are quite a few variations using the dipper 
as an oscillator that you will find useful 
if you use a little ingenuity. 

In the microwave detector line, my ex- 
perience indicates that the plunger tuned 
coax cavity line is the best, the tuned 
trough line next, and the circuit of Fig. 5 
next best, As a dipper, generator and re- 
generative receiver it is still good at 1296 
MHz. Just to check, I plugged an antenna 
into Jl, put an audio amplifier across the 
diode and copied a small transistor oscilla- 
tor across the room. The base bias control 
works as a very smooth regeneration con- 
trol. Smooth regeneration, as we will see 
later, is very important for maximum sensi- 
tivity when looking for harmonics and weak 
signals, 


1200 to 1300 MHz unit 


Fig. 5 shows the 1296 unit; I have used 
this circuit for many months as a dipper, 
variable-frequency generator, modulated- 
oscillator source, and as a regenerative re- 
ceiver for 1296. In this circuit I used a 
negative de grounded collector return. Don't 
short the base plate to the modulator base. 
Note that one end of the diode is tied to 
the base plate; this lead is brought out 
as the minus 12 volt lead, You can also 
use it ungrounded as in Fig. 4—you can 
use a 5th lead in the 7-pin plug and keep 
the diode isolated from the minus 12 volts. 
Suit yourself, just remember that all units 
have to use the same leads, as they all. 
plug into the single modulator rf unit. 

I just plugged a little 12 element Yagi 
antenna into this dipper and it works nice 
and smooth as a regenerative receiver. 
Please note, this is only for test purposes 
around the shack. You can hear with it, 
but not that good! 

I had to put a choke in the cathode lead 
on this one, and tune it (the choke) with 
a piece of copper foil, A choke was needed 
in the collector lead too; after all this is 
the L-band microwave region. 

The rf input jack Jl is mounted on a 
bakelite upright. Be careful of vertical metal 


pieces attached to the base plate; they only 
need to be two inches long or so to be- 
come Marconi antennas on 1296] Bring the 
base resistor and the collector choke away 
from the lines in a perpendicular fashion— 
it helps. 

The total length of the diode and its 
two leads, from ground to the tiny .001 
capacitor C2 is about 1% inches; it is spaced 
about 3/16 from the ground plane. The bot- 
tom edges of the lines are about % inch 
from the ground plane. 

The transistor presently in the unit is 
a selected 2N2398: about half of the dozen 
or so I have here go to 1300 MHz, a couple 
go to 1400, and the rest to 1100 or 1200, 

Don't be alarmed that Ll and L2 are 
longer than those of Fig. 5, the smaller 
butterfly capacitor does that. You can make 
a choice as to capacity, length of brass, 
and desired rf range. You can use a 5 or 
10 pF capacitor for Cl, shorter lines, and 
tune over 1300 MHz. In fact, I have reached 
1600 MHz with this circuit! 


Modulation and control 


Fig. Y shows the circuitry for bias con- 
trol, modulation and audio. Don't let it 
scare you. It’s just the same old deal of 
doing what has to be done for control pur- 
poses, and from then on just turning the 
knobs to get what you want. 

I have found that a very good plug and 
jack can be made by using an ordinary 7 
pin socket and a Methode 7 pin bakelite 
plug. Unfortunately, I have never found a 
miniature tube with a bakelite base; they 
are always made of glass, so you will prob- 
ably have to buy the 7 pin plug. 

The minus 12 volt lead goes to the col- 
lector meter jack and then to the minus 
12 volt of the power supply. This puts the 
rf panel ground at minus 12 volts and the 
audio af panel at plus 12. Of course, you 
dont have to ground the plus 12 on the 
audio panel, I just have that habit. 

The base return goes through a 5K re- 
sistor and then to the bias control potenti- 
ometer. The diode de/af output goes to af 
jack J2 and the meter M1 through the 
meter sensitivity control. This potentiometer 
is selected to suit the meter; I have used 
a 10 K unit with a 500 microampere meter. 
Note that part of this resistor should be 
used when af output is desired, otherwise 
the meter shorts out the af. 


Audio modulation 

You might think that just about everyone 
knows how to build an audio oscillator. 
Mine did oscillate, but the tone! And the 
wave-shapes, hoo-boy! I used an af trans- 
former with the collector on one side and 


Fig. 6. RF detection loop for half-wave oscillators. 
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Fig. 7. Power control, modulation and audio cir- 
cuitry. This circuit is used with all the rf heads. 


the base on the other. So, once again to 
the handbooks and once again practically 
zilch. I did get the idea for a phase shift 
3scillator out of one of them, even if the 
circuit didn’t work at first. After consider- 
able experimentation 1 can recommend the 
circuit shown in Fig. 7. It works! In addi- 
tion, the modulation may be adjusted to 
exactly 1000 MHz. This is very useful as 
many microwave test amplifiers have built- 
in narrow band af audio filters centered on 
1 KHz. There is also a modulation gain 
control. This helps if a nice tone is desired. 

Almost any small transistor output trans- 
former will do the job for the- af transform- 
er, but don’t go over 400 ohms impedance 
in the collector winding. Note the 1K re- 
sistor between the collector and the phase 
shift network; this reduces feedback to the 
base and may have to be increased or de- 
creased depending on the gain of your 
transistor at 1000 Hertz. 

I usually run the rf current (collector 
de) between one and two mils with the 
2N1726 transistors; other transistors may 
take more. A number 48 bulb in the col- 
lector lead may save you a $3 transistor. 
With the 2N1141 the rf output keeps climb- 
ing up to 4 or 5 mA collector current. You 
will readily find the best place to operate. 
When the collector mils keep climbing and 
the rf output starts to drop off, back off! 


Operation 
Dipper 

As a general rule “dipping” is easier in 
the VHF region and gets more difficult as 
vou go into the microwave region. On HF 
vou couple one coil end on to the other; 
on VHF you bring it near, and on UHF 
you have to work to get the necessary 
coupling or use a probe, 

With nothing near the dipper, swing the 
dial through the range to make sure it has 
no dips of its own. The VHF/UHF units 
without chokes described here do not gen- 
erally have such dips. Unwanted dips can 
be caused by chokes, resonant feed wire 
lengths, metal supports, and rf links and 
cables among other things. 
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When you do get a dip after coupling 
to the unknown circuit be sure and change 
the resonance of that circuit for a final 
check while watching the dipper meter. If 
the test circuit is a tuned circuil vary the 
tuning and see if the dipper will follow it— 
it should, Y all else fails, use the dipper 
as a generator. Since it is very difficult to 
get the far end of a cable matched exactly 
over much of a frequency range, expect to 
find external dips in the dipper when using 
a cable, 


Indicating frequency meter 


Always keep the transistor plugged in 
and the base bias at zero so the diode is 
doing the work. When you advance the bias, 
collector capacity will cause the dipper fre- 
quency to change a little=-more with some 
transistors than others. 

For finding a weak signal you can use 
regeneration by turning up the base bias, 
but watch out for slight frequency changes. 
This regeneration can be very handy for 
finding weak oscillators or hard-to-find rf 
energy. Use the rf input loop with care; 
the least coupling is the best. Remember that 
some cables and terminations will detune L1. 


Field strength meter and modulation 
monitor 


The first part is obvious; use a small 
antenna or probe, get some signal in, and 
go ahead. Do not use any base bias to start 
with. If you are working with a very weak 
signal you might have to push the bias up 
for regeneration. 

The modulation monitor is simply our 
often-described system of diode detector, 
transistor amplifier, and padded car-phones. 
You can actually hear what your own trans- 
mitter sounds like to others. I use it on 
every new rig and after every circuit change. 
You don't need much of an antenna or 
probe when listening to your own rig; don't 
overload the diode when checking modula- 
tion. In fact, use light rf coupling and plenty 
of audio gain to hear yourself as others 
hear you. 


Regenerative Receiver 


Plug an audio amplifier into J2, Fig. Y, 
advance the bias control, ancl tune. 1 have 
heard several UHF TV stations from Massa- 
chusetts up here in Peterborough, so it is 
really sensitive. One nice feature of this cir- 
cuit is that the regeneration turns into os- 
villation very smoothly. Stability is good tou, 
You can heterodyne a crystal controlled 
two meler signal and copy CW with it. Not 
bad for a 144 MHz blooper! 

To transfer signals from one transmitter 
(A) to another (B), just tune in A, then 
shut it off; listen for B and tune it in. 
Thats all. Harmonic monitoring is easy: 
just tune over the suspected range in the 
regenerative condition. It is particularly 
good because only one frequency is present 
in the receiver. This is not the case when 
using a super-hel receiver for monitoring 
harmonics, 


Signal generator 


One of the big features of this circuit 
is the presence of an rf meter right in the 
proper place circuit-wise. The modulation 
also helps, especially when running triple 
or quadruple conversion in a receiver. The 
modulation control is very convenient, at 
full on its spreads the signal across 20 or 
30 kHz on a selective receiver. For check- 
ing a difficult to get at circuit, use a cable 
and probe, either capacitive or inductive, 
to get the signal into the unknown circuit. 

I often use one of these units for an- 
tenna and receiver tests, I just plug a little 
two element beam into the rf jack and set 
it out away from the shack: often one or 
two hundred yards away. There is nothing 
like tuning up pre-amps with vour antenna 
system connected. For antenna Lests it is 
used in reverse. 


EXTRA SERVICES FROM YOUR 
GRID-DIP OSCILLATOR 
W. B. Cameron Wad Oe 


One of the handiest instruments around 
the average ham shack ds the grid dip 
oscillator, but many hams do not get all of 
the advantages this little instrument can 
offer. Most people know that it is useful for 
finding the resonant frequency of an LC 
circuit, or for generating a signal someplace 
in the range, although it is not quite a 
substitute for a well calibrated signal gener- 
ator in this respect. 

Many people do not realize that the grid 
dip oscillator makes an excellent crystal 
calibrator as well. The typical grid dip 
oscillator uses a two-terminal coll and a two- 
section variable capacitor, connected in the 
form of a Colpitts oscillator circuit, with the 
variable capacitor providing the voltage 
division for proper feedback. This same 
circuit, with a quartz crystal replacing the 
coil, becomes a very satisfactory crystal 
oscillator. In this case, the variable capacitor 
becomes a trimming capacitor capable of 
putting the crystal on the proper frequency 
with considerable accuracy and also allowing 
a fairly wide latitude higher or lower for 
checking bandpass. 

The meter reading gives an index of 
crystal activity. What is required is an 
adapter to match the pins of the crystal 
holders to the coll socket of the grid dip 
oscillator. 1 have made up such an adapter 
for my particular unit which consists of a 1% 
inch by 4% inch piece of masonite which 
carries two banana plugs to insert into the 
oscillator socket, and several different sizes 
of crystal holders, all connected in parallel, 
to accommodate any crystals I happen to 
have around the shack. I carry in my tool kit 
Various assorted crystals, These pive me 
spot frequencies for band edges and other 
Teference points on all of the amateur bands. 
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Crystal socket adapter for grid dip oscillator ax- 
tends the unit's capability by enabling it to read 
crystal activity. 


In checking the higher frequency bands, I 
find it useful to add a diode clipper and have 
one permanently wired on the same adapter 
board. This is a IN69 which simply goes 
from one side of the crystal to a terminal 
point at which I can attach an antenna or a 
lead to the input jack of the receiver. By sim- 
ply attaching a short length of wire approx- 
imating a quarter wavelength al this frequen- 
ey, | can provide a strong enough signal from 
the shack to enable me to check out my 
direction finding loop in the automobile 
fifty feet away. 

In tuning up my 2 meter FM gear, I 
plug in a 3061.25 crystal (which is the 
transmitter oscillator crystal for my Link 
2m FM unit) and then couple from the IN69 
to the input of the receiver. This provides a 
signal stronger than most of the local signals 
on the band, and adequate for initial tune- 
up. For finer adjustment of the i-f strip, 1 
clip the lead from the IN69 to the chassis 
close to the antenna input jack and the 
leakage provides a signal of the order of 
<2 PV, which is useful for final adjust- 
ment of the critical tuned circuits, the 
squelch control, and others. For best results, 
I leave the oscillator and the receiver on for 
a half hour or so to warm up, and then with 
the variable capacitor in the erid dip oscilla- 
tor, | zero-beat the incoming signal of a station 
generally considered to be on frequency. 
Once this is done, | have a signal source on 
the bench with which to check the receiver 
for passband balance as indicated on the 
microammeter connected to the discrimin- 
ator output. 


GDO TO FIND C 
F. C, Rayer GIOGR 


M“ amateurs have a grid dip 
oscillator lying around, and an easy 
accessory can allow it to be used to read 
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the values of unknown capacitances up to 
about 1000 pF. This is useful for 
unmarked surplus, those with obliterated 
markings, or to find the swing of small 
variables. Or we may check the best value 
found in some circuit position with a 
preset or variable, then measure this and 
substitute a near value fixed capacitor. 

Figure | is the circuit. Ci and C2 are on 
the lid of an insulated box, carrying also 
spring terminals for CX. The capacitors 
have good knobs with pointers. Coil L can 
be half a dozen turns of stout wire, 
self-supporting, or anything which comes 
within a convenient range of the GDO (say 
25-10 MHz) with both variables fully 
closed. 

To calibrate, close Cl and C2 fully. 
Tune the GDO for the usual dip. Note the 
frequency on the box for future use. Take 
a few 1% capacitors, such as 100 pF, 200 
pF, and so on, up to a total of about 1000 
pF. Clip one to CX, Open C2 to restore the 
dip on the GDO. Mark the capacitor value 
on C2 dial. Series and parallel capacitors 
give more values. For example, 100 pF plus 
200 pF in parallel gives 300 pF, while 500 
plus 200 gives 700 pF, and so on. 

Restore C2 to its fully closed mark. 
Repeat to calibrate Cl, this time using 


Fig. 1. GDO to find C. 


capacitors such as 5 pF, etc., up to about 
50 pF. When you see how the scales mark, 
estimate intermediate markings, to fill in. 

Once calibration is finished, it is easy to 
find a capacitance value from about 2.5 to 
1000 pF. Close Cl and C2. Put the GDO 
near L and tune the GDO for dip. Clip the 
unknown capacitor across CX. Open Cl or 
C2, as appropriate, to restore the dip. Read 
off the value from the scale. That's all 
there is to it! 


GDO COIL EXTENSION 
Bill Turner WA (14 BI 


a dipper is a great piece of test 
equipment and belongs wherever rf 
equipment is to be designed, constructed, or 
serviced. All writings on the subject seem to 
be prefaced with this comment, and | 
hesitate to break tradition. Now that the 
formalities are over, we will proceed with 
the subject matter. 

Probably the one most inconvenient fea- 
lure of all grid dip meters is the physical size 
of the instrument. This holds true for the 
two unit commercial models as well as the 
more common self-contained types. It is not 


so much that they are large but rather that 
the head will not always fit into the nooks 
and crannies which seem to be designed into 
most equipment. This situation will more 
than likely become more severe as integrated 
circuits come into more general use, At 
lower frequencies the coil assembly is us- 
ually long enough to reach to within shout- 
ing distance of the desired circuit, but as the 
frequency is increased the dipper coil shrinks 
to perhaps an inch protruding from the case. 
Try getting this even near a circuit buried 2 
or 3 in. deep in a chassis and you will fully 
appreciate the magnitude of the problem. 


There is a way of relieving the difficulty 
which requires neither a great deal of time 
nor expense. It is only necessary to put to 
use some basic theory which each of us was 
required to know in order to get a ham 
license. Required are perhaps a 3 ft length of 
small coax (RG 174/U), 6 in. of hookup 
wire and a ballpoint pen casing. The innards 
of the pen are removed, and the business end 
reamed slightly to accept the ends of a Y in. 
diameter one turn link formed of hookup 
wire. Inside the barrel of the pen the ends 
are soldered to the coax, insulated, and 
cemented in place. The remaining wire is 


formed into a 2 turn link which fits snugly 
on the coil form of your grid dipper. This 
link is soldered to the opposite end of the 
coax and secured. Shrinkable tubing is per- 
fect to cover the joint. 


The next time you face this perplexing 
problem hold your head high and fear not. 
Merely slip the link over the coil form, place 
your probe so as to allow coupling into the 
desired circuit and proceed as usual, The only 
difference will be a more or less fixed load on 
the oscillator which doesn't affect its ability to 
indicate resonance. As always, best results are 
obtained with minimum coupling. 


SIMPLE NOISE GENERATOR 
Cearge Rubis KOONT 


As anyone knows that has done any work at 
all on receivers, whether it is a conversion or 
simply substituting a “hotter” tube in the front 
end, we get to the point where we begin to 
wonder if the adaptation was worth while or 
have we been fooling ourselves. 

A noise generator using one of the noise 
diodes (IN21 or IN23) can give an indication 
if any improvement has been made. 

The circuit is straight forward, but with one 
addition that others that I have seen do not 
have. The voltage is regulated by a Zener 
diode. 

The reason is obvious to anyone who has 
worked with the simpler type of noise gen- 
erator. The results are not always consistent 
from measurement to measurement and from 
day to day. The voltage and current vary with 
the setting of the variable resistance and due 
to the normal aging of the battery. 

The Zener Diode eliminates this by main- 
taining a constant line voltage In our particular 
instrument it is six volts, Of course we must 
use a battery in excess of six volts, Nine volts 
is a good value, | have found that used 
transistor radio batteries still have enough life 
in most instances to last for many tests. 

One of the main requisites of a noise 
generator is that it must be shielded through- 
out. Therefore we must give some thought as 
to the placement of the various components. 

A Mini-box 2% x 2% x 4 is an ideal size, As 
for a connector I used the 50-239 coaxial. 1 
find that this connector allows more flexibility 


To ovoid excess wear and tear on the zener 
diode and the battery a 200 ohm resistor 
should be inserted between the 9 v battery 
and 51, 


Chapter VIII 


Noise Generators 


than any other. If a direct connection to the 
receiver is desired merely attach it through 
the double connector type DKF-2 made by 
Dow Key. On the other hand if it is desired to 
have the controls of the noise generator close 
at hand merely connect a length of Coax of 
eighteen inches or so. 1 haven't been able to 
discover that it has affected any measurements 
to any degree. 

In the construction of this noise generator 
just remember a few basic rules. Keep all 
connections as short as possible. The noise 
diode and bypass condenser and resistor (50 
or 75 ohms as the case may be) as close as 
possible to the output plug. Remember to use 
pliers to absorb the heat when soldering the 
leads of the diodes. 

To mount the silicon diode, which has one 
large end and one small, we must improvise to 
a certain extent. For the small end a lug from 
one of the old tube sockets will do. For the 
large end use a small fuse clip. 

Don't be too fussy about the variable re- 
sistor. For most purposes any value from 10M 
up to 50M can be used. 

The battery you choose will determine the 
manner of mounting. 

No need to give detailed instructions as to 
the use of this noise generator. There are 
ample instructions to be found in various 
magazines as well as handbooks. 


»»» KSONT 


Parts List 
214 = 25) = 4 Mimibox 
Br—9 volt battery 
Cri—6 Volt Zener Diode 
Cr2—IN 21 or IN 23 Silicon Diode 
ERI—TOM-303£ Varizble 


R2—31 ohm or 73 ohm (according to your line) 
CI—.007 te .005 disk ceramic 
S1—S§. PST. this may ke on your variable resistance 


Pi—So-239 
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A CRYSTAL DIODE NOISE 
GENERATOR 
Karl Tipple WSTEV 


Most amateurs who do very much oper- 
ating at the higher frequencies where re- 
ceiver sensitivity rather than QRM often deter- 
mines success eventually come to the conclusion 
that their present receiving equipment is not 
as sensitive as would be desirable and that a 
change is in order. And once that change has 
been made, whether it takes the form of a new 
converter or modification of existing rf stages, 
one nearly always wonders whether the new 
really is better than the old. Comparisons of 
signal strength with new and old equipment 
are erratic and unreliable at best and do not 
necessarily give the desired information since 
the absolute output level or “S” meter reading 
is not the problem. What is actually of con- 
cern is whether the signal to noise ratio of the 
receiving system has been improved. Or in 
other words, does a given rf signal produce an 
audio output signal from the new receiving 
equipment that is londer in comparison to the 
background noise than did the same input 
signal with the original receiving equipment. 
If it does, the noise figure of the new receiving 
equipment is smaller (better) and it should be 
possible to copy a weaker signal than before. 

Unfortunately few of us own or have access 
ta a signal generator of the proper frequency 
range, with an accurately calibrated attenu- 
ator and shielded output, for making the type 
of measurements mentioned above. For the 
majority of amateurs something less expensive 
and more readily available is needed. A crystal 
noise generator, which can be constructed for 
a few dollars and which will enable anyone to 
make before and after comparisons of noise 
figure, is such a device. 

Briefly, the theory behind the use of the 
noise generator follows. The sensitivity of a 
receiver is highly dependent on the ability of 
the rf stages to amplify a weak signal as much 
as possible while adding a minimum amount 
of noise to the signal. Noise of this type will 
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be heard at the receiver output as a familiar 
hiss or “rushing” sound. Now, if an external 
source of broadband or white noise (random 
noise independent of frequency) is connected 
to the receiver antenna terminals, an increase 
in noise or hiss will be noted at the receiver 
output. And if the noise generator output is 
adjusted to provide exactly twice as much re- 
ceiver output noise as existed before the appli- 
cation of the noise generator, then the gener- 
ator must be providing a noise signal equal 
to that generated in the receiver. Thus, if the 
receiver can be modified so as to reduce the 
noise generator signal required to double the 
receiver noise output, the noise figure of the 
receiver will have been improved. 

A noise generator of the type described in 
this article can not be used for measurement of 
absolute noise figure without additional cali- 
brating equipment. It can, however, be used 
for comparison of noise figures. It enables one 
to determine whether a receiver really has been 
improved and it can be used to determine 
which of a number of possible modifications 
will yield the best results in terms of minimum 
noise figure (maximum sensitivity), Use of the 
device will be discussed in more detail later. 

A basic noise generator circuit is shown in 
Fier. 1, The noise is produced by CR1, a silicon 
diode of the 1N21 or 1N23 variety, These diodes 
have been widely available on the surplus 
market for several years. They are also readily 
available new at small cost; however as will 
be explained later, it may be desirable to use 
a surplus diode rather than a new one. 


51 MI 


me 2 
RI=10,000 ohm pot—log taper proforrad 
R2=1/, watt non inductivo resistor equal to line im- 
pedance 
Other parts same as Fig. | 


The current supplied to the diode from the 
battery and therefore the noise generated by 
the diode is determined by the setting of 
Rl. The best value for Ri is necessarily a 
compromise since in its maximum resistance 
position it must limit the current to a low value 
but it must also not change resistance too rap- 
idly at the low resistance end of the range 


or the normal operating range of the instru- 
ment will be limited to only a few degrees ro- 
tation of the R1 shaft. A 10,000 ohm log taper 
pot should prove satisfactory. 

The value of R2 should be about the same 
as the transmission line impedance, A good 
value might be 56 or 68 ohms, although if it 
is desired to use the noise generator with 
equipment which normally operates from high- 
er impedance lines, a larger value should be 
selected for R2. In this case one might com- 
promise with a value of 100 ohms. Cl serves 
as bypass capacitor and may be either mica 
or disc ceramic. 

A more elaborate arrangement was used in 
the construction of the unit shown in Photo. 3. 
A schematic of this generator appears in Fig. 
2, Here a tapped battery (2 pencells) was used 
to minimize the range to be covered by R1. It 
should also be noted that the diode is shown 
reverse biased in Fig. 2. Many of the surplus 
diodes available have very poor reverse re- 
sistances, which will allow reverse bias opera- 
tion, and when operated under these condi- 
tions will generate considerably more noise 
for the same bias current than when operated 
in the more conventional configuration shown 
in Fig. 1. The diode must have a reverse re- 
sistance of only a few thousand ohms or less 
if it is to work successfully in the reverse bias 
connection, Therefore unless the reader can 
obtain some surplus diodes and select one with 
a low reverse resistance, it will probably be 
necessary to operate the diode forward biased 
and to use the higher battery voltage of Fig. 1. 

The meter range depends upon the battery 
Voltage and the resistance of the diode in 
Whichever connection it is used. The meter used 
in Fig. 2 was a 0-4 ma surplus meter. How- 
ever, if the diode is operated in the forward 
biased connection a meter of somewhat high- 
er current rating will probably be needed. 
Therefore, it is suggested that a low range 
meter be obtained and if more than full seale 
current is required for the diode to develop suf- 
ficient noise, a shunt resistance can be placed 
across the meter terminals to extend the meter 
range. An inexpensive meter can be used since 
all that is needed is a relative indication of 
current, 
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For those not familiar with the IN21-1N23 
type diodes it might be mentioned that they 
have no wire leads. The anode connection is a 
brass shell on one end of the unit and the 
eathode connection is a brass pin at the other 
end. Although external connecting wires might 
be soldered to the brass ends, there is danger 
that the diode will be over heated and de- 


stroyed by such techniques. It is safer to make 
connections by clamps made from small plate 
or grid caps or fahnstock clips. 

It should be evident from the above discus- 
sión that there is nothing critical about the 


construction of a noise generator of this kind 
and that a number of different circuit varia- 


Lions are possible. Even if the device were 
constructed entirely of new components the 
cost should be less than $8 and with a little 
ingenuity the cost can be reduced substantially 
through the use of surplus parts. 


Perhaps use of the noise generator can best 
be illustrated by considering an example of 
nolse generator application. Suppose that you 
want to use either one of two available 6 meter 
converters with your low band receiver and 
that you wish to determine which converter 
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will provide the best weak signal reception. A 
test set-up is shown in Fig. 3. 

The ac voltmeter is used to measure the 
audio output of the receiver and may be either 
a multimeter or a VTVM. It can be connected 
across the speaker terminals or across the head- 
phone line. Higher voltages can generally be 
obtained from the headphone output and this 
connection will probably have to be used if 
a multimeter without a very low ac range 15 
used. 

The measurements can be started by measur- 
ing the ac noise output voltage from the re- 
ceiver with the noise generator turned “of”. 
Then the noise generator should be turned 
“on” and the generator level adjusted until the 
output meter reading has doubled. At this point 
a note should be made of the noise generator 
setting, The above procedure can now be re- 
peated with the second converter connected to 
the receiver. Whichever receiver-converter 
combination requires the smaller noise gener- 
ator current setting to double the noise output 


1s the combination that will provide the best 
weak signal reception. 

The noise passed by the receiver is a func- 
tion of the bandwidth of the receiver. Also the 
reading given by a particular output meter is 
dependent on its bandwidth. Therefore the 
bandwidth of the receiver should not be 
changed during measurements and the same 
output meter should be used thoughout a set 
of measurements, 

The technique described above can also be 
used to determine which of a number of rf 
amplifier tubes will give the best performance. 
The noise generator can be used for alignment 
of rf stages. 

For the man who constructs his own con- 
verters or receivers the device is a tremendous 
boon since such adjustments as determining the 
optimum antenna to grid coil coupling can be 
made simply by adjusting for maximum in- 
crease in noise when the generator is switched 
“on”. (This technique gives the same results 
as adjusting for minimum noise generator 
setting to double noise output and it is a bit 
easier to use when adjustments must be made.) 
If the input circuit uses a single tapped coil 
instead of two coils, the best tap position can 
be determined. 

The uses mentioned above are only a few of 
the possible applications of this noise gen- 
erator, and for the amateur who constructs 
his own receiving equipment the device is in- 
dispensable, 


TEMPERATURE LIMITED DIODE 
NOISE GENERATOR 


F. L. Thomas 


Recently I was confronted with the necessity 
for a good noise generator. All of the noise 
generator designs available in any of the 


amateur publications at hand were of the 
crystal diode type. The disadvantage of this 
type of instrument lies in the fact that the 
current through the diode has no simple 
relation to the noise output. Unless expensive 
calibration equipment is on hand this type of 
generator is useful only on a comparative basis. 
Consequently it was decided that a temperature 
limited diode noise generator would be built. 

The noise output of a temperature limited 
diode noise generator is simply related to the 
current flowing through the diode. The noise 
figure of a receiver may be calculated directly 
from the magnitude of the current by the 
following equation: 

Noise figure in db.=10 log (20 I R)—(1) 

Where I[=current through temperature 
limited diode required to make the noise out- 
put power of the receiver double the value it 
was with no current through the diode. 

R=antenna impedance 

The actual noise generator is quite simple, 
consisting of half a GALS with a milliammeter 
in the cathode leg and the appropriate resist- 
ance for the antenna circuit connected to the 
plate by means of a selector switch. The 
heater current is controlled by a 20 ohm 
potentiometer in series with the heater. The 
unit is battery operated for convenience. High 
current capacity, small sized mercury cells 
are used throughout. The whole unit is con- 
tained in a 3” x 4” x 5” Minibox. 


Construction 


The resistors are mounted on the switch, 
making the leads as short as possible. The tube 
socket is mounted on a small bracket screwed 
onto the side of the chassis, placed so that the 
distance from the switch is a minimum. The 
meter calibration potentiometer and the heater 
supply battery holders are mounted on another 
bracket placed over the meter as shown in the 
photograph. 


Operation 


To use the generator it is connected to the 
receiver antenna terminals, the AVC is turned 
off, and the audio output is measured with the 


6.0) ufd 


Bl—four Mallory RMI2 or RMI2R in 
series (lifetime of this circuit should be 
greater than 10 operoting hours) 

82—Moallory TR-135R 

M—O-1 ma (Lafayette TM-60 or equiva- 
lent) 

Ri—20 ohm potentiometer 

R2—2Z0 ohm Potentiometer 

J1—coox connector 

51—DP 5 pos miniature rotary switch 


generator off. The generator is then turned on 
and the current through the diode is increased 
until the power output is double what it was 
before. At this point the voltage output will 
only be 1.41 times the original. The current 
necessary to give this noise increase is noted 
and the noise figure calculated according to 
equation (1), or estimated from the figures 
given in Table I. 


Noise Figure Current, mā., for antenna impedance of 


ii db, 
Don TA 300 7. BOO. 
2 1.40 1.15 = = 
4 2.25 1,80 O, 42 - 
li 4,55 2. 0A = 
E 5,65 4. 50 1,05 0.53 
10 6,85 7.15 = 
12 14.2 11.4 2.63 aa 
1 = - 6,65 3,30 
20 - - 16,6 B, 42 


The unit described is useful for noise figures 
up to 13 db at 72 ohms. For higher noise 
figures a higher current capacity diode and a 
higher heater voltage and current supply is 
required, necessitating an ac operated power 
supply, With a suitable power supply a 6X4 
may be satisfactorily operated up to a noise 
figure of about 22 db. In both cases the 
maximum noise is obtained bw passing more 


than the allowable average current through the 
diode. Consequently readings at these extremes 
should be made and the current lowered 
again in only a few seconds, or damage to the 
diode will result. 

Table I shows the current readings for 
various noise figures with different antenna 
impedances. 

The generator will operate satisfactorily up 
to at least 50 me, and probably considerably 
higher, 


Editors Nore: By substituting 


batteries for the mercury cells and a 20 mA 


meter instead of the 1 mA meter witha shunt 
the cost of construction can be 


tross if, 


freativ reduced, 


REFERENCES 

1. Radiotron Designera Handbook, fourth edition, page 
1107, reproduced and distributed hy RCA Victor Division, 
Radio Corporation of America, Harrison, N. T- 1933. 

2, Radio Engineering Handbook, fifth edition, page 19-10, 
Edited by Reith Henney, Published by McGraw-Hill Book 
Company, 1959, 

L Terman, F. E, Electronic and Radio Engineering, 
fourth edition, Published by McGraw-Hill Book Company, 


1055 


98 


flashlight 


CALIBRATED NOISE GENERATOR 
FOR 432 
Hank Olson WóGXN 


As pointed out in previous articles—the 
temperature-limited noise diode is the best 
tool for measuring the sensitivity of one's re- 
ceiver. The measurement made with this de- 
vice is “noise-figure” or “noise-factor” and this 
is the magic number by which you can com- 
pare your VHF or UHF receiver with Joe's 
down the street, or Sam's in Massachusetts. 
These measurements will be comparable be- 
tween any two receivers because bandwidth, 
type of detector, and other miscellaneous fea- 
tures (different for each receiver) do not 
affect the measurement, if it's carefully made 
(that is, if one’s measurement of 3 db power 
increase, when the diode is turned on, is 
true). 

Past amateur articles on noise-diodes and 
their use in noise-factor measurement have 
only shown how to construct units for up to 
about 200 me. The noise generators described 
previously, for amateur use, have used the 
5722, the diode wired 24G (3C24), or the 
diode wired SOLA, as their tungsten-filament 
diodes. The 15E and OLA have also been used 
occasionally as diode-wired triodes, too. Com- 
mercial UHF noise generators use a variety 
of tungsten-flament tubes, all of which are a 
bit expensive for most hams. If you can lay 
your hands on one of these tubes, used or 
otherwise surplus, by all means employ it 
in your noise generator, Table | is a list of 
such gems, 


Philco: L1262A 
RCA: R6212 
Bendix: 6144 
Morconi: CV2171 
Table | 
The tube I used is a triode, a Western 


Electric 708A, originally designed for ground- 
ed-grid URF amplifier service. The grid and 
filament are used as the diode elements, ignor- 
ing the plate altogether; the plate, if used, 
could only increase transit time and shunt 
capacity. The tube is used, as it was intended 
to be used, with the metal shell (grid) 
grounded. The 50 9 load is connected in the 
filament cricuit; the filament power is fed in 
by means of a concentric inductor, which alsa 
Lunes out the stray capacity of the tube. 


RF Circuitry. 


Fig. 1. Power supply. 


C,, a small “tweaker,” adds in a tiny addi- 
tional capacity to make adjustment to 432 
me easier; it makes tuning to anvwhere in 
the 420 to 450 me band possible, L, is con- 
structed of a 1%” length of 4” copper tubing 
and has a piece of No. 20 teflon insulated 
wire inside it. The use of teflon insulated wire 
is only necessary because teflon will withstand 
the heat of soldering. 

The effective circuit, then, is as in Figure 
3 

At 432 mc, if Cek+C,=3 mmid, then 
L must be 0.04 uh to be parallel resonant. 
The reactance of either Cek+C, or L, is 
about 100 Q, so the system has a Ọ of E, and 
hence will be rather broad in its noise output 
spectrum—just ás we want it to be. 

The WE 708A tube was recently available 
from a Los Angeles surplus emporium at the 
price of 39 cents each or ten for a dollar. We 
bought a bucks worth, figuring some would 
be NG, but all were perfect and saturated 
well, One was lost in initial test, when we 
applied too much filament voltage; it was sub- 
sequently hack-sawed open to find out the 
details of its construction and to confirm con- 
nections. The details learned are presented in 
Figure 3 along with its saturation curve. 


The filament is a single, fine, straight, tung- 
sten wire through the grid helix. The grid 
helix is perhaps 1/16” diameter and is welded 
every turn to the shell. All this adds up to: 
good evlindrical diode configuration, close 
cathode-8rid spacing to cut down transit time, 
and low grid to case inductance, In short, we 
have a nearly ideal noise diode for a dime a 
piece, 

Construction details: The rf section of the 
generator is constructed on an aluminum 
plate bent into an L, the WE 708A protrudes 
through a 1%” round hole to expose its fila- 
ment pins next to where the UG58A/U con- 
nector is mounted on the other side of the L. 
The WE 708A is held in place by five 8-32 
binding-head screws that are tapped into the 
plate. The UG5SA/U has four 2000, £ w re- 
sistors soldered to it each at 90° to ils neigh- 
bors to form a less inductive load, approximat- 
ing a resistive sheet. These resistors are 


WE TODA 


Fig. 2, Basic noise generator circuit, 


soldered to the UG58/U before it is mounted 
to the aluminum sheet to make soldering casier 
(less heat required). Then L, is formed and 
soldered from the WE TOBA filament pin to 
Cay The center filament lead of L, is fed 
through and soldered to the other filament pin 
and to Cp Cy is then soldered in; be sure 
this is the type called for or a similar low in- 
tluctance stancd-oll ceramic. The rest is straight 
forward. Diode and power supply were each 
built in an LMB 141 box chassis, The details 
of wiring the diode circuitry are shown in 
Fig. 4. 

A word about R, (the “fine” adjust) is 
worthwhile. Make sure this one is a 2w type 
A.B. (ohmite) molded carbon pot, if not both 
Ri and Ro. This will make smooth diode- 
plate current adjustment easy; a wire wound 
pot will cause the plate current to vary in 
steps because of the effect of the pots sliding 
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Fig. 3, Connections of TOBA and groph of 
relationship between “plate” current and 
filament voltage, 


contact sequencially contacting each wire (the 
same applies if vou use a Varine), 

To align on 432 me, Cy is temporarily re- 
moved and a UHF grid dip meter coupled 
to Ly, loosely. Ey is adjusted for a dip at 432 
me. Then Ca is reinstalled, and we should be 
realy for receiver checks, 
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Fig. 4. Circuit of diode noise generator. 
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The above noise generator was compared 
with a Hewlett Packard 343A noise diode us- 
ing my own 432 me converter as the “to be 
measured” device. The results showed less 
than 0.5 db difference. 

The author wishes to thank Gene Howell, 
W4RLU, for his photography of the unit. 


ANOTHER WAY TO MEASURE 
NOISE FIGURE 
Jim Kyle KSIKX 


Many times it’s been said, but it can always 
bear repeating. Noise figure is probably the 
least-well-known measurement in any amateur 
station, 

At least a part of the difficulty with noise 
figure lies in the means usually employed to 
measure it, While it's not too difficult to figure 
out the power input to your final, or even the 
power output (often a surprisingly different 
figure), measurement of receiver noise figure 
tends to be a complicated and somewhat in- 
accurate process at best. It requires special 
equipment, and even then may be no more 
accurate than plus-or-minus 100 percent. 

The classic means of measuring noise figure 
is to use a noise generator and crank in addi- 
tional noise until receiver output is doubled. 
This means, of course, that the noise gen- 
erator output is then exactly equal to the orig- 
inal noise, and if the noise-generator output 
is accurately known then the original noise is 
also known. All this has been gone into in de- 
tail in another article. 

However, a noise generator with accurate 
calibration isn't so easy to come by, and an 
inaccurate noise generator doesn’t do much 
good for measurement purposes (although 
it's fine for tune-up). 

There is another way to do it, which is ac- 
tually much more in line with amateur prac- 
tice. This other way also requires some test 
equipment, but it might be more easy to come 
by, 

Before we get into the details of the “other 
way” to measure noise figure, let's take an- 
other look at the reason for using noise-figure 
measurement as a yardstick for receiver sensi- 
tivity in the first place. 

To start, we're really interested in the an- 
swer to the question “How weak a signal can 
I hear?” In the 3-30 me range, the question 
can be answered directly—how many micro- 
volts must the receiver have to give readable 
output? 

As the vhf region is entered, though, the 
fractional microvolts become alarmingly small, 
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Fig. 1. Construction of T-pods 


Somebody figured out that most of the prob- 
lem lay in the receiver's own internal noise, 
and came up with the idea of a “perfect” re- 
ceiver which would have no noise at all. This 
is a noise figure of 0 db. Now by comparing 
existing receivers to this perfect ideal, and 
comparing the internal noise in db, we had 
a way of discussing receiver sensitivity. 

Since were now talking about noise, which is 
equally present at all frequencies throughout 
the spectrum, we can see that the amount of 
noise present in a receiver's output is at least 
partially determined by how much of the 
spectrum we are looking at. A broad receiver 
has more noise output than a narrow one, all 
other things being equal. If you don’t believe 
it, fiddle with the selectivity switch on your 
own rig and listen to the change of noise out- 
put, 

This dependence of noise on bandwidth is 
another reason for using noise figure as a com- 
parison. The actual amount of noise is can- 
celled out in the comparison, leaving only the 
relative amounts of noise in the “perfect” re- 
ceiver and the receiver under test to be 
measured, 


When all this became established, nobody 
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Fig. 2. Test set up. 


was paying much attention to receiver band- 
width and it was felt that a true determina- 
tion of the effective noise bandwidth of a re- 
ceiver was much more complicated than the 
comparison measurement. However, in these 
days of SSB and special filters, that's not so 
true any more. 

As you may have guessed by now, the 
“other method” of determining noise figure 
depends on a microvolt measurement and 
knowledge of the receiver's effective noise 
bandwidth. The only reason for converting 
the results back to noise figure is to allow 
comparison with measurements made in the 
more conventional manner, 

With typical ham measurement techniques, 
the results won’t be of National-Bureau-of- 
Standards accuracy. However, if you're rea- 
sonably careful, results using this method will 
be at least comparable in accuracy to those 
made with a homebrew noise generator. 
Ready? Let's go: 

Youll need two items of test equipment 
(only one if youre really lucky). These are 
an rf signal generator covering the desired 
frequency range on fundamental output, and 
an rf WIVM reasonably accurate at the de- 
sired frequency. If you have access to a “mi- 
crovolter” or similar laboratory signal gen- 
erator, you wont need the VIVM, 

In addition, youll need a whole handful 
of 50 ohm T-pads; these can easily be put 
together in a hurry by following the sche- 
matic in Fig. 1. You'll probably need about 


3 20-db pads, as well as one each in 3-db, 
6-db, and 12-db values. 

Turn on both the receiver and the signal 
generator and let them warm up. For protec- 
tion against any leakage from signal-generator 
to receiver through the power lines, it's best 
to supply them from separate circuits and to 
use a power-line filter such as that used to 
eliminate rf interference between the power 
line and the unit. 

Connect a string of six 20-db pads to the 
signal-generator output as shown in Fig. 2, 
and adjust output of the signal generator to 
0.1 volt. If you have a microvolter or equiv- 
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alent, use only one 20-db pad and set gen- 
erator output to 1 microvolt. 

In either event, the output of the final 
T-pad will be a 0.1 microvolt CW signal. This 
should be more than adequate for any reason- 
ably-sensitive receiver to allow spotting of the 
signal, 

Switch the receiver's ave off and the blo 
on, and place the selectivity switch in any 
position for which the selectivity is accurately 
known. The selectivity marked on the front 
panel will not be the effective noise band- 
width, but you can use it as a starting point 
to guesstimate the noise bandwidth. If your 
receiver uses a mechanical filter or other de- 
vice with approximately the same skirt se- 
lectivity, effective noise bandwidth will be 
about 1% times the bandwidth marked on the 
front panel. If it is one of the older types with 
reasonably broad skirts, noise bandwidth will 
be about 3 times the marked value. Both 
these correction factors are approximate, of 
course; if you have any means of measuring 
effective noise bandwidth, use it instead. 

For a start, use a fairly broad selectivity 
position; this requires more signal and makes 
things a bit easier. 

Now tune in the signal from the generator, 
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leaving gain controls at maximum but tuning 
for maximum signal strength just as if it were 
the new state you need. The 0,1-microvolt 
signal should be easy to find, 

Next step is to reduce the generator output 
by hooking in additional T-pads until vou lo- 
cate the point of “minimum discernible sig- 
nal.” The 3, 6, and 12 db pads mav be 
hooked up in series in any combination to 
give you from 3 to 24 db additional attenua- 
tion in 3-db steps. Using another 20-db pad 
will give you from 20 to 44 db more attenua- 
tion, and the signal is sure to become too 
weak to copy before you reach 44 db below 
one-tenth of a microvolt! 

The point of MDS is approximately equal 
to a O-db signal-to-noise ratio for most of us, 
and is considerably easier to determine than 
would be a true output S/N ratio, When you 
find this point, record the db below 0.1 micro- 
volt and the selectivity (in kilocycles) used. 

Now switch to a different bandwidth on the 
receiver and repeat the test, Record its results 
also. For maximum accuracy, repeat each of 
the tests 10 to 12 times and average the result. 

The signal level in microvolts corresponding 
to db below 0.1 microvolt is given in Table I. 
Locate it there and move to Fig. 3, the graph 
of signal versus bandwidth by noise figure. 

Enter the graph from the side with effec- 
tive noise bandwidth, and move across until 
you intersect the line corresponding to signal 
level in microvolts, The diagonal lines are 
noise figure; if one passes through the inter- 
section point, read noise figure in db from it. 
If not, interpolate between the lines. 

In reading Fig. 3, use the 10 ke-100 eps 
scale with the .01-.1 microvolt scale, and the 
100 eps-1 eps scale with the .001-.01 microvolt 
scale, If your bandwidth-signal level combina- 
tion falls off the graph to the left, use the 
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lower signal-level scale with the higher band- 
width scale and subtract 20 db from the re- 
sulting noise figure. 

In the happy event that all vour errors (and 
our approximations) cancel out, vou'll find 
the noise figure ta be the same at both the 
narrow and the broad bandwidth positions. 
However, it's more likely that you'll measure 
different noise figures at different positions of 
the selectivity control. Its safest to take the 
highest noise figure measured as being closest 
to correct, but you can average them if you 
prefer. Either way, vou will probably be 
within 1 db of the real figure—and this is as 
accurate as most noise-generator techniques 
can be, also. 

That completes the measurement, but be- 
fore we wind this up let's take a more detailed 
look at the idea of “effective noise bandwidth” 
which is such a key part of this measurement 
technique. 

Most of us are familiar with the idea of a 
“perfect” curve for receiver selectivity such 


as that shown at A in Fig. 4. Here the receiver 
has equal response over the desired band, and 
response drops to zero at the band edge. Such 
a curve is said to have a shape factor of 1, 
and is of course impossible to achieve in prac- 
tice. 

Now back to noise; it’s spread out equally 
over the spectrum. A noise bandwidth of 1000 
cycles per second contains 10 times as much 
noise as one of 100 eps. Thus “noise band- 
width” inherently has a shape factor of 1. 

Since such a shape factor is impossible to 
achieve, it follows that “noise bandwidth” and 
actual receiver bandwidth must differ. If re- 
ceiver bandwidth is measured at the —60 db 
points, the noise bandwidth will always be 
smaller than this receiver bandwidth. If re- 
ceiver bandwidth is measured at the points 
where response drops 1 db below peak, the 
noise bandwidth will always be greater. 

The mathematical expression for noise band- 
width is an integral equation involving differ- 
ential gain, which is a cumbersome thing to 
solve. In general, the noise bandwidth of a re- 
ceiver is said to be approximately equal to the 
bandwidth between points which are 3 db 
down from peak response. 

In practice, if the shape factor (6 to 60 db) 
of the receiver is 2, the effective noise band- 


db BELOW MICROVOLTS 
0.1 MICROVOLT 
3 OF 
6 05 
9 ¿035 
12 025 
15 018 
18 013 
20 01 
2] 009 
23 O07 
24 0063 
26 “O05 
23 0035 
32 0025 
35 .0018 
38 0013 
4] 0009 


Table |. 


width will be approximately 1.3 times the 
6-db bandwidth. If shape factor is between 
2 and 10, noise bandwidth will be approxi- 
mately equal to the square root of the shape 
factor (6 to 60 db) times the 6-db band- 
width. Few receivers have shape factors 
greater than 10. 

= The approximations quoted earlier (1.5 
times marked bandwidth for SSB-selectivity 
receivers, 3 times marked bandwidth for 
others) are based on these relations. If you're 
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really interested in calibrating your receiver's 
noise bandwidth for using this measurement 
technique, however, you might take a con- 
verter and have it measured for noise figure 
by the generator technique, then run this 
technique backwards to determine the effec- 
tive noise bandwidth of your receiver in each 
position of the selectivity control. 

The technique described here, incidentally, 
assumes that no audio filters are used follow- 
ing the detector. If they are, all results are 
off, since the effective noise bandwidth will 
have been changed in an unpredictable man- 
ner by the audio filters, 


However, you can remove the audio filters 
from the hookup for measurement purposes, 
determine noise figure, then return the audio 
filters to the circuit and run the measurement 
backward to find out your effective noise 
bandwidth with filters present. Don’t be sur- 
prised if it comes out in the region from 1 to 
10 cycles per second; a good audio filter can 
work wonders with weak-signal reception. 

For additional details on this technique of 
measuring noise figure, you can consult Refer- 
ence Data for Radio Engineers, 4th edition, 
published by IT&T and available from Radio 
Bookshop, or any good radar text. 


600 3.4 


650 2.7 
700 2.2 
750 1.8 
800 1.6 
850 1.4 
900 1.3 
Because Q = 3.2 (well below 10), the curve 


for this circuit is not perfectly symmetrical. 
Figure 7.28 
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20 You can find o AN of a circuit 
by measuring the frequencies (f 1 and f2) at 
which the half power points occur and then 
using the following formula: 

BW — z f, 

Or you can calculate the bandwidth of a 

circuit using this formula: 


BW = E 
Q 


Chapter IX 


Attenuators and Dummy Loads 


LOW POWER ATTENUATORS FOR 
THE AMATEUR BANDS 
George Daughters WB6AIG 
Will Alexander WA6RDZ 


In the evaluation of rf amplifiers, filters and 
many other devices, a variable attenuator is 
indispensable. This article describes attenuators 
built and tested by the authors. These attenu- 
ators are flat from de to over 50 MHz and 
usable to over 450 MHz. They use low cost 
parts, are very simple to build, and are more 
accurate than ordinarily required in amateur 
applications. 

The basic attenuator section is the sym- 
metrical pi shown in Fig. 1. Resistance values 
are given by the relations: 

R, = R, (WK + D/(WK — 1) 

Ra = R, (K— 1)/(2VK) 
where R, is the characteristic impedance of 
the pad (equal to the source and load im- 
pedance) and K is the attenuation factor, 
Pin P put: 

Resistor values for the most commonly used 
impedance (50 ohms) are shown in Table 1. 


li 


Fig. 1. Basic pi-network attenuator section. 


Nominal Calculated Measured 
atten- atten- atten- 
uation Fir Rə uation uation 
in dB in ohms in ohms in dB in dB 
I 910 6.2 1.1 1.1- 12 
2 430 12 2.1 2.1- 2.3 
3 300 18 3.0 3.2 
5 150 39 6.2 6.3- 6.6 
10 91 64 10,2 9.6-10.1 
20 62 240 19.6 19,5-19.7 


Annenuation measured at 50 MHz and lower. 
Table |. Resistor values for 50-9 attenuators. 


Notice that the use of standard value 5% half 
watt composition resistors allows accuracy 
within 1 dB of the calculated value of attenua- 
tion and within 1 dB of the desired nominal 
value. 


Amateur low-power attenuator made from in- 
expensive slide switches, 5% resistors and 
fiber glass, copper-clad board. 


The attenuators are built in small channel 
boxes made of copper-clad etched circuit board 
material. Aluminum channel boxes commer- 
cially available would probably work equally 
well. Small, inexpensive DPDT slide switches 
(H. H. Smith No. 318 cr equivalent) are 
soldered directly to the copper board and the 
resistors are soldered to the switch terminals 
(which have been cut short) with the shortest 
leads possible. 

Two wiring variations have been tried, one 
with the series resistors (R) mounted between 
the switch wiper contacts (type B), and one 
with all resistors connected to the attenu- 
ator in terminals (type A). See Fig, 2 and the 
photo of the interior of the attenuator. It was 
found that the latter arrangement, tvpe A, 


TYPE "A" 


TYPE “B” 


Fig. 2. Two types of attenuator construction. 
Type A has lower insertion loss than type B 
at high frequencies, so A is recommended. 
Resistors R1 and R2 are 5% composition, 145 
watt. The switches are H. H. Smith 518 or 
equivalent. The connectors can be of any type 
to suit. 
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Detalls of attenuator construction. The top 


style, with complete shielding, is recom- 
mended. 
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Fig. 3. Insertion loss versus frequency for the 
two types of attenuator construction: all sec- 
tions shielded (A) and only the 20 db section 
shielded (B). 


provided less insertion loss than the former 
at high frequencies, so this type of construc- 
tion is recommended. Also note that dividing 
shields are desirable between input and out- 
put elements of a single section. These shields 
prevent capacitive feedthrough at the high 
frequencies, and are desirable on the high 
attenuation sections (anything over 10 dB) 
even at low frequencies. On the low attenua- 
tion sections, very little difference is evident 
below VHF. See Fig. 3 for the attenuation 
of the attenuators up to over 450 MHz. Build- 
ing attenuators with greater than 20 dB at- 
tenuation per section by this method is not 
recommended for high frequency use. 


S-UNIT ATTENUATOR 
Ed Lawrence WASSWD 

Since the topic of “S meters” is a popular 
one among radio amateurs, a lot of time is 
spent describing these devices, usually along 
the lines of how generous or “Scotch” the 
meters are at the OTH of the parties in the 
QSO. After a few such QSO’s, | decided to 
build an attenuator, calibrated in “S” units, 
My aim was to attain an accuracy of 1 db or 
better, using 5% tw resistors and simple 
construction so it would be easy to dupli- 
cate. 

As a sidelight, I started out by calculating 
both “tee” and “pi” pads, and used “pi” 
because all values of resistance are close to 
standard values, but (especially for high 
attenuation pads) the values for “tee” pads 
can get quite small; and expensive. 

I figured the values required from the 
tables in the Allied’s “Electronics Data 
Handbook”, page 8, Sth edition. (Allied 
Radio, 75c, full of good info.) 

Since “85” units are supposed to be 6 db, | 
figured data for steps of 1,2,4 and 8 times 
that amount, or 6,12,24 and 48 db. With 
these steps, any number from 0 to 15 “S” 
units of attenuation could be selected. How- 
ever, 8 “S” units proved to be too much for 
one step, as shown by the lowered attenua- 
tion at 30 MHz, due to the inherent shunt 
capacitance of the resistor used in the series 
leg, plus the stray capacitance of the switch, 
So I removed the £ “S” unit step and 
installed another 4 “5” umt step. This allows 
selected steps of attentuation from Ü to 1] 
“S units. 

Here are the values I calculated, and the 
actual values used, based on 51 ohms. The 
steps are switched in series, as required for 
the desired attenuation. 


Looking inside the attenuator. 


Resistance Values for 51 Ohm Attenuator: 
R1 R2 


“> units DB ideal actual ideal actual 
1 6 154 150 ae 39 
2 12 85 82 96 100 
4 24 58 56 405 390 
8 48 51.5 51 6400 6800 


After the attenuator was completed, the 
attenuation was measured at 3 kHz and at 30 
MHz. With the test equipment available it 
was possible to measure more accurately at 
30 MHz than at 3 kHz. Below is the data 
irom the tests. 


Atten Step Predicted Measured Measured 
“S" units DE atten DB at3kHz at 30MHz 
1 6 6.2 6.0 6.02 
2 12 12.3 12.2 12.16 
4 24 23.3 24,2 24.05 
8 48 48.5 47.5 39.11 


Now if we want to make an educated guess 
as to how farup we can expect good results, 
say | db error out of 24 db, then we can use 
the measured error in the 48 db step to cal- 
culate the capacitance across the serios leg, 
and from that calculate the frequency where 
the | db error will occur. Go through the 
math if that is how you get your kicks, or 
take my word for it, It comes out to about 
2 pF. And this will cause a reduction of ] db 
at about 220 MHz. And since the resistor is 

ADT 


Fig. T; Diagram for one step in the atten- 

uAaTOr. 
of a lower value for the smaller steps, they 
should hold their values to even higher fre- 
quencies, but I expect other factors would 
get into the act along the line somewhere. | 
will state that still works well at 2 meters. 

If you want to get fancy, you can always 
figure the values for 1, 2 and 3 db steps and 
have from 0 to 72 db attenuation in 1 db 
steps. 

Referring to the photos; you can see l 
built my attenuator in a Bud Minibox 
CU-2102-4, 4° X 2-1/8" X 1-5/8". Four 
steps is the maximum in this size box, unless 
different switches are used. Mine are Cutler- 
Hammer 7592K6. The shielding was made 
from transformer strap, but could be any 
soft copper available. Try a Hobby Shop and 
get the thin sheet that is used for embossing 
if all else fails. 


Front panel showing the switches for the 
various steps of attenuation, 
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Here are some of the uses an attenuator 
of this type is suited for: 

Checking receiver ''S”* meter calibration. 

Attenuating signals to aid in peaking 
receivers and converters. 

Calibrating diode voltmeters for rf meas- 
urements. 

Checking antenna gain. Or gain of that 
outboard rf stage. 


P, S. My “5” meter lies, just as | thought! 


THE EVER-USEF UL T-PAD 
Jim Kyle K3JKX 


Most of us have transmitters; lets hope that 
an equal number of us have receivers also. 
Antennas and microphones are usual station 
accessories, with a few determined diehards 
here and there clinging to the trusty old key. 
But how many of us have much in the wav 
of test equipment? 

Now and then somebody pops up with a 
VOM, and occasionally vou can even fnd an 
operator who uses a scope. But the kind of 
special-purpose test gear you find in a well. 
equipped laboratory is almost always absent 
in the ham shack, 

Which is more or less as it should be, since 
were hams, not laboratory technicians. But 
with the present trends toward VHF, at least 
some specialized test gear is necessary, Other- 
wise, the regular station equipment can’t be 
tuned for maximum performance. 

One of the simplest such items is a noise 
generator, for getting the VHF receiver in per- 
fect tune. This gadget has been described 
many times before, so we wont repeat it again 
—but we do have something which transforms 
the usual noise-generator Jashup [rom a so-so 
item to an instrument capable of laboratory 
accuracy, 


Before going into detail, let's look at the 
normal method of using a noise generator: 
you connect the generator to the antenna 
input, tie the converter to the receiver, turn 
the ave off, connect a voltmeter to the detector 
load resistor in the receiver (or put an ac volt- 
meter across the speaker leads), and measure 
the voltage produced by just noise. Then you 
turn on the generator ancl adjust it for a 3 db 
(lt times the voltage) increase in output: 
the object is to achieve the 3 db increase with 
the minimum amount of current flowing in the 
nolse generator, 

However, this technique of using the noise 
generator is pretty sloppy, since it assumes 
that the receiver's detector is absolutely linea 
for small signals—and this assumption is almost 
always incorrect, 

A far better techrique is to hook things up 
just as before, except now you place three 
T-pads in the line between converter and re- 
ceiver. The T-pads on each end of the string 
serve merely to clamp the line impedance al 
50 ohms, but the one in the center is built for 
precisely 3 db loss. 

Now take the 3 db pad out and take vous 
reading as before with the noise generato: 
off; you dont have to tum off ave or hook up 
a voltmeter. The receiver's S-meter can be 


used instead, since we're not measuring anv- 
thing with the meter itself. It merely serves as 
an indicator so we can come back to the same 
point, 


Then replace the 3 db pad in the line, turn 
on the generator, and crank it up until you 
get the same meter reading as before. Since 
you now have 3 db of added loss between 
converter and receiver you must have increased 
the noise power output of the converter by 
that same 3 db, and you could care less about 
the linearity of the detector! 

This whole method is far from new, but 
previous descriptions of it have left something 
to be desired in the way of telling how to 
build the T-pad. The gadget is so simple that 
it must have seemed obvious to previous 
writers—but it does have its tricky points too. 

For instance, since a T-pad consists merely 
of 3 resistors, it is pretty easy to just wire 
them up by their leads. But they are hanging 
in the receiver antenna lead, and present-day 
receivers are rather sensitive. If you happen 
to find a 20-meter signal, it's going to foul up 
your measurements] 


re Berne 

sae ihe Ge Da AAT) ACE 
253 | 
pu 


T-Pad construction details 


One of the quickest ways to sidestep this 
problem is to shield the pad against all out- 
side influences—but how do you shield anything 
so tiny? 

The answer here is to use discarded 35-mm 
film cans, which all photographers who shoot 
35-mm cameras have in abundance. The Kodak 
kind seem to work best. This type has a thread- 
ed cap, with a flat spot in its center just right 
for drilling a 4 inch hole to take a single-hole- 
mounting phono jack. At the other end, a ¥ 
inch hole can be punched and lined with a 
rubber grommet for coax cable to enter. 

Next step is to place the jack in the hole 
in the lid, with its solder lug on the inside (be 
sure to clean the paint so that a good electrical 
contact will result). The T-pad can be as- 
sembled as shown in the drawing with short- 
est possible leads, and supported by its lead 
connecting to the jack. Thread a short length 
of RG-58 through the grommetted hole, and 
connect its center conductor to the other lead 
of the pad; the shield and shunt lead of the 
pad connect to the solder luc of the jack. 


All that’s left is to wire-brush the threads 
on the film can for good contact, and screw 
the lid down tight. Presto, a shielded T-pad. 
A phono connector should be put on the free 
end of the cable. 

You can make up a whole bunch of these 
in various loss values, and get virtually any 
amount of loss you want by stringing them to- 
gether. And this has a whole lot more use 
than just using with a noise generator... 

For instance, when you want to test an an- 
tenna, arrange for a steady signal, strong 
enough to register on your S-meter with the 
back of the antenna pointed at it. Then swing 
the antenna in small steps, and bring the 5- 
meter back to the same reading by inserting 
additional loss between converter and receiver 
with the T-pads. The difference between this 
and S-meter indications may amaze you, 

Or if you are called upon to measure the 
difference in signal strength between two sta- 
tions, the same approach can be used. Note 
the S-meter reading of the weaker, then knock 
the stronger one back to the same reading by 
putting T-pads in the converter-to-receiver 
line. Read the db off the pads and add them 
up. 

You can even use this in place of an S-meter 
if you really want to know the signal-to-noise 
ratio of an incoming signal with accuracy; take 
a reading on noise, then knock the signal back 
to the same point, Total up the db, and there's 
your answer. 

Though resistance values in the pad must 
be precise for absolute accuracy, the pad has 
an inherent tolerance of small errors and you 
should have better than 2 percent accuracy if 
you use 5-pereent resistors. Specifically, a 10- 
percent error in the resistance value of any 
one arm produces less than % db error in the 
pad loss, and less than 4 percent error in im- 
pedance. Using 5-percent resistors would, of 
course, cut these error limits in half. 

If you want to follow the approach of using 
a string of these pads for all purposes in the 
shack, it's best to make them up on a “binary” 
approach since this gives you the maximum 
number of db values with the minimum num- 
ber of parts. A basic assortment might be two 
1 db pads, and one each of 2 db, 4 db, 8 db, 
16 db, and 32 db. Using them in series in 
various combinations, you can pet any whole 
number of db from 0 to 64, which pretty well 
covers the range of values you may ever need. 
For an example, to get 50 db you would use 
the 32 db pad, the 16, and the 2. For 60 db, 
you would use the 32, the 16, the 8, and the 4. 

If the ability to increase loss in 1 db steps 
seems a bit exotic to you in view of the fact 
that 3 db is only half an S-unit, then you 
can use a binary progression in 3 db steps; 
this takes one 3 db pad, one 6 db, one 12 db, 
and one 24 db. The range is from 0 to 45 db, 
3 db at a time. 

For clamping a line's impedance, it’s a good 
idea to use at least a 3 db pad and a 6 db 
unit might be even better. The lower-loss pads 
pads may not have the ability to swamp out 
impedance variations on their other sides, 

About all that’s left to make this complete 
is a chart of resistance values for various loss 
figures. Here it is; all are for use with a 50 
ohm line; to use at any other impedance, 
multiply these values by the ratio of the new 
impedance to 50 ohms: 
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LOSS AMOUNT RI, R2 R3 
l db 2.1 430 
2 db 5.6 220 
3 db 8.2 150 
4 db 11 100 
6 db 16 68 
8 db 22 47 
12 db 30 21 
16 db 36 16 
24 db 43 6.2 
32 db 47 22 


COMBINATION DUMMY LOAD/ 
ATTENUATOR NETWORK 
John Schultz W2EE Y 


There are many instances when it is 
desired to use an existing transmitter as an 
exciter unit for a high-power linear ampli- 
fier. Many such linear amplifiers require a 
drive level that is only a fraction of the 
transmitter’s output. To some degree, the 
transmitter can be detuned in order to 
reduce its output level, but this procedure is 
rarely possible when several orders of magni- 
tude reduction in the power level are neces- 
sary. In such a case one can either internally 
modify the transmitter for a lower output 
level or use an alternator network between 
the transmitter and linear amplifier. In the 
latter case, the transmitter can be operated 
at its normal power input level and with its 
tuning controls at their normal settings, 

The unit described in this article func- 
tions as both an rf attenuator and as a 


is êm- 


A simple method of construction 
ployed. Based mainly on “sandwiching” the 
resistors used between two pieces of vector- 
board, Details are given in the text. 50-239 
is used as coax input connector, The circuit 
function switch is located below the output 
COnnector, 


dummy load. The latter capability allows a 
transmitter to be properly tuned alone for 
correct operation before it is used to drive a 
linear amplifier. An optional wattmeter cir- 
cuit is included which when calibrated al- 
lows direct reading, in watts, of the full 
transmitter output or of the drive level 
supplied to the linear amplifier. 

The unit described was built for use with 
a nominal 100 output transmitter used 
primarily for SSB service. The construction 
used, however, can be extended to other 
power levels for transmitters operating on 
80-10 meters. Also, using the information 


Power Basistor -u 
eduction a b INPUT OUTPUT 
1/4 (6db) 313 8 a 
1/5 (7db) 4 1,1 

10 (10db) .5 7 


1/20 (13db) .6 .5 


Fig. 1. Approximate resistor factors for “T” 
network attenuators over the ranges nor- 
mally desired for exciter power output 
roduction, 


supplied, the same type of attenuator/ 
dummy load can be designed for other than 
50 ohm transmission line systems. The atten- 
uator was nol designed as a precision net- 
work in order to allow the use of inexpen- 
sive resistors. However, the attenuation 
characteristics are quite satisfactory for the 
intended usage. 

Besides its application as a power reducer 
when driving a linear amplifier, the unit can 
be used with a transmitter whenever a quick, 
known level of power output reduction is 
needed for operating purposes, approximate 
gain measurements, etc, 

Circuit 

Fig. 1 shows the circuit values for a 
generalized T network attenuator that can 
be used in any impedance unbalanced trans- 
mission line. The scaling factors are only 
shown for those power reduction levels most 
likely to be needed when driving a linear 
amplifier with a 75-200 watt transmitter, in 
order to avoid unnecessary detail. Factors 
for intermediate power reduction values can 
be found by interpolation to a satisfactory 
degree or one can consult an electronics 
handbook. The basis of the attenuator/ 
dummy load network is to find the combina- 
tion of resistor arms that will provide the 
desired attenuation and still be able to be 
connected together to form a dummy load 
of the correct value. Fig. 2 shows one 
possible combination. Each resistor bank has 
a value of about 20 ohms (5 resistors of 100 
ohms each in parallel). In one position of the 
DPDT switch, the resistor banks are formed 
into a “T” network attenuator, In the other 


ALL RESISTORS 
ARE HO OHM, 2 WATT 


Fig. 


2. Circuit of 
load/attenustor network providing about 10 
db power reduction. Optional wattmeter 
circuit is also included. 


one possible dummy 


switch position, all three banks are placed in 
series as a dummy load connected across the 
input only. The resistance values which 
result are not exactly those shown in Fig. | 
for a 10db alternator, However, they are 
close enough to be effective and some 
tailoring of the individual legs is possible 
since each of the resistor bank values vary by 
a few ohms due to the tolerance of the 
resistors used, An optional voltmeter circuit 
is also shown in Fig. 2 connected to one pole 
of the DPDT switch. It can be used as a 
relative power output indicator or if cali- 
brated, as described later, actually measure 
the power output of the transmitter and of 
the attenuator. 

Many variations of the basic idea are 
possible. Fig. 3 shows the use of four banks 
of 100 ohm resistors. All four are used to 
form an attenuator that comes reasonably 
close to the values required for 7dbattenua- 
tion in a 50 ohm system. Only three are used 
in series for the dummy load function. In 
this case only a simple SPST switch is 
necessary to disconnect the output. The 
same rf voltmeter circuit as used in Fig. 2 
may be added if desired. The switch, in fact, 
could be eliminated entirely if one were 
willing to disconnect the output termination 
in order to use the dummy load feature. 

Whatever combination of resistance banks 
are used in order to achieve a desired 
attenuation value and the correct dummy 
load resistance, care must be taken that each 
resistance bank has sufficient power dissi- 
pation capability. The dissipation in each leg 
of the “T” network varies according to the 
attenuation level and can be calculated by 
Ohms Law. In general, a continuous power 
rating for a resistor bank equal to about 
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configuration possible with the 100 ohm 
resistor banks. lt provides about a 1/5 
power reduction (7db) when used as an 
attenuator. 


one-third of the SSB peak power rating 
seems to suffice, including for quick tune-up 
on CW. For keyed CW service, the power 
rating should be increased to at least one- 
half the key-down power level. 
Construction 

The approach of using a relatively large 
number of 2 watt composition resistors is far 
less expensive than using specific value rf 
non-inductive resistors of 10-30 watts power 
rating. In quantities of more than 10, IRC 
type RC-2, 2 watt, 10% tolerance resistors 
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TOP VIEW 


Fig. 4, Similar resistor banks are connected 
together on the undorside of the assambly. 


cost about 9 cents cach. So, one can achieve 
a 40 watt unit for less than $2 resistor cost. 
Banks composed of these resistors work well 
up to 30 me as long as the interconnecting 
leads are kept short. 

The photograph shows the construction 
used by the author for the circuit of Fig. 2. 
Similar construction can be used for larger 
size units as well. As shown in the photo- 
graph, the 15 resistors in rows of 5 each are 
sandwiched between two 1-1/8" x 1-7/8” 
pieces of vectorboard, None of the resistors 
physically touches. The wiring is done using 
the resistor leads. This construction is some- 
what compact to expect full, continuous 
power dissipation from the unit but suffices 
for intermittent use. The frame measures 
24” x 14” x 14”. A cover is not absolutely 
necessary since the minor radiation that 
takes place is not important in this applica- 
tion. If a cover is used, it certainly should be 
of a perforated type to allow maximum air 
flow, A SD-239 connector is used at one end 
of the frame for the input. A dual connector 
is used at the other end, but normally one 
would use two RCA type phono jacks—one 
for the output and one for a meter circuit. 
The switch is located immediately below the 
output connector—a miniature Alco MST 
type. 

Calibration 

If it is desired to calibrate the voltmeter 
circuit as a wattmeter, it is necessary to use a 
probe and VIVM. Using the unit as a 
dummy load, the rf voltage is measured at 
the input and the power calculated. The 50K 
ohm potentiometer is used to set the meter 
at full scale for the highest power level used. 
The rf voltage is measured and the power 
level calculated in order to calibrate the 
meter for lesser power levels leaving the 
potentiometer at its “set” value, The same 
procedure is followed to calibrate the meter 
for the output power level by measuring the 
output rf voltage when the unit is used as a 
“T” attenuator and connected to a regular 
dummy load. The calibration should be 
made on the lowest frequency band used 
and rechecked on the highest frequency 
band used. If the readings differ significantly 
on the highest frequency band from those 
established, it may be necessary to add a few 
mmf capacitance across the diode in the 
voltmeter circuit in order to compensate for 
the slightest reactance present in the circuit, 
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Fig. 5. Sketch showing details of resistor 
“sandwich” assembly. 


Operation 


When used between a transmitter and the 
50 ohm input of a linear amplifier, the unit 
is first used as a dummy load for tune-up of 
the transmitter. The unit is then switched 
(with the transmitter unkeyed) to its atten- 
uator position. In most cases, no returning 
of the transmitter should be necessary unless 
the input of the linear amplifier is particu- 
larly reactive. 


Summary 


The unit described is not intended as a 
precision attenuator or power measuring 
device. However, it will perform very well 
for its intended applications and costs far 
less than more sophisticated units per- 
forming the same functions. 


THE MINICAN 
Sam Kelly W6JTT 


The Heathkit “Cantenna” has proven to be 
a major breakthrough in the field of dummy 
loads for ham use. Unfortunately, it isn’t the 
most convenient thing to use on a small work 
bench with low power rigs! Borrowing their 
idea, 1 built this load for use with transmitters 
in the 5 to 15 watt range. The parts are few: 
a Campbell soup tin can, four one watt re- 
sistors, a UG-254-A connector, a short piece 
of 5/16 inch brass tubing and transformer oil. 

Fig. 1 is a sketch of the assembled unit. The 
50 ohm resistance was made up of three 15 
ohm and one 5 ohm one watt carbon resistors. 

First sand a can lid from a larger size can 
until it is free of paint. Drill a % inch hole 
through the center of the lid, and a E inch 
hole on the perimiter. Mount the coaxial con- 
nector through the center hole. Solder a 1 inch 
length of 5/16 in. brass tubing over the E inch 
hole. Solder the resistors as shown. Center the 
lid on the can and solder the lid to the can. 
Use a file to remove all rough edges. Mask 
the connector with masking tape and paint the 
can to prevent rusting. 


Fig. 1. Construction of the 
Minicon. Moin ports ore a soup 
con, coax connector and re- 
sistors. 


The Minicon in use with the companion detector. 


Fill the can with transformer oil. A good 
grade of automatic transmission fluid was used 
in one load with no degredation in perform- 
ance. However, it probably is not advisable as 
the fluid has a relatively low ignition tempera: 
ture and might create a fire hazard. 

The load was tested by running it for five 
hours with an input of 15 watts of 50 MHz rf. 
The can became warm, but the resistors 
showed no signs of overheating. 

A maximum VSWR of 1.5:1 was obtained at 
234 MHz. The measurement was made at this 
frequency because an automatic test set was 
available. 

A companion rf detector unit shown in Fig. 
2 was built in a two inch section of ¥ inch 
square extruded brass stock. A Dage 394-1 
BNC connector is mounted on one end for 
connecting to the RF circuit, while the DC 
output to the VTVM is a tip jack. 


Fig. 2. Rf detector for 
use with the Minican. 


THE TINY TERMINATOR 
Jim Kyrie ASIKX 


AVE you ever felt the need for a dummy 
load which would also indicate accurately 


the actual rf output power of a transmitter? 

You can buy such a beastie, you know, The 
Bird Termaline, standard of the two-way com- 
munication industry, shouldn't set you back 
much more than a C-note... 

But you can also build one at considerable 
less outlay, and that’s what this article is all 
about. 

As the photographs show, there’s almost 
nothing to the “Tiny Terminator’’—nothing, 
that is, but a 50-ohm load for any transmitter, 
which will absorb 20 watts for days on end 
and will handle 40 watts for brief periods (a 
minor modification can double these ratings), 
will not radiate rf into the ether after the 
fashion of the “standard” light bulb load, will 
allow accurate measurement of output power 
up past 225 mec, and can be built in less than 
two hours for less than $5. 

You can see by the sehematic thai there's 
nothing to the device electrically; the tricks 
are all mechanical. Electrically, the Tiny Ter- 
minator consists of 20 (that's what we said) 
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1000-ohm 1l-watt resistors connected in paral- 
lel, with a crystal diode running from the hot 
end of the composite resistor to the meter 
jack and a 27 mmíd capacitor bypassing the 
meter. 

Mechanically, the big problem with a unit 
such as this is the problem of keeping the load 
resistive regardless of frequency. Resistor 
leads have inductance (about 25 millimicroh- 
enries per inch) so we get rid of the leads as 
completely as possible. This is done by punch- 
ing holes in a flat plate, passing the lead 
through the hele until the resistor is flush with 
the plate, and soldering rapidly with a hot iron 
(an Ungar 47-watt 1100-degree tip was used 
in building the model shown) so that the re- 
sistor body won't cook before the leads and 
plate are joined. 

The flat plate has capacitance. This is 
avoided by keeping the plate shielded from 
outside influences, and separated as far as pos- 
sible from its shield. 

The shield, incidentally, is the bottom of 144 
inches of a Canada Dry cola, soldered all 
around the edge to the front resistor plate. 
This confines all rf inside the terminator. 


De += HIGH Piv DIODE = 


Addition of the crystal diode {a 1N34 was 
used, but a higher-voltage unit is recommended 
if you ever expect to measure power higher 
than 8 watts) and the bypass capacitor pro- 
vide the power-measuring feature, These two 
components, in conjunction with an external 
voltmeter of at least 1000 ohms per volt sensi- 
tivity, provide you a peak-reading ac volt- 
meter, The voltage indicated on the meter will 
be equal to the peak value of rf voltage pres- 
ent across the load. Squaring the voltage and 
dividing by 50 (the resistance) will give you 
the peak power, Most power ratings are in rms 
values rather than peak; multiplying the in- 
dicated voltage by 0.707 before squaring will 
give you the rms power output. 

The unit shown in the photos used perfor- 
ated brass stock for the resistor plates; this 
happened only because a length of the brass 
was on hand in the junkbox at the time. A 


cut-out tin can lid will work equally well and 
Will be much less expensive. 

Not visible in the photos is the means of 
connecting the hot end of the resistor plate, A 
hole was punched in the middle of the hot 
plate and a length of No. 14 bare wire was 
soldered in, then filed off flush on the rear side. 
The bare wire was threaded through the coax 
connector und soldered to the center contact 
after checking for possible shorts. 

The coax connector itself is held in place by 
a solder joint all around the rim of the cable- 
end aperture (see photo). This joint, if well 
made, provides plenty of strength. 


Earlier, we mentioned that a minor modifi- 
eation would double the power rating. That 
modification is this: instead of l-watt resis- 


LOT 


tors, use the 2-watt variety. If you really want 
to go high-power, use 50 2700-ohm 2-watt re- 
sistors and have a terminator which will ab- 
sorb 100 watts continuously and 200 watts 
ICAS. However, one that big will cost more— 
and you'll probably have to use a coffee can 
for the shield instead of the cola can used here. 
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This invention appertains to improvements 
in ground devices for radio apparatus. 
The principal object of this invention re- 
_ sides in the provision of a novel radio ground 
5 device for the elimination of fading ‘of vol- 
ume, increase of range and the promotion of 
| selectivity. | 
Other important objects and advantages: 
of the invention will become apparent to the 
10 reader of the following specification and 
claim. | | 
In the dr awings :— 7 
Figure 1 pine a do: view 
disclosing the ground and the manner in 
which it is associated with the usual aerial. 
Fig. 2 represents a diagrammatic view dis- 
closing i in plan the formation of the annular 
construction of the ground. 


- pad 
a 


Referring to the drawings wherein like | 
numerals designate like parts, it can be seen — 


20 


that numeral 5 represents the usual antenna 
from which extends the lead-in wire 6 con- 


nected to the usual antenna post on the re- 


ceiver 7 as shown in Fig. 2. 
Extending from the ground nee of ‘hs 
receiver 7 is the wire 8 of suitable construc- 


tive material, which leads to the annular 


Serial No. 521,539. 


understood that numerous changes in Fie: 


shape, size and materials may be ‘resorted to 


without departing from the spirit and scope 
of the invention as claimed hereinafter. 
Having thus described my invention, what oo 
I claim as new is:— : 
In a ground terminal for radios, a single 
length of wire having an intermediate por- 
tion formed with a plurality of convolutions 


and diametrical elongated loops, said loops 4%. 


being at right angles to each other and hav- 


-Ing the intermediate portions thereof located 


approximately at the axis of said convolu- _ 
tions and being interlocked, said convolutions © 
being extended through and being restrained °° 
by the outer portions of said elongated loops. 

In testimony whereof I affix my signature. 


CHRIST a AANENSON. 


es 
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formation generally referred to by numeral © 
9. This formation along the horizontal por- _ 


under the surface of the earth. Extending 
from the formation 9 is the same wire 8, of 
which the formation 9 is constructed and this 


' 9’ which may be in the form of a peg of 
copper or some other suitable conductive ma- 

terial. 

It will be observed in Fi 19. 2, that the 


annular formation 9 simply. consists in the 


wire 8 into several convolutions 10 and train- 
ing the same diametrically across the convo- 


tion of the wire 8 is approximately ten inches _ A 


leads to the downwardly disposed portion 
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lutions to provide right angularly disposed — | 


spoke portions 11. This annular formation 


is disposed horizontally under the earth in 
5 the manner shown in Fig. 1 and it is sub- 


mitted that this annular formation 9 mate- 
= rially increases the efficiency of the ground 
- device. 

: While the foregoing spinan sets forth 
? the invention in specific terms, dt is to be 
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Radio Mathematics 


Understanding radio and electronics be- 
yond an intuitive or verbal level requires the 
use of some mathematics. None of the math 
1s more advanced than trigonometry or ad- 
vanced algebra, but if you don’t use math 
regularly, it’s quite easy to forget what you 
learned during your education. In fact, de- 
pending on your age and education, you may 
not have encountered some of these topics 
at all. 

It is well beyond the scope of this book to 
be a math textbook, but this section touches 
some of topics that most need explanation 
for amateurs. For introductory-level tutorials 
and explanations of advanced topics, a list of 
on-line, no-cost tutorials is presented in the 
sidebar, “Online Math Resources”. You can 
browse these tutorials whenever you need 
them in support of the information in this 
reference text. 


Working With Decibels 


The decibel (dB) is a way of expressing a 
ratio logarithmically, meaning as a power of 
some base number, such as 10 or the base for 
natural logarithms, the number e ~ 2.71828. 
A decibel, using the metric prefix “deci” (d) 
for one-tenth, is one-tenth of a Bel (B), a unit 
used in acoustics representing a ratio of 10, 
and named for the telephone’s inventor, Al- 
exander Graham Bell. As it turns out, the Bel 
was too large a ratio for common use and the 
deci-Bel, or decibel, became the standard unit. 

In radio, the logarithmic ratio is used, but 
it compares signal strengths — power, volt- 
age, or current. The decibel is more useful 
than a linear ratio because it can represent 
a wider scale of ratios. The numeric values 
encountered in radio span a very wide range 
and so the dB is more suited to discuss large 
ratios. For example, a typical receiver en- 
counters signals that have powers differing 
by a factor of 100,000,000,000,000 (1014 or 
100 trillion!). Expressed in dB, that range 
is 140, which is a lot easier to work with 
than the preceding number, even in scientific 
notation! 

The formula for computing the decibel 
equivalent of a power ratio is 


dB = 10 log (power ratio) = 10 log (P1/P2) 
(1) 


or if voltage is used 


dB = 20 log (voltage ratio) = 20 log (V1/V2) 
(2) 

For equations 1 and 2 to produce 
equivalent results, both of the voltages must 
be measured across equivalent impedances. 
Otherwise, impedance must be accounted 
for according to P = V2 / Z. 

Positive values of dB mean the ratio is 


Online Math Resources 


The following Web links are a compilation of on-line resources organized by topic. 
Other resources are available online at www.arrl.org/tech-prep-resource-library. Look 
for the Math Tutorials section. 

Many of the tutorials listed below are part of the Interactive Mathematics Web site 
(www.intmath.com), a free, online system of tutorials. The system begins with basic 
number concepts and progresses all the way through introductory calculus. The lessons 
referenced here are those of most use to a student of radio electronics. 


Basic Numbers & Formulas 


Order of Operations — www.intmath.com/Numbers/3_Order-of-operations.php 

Powers, Roots, and Radicals — www.intmath.com/Numbers/4_Powers-roots-radicals.php 
Introduction to Scientific Notation — www.ieer.org/clssroom/scinote.html 

Scientific Notation — www.intmath.com/Numbers/6_Scientific-notation.php 

Ratios and Proportions — www.intmath.com/Numbers/7_Ratio-proportion.php 

Geometric Formulas — www.equationsheet.com/sheets/Equations-4.html 

Tables of Conversion Factors — en.wikipedia.org/wiki/Conversion_of_units 


Metric System 


Metric System Overview — en.wikipedia.org/wiki/Metric_system 
Metric System Tutorial —see Unit 3 at www.arrl.org/radio-lab-handbook 


Conversion of Units 


Metric-English — www.m-w.com/mw/table/metricsy.htm 
Metric-English — en.wikipedia.org/wiki/Metric_yardstick 
Conversion Factors — oakroadsystems.com/math/convert.htm 


Fractions 


Equivalent Fractions — www.intmath.com/Factoring-fractions/5_Equivalent- 
fractions.php 

Multiplication and Division— www.intmath.com/Factoring-fractions/6_Multiplication- 
division-fractions.php 

Adding and Subtracting — www.intmath.com/Factoring-fractions/7_Addition-subtraction- 
fractions.php 

Equations Involving Fractions — www.intmath.com/Factoring-fractions/8_Equations- 
involving-fractions.php 

Basic Algebra — www.intmath.com/Basic-algebra/Basic-algebra-intro.php 


Graphs 


Basic Graphs — www.intmath.com/Functions-and-graphs/Functions-graphs-intro.php 

Polar Coordinates — www.intmath.com/Plane-analytic-geometry/7_Polar- 
coordinates.php 

Exponents & Radicals — www.intmath.com/Exponents-radicals/Exponent-radical.php 

Exponential & Logarithmic Functions — www.intmath.com/Exponential-logarithmic- 
functions/Exponential-log-functionsintro.php 


Trigonometry 

Basic Trig Functions — www.intmath.com/Trigonometric-functions/Trig-functions- 
intro.php 

Graphs of Trig Functions — www.intmath.com/Trigonometric-graphs/Trigo-graph- 
intro.php 


Complex Numbers 
Complex Numbers — www.intmath.com/Complex-numbers/imaginary-numbers-intro.php 


that’s a loss: 20 log (0.1 / 2) = 20 log (0.05) 
= —26 dB. 

If you are comparing a measured power or 
voltage (Py or Vy) to some reference power 
(Prep Or Vegp) the formulas are: 


greater than 1 and negative values of dB in- 
dicate a ratio of less than 1. For example, if 
an amplifier turns a 5 W signal into a 25 W 
signal, that’s a gain of 10 log (25/5) = 10 log 
(5) = 7 dB. On the other hand, if by adjusting 
a receiver’s volume control the audio output 


signal voltage is reduced from 2 V to 0.1 V, dB = 10 log (Py /Prer) 


Radio Mathematics 1 


where: 


q=% 
R 
The formula used to calculate bandwidth 
indicates that, for two circuits with the same 
resonant frequency, the circuit with the larger 
Q will have the smaller bandwidth. 
When you calculate Q for a circuit 


containing a capacitor and inductor in series 
(such as that shown in Figure 7.29 ), use the 
total DC resistance—the sum of the DC 
resistance (r) of the inductor and the value of 
the resistor (R)—to calculate Q. 


Figure 7.29 
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When you calculate Q for a circuit 
containing an inductor and capacitor In 
parallel, as with the circuit shown in Figure 
7.30 , you do not include the value of the 
resistor (R) in the calculation. The only 


resistance you use in the calculation is the DC 
resistance (r) of the inductor. 
Figure 7.30 


There are several commonly-used refer- 
ence powers and voltages, such as 1 V or 
1 mW. When a dB value uses one of them as 
the references, dB is followed with a letter. 
Here are the most common: 


e IBV means dB with respectto 1 V (Vegp 
=1V) 
e dBuV means dB with respect to 1 uV 
(Veep = 1 uV) 
e dBm means dB with respect to 1 mW 
(Prep = 1 mW) 
If you are given a ratio in dB and asked to 
calculate the power or voltage ratio, use the 
following formulas: 


Power ratio = antilog (dB / 10) (3) 


Voltage ratio = antilog (dB / 20) (4) 


Example: A power ratio of —9 dB = antilog 
—(9 / 10) = antilog (-0.9) = Y = 0.125 

Example: A voltage ratio of 32 dB =antilog 
(32/20 ) = antilog (1.6) = 40 

Antilog is also written as log”! and may be 
labeled that way on calculators. 


CONVERTING BETWEEN DB AND 
PERCENTAGE 


You may also have to convert back and forth 
between decibels and percentages. Here are 
the required formulas: 


Wa a A A AAA E, 
Computer Software and Calculators 


Every version of the Windows operating system comes with a calculator program 
located in the Accessories program group and a number of free calculators are available 
on-line. Enter “online” and “calculator” into the search window of an Internet search en- 
gine for a list. If you can express your calculation as a mathematical expression, such as 
sin(45) or 10log(17.5), it can be entered directly into the search window at www.google. 


com and the Google calculator will attempt to solve for the answer. 
Microsoft Excel (and similar spreadsheet programs) also make excellent calculators. 
If you are unfamiliar with the use of spreadsheets, here are some online tutorials and 


help programs: 


homepage.cs.uri.edu/tutorials/csc101/pc/excel97/excel.html 


www.baycongroup.com/el0.htm 


www.bcschools.net/staff/ExcelHelp.htm 


For assistance in converting units of measurement, the Web site www.onlineconver- 
sion.com is very useful. The Google online unit converter can also be used by entering 
the required conversion, such as “12 gauss in tesla”, into the Google search window. 


Decibels In Your Head 


Every time you increase the power by a factor of 2 times, you have a 3-dB in- 
crease of power. Every 4 times increase of power is a 6-dB increase of power. When 
you increase the power by 10 times, you have a power increase of 10 dB. You can 
also use these same values for a decrease in power. Cut the power in half for a 3-dB 
loss of power. Reduce the power to 1⁄4 the original value for a 6-dB loss in power. 

If you reduce the power to Yo of the original value you will have a 10-dB loss. The 
power-loss values are often written as negative values: —3, —6 or —10 dB. The follow- 
ing tables show these common decibel values and ratios. 


Common dB Values and 
Power Ratios 


Common dB Values and 
Voltage Ratios 


PA dB V2/V1 dB 
0.1 —10 0.1 ~20 
0.25 -6 0.25 -12 
0.5 -3 0.5 —6 
1 0 0.707 -3 
2 3 1.0 0 
4 6 1.414 3 

10 10 >) E 

4 12 
10 20 


You can also derive all the dB equivalents of integer ratios by adding or subtracting 
dB values. For example, to calculate the dB for a power ratio of 10/4 (2.5), subtract 
the dB equivalents for 10 and 4: 10 — 6 = 4 GB. Similarly for a ratio of 10/2 (5), 
10-3=7 dB. The ratio of 5/4 (1.25) is 7 — 6 = 1 dB and so forth. The same trick can 


be used with the voltage ratios. 
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dB = 10 log (percentage power / 100%) 


(5) 
dB = 20 log (percentage voltage / 100%) 
(6) 
Percentage power = 
100% x antilog (dB / 10) (7) 
Percentage voltage = 
100% x antilog (dB / 20) (8) 


Example: A power ratio of 20% = 10 log 
(20% / 100%) = 10 log (0.2) = —7 dB 
Example: A voltage ratio of 150% = 20 
log (150% / 100%) = 20 log (1.5) = 3.52 dB 
Example: —1 dB represents a percentage 
power = 100% x antilog (-1 / 10) = 79% 
Example: 4 dB represents a percentage 
voltage = 100% x antilog (4 / 20) = 158% 


Rectangular and 
Polar Coordinates 


Graphs are drawings of what equations de- 
scribe with symbols — they’re both saying 
the same thing. Graphs are used to present 
a visual representation of what an equation 
expresses. The way in which mathematical 
quantities are positioned on the graphis called 
the coordinate system. Coordinate 1s another 
name for the numeric scales that divide the 
graph into regular units. The location of every 
point on the graph is described by a pair of 
coordinates. 

The two most common coordinate systems 
used in radio are the rectangular-coordinate 
system shown in Figure 1 (sometimes called 
Cartesian coordinates) and the polar-coordi- 
nate system shown in Figure 2. 

The line that runs horizontally through the 
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Figure 1 — Rectangular-coordinate 
graphs use a pair of axes at right angles 
to each other; each calibrate in numeric 
units. Any point on the resulting grid can 
be expressed in terms of its horizontal 
(X) and vertical (Y) values, called 
coordinates. 


(4.5, 243.4?) 
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Figure 2 — Polar-coordinate graphs use 
a radius from the origin and an angle 
from the 0° axis to specify the location 
of a point. Thus, the location of any point 
can be specified in terms of a radius and 
an angle. 


center of a rectangular coordinate graph is 
called the X axis. The line that runs vertically 
through the center of the graph is normally 
called the Y axis. Every point on arectangular 
coordinate graph has two coordinates that 
identify its location, X and Y, also written 
as (X,Y). Every different pair of coordinate 
values describes a different point on the graph. 
The point at which the two axes cross — and 
where the numeric values on both axes are 
zero — is called the origin, written as (0,0). 

In Figure 1, the point with coordinates 
(3,5) is located 3 units from the origin along 
the X axis and 5 units from the origin along 
the Y axis. Another point at (—2,—4) is found 
2 units to the left of the origin along the X 
axis and 4 units below the origin along the Y 
axis. Do not confuse the X coordinate with 
the X representing reactance! Reactance is 
usually plotted on the Y-axis, creating oc- 
casional confusion. 

In the polar-coordinate system, points on 
the graph are described by a pair of numeric 
values called polar coordinates. In this case, 
a length, or radius, is measured from the 
origin, and an angle is measured counter- 
clockwise from the O° line as shown in Fig- 
ure 2. The symbol r is used for the radius 
and 0 for the angle. A number in polar co- 
ordinates is written rZ0. So the two points 
described in the last paragraph could also be 
written as (5.83, 459.09) and (4.5, 2243.4°). 
Unlike geographic maps, 0° is always to the 
right along the X-axis and 90°at the top 
along the Y-axis! 

Angles are specified counterclockwise 
from the 0° axis. A negative value in front of 
an angle specifies an angle measured clock- 
wise from the 0° axis. (Angles can also be 
given with reference to some arbitrary line, 
as well.) For example, —270° is equivalent 
to 90°, —90° is equivalent to 270°, 0° and 


ARRLO369 


Figure 3 — The Y axis of a complex- 
coordinate graph represents the 
imaginary portion of complex numbers. 
This graph shows the same numbers 
as in Figure 1, graphed as complex 
numbers. 


—360° are equivalent, and +180° and —180° 
are equivalent. With an angle measured 
clockwise from the 0° axis, the polar co- 
ordinates of the second point in Figure 2 
would be (4.5, 4-116.67). 

In some calculations the angle will be 
specified in radians (1 radian = 360 / 27 
degrees = 57.3°), but you may assume that 
all angles are in degrees in this book. Radians 
are used when angular frequency (0) is used 
instead of frequency (f). Angular frequency 
1s measured in units of 27 radians/sec and 
so œ = 2nf. 

In electronics, it’s common to use both 
the rectangular and polar-coordinate systems 
when dealing with impedance problems. 
The examples in the next few sections of 
this book should help you become familiar 
with these coordinate systems and the tech- 
niques for changing between them. 


Complex Numbers 


Mathematical equations that describe 
phases and angles of electrical quantities 
use the symbol j to represent the square root 
of minus one SE ). (Mathematicians use 
i for the same purpose, but i is used to rep- 
resent current in electronics.) The number 
j and any real number multiplied by j are 
called imaginary numbers because no real 
number is the square root of minus one. For 
example, 27, 0.17, 77/4, and 457.6; are all 
imaginary numbers. Imaginary numbers are 
used in electronics to represent reactance, 
such as ¡13 Q of inductive reactance or —j25 
Q of capacitive reactance. 

Real and imaginary numbers can be com- 
bined by using addition or subtraction. Add- 
ing a real number to an imaginary number 


creates a hybrid called a complex number, 
such as 1 +j or6—7). These numbers come in 
very handy in radio, describing impedances, 
relationships between voltage and current, 
and many other phenomena. 

If the complex number is broken up into its 
real and imaginary parts, those two numbers 
can also be used as coordinates on a graph 
using complex coordinates. This is a special 
type of rectangular-coordinate graph that is 
also referred to as the complex plane. By 
convention, the X axis coordinates represent 
the real number portion of the complex 
number and Y axis coordinates the imagi- 
nary portion. For example, the complex num- 
ber 6 — 7j would have the same location as 
the point (6,—7) on a rectangular-coordinate 
graph. Figure 3 shows the same points as 
Figure 1. 

The number j has a number of interesting 
properties: 


Uj=-j 
P=-1 
PHT 
jel 


Multiplication by j can also represent a 
phase shift or rotation of +90°. In polar co- 
ordinates j = 1 490". 


WORKING WITH COMPLEX 
NUMBERS 


Complex numbers representing electrical 
quantities can be expressed in either rectan- 
gular form (a + jb) or polar form (1.40) as 
described above. Adding complex numbers 
is easiest in rectangular form: 

(a+ jb) + (c +jd) = (atc) +j(b+d) (9) 

Multiplying and dividing complex num- 
bers is easiest in polar form: 


aZ0,xbZ0, =(axb) 4(0,+80,) (10) 
and 

aZo; a 

—=—t-|2 (0-0 11 
b.0, =) (81 — 8 ) 


Converting from one form to another is 
useful in some kinds of calculations. For ex- 
ample, to calculate the value of two complex 
impedances in parallel you use the formula 


ea 
Li +£, 
To calculate the numerator (Z,Z,) you 
would write the impedances in polar form. 


To calculate the numerator (Z, + Z2) you 
would write the impedances in rectangular 
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form. So you need to be able to convert back 
and forth from one form to the other. Here is 
the procedure: 

To convert from rectangular (a+ jb) to polar 
form (r Z 0): 


r= va? +b? and 0 = tan`} (b / a) (12) 


To convert from polar to rectangular form: 


a=rcos0 and b =r sinð (13) 

Many calculators have polar-rectangular 
conversion functions built-in and they are 
worth learning how to use. Be sure that your 
calculator is set to the correct units for angles, 
radians or degrees. 

Example: Convert 3 Z 60° to rectangular 
form: 


a = 3 cos 60° =3 (0.5)= 1.5 
b =3 sin 60° = 3 (0.866) = 2.6 
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360° = 1.5 + j2.6 
Example: Convert 0.8 + j0.6 to polar form: 


r=V0.8" +0.67 =1 
8 = tan | (0.6/0.8) =36.8° 


0.8 + 70.6 =1236.8° 


Accuracy and Significant 
Figures 


The calculations you have encountered in 
this chapter and will find throughout this 
handbook follow the rules for accuracy of 
calculations. Accuracy is represented by the 
number of significant digits inanumber. That 
is, the number of digits that carry numeric 
value information beyond order of magni- 
tude. For example, the numbers 0.123, 1.23, 


12.3, 123, and 1230 all have three significant 
digits. 

The result of a calculation can only be as 
accurate as its least accurate measurement or 
known value. This is important because it is 
rare for measurements to be more accurate 
than a few percent. This limits the number of 
useful significant digits to two or three. Here’s 
another example; what is the current through a 
12-Q resistor if 4.6 V is applied? Ohm’s Law 
says I in amperes = 4.6 / 12 = 0.3833333... but 
because our most accurate numeric informa- 
tion only has two significant digits (12 and 
4.6), strictly applying the significant digits 
calculation rule limits our answer to 0.38. One 
extra digit is often included, 0.383 in this case, 
to act as a guide in rounding off the answer. 

Quite often a calculator is used, and the re- 
sult of a calculation fills the numeric window. 
Just because the calculator shows 9 digits after 
the decimal point, this does not mean that is a 
more correct or even useful answer. 
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Entusiasmo 
ben riposto 


S e avete acquistato il presente manuale, ció significa 

che avete aderito alla nostra proposta, apparente- 
mente un po’ azzardata, a prima vista, forse, troppo lu- 
singhiera. Ma vuol dire anche che intimamente sentivate 
la necessita di questo nuovo mezzo di cultura popolare. 
Comunque, per confermarvi la bonta della vostra scelta 
e per mantenere acceso il vostro ben riposto entusia- 
smo, è doveroso da parte nostra una breve spiegazione 
di premessa. 


Tutta la radio in 36 ore! Ma è dunque possibile? 
Possibilissimo, rispondiamo noi! I corsi delle scuole 
elementari, del liceo, ad esempio, si compiono in 5 anni, 
in un tempo pari a 43.000 ore. Ecco pertanto che le no- 
stre 36 ore equivalgono a 36 giorni e, per i più fortunati 
che hanno maggior tempo a disposizione, a 18 0 20 gior- 


ni. E in unora con la nostra guida si può far molto. 


Si possono assimilare piacevolmente gli elementi 
jondamentali di un settore della materia: ció perchè il 
concetto si rivela spontaneo attraverso una sequenza di 
elementari esercitazioni pratiche e di avvincenti appli- 
cazioni. 


Con questa moderna meccanica di insegnamento 
giungerete, ora per ora, a capire tutta la radio. Proprio 
tutta? Sì, per poter seguire pubblicazioni specializzate. 
Si, per poter interpretare progetti elettronici, ma so- 
prattutto per poter realizzare da soli, con soddisfazione, 
radioapparati più o meno complessi, che altri hanno po- 
tuto affrontare dopo lungo e pesante studio. 


Da questo momento schiacciate dunque il pulsante 
del vostro cronometro e partite di buona lena! 
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Il neofita della 
radio ha bisogno 
sempre di una 
gvida amica, pa- 
ziente e generosa. 


La passione per 
la radio si tradu- 
ce spesso in una 
gran fretta di co- 
struire, di toccare 
con mano fili con- 
duttori e compo- 
nenti radio elet- 
trici. 


JUN REGNO 
IDI FILI 
JE DI COLORI 


on la radio si comincia sempre allo steso modo. Capita sottomano 
un manuale, una rivista, un libro di radiotecnica, si dà, per caso, 
una sbirciatina a quel piccolo regno fatto di arnesi, di fili e di 
colori che è il radiolaboratorio, così misterioso da una parte e così pieno 
di fascino dall'altra, e si rimane... contagiati. 

È accaduto a noi e accade ogni giorno e in ogni luogo ad altri: ai 
giovanissimi e agli uomini già maturi. La passione per la tecnica della. 
radio non conosce limiti di età, di classi sociali, di luoghi o di tempo. 
Esplode improvvisa, impetuosa, all'insegna dell'entusiasmo e un po’ del 


sacrificio, creando dappertutto, e di continuo, schiere nuove ed agguerrite. 


Ma il neofita della radio è un po” come il bambino, che ha bisogno 
della mamma per imparare a muovere i primi passi, per crescere.. Da 
solo, completamente da solo, non pud davvero farcela. Una guida amica, 
paziente e generosa, pronta a consigliare e ad incoraggiare quando ci 
si trovi a contatto con le prime difficoltà o coi primi insuccessi, è asso- 
lutamente necessaria. Sì, perchè quando ci si trova da soli, troppo soli, 
in un mondo tanto affascinante ma anche tanto vasto, come quello della 
radiotecnica, è facile smarrirsi e abbandonare presto il campo solo per 
non aver trovata e seguita la via maestra. 3 

Esistono oggi molte pubblicazioni, specializzate in materia di radio, 
che tengono il passo con il continuo progredire dell’elettronica, presen- 
tando circuiti e progetti nuovi, talora con dovizia di particolari e assal 


sa nulla di radio ed & preso soltanto da interesse e passione per la 
radiotecnica, ama e preferisce il linguaggio tecnico piu semplice, quello 
più elementare, di continuo confortato dalla possibilità di toccare con 
mano ciò che è detto in teoria e di tradurre in pratica almeno i concetti 
fondamentali. E l’amore per la pratica si traduce, quasi sempre, in una 
gran fretta di costruire, in un bisogno immediato di raggiungere la meta 
più ambita: quella di ascoltare voci e suoni, provenienti dall'etere, per 
mezzo di un piccolo apparecchio, che sia veramente la nostra creatura, 
composta e realizzata tutta da noi. Dunque, vi insegneremo presto a 
costruire il vostro primo radioricevitore. Intendiamoci, peró! Non si 
tratterà di un apparato capace: di farvi ascoltare molte emittenti e nep- 
pure troppo lontane da voi. Con esso riceverete bene le emittenti locali 
e un po’ meno bene le altre; ma, quel che più importa, avrete acceso 
le polveri del vostro entusiasmo e, badate bene, con una minima spesa 
e senza aver logorato il cervello in uno studio faticoso, complicato da 


astruse formule o da lunghi calcoli. 
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“spesso con linguaggio accessibile soltanto ai più preparati. Ma chi non — 
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Le onde radio sono invisibili e presenti in ogni dove. Anche le 
onde sonore, sono invisibili. Le prime, per compiere qualunque | 
viaggio, non abbisognano di alcun mezzo di « sostegno »: esse si 
propagano anche attraverso il vuoto. Le seconde, per propagarsi, 
necessitano di un mezzo gassoso, liquido o solido, e il più natu- 
rale fra questi € rappresentato dall'aria. 


| Il microfono capta le onde sonore e le trasforma in 
E corrente elettrica; questa corrente viene rinforzata 
(amplificata) da un apparecchio, denominato am- ONDE RADIO 


S plificatore. In ogni stazione trasmittente viene ge- - HHHH HHHH HHH 


| nerata corrente oscillante, che viene mescolata con a ad 
q quella proveniente dall'amplificatore. La corrente HHHH | TAH mii 
risultante da tale mescolanza viene inviata all'an- iH Hip a ? 
tenna trasmittente dalla quale si diparte nello spa- i ul 


zio in forma di onde radio. 
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r= DC resistance R (external resistor) 


ot inductor 


When you calculate Q for a circuit 
containing an inductor, a capacitor, and a 
resistor in parallel (as with the two circuits 
shown in Figure 7.31 ), include the value of 
the resistor (R) in the calculation. 


Figure 7.31 
R L 

Questions 
For the circuit shown in Figure 7.32 , all the 
component values are provided in the 
diagram. Find fr, Q, and BW. 
Figure 7.32 
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Due tipi fonda- 
mentali di onde: 
onde sonore e on- 
de elettromagne- 
tiche. 


La interpretazio- 
ne degli schemi 
teorici dei radio- 
apparati presup- 
pone la conoscen- 
za di simboli, si- 
gle e dati. 


Quando si parla di radio è inevitabile parlare di onde, anche se le 
onde non si vedono e neppure si sa cosa realmente esse siano. Ma la 
conoscenza della natura delle onde radio, nella loro intima essenza, non 
è necessaria per chi deve montare o riparare un ricevitore radio. Di 
esse si conosce il comportamento, il modo di diffondersi, si sa come 
captarle e come produrle, e cid è più che suficiente. Ma le onde che 
interessano il mondo della radio sono principalmente di due tipi: quelle 
sonore e quelle elettromagnetiche. Sono onde sonote quelle prodotte da 
un altoparlante o da una cuffia telefonica, mentre sono onde elettroma- 
enetiche quelle che collegano, attraverso lo spazio e senza fili, antenna 
di una stazione trasmittente con quella di un ricevitore radio. 

Quando un cantante si esibisce davanti a un microfono, dalla sua 
bocca escono onde sonore; queste onde vengono ricevute da un micro- 
fono e da questo trasformate in corrente elettrica; questa corrente elet- 
trica subisce uno speciale trattamento, attraverso apparati piú o meno 
complessi, e viene inviata, trasformata in onde elettromagnetiche, alla 
antenna trasmittente. La corrente elettrica che esce dal microfono prende 
il nome di corrente microfonica o corrente di bassa frequenza; 
quella inviata all’antenna trasmittente prende il nome di corrente ad 
alta frequenza. 

Ma lasciamo da parte il processo di trasmissione per entrare subito 
in quello, più interessante per chi legge questo volumetto, della ricezione 
dei segnali radio. 


Ogni circuito di ogni radioapparato viene sempre rappresentato, 
sui libri di testo, sugli schemari, sui bollettini pubblicitari, sulle riviste 
specializzate, mediante un disegno, tutto composto di simboli radioelet- 
trici, e prende il nome di schema elettrico o circuito teorico. Tal- 
volta il circuito elettrico è confortato dalla presenza di uno o più disegni 
esplicativi, che interpretano una parte meccanica del ricevitore radio, 
oppure una fase del montaggio. Ma lo schema maggiormente accettato 
e ricercato dai principianti rimane sempre lo schema pratico, quello 
che riproduce, il più fedelmente possibile, il circuito reale dell’apparec- 
chio, così come esso si presenta nella realtà agli occhi dell’osservatore. 
Prima di montare, dunque, il primo ricevitore radio sperimentale, il 
lettore deve saper interpretare il suo schema teorico e, cosa assai più 
facile, lo schema pratico. | 

Lo schema elettrico, chiamato anche circuito teorico, é un disegno 
tutto composto di simboli, come detto più sopra. E nel primo ricevitore, 
presentato in questo volumetto, i simboli sono ridotti, principalmente, 
a sei. Il primo simbolo, contrassegnato con la sigla L1, vuol rappre- 
sentate la bobina di induttanza che, nel caso specifico, prende il nome 
di bobina di sintonia (vedremo più avanti il principio di funzionamento 
di questo e di tutti gli altri componenti); il secondo simbolo, contrasse- 
gnato con la sigla C 1, vuol rappresentare un condensatore variabile; 
il terzo simbolo, contrassegnato con la sigla DG, vuol rappresentare un 
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” Le onde radio, quan- 


do arrivano. all'an- 
tenna ricevente, so- 
no molto deboli a 
causa del lungo viag- 
gio da esse affron- 
tato. I| ricevitore ra- 
dio provvede subito 
a rinforzarle ( ampli- 


ficarle). Successiva- 
mente viene operata 


la separazione fra la 


corrente oscillante e 


quella microfonica; 
soltanto quest'ulti- 
ma viene inviata, 
dopo un ulteriore 
processo di rinforzo, 


all'altoparlante, che 
provvede a trasfor- 
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_ diodo al germanio; il quarto simbolo rappresenta un componente radioe- 
lettrico il cui nome è oggi sulla bocca di tutti: il transistore; il quinto 
- simbolo rappresenta la cuffia, cioè quell’apparato elettroacustico, che 
- viene tenuto contro le ofeschie e sostenuto con il capo; questo compo- 
~ nente permette di ascoltare il suono; il sesto e ultimo simbolo vuol Tutti i compo- 
_ rappresentare una pila, e la dicitura «9 V.» vuol significare che la nenti radicelettri- 
tensione. della pila è appunto di 9 volt. ci vengono rap- 
| Taluni dei componenti radioelettrici fin qui elencati sono cono- presentati, negli 
= sciuti anche dai profani di radiotecnica. Chi, infatti, non ha mai visto | schemi, mediante 
una cuffia, una pila da 9 volt, di quelle montate nei ricevitori a transistor un simbolo parti- 
 portatili? Ma anche la conoscenza più intima degli altri componenti  colare. 
diverra presto familiare, perché bastera osservare il disegno del compo- 
nente rappresentato nella sua realta, confrontarlo con quello acquistato 
in commercio e ritenerne ben fisso nella mente il simbolo, per non 
dimenticare mai pit, nella vita, che cosa siano una bobina di induttanza, 
un diodo al germanio, un transistore, un condensatore variabile. 


Il circuito radio, di qualunque tipo esso sia, è un po’ come una 

-~ strada, un po’ tortuosa, talvolta un tantino lunga, caratterizzata princi- 
_ palmente da un ingresso e da un'uscita. All'ingresso entrano i segnali 
radio, invisibili e sempre presenti nello spazio che ci circonda; all'uscita, 
che può essere costituita da un'altoparlante o da una cuffia, gli stessi 


- segnali radio escono sotto forma di voci e di suoni. 


Ogni circuito ra- 
dio pud essere pa- 
ragonato ad una 
strada, più o me- 
no lunga, più o 
meno tortuosa, 
sempre caratteriz- 
zata dalla presen- 
za di una « entra- 
ta» e di una 
« uscita ». 


Ma nel tipo di ricevitore più semplice e più avanti descritto, questa 
« strada » non è affatto complessa, tortuosa e lunga; al contrario, essa 
è semplice e « lineare », e non dá alcun adito a confusioni o a difficoltà 
di interpretazione. E pur essendo semplice, questo primo circuito di 
ricevitore radio svolge tutti quei processi fondamentali che si attuano 
nei ricevitori radio molto più complessi, con circuiti a 5 e più valvole 
o a 7 e più transistori. Quali differenze, dunque, intercorrono fra questo 
semplice ricevitore e quelli molto più complessi che si acquistano in 
commercio? La risposta a tale domanda può essere intuitiva e immediata. 

La veste esteriore degli apparati di tipo commerciale è di gran lunga 
migliore ed è migliore anche l'efficienza del circuito. In altre parole si 
vuol dire che gli apparati di tipo commerciale, che si acquistano nel 
negozi di rivendita di apparecchi radio, sono eleganti e permettono di 
ascoltare, in qualsiasi ora del giorno, un buon numero di stazioni tra- 
smittenti, con sufficiente chiarezza e potenza; tutte queste caratteristi- 
che, invece, mancano nel ricevitore più avanti descritto, perchè con 
esso si potrà ascoltare soltanto in cuffia, e non attraverso un altoparlante, 
l'emittente locale, cioè la stazione radiotrasmittente installata nella loca- 
lità in cui il lettore risiede; soltanto qualche altra stazione trasmittente, 
dotata di una certa potenza, potrà essere ascoltata durante le ore notturne. 


Lo schema elettrico di ogni 
apparecchio radio prende an- 
che il nome di circuito teo- 
rico. Esso è tutto composto 
di simboli, che permettono 
di semplificare il disegno e di 
rendere immediata la cono- 
scenza e l'analisi del circuito. 
Nello schema qui riportato 
ogni simbolo risulta accop- 
piato, a parte, con il disegno 
reale del componente cui es- | 
so si riferisce. Per soli motivi ; 
di semplificazione didattica € 
stato sostituito, nello sche- 
ma, il vero simbolo della pila 
con due cerchietti contrasse- 
gnati con i segni + e —, che 
si riferiscono al morsetto po- 
sitivo e a quello negativo 
della pila. 
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La radio @ una 
finestra sempre 
aperta nel mondo 
delle onde elettro- 
magnetiche: attra- 
verso essa entra- 
no i segnali radio. 
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IL PIU 
SEMPLICE 
RADIORICEVITORE 


e onde radio sono presenti in ogni dove e in qualsiasi ora del 
giorno e della notte; esse sono nelle nostre case, intorno a noi, e 
antenna del ricevitore radio rappresenta una finestra sempre aperta 
e pronta a far entrare le onde radio, che in gergo radiotecnico vengono più 
semplicemente denominate segnali radio. Ma se le onde radio sono pre- 
senti dovunque perchè serve l'antenna? In molti apparecchi radio, infatti, 
l'antenna, almeno apparentemente, non esiste ed essi funzionano ugual- 
mente bene. E un concetto questo che si può interpretare in poche 
parole. Le onde radio, cioè i segnali radio presenti intorno a noi, quando 
entrano nell’apparecchio radio, sono molto deboli e hanno bisogno di 
essere rinforzati, cioè amplificati, per trasformarsi in voci e suoni. Negli 
apparati commerciali esiste tutto un sistema di rinforzo delle onde radio, 
per cui si riesce sempre a trasformarle in voci e suoni anche se esse sono 
debolissime. Nei ricevitori radio, di tipo semplice ed economico, come 
sono quelli costruiti dai dilettanti, questo procedimento di rinforzo, 
cioè di amplificazione dei segnali radio, non esiste, oppure esiste in 
forma ridotta. Ecco dunque la necessità, in questi casi, di far entrare 
la massima quantità di segnali radio nell'ingresso del circuito di un 
apparato ricevente, ed ecco dunque la necessità di installare un'antenna 
esterna e di collegarla all'ingresso dell'apparecchio radio. Insomma, quan- 
do cè l'antenna vi è la possibilità di captare la massima quantita di 
segnale radio e, soprattutto, quei segnali debolissimi che provengono 
da stazioni trasmittenti molto lontane; quando l'antenna non c’é ci si 
deve accontentare di quella poca quantità di segnali radio che stanno 
sempre intorno a noi, in ogni luogo. 


Esaminiamo ora il circuito teorico, fatto tutto di : simboli rappre- 
sentativo del più semplice radioricevitore. Sulla presa di antenna, con- 
trassegnata con la dicitura ANT., si applica il conduttore proveniente 
dall’antenna. Quindi, attraverso questa presa entrano i segnali radio ed 
essi vengono intrappolati nella bobina di induttanza L 1. Accanto alla 
bobina di induttanza è presente il condensatore variabile C1. A che 
cosa serve tale componente? J] condensatore variabile è un piccolo 
sistema meccanico composto da un certo numero di lamelle fisse e di 
lamelle mobili; un perno di comando permette di far ruotare l'asse nel 
quale sono incorporate le lamelle mobili; quindi azionando il perno del 
condensatore variabile, le lamelle mobili possono assumere una determi- 
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Jl diodo al germanio, contrassegnato con la sigla DG1, si lascia attra- 
versare dalla corrente elettrica in un sol senso, e per tale motivo esso 
prende il nome di semiconduttore. Esso provvede ad eliminare le semi- 
onde di uno stesso nome dei segnali radio in arrivo. 


CONDENS 
VARIABILE 


valvola elettronica 
rappresentano due 
componenti radio- 
elettrici in grado di 
rinforzare le onde 
medie captate dalla 
antenna. 


vengono contrasse- 
gnati negli schemi 
teorici con due bar- 
rette; quando in es- 
se è riportata una 
freccia, allora il sim- 
bolo si riferisce al 
condensatore varia- 
bile, che è qui dise- 
gnato cosi come es- 
so si presenta nella 
realtà. Il perno per- 
mettè di far ruotare 


s Un blocco di lamine 


nata posizione rispetto alle lamelle fisse. Questa posizione crea una 
condizione radioelettrica del condensatore variabile per la quale non tutti 
i segnali radio presenti intorno a noi possono circuitare nel sistema 
elettrico composto dalla bobina L1 e dal condensatore variabile C1. 
Le condizioni radioelettriche, create dal condensatore variabile, permet- 
tono, principalmente, la presenza di un solo segnale radio all'ingresso del 
ricevitore. L'insieme della bobina L1 e del condensatore variabile C1 


parallele fra loro e 


della stessa forma; 


la rotazione del per- 
no fa allontanare o 
avvicinare il blocco 
di lamine mobili a 
quello composto con 
lamine fisse. 
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Il condensatore 
variabile rappre- 


senta, in pratica, 


il componente ra- 
dioelettrico che 
permette di sele- 
zionare tra i molti 
segnali radio pre- 
senti quello che si 
vuol ascoltare. 


prende il nome di circuito di sintonia. Vi siete mai chiesti che cosa 
avviene internamente al vostro ricevitore radio di casa quando azionate 
la manopola che vi permette di passare da un programma radiofonico 
ad un altro? Anche in questo caso la risposta è immediata. Ruotando 
quella manopola si fa ruotare il perno del condensatore variabile, cioè 
si fa in modo che le lamelle mobili assumano una diversa posizione 
rispetto a quelle fisse. Al perno del condensatore variabile, nei ricevitori 
di tipo commerciale, è applicata una particolare meccanica che trascina, 
contemporaneamente al movimento di rotazione del perno del conden- 
satore, l'indice di sintonia, che scorre lungo la scala parlante del ricevitore. 


Dunque, si può dire che il condensatore variabile rappresenti la 
chiave in grado di aprire molte porte, e in grado di far entrare nel 
ricevitore radio il segnale preferito, quello della stazione trasmittente 
che si desidera ricevere. | 

Accontentiamoci per ora di sapere soltanto ció a proposito del 
circuito dí sintonia e procediamo con l'esame del circuito del ricevitore, 
cioè con la conoscenza dei vari fenomeni che in esso si attuano, dall’in- 
gresso all'uscita, dall’antenna alla cuffia. 

Subito dopo il circuito di sintonia incontriamo un altro componente 
radioelettrico: il diodo al germanio DG; in realtá tale componente pud 
essere costruito con aspetti esteriori diversi, ma la funzione è sempre 
la stessa: esso impedisce il passaggio a quella parte delle onde radio 
che serve soltanto a trasportare i segnali rappresentativi delle voci e dei 
suoni, lasciando passare solo questi ultimi. Si, perché le onde radio sono 
costituite da una mescolanza di segnali: quelli che fungono soltanto 
da elementi trasportatori e quelli che, come è stato detto, rappresentano 
le voci e i suoni. Le onde radio possono quindi paragonarsi ad un auto- 
carro in movimento carico di merce; il diodo al germanio DG rappre- 
senta un segnale di stop per l’autocarro e lascia passare invece la merce 
in esso contenuta. Impareremo, più avanti, a designare l’autocarro con 
il termine di « segnali di alta frequenza » e la merce in esso contenuta 
con il termine di « segnali di bassa frequenza ». Ma per ora, anche senza 
conoscere il significato intrinseco di tali espressioni, possiamo far uso 
di esse per appropriarci, sia pure progressivamente, del gergo radiotecnico. 


E, intanto possiamo dire che il diodo al germanio DG separa il cir- 
cuito in esame ín due parti importanti, che prendono il nome di stadi. 
Lo stadio che precede il diodo al germanio prende il nome di « stadio di 
alta frequenza », lo stadio che succede al diodo (e comprende lo stesso 
diodo) viene designato col nome di « stadio di bassa frequenza ». Ma i 
segnali di bassa frequenza, che risultano presenti al di lá del diodo, sono 
troppo deboli per essere trasformati in suono: essi devono essere rin- 
forzati, cioè amplificati. A tale processo di rinforzo dei segnali prov- 
vede un altro componente radioelettrico, quello contrassegnato con la 
sigla TR 1, che è rappresentativo del moderno transistore. Internamente 
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al transistore si svolge il processo di rinforzo dei segnali radio, che ven- 
gono successivamente prelevati da esso e applicati alla cuffia, nella quale 


ayviene la vera e propria trasformazione dei segnali radioelettrici in 


segnali acustici, cioè in voci e suoni. Il lettore si chiederà a questo 
punto«per quale motivo nel circuito è inserita una pila da 9 volt, e ciò 
è presto detto: il transistore TR 1, per poter adempiere al compito di 
rinforzo dei segnali radio, deve essere percorso da una piccola quantità 
di corrente erogata da una pila, ma anche su tale argomento avremo 


modo di intrattenerci più avanti. 


Così si presenta nel- 
la realtà il circuito 
antenna-terra del ri- 
cevitore e quello di 
sintonia. | due avvol- 
gimenti di fili risul- 
tano effettuati in un 
unico supporto di 
forma cilindrica; i 
quattro terminali 
dei due avvolgimenti 
risultano legati a 
quattro ancoraggi ri- 
portati nella parte 
superiore del sup- 
porto: su di essi si 
effettuano le salda- 
ture a stagno dei fili 
conduttori collegati 
alle boccole, al ter- 
minale utile del con- 


densatore variabile 


e alla sua carcassa 
(collegamento di 
massa). 
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Il materiale ne- 
cessario per la co- 
struzione. 
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IL PIU 
SEMPLICE 
RADIOMONTAGGIO 


opo aver descritto sommariamente il ricevitore e dopo aver 

interpretato in forma generica i vari processi radioelettrici che 

in esso si svolgono, non resta ora che passare immediatamente 

sul piano della pratica, per toccare con mano quegli elementi finora 

rappresentati soltanto attraverso simboli e per provare, cosa assai impot- 

tante, le prime emozioni e le prime soddisfazioni che possono derivare 
dalla costruzione di una... creatura parlante. 

E ovvio che per poter iniziare questo tipo di montaggio, occorrera 
prima munirsi del materiale necessario. Per far ció occorrera recarsi 
presso un negozio specializzato nella rivendita di materiali radioelettrici 
al dettaglio e chiedere il seguente materiale: una bobina tipo Corbetta 
CS3/BE, un condensatore variabile, isolato a mica o a aria, del valore 
capacitivo compreso fra i 300 e i 500 picofarad, un diodo al germanio 
di qualuque tipo, un transistore di tipo OC 75 (o corrispondente), una 
pila da 9 volt, una cuffia da 500 o 1000 ohm di impedenza, due boccole, 


due spinotti, una manopola adatta per il perno del condensatore variabile 


che si è acquistato. Occorrono ancora: un saldatore, un po’ di stagno in 
tubetto, e un po’ di filo ricoperto in plastica, adatto per collegamenti 


radio; anche questa seconda parte del materiale può essere acquistata 


presso lo stesso negoziante di materiali radioelettrici. AlPatto dell’acqui- 
sto del saldatore, è consigliabile orientarsi sui tipi dotati di punta di 
media grandezza e della potenza elettrica aggirantesi intorno ai 50 watt. 


L’ASTUCCIO CONTENITORE 


Il primo elemento da approntarsi per questo semplice montaggio 
è rappresentato dal contenitore del ricevitore radio; per contenitore si 
intende un qualsiasi astuccio di plastica, di cartone rigido o di legno, 
di dimensioni tascabili e sul tipo di quello rappresentato nel disegno 
raffigurativo del piano di montaggio del ricevitore, che denominiamo 
schema pratico. Quel che importa è che lastuccio non venga costruito 
in metallo, perchè le onde radio non riescono ad attraversare gli ostacoli 
metallici. E qui il lettore potrà obiettare: perchè non può essere di 
metallo il contenitore, dato che in esso entra il filo collegato all'antenna 
e per mezzo del quale vengono convogliati i segnali radio nel circuito 
di sintonia? L'obiezione è più che giustificata. Ma oceorre tener conto 
che il sistema di rinforzo delle onde radio, cioè il sistema di amplifi- 
cazione, è alquanto rudimentale e modesto in questo ricevitore, e non 
ci si deve quindi accontentare dei soli segnali radio provenienti dall’an- 
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Le onde radio sono presenti 
dovunque, anche attorno œe 
dentro il ricevitore. Nei mo- 
TH derni apparati, con circuito 
IA APS ASS ISS Ss Mm transistorizzato, la ricezione 
z | può avvenire senza l'impiego 
di un'antenna vera e propria 
esterna al ricevitore {disegno 
in alto a sinistra); nei rice- 
vitori muniti di custodia me- 
tallica l'uso dell'antenna è ne- 
cessario (disegno in alto a 
destra). 


Answers 


A. 
h= l = ! = 796 KHz. 
"Qa LC 2 [250 10° 160 10% 
B. 
Q X, 2mnfL 2m 79%kHz 250pH I 

R R 12.60 
C. f 796 kHz 

BW = — = ————_ = 8kHz 
Q 99.2 
21 Use the circuit and component values 
Shown in Figure 7.33 to answer the following 
questions. 
Figure 7.33 
10 mH | uF 
100 © 

Questions 
Find fr, Q, and BW. Then, on a separate 
sheet of paper, draw an output curve 
showing the range of frequencies that are 
passed and blocked. 
tr == 
QU 
BW = — 
Answers 
fr = 1590 Hz Q = 1; BW = 1590 Hz 


The output curve is shown in Figure 7.34 . 
Figure 7.34 


tenna, ma occorre anche utilizzare quei segnali che si trovano inevita- 
bilmente intorno al circuito di sintonia; in altre parole non possibile 
rinunciare a quella piccola parte di energia presente nell'aria intorno 
al ricevitore. Se Pastuccio contenitore fosse in metallo, questa piccola 
parte di energia sarebbe esclusa e le onde radio presenti nel circuito di 
sintonia risulterebbero attenuate. Nel nostro ricevitore anche le... briciole 
devono essere raccolte e non ci si pud permettere alcuno spreco delle onde 
radio! 


La realizzazione del ricevitore richiede due tipi di lavori diversi: 
lavoro di ordine meccanico e un lavoro di natura radioelettrica, che 
prende anche il nome di cablaggio. 

In qualunque tipo di montaggi di radioapparati il lavoro meccanico 
precede sempre quello elettrico e ció avviene anche in questo caso. 
manto mecanico Dunque, dopo aver preparato Pastuccio contenitote, si provvedera a pra- 
precede sempre  ticare in esso i due fori in cui verranno avvitate le due boccole per la 
quello elettrico. presa di cuffia, le due boccole cioè in cui verranno innestati i due spinotti 

collegati ai terminali della cuffia. Dall’altra parte dell’astuccio contenitore 
(il lettore deve sempre tenere sott’occhio e seguire il disegno rappresenta- 
tivo dello schema pratico) si praticheranno tre fori: quello per il passaggio 
e la libera rotazione del perno del condensatore variabile C1 e quelli, più 
piccoli, per il passaggio delle due viti che matengono fermo il condensa- 
tore stesso e lo bloccano sull'astuccio contenitore. Un altro piccolo foro 
verrá praticato lungo uno dei due bordi pit lunghi dell’astuccio, ed esso 
servirá a far passare il conduttore proveniente dalla bobina L1, che va 
collegato all'antenna. L’ultimo foro, che il lettore dovrá praticare, appa- 
rirá sul fondo dell'astuccio: esso servirá a mantenere bloccata la bobina 
L1; questa bobina, infatti, nella sua parte inferiore è munita di un piccolo 
foro filettato, nel quale è introdotta la vite di fissaggio di tale componente. 

Il lavoro meccanico di montaggio del ricevitore termina qui, mentre 
puo essere iniziato quello di natura elettrica cioé il cablaggio che, come 
è stato detto, consiste nella saldatura dei terminali dei conduttori elettrici 
e di quelli dei componenti. 
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In ogni radiomon- 
taggio il procedi- 


Schema pratico del 
più semplice radio- 
montaggio descritto 
nel testo. Sul perno 
del condensatore va- 
riabile C] occorre 
applicare una mano- 
pola, che costituirà 
il comando di sin- 
tonia del ricevitore. 
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CABLAGGIO: 


rima di por mano al saldatore, cioé prima di iniziare a saldare i 

componenti, il lettore dovra preparare i conduttori, nelle misure 

adatte. Per esempio si comincera a ritagliare uno spezzone di filo 
di lunghezza sufficiente a congiungere una delle due boccole di cuffia con 
il morsetto negativo della pila da 9 volt; nelle opportune misure si pre- 
pareranno anche gli spezzoni di filo che congiungono i terminali della 
bobina Li con il morsetto positivo della pila e con il terminale del con- 
densatore variabile C1. Dopo aver preparati questi spezzoni di filo (con- 
viene utilizzare filo di rame rigido ricoperto in plastica), il lettore dovra 
provvedere a pulirne accuratamente le estremitá. Tutti i conduttori metal- 
lici, infatti, vanno soggetti ad ossidazioni ed è quindi necessario provve- 
dere alla loro pulizia. Questo lavoro di pulizia dei terminali si esegue 
servendosi di una lametta da barba; con essa si raschia accuratamente ogni 
estremità dei conduttori, fino a che il rame appare nel suo brillante colore 
naturale. E questo stesso procedimento va applicato anche ai morsetti 
dela pila, alle due linguelle (terminali) uscenti dal condensatore varia- 
bile C1, ai due terminali del diodo al germanio e ai tre terminali del 
transistore. Questo lavoro di raschiamento, comunque, va eseguito sol- 
tanto sull estremità del conduttore. Soltanto ora tutti i componenti pos- 
sono considerarsi pronti per essere saldati e non resta che por mano al 
saldatore. 


La saldatura rappresenta una « giuntura » tra le estremità di due o 
più conduttori metallici; essa deve garantire la continuità dei condut- 


tori e deve essere eseguita osservando alcune norme fondamentali. La 


saldatura può essere esatta e perfetta, ma può essere anche errata. Nel 
primo caso il gergo radiotecnico si serve dell'espressione « saldatura cal- 
da », nel secondo caso si usa l’espressione « saldatura fredda ». La salda- 
tura calda è quella che garantisce una perfetta continuità di conduzione 
elettrica: essa appare lucida e a superficie curva. La saldatura fredda può 
presentare queste stesse caratteristiche ma, sottoposta ad un leggero 
sforzo di trazione esercitato con le dita, provoca il distacco dei conduttori 
e dello stagno. Per i primi tipi di saldature, dunque, il dilettante farà 
sempre bene ad accertarsi di avere eseguito una saldatura calda, semplice- 
mente esercitando una trazione sui conduttori con le dita della mano; in 
altre parole si tirano i conduttori in verso opposto a quello in cui è 
stata eseguita la saldatura. 


Il termine cablag- 
gio deriva dal 
francese « cable » 
e sta ad indicare 
le operazioni di 
collegamento dei 
fili conduttori e 
dei componenti. 


I radiotecnici di- 
stinguono le sal- 
dature buone da 
quelle cattive con 
le espressioni di: 
« saldatura cal- 
da » e « saldatura 


fredda ». 


i compiti del sal- 
datore sono due: 
diffondere il calo- 
re sulle parti da 
saldare e scioglie- 
re lo stagno. 
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Anche il saldatore va soggetto ad ossidazione, cioé la sua punta di 
rame saldante si ricopre di un velo scuro, che è cattivo conduttore del 
calore, e questa è una delle cause che concorrono assai spesso alla esecu- 
zione di saldature fredde. La punta di rame del saldatore, quindi, deve 
essere pulita di quando in quando, servendosi di uno spazzolino metallico 
e non della lama di un temperino o, peggio ancora, della lima, come 
purtroppo fanno alcuni radiotecnici; con questi sistemi, infatti, si riduce 
sempre più la massa del rame e la punta saldante si assottiglia. 

Fatte queste premesse, non resta che prendere il saldatore in mano 
e inziare con la prima saldatura, per esempio quella del conduttore che 
unisce il morsetto negativo della pila con una delle due boccole della 
presa di cuffia. Il terminale del conduttore va tenuto stretto fra i becchi 
di una pinza e appoggiato sull’estremita filettata della boccola. Con la 
mano destra si impugna il saldatore e si appoggia la punta sopra il 
terminale del conduttore, sciogliendo una certa quantità di stagno; lo 
stagno si scioglie soltanto se posto in contatto con la punta del saldatore. 
Occorrerà sempre ricordarsi di non accontentarsi della liquefazione dello 
stagno e non togliere la punta del saldatore dalla saldatura; è bene che 
la punta del saldatore rimanga ferma sul punto in cui si effettua la 
saldatura per alcuni secondi, di modo che il calore possa distribuirsi 
uniformemente e nella massima quantità sulle parti metalliche. Quando 
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si è convinti di aver eseguito la saldatura, si toglie il saldatore e si 


attende per qualche istante per dar tempo allo stagno di rapprendersi; 


quindi si esercita una leggera trazione sul conduttore, muovendolo un 
po’ da una parte e un po’ dall'altra, in modo da accertarsi del suo com- 
pleto fissaggio sulla boccola e della buona qualità della saldatura ottenuta. 
In ogni caso la pratica sarà sempre la migliore maestra per tutti e le 
operazioni di saldatura diverranno sempre più semplici e istintive col 
passare del tempo; la regola fondamentale rimarrà sempre la stessa: 
pulizia perfetta dei terminali da saldare ed esecuzione relativamente lenta 
della saldatura. 


Dentro il transistore vi sono tre pezzettini di cristallo di germanio; 
ad ognuno di questi tre pezzettini di cristallo è collegato un conduttore 
sottile, lungo, che fuoriesce dall'involucro di questo componente per 
costituire i terminali del transistore. Ma la natura dei cristatli di ger- 
manio, contenuti internamente al transistore, non è la stessa per tutti 
e tre i cristalli; esistono delle differenze nella natura intrinseca del 
ctistallo stesso, ed ognuno di essi prende un nome preciso. Ma lasciamo 


da parte quel che è contenuto dentro il transistore ed occupiamoci 


‘soltanto dei suoi terminali, che rappresentano gli elementi reali con 
cui il radiotecnico ha a che fare quando lavora. E ovvio che il nome 
assunto dai tre cristalli di germanio contenuti dentro il transistore si 
estende anche ai terminali del componente. Questi nomi sono: EMIT- 
TORE-BASE-COLLETTORE. 

I tre conduttori, che costituiscono i terminali del transistore, sono 
perfettamente uguali, pur -tuttavia l'allievo radiotecnico deve imparare 
a riconoscerli e a distiguerli con la più assoluta precisione. Purtroppo 
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Prima di effettuare la saldatura 
occorre pulire accuratamente le 
parti da saldare, servendosi di una 
lametta da barba o di un tempe- 
rino e della pasta-salda. 


Lo stagno in tubetto, contenente internamente la pasta salda, viene venduto in commercio 
in rocchetti (disegno in basso a sinistra). Prima di effettuare la saldatura occorre raschiare 


_ energicamente il terminale del conduttore fino a mettere in evidenza la lucentezza del me- 


tallo. 


non tutti i transistori sono uguali esteriormente e il metodo di ricono- 
scimento dei terminali varia spesso fra un tipo di transistore e un altro. 

Il transistore montato nel nostro semplice ricevitore appartiene ad 
una grande categoria di transistori, per i quali il metodo di « lettura » 
dei terminali è sempre lo stesso. Sull'involucro esterno di questo tipo 
di transistori, in prossimità della base dell'involucro cilindrico, è impresso 
un puntino colorato, che può essere rosso, verde, blu, ecc. Ebbene, il 
terminale di COLLETTORE è sempre quello che si trova da quella 
parte in cui è presente il puntino. colorato: il terminale di BASE si 
trova in posizione centrale, mentre quello di EMITTORE si trova alla 
estremità opposta. Questi tre terminali possono essere distribuiti lungo 
una stessa linea oppure lungo una SEMICIRCONFERENZA. Ma tale 
distribuzione dei terminali del transistore non disturba affatto il metodo 
di riconoscimento, purché risulti ben visibile il puntino colorato che 
sta sempre ad indicare il terminale di COLLETTORE. 

Nello schema pratico del ricevitóre questi tre terminali sono stati 
indicati con le lettere minuscole e (emittore), b (base), e (collettore). 
Il lettore pignolo potrà osservare che nello schema pratico del ricevitore 
il terminale di base (b).é « nudo », cioè così come esso si presenta 
all’atto dell’acquisto del transistore stesso; i terminali di emittore (e) : 

E ey 3 M m ., transistore. Le tre 
e di collettore (c) sono invece disegnati con linee più grosse. Qual’é il EF : oe 

z : ae is ettere minuscole si 
motivo di tale differenza? I conduttori di emittore e ‘di collettore sono Malecon acom: 
stati rivestiti con due pezzetti di tubetto di plastica flessibile, allo scopo duttori di emittore 
di isolarli elettricamente e cioè in modo che essi non si_possano toccare (e), base (b), col- 
tra loro in alcun modo. Presso i negozianti di materiali radioelettrici lettore (e). 


Vista in pianta della 
parte inferiore di un 
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Esistono oggi 

commercio svariati 
tipi di saldatori, più 
o meno costosi e più 
o meno complessi. 
Per il tecnico dilet- 
tante è consigliabile 
il tipo di saldatore 
più semplice, quello 
rappresentato nel di- 
segno in basso. 


Il calore guasta il 
transistore. 


A 


20 


si possono acquistare tubetti isolanti di qualunque tipo e sezione e di 
colori diversi. 11 colore del tubetto isolante costituisce un motivo di 
grande importanza nei montaggi radioelettrici, perchè con il colore si 
riesce ad individuare subito un tipo di circuito o un insieme di collega- 
menti che hanno funzioni analoghe. Impareremo, piu avanti, che nei cir- 
cuiti radio vi è un insieme di conduttori destinati ad essere percorsi 
dalle correnti ad alta tensione; tutti questi conduttori possono essere 
rivestiti, ad esempio, con tubetto dello stesso colore, preferibilmente 
il rosso; i conduttori che non sono percorsi da correnti a tensioni elevate 
possono essere ricoperti con tubetto di color bianco; in pratica questa 
differenziazione di colori serve anche a tutelare l'incolumità del radio- 
tecnico, il quale sa che toccando i fili rossi potrebbe prendere una forte 
scossa elettrica, talvolta pericolosa, mentre toccando i fili bianchi non 
c'è alcun pericolo. 

Parlando della saldatura si è detto che questa non deve essere mai 
eseguita affrettatamente, € tale consiglio è valido pet qualunque tipo di 
saldatura dei terminali dei conduttori e dei componenti radioelettrici. 
Non è valido, invece, per le operazioni di saldatura dei terminali del 
transistori. I transistori sono componenti di natura solida e sopportano 
facilmente gli urti; il transistore, quindi, non si danneggia cadendo per 
terra o subendo un colpo inavvertitamente impresso con le pinze e con 
‘1 cacciavite. Esso si danneggia invece quando è sottoposto a una grande 
quantità di calore e ciò può verificarsi appunto nel momento in cui si 
eseguono le saldature dei suoi terminali. Dunque, bisogna evitare che 
i] calore eccessivo entri, attraverso il terminale, nell’interno del transi- 
store. E tale accorgimento è rispettato soltanto quando si eseguono salda- 
ture rapide per mezzo di un saldatore munito di punta sottile e ben 
calda. Tale avvertimento, peraltro, non vuole infondere paura nell’allievo 
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= fadiotecnico ma vuol soltanto ricordare che la tecnica di saldatura dei 


terminali del transistore si differenzia da quella adottata per ogni altro 
tipo di saldatura. Del resto, i terminali dei transistori sono costituiti da 
fili conduttori molto sottili e per ottenere in essi una saldatura « calda » 
non occorre indugiare a lungo con il saldatore. 


In gergo radiotecnico si usa dire che il diodo al germanio, contrasse- 
gnato con la sigla DG1 negli schemi elettrico e pratico del nostro 
semplice ricevitore, è un componente polarizzato. Cid vuol significare, 


_ praticamente, che questo componente non può essere inserito nel circuito 


in un modo qualunque, ma in un preciso verso. Avete notato che nel 
disegno rappresentativo dello schema pratico il diodo DG 1 reca una 
fascetta bianca? Ebbene, quella fascetta bianca sta ad indicare la parte 
in cui si trova il terminale positivo di tale componente (vedremo più 


avanti il significato preciso di tale espressione). Per ora quel che importa 
€ che Pallievo nell'effettuare le saldature dei terminali del diodo segua 
scrupolosamente l'indicazione rilevata dal disegno, saldando sulla linguella 


del condensatore variabile C 1 il terminale del diodo che si troya da 
quella parte in cui l'involucro esterno del diodo è contrassegnato con 
la fascetta bianca (tale fascetta può essere anche di altro colore). 


Per ottenere una 
buona saldatura oc- 
corre indugiare qual- 
che istante con la 
punta del saldatore 
aderente alle parti 


. da saldare, in modo 


da permettere al ca- 
lore di diffondersi 


uniformemente e in 


maggiore quantita. 


E sempre bene ef- 
fettuare un controllo 
della saldatura eser- 
citando una certa 
forza di trazione con 
le mani fra i condut- 
tori saldati tra loro. 
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L’ INTERRUTTORE 


gni apparecchio radio è munito di un interruttore che serve ad 
accendere e spegnere l'apparecchio. stesso. Nell’apparecchio radio 
di casa nostra esiste una manopola che, con un semplice movi- 
mento di rotazione, permette di accendere il ricevitore; molto spesso su 
questa stessa manopola è applicato anche il comando di volume del 
ricevitore, cioé il comando che permette di ascoltare la radio piú o meno 
forte. | 
Nel nostro semplice ricevitore manca un interruttore vero e proprio, 
però anche in questo caso è stato previsto il sistema di accensione e 
spegnimento del circuito. Infatti, basta infilare gli spinotti dei terminali 
di cuffia nelle due boccole del circuito per « accendere » il ricevitore, 
cioè per far funzionare il nostro semplice apparecchio radio. Dunque, 
il semplice inserimento nelle boccole del ricevitore dei due spinotti 
collegati ai terminali di cuffia, permette di accendere il ricevitore; toglien- 
doli il ricevitore si « spegne », cioè non funziona pit. In pratica questa 
manovra permette alla pila di erogare corrente o di rimanere inattiva. 


AlPatto dell’acquisto della cuffia che, come è stato de 
essere da 500 - 1000 ohm di impedenza, i terminali sono rappresentati 


generalmente da due fili sottili rigidi. In questi fili occorre applicare due 


spinotti (sono conosciuti anche con il termine di « banane ») e questi 
due spinotti devono esercitare un ottimo contatto elettrico con le due 
boccole. Anche in questo caso si tratta di collegamenti, ma essi non 
sono fissi come quelli ottenuti con la saldatura a stagno; si tratta di 
collegamenti mobili, e poiché le correnti che fluiscono attraverso ad essi 
sono molto deboli, occorre che questi contatti, per poter favorire il 
passaggio delle correnti, siano ottimi. In pratica ció vuol significare 
che lo spinotto deve aderire in maniera rigida dentro la boccola, senza 
‘permettere alcun gioco meccanico, cioè senza dar luogo a un contatto 
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Gli spinotti, chiama- 
ti anche « banane », 
devono sempre eser- 
citare un perfetto 
contatto elettrico 


; con le boccole nelle | 
a quali vengono inse- 
a riti. Per ottenere ció | 
5 basta introdurre la 


lama di un cacciavite 
nel taglio dello spi- 
am EóS5-í CC CE areal meme aE) AS distanziando 
38 De PRO =? Seana tra loro leggermente | 
f men - T le due parti. | 
3 | Quella rappresenta- 
A | | ta in figura è lan- 
tenna di tipo più 
semplice. Essa e ot- 
tenuta con trecciola 
di rame nudo, due 
isolatori e due pali 
di sostegno. La di- 
scesa di antenna è 
realizzata con lo 
stesso tipo di filo 
usato per l'antenna 
vera e propria. 
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4 dell'isolatore e del 


cavo di discesa. 


Se Pallievo avrà eseguito il montaggio con la massima attenzione, 
senza commettere errori ed eseguendo saldature perfette, potrá ora 
mettere la cuffia in testa ed iniziare l'ascolto. Puó capitare, ma ció sara 
difficile, che nella cuffia si ascolti subito un programma radiofonico; 
ma può anche capitare che nella cuffia non si oda alcun segnale. Infatti 
si rendono necessarie alcune manovre preliminari prima di poter ascoltare 
il programma radiofonico irradiato dalla emittente locale. | 

Prima di tutto occorre inserire nella boccola di antenna (ANT.) lo 
spinotto collegato alla discesa di antenna, poi si deve agire sul conden- 
satore variabile C 1 e, successivamente, sul nucleo di ferrite della bobina 
L 1. Ma procediamo con ordine. 
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L’antenna ideale che permette un ascolto abbastanza forte è rappre- 
sentata da un filo di trecciola di rame, della lunghezza di 4 metri circa, 
tesa fra due paletti di legno sopra il tetto della casa o su un poggiolo. 
Volendo installare l’antenna nel giardino, i pali di legno, di sostegno del- 
l'antenna, dovranno essere molto alti. L’allievo dovrà acquistare, oltre 
alla trecciola di rame della sezione di 1 o 2 millimetri, due isolatori. I ter- 
minali di antenna vanno fissati a questi due isolatori, semplicemente avvol- 
gendo il filo su se stesso. Sull'altro foro dell’isolatore (gli isolatori sono 


Trecciola di rame. | 
muniti di due fori) va introdotto un pezzo di filo di ferro, attorcigliato su 


Isolatori. Pali di 


sostegno. se stesso e legato, all’estremita opposta, al palo di sostegno dell'antenna. 
Il filo di discesa è rappresentato da una trecciola di rame dello stesso tipo 
di quella usata per l'antenna; esso va avvolto per una decina di giri attorno 
al conduttore di antenna, in prossimità di uno dei due isolatori. E intui- 
bile che Pestremitá opposta di questo conduttore, che rappresenta la 
discesa di antenna, verra fissato ad uno spinotto (banana) e lo spinotto 
yerra introdotto nella boccola di antenna. 


Del circuito di sintonia è stato gia fatto qualche accenno. Esso per- 
mette di « selezionare » il segnale preferito, quello che si vuol ascoltare. 
Ma nel caso del nostro ricevitore non @ proprio il momento di parlare 
di selezione‘dei segnali radio, perchè con tutta probabilità esso permetterà 
di ricevere uno o due segnali radio al massimo (in casi più fortunati, di 
sera, si potranno ascoltare piú di due emittenti). Comunque occorre 
« cercare » la stazione emittente. Tale operazione si effettua ruotando len- 
tamente la manopola collegata con il perno del condensatore variabile C1. 
Appena si sentirà qualcosa in cuffia ci si fermerà e, mediante il caccia- 
vite, si provvederà ad avvitare o a svitare quel cilindretto nero, avvitato 
nell'interno della bobina L1, che prende il nome di « nucleo di ferrite ». 

Il lettore si accorgerá, dopo una serie di tentativi di avvitamento e di 
svitamento del nucleo, che esisterà un punto in cui i segnali radio assu- | 
meranno la massima intensita sonora. | 
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- CORRENTE 
ELETTRICA 


ttraverso i conduttori e i componenti di ogni ricevitore radio 
passano le correnti elettriche. Nel gergo radiotecnico, le correnti 
elettriche che percorrono un circuito prendono svariati nomi, a 
seconda della loro natura. Molto spesso le correnti elettriche prendono il 
nome di « segnali »; ma i segnali sono sempre rappresentati da correnti 
elettriche. Esistono correnti alternate, correnti continue, correnti pulsanti, 


= correnti ad alta frequenza, correnti a bassa frequenza, correnti di grande 


intensità e di piccola intensità. Ma in ogni caso la corrente elettrica è 


_ tappresentata da wn movimento invisibile di particelle atomiche che 


predono il nome di « elettroni ». Dunque, attraverso i conduttori e i 
componenti di ogni circuito radio scorre un flusso di elettroni, cioè una 
corrente elettrica. Se gli elettroni si muovono sempre in un unico verso, 


-allora si dice che la corrente elettrica, cui essi danno vita, € una corrente 


elettrica continua; se gli elettroni si muovono in avanti e all’indietro, 
con movimento oscillatorio, allora si dice che la corrente da essi deter- 


| minata è una corrente alternata. Se il movimento in avanti e all’indietro 
degli elettroni è rapidissimo, allora si dice che la corrente da essi prodotta 
e di tipo alternato ma ad alta frequenza; se il movimento in avanti e 


allindietro degli elettroni è lento, la corrente generata è di tipo alternato 
ma a bassa frequenza. La corrente pulsante rappresenta una partico- 


—laritá della corrente continua: in essa gli elettroni si muovono sempre in 
uno stesso verso, ma non uniformemente, cioè con una velocità costante; 


il loro movimento avviene a scatti, cioè gli elettroni si muovono, subi- 
scono un arresto per riprendere poi nuovamente il loro viaggio, sempre 
nello stesso verso, lungo i conduttori. 

Quando gli elettroni, che compongono la corrente elettrica, sono 
molto numerosi, si dice di essere in presenza di una corrente intensa o 
forte; quando gli elettroni sono pochi, la corrente € poco intensa o debole. 
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Tutte le correnti fin qui esaminate hanno bisogno di conduttori 
metallici per potersi trasferiré da un punto ad un altro; fa eccezione la 
sola corrente ad alta frequenza, che tende a sfuggire dai conduttori metal- 
lici e a « viaggiare » anche attraverso l’aria e lo spazio vuoto. Queste 
correnti, non sono più costituite da elettroni, quando si trovano fuori dai 
conduttori metallici, ma sono rappresentate da campi elettromagnetici. 

Tutti voi certamente avrete avuto in mano una calamita, e avrete 
avuto modo di constatare che questa attira i corpi metallici. Vi siete mai 
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22 Use the circuit and component values 
shown in Figure 7.35 to answer the following 
questions. 
Figure 7.35 

100 mH | uF 
10 © 

Questions 
Find fr, Q, and BW for this circuit. Then 
draw the output curve on a separate sheet 
of paper. 
fr = 
Q S ee 
BW =s — 
Answers 
fr = 500 Hz; Q = 31.4; BW = 16 Hz 


The output curve is shown in Figure 7.36 . 


In radiotecnica le 
correnti elettriche 
si misurano con 
un particolare ti- 
po di strumento, 
che prende il no- 
me di « tester »; 
questo strumento 
permette di effet- 
tuare molti altri 
tipi di misure di 
varie grandezze 
elettriche. 


Lo strumento elet- 
trico atto a mi- 
surare la sola in- 
tensità di corren- 
te prende il no- 
me di « ampero- 
metro ». Esso vie- 
ne usato dagli elet- 
trotecnici. 
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chiesti il perchè di tale fenomeno? Ebbene, ve lo ricordiamo. La calamita 
dà origine ad un campo magnetico, invisibile, fatto tutto di forze magne- 
tiche che si articolano nello spazio circostante i poli della calamita stessa. 

Si suol dire che questo tipo di campo magnetico è un campo magne- 
tico statico, mentre quello delle onde radio è un campo elettromagnetico 
dinamico, cioè in oscillazione continua. Il lettore non si preoccupi della 
astrusità di tali concetti che, ascoltati per la prima volta, possono risultare 
incomprensibili. Quel che importa è ritenere a mente che le correnti di 
alta frequenza, quando fluiscono attraverso un conduttore, sviluppano 
intorno ad esso un insieme di forze invisibili, cioè un campo elettroma- 
gnetico oscillante, che è in grado di originare una corrente oscillante vera 
e propria su un altro conduttore posto a una certa distanza. 

Alle antenne trasmittenti vengono inviate correnti alternate di alta 
frequenza; queste correnti danno luogo, intorno all’antenna stessa, ad un 
campo elettromagnetico oscillante, la cui intensità diminuisce a mano a 
mano che ci si allontana dall'antenna. Dunque, le onde radio altro non 


sono che campi elettromagnetici oscillanti che, appena investono un con- 


duttore metallico danno vita in esso ad un movimento di elettroni, cioè 
a una corrente elettrica ad alta frequenza. Quando si dice, ad esempio, 
che attraverso lantenna del ricevitore radio entrano i segnali radio, si 
vuol dire che quell’antenna è investita dal campo elettromagnetico oscil- 
lante generato dall’antenna trasmittente, che genera nell'antenna del rice- 
vitore radio un movimento di elettroni in avanti e all'indietro, molto 
rapido, cioè una corrente elettrica alternata ad alta frequenza. 
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La corrente elettrica, intesa come movimento di elettroni, é una 
entità fisica, che può essere misurata. Di essa si puó misurare la frequenza, 
se si tratta di corrente alternata, e l'intensità nel caso di corrente alternata, 
continua o pulsante. Lasciamo per ora da parte la misura della frequenza ed 
occupiamoci della misura di intensità di corrente. 

L'intensitá di corrente, che esprime la quantitá di elettroni che 
attraversano nel tempo la sezione di un conduttore, ha un’unita di misura, 
che prende il nome di « ampere » e che abbreviatamente si indica con la 
sigla « A». Anche per questa unità di misura, così come avviene per le 
unita di misura di lunghezza, di peso, di volume, ecc. sono stati stabiliti 
dei valori che sono sottomultipli dell’ampere. Essi sono: 


, Milliampere = un millesimo di ampere (simbolo mA) 
i Microampere = un milionesimo di ampere (simbolo uA) 


Per misurare i pesi si usa la bilancia, per misurare le lunghezze si 
usa il metro; per misurare le correnti elettriche, cioè l'intensità delle 
correnti elettriche, si usa uno strumento che prende il nome di « ampe- 
rometro », « milliamperometro'» o « microamperometro », a seconda del- 
Pentita delle correnti che si vuol misurare, In radiotecnica le correnti 
elettriche si misurano con un particolare strumento, che prende il nome 
di « tester » e che permette di effettuare anche molti altri tipi di misure 
delle varie grandezze elettriche. 


conduttori, presenti nei circuiti radio, danno via libera al passaggio 

degli elettroni, cioé delle correnti elettriche, che possono essere ero- 

gate da una pila, da un accumulatore o da una presa della rete-luce 

di casa. In molti punti di un circuito radioelettrico, tuttavia, è necessario 

- dosare la corrente elettrica, cioè limitarne l’entita. Occorrono, insomma, 

- lungo i percorsi della corrente elettrica delle « porte di sbarramento », 

_ che permettano di dosare a piacimento l'intensità della corrente elettrica, 

_ che può essere quella generata dalla pila o quella generata dalle onde 

€ radio. Queste particolari « porte di sbarramento » prendono il nome di 

_ RESISTENZE ELETTRICHE. Le resistenze, che prendono anche il nome 

- di resistori, possono essere di diversi tipi e dimensioni. Ma una prima 

= suddivisione viene fatta fra i due tipi fondamentali di resistenze: quelle 

- fisse e quelle variabili. Le resistenze fisse rappresentano un impedimento 

| costante al flusso di elettroni, le resistenze variabili rappresentano un 
impedimento che può essere variato a piacere in qualsiasi momento. 


LE RESISTENZE > : 


: I tipi di resistenze più note, in radiotecnica, sono le resistenze a 

filo, le resistenze chimiche, le resistenze a grafite. Le più usate sono 

senza dubbio le resistenze chimiche e quelle variabili a grafite. 

Un esempio molto noto di resistenza variabile a grafite è rappresen- Una resistenza va- 
| tato dal cosiddetto « potenziometro ». Il potenziometro è un componente riabile molto im- 
presente in tutti i ricevitori radio, di qualsiasi tipo e grandezza; esso portante: il « po- 
| serve per regolare il volume sonoro dell'apparecchio ed è munito di un tenziometro ». 
perno al quale viene applicata, appunto, la manopola di comando di 
volume del ricevitore radio. Il potenziometro di, volume, essendo una 
resistenza variabile, permette di regolare la corrente rappresentativa dei 
segnali radio che vengono rinforzati, cioè amplificati dai circuiti dell’appa- 


recchio radio. S 


Anche le resistenze hanno una unità di misura che prende il nome 
di «ohm »; ma molto spesso, in radiotecnica, si impiegano resistenze di 
valori relativamente elevati, per cui si fa uso dei seguenti multipli del- 


e 


-Tohm: 


A a A a 


Chiloohm = mille ohm (KQ) o 
Megaohm = un milione di ohm (MQ) 


Le resistenze usate un tempo nei circuiti radio portavano impresso, 
sul loro involucro esterno, l'indicazione del loro valore. Tale sistema di 
indicazione del valore della resistenza in cifre viene usato ancor oggi 
in alcuni tipi di resistenze. Ma il sistema più usato, adottato quasi uni- 
versalmente dai costruttori di resistenze, è quello dell'indicazione del 
valore ohmmico mediante uno speciale codice a colori; sull'involucro 
esterno della resistenza vengono impresse alcune fascette variamente 
colorate; dal colore di tali fascette e dall’ordine con cui esse si succe- 
dono, si deduce l'esatto valore della resistenza. Non riuscendo a deter- 
minare il valore di una resistenza, perchè i colori sono scomparsi dal 
suo involucro oppure perchè essi non sono più chiaramente distinguibili, 
si effettua la misura della resistenza mediante uno strumento elettrico 
che prende il nome di OHMMETRO. I radiotecnici non fanno uso del- 
lohmmetro vero e proprio, ma ricorrono all'impiego del TESTER, che 
è uno strumento universale che permette di effettuare una vasta gamma 
di misure, compresa quella della resistenza. 
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Un esempio servirá ottimamente a mettere il lettore in condizioni di 
saper usare il codice a colori delle resistenze. Si supponga di avere in 
mano una resistenza in cui il primo anello sia di color rosso (il primo 
anello è sempre quello che si trova all'estremiatá opposta rispetto all'anello 
di color argento o oro), il secondo anello sia di color marrone, il terzo 
anello sia dí color arancione, il quarto di color argento. Dal codice si 
rileva che per il primo anello di color rosso fa corrispondenza il numero 2; 
per il secondo anello, al color marrone corrisponde il numero 1, per il 
terzo anello, al color arancione corrispondono tre zeri; mettendo in fila 
uno dopo Paltro questi numeri si ottiene il valore di quella resistenza, 


che è di'21.000 ohm, mentre il quarto anello, di color argento, sta a 
_ significare che la tolleranza di quella resistenza èdi + 10 %. La tolleranza 


sta ad indicare la percentuale di discordanza, in più ovin meno, tra il 
valore effettivo della resistenza e il valore indicato. Nel caso della resi- 
stenza presa come esempio, essa può avere i valori limiti di 23.100 ohm 
e di 18.900 ohm, senza che nessuna colpa possa attribuirsi alla casa 
costruttrice. 


Il valome ohmmico 
di questa resistenza 
è di 21.000 ohm; es- 
so viene facilmente 
dedotto dal codice a 
colori delle resisten- 
ze. Il disegno a sini- 
stra rappresenta il 
simbolo elettrico del- 
la resistenza. 


La misura della re- 
sistenza elettrica si 
ottiene mediante lo 
impiego di uno stru- 
mento che prende il 
nome di « ohmme- 
tro. Anche per que- 
sta misura i radio- 
tecnici fanno uso del 
tester commutato 
nella misura ohm- 
mica. 
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Un ricevitore do- 
tato di grande 
sensibilitá. 


Rinforzo, teorica- 
mente infinito, 
delle onde radio. 
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IL CIRCUITO 
A REAZIONE 


giunto ora il momento di affrontare il montaggio di un secondo 

tipo di ricevitore, con ascolto in cuffia, e un pochino più impe- 

gnativo del precedente montaggio. Esaminiamo prima di tutto lo 
schema elettrico di questo ricevitore, che come al solito è fatto tutto di 
simboli e di sigle, 

Le onde radio, come al solito, vengono captate dall’antenna ed 
entrano nel circuito di sintonia, composto dal condensatore variabile C2 
e dalla bobina di sintonia L1. Fra la boccola di antenna e il circuito di 
sintonia è interposto un piccolo condensatore (C1). Questa volta si tratta 
di un condensatore fisso, di tipo a pasticca e il cui compito é quello di 
opporsi all'ingresso del circuito di sintonia di certi disturbi, cioé di taluni 
segnali che non hanno nulla a che vedere con i segnali radio e se riuscis- 
sero ad entrare nel circuito del ricevitore disturberebbero l'ascolto. Anche 
in questo ricevitore la posizione delle lamine fisse rispetto a quelle 
mobili del condensatore variabile C2 permette di selezionare, tra i molti 
segnali radio presenti sull’antenna, quello che si vuol ricevere. Il segnale 
sintonizzato viene prelevato dal circuito di sintonia, tramite il condensatore 
fisso C3, e viene applicato alla base (b) del transistore TR1 per essere 
amplificato. I segnali rinforzati dal transistore TR1 sono presenti sul 
collettore (c) di TR1 e vengono applicati alla cuffia per essere trasformati 
in voci e suoni. 

E vediamo ora in che cosa consiste il potenziamento di questo 
circuito rispetto a quello precedentemente esaminato e realizzato. Sul- 
Vemittore (e) di TR1 è presente una piccola parte del segnale amplificato; 
esso viene applicato alla resistenza variabile R1, che prende il nome di 
potenziometro; questo segnale, che determina una debolissima corrente 
elettrica, è presente anche nell'avvolgimento secondario della bobina L1. 
La bobina Ll1,.infatti, è composta da due avvolgimenti vicini tra loro, ma 
isolati elettricamente; Vavvolgimento contrassegnato con i numeri 3-4 


prende il nome di « avvolgimento primario della bobina »; l'avvolgimento 


contrassegnato con i numeri 1-2 prende il nome di « avvolgimento secon- 
dario della bobina ». Trattandosi dí una cotrente di alta frequenza, questa 
si trasferisce, attraverso laria, nell’avvolgimento primario della bobina 
L1. Avevamo gia detto che le correnti di alta frequenza tendono a sfug- 
gire dai conduttori e a trasferirsi altrove sotto forma di campi elettro- 
magnetici. 

Con tale strattagemma, dunque, si riesce a riportare nel circuito 
di sintonia, costituito dal condensatore variabile C2 e dall’ayvolgimento 


= as as. =. 


La foto qui riportata illustra il montaggio del ricevitore 


a reazione analizzato in questa ottava ora. 


Disegno rappresenta- 
tivo del circuito teo- 
rico del ricevitore a 
reazione. 


primario della bobina L1, una parte del segnale di alta frequenza gia 

amplificato; esso ritorna poi al transistore TR1 dove subisce un ulteriore 

processo di amplificazione. E questo ritorno del segnale si protrarrebbe per 

una infinità di volte; ma in questo caso si avrebbe un’amplificazione tal- 

mente grande da produtte nella cuffia un fischio acutissimo; occorre 

dunque regolare questo ciclo di successive amplificazioni del segnale di 

alta frequenza, e cid si ottiene intervenendo sulla resistenza variabile R1. Condensatore in po- 
Questo strattagemma prende il nome di REAZIONE e permette di listirolo e simbolo 
ottenere una grande amplificazione dei segnali radio. elettrico. 


Tutti i condensatori, di tipo variabile o fisso, sono componenti che 
permettono il passaggio, attraverso di essi, delle sole correnti alternate, 
siano esse di bassa o di alta frequenza; attraverso i condensatori, invece, 
hon passano le correnti continue; essi rappresentano, dunque, una porta 
chiusa alle correnti erogate dalle pile e dagli accumulatori. Nel caso del 
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Condensatore di ti- 
po a pasticca e sim- 
bolo elettrico. 


Condensatore a car- 
ta e simbolo. 


Il disegno illustra la 
composizione inter- 
na di un condensa- 
tore di tipo a carta. 


Esempi di condensa- 
tori a mica. 


circuito elettrico in esame, i condensatori C3 e C4 non permettono il 
passaggio della corrente erogata dalla pila a 9 volt, mentre si lasciano 
attraversare dai segnali radio. Il condensatore C4, ad esempio, non può 
essere attraversato dalla corrente della pila, mentre lascia passare gli 


eventuali segnali di alta frequenza ancora presenti in prossimità della ' 


cuffia, che darebbero luogo a disturbi nella ricezione. 

Il lettore avrà osserváto che in questo secondo tipo di ricevitore 
manca il diodo al germanio, che provvede a sbarrare il passo ai segnali di 
alta frequenza lasciando via libera a quelli di bassa frequenza. Tale com- 
pito, in questo circuito, è svolto dallo stesso transistore TR1, che 
amplifica i segnali radio secondo il principio della reazione. 

Il condensatore C3 permette il passaggio dei segnali di alta frequenza, 
provenienti dall'antenna, sino alla base (b) del transistore TR1, ma non 
permette che, attraverso ad esso, possano passare i segnali di bassa 
frequenza, presenti sul collettore (c) di TR1. E ciò avviene in virtù delle 
caratteristiche proprie del tipo di condensatore, perchè esistono conden- 
satori che si lasciano facilmente attraversare dalle alte frequenze e molto 
meno dalle basse frequenze. 

Abbiamo visto che le correnti elettriche e le resistenze rappresentano 
grandezze fisiche che si possono valutare e misurare mediante unità di 
misura. Ciò avviene anche per i condensatori, dei quali si misura la 
« capacità »; e la capacità è determinata dalla quantità delle superfici aftac- 
ciate tra loro del condensatore e dalla loro distanza. Nei condensatori 
variabili, ad esempio, facendo ruotare il perno di comando, si ottiene 


che le lamine mobili si affaccino più o meno a quelle fisse; si ottiene così - 


un aumento o una diminuzione della capacità del condensatore. Nei 
condensatori variabili fra una lamina e laltra ci può essere laria, oppure 
un foglietto di mica (sostanza isolante), in quelli fissi ci può essere un 
foglietto di mica, di carta paraffinata o di altra sostanza isolante. In radio- 


tecnica la sostanza isolante interposta fra le lamine del condensatore, 


prende il nome di DIELETTRICO. 

L'unità di misura della capacità è il « farad » (abbrev. F.). Poichè 
il farad rappresenta un unitá di misura molto grande, in radiotecnica si fa 
impiego dei sottomultipli del farad. Essi sono: 


il microfarad uF = un milionesimo di farad 
il picofarad pF = un milionesimo di milionesimo di farad 


Il picofarad viene usato, generalmente, per valori fino a 100.000 pF, 
mentre per le capacitá piú grandi si usa il microfarad. 1 condensatori 
di capacitá elevata prendono il nome di « elettrolitici ». In questo tipo di 


* condensatori il dielettrico è costituito da uno strato di ossido che si 


forma sulle superfici affacciate di due nastri di alluminio, separate da un 
elettrolita, quando esse sono sottoposte alle forze elettriche. 

Sui terminali dei condensatori elettrolitici viene sempre indicata la 
polarita; in essi esiste sempre, quindi, un terminale positivo e un terminale 
negativo; cid significa che i condensatori elettrolitici, contrariamente per 
quanto avviene per gli altri tipi di condensatori, non possono essere inse- 
riti nei circuiti in un verso qualsiasi, perchè l'inversione delle polarità 
danneggerebbe irreparabilmente il condensatore. 


 MONTAGGIO 
DEL RICEVITORE 
= A REAZIONE 


ME utti i montaggi radioelettrici vengono eseguiti in due tempi: prima 
| si esegue il lavoro di ordine meccanico, quello che richiede l’uso 
delle pinze, del cacciavite, del trapano, ecc., poi si esegue il 
cablaggio, cioè quel lavoro che si effettua con il saldatore in mano; cosi 
è stato fatto per il primo tipo di ricevitore e così occorre fare per questo 

| ricevitore con circuito a reazione. Ma per assimilare bene ogni concetto di 
‘Natura costruttiva, l'allievo non deve mai accontentarsi di tenere sot- 

_tocchio lo schema pratico, ma deve seguire prima di tutto lo schema 

| teorico, quello composto con sigle e simboli, cercando di rendersi sempre 
conto del perchè di ogni operazione, prima della sua esecuzione. 

Anche per l'esecuzione di questo montaggio, l'allievo dovrà pre- 
| occuparsi di acquistare tutti gli elementi necessari; in verità la spesa, 
| questa volta è minore, perchè molti dei componenti già utilizzati per il 
primo tipo di montaggio servono per questo secondo montaggio; la 
| cuffia, ad esempio, è sempre la stessa e sono sempre gli stessi anche il 
| condensatore variabile C2, la bobina di sintonia L1, la pila a 9 volt e le 
| boccole che rappresentano le prese di cuffia, di antenna e di terra. I com- 
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Piano di montaggio 
(schema pratico ) del 
ricevitore a reazione 
con ascolto in cuffia 
e alimentazione con 


pila a 9 volt. 
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COMPONENTI 
DEL | 
RICEVITORE 
A REAZIONE 


Basette e anco- 
raggi. 
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C1 47 pF (condensatore a pasticca) 
C2 = 500 pF (condensatore variabile) 
C3 250 pF (condensatore a pasticca) 


C4 10.000 pF (condensatore a pasticca) 

R1 1.000 ohm (potenziometro a variazione logaritmica) 
R2 150.000 ohm (marrone-verde-giallo) 

R3 1 megaohm (marrone-nero-verde) 

TR1 = OC44 (transistore tipo pnp) 

Li = bobina tipo Corbetta CS3/BE 


ponenti che si dovranno acquistare si riducono, quindi, a tre condensa- 
tori fissi, a due resistenze fisse e a una resistenza variabile (potenzio- 
metro); occorre acquistare inoltre un altro tipo di transistore. Comunque 
nell’elenco componenti sono riportati tutti i dati necessari per poter 
acquistare con sicurezza e precisione il materiale occorrente. Il conden- 
satore C3, come si nota nello schema pratico del ricevitore, è fissato sui 
terminali di una basetta di bachelite che, a sua volta, è fissata sulla 
scatola-contenitore per mezzo di una squadretta metallica, di una vite e 
di un dado. 

Si fa ricorso molto spesso, nei montaggi radioelettrici, all'impiego di 
basette a due o più terminali, allo scopo di conferire al montaggio una 
certa rigidità e compattezza. Queste morsettiere vengono vendute in com- 
mercio in misure di un metro circa e spetta all'allievo il compito di rita- 
gliare la basetta nella misura utile. Il potenziometro R1 disegnato nello 
schema pratico è di tipo miniatura, ma l'allievo potrà acquistare anche 
un tipo normale di potenziometro, sprovvisto di interruttore, ricordando 
che. il terminale centrale deve essere collegato con lemittore (e) del 
transistore TR1. Le operazioni di cablaggio di questo ricevitore a reazione 
non richiedono alcuna particolare interpretazione, purchè l'allievo ricordi 
e faccia tesoro delle spiegazioni esposte nel corso della descrizione del 
cablaggio del primo tipo di ricevitore. 

Se in cuffia si ode un fischio, occorrerà intervenire sul perno del poten- 
ziometro R1, al quale sarà stata applicata una manopola, ruotando fino al 
punto in cui il fischio scompare. Agendo sul condensatore variabile C2 si 
cerca l'emittente locale e ruotando poi, con un cacciavite, il nucleo di fer- 
rite della bobina L1, si ottiene la massima intensità sonora. La stessa 
antenna usata per il primo tipo di ricevitore deve essere applicata anche 
a questo ricevitore a reazione, Occorre peraltro anche un conduttore di 
terra, applicando sulla boccola di terra uno spinotto collegato ad un filo 
di rame legato, all'estremità opposta, al rubinetto dell’acqua o a una con- 
duttura dell'acqua potabile, del termosifone o del gas. 

Questa legatura deve essere effettuata avvolgendo il filo di rame 
attorno al rubinetto o al tubo, dopo aver raschiato le parti con la lama 
di un temperino, sino a mettere in evidenza la lucentezza dei metalli. La 
legatura si effettua avvolgendo il filo di rame molto strettamente attorno 
al tubo con una decina di spire. 

Il transistore TR1 montato in questo circuito è di tipo OC44 ed è 


prodotto dalla Philips come quello montato nel primo tipo di ricevitore. 
 Lallievo, tuttavia, non trovando in commercio un transistore di tipo 
.0C44, potrà far ricorso a qualsiasi altro tipo di transistore, purché esso 
sia adatto per Palta frequenza, sia di tipo pnp (vedremo più avanti il 
significato di tale espressione) e non sia un transistore di potenza; i risultati, 
pur operando la sostituzione del transistore con uno di tipo diverso, saran- 
no pressochè identici. : 

= Anche per questo tipo di ricevitore, Pinterruttore, che permette di 
_ accendere e spegnere il circuito, è rappresentato dall’innesto o dalla estra- 
zione dei due spinotti della cuffia dalle relative boccole. L'allievo tenga 
presente che facendo rimanere inserita la cuffia nel circuito, la pila si 
consuma rapidamente. : 


| La pila da 9 volt, usata per questo tipo di ricevitore, è di tipo 
normale, di quelle normalmente montate sui ricevitori a transistori di 
tipo tascabile. Questa pila, volendo mantenere acceso il ricevitore per 
‘molto tempo, può scaricarsi presto. Ma volendo avere una lunga auto- 
- nomia di funzionamento del ricevitore, senza ricorrere al ricambio della 
pila, si può ricorrere all’impiego di due pile da 4,5 volt ciascuna, di 
quelle usate per le lampade tascabili. Queste due pile devono essere 
collegate in « serie » tra loro. 

Cosa significa tale espressione? Ve lo diciamo subito. Collegare in 
serie due o pit pile significa collegare il morsetto positivo di una con 
quello negativo dell'altra; il morsetto positivo della seconda con quello 
negativo della terza e cosi via; i due morsetti che rimangono liberi rap- 
presentano i morsetti utili della batteria di pile. Nel nostro caso, neces- 
sitando una pila da 9 volt, si dovranno utilizzare due pile da 4,5 volt, 
collegando tra loro il morsetto positivo di una con quello negativo del- 
laltra; i due morsetti rimasti liberi, quello positivo e quello negativo 
vanno collegati al circuito del ricevitore. 
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COLLEGAMENTO 
DI PILE 
IN SERIE 


collega- 
menti di pile colle- 
gate in serie tra di 
loro. Quando i valo- 
ri’ delle tensioni del- 
le pile inserite nel 
collegamento sono 
uguali, allora il va- 
lore della tensione 
risultante è dato dal 
prodotto del valore 
della tensione di una 
singola pila per il 
numero delle pile. 
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Figure 7.36 
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23 Use the circuit shown in Figure 7.37 for 
this problem. In this case, the resistor value is 
10 ohms. However, the inductor and 
capacitor values are not given. 
Figure 7.37 
a | R 
LO © 
Questions 
Find BW and the values of L and C required 
to give the circuit a resonant frequency of 
1200 Hz and a Q of 80. 
A. BW s — 
B. Ls čŻ —çć 
C Cs Y ŻŽŻ 
Answers 
A. BW = 15 Hz 
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LA 
TENSIONE 
ELETTRICA 


a tensione elettrica rappresenta una delle grandezze fisiche fonda- 
mentali dell’elettrotecnica in generale e della radiotecnica in par- 
ticolare. Si tratta di un‘dato rilevabile in tutti i punti di un circuito 
radio con valori diversi. Anche la tensione elettrica, come accade per la 
corrente e per la resistenza, è un dato che si rileva mediante uno stru- 
mento che prende il nome di VOLTMETRO. I radiotecnici non fanno 
uso di un voltmetro vero e proprio, ma impiegano il tester, che è uno 
strumento di misure elettriche molteplice e nel. quale è compreso anche il 
voltmetro. i 

La tensione elettrica è una grandezza che si misura sempre fra due 
punti e non in un punto solo. Essa rappresenta la forza elettrica in grado 
di generare una corrente elettrica, cioè di mettere in movimento attraverso 
un conduttore gli elettroni. Sui morsetti delle pile, ad esempio, si misura 
una tensione, che può essere di 1,5 volt, 3 volt, 4,5 volt, 9 volt; questa 
tensione vuol significare che tra i morsetti della pila esiste: una forza 
elettrica, che a sua volta trae origine dalle forze di natura chimica presenti 
all’interno della pila stessa, e che è in grado di produrre corrente elet- 
trica. Sul collettore del transistore TR1 del ricevitore a reazione esiste 
una tensione; ma tale affermazione ha significato preciso quando si sotto- 
intende che tale tensione viene misurata fra il collettore del transistore e 
il conduttore di terra, che viene anche chiamato conduttore di massa € 
che fa capo al morsetto positivo della pila, In pratica, dunque, non si 
usa dire, quando ci si riferisce ai circuiti radio, che la tensione fra questo 
e quel punto ha un certo valore, ma si dice molto semplicemente che la 
tensione in quel punto del circuito ha quel determinato valore, sotto- 
intendendo che la misura della tensione viene effettuata fra quel punto 
e il conduttore di massa, che negli apparati più complessi è rappresentato 


dal telaio (chassis) del radioapparato. pS 
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L’unita di misura della tensione elettrica é il « volt » (abbrey. V.). Si 
dice che quando sui terminali di una resistenza di 1 ohm viene applicata 
la tensione di 1 volt, quella resistenza è percorsa dalla corrente di 1 ampe- 
re. Ma per avere una sensazione piú reale del concetto di tensione elettrica 
é bene ricordare taluni valori delle tensioni elttriche, che sono fondamentali 
e con i quali tutti noi, più o meno, abbiamo a che fare ogni giorno. Delle 
pile si è gia detto: la loro tensione oscilla fra 1,5 volt e 9 volt; la tensione 
presente nelle nostre case pud essere di 130 volt o di 220 volt. Negli 
apparecchi radio normali si hanno, in molti punti del circuito, tensioni 
comprese fra i 200 e i 300 volt. Sulle linee elettriche di distribuzione 
di energia, fra le centrali e le località di distribuzione, la tensione è a 
volte superiore ai 200.000 volt. 
Pur avendo affrontato finora, direttamente, i circuiti di due rice- MODULAZIONE 
vitori radio, e pur avendone interpretato, nelle loro linee essenziali, i E 
concetti fondamentali della radiotrasmissione e radioricezione, occorre, RIVEL AZIONE 
ora, prima di procedere oltre, assimilare due concetti fondamentali 
della radiotecnica: quello della « modulazione » e quello della « rive- 
lazione ». È stato detto che le correnti elettriche ad alta frequenza (cor- 
renti oscillanti) presentano la caratteristica di « sfuggire » dai conduttori 
elettrici e di diffondersi nell’aria sotto forma di onde elettromagnetiche 
come sono, appunto, le onde radio. Ma se alle antenne trasmittenti venis- 
- sero convogliate soltanto correnti elettriche ad alta frequenza, negli appa- 
- recchi radio non si ascolterebbero voci e suoni. L'intero processo di tra- 
smissione e ricezione radio si svolge cos}: le onde sonore, quelle generate 
- dalla voce umana o da uno strumento musicale, vengono captate dal micro- 
fono e trasformate, da tale componente, in corrente elettrica di bassa 
frequenza, così come avviene quando si parla al telefono; questa corrente 
elettrica di bassa frequenza, viene fatta mescolare, nelle stazioni radio- 
_ trasmittenti, con la corrente oscillante di alta frequenza e il tutto viene 
inviato all’antenna trasmittente che diffonde nell’etere le onde radio. 
Dunque, la corrente oscillante funge da veicolo per la corrente di bassa 
frequenza: le onde radio portano con sè le voci e i suoni proprio perchè 
_ nella stazione trasmittente si è fatta mescolare la corrente ad alta fre- Smistamento del- 
quenza con quella di bassa frequenza. Questo processo di mescolamento _le frequenze. 
della corrente di bassa frequenza con la corrente di alta frequenza, che 
_ avviene nelle stazioni trasmittenti, prende il nome di MODULAZIONE. 
L’antenna del ricevitore radio capta le onde radio e il circuito del 
_Ticevitore radio provvede ad amplificarle, perché cosi come esse entrano 
nel circuito sarebbero troppo deboli per essere... lavorate; ma il secondo 
compito fondamentale del ricevitore radio’ consiste nel... gettar via Palta 
frequenza, che é‘servita soltanto come mezzo di trasporto attraverso lo 
spazio delle voci e dei suoni. Si tratta, quindi, di un processo di sepa- 
_razione della corrente di alta frequenza dalla corrente di bassa frequenza, 
e tale processo prende il nome di RIVELAZIONE, 
| Il processo di rivelazione può essere compiuto da un diodo al germa- 
nio (primo tipo di ricevitore descritto) oppure da un transistore (secondo 
tipe di ricevitore descritto) o, come vedremo, da una valvola elettronica. 
La corrente rappresentativa del segnale di bassa frequenza, uscente da tali 
componenti, prende il nome di corrente di rivelazione e i segnali radio 
prendono il nome di « segnali rivelati ». ; 
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Schema elettrico del 
ricevitore con rice- 
zione in cuffia e fun- 
zionante in circuito 


reflex. 
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IL CIRCUITO 
REFLEX 


opo il ricevitore a circuito semplice, quello con circuito a rea- 
zione, la terza tappa della radiotecnica pratica è rappresentata dal 
circuito. riflesso, denominato « reflex ». Che cosa significa circuito 
riflesso? 

È presto detto. Significa sottoporre lo stadio amplificatore di alta 
frequenza anche ad un processo di amplificazione dei segnali di bassa 
frequenza; in altre parole, si fa... riflettere sul primo stadio amplificatore 
il segnale più amplificato e rivelato. 

Ma passiamo senz'altro all'esame del circuito elettrico del ricevitore 
reflex, per poter comprendere più intimamente il principio di funziona- 
mento. I segnali radio captati dall’antenna sono applicati, tramite il 
condensatore C1 al circuito di sintonia, rappresentato dal condensatore 
variabile C2 e dalla bobina L1. La presenza del condensatore C1 e il 
principio di funzionamento del circuito di sintonia sono sempre gli 
stessi, quindi è inutile ripeterci. Il passaggio del segnale sintonizzato dal- 
lavvolgimento L1 all’avvolgimento L2 avviene per « induzione »; tale 
espressione vuole interpretare un fondamentale concetto di elettrotecnica: 
quello del trasferimento di energia elettrica da un circuito a un altro sotto 
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Il nucleo di ferrite, chia- 


mato anche nucleo fer- 
roxcube, si presenta co- 
me un bastoncino cilindri- 
co, di colore grigio-scuro; 
esso è assai fragile e ca- 
dendo per terra va in fran- 
tumi. 


forma di energia elettromagnetica. Spieghiamoci meglio; le correnti di 
alta frequenza, presenti nell'avvolgimento L1, generano dei campi elettro- 
magnetici, che avvolgono l'avvolgimento L2 e provocano in esso una 
corrente, più intensa, di alta frequenza dello stesso tipo di quella pre- 
sente nell'avvolgimento L1. Il nucleo di ferrite, disegnato con un ret- 
tangolo allungato, sul quale vengono effettuati praticamente i due avvol- 
gimenti L1 ed L2, favorisce il trasferimento di energia dall’avvolgimento 
L1 all’avvolgimento L2 e funge anche da antenna captatrice dei segnali 
radio, rinforzando gli stessi segnali captati dall’antenna. Sull’avvolgimento 
L2 è presente il solo segnale radio di alta frequenza selezionato dal circuito 
di sintonia; esso viene applicato alla base (b) del transistore TR1, che 


provvede ad amplificarlo. All'uscita del transistore TR1, cioè sul suo 


collettore (c) sono presenti i segnali radio di alta frequenza amplificati, che 
incontrano due ipotetiche vie di transito: quella del condensatore C5 e 
quella dell’avvolgimento contrassegnato con la sigla J1, che vuol essere 
un'impedenza di alta frequenza. L’impedenza di alta frequenza é pur essa 
una bobina, il cui compito è quello di costituire uno sbarramento ai 
segnali di alta frequenza e di lasciar via libera a un passaggio dei segnali 
di bassa frequenza. Dunque, i segnali di alta frequenza amplificati, uscenti 
dal collettore del transistore TR1, non possono far altro che prendere 
la via del condensatore C5. Subito dopo questo condensatore sono 


presenti due diodi al germanio: DG1 e DG2; questi due diodi provve-. 


dono al processo di rivelazione dei segnali radio, cioé trasformano i segnali 
radio di alta frequenza in segnali radio di bassa frequenza. Perché sono 
stati .impiegati due diodi anzichè uno solo? Semplicemente per poter 
raddoppiare la tensione rivelata e rendere più potente il ricevitore. La 


tensione rivelata viene prelevata tramite il condensatore C4 e viene 


riportata nell’avvolgimento L2 e quindi nella base del transistore TRI. 


Gli avvolgimenti 
delle bobine L1 ed 
L2 vengono effettua- 
ti su uno stesso nu- 
cleo di ferrite, nella 
misura standard 8 x 
140 mm. Le due bo- 
bine, che devono es- 
sere autocostruite, 
vengono realizzate 
praticamente con 
l'aiuto delle due ma- 
ni; con una mano si 
mantiene teso il filo 
e lo si guida durante 
l'avvolgimento; con 
Valtra mano si im- 
prime un movimen- 
to di rotazione lento 
e continuo al nucleo 
cilindrico. 
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Disegno reale (so- 
pra) e simbolo (sot- 
to) della impedenza 
di alta frequenza J 1 
montata nel circuito 
reflex. 


Questa volta al transistore si chiede di amplificare i segnali di bassa fre- 
quenza e in ció consiste il principio del circuito reflex. Fra l'avvolgimento 
L2 e il conduttore di massa, contrassegnato con una linea a tratto più 
grosso, è inserito il condensatore C3. A tale condensatore è affidato il 
compito di... gettar via quella parte di alta a ancora presente 
nel segnale rivelato. 

E dopo questo secondo ciclo di amplificazione, A collettore del tran- 
sistore TR1 sono presenti i segnali radio di bassa frequenza amplificati, 
che possono facilmente attraversare l'impedenza J1 e raggiungere la cuffia 
nella quale si trasformano in voci e suoni. La resistenza R2 viene chiamata 
resistenza di rivelazione, semplicemente perché suoi suoi terminali é 
presente la tensione di bassa frequenza, cioé il segnale rivelato. 

Il compito della resistenza R1 è quello di « polarizzare » la base del 
transistore TR1, ma tale concetto verrà interpretato più avanti. 

L'alimentazione di questo circuito è ottenuta con la solita pila da 
9 volt, mentre l'inserimento o il disinserimento degli spinotti di cuffia nelle 
relative boccole permettono di accendere o spegnere il ricevitore. 

Finora è stato usato il verbo « accendere » il ricevitore, ed è stato 
usato anche il verbo « spegnere » il ricevitore; questi verbi non sono 
adatti ad indicare l’esatta funzione di un interruttore. Invece di dire 
« accendere o spegnere » il ricevitore, si deve dire « chiudere o aprire » 
il circuito del ricevitore; infatti, l'inserimento degli spinotti di cuffia, 
nelle due boccole, « chiude » il circuito di alimentazione elettrica del 


ricevitore, mentre l'operazione di disinserimento « apre » il circuito. 


Queste stesse operazioni siamo soliti eseguirle ogni giorno nelle 
nostre case, quando accendiamo e spegnamo la luce; infatti quando ruo- 
tiamo la levetta di un interruttore o ne premiamo il pulsante, per accen- 
dere una lampadina o un lampadario, non facciamo altro che « chiudere » 
il circuito di accensione elettrica dell’impianto di casa, unendo tra loro i 
terminali di due conduttori elettrici mediante lo stesso interruttore; 
quando si spegne la luce, invece, si « apre » il circuito, staccando tra loro 
mediante l'interruttore, i terminali di due conduttori elettrici. Questi 
due verbi « chiudere » e « aprire » il circuito devono entrare nella parlata 
comune del futuro radiotecnico, perchè essi appartengono appunto al 
gergo radiotecnico. 


Negli impianti elettrici domestici si ritrovano gli esempi più elementari che interpre- 
tano | concetti « circuito chiuso » e « circuito aperto ». Quando la lampadina è ac- 
cesa (schema riportato a sinistra), allora si dice che il circuito elettrico è « chiu- 
so»; quando la lampadina è spenta (schema rappresentato a destra), allora si dice 


che il circuito è « aperto ». , 


CIRCUITO 
CHIUSO 


CIRCUITO 
APERTO 


en A a 
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_ Schema pratico del ricevitore funzionante in circuito reflex, All'estrema sinistra dello 
_ Schema e visibile la piccola basetta di forma rettangolare, munita di cinque termi- 

nali, distribuiti in parti uguali lungo i lati maggiori: essa permette di semplificare le 
_ operazioni di cablaggio e di realizzare un montaggio in modo razionale e compatto. 


1 montaggio del ricevitore con circuito reflex deve essere fatto nel 
modo indicato nello schema pratico. Anche per questo tipo di mqn- 

- taggio si comincerà col preparare prima tutti gli elementi necessari 
ed eseguendo poi ogni lavóro meccanico. Nel disegno rappresentativo 
dello schema pratico il montaggio del ricevitore è fatto su una basetta di 
forma rettangolare, che può essere di legno oppure di bachelite. Questa 
stessa basetta, a lavoro ultimato, potrà essere introdotta in una scatolina 
con funzione di mobile. Trattandosi, tuttavia, di un montaggio sperimen- 
tale, come lo sono i precedenti, ci si potrà accontentare della sola basetra 
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rettangolare, perchè quel che importa di più non è tanto la realizzazione di 


un ricevitore radio dotato di un piacevole aspetto esteriore, quanto 
l'esercizio pratico dell'allievo radiotecnico. 
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COMPONENTI 
DEL 
RICEVITORE 
REFLEA 


Tenete conto del- 
le polaritá dei 
diodi. 
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Cl 

C2 = 500 pF (condensatore variabile) 

C3 = 50.000 pF (condensatore a carta) 

C4 = 100.000 pF (condensatore a carta) 
C5 = 1000 pF (condensatore in polistirolo) 
Ri = 1 megaohm (marrone-nero-verde) 


R2 = 38.000 ohm (arancione-grigio-arancione) 
DG1-DG2 = diodi al germanio 

L1-L2 = bobine di sintonia 

J1 = impedenza di alta frequenza tipo Geloso 558 
TR1 = OC44 (transistore tipo pnp) 

pila = 9 volt 


LA BASETTA DI BACHELITE 


All’estrema sinistra del disegno rappresentativo dello schema pratico 
risulta applicata una piccola basetta di forma rettangolare, munita di cinque 
terminali, distribuiti in parti uguali lungo i lati maggiori. Anche questo 
tipo di basette, così come avviene per le morsettiere, vengono vendute 
in commercio nella lunghezza desiderata. Non trovandole in commercio, 
Pallievo potrá facilmente realizzare da sé la basetta, munendosi di un 
pezzo di cartone bachelizzato o di bachelite, dí forma rettangolare, ed 
applicando lungo i lati maggiori dieci comuni ribattini metallici in fun- 
zione di terminali. Bastera ricordarsi che i ribattini non devono essere di 
alluminio per realizzare un ottimo lavoro; sull’alluminio, infatti, lo stagno 
non... attacca, cioè non,si possono effettuare saldature a stagno su parti 
di alluminio. Ma la realizzazione della piccola basetta rettangolare non è 
strettamente necessaria; essa è soltanto utile perchè semplifica le opera- 
zioni di cablaggio, cioè permette di realizzare il montaggio di una buona 
parte dei componenti in modo razionale e compatto, Anche in questo 
caso il successo dipende dalla precisione dei collegamenti, cioè da un 
cablaggio privo di errori, effettuato con saldature « calde ». L'applicazione 
dei due diodi al germanio DG1 e DG2 deve essere fatta tenendo conto, 
come al solito, della loro polarità; nello schema pratico, tuttavia, tale 
indicazione è chiaramente evidenziata dalla posizione della fascetta colo- 
rata di questi due componenti. Anche il riconoscimento dei terminali del 
transistore TR1 si effettua sempre con lo stesso metodo, tenendo conto 
della presenza del puntino colorato in corrispondenza del terminale di col- 


- lettore (c). Il terminale di base (b) è ricoperto con un tubetto di plastica, 


allo scopo. di isolare elettricamente il conduttore e in modo che esso non 
possa creare danni pur toccando il conduttore di emittore o quello di 
collettore, perchè se tali: fili dovessero toccarsi tra loro il ricevitore non 
funzionerebbe e la... salute del transistore TR1 verrebbe compromessa. 


Nei precedenti montaggi la bobina di sintonia era di tipo commet- 
ciale, cioè la si poteva acquistare già belle pronta in commercio. Per 


questo tipo di ricevitore reflex è stato adottato un sistema diverso, con 
lo scopo di mettere l'allievo nelle condizioni di realizzare, per la prima 
volta, con le proprie mani, una bobina di sintonia. A tale scopo occorrerá 
acquistare in commercio quel bastoncino cilindrico visibile nello schema 


pratico, In termini radiotecnici, quel basteacino cilindrico prende i nomi . 


di «nucleo di ferrite» o «nucleo ferroxcube ». In commercio se ne 
vendono di diversi tipi e forme, ma quello necessario per il presente 
montaggio deve avere una lunghezza di 140 millimetri e un diametro di 
8 millimetri; si tratta di misure standard di facile reperibilità in commer- 
cio. Il nucleo ferroxcube è di colore metallico scuro ed è molto fragile; 


se esso cade per terra si spezza e va in frantumi; cid significa che l'allievo 


dovrá manipolare tale componente con una certa attenzione, in modo 
da non lasciarselo mai sfuggire dalle mani e farlo cadere. 

Il primo avvolgimento da effettuarsi è quello indicato con la sigla L 1. 
Per ottenerlo occorre acquistare non meno di 2 metri di filo di rame 
smaltato di diametro 0,2 mm. A partire da una distanza di 25 - 30 mm. 
circa da una delle due estremità del nucleo di ferrite, si inizierà l’ayvol- 
gimento L 1, avvolgendo con le mani 70 spire di filo compatte; ció 
significa che le spire dovranno essere aderenti Puna all’altra, senza 
alcuno spazio vuoto. I terminali dell'avvolgimento L 1 verranno bloccati 
con due pezzettini di nastro adesivo, in modo da impedire che l'avvol- 
gimento si sili. L’avvolgimento L 2 non è effettuato direttamente sul 
nucleo. Su questo cilindretto, di facile realizzazione, si avvolgeranno 
quattro spire compatte di filo dello stesso tipo. Se l'allievo non riuscisse 
a trovare in commercio il filo di rame smaltato, potrà acquistare del 
filo di rame coperto di seta, purché il diametro sia sempre quello di 
0,2 mm. (un diametro leggermente inferiore o superiore ai 0,2 mm. 
non compromette l’esito del lavoro). Nel disegno rappresentativo dello 
schema pratico è stata riportata una freccia in corrispondenza dell’avvol- 
gimento L 2; questa freccia sta a significare che l’avvolgimento L 2 
deve poter scorrere nei due sensi sul nucleo di ferrite; cid serve per la 
messa a punto del ricevitore; infatti, a lavoro ultimato, dopo aver 
sintonizzato il ricevitore sulla emittente locale, si provera a spostare in 
avanti e all'indietro l’avvolgimento L 2 e lo si bloccherá, con un pez- 


zetto «li nastro adesivo, in quel punto in cui la ricezione è più forte. 


Si pud evitare di collegare 
in maniera definitiva, per 
mezzo di saldature a sta- 
gno, i morsetti della pila 
al circuito, facendo uso 
delle apposite prese pola- 
~ rizzate, nelle quali il ter- 
| minale positivo e quello ` 
negativo si distinguono 
tra loro per la diversa co- 
lorazione dei conduttori. 


Arrestate i termi- 
nali degli avvol- 
gimenti con na- 
stro adesivo. 


Simbolo elettrico 
del trasformatore 
d'uscita e (sotto) 
' disegno del com- 
ponente reale. 
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RICEVITORE 
REFLEX con 
AMPLIFIC. B.F. 


progetti dei ricevitori fin qui presentati sono tutti muniti di un 

solo stadio amplificatore. In altre parole i segnali radio sono sempre 

stati sottoposti ad un processo di rinforzo mediante un solo tran- 
sistore. È pur vero che nei secondi due progetti si è fatto « lavorare » 
il transistore con il massimo sfruttamento; nel ricevitore a reazione il 
transistore amplifica più volte lo stesso segnale di alta frequenza; nel 
circuito reflex il transistore amplifica i segnali di alta frequenza e quelli 
di bassa frequenza; ma non è possibile con un solo transistore far 
funzionare un altoparlante, perchè l'ascolto in altoparlante richiede una 
certa potenza di segnali. 

Con l'aggiunta di un secondo transistore (TR 2) che « pilota » uno 
stadio di amplificazione di bassa frequenza è possibile far aumentare di 
molto la corrente di bassa frequenza che... contiene le voci e i suoni. 

Tutta la parte iniziale del ricevitore (lallievo faccia riferimento 
allo schema elettrico) è uguale a quella del precedente progetto. Sul 
conduttore che nel precedente progetto arrivava alla cuffia è stato appli- 
cato il potenziometro R 3 (resistenza variabile). La pila, quando si agisce 
sull'interruttore S 1 per chiudere il circuito, invia la sua corrente a tutta 
la parte iniziale del ricevitore attraverso il potenziometro R 3. Quindi 
sul potenziometro R 3 è presente la tensione rivelata di bassa frequenza; 
essa può essere prelevata nella quantità desiderata per mezzo del cursore 
del potenziometro stesso. Tale tensione viene applicata, tramite il con- 
densatore C 6, alla base (b) del transistore amplificatore di bassa fre- 
quenza TR 2. Ma per far funzionare questo transistore occorre applicare 
sul suo collettore (c) la tensione di 9 volt erogata dalla pila. Non è pos- 
sibile, tuttavia, applicare direttamente sul collettore di TR 2 la tensione 
di 9 volt, ma occorre interporre fra la pila e il collettore di TR 2 un 
elemento dal quale poter prelevare i segnali di bassa frequenza. Questo 
elemento è rappresentato dall'avvolgimento primario del trasformatore 
d'uscita T 1. Attraverso questo avvolgimento fluisce la corrente erogata 
dalla pila e quella rappresentativa del segnale di bassa frequenza, ampli- 
ficato al punto di poter far funzionare un altoparlante. 

Il trasformatore d’uscita è, prima di tutto, un trasformatore di 
corrente; esso prende il nome di « trasformatore d'uscita » perchè in 
tutti i ricevitori radio viene applicato all’uscita del circuito, cioè fra 


il transistore amplificatore finale e l'altoparlante; negli apparati a valvole 
esso viene collegato fra la valvola amplificatrice finale e Paltoparlante. 
Il trasformatore d'uscita è costituito da un pacco di lamierini di ferro 
sovrapposti, che prende il nome di NUCLEO; sul nucleo vengono avvolti 
due avvolgimenti di filo di rame; uno di questi due avvolgimenti prende 
il nome di « avvolgimento primario » del trasformatore: esso € costituito 
da un elevato numero di spire (qualche migliaio) di filo di rame sottile. 
L’altro avvolgimento, che prende il nome di « avvolgimento secondario », 
è costituito da un centinaio di spire di filo di diametro maggiore ed esso 
va collegato all’altoparlante, più precisamente alla bobina mobile di 
questo. 


L’altoparlante, come la cuffia, serve a trasformare le correnti di 
bassa frequenza in voci e suoni. Esso costituisce un dispositivo radioelet- 
trico che prende il nome di « trasduttore elettroacustico ». L’altoparlante 
si compone, principalmente, di un cono di carta speciale soggetto a 
‘continue vibrazioni; esso prende anche il nome di «cono diffusore ». 
Le vibrazioni meccaniche del cono diffusore' producono delle vibrazioni 
nelle masse d’aria che si trovano intorno al cono stesso, e le vibrazioni 
dell’aria altro non sono che suoni. Ma come fa a vibrare il cono di un 
altoparlante? Sul vertice del cono di carta vi è un cilindretto di cartone 
rigidamente fissato ad esso; su questo cilindretto è presente un avvolgi-. 
mento di un solo strato di filo di rame smaltato sottile; questo cilindretto, 
con il suo avvolgimento, prende il nome di BOBINA MOBILE. I termi- 
nali della bobina fuoriescono dalla parte posteriore del cono e sono 


Il disegno a sinistra 
interpreta il concet- 
to di trasformatore; 


i due avvolgimenti, 


che prendono il no- 
me di « avvolgimen- ' 
to primario » e « ay- 
volgimento seconda- 
rio» risultano elet- 
tricamente isolati 
tra di loro. A destra 
è rappresentato il 
pacco lamellare con 
il quale si costrui- 
sce il trasformatore 
di uscita. 


La bobina mo- 
bile dell'altoparlan- 
te (disegno centra- 
le) è libera di muo- 
versi longitudinal- 
mente sul corpo cen- 
trale del magnete 
permanente. 


You can check these values by using the 
values of L and C to find fr. 

24 Use the circuit shown in Figure 7.37 for 
this problem. In this case, the resistor value is 
given as 10 ohms. However, the inductor and 
capacitor values are not given. 

Questions 

Calculate the values of Q, L, and C required 
to give the circuit a resonant frequency of 
300 kHz with a bandwidth of 80 KQ. 

A. Q = 

B. L = čŻ —çć 

C Cs Ż ç ć 

Answers 

A. Q = 3.75 

B. L = 20 pH 

C. C = 0.014 pF 

25 A circuit that passes (or blocks) only a 
narrow range of frequencies is called a high 
Q circuit. Figure 7.38 shows the output curve 
for a high Q circuit. 

Figure 7.38 


Because of the narrow range of frequencies 


Schema elettrico del 
ricevitore reflex mu 
nito di stadio ampli- 
ficatore di bassa fre- 
quenza. 
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ll ricevitore reflex 
puo essere montato 

in un mobiletto di 
legno o di plastica 
per assumere il tipi- 
co aspetto di un 
ricevitore commer- 
ciale. 


fissati ad una piastrina di bachelite o a due terminali metallici isolati. 
Su questi due terminali si applica la corrente di bassa frequenza presente 
all'uscita del ricevitore radio; più precisamente, su questi due terminali 
vengono saldati i due terminali dell'avvolgimento secondario del trasfor- 
| matore d'uscita, 

La bobina mobile è immersa fra le espansioni polari di un magnete 
permanente (calamita). Quando la bobina mobile dell'altoparlante è attra- 
versata dalla corrente di bassa frequenza, essa produce all'intorno un 
campo elettromagnetico variabile, che contrasta con il campo magnetico 
generato dal magnete dell'altoparlante; da tale contrasto scaturisce la 
forza che imprime un movimento in avanti e all’indietro alla bobina 
mobile e quindi al cono di carta dell'altoparlante. 
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ae ne I ee ae er COMPONENTI 
E ies 
C2 = 500 pF (condensatore variabile) a RICEVITORE 
| C3 = 50.000 pF (condensatore a carta) l REFLEX 
| C4 = 100.000 pF (condensatore a carta) da CON 
: C5 = 1.000 pF (condensatore in polistirolo) AMPLIFICATORE 
_ C6 = 100.000 pF (condensatore a carta) o BF 
| R1=1 megaohm (matrone-nero-verde) a 
| R2= 38.000 ohm (arancione-grigio-arancione) a 
E R3 = 5.000 ohm (potenziometro con interruttore S1 incorporato) 
| R4 = 100.000 ohm (marrone-nero-giallo) E 
1 DG1-DG2 = diodi al germanio . 
| L41-L2 = bobine di sintonia 


|. Ji = impedenza di alta frequenza tipo Geloso 558 
|| TRI = OC44 (transistore tipo pnp) 

| TR2= OC75 (transistore tipo pnp) 

' Ti = trasformatore d’uscita (vedi testo) Meg oe Soe 


a 81 = interruttore incorporato con R3 Sa 
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Montatelo su una 
tavoletta di legno 
o su una basetta 
di bachelite di 
forma rettango- 
lare. 
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MONTAGGIO DEL 
RICEVITORE con 
AMPLIFIC. B.F. 


a maggior parte dei componenti utilizzati nel precedente montaggio 

servono ora per la realizzazione pratica del ricevitore reflex dotato 

di stadio amplificatore finale. L’allievo dovrà acquistare soltanto 
il potenziometro R 3, la resistenza R 4, il condensatore C 6, il transi- 
store TR 2, il trasformatore d'uscita T 1, l'altoparlante e alcune viti 
e dadi. 

AlPatto dell’acquisto di questo materiale si dovrà chiedere, al nego- 
ziante, un potenziometro da 5.000 ohm, a variazione logaritmica, munito 
di interruttore (S 1), un transistore di tipo OC 75, un condensatore a 
carta da 100.000 pF, una resistenza da 100.000 ohm, un trasformatore 
d'uscita per push-pull di OC 72 e un altoparlante di diametro 70 - 80 mm. 
di impedenza identica a quella dell'avvolgimento secondario del trasfor- 
matore d'uscita T 1. Il trasformatore d'uscita per push-pull di OC 72 
è dotato di un avvolgimento primario e di un avvolgimento secondario: 
l’avvolgimento primario è munito di tre conduttori uscenti, ma l'allievo 
dovrà utilizzare soltanto due di questi conduttori, lasciando inutilizzato 
quello centrale; uno di questi due conduttori va collegato al collettore 
del transistore TR 2, l’altro va collegato all'interruttore S 1, come si vede 
nello schema pratico. L'interruttore S 1 è incorporato nel potenziometro 
R 3. Il montaggio del ricevitore si effettua su una tavoletta di legno di 
forma rettangolare, oppure su una basetta di bachelite. E poiché questo 
montaggio ripete, nella massima parte, il precedente montaggio, è inutile 
ripetere tutte le operazioni di cablaggio già ampiamente descritte. Il 
trasformatore di uscita T 1 viene saldato direttamente sul castello metal- 
lico dell’altoparlante, mentre lo stesso altoparlante è fissato alla tavoletta 
di legno o alla basetta di bachelite mediante alcune linguelle metalliche 
fissate sulla basetta con vite e dado. 


į 


Le operazioni di taratura sono le stesse già descritte per il prece- 
dente montaggio. Intervenendo sul perno del condensatore variabile C 2 
si sintonizza il ricevitore sulla emittente voluta; spostando leggermente, 
verso destra o verso sinistra, lungo il nucleo di ferrite, l’avvolgimento 
L 2, si riesce a tarare il ricevitore in modo da raggiungere la massima 
sensibilità (massima potenza sonora nell'altoparlante). Intervenendo sul 
perno del potenziometro R 3, al quale si applicherá una manopola di 
comando, si riesce ad accendere o spegnere il ricevitore, cioè a chiudere 


o ad aprire il circuito; ma con il potenziometro R 3 si riesce a effettuare 
un'altra importante operazione, quella di aumento o di abbassamento 
del volume sonoro del ricevitore. Durante le fasi di messa a punto e 
taratura del ricevitore, sara bene mantenere il comando di volume al 
valore massimo. 

Questo circuito non richiede il conduttgre di terra e si pud fare 
a meno anche dell’antenna se il montaggio viene effettuato dentro una 
scatolina di legno, di plastica o altro materiale isolante. Utilizzando un 
mobiletto metallico, sará necessario servirsi ancora dell'antenna. 
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_ Schema pratico del 
_ ricevitore con circui- 
to reflex dotato di. 
Ur Se S:n B., stadio amplificatore 
ee ee ee E a ee) finale. 
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Watt (W.): unitá 
di misura della 
potenza elettrica. 


L'eccessivo calore 
« brucia » le resi- 
stenze. 
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POTENZA 
| ELETTRICA 
delle RESISTENZE 


uando l'allievo si recherà presso il. negoziante di prodotti radioe- 
lettrici per acquistare una resistenza da 1 megaohm, da 38.000 ohm, | 
da 100.000 ohm, ecc., potrà sentirsi chiedere: « Da quanti watt »? 
È questa.una domanda naturale di tutti i negozianti, quando il cliente 
si limita soltanto a dichiarare il valore ohmmico della resistenza richiesta, 
omettendo di specificare il wattaggio. Ma le espressioni watt e wattaggio 
sono nuoye e devono essere accuratamente interpretate. 

Il watt è l'unità di misura della potenza elettrica, così come lo è 
il volt per la tensione elettrica, l’ampere per la corrente e l'ohm per la 
resistenza. Ma che cosè questa potenza elettrica? Anche qui si tratta 
di un concetto fondamentale, che l'allievo radiotecnico deve necessaria- 
mente assimilare. Essa sta ad indicare l'energia elettrica che un qualsiasi 
componente elettrico consuma trasformandola in altra forma di energia. 

Quando si acquista una lampadina da 50 watt, ciò sta a significare 
che la potenza elettrica di quella lampadina è di 50 watt e che essa 
trasforma l'energia elettrica in energia luminosa e termica nella misura 
di 50 watt. Una resistenza elettrica da 350 watt, inserita in un ferro 
da stiro, trasforma l'energia elettrica in energia termica nella misura 
di 350 watt. La resistenza da 1 watt, inserita in un circuito radio, è 
capace di dissipare l'energia elettrica in calore nella misura di 1 watt. 


Tutte le resistenze inserite nei circuiti radio sono attraversate da 
una corrente più o meno intensa e a causa del passaggio della corrente 
esse si riscaldano; non si può tollerare, tuttavia, che una resistenza si 
scaldi troppo, prima di tutto perchè questa non è la sua precisa funzione 
nei circuiti radioelettrici, in secondo luogo perchè l'eccessivo calore 
potrebbe causare la « bruciatura » della resistenza, mettendola fuori uso 
definitivamente. Dunque, quando si va ad applicare una resistenza occorre 
sapere il valore della corrente che dovrà attraversarla e calcolare, in 


base ad essa, il valore della potenza elettrica. Ciò si ottiene moltiplicando 


il valore della tensione presente sui terminali della resistenza per il 
valore della corrente destinata ad attraversarla. Per esempio, se sui 
terminali di una resistenza si misura la tensione di 2 volt e la corrente 
che la attraversa è di 0,5 ampere, la potenza di quella resistenza dovrà 
essere di; 2 volt x 0,5 ampere = 1 watt. 

I valori più comuni del wattaggio delle resistenze usate nei circuiti 
radio sono quelli di 14 watt, 14 watt e 1 watt. Nei ricevitori a transi- 


La potenza elettrica delle re- 
sistenze pud essere approssi- 
mativamente valutata ad oc- 
chio nudo; le resistenze da 
1/4 di watt sono molto pic- 
cole e vengono montate nei 
ricevitori a transistori e, più 
generalmente, nei circuiti mi- 
niaturizzati, nei quali le cor- 
renti elettriche in gioco so- 
no molto deboli. Le resisten- 
VW ze di qualche unitá di watt 
sono generalmente di tipo a 
filo. Le resistenze dei ferri da 
stiro (disegno riportato qui 
sotto) si aggirano intorno al 
centinaio di ohm e la loro po- 
tenza è, normalmente, di 350 
watt. 


stori si usano resistenze da 14 watt e da 14 watt; nei ricevitori a 
valvole si usano resistenze da 14 watt e da 1 watt e, talvolta, una 
o più resistenze di valore superiore a 1 watt; le resistenze di valore 
superiore a 1 watt non sono più di tipo chimico, bensì a filo. 

Il watt si indica abbreviatamente con la sigla W. 


EAFILO 


potenziometri sono componenti radioelettrici che servono a rego- 
lare il volume sonoro e la tonalitá della voce nell'apparecchio radio. 
Ma nella sua espressione radioelettrica il potenziometro altro non € 
che una resistenza variabile; dunque anche per il. potenziometro puó 
capitare di dover considerare la potenza elettrica, cioè il wattaggio, 
anche se cid capita raramente. Ma per risolvere tale problema, industria 
radioelettrica ha provveduto a costruite due tipi fondamentali di poten- 
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| potenziometri usa- 
ti in radiotecnica so- 
no normalmente di 
due tipi: a strato di 
grafite (disegni in 
alto) e a filo (dise- 
gni in basso). In al- 
to a destra è rappre- 
sentato un potenzio- 
metro di tipo dop- 
pio e con comando 
unico. | tre poten- 
ziometri disegnati in 
basso sono sprovvi- 
sti di interruttore. 


32 


| 


ziometri: quelli a strato di grafite (che sono i piu comuni) e quelli a 
filo. Per i potenziometri a strato di grafite non si parla proprio di potenza 
elettrica o di wattaggio, perché si suppone sempre che la corrente che 
li attraversa sia molto bassa; la resistenza di questi potenziometri è 
rappresentata da uno strato di grafite, sul quale scorre il cursore del 
potenziometro che fa capo al terminale di centro; i due terminali estremi 
fanno capo, invece, alle due estremità dello strato di grafite che è distri- 
buito, internamente alla carcassa metallica del potenziometro, lungo una 
circonferenza. Quando il potenziometro è destinato ad essere attraver- 
sato da una corrente di una certa intensita, esso deve essere necessaria- 
mente di tipo a filo; in questo tipo di potenziometri esiste un avvolgi- 
mento di filo da resistenza distribuito lungo la circonferenza interna 
del potenziometro; il cursore scorre lungo questo avvolgimento e fa capo, 
come nel caso precedente, al terminale centrale del potenziometro; i 
due terminali estremi fanno capo ai due terminali estremi dell’avvolgi- 
mento di filo da resistenza. 


VOLT - LAVORO DEI CONDENSATORI 


I condensatori sono componenti radioelettrici che non si lasciano 


attraversare dalle correnti continue, mentre si lasciano attraversare dalle 
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correnti alternate; ma le correnti alternate, come le correnti continue, 
possono essere più o meno intense e quindi il condensatore deve essere 
in grado di sopportare la corrente elettrica alternata senza rimaner dan- 
neggiato da questa. Si è detto che le resistenze elettriche devono avere 
un wattaggio proporzionato alla quantita di corrente che le attraversa 
per non rimanere « bruciate »; la stessa cosa avviene press’a poco nel 
condensatori, nei quali pud accadere che si perfori il dielettrico, cioé 
lo strato di sostanza isolante interposto fra le lamine del condensatore 
stesso. Capita difficilmente, tuttavia, che il negoziante, all'atto dell'acqui- 
sto di un condensatore, chieda i volt-lavoro del condensatore, perchè 
le case costruttrici dei condensatori hanno provveduto a realizzare tali 
componenti per tensioni molto elevate, in modo da poter essere usati 
in molti tipi di circuiti senza alcuna preoccupazione per la tensione 
elettrica. 

I condensatori a disco, ad esempio, vengono costruiti per una tensione 
di lavoro di 1000 volt, che è valore molto elevato e che si adatta alla 
maggior parte dei circuiti radio. La tensione di lavoro, invece, € neces- 
saria per i condensatori elettrolitici, ma di ció sará detto piú avanti. 


LE VALVOLE 
ELETTRONICHE 


e valvole montate nei circuiti radio prendono il nome di valvole 
elettroniche proprio perché, internamente ad esse, fluisce una cor- 
rente di elettroni. E chi non ha mai visto una valvola elettronica? 
Tutti voi certamente, se proprio non avete ancora avuto in mano una 


Circuiti elettrici... 
custoditi sotto 
veiro. 
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ll progresso della | 


tecnica elettronica 
permette di costrui- 
re, oggi, valvole tut- 
tovetro di piccolissi- 
me dimensioni (pri- 
mi due disegni a si- 
nistra). Le due val- 
vole rappresentate a 
destra del disegno si 
riferiscono a tipi di 
vecchia costruzione. 


Il numero degli e- 
lettrodi contenuti 
nella valvola elet- 
tronica attribui- 
sce alla valvola 
stessa il nome di 
battesimo. 
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valvola elettronica, l’avrete più di qualche volta adocchiata, curiosando 
dietro il vostro ricevitore radio. Essa si presenta come un cilindretto 
di vetro, dentro il quale, quasi sempre, si vede una lucetta rossa. Ma 
le valvole elettroniche vengono costruite oggi in molte maniere. Vi sono 
valvole di medie e di grandi dimensioni, come quelle impiegate nelle 
stazioni radiotrasmittenti. In ogni caso, la valvola elettronica racchiude 
con il suo involucro, che è quasi sempre di vetro, ma che può essere 
anche metallico, un certo numero di elementi che prendono il nome di 
ELETTRODI. Si tratta di elementi metallici che si presentano come 
fili o come lamierini e che sono sostenuti e isolati tra loro da foglietti 
di mica (materiale isolante e insensibile al calore). Più grande è il numero 
di elettrodi, contenuti nella valvola, e più complessa è la valvola stessa. 
Le valvole di costruzione moderna sono sempre più o meno complesse, 
e quasi sempre sono comprensive di due o più valvole semplici. Insomma, 
dentro uno stesso bulbo di vetro l'industria attuale è riuscita a racchiu- 
dere due e più valvole di tipo semplice, che un tempo rappresentavano 
una valvola sola. Ogni elettrodo, contenuto dentro la valvola, fa capo, 
all'esterno, ad alcuni bastoncini metallici che prendono il nome di 
PIEDINI. I piedini possono essere disposti in modo diverso sulla parte 
inferiore del bulbo e tutti assieme compongono lo zoccolo della valvola. 
Il numero di elettrodi, contenuto nella valvola elettronica, attribuisce 
stessa il nome di parteti ; "sono due soltanto, 
la valvola prende il nome di DIODO; se eli elettrodi sono tre, essa 
prende il nome di TRIODO, Coll’aumentare del numero degli elettrodi 
le valvole prendono i nomi di: TETRODO (quattro elettrodi); PEN- 
TODO (cinque elettrodi); ESODO (sei elettrodi); EPTODO (sette elet- 
trodi); OPTODO (otto elettrodi); ecc. e5 e prendono i 
nomi di: DOPPIO DIODO - DOPPIO TRIODO - TRIODO PEN- 
TODO ecc. Anche le valvole, come tutti gli altri componenti elettronici; 
vengono rappresentate negli schemi elettrici mediante [sim he, in 
pratica, sono dei cerchietti contenenti all’interno un certo numero di 
trattini, € ciascun trattino sta a a simboleggiare un elettrodo della valvola. 
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FUNZIONAMENTO 
DELLE VALVOLE 


ualunque corpo metallico riscaldato, come ad esempio un ferro 
l atroventato, risulta avvolto da una « nube » di elettroni. Si tratta 
di un fenomeno ben noto in elettrotecnica, che prende il nome di 
fenomeno termoelettrico. Questi elettroni escono dalla superficie del 
corpo riscaldato, vagano ad una certa distanza da esso e in esso ricadono 
per liberarsi poi nuovamente. La nube di elettroni, quines non é statica, 
ma è formata da un continuo movimento di elett er | 
£scono dalcorpo-riscaldato.. Nelle valvole vi è un AREARE elctttodo, 
‘che orende il nome di CATODO, che viene riscaldato e che provvede 
all'emissione di elettroni. Per ottenere il riscaldamento del catodo si 
fa passare una corrente elettrica relativamente intensa attraverso un filo, 
del tipo di quelli usati nei fornelli e nelle stufe elettriche;- questo filo, 
al passaggio della corrente diviene rosso; esso prende il nome di FILA- 
MENTO. Quando si guarda nella parte posteriore di un apparecchio | 
radio a valvole e si vedono quelle luci rosse internamente alle valvole, 
esse sono proprio le luci emesse dal filamento acceso. Il filamento, quindi, 
non svolge alcun compito elettrico che interessi il F DAOA vero 
e proprio della valvola; ad esso € affidato„il.solo compito di fungere da 
generatore | di calore. Quando il catodo viene riscaldato dal filamento, 
~il catodo emette una certa quantità di elettroni, che rimarrebbero attorno 
ad esso se non intervenissero delle forze elettriche atte a metterli in 


oœ oe NUBE DI 


mO, | ELETTRONI 


I disagro a sinistra 
illustra il concetto 
n di emissione di elet- 
troni da parte del fi- 


lamento. La pila ero- 


ga corrente e il fila- 
mento si riscalda al 
passaggio di essa av- 
volgendosi di una 
nube di elettroni. 
L'applicazione di una 
seconda pila (dise- 
gno a destra), con 
il morsetto positivo 
collegato alla placca, 
costringe gli elettro- 
ni a muoversi verso 
la placca stessa, dan- 
do origine alla cor- 
rente elettronica in- 
ternamente alla val- 
vola. 
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it passes, a high Q circuit is said to be 
selective in the frequencies it passes. 

A circuit that passes (or blocks) a wide 
range of frequencies is called a low Q circuit 
Figure 7.39 shows the output curve for a low 


Q circuit. 

Figure 7.39 

Recall the discussion In problem 18 
(comparing the bandwidths of radio tuners 


and television amplifiers) to help you answer 
the following questions. 

Questions 

A. Which is the more selective, the radio 
tuner or the television amplifier? = 

B. Which would require a lower Q circuit, the 
radio tuner or the television amplifier? — 
Answers 

A. The radio tuner 


B. The television amplifier 


26 The inductor and capacitor shown in 
Figure 7.40 are connected in parallel, rather 
than in series. However, you can use the 


Same formulas you used for the series circuit 


- esiste un elettrodo, Pae che e il nome 


quale viene applicata una tensione positiva, che attrae a sé gli elettroni 
Vuoto; sì, perchè dentro il bulbo della valvola tutta laria è stata eliminata 


ed esiste un vuoto spinto. 


La valvola di tipo più semplice è costituita soltanto da un filamento 
e da una placca, e prende il nome di diodo. In questo caso il filamento 
funge anche da catodo; ma esistono anche diodi che contengono tutti 
e tre ettrodí essenziali: filamento, catodo e placca. Le valvole 
sprovviste di catodo sono chiamate « valvole a riscaldamento diretto ». 
Le valvole provviste di catodo vengono chiamate « valvole a riscalda- 
mento piro». Ma i diodi y rovvisti di catodo, sur essendo muniti 
di tre elettrodi, conservano il nome diod 1: in atti, gli elettrodi fon- 
damentali, quelli che interessano Ticpiego della valvols sono due: il 


catodo e la placca. 


E 


1 T 3 Elettrodo (in tre pezzi) 
NA = = 7 | Elettrodo: nichel. 
| Wi == = A ee : 
| i 1H E E] | Passante: lega ferro-ni- 
iii = = a chelato con rivestimen- 
| (| = = 6 1 to in rame. 
| 


Piedino: nichel. 


ae + 
è fa 


l - FILAMENTO RISCALDATORE: filo di tungsteno 
= ricoperto con ossido di alluminio. r 
A 2 - CATODO: tubetto di nichel ricoperto con car- ol 
` bonati alcalini (bario, stronzio). > 


3 - GRIGLIA CONTROLLO: filo di molibdeno avvol- +p. real a See 
A to a spirale su supporti di rame. | | 9 fe 
4 - GRIGLIA SCHERMO. Radiatori r- 
3 - GRIGLIA SOPPRESSORE. Fondello ro Aaa 
m 6 - ANODO: ferro placcato con alluminio e successivamente anne- tel E 
| rito per migliorare la irradiazione del calore. con alluminio 
7 - SCHERMI PER | PONTI DI MICA: nichel. ms annerito ) 


F 8 - PONTI DI MICA: ricoperti con ossido di magnesio. laa 
, ? - NASTRINI DI COLLEGAMENTO: rame nichelato. Cotter 


Il sistema elettrodico viene disposto sul « fondello » formato da un 
dischetto di vetro dove si trovano i « piedini »; indi si collegano, me- 
diante saldatura, le parti terminali degli elettrodi con i « piedini » 
stessi; si applica su di un supporto del metallo (bario) ed infine si 
inserisce tutto il sistema elettrodico completato in un tubo di vetro 
(bulbo o palloncino) nel quale si crea il vuoto. i 
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di valvola elettro- 
nica vista 


La figura illustra 
un moderno tipo 
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RADDRIZZATORE 
e RIVELATORE 


i | a valvola di tipo più semplice è costituita soltanto da un filamento 
E e da una placca: essa prende il nome di DIODO. Nei circuiti radio 
| sma le valvole a due. elettrodi, cioè diodi, vengono impiegate per svolgere 
ue compiti diversi e fondamentali/ Il primo compito € quello di « rad- 
= drizzare» le correnti alternate, cioè trasformare le correnti alternate 
in correnti pulsanti, e in questo caso la valvola prende il nome di DIODO ~ J 
l secondo compito, altrettanto importante, cui 
ibiti i diodi, è quello di rivelare i segnali radio, in questo caso 
| il diodo prende il nome di DIODO RIVELATORE (esso sostituisce L ‘) 
il diodo al germanio). JANE EA 


La valvola raddriz- 
DIODO RADDRIZZATORE. zatrice può essere 
fra un diodo semplice o 
| un doppio-diodo; at- 
traverso essa la cor- 


rente alternata si 


——trasfórma in corren- | 
BEE; pratis pulsante; pratica- — 
mente questa valvo- 

la elimina le semi- 
onde negative della 
corrente alternata. 


Nella valvola denominata triodo vi sono tre elettrodi: il catodo, TRIODO 
la placca e la griglia; questo terzo elettrodo viene anche chiamato GRI- 
IN] O E ITA: a tale elettrodo è affidato 
compito di regolare il Anges Meee internamente alla valvola, 
cioè la quantita di elettroni che, partendo dal catodo, raggiungono la 
placca; la griglia controllo si comporta, dunque, come un rubinetto 
che permette di regolare il flusso dell’acqua. Questa regolazione si 
ottiene applicando alla griglia una debole tensione negativa, perché la 
tensione negativa, a seconda del suo valore, si oppone piú o meno 
energicamente al movimento degli elettroni fra il catodo e la placca. 
i cui sono stati adibiti i triodi nei circuiti radio, 
, così come fanno i transistori. 
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| 
| see | 
$3 — TETRODO E PENTODO g EE | 


Il tetrodo è una valvola dotata di quattro elettrodi; ai tre elettrodi | 

già noti si aggiunge un quarto elettrodo che prende il nome di GRIGL 
_SCHERMO, La griglia schermo rappresenta un elemento che permette 
alla valvola tetrodo di amplifica goiorment -enali_ radio. Nella | 
valvola pentodo il quinto elemento prende il nome di GRIGLIA SOP- | 
SSORE, A tale quinto elettrodo si applica, normalmente, la tensione i 

| 

| 


' PRESSORE, 
| zero oppure una tensione leggermente negativa. 11 compito della griglia 
soppressore è quello di ricacciare verso la placca quegli elettroni che, 
rimbalzando su di questa, non. fossero stati attratti dalla | placca | stessa. 
“TI tetrodi e i pentodi rappresentano valvole largamente impiegate nei 


circuiti radio in qualitá di valvole soi) Sie Saas 


+ 


| 


= — HR j 


pa u = 


in ogni tipo di val- | 
vola il catodo è po- 
sto in posizione cen- 
trale; attorno ad es- 
so risultano sistema- 
te le griglie e, per ul- 
tima, la placca. 


CATODO PLACCA 


N GRIGLIA 
SCHERMO 


GRIGLIA 
SOPPRESSORE 


GRIGLIA 
CONTROLLO 


| 0 FILAMENTO 


USCITA SEGNALI AMPLIFICATI 


ENTRATA SEGNALI 


1 
4 


RICEVITORE A 
UNA VALVOLA 


er poter costruire un ricevitore radio con una sola valvola bisogna 

pretendere dalla valvola stessa il massimo lavoro possibile; occorre 

cioé far svolgere alla valvola diversi compiti in una volta sola. 
La valvola V 1 rappresentata nello schema elettrico del ricevitore, pur 
essendo stata costruita per funzionare come pentodo amplificatore, viene 
sfruttata in questo caso come valvola rivelatrice e amplificatrice dei 
segnali di bassa frequenza. Ma passiamo all'analisi del circuito teorico, 
per poter comprendere meglio il funzionamento del ricevitore. Il circuito 
di sintonia è sempre lo stesso, quello gia analizzato e montato nei circuiti 
a transistori, pur essendo stata impiegata, questa volta, una bobina di 
sintonia di tipo diverso, più precisamente la bobina Corbetta CS 2. Il 
segnale sintonizzato viene applicato, tramite il condensatore C 3 e la resi- 
stenza R 1, alla griglia controllo della valvola V 1 (piedino 1). Fra la 
griglia controllo e il catodo (piedino 7) fluisce la corrente di alta fre- 
quenza e questa esce dal catodo della valvola gia rivelata; dunque, fra la 
griglia controllo e il catodo della valvola avviene il processo di rivelazione. 
La tensione rivelata è presente sui terminali della resistenza R 1, che 
prende anche il nome di resistenza di rivelazione. Il segnale rivelato viene 
poi amplificato, internamente alla valvola e viene prelevato dalla placca 
(piedino 5) ed vee alla cuffia. Si dice che la c 

il it o anodico » della valvola, perchè sui suoi termi- 
nali estremi è e a tensione am mince di bassa frequenza. Il 
potenziometro R 2 permette di regolare F tensione di griglia schermo 
(piedino 6) e in questo modo si riesce contemporaneamente a regolare il 
volume sonoro del ricevitore. Il condensatore C 5, collegato fra griglia 
schermo e massa, permette di livellare la tensione di griglia schermo. Il 


condensatore C 4 permette di fugare a massa quella parte di alta frequenza 
ancora presente nei segnali amplificati, impedendo che questa possa rag- 
giungere la cufha e manifestarsi sotto forma di fischio. 


I ricevitori radio fin qui costruiti erano tutti alimentati dalla pila. 
Ciò è stato possibile in quanto i transistori consumano poco; facendo 
impiego di una valvola il consumo della pila potrebbe essere eccessivo e 
la valvola stessa non potrebbe funzionare perchè essa richiede sulla placca 
una tensione superiore ai 100 volt. Meglio dunque ricorrere alla tensione 
della rete-luce, adattandola, per mezzo di un alimentatore, ai valori di 
tensione richiesti dal circuito radio. L'alimentatore si compone di un tra- 


La cuffia funge da 


carico anodico. 
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Schema elettrico del 
ricevitore ad una 
valvola con ricezio- 
ne in cuffia. L'ali- 
mentazione è otte- 
nuta dalla rete-luce 
mediante un circui- 
to alimentatore. 


TERRA 
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A sinistra e rappre- 
sentato lo schema e- 
lettrico di un nor- 
male trasformatore 
di alimentazione per 
ricevitori radio. | 
due disegni a destra 
riproducono due ti- 
pi di trasformatori; 
quello all'estrema 
destra prende il no- 
me di trasformatore 
carrozzato, perché 
completamente rac- 
chiuso in custodia 
metallica. 


sformatore (T 1), di un raddrizzatore al selenio (RS 1), di un condensa- 
tore elettrolitico doppio a vitone (C 6-C 7), di una resistenza (R 3), di un 
condensatore (C 8) e di un interruttore (S 1), che in questo caso è incorpo- 
rato nel potenziometro di controllo del volume sonoro del ricevitore (R 2). 


Il trasformatore di alimentazione, come il trasformatore d'uscita, è 
dotato di un avvolgimento primario, ma di due o più avvolgimenti secon- 
dari. L’avvolgimento primario risulta elettricamente isolato dagli avvol- 
gimenti secondari. E poichè l'avvolgimento primario risulta direttamente 
-~ collegato alla presa-luce, gli avvolgimenti secondari, che alimentano il 
| ricevitore radio, determinano un isolamento completo del ricevitore dalla 


COMPONENTI 
DEL 
RICEVITORE 
Al 

VALVOLA 


C1 = 100 pF (condensatore ceramico) 
C2 = 500 pF (condensatore variabile) 

| C3 = 75 pF (condensatore ceramico) 

_ C4 = 2.200 pF (condensatore ceramico) 

is C5 = 50.000 pF (condensatore a carta) 

| C6-C7 = 32 + 32 microfarad - 250-300 VI. (condensatore elet- 

a trolitico doppio a vitone) 

C8 = 10.000 pF - 1500 VI. (condensatore a carta) bos 

_ R1= 2 megaohm (rosso-nero-verde) | a 

~ R2= 500.000 ohm (potenziometro a variazione logaritmica con 

a interruttore 51 incorporato) 

© R3 = 2.200 ohm - 1 watt (rosso-rosso-rosso)- o 

£ V1 = valvola tipo 6BA6 a 

= Ll = bobina di sintonia tipo Corbetta CS2 E 
RS1 = raddrizzatore al selenio 250 volt - 50 mA o 
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a SEZIONE DEL NUCLEO 


In alto sono riporta- 
ti i disegni di alcuni 
tipi di lamierini per 
trasformatore di ali- 
mentazione; in bas- 
so, all'estrema sini- 
stra, è disegnato il 
cartoccio, sul quale 
si effettuano gli av- 
volgimenti del tra- 
- — sformatore. 


rete-luce. L’avvolgimento primario è dotato, generalmente, di sei termi- 
nali. Due di questi rappresentano gli estremi dell'avvolgimento; gli altri 
quattro costituiscono le prese intermedie, corrispondenti ai diversi valori 
delle tensioni di rete. In pratica, ad uno dei due conduttori che compon- 
gono il cordone di alimentazione viene collegato il terminale estremo 
dell'avvolgimento primario del trasformatore, mentre l'altro conduttore 
viene collegato alla presa centrale di un componente che prende il nome 
di CAMBIOTENSIONE, che permette di collegare il secondo conduttore 
del cordone di alimentazione sul terminale intermedio desiderato dell'av- 
volgimento primario. Nel trasformatore di alimentazione T 1 vi sono due 
avvolgimenti secondari; da uno di essi si preleva la tensione a 190 volt 
necessaria per alimentare il circuito anodico del ricevitore, cioè la placca 
e la griglia schermo della valvola; il secondo avvolgimento secondario, a 
6,3 volt, serve soltanto per accendere il filamento della valvola V 1. 


IL CAMBIOTENSIONE 


Il cambiotensione costituisce in pratica un « ponte » di collegamento 
tra uno dei conduttori del cordone di alimentazione e una delle prese 
intermedie dell’ayvolgimento primario del trasformatore. Con tale com- 
ponente è assai semplice e rapido adattare l'avvolgimento primario del 
trasformatore di alimentazione al valore della tensione della rete-luce. In 
commercio esistono diversi tipi di cambiotensione, ma il principio di 
funzionamento è sempre lo stesso. 


ha 
i 


o stesso ordine progressivo di montaggio dei ricevitori a transistori 
vale anche per i ricevitori a valvole. Quindi, anche per il montaggio 
di questo ricevitore monovalvolare l'allievo comincerà con l’eseguire : , 
tutte quelle operazioni che richiedono un lavoro di ordine meccanico. Si !! montaggio del ri- 
ie ee E A as pa E _,. cevitore a una valvo- 
comincerá dapprima col preparare un telaio metallico (chassis) come quel- ld alienta 
lo indicato nel disegno dello schema pratico. Sul telaio si applicano il tra- lalo metallica: daño 
sformatore di alimentazione T1 nella parte superiore, il condensatore minato anche con il 
elettrolitico doppio a vitone C 6-C 7, il potenziometro R 2, il cambioten- termine francese 
sione, il raddrizzatore al selenio RS 1, lo zoccolo portavalvola, le quattro « chassis ». 
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in problem 20 to calculate fr, Q, and BW for 
parallel LC circuits. 
Figure 7.40 


0.10 lp 


0.01 uF 


Questions 

Find fr, Q, and BW for the circuit shown In 
Figure 7.40 

A fr= 

BQ= _ 

C. BW =  — — 

Answers 

A. fr = 1.6 MHz 

B. XL = 10 ohms, so Q = 10/0.1 = 100 
(The only resistance here is the small DC 
resistance of the inductor.) 

C. BW = 16 kHz (This is a fairly high Q 
circuit.) 

27 In the last few problems, you learned 
how to calculate fr, BW, and Q, for a given 
circuit, or conversely, to calculate the 
component values that would produce a 


circuit with specified fr, BW, and Q values. 
When you know the resonant frequency 
and bandwidth for a circuit, you can sketch 


il telaio funge da 
conduttore di 
massa. 


Trasformazione 
della corrente al-. 
ternata in corren- 
te pulsante. 
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boccole, la bobina L 1 e il condensatore C 2. Il telaio funge da conduttore 
di massa e cid significa che tutti i telai dei ricevitori radio a valvole devo- 
no essere di metallo. Poiché risulta poco agevole effettuare le saldature a 
stagno direttamente sul telaio, conviene applicare in esso alcune viti con 
dado, interponendo un capocorda in funzione di ancoraggio di massa: 
su di esso si effettueranno le saldature dei terminali e dei componenti che 
devono essere collegati a massa; naturalmente la vite deve essere ben 
stretta, in modo da stabilire un perfetto contatto elettrico con il telaio. 
La possibilità di riconoscere fra i molti fli uscenti dal trasformatore di 
alimentazione quelli relativi all’avvolgimento primario e all’avvolgimento 
secondario, è concessa da uno speciale cartellino che si trova sempre inse- 
rito nel trasformatore stesso all'atto del suo acquisto. In questo cartellino 
è rappresentato lo schema elettrico del trasformatore e i valori delle ten- 
sioni, riportati sui terminali, trovano corrispondenza, nella realtà pratica, 
con i colori dei conduttori. 11 conduttore a 220 volt, ad esempio, avra 
un colore diverso da quelli a 160 volt, 140 volt, ecc. Anche i conduttori 
dei due avvolgimenti secondari hanno colori diversi; i due terminali a 
190 volt hanno colore uguale e così accade anche per i due terminali 
dell’avvolgimento a 6,3 volt. 


pa AS En A a LCR 
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Il raddrizzatore al selenio è un componente che si comporta un po' 
come il diodo al germanio e come la valvola a due elettrodi (diodo). A 
differenza del diodo al germanio, il raddrizzatote al selenio € destinato a 
raddrizzare la corrente alternata della rete-luce, trasformandola in cor- 
rente pulsante, e mentre il diodo al germanio viene attraversato da una 


corrente debolissima (in caso contrario andrebbe fuori uso), il raddriz- 


zatore al selenio è in grado di sopportare correnti elevate. Esso è munito 
di due terminali: a quello conttassegnato con il simbolo indicatore della 
corrente alternata si applica il conduttore a 120 volt dall’avvolgimento 
secondario del trasformatore di alimentazione T 1 (uno dei due terminali 
a 190 volt, indifferenternente); dall’altro terminale del raddrizzatore RS 1, 
quello contrassegnato con la crocetta, esce la tensione raddrizzata; questo 
terminale va collegato con il condensatore elettrolitico C 7. L'applica- 
zione del raddrizzatore RS 1 al, telaio può essere fatta mediante una 
fascetta metallica che, ovviamente, non deve stabilire alcun contatto elet- 
trico con i due terminali del componente. 


Il condensatore elettrolitico a vitone è un componente di forma 
cilindrica; l'intera carcassa metallica del condensatore, cioè il contenitore 
metallico costituisce, in ogni punto, il terminale di massa (negativo) 
comune ai due condensatori C 6-C 7 contenuti nel medesimo componente; 
quindi, quando si applica il condensatore elettrolitico, il collegamento di 
massa risulta stabilito automaticamente mediante il fissaggio del dado esa- 
gonale che blocca il componente sul telaio: i due terminali uscenti, rap- 
presentano, invece, i due terminali positivi dei due condensatori elettro- 
litici da 32 p F ciascuno. 
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dicato nello schema 
pratico, e va iniziato con le saldature dei terminali dell’avvolgimento pri- 
mario del trasformatore di alimentazione al cambiotensione. Per Pavvol- 
gimento secondario si collegheranno a massa uno dei due terminali del- 
Vavvolgimento a 6,3 volt e uno dei due terminali dell’avvolgimento a 
190 volt, così come è indicato nello schema elettrico del ricevitore. 
Il terminale 0 volt dell’avvolgimento primario va collegato ad uno dei 
due morsetti dell'interruttore S1. Il secondo conduttore a 6,3 volt, del- 
l’avvolgimento secondario di T1, va collegato al piedino n. 5 dello zoccolo 
portavalvola, 

Per gli altri collegamenti non y'é alcun bisogno di interpretazione, 
perché essi sono ben evidenziati nello schema pratico del ricevitore. La 
lettura dei piedini dello zoccolo portavalvola va fatta in senso orario, cioè 
secondo il verso delle lancette dell’orologio; i piedini m. 2-3-7 sono 
collegati con il cilindretto metallico centrale dello zoccolo e con la massa 
(il terminale n. 3 rappresenta il secondo terminale del filamento ed é 
collegato a massa così come è collegato a massa l'altro conduttore a 
6,3 volt dell’avvolgimento secondario di T1). 


I due disegni a sini- 
stra riproducono il 
raddrizzatore al se- 
lenio e il suo simbo- 
lo elettrico. Sui ter- 
minali del raddrizza- 
tore sono riportati i 
simboli della tensio- 
ne positiva uscente 
e di quella alternata 
entrante. | due dise- 
gni a destra riprodu- 
cono il condensatore 
elettrolitico doppio 
a vitone e il svo sim- 
bolo elettrico. 


La foto qui sotto 
riportata illustra 
if montaggio pra- 
tico del ricevitore 
a una valvola. 
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COMPONENTI 
DEL 
RICEVITORE 
A DUE 
VALVOLE 


RICEVITORE 
A 2 VALVOLE 


uesto ricevitore a due valvole vuol essere una estensione del 
precedente ricevitore ad una sola valvola. Con l'aggiunta di una 
valvola amplificatrice di bassa frequenza è possibile, infatti, tra- 
sformare il precedente ricevitore in un ricevitóre adatto per l’ascolto in 
altoparlante. Lo stadio di alta frequenza del ricevitore a due valvole è 
uguale a quello del ricevitore ad una sola valvola. Il segnale rivelato di 
bassa frequenza, anzichè essere applicato alla cuffia, viene inviato alla 
griglia controllo di una valvola tipo 6AQ5 (V2), che è un tetrodo, cioè una 
valvola a quattro elettrodi {placca-griglia schermo-griglia controllo-catodo). 


C1 = 1.000 pF (condensatore ceramico) - 500 VL 

C2 = 500 pF (condensatore variabile) 

C3 = 75 pF (condensatore ceramico) - 500 VI. 

C4 = 2.200 pF (condensatore ceramico) - 500 VI. 

C5 = 20.000 pF (condensatore a carta) - 500 VI. 

C6 = 50.000 pF (condensatore a carta) - 500 vL 

C7 = 2.000 pF (condensatore ceramico) - 1500 VI. 

C8 = 50 microfarad - 25 VI. (condensatore elettrolitico) 

C9-C10 = 32 + 32 microfarad - 300 VI. (condensatore elettro- 

litico doppio a vitone) 

C11 = 10.000 pF (condensatore ceramico) - 1500 vL 

Ri = 2 megaohm (rosso-nero-verde) 

R2 = 220.000 ohm (rosso-rosso-giallo) 

R3 = 1 megaohm (marrone-nero-verde) 

R4 = 500.000 ohm (potenziometro a variazione logaritmica con 
` interruttore S1 incorporato) 

R5 = 220 ohm (rosso-rosso-marrone) - 1 watt 

R6 = 1.200 ohm (marrone-rosso-rosso) - 1 watt 

Le resistenze per le quali non è indicato il watta io si intendono 

tutte da 1/2 watt. | 

RS1 = raddrizzatore al selenio: 250 volt - 85 mA 

L1 = bobina di sintonia tipo Corbetta CS2 

V1 = valvola tipo 6BA6. 

V2 = valvola tipo 6AQ5 | 

T1 = trasformatore d'alimentazione tipo GBC H/188 

T2 = trasformatore d’uscita - 5000 ohm di impedenza 
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Schema elettrico 
ricevitore a 


del 
due valvole. 


ee 


La foto qui sopra riproduce il montaggio sperimentale del ricevitore a due val- ue 
vole; allo scopo di raggiungere una buona riproduzione sonora, l'altoparlante é E 
stato racchiuso in una cassettina di legno che funge da mobiletto acustico. Il a 
disegno a pié di pagina raffigura lo schema pratico del ricevitore. 
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L’accoppiamento fra le due valvole avviene per mezzo del conden- 
satore a carta C5, che impedisce alla tensione anodica, applicata alla 
placca della valvola V1 per mezzo della resistenza R2, di raggiungere la 
griglia controllo della valvola V2; attraverso il condensatore C5 transita- 
no soltanto i segnali radio di bassa frequenza, sotto forma di una debole 
corrente alternata; questa debole corrente stabilisce una tensione fra i 
terminali del potenziometro R4; per mezzo del cursore è possibile dosare 
cioe la tensione} che si applica nella griglia controllo 
; alvola V2 (piedino 7 dello zoccolo). È ovvio che dosando il 
- segnale non si fa altro che regolare il volume sonoro del ricevitore, 


Il segnale amplificato di bassa frequenza, uscente dalla placca della 

valvola. V2 (piedino 5) è presente sull'avvolgimento primario del tra- 

sformatore d'uscita. L'alimentatore -è identico a quello del precedente 

ricevitore; il solo valore della resistenza R6 & cambiato. Anche il montag- 
gio di questo ricevitore non differisce di molto da quello precedente. Esso 
va effettuato su telaio metallico, seguendo i consigli precedentemente espo- 
sti. L'altoparlante deve avere un diametro di 70-120 millimetri e la 
impedenza della sua bobina mobile deve essere uguale a quella dell’avvol, 

|_gimento secondario del trastormatore d'uscita T27 Allatto dell'acquisto 
del trasformatore T2 si dovra chiedere un trastormatore da 5000 ohm di 
impedenza. Sul catodo della valvola V2, in parallelo alla resistenza R5, 
risulta collegato il condensatore elettrolitico C8, che prende il nome 
di condensatore catodico. A questo condensatore è affidato il compito di 
stabilizzare la tensione di polarizzazione della valvola, cioè la tensione 
negativa di piccolo valore esistente fra la griglia controllo della valvola 
e il catodo, in virtù della presenza della resistenza R5 ; la tensione di 
polarizzazione é stabile soltanto quando non vi & presenza di segnale; 
in presenza di segnale la tei:sione di polarizzazione varia col variare del 
segnale applicato all’entrata della valvola. 7 


RICEVITORE Y y 
REFLEX | 23 
MONOVALVOLARE 2 


i principio del circuito reflex € gid stato analizzato in sede di pre- 


iimg 


sentazione di un precedente ricevitore a transistor. Questo tipico 

circuito di ricevitore radio, che tutti i dilettanti realizzano in qua- 
lunque corso di radiotecnica, può essere realizzato anche con una valvola, 
come:é il caso del ricevitore qui presentato. La valvola V1, infatti, fun- 
ziona da amplificatrice dei segnali di*alta frequenza, rivelatrice e ampli- 
ficatrice dei segnali di -bassa frequenza. Il circuito di sintonia è sempre 
lo stesso e i segnali di alta frequenza vengono applicati alla griglia controllo 
(piedino 6) della valvola V1; essi escono, amplificati dalla placca (pie- 
dino 2) e sono presenti nell'avvolgimento primario della bobina L2, che 
funge da impedenza di alta frequenza, cioè non permette il passaggio dei 
segnali di alta frequenza. Per induzione questi segnali si trasferiscono 
nell’avvolgimento secondario della bobina L2, che costituisce un secondo 
circuito di sintonia e che permette, manovrando il perno del condensatore 
variabile C8, di raggiungere un ottimo grado di selettività. Da questo 
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Il condensatore 


catodico. 


Una sola valvola 
per tre lavori di- 


versi. 
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Schema elattrico 
del ricevitore mo- 
novalvolare con 


circuito reflex. 
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secondo circuito di sintonia i segnali di alta frequenza vengono prelevati 
ed applicati alla placchetta della valvola (piedino 3), che assieme al catodo 
rappresenta la sezione diodo della valvola Vl e permette il processo di 
rivelazione dei segnali radio. Di conseguenza, anche i segnali radio di 
bassa frequenza vengono amplificati ed eseono dalla placca della valvola 
Vil; essi attraversano l'avvolgimento primario della bobina L2 e rag- 
giungono la cuffia. Il potenziometro R5 permette di regolare la tensione 
di griglia schermo e quindi anche il volume sonoro del ricevitore. L'ali- 
mentatore è sempre dello stesso tipo. Poichè attraverso la cuffia fluisce la 


corrente di placca, cioè la corrente anodica della valvola V1, la cuffia- 


stessa funge da carico anodico della valvola V1; la sua impedenza deve 
essere di 2000-4000 ohm. 

Se questo ricevitore viene usato in prossimità della emittente locale, 
si potrà sostituire la cuffia con un altoparlante, interponendo un trasfor- 
matore di uscita come nel caso del precedente ricevitore. Per l'ascolto 
in cuffia occorre un'antenna della lunghezza di almeno 2 metri. 

Le due bobine dei due circuiti di sintonia sono perfettamente iden- 
tiche e sono di tipo CS3/BE; anche i due condensatori variabili C2 e C8 
sono uguali. L'uso di questo ricevitore è semplice: prima si sintonizza il 
segnale per mezzo del condensatore variabile C2, successivamente, per 
mezzo del condensatore variabile C8 si raggiunge un più elevato grado di 
sintonizzazione del segnale, che si manifesta attraverso un aumento del 
volume e una eventuale eliminazione di disturbi accompagnati ai segnali 
dell'emittente. 


C1 = 100 pF - 500 VI. (condensatore ceramico) 

C2-C8 = 500 pF (condensatori variabili) 

C3 = 100 pF - 500 VI. (condensatore ceramico) 

C4 = 2.200 pF - 500 VI. (condensatore ceramico) 

C5 = 200 pF - 500 VI. (condensatore ceramico) ` 

C6 = 10.000 pF - 500 VI. (condensatore ceramico) 

C7 = 50.000 pF - 500 VI. (condensatore a carta) 

C8 = Vedi C2 

C9 = 1.000 pF - 500 VI. (condensatore ceramico) 

C10-C11 = 32 + 32 microfarad - 300 VI. (condensatore elet- 
trolitico doppio a vitone) 

C12 = 10.000 pF - 1500 VI. (condensatore a carta) 

R1 = 470.000 ohm (giallo-viola-giallo) 

R2 = 470.000 ohm (giallo-viola-giallo) 

R3 = 470.000 ohm (giallo-viola-giallo) 

R4 = 100.000 ohm (marrone-nero-giallo) 

R5 = 500.000 ohm (potenziometro con interruttore $1 incorp.) 

R6 = 2.200 ohm - 1 watt (rosso-rosso-rosso) 

Tutte le resistenze per le quali non viene indicato il wattaggio 

si intendono da 1/2 watt. | 

L1-L2 = bobina tipo Corbetta CS3/BE 

V1 = valvola tipo EAF42 

T1 = trasformatore d'alimentazione tipo GBC H/188 


COMPONENTI 
| DEL 
RICEVITORE 
REFLEX 
MONOVAI- 
VOLARE 
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MONTAGGIO RICE- 
VITORE REFLEX 


a realizzazione del ricevitore reflex ad una sola valvola va fatta 
seguendo lo schema pratico del ricevitore. Il montaggio è ottenuto 
su telaio metallico. Nella parte anteriore del telaio affiorano i tre 
perni relativi ai due condensatori variabili e al potenziometro di volume, 
che ha incorporato l'interruttore $1. Nella parte posteriore del telaio sono 
presenti il cambiotensione, le due boccole che rappresentano le prese di 


cuffia e la boccola di presa antenna. A quest'ultima boccola verrà collegato 


Schema pratico del 
ricevitore reflex mo- 
novalvolare. L'ascol- 
to è ottenuto in cuf- 
fia ma è anche pos- 
sibile collegare un 
altoparlante munito 
di trasformatore di 
uscita nelle boccole 
contrassegnate con 
la dicitura; CUFFIA. 


lo spinotto che fa capo al conduttore di discesa di antenna. Ma per rice- 
vere in cuffia non occorre un’antenna esterna molto lunga, perchè basterà 
installare, nello stesso locale dove funziona il ricevitore, un'antenna di 
soli due metri. Coloro invece che vorranno far impiego di un altoparlante, 
collegando in corrispondenza delle boccole di cuffia i due terminali del- 
Pavvolgimento primario del trasformatore di uscita, dovranno provvedere 
all’installazione di una buona antenna installata nella parte più alta del 
tetto. Occorre, infatti, aumentare la sensibilità del ricevitore, cioè occorre 
ricevere i segnali radio con la massima intensità possibile. 

Il cablaggio di questo ricevitore deve essere iniziato non appena ulti- 


camblotens. | 
RETE’ 


mate tutte le operazioni di ordine meccanico; le prime saldature da farsi 
sono quelle dei terminali uscenti dal trasformatore di alimentazione T1, 
così come si è fatto per il precedente ricevitore. In pratica questo ricevi- 
tore si distingue dal primo tipo di ricevitore ad una sola valvola con 
ascolto in cuffia per l'impiego di due bobine di sintonia e di due con- 
densatori variabili, cioè di due circuiti accordati (circuiti di sintonia). 
Ma in fase di montaggio di questo ricevitore occorre realizzare un accor- 
gimento meccanico, cioè una schermatura particolare sullo zoccolo porta- 
valvola della valvola V1. Si tratta di far attraversare il telaio, proprio 
in corrispondenza del cilindretto metallico dello zoccolo portavalvola, con 
una sbarretta di ottone o di ferro (non di alluminio perchè non potrebbe 
essere saldata). Questa sbarretta è ripiegata alle estremità e fissata al 
telaio, da ambo le parti, mediante due viti e due dadi. In corrispondenza 
del cilindretto metallico dello zoccolo, questa sbarretta deve essere accu- 
ratamente saldata a stagno. In questa stessa sbarretta occorrerà praticare, 
mediante il trapano, due fori: uno serve per il passaggio della resistenza 
R1 (il diametro di questo foro deve essere tale da non permettere che la 
resistenza R1 tocchi il metallo), l'altro serve per il passaggio del conduttore 
che porta la tensione alla griglia schermo della valvola (piedino 5 dello 
zoccolo). Lo zoccolo della valvola V1 si differenzia da quelli delle prece- 
denti valvole, che erano a 7 piedini, mentre questo è a 8 piedini. 


ZOCCOLI 
PORTAVALVOLE 


a disposizione dei piedini delle valvole, che fanno capo agli 
elettrodi contenuti nel bulbo di vetro, prende il nome di « zoccolo 
della valvola ». La sua lettura si effettua sempre capovolgendo la 
_ yalvola con la testa allingiú e contando la progressione numerica dei 
Í piedini, a partire dal piedino 1, secondo il verso delle lancette dell'oro- 


logio (verso orario). 
Normalmente i piedini della valvola sono disposti lungo una circon- 


Occorre schermare 
lo zoccolo della val- 


vola. 


ferenza e sono equidistanti tra di loro. Tale distanza, invece, è più grande Zoccolo per valvola 


tra il primo e Pultimo piedino dello zoccolo, ed è proprio tale distanza 
che permette di individuare- il primo e l'ultimo piedino dello zoccolo. 
Ciò accade nelle valvole a 7 piedini, a 8 piedini e a 9 piedini (valvole 
noval). 

Vi sono delle valvole denominate RIMLOCK nelle quali tutti i 
piedini dello zoccolo, che sono in numero di 8, sono equidistanti tra di 
loro; ma in queste valvole, sul bulbo di vetro, in prossimita dello zoccolo 


Rimlock. 
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an approximate output curve. With the simple 
calculations listed in this problem, you can 
draw a curve that is accurate to within 1 
percent of its true value. 

The curve that results from the calculations 
used in this problem IS sometimes called the 
general resonance curve 

You can determine the output voltage at 
several frequencies by following these steps: 
1. Assume the peak output voltage Vp at 
the resonant frequency fr to be 100 percent. 
This is point A on the curve shown in Figure 
7,41 
2. The output voltage at fl and f2 is 0.707 
of 100 percent. On the graph, these are the 
two points labeled B in Figure 7.41 . Note that 
f2 - fl = BW. Therefore, at half a 
bandwidth above and below fr, the output is 
70.7 percent of Vp. 

3. At f3 and f4 (the two points labeled C in 
Figure 7.41 ), the output voltage is 44.7 
percent of Vp. Note that f4 - f3 = 2 BW. 
Therefore, at 1 bandwidths above and below 
fr, the output is 44.7 percent of maximum. 

4. At f5 and f6 (the two points labeled D in 
Figure 7.41 ), the output voltage IS 32 


percent of Vp. Note that f6 - f5 = 3 BW. 
Therefore, at 1.5 bandwidths above and 
below fr, the output iS 32 percent of 
maximum. 


5. At f7 and f8 (the two points labeled E in 
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Dall'alto al basso: 


zoccolo per valvola 


miniatura a 7 piedi- 
ni; zoccolo noval per 
valvola a 9 piedini; 
zoccolo octal per val- 
vola a 8 piedini. 


Principali tipi di zoc- 
coli portavalvole u- 
sati in apparati ra- 
dio moderni e di vec- 
chio tipo. 
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è ricavata una tasca-guida, che permette di individuare il piedino n. 1- 


e quello n. 8, perchè proprio questa tacca si trova in corrispondenza della 
immaginaria linea di divisione del primo e dell’ultimo piedino. 

Tutte le valvole, per poter essere correttamente impiegate, devono 
essere infilate nell'apposito zoccolo portavalvola; e in pratica Pallievo 
radiotecnico, quando deve « e » i piedini della valvola, non fa mai 
riferimento allo zoccolo della valvola, ma soltanto e sempre allo zoccolo 
portavalvola, «leggendolo » nella sua parte posteriore, cioe in quella 
opposta alla faccia in cui verra infilata la valvola. 


errà . que, quel che 
importa è saper leggere lo zoccolo portavalvola; in esso non vi sono pie- 
dini, ma soltanto terminali adatti ad essere saldati ed occorre necessa- 
riamente conoscere l'ordine numerico progressivo, pgrchè all’atto pratico 
il radiotecnico abbina l'ordine numerico degli elettrodi della valvola rile- 
vati nel simbolo elettrico della valvola con l'ordine numerico dei termi- 
nali dello zoccolo portavalvola che, in pratica, vengono pur essi chiamati 
piedini. 

Come si fa a riconoscere il piedino n. 1 nello zoccolo portavalvola 
di una valvola di tipo RIMLOCK come quella montata sul ricevitore 
reflex? 

È cosa assai semplice. Fra il piedino 1 e il piedino 8 è impresso, nello 
zoccolo portavalvola, un trattino; guardando lo zoccolo con il trattino 
rivolto verso: l'osservatore, il terminale immediatamente a sinistra del 
trattino rappresenta il terminale 1, mentre quello immediatamente a 
destra è il terminale n. 8. Nello schema pratico del ricevitore reflex 
ad 1 valvola questo trattino non è visibile, perchè è ricoperto dal tratto 
indicativo in lamierino di ottone che funge da schermo elettromagnetico 
e che serve ad evitare l'insorgere di fischi o di altri disturbi a causa della 
notevole amplificazione operata dalla valvola V1. 


r] 
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)ud sembrare inverosimile, eppure esistono oggi molti tecnici, dilet- 

| tanti el professionisti, che hanno mosso 1 loro primi passi, lungo 

il cammino della radiotecnica, cominciando proprio con la super- 
eterodina. 

Generalmente ció non avviene. E chi, per la prima volta, è preso 
dalla passione per la radio, volge il suo interessamento ai montaggl piú 
semplici, ai piccoli ricevitori a cuffia, che traggono dall’antenna la sola 
energia capace di farli funzionare. I circuiti più complessi, quelli ad una 
e più valvole, alimentati dalle pile, prima, e dalla tensione della rete- 
luce poi, vengono. affrontati soltanto in un secondo tempo, quando 
si è divenuti più esperti e più... amici delle resistenze, dei condensatori, 
dei trasformatori, dei circuiti teorici e di quelli pratici. 

Al circuito supereterodina ci si arriva dopo aver effettuato una 
lunga serie di montaggi, via via più complessi e più impegnativi, che 
arricchiscono, progressivamente, il bagaglio di cognizioni acquisite ed 
affinano la tecnica. : 

Ma le eccezioni ci sono sempre e proprio in questo caso possiamo 
dire che esse sono molto frequenti. Sono frequenti, specialmente, tra 
coloro che hanno giá delle nozioni generali di elettrotecnica ed hanno 
la fortuna di avere un parente od un amico radiotecnico, disposto ad 
offrire la propria preparazione ed esperienza nell’insegnare ed assistere. 
Sono frequenti, ancora, fra i giovani dotati di spirito di intraprendenza 
e d'avventura, che non temono l'insuccesso e vogliono riuscire ad ogni 
costo, chiedendo consigli ed insegnamenti a chi ne sa di più fra amici e 
conoscenti e tivolgendosi, persino, agli stessi tecnici professionisti dei 
laboratori radio. 

Del resto, il montaggio di un ricevitore a circuito supereterodina, 
non è poi un'impresa tanto ardua e difficile, quando v’e passione, v'è modo 
di essere guidati, consigliati, assistiti. Gon cio, tuttavia, intendiamoci bene, 
non si vuol qui esortare Pallievo ad improvvisars! radiotecnico di punto in 
bianco, per invitarlo a costruire subito il ricevitore supereterodina, eli- 
minando il montaggio di tutti gli apparati fin qui descritti. Assolutamente 
no! Perché si insegnerebbe al lettore di buttar via tempo e danaro per 
nulla! Ma coloro che sono appassionati di radio ed hanno potuto gia 
acquisire in precedenza una certa famigliarita con i ciftuiti radio, potranno 
sorvolare sulla realizzazione dei sette apparati fin qui presentati per rea- 
lizzare il ricevitore a circuito supereterodina, che costituisce un capitolo 
a sé, piuttosto ampio, in ogni corso di radiotecnica. 


E il 


circuito di 


tutti gli apparati 
di tipo commer- 


ciale. 
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Schema elettrico del ricevitore a circuito su- 
pereterodina descritto in queste pagine. II 
numero delle valvole, per motivi di sempli- 
cità e di economia, è stato ridotto al minimo. 


COMPONENTI 


Condensatori 
C1 = 2.000 pF - 1500 VI. (a carta) 
C2 -C3 = 450 + 450 pF (variabile 
doppio) | | 
C4 = 50.000 pF - 500 VI. (a carta) 
C5 = 100 pF - 500 VI. (polistirolo) 
C6 = 50.000pF - 1500 VI. (a carta) 
C7 = 50.000pF - 1500 VI. (a carta) 
C8 = 8 microfarad - 350 VI. (elet- 
trolitico) 


‘C9 = 250 pF - 500 VI. (polistirolo) 


C10 = 50 microfarad - 25 VI. (elet- 
trolitico) 

C11 = 10.000pF - 500 V1. (ceramico) 

C12-C13 = 32 + 32 microfarad - 
350 Vl. (elettrolitico a dop- 
pio vitone) 

C14 = 2.000 pF - 1000 VL. (a carta) 

C15 = 2.000 pF - 1000 VI. (a carta) 


Resistenze 

R1 = 500.000 ohm 

R2 = 22.000 ohm 

R3 = 4.000 ohm 

R4 = 1.000 ohm 

R5 = 1 megaohm 

Ré = 500.000 ohm (potenziometro 


con interruttore SÍ incorp.) 

R7 1.500 ohm 

R8 220 ohm - 1 watt 

R9 = 470.000 ohm 

R10 = 220.000 ohm 

R11 = 1.200 ohm - 1 watt 

Le resistenze per le quali non è stato 

indicato il wattaggio si intendono tut- 

te da 1/2 watt. 

Varie 

Vi = 6BE6 

V2 = EBF89 

V3 = EGLS6 

MF1 = primo trasformatore di media 
frequenza 

MF2 = secondo trasformatore di me- 
dia frequenza 

T1 = trasformatore d'uscita - 5.000 

ohm di impedenza 
T2 = trasformatore d'alimentazione 
tipo GBC H/188 

R51 = raddrizzatore al selenio 250 V 
- 85 mA 

Gruppo A.F. - tipo Corbetta CS/ 

23 K. 7 
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CONVERSIONE 
DI 
FREQUENZA 


ercheremo di contenere nello spazio di poche pagine tutto ciò che 

è necessario dire, col proposito di esprimerci con l'allievo con la 

massima chiarezza, senza lesinare sui consigli e suggerimenti. La 
teoria è necessaria, si, ma quel che più importa all'allievo, lo sappiamo 
per esperienza, è la spiegazione ordinata, completa, delle successive 
fasi di montaggio, che conducono con sicurezza alla realizzazione pratica 
di un ricevitore perfettamente funzionante e privo di difetti. Ed è proprio 
in questa seconda fase della nostra esposizione, che il lettore incontrerà 
una vera assistenza tecnica. 

Che cosa significa SUPERETERODINA? Significa semplicemente: 
circuito radio a CONVERSIONE DI FREQUENZA. Per dirla in altre 
parole, ció significa che nei ricevitori a circuito supereterodina le fre- 
quenze dei segnali in arrivo, di qualunque valore esse siano, vengono 
sempre trasformate in un’altra frequenza che é sempre la stessa per ogni 
tipo di ricevitore. 

Questa nuova frequenza può essere, come spesso avviene, di 470 Kc/s 


(chilocicli al secondo). Si suol dire allora che la MEDIA FREQUENZA 
dell’apparecchio € di 470 Kc/s. 

Nel ricevitore che presentiamo il valore della media frequenza é di 
467 Kc/s. Pertanto, qualunque sia la frequenza del segnale radio in 
arrivo, essa viene sempre cambiata in quella di 467 Kc/s. Se l’apparec- 
chio ad esempio, è accordato su una stazione ad onde medie, di 1000 Kc/s, 
tale frequenza viene cambiata in quella di 467 Kc/s. Se la frequenza della 
stazione è di 800 Kc/s, anche essa viene cambiata in quella di 467 Kc/s; 
se l'apparecchio è accordato su una stazione ad onde corte, ad esempio 
di 10.000 Kc/s, anche questa frequenza di 10.000 Kc/s viene cambiata 
in quella di 467 chilocicli. 

Convertire la frequenza del segnale in arrivo in un'altra frequenza 
qualsiasi, è cosa facile. A tale scopo provvede la prima valvola del cir- 


e 


cuito, quella contrassegnata con V1 nello schema elettrico. Ed è proprio 


per questo motivo che la prima valvola di un circuito supereterodina 
viene chiamata CONVERTITRI 

La valvola V1, che e di tipo 6BA6, è un pentodo che provvede ad 
amplificare i sconali di alta frequenza in arrivo, a generare una tensione 
oscillante e a sovrapporre le due tensioni. Le due tensioni, quella in arrivo 
dovuta alla captazione delle onde radio, e quella generata dalla sezione 
oscillatrice della valvola, si sovrappongono, e da tale sovrapposizione risul- 
ta il cambiamento di frequenza del segnale in arrivo. 


Significato della 
parola « superete- 
rodina ». 


IL PRIMO 
STADIO 
del RICEVITORE 


ominciamo ora con l'esaminare il primo stadio del ricevitore supe- 

reterodina, seguendo attentamente lo schema elettrico. 

Per conferire una maggiore semplicità allo schema, è stato volu- 
tamente omesso il disegno delle varie bobine di antenna e di oscillatore, 
relative alle onde medie e alle onde corte e dei pochi condensatori, di 
piccola capacitá, ad esse collegate, sostituendo tutto ció direttamente con 
il cosiddetto GRUPPO ALTA FREQUENZA proprio perché, in pratica, 
si ha a che fare soltanto con il gruppo A.F. sul quale si interverra, a lavoro 
ultimato, per le poche e semplici operazioni di taratura. 


Il gruppo A. F, è un apparato radioelettrico e meccanico insieme. In 
esso sono contenute, principalmente, due coppie di bobine: una coppia 
serve per l'ascolto delle onde medie e una coppia serve per l'ascolto delle 
onde corte. Ciascuna coppia è costituita dalla bobina d'aereo e da quella 
d’oscillatore. Il perno, di cui è dotato il gruppo A.F., serve per inserire, 
manualmente, ora luna ora l’altra delle due coppie di bobine nel circuito 
del ricevitore. 5 

Analizziamo ora il funzionamento del primo stadio del ricevitore 
quando nel suo circuito è inserita la coppia di bobine relativa alle onde 
medie (il principio di funzionamento è lo stesso quando risulta inserita 
la coppia di bobine relativa alle onde corte). 

La bobina d'aereo è costituita da un avvolgimento primario e da uno 
secondario, Ai capi dell'avvolgimento primario vengono collegate l'anten- 
na e la terra (numeri 1 e 5 del gruppo A.F.). I due terminali, invece, del- 
lavvolgimento secondario risultano così collegati: uno (terminale 4 del 


In fase di messa a PA 


punto del ricevitore, 


l'allievo dovrà inter- 


venire con un caccia- 
vite sulle quattro vi- 


ti allineate lungo un 


bordo della piastrina 
superiore del gruppo 


e sui due nuclei alli- 


neati sul bordo op- | : 


posto. 
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gruppo) e collegato al condensatore variabile C2 e, tramite il condensatore 
C5 alla griglia controllo (piedino 1 dello zoccolo) della valvola converti- 
trice V1. L'altro terminale dell'avvolgimento secondario della bobina d'ae- 
reo è collegato (terminale 2 del gruppo) ad un circuito chiamato C.A.V. e 
di cui vedremo piú avanti il significato. 

Il secondario della bobina d'aereo ed il condensatore variabile C2 
costituiscono il primo circuito accordato d’entrata del ricevitore. 

Sempre alla stessa° valvola V1 risulta pure collegato il secondo cir- 
cuito accordato, costituito dalla bobina d’oscillatore (contenuta nel grup- 
po) e dal condensatore variabile C3. 

La bobina d’oscillatore è costituita da due avvolgimenti i quali han- 
no entrambi un terminale collegato a massa. Gli altri due terminali sono 
collegati al condensatore variabile C3 (terminale 3 del gruppo) e al catodo 
(terminale 6 del gruppo). Dunque la bobina d'oscillatore € dotata, com- 
plessivamente, di tre terminali: uno é ae a massa l’altro alla griglia 
mescolatrice (piedino 7 dello zoccolo), e il terzo è collegato al catodo. 


Il gruppo AF. 
permette di com- 
mutare il ricevi- 
tore anche nella 
posizione «fono». 
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Stadio 
amplificatore 
di media 
frequenza. 


| trasformatori di 
media frequenza 
sono costituiti da 
due circuiti ac- 
cordati alla fre- 
quenza di 467 
Ke/s, dei quali 
uno è detto « pri- 
mario», l'altro 
viene chiamato 
« secondario ». 
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| FREQUENZA 
“dell OSCILLATORE 


er ottenere la conversione di frequenza è necessario che il circuito 
'periore a quella della tensione A.F. in arrivo. Per tale motivo la 
d'oscillatore risulti costantemente accordato ad una frequenza su- 
bobina d'oscillatore ha un'induttanza minore della bobina d'entrata ed 
anche il condensatore variabile C3 deve avere una capacitá inferiore a 
quella di C2. In pratica peró C2 e C3 hanno la stessa capacitá e la dimi- 
nuzione di capacitá di C3 si ottiene collegando in serie ad esso un altro 
piccolo condensatore contenuto nel gruppo, detto « correttore » o « pad- 
ding ». | | 
Riassumendo i concetti fin qui esposti, diciamo che alla prima val- 
vola V1 è collegato il primo circuito accordato, quello d'aereo e il secondo 
circuito accordato, quello d'oscillatore. La conversione di frequenza del 
segnali radio in arrivo avviene nell'interno della valvola V1. Più preci- 
samente la tensione oscillante viene prelevata dal catodo (piedino 2 dello 
zoccolo) e introdotta nella valvola attraverso la griglia mescolatrice (pie- 


dino 7 dello zoccolo). 


All'uscita, quindi, della prima valvola, e cioè sulla placca (piedino 5), 


si ritrova il segnale radio, che il condensatore variabile C2 ha selezionato 
tra i tanti segnali in arrivo sull'antenna, amplificato e con una frequenza 
diversa, esattamente quella di 476 Kc/s. Questa nuova frequenza, come 
abbiamo detto, viene anche chiamata MEDIA FREQUENZA. 

Facendo sempre riferimento allo schema elettrico del ricevitore si 
osserva che tra la prima valvola V1 e la seconda V2 è interposto un tra- 
sformatort, contrassegnato in figura con il simbolo MF1. E questo il pri- 
mo di due trasformatori (il secondo viene subito dopo la valvola V2 ed 
è contrassegnato in figura con MF2) detti TRASFORMATORI DI ME- 
DIA FREQUENZA o, anche, più semplicemente, MEDIE FREQUENZE. 
Ciascuno di questi due trasformatori assolve il compito principale di ac- 
coppiare l'uscita della valvola precedente con Pentrata di quella seguente, 


“ oltre quello di operare una ulteriore selezione del segnale. 


Nel caso di MF1 il primario è collegato alla placca di V1 mentre 
il secondario è collegato alla griglia controllo di V2 (piedino 2) che costi- 
tuisce la valvola amplificatrice di media frequenza. 

Questo sistema di collegare tra loro due stadi amplificatori, confe- 
risce al ricevitore un elevato grado di selettività, appunto perchè essendo 
le due medie frequenze accordate alla stessa frequenza fissa di 467 Kc/s 
esse vietano il passaggio a tutti quei segnali radio di frequenza diversa 
che eventualmente si fossero introdotti nel circuito. 


E kaat - zi à 


A, PESA 
ie, 


CONTROLLO 
AUTOMATICO 
del VOLUME 


e emittenti locali determinano all’entrata dell’apparecchio tensioni 
A.F. fortissime, che non è necessario amplificare molto; in tal caso 
la valvola V2 amplifica poco. 

Le emittenti molto lontane determinano all’entrata dell’apparecchio 
tensioni A.F. debolissime, che è necessario amplificare al massimo, come 
effettivamente avviene. 

Å ciò provvede un semplicissimo dispositivo_detto « Controllo Auto- 
matico di Volume » o, abbreviatamente} C.A.V. 


Ma per arrivare alla descrizione di questo dispositivo, seguiamo an- 


cora per un momento il percorso del segnale radio. 


Il segnale di media frequenza amplificato dalla valvola V2 viene ap- 
plicato al primario della seconda media frequenza. Da questo, per indu- 
zlone, passa al secondario che é collegato da un lato al diodo rivelatore, 
piú precisamente alla placchetta del diodo rivelatore (piedino 8 di V2), 
mentre dall’altro lato è collegato alla resistenza variabile R6 che costi- 
tuisce il potenziometro di volume, con il quale si regola manualmente il 
volume del ricevitore. 

Il secondario della seconda media frequenza, la placchetta del diodo 
(piedino 8), il catodo (piedino 3), il potenziometro R6 costituiscono gli 
elementi del circuito di RIVELAZIONE del ricevitore. 

Ritorniamo ora al circuito C.A.V. e consideriamo ancora il poten- 
ziometro R6. Ai suoi capi, evidentemente, è presente la tensione del se- 
gnale rivelato. 

Il lato della resistenza variabile R6 collegato a massa, in pratica al 
telaio del ricevitore, è positivo. L'altro lato è negativo, e ad esso è col- 
legata l'uscita del secondario del primo trasformatore di media frequenza, 
tramite la resistenza R5. Maggiore è il segnale, maggiore è tale tensione 
negativa e minore è l'amplificazione della valvola V2. Il condensatore C7 
da 50.000 pF, serve a livellare la tensione, in modo che essa sia continua. 
È questo il circuito C.A.V. 

Dopo la resistenza R5 risulta collegata la resistenza R1, attraverso 
la quale viene convogliata la tensione C.A.V. sul secondario della bobina 
d’aereo per cui anche l'ampiezza del segnale radio in arrivo viene auto- 
maticamente controllata e di conseguenza viene anche controllata l’am- 
plificazione della prima valvola V1. Il terminale del secondario della bo- 
bina d’aereo cui viene applicata la tensione negativa C.A.V. è contrasse- 
gnato, sul gruppo A.F., con il numero 2. 


L'amplificazione 

della seconda val- 
vola non è costan- 
te per tutte le 
tensioni A.F. in 
arrivo, ma varia 
automaticamente. 


La tensione CAV 
viene prelevata 
dal potenziome- 
tro di volume. 
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STADIO PRE- | 
AMPLIFICATORE 
Di B.F. 


a valvola V2 amplifica i segnali di media frequenza. La valvola V3 

amplifica 1 segnali di bassa frequenza. Questa valvola € di tipo 

doppio, cioé essa racchiude nel suo bulbo due valvole contempo- 
raneamente: un triodo e un pentodo. Il triodo funge da valvola pream- 
plificatrice di bassa frequenza, mentre il pentodo funziona da valvola am- 
plificatrice di potenza. Sul potenziometro R6 é presente la tensione del se- 
gnale rivelato, cioè di bassa frequenza, privo di ogni componente di alta 
frequenza, che risulta fugata a massa tramite il condensatore C9. Tale | 
tensione viene applicata, nella dose preferita, alla griglia controllo (pie- 
dino 1) della sezione triodica di V3. Dosando la tensione rivelata da appli- 
carsi alla griglia controllo, si regola il volume sonoro nell’altoparlante. 
Dalla placca, (piedino 9) il segnale di bassa frequenza amplificato viene 
inviato allo stadio amplificatore finale di potenza, cioé alla sezione pento- 
do della valvola V3, tramite il condensatore di accoppiamento C11. Il | 
segnale viene introdotto nella griglia controllo (piedino 8). 


Lo stadio amplificatore finale è rappresentato dalla sezione pentodo 
della valvola V3. I segnali preamplificati vengono applicati alla griglia 
Una valvola di po- controllo (piedino 8) e risultano sufficientemente amplificati sulla placca, | 
tenza per pilotare piedino 6. Dopo questo ulteriore processo di amplificazione, i segnali radio 
l'altoparlante. sono in grado di pilotare P'altoparlante. La placca (piedino 6) della valvola 
| V3 è collegata con lavvolgimento primario del trasformatore d’uscita T1; 
l’altro terminale di questo avvolgimento è collegato con la tensione ano- 

dica raddrizzata dal raddrizzatore al selenio RS1. 


L’altopatlante è munito, nella parte posteriore, di due ancoraggi (ter- 
- minali); questi terminali vanno collegati all’avvolgimento secondario del 
trasformatore di uscita T1, che è quello dotato di un minor numero di 
spire ed è realizzato con filo di rame smaltato di spessore molto più ele- 
vato di quello usato per l'avvolgimento primario e ció lo rende facilmente 
riconoscibile. L'altoparlante deve essere di tipo magnetico e di diametro 
superiore ai 10 centimetri, pér poter sopportate la potenza di uscita del 
ricevitore. In molti tipi di ricevitori radio il trasformatore di uscita T1 
anzichè essere applicato al telaio, è fissato direttamente sul cestello del- 
l'altoparlante. | 
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L’applicazione diretta del trasformatore d'uscita sul cestello dell’al- 
$ toparlante costituisce una grande comodità di montaggio, perchè permet- 
$ te di eliminare un componente dal telaio del ricevitore. Si tratta quindi 
i di economia di spazio, che permette di ridurre le dimensioni dei piccoli 
: ricevitori a circuito supereterodina a valvole. 
L’applicazione del trasformatore d'uscita sul cestello dell’altoparlante 
| é un’operazione assai semplice. Occorre preparare, a parte, una piastrina 
i di alluminio, di forma rettangolare, la cui lunghezza deve essere uguale 
a quella che si misura tra le estremità delle squadrette di fissaggio del tra- 
F sformatore d'uscita, quelle nelle quali sono riportati i due fori per il 
| passaggio delle viti di fissaggio. Sulle estremità di questa piastrina si do- Un accorgimento 
vranno ticavare due fori in corrispondenza di quelli praticati sulle estre- tecnico che sem- 
mità dello schermo del trasformatore d'uscita. La piastrina viene fatta plifica il montag- 
passare internamente al cestello, al di sopra del cilindretto che rappre- gio meccanico. 
senta il magnete permanente dell'altoparlante. Una piastrina di bachelite, 
della stessa forma di quella metallica, deve essere intercalata fra il tra- 
sformatore d'uscita e la parte superiore metallica del cestello. Le due viti 
dovranno essere bloccate saldamente mediante dadi e interposizione di 
quattro rondelle. 
I terminali dei trasformatori d'uscita vengono attuati con due di- 
versi sistemi: quello dei fili uscenti dal trasformatore e quello degli anco- 
raggi rigidi. Il secondo sistema è più comodo per il fissaggio del conden- 
satore a carta collegato in parallelo all’avvolgimento primario del trasfor- 
matore d'uscita. In entrambi i casi è facile riconoscere lavvolgimento 
f primario da quello secondario mediante l’uso dell’ohmmetro, oppure sem- 
plicemente a vista. L'avvolgimento primario ha sempre una resistenza di 
qualche migliaio di ohm, mentre P'avvolgimento secondario ha una resi- 
stenza di pochi ohm. In ogni caso le estremitá dell’avvolgimento secon- 
' dario sono rappresentate da due fili di rame di sezione relativamente 
elevata, mentre i terminali dell’avvolgimento primario sono rappresentati 
da conduttori sottilissimi. Non riuscendo ad individuare, a vista, i due 
avvolgimenti, è sempre consigliabile l’uso delllohmmetro. 


A 


Figure 7.41 ), the output voltage IS 24 
percent of Vp. Note that f8 - f7 = 4 BW. 
Therefore, at 2 bandwidths above and below 
fr, the output is 24 percent of maximum. 

6. At f10 and f9 (the two points labeled F in 
Figure 7.41 ), the output is 13 percent of Vp 
. Note that f10 - f9 = 8 BW. Therefore, at 
4 bandwidths above and below fr, , the 
output is 13 percent of maximum. 

Figure 7.41 
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Questions 

Calculate fr, XL, Q, and BW for the circuit 
shown in Figure 7.42 . 

Figure 7.42 | 

ne 100 pF 


PJ 


56 uH 160 


La cellula di filtro 
trasforma la cor- 
rente pulsante in 
correntecontinua. 
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STADIO 
ALIMENTATORE 


Iestrema destra dello schema elettrico del ricevitore superetero- 

dina è rappresentato lo stadio alimentatore. Esso provvede a tra- 

sformare la tensione di rete in due valori diversi di tensione: 
quella a 190 volt per l'alimentazione anodica del circuito e quella a 
6,3 volt per l'alimentazione dei filamenti delle tre valvole ed eventual- 
mente anche di una o due lampadine per l'illuminazione della scala par- 
lante. Il trasformatore di alimentazione T2 è dotato di un avvolgimento 
primario, a presa universale, cioè adatto a tutte le tensioni di rete. Subito 
dopo la spina-luce è indicato il simbolo dell'interruttore, contrassegnato 
con la sigla S1; questo interruttore si trova incorporato nel potenziometro 
di volume R6; mediante la rotazione del perno di questo potenziometro, 
dapprima si fa scattare l'interruttore e poi si regola il volume del rice- 
vitore. In uno dei due conduttori provenienti dalla spina-luce è collegato 
un condensatore antidisturbo, contrassegnato con la sigla C15, che ha il 
compito di eliminare eventuali disturbi presenti nell'impianto elettrico di 
casa. L'altro terminale va collegato al cambiotensione. Uno dei due termi- 
nali dell’avvolgimento secondario a 190 volt è collegato al raddrizzatore 
al selenio RS1; questo componente provvede a trasformare la corrente 
alternata in corrente unidirezionale pulsante. A valle del raddrizzatore 
al selenio vi é la cellula di filtro, composta dalla resistenza R11 e dai due 
condensatori elettrolitici C12 e C13; questa cellula provvede a trasfor- 
mare la corrente unidirezionale pulsante, uscente dal raddrizzatore, in 
corrente contínua. 


Prima cosa da fare è quella di applicare al telaio i tre zoccoli sui 
quali, a lavoro.ultimato, verranno infilate le tre valvole. Successivamente 
si fissa, mediante viti e dadi, il trasformatore di alimentazione T2 e si 
passa quindi all’applicazione del cambiotensione, delle varie prese di mas- 
sa, del gruppo A.F., del condensatore elettrolitico doppio a vitone di 
C12 - C13, del potenziometro R6 e dei due trasformatori di media fre- 
quenza MF1 ed MF2. A proposito di questi due trasformatori ricordiamo 
che all'atto dell'acquisto essi rigultano accompagnati da un foglietto indi- 
catore dal quale è possibile dedurre quale è il primo e quale il secondo 
e a quali avvolgimenti corrispondono i quattro terminali. Molte volte que- 
ste indicazioni sono direttamente riportate sulla scatola di cartone che li 
contiene, 


Quando i perni dei poten- 
ziometri sono troppo lun- 
ghi occorre segarli. II po- 
tenziometro deve essere 
fissato sulla morsa nel 
modo indicato nel dise- 
gno, in modo che lo sfor- 
zo meccanico esercitato 
con la sega non venga ri- 
sentito dal potenziometro 
vero e proprio. 


Ciò risulta molto importante perchè nel fissare i due trasformatori 
al telaio si rende necessario disporli in modo che i terminali risultino 
vicini ai piedini delle valvole a cui verranno collegati in fase di cablaggio: 
soltanto rispettando questa disposizione si possono ottenere dei collega- 
menti corti come è necessario. 

Il fissaggio delle prese di massa costituisce un'operazione molto im- 
portante, perchè proprio da essa può dipendere, in buona parte, il fun- 
zionamento del ricevitore. Quello che importa è che gli ancoraggi di massa 
formino un perfetto contatto elettrico con il telaio. È dunque necessario 
provvedere alla pulizia delle parti prima del loro fissaggio; ciò significa 
che il telaio dovrà essere ben raschiato nel punto in cui si deve fissare 
l'ancoraggio di massa; la raschiatura, che ha lo scopo di eliminare leven- 
tuale patina di ossido ed eventuali impurità formatesi sul telaio stesso, 
può essere effettuata mediante un cacciavite o un temperino. Questa stes- 
sa operazione va fatta, ovviamente, anche sull'ancoraggio di massa. Vite 
e dado dovranno essere ben stretti, mediante interposizione di rondelle. 
Negli apparati di classe e, in particolar modo, negli amplificatori ad alta 
fedeltà e in quelli stereofonici, si preferisce a questo sistema di ritorni di 
massa un conduttore unico; il conduttore unico di massa si ottiene col- 
legando tra loro tutti gli ancoraggi di massa con filo di rame nudo di 
sezione elevata. I ritorni di massa vengono effettuati, in tal caso, diret- 
tamente sul conduttore unico. 

I trasformatori di media frequenza, come abbiamo detto, sono rin- 
chiusi in contenitori metallici (quasi sempre di alluminio), che fungono 
da schermi elettromagnetici; tali schermi devono essere ben collegati a 
massa se si vuole garantire ad essi la loro precisa funzione radioelettrica: 
quella di impedire che eventuali frequenze presenti nelle vicinanze dei 
trasformatori stessi possano giungere direttamente ad essi e quella di im- 
pedire che la media frequenza, presente nei trasformatori, possa interfe- 
rire con altri segnali presenti nel ricevitore radio. È dunque importante 
che lo schermo di ogni trasformatore di media frequenza risulti ben col- 
legato a massa, se si vogliono evitare fischi ed inneschi. Anche la carcassa 
metallica del condensatore variabile deve risultare ben collegata a massa; 
in tutti i condensatori variabili è presente un ancoraggio collegato mec- 
canicamente con le lamine mobili, che deve essere collegato a massa. 


Ancoraggi di mas- 
sa in intimo con- 
tatto elettromec- 
canico con il te- 
laio. 
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Il cambiotensione. 
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CABLAGGIO del 
CIRCUITO SUPER- 
ETERODINA 


erminato il lavoro di cacciavite e di pinze, passiamo ora a quello 

di saldatore e cioè al cablaggio. I primi collegamenti da effettuarsi 

sono quelli relativi al trasformatore di alimentazione. In questo 
caso € necessario servirsi dell’apposito cartellino indicatore di cui tutti i 
trasformatori di alimentazione sono corredati all'atto dell’acquisto. In es- 
so è possibile rilevare a che cosa corrisponde ciascun filo uscente, perchè - 
vi € rappresentato lo schema elettrico del trasformatore con le indica- 
zioni di tutte le tensioni in corrispondenza dei vari colori dei conduttori. - 
E difficile, dunque, sbagliarsi con l’aiuto di questo cartellino. Cominciate, 
allora, a preparare il cordone di alimentazione con la spina e fissatene 
un capo al terminale distanziato del cambiotensione e l’altro ad un ter- 
minale dell'interruttore incorporato nel potenziometro di volume R6. 

Saldate quindi i conduttori relativi all'avvolgimento primario di T2 
agli altri terminali del cambiotensione, ricordando che il terminale corri- 
spondente allo zero del trasformatore va collegato all’altro terminale del- 
l'interruttore $1. 

Si può ora procedere alla saldatura dei conduttori relativi all’avvol- 
gimento secondario. 

Dei due terminali dell’avvolgimento secondario a 190 volt uno risul- 
ta collegato al terminale del raddrizzatore al selenio RS1 contrassegnato 
con il simbolo della corrente alternata, l’altro terminale è collegato a 
massa. Per il collegamento del secondario a 6,3 volt le cose sono più 
semplici. Basta collegare a massa un terminale e connettere l'altro ai pis- 
dini 5 delle valvole V2 e V3 e al piedino 4 della valvola V1. In un se- 
condo tempo si provvederà a collegare a massa i piedini 4 delle valvole 
V2 e V3 e il piedino 3 della valvola V1. Il circuito di accensione delle 
tre valvole può considerarsi ora ultimato. Completato il collegamento del 
trasformatore di alimentazione, si procederà nel cablaggio con la salda- 
tura del terminale positivo del raddrizzatore con quello del condensatore 


C13, e si procederà poi alla saldatura di tutti gli altri elementi seguendo 


attentamente lo schema pratico. È consigliabile segnare con una crocetta, 
sullo schema elettrico, tutti i componenti e i vari conduttori che via via 
vengono saldati durante la fase di cablaggio; solo così si potrà essere 
certi di non dimenticare nulla, e di non commettere errori. Il continuo 
controllo della corrispondenza fra lo schema elettrico, disegnato tutto in 
simboli, e quello pratico, che si sviluppa a mano a mano che si procede 
con il lavoro di cablaggio, rappresenta un esercizio utilissimo per l'allievo, 
perchè abitua a ragionare e a formare una mentalità radiotecnica. 
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Schema pratico del 
ricevitore con circui- 
to supereterodina a 
tre valvole. Il con- 
densatore variabile è 
applicato nella parte 
superiore del telaio. 
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Collegamenti cor- 
ti e schermature 


perfette. 


CONSIGLI E 
SUGGERIMENTI 


rima di passare alla fase finale della realizzazione della superete- 

rodina, che consiste nella messa a punto e taratura del ricevitore, 

si rende necessario elencare una serie di avvertimenti e di consigli 
che risulteranno della massima utilitá per ogni allievo radiomontatore. 
Nel fissare al telaio quei componenti che richiedono l'impiego di viti 
come, ad esempio, il trasformatore di alimentazione, il trasformatore di 
uscita, le medie frequenze, il condensatore variabile, il condensatore elet- 
trolitico doppio a vitone, occorrerá sempre ricordarsi di stringere bene 
le viti, perchè esse devono garantire un perfetto contatto tra il telaio e 
le varie parti ad esso fissate. 

Il collegamento tra la media frequenza MF1 e il piedino 2 della val- 
vola V2, e quello tra la media frequenza MF2 e il piedino 8 della valvola 
V2 dovranno risultare corti il più possibile. Anche i collegamenti al grup- 
po A.F. dovranno essere molto corti. Devono pure risultare molto corti i 
terminali del condensatore di fuga sul C.A.V. C4. Tutte le saldature deb- 
bono risultare « calde » e prima di ogni saldatura occorre raschiare i ter- 
minali in modo da liberarli dall’ossido e da eventuali altre impurità. 1 
conduttori dell'alta tensione, provenienti dalla cellula di filtro, cioè quelli 
che convogliano la tensione anodica alle placche e alle griglie schermo 
delle valvole, devono essere mantenuti distanziati dal telaio in modo da 
scongiurare il pericolo di eventuali cortocircuiti. Il condensatore elettroli- 
tico catodico C10 e quello di filtro dell'alta tensione C8 devono essere ap- 
plicati rispettando le loro polarità. Quando si prende in mano il conden- 
satore variabile doppio C2 - C3, per applicarlo al telaio, bisogna far bene 
attenzione a non mettere le dita della mano sulle lamine e, soprattutto, 
a non farlo cadere per terra. Il gruppo A.F. va trattato con delicatezza, 
perchè potrebbe essere facile, anche durante le saldature, interrompere 
un conduttore delle bobine con la punta del saldatore. Sulla carcassa me- 
tallica del potenziometro di volume R6 è ricavato un terminale, che nello 

schema pratico non appare, e che va collegato a massa. Sui due fori di 
ingresso del conduttore di antenna e del cordone di alimentazione occorre 
mettere due gommini a protezione dei conduttori stessi, realizzando un 
nodo nei conduttori, in modo che essi incontrino resistenza nel caso do- 
vessero essere soggetti a forze di trazione dall'esterno. Quando si è ter- 
minato anche il lavoro di cablaggio, si può dire di essere arrivati ad un 
buon punto della costruzione, ma non certamente alla fine. Occorrerà, 
infatti, accertarsi ancora una volta- dell’esattezza del lavoro, ripassando 
punto per punto tutto lo schema teorico e quello pratico, in un lavoro 


di confronto con quello realizzato. 


SIMBOLICA e PIA- 
NO di CABLAGGIO 


È assai importante che l'allieyo radiotecnico mandi bene a memoria 
tutti i simboli caratteristici dei vari componenti radioelettrici. A tale 


scopo sono stati rageruppati, nelle pagine seguenti, i simboli fondamen- 


tali dei componenti del ricevitore radio con circuito supereterodina. Il 
solo gruppo di alta frequenza non possiede un particolare simbolo, perché 
esso tappresenta un citcuito, talvolta anche complesso, in cui sono con- 
tenuti condensatori, compensatori, bobine, contatti meccanici; certamente 
fra tutti questi elementi i più importanti sono quelli rappresentativi delle 
bobine di aereo e di oscillatore. Per ciascuna gamma d’onda esiste sempre 
una coppia di queste bobine e se il ricevitore è dotato delle onde medie 
e delle onde corte le bobine risulteranno complessivamente in numero di 
quattro. 

Per quel che riguarda la preparazione del piano di cablaggio ricor- 
diamo che i componenti devono sempre essere disposti sul telaio secondo 


un citerio logico. I componenti che partecipano alla composizione dello - 


stadio di alta frequenza dovranno trovarsi ad una estremita del telaio, 
mentre quelli che partecipano alla formazione dello stadio amplificatore 
finale dovranno trovarsi all’estremita opposta; al centro del telaio risul- 
teranno installati lo stadio di media frequenza, lo stadio rivelatore e gli 
eventuali stadi preamplificatori di bassa frequenza. In ogni caso, prima 
di iniziare un montaggio, l'allievo dovrà sempre dare un’occhiata all’elen- 
co dei componenti, per vedere se già possiede qualche componente e re- 
carsi subito dopo dall'abituale fornitore di materiali radioelettrici per 
acquistare quanto occorre. Il pezzo più importante (e proprio questo non 
appare quasi mai negli elenchi dei componenti!) é il telaio. Chi vuole 
risparmiare nella spesa, puó costruirlo da sé, ricavandolo da una lamiera 
di alluminio. Ma chi vuole evitare questo fastidio lo pud trovare gia 
pronto in negozio. In questo caso si potra acquistare anche la scala par- 
lante, gia adatta per il tipo di telaio scelto. Il telaio gia pronto ha il van- 
taggio d’avere tutti i fori necessari per la applicazione dei vari componenti. 
In ogni caso, decidendo di introdurre l'apparecchio radio in un mobile, 
occorrerá sempre, prima di iniziare il montaggio, fare acquisto del mobile, 
perché solo con il mobile sotto mano si possono stabilire le lunghezze 
esatte dei perni di comando dei potenziometri, del condensatore variabile, 
del gruppo di alta frequenza. La grandezza del mobile.condiziona inoltre 
il diametro dell’altoparlante che si pud applicare in esso. Ricordiamo che 
bisogna sempre evitare di segare i perni dei componenti quando questi 
sono gia montati sul telaio, perchè il seghetto da ferro è un attrezzo 
pesante che finisce sempre per rovinare i componenti. 


Il telaio rappre- 
senta sempre il 
primo componen- 


te da acquistare 


o da costruire per 
qualsiasi tipo di 
montaggio. 
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) A PUNTO E 


opo essersi accertato dell'esattezza del montaggio, l'allievo potrà 
infilare le tre valvole nei rispettivi zoccoli ed accendere il ricevitore, 
Nel migliore dei casi, ma ciò non capita spesso, si potrà verificare 
un pronto funzionamento del ricevitore. In caso contrario occorre proce- 
dere alla taratura dei circuiti accordati prima di decidere se si sono' com- 
messi errori, oppure se vi sono dei componenti che non funzionano per 
difetto di fabbricazione. La taratura del ricevitore si esegue nel seguente 
modo: si sintonizza una stazione molto debole e si regolano i nuclei (in- 
feriore e superiore) delle due medie frequenze, cominciando dalla seconda 
(MF2), fino ad ottenere un ascolto che sia il più potente possibile. Questa 
operazione va ripetuta per due o tre volte. Per quanto riguarda il gruppo 
A.F. si procede così. Si applica sulla parte anteriore del telaio una scala 
parlante, completa della meccanica di trascinamento di un indice. Si porta 
la lancetta della scala parlante verso quella estremità della scala dove 
sono indicate le stazioni che trasmettono sulla lunghezza d'onda più alta 
(minima frequenza) facendo corrispondere la lancetta con una emittente 
italiana nota di cui si conosce il programma trasmesso in quel momento. 
Si regola quindi il nucleo dell oscillatore onde medie (osc. OM 600 KHz) 
fino a che si arriva a ricevere l'emittente su cui è stata fermata la lan- 
cetta della scala. 
Si regola quindi il nucleo relativo all'aereo onde medie (ant. OM 
600 KHz) fino ad ottenere la massima potenza d'uscita. Questa stessa ope- 
razione si esegue, poi, portando l'indice della scala del ricevitore verso 
laltra estremità della scala, dalla parte delle onde più corte (frequenze 
alte) sopra l’indicazione di una nota emittente italiana di cui si conosce 
il programma trasmesso in quel momento. Si agisce dapprima sul com- 
pensatore dell’oscillatore onde medie (osc. OM 1250 KHz) fino alla rice- 
zione dell’emittente e poi sul compensatore d’aereo onde medie (ant. OM 
1250 KHz) fino ad ottenere la massima uscita. Questo metodo di tara- 
tura del ricevitore è un metodo empirico, che può essere seguito da chi 
per la prima volta monta un ricevitore supereterodina e da chi è sprov- 
visto di una attrezzatura strumentale di laboratorio, che ha lo scopo di 
ottenere la precisa taratura del ricevitore. Tuttavia questo metodo puó 
essere sufficiente per un ottimo funzionamento del ricevitore. Chi volesse 
evitare l'applicazione della scala parlante con la relativa meccanica potrá 
ugualmente tarare il ricevitore servendosi di un ricevitore radio funzio- 
nante ed osservando le posizioni del condensatore variabile, cioé delle 
lamine mobili rispetto a quelle fisse, in corrispondenza delle due emit- 
tenti sintonizzate verso 1 due estremi di gamma. 


I trasformatori di media fre- 
quenza vengono tarati intro- 
ducendo negli appositi fori 
un cacciavite corto, munito 
di manico isolante, e avvitan- 
do o svitando i nuclei di fer- 
rite. 


La taratura corretta e precisa del ricevitore supereterodina si esegue 
mediante l'impiego di un particolare strumento: Poscillatore modulato. 

Prima cosa da fare é quella di dissaldare il collegamento sulla griglia 
controllo di V2 (piedino 2 dello zoccolo). Su questo stesso piedino di 
V2 va collegato il cavo proveniente dallo strumento che sara stato, in 
precedenza, tarato sulla frequenza di 467 Kc/s. Quindi si regolano 1 
nuclei di MF2 fino ad ottenere, nell’altoparlante, la massima uscita (mas- 
sima intensitá del segnale prodotto dallo strumento). Chi disponesse di 
un voltmetro a corrente alternata, potrá collegare questo secondo stru- 
mento in parallelo alla bobina mobile dell'altoparlante. Cid consentira un 
controllo visivo più esatto di quello auditivo. Tarata così la seconda media 
frequenza, si stacca dal piedino della valvola V2 il cavo proveniente dal- 
Poscillatore e si rifà il collegamento prima dissaldato. Questa stessa ope- 
razione di taratura va ripetuta ora per la prima media frequenza MF1. 
Si dissalda il collegamento alla griglia controllo di V1 (piedino 1) e si 
collega allo stesso piedino lo strumento, ricordandosi di collegare a mas- 
sa, provvisotiamente, la griglia oscillatrice di V1 (piedino 1). Si regolano 
quindi i nuclei di MF1 fino ad ottenere la massima uscita nell'alto- 
parlante. 


Durante la taratura 
delle medie frequen- 
ze si può seguire il 
procedimento di 
messa a punto os- 
servando l'indice di 
un tester commuta- 
to nella posizione 
voltmetro. Il punto 
ottimo di taratura é 
raggiunto quando 
l'indice raggiunge la 
massima deviazione. 


A fr= | 
B, XL =s č 
Om o 
D. BW s — 
Answers 
A. fr = 1 MHz 
B. XL = 1607 ohms 
C. Q = 100 
D. BW = 10 kHz 

28 Now, calculate the frequencies that 
correspond with each percentage of the peak 
output voltage listed in steps 1 through 6 of 
problem 27. (Refer the graph Figure 
7.41 as needed.) 
Questions 
A. At what frequency will the output level be 
maximum? | 
B. At what frequencies will the output level be 
70 percent of Vp? —_—_— 
C. At what frequencies will the output level be 
45 percent of Vp? — 
D. At what frequencies will the output level be 
32 percent of Vp? —_—— 
E. At what frequencies will the output level be 
24 percent of Vp? —_—— 
F. At what frequencies will the output level be 
13 percent of Vp? |. 
Answers 
A. 1 MHz 
B. 995 kHz and 1005 kHz (1 MHz 5 kHz 


and + 5 kHz) 


L'allineamento di un 
radioricevitore viene 
fatto mediante l'im- 
piego dell’oscillatore 
modulato, il cui ca- 
vo schermato va in- 


serito nella boccola © 


di antenna del rice- 
vitore; la calza me- 


tallica del cavo deve | 


essere collegata al 


telaio dell'apparec- | 


chio. 


A questo punto le due operazioni, ora eseguite, vanno ripetute per 
una seconda volta, ricominciando con MF2 e poi con MEL. 

La taratura delle medie frequenze @ cosi conclusa. Si tratta ora di 
accordare l’oscillatore del ricevitore. ] 

Prima, perd, di descrivere questa operazione, ricordiamo al lettore 
che anche il gruppo A.F. cosi come le medie frequenze e il trasformatore 
di alimentazione, + accompagnato, quando lo si acquista, da un foglietto 
con le indicazioni di riferimento ai nuclei e alle viti regolabili, che risul- 


tano collegate, internamente al gruppo, ai perni di piccoli condensatori 


variabili, che prendono il nome di compensatori. 

Chiusa questa parentesi informativa procediamo con la taratura. 

Per tarare Poscillatore del ricevitore sulla frequenza di 600 Ke/s si 
inserisce lo strumento, tarato sulla frequenza di 600 Kc/s, nella presa 
d'antenna del ricevitore, interponendo un condensatore da 200 pF tra 
la presa d’antenna e il cavo proveniente dallo strumento. Si regola la sin- 
tonia del ricevitore in modo che la lancetta della scala parlante coincida 
con la frequenza di 600 Kc/s. Si tenga presente che la calza metallica del 
conduttore proveniente dallo strumento va collegata al telaio dell'appa- 
recchio ricevitore. Fatto questo si regola il nucleo del gruppo A.F. che 
corrisponde all’oscillatore OM 600 Ke/s. 

Il nucleo va regolato in modo da ottenere la massima uscita del se- 
enale nell’altoparlante del ricevitore. Successivamente si agisce nello stesso 
modo sul nucleo che corrisponde all’ant. OM 600 KHz. 

Si sintonizza poi sia lo strumento che il ricevitore sulla frequenza di 
1.250 Ke/s. Si regola il compensatore relativo all’oscillatore onde medie 


- (ose. OM 1.250 KHz) e quindi il compensatore d'aereo onde medie (ant. 
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OM 1.250 KHz). Anche in questi casi la regolazione va fatta in modo da 


ottenere la massima uscita nell’altoparlante. 

Si ripete nuovamente la taratura alla frequenza di 600 Kcfs indi a 
quella di 1.250 Kcfs. | 

A questo punto occorre tarare la gamma onde corte. L’oscillatore 
modulato risulterà collegato al ricevitore sempre nel modo prima citato. 
Lo strumento e il ricevitore verranno accordati sulla frequenza di 20 MHz 
e si regolera prima il compensatore d’oscillatore e poi quello di antenna. — 
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29 You can calculate the output voltage at 
each frequency in the answers to problem 28 
by multiplying the peak voltage by the related 
percentage for each frequency. 


Questions 
Calculate the output voltage for the 
frequencies given here, assuming that the 


peak output voltage is 5 volts. 

A. What is the output voltage level at 995 
kHz? 

B. What is the output voltage level at 980 


Answers 
A. V = 5 volts x 0.70 = 3.5 volts 
B. V = 5 volts x 0.24 = 1.2 volts 

Figure 7.43 shows the output curve 
generated by plotting the frequencies 
calculated in problem 28 and the 
corresponding output voltages calculated In 


this problem. 
Figure 7.43 
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Preface 


This book was written to help the reader to understand, analyze, and design RF 
circuits. Developed as a textbook for an RF engineering course at Cornell 
University, it can also be used for self-study and as a reference for practising 
engineers. The scope of topics is wide and the level of analysis ranges from 
introductory to advanced. In each chapter, I have tried to convey an intuitive 
“how things work” understanding from which the mathematical analysis fol- 
lows. The initial chapters present the amplifiers, filters, modulators, and demod- 
ulators, which are the basic building blocks of radio systems, from AM and FM 
to the latest digital radio systems. Later chapters alternate between systems, 
such as television, and radio astronomy, and theoretical topics, such as noise 
analysis and radio spectrometry. The book provides the RF vocabulary that 
carries over into microwave engineering, and one chapter is devoted to wave- 
guides and other microwave components. 

In this second edition, many chapters have been expanded. Others have been 
rearranged and consolidated . New chapters have been added to cover radar, the 
GPS navigation system, digital modulation, information transmission, and 
S-parameter circuit analysis. 

The reader is assumed to have a working knowledge of basic engineering 
mathematics and electronic circuit theory, particularly linear circuit analysis. Many 
students will have had only one course in electronics, so I have included some 
fundamental material on amplifier topologies, transformers, and power supplies. 
The reader is encouraged to augment reading with problem-solving and lab work, 
making use of mathematical spreadsheet and circuit simulation programs, which are 
excellent learning aids and confidence builders. Some references are provided for 
further reading, but whole trails of reference can be found using the internet. 

For helpful comments, suggestions, and proofreading, I am grateful to many 
students and colleagues, especially Wesley Swartz, Dana Whitlow, Bill Sisk, 
Suman Ganguly, Paul Horowitz, Michael Davis, and Mario Ierkic. 


Jon B. Hagen 
Brooklyn, NY 
July 2008 


CHAPTER 


Introduction 


Consider the magic of radio. Portable, even hand-held, short-wave transmitters 
can reach thousands of miles beyond the horizon. Tiny microwave transmitters 
riding on spacecraft return data from across the solar system. And all at the 
speed of light. Yet, before the late 1800s, there was nothing to suggest that 
telegraphy through empty space would be possible even with mighty dynamos, 
much less with insignificantly small and inexpensive devices. The Victorians 
could extrapolate from experience to imagine flight aboard a steam-powered 
mechanical bird or space travel in a scaled-up Chinese skyrocket. But what 
experience would have even hinted at wireless communication? The key to 
radio came from theoretical physics. Maxwell consolidated the known laws of 
electricity and magnetism and added the famous displacement current term, 
OD/ot. By virtue of this term, a changing electric field produces a magnetic field, 
just as Faraday had discovered that a changing magnetic field produces an 
electric field. Maxwell’s equations predicted that electromagnetic waves can 
break away from the electric currents that generate them and propagate inde- 
pendently through empty space with the electric and magnetic field components 
of the wave constantly regenerating each other. 

Maxwell’s equations predict the velocity of these waves to be 1/./200 
where the constants, ey and uo, can be determined by simple measurements of 
the forces between static electric charges and between current-carrying wires. 
The dramatic result is, of course, the experimentally-known speed of light, 
3 x 10° m/sec. The electromagnetic nature of light is revealed. Hertz conducted 
a series of brilliant experiments in the 1880s in which he generated and detected 
electromagnetic waves with wavelengths very long compared to light. The 
utilization of Hertzian waves (electromagnetic waves) to transmit information 
developed hand-in-hand with the new science of electronics. 

Where is radio today? AM radio, the pioneer broadcast service, still exists, 
along with FM, television and two-way communication. But radio now also 
includes digital broadcasting formats, radar, surveillance, navigation and broad- 
cast satellites, cellular telephones, remote control devices, and wireless data 
communications. Applications of radio frequency (RF) technology outside 
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Introduction to Oscillators 


In addition to their use in circuits used to 


filter input signals, Capacitors and inductors 
are used in circuits called oscillators 

Oscillators are circuits that generate 
waveforms at particular frequencies. Many 
oscillators use a tuned parallel LC circuit to 
produce a sine wave output. This section IS 
an introduction to the use of parallel 
Capacitors and inductors in oscillators. 

30 When the switch in the circuit shown In 
drawing (1) of Figure 7.44 is closed, current 


flows through both sides of the parallel LC 
circuit in the direction shown. 
Figure 7.44 


Figure 1.1. The radio 
spectrum. 


1.1 RF circuits 


Radio-frequency electronics: Circuits and applications 


Frequency Wavelength 


A A 1mm 
EHF (Extremely high frequency) mm-wave radar 


Microwaves 


30 GHZ }|---------------- gs ===- ------------- 1cm 
SHF (Super high frequency) Ku band satellite TV 
BGHy Loool band satellite TV | oem 
UHF (Ultra high frequency) GPS navigation 
TV channels 14-68 
= A re TV: CH7-13 m 
a a a FM broadcasting 
TV: Channels 2-6 
SOMA +22 OA SO AO 10m 


Short-Wave 
broadcasting 
8 communications 


Loran-C navigation 
Radio time signals 


30 kHz . 100 km 
VLF (Very low frequency) VLF (to submarines) 
Band Frequency 
designation allocations 


radio include microwave heaters, medical imaging systems, and cable tele- 
vision. Radio occupies about eight decades of the electromagnetic spectrum, 
as shown in Figure 1.1. 


The circuits discussed in this book generate, amplify, modulate, filter, demo- 
dulate, detect, and measure ac voltages and currents at radio frequencies. They 
are the blocks from which RF systems are designed. They scale up and down in 
both power and frequency. A six-section bandpass filter with a given passband 
shape, for example, might be large and water-cooled in one application but 
subminiature in another. Depending on the frequency, this filter might be made 
of sheet metal boxes and pipes, of solenoidal coils and capacitors, or of piezo- 
electric mechanical resonators, yet the underlying circuit design remains the 
same. A class-C amplifier circuit might be a small section of an integrated 
circuit for a wireless data link or the largest part of a multi-megawatt broadcast 
transmitter. Again, the design principles are the same. 
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1.2 Narrowband nature of RF signals 


Note that most frequency allocations have small fractional bandwidths, 1.e., the 
bandwidths are small compared to the center frequencies. The fractional band- 
width of the signal from any given transmitter is less than 10 percent — usually 
much less. It follows that the RF voltages throughout a radio system are very 
nearly sinusoidal. An otherwise purely sinusoidal RF “carrier” voltage! must be 
modulated (varied in some way) to transmit information. Every type of modu- 
lation (audio, video, pulse, digital coding, etc.) works by varying the amplitude 
and/or the phase of the sinusoidal RF wave, called the “carrier” wave. An 
unmodulated carrier has only infinitesimal bandwidth; it is a pure spectral 
line. Modulation always broadens the line into a spectral band, but the energy 
clusters around the carrier frequency. Oscilloscope traces of the RF voltages in a 
transmitter or on a transmission line or antenna are therefore nearly sinusoidal. 
When modulation is present, the amplitude and/or phase of the sinusoid changes 
but only over many cycles. Because of this narrowband characteristic, elemen- 
tary sine wave ac circuit analysis serves for most RF work. 


1.3 AC circuit analysis - a brief review 


The standard method for ac circuit analysis that treats voltages and currents in 
linear networks is based on the linearity of the circuit elements: inductors, 
capacitors, resistors, etc. When a sinusoidal voltage or current generator drives 
a circuit made of linear elements, the resulting steady-state voltages and currents 
will all be perfectly sinusoidal and will have the same frequency as the gen- 
erator. Normally we find the response (voltage and current amplitudes and 
phases) of driven ac circuits by a mathematical artifice. We replace the given 
sinusoidal generator by a hypothetical generator whose time dependence is e'” 
rather than cos(wtf) or sin(wtf). This source function has both a real and an 
imaginary part since e!’=cos(wt)+jsin(wt). Such a nonphysical (because it 
is complex) source leads to a nonphysical (complex) solution. But the real and 
imaginary parts of the solution are separately good physical solutions that 
correspond respectively to the real and imaginary parts of the complex source. 
The value of this seemingly indirect method of solution is that the substitution 
of the complex source converts the set of linear differential equations into a set 
of easily solved linear algebraic equations. When the circuit has a simple 
topology, as is often the case, it can be reduced to a single loop by combining 
obvious series and parallel branches. Many computer programs are available to 


' There is no low-frequency limit for radio waves but the wavelengths corresponding to audio 
frequencies, hundreds to thousands of kilometers, make it inefficient to connect an audio amplifier 
directly to an antenna of reasonable size. Instead, the information is impressed on a carrier wave 
whose wavelength is compatible with practical antennas. 
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find the currents and voltages in complicated ac circuits. Most versions of 
SPICE will do this steady-state ac analysis (which is much simpler than the 
transient analysis which is their primary function). Special linear ac analysis 
programs for RF and microwave work such as Agilent’s ADS and MMICAD 
include circuit models for strip lines, waveguides, and other RF components. 
You can write your own program to analyze ladder networks (see Problem 1.3) 
and to analyze most filters and matching networks. 


1.4 Impedance and admittance 


1.5 Series resonance 


Figure 1.2. Series-resonant 
LC circuit. 


The coefficients in the algebraic circuit equations are functions of the complex 
impedances (V/D, or admittances (I/V), of the RLC elements. The voltage across 
an inductor is Ld//dt. If the current is ye”, then the voltage is (jaL)pe!”. The 
impedance and admittance of an inductor are therefore respectively jwL and 
1/G@L). The current into a capacitor is CdV/dt, so its impedance and admittance 
are 1/(j@C) and j@C . The impedance and admittance of a resistor are just R and 
1/R. Elements in series have the same current so their total impedance is the sum 
of their separate impedances. Elements in parallel have the same voltage so their 
total admittance is the sum of their separate admittances. The real and imaginary 
parts of impedance are called resistance and reactance while the real and 
imaginary parts of admittance (the reciprocal of impedance) are called conduc- 
tance and susceptance. 


A capacitor and inductor in series have an impedance Z, = jwL+1/(j@C). This 
can be written as Z, = j(L/w)(w~— 1/[LC]), so the impedance is zero when the 
(angular) frequency is 1/./LC. At this resonant frequency, the series LC circuit 
is a perfect short circuit (Figure 1.2). Equal voltages are developed across the 
inductor and capacitor but they have opposite signs and the net voltage drop 
1S Zero. 

At resonance and in the steady state there 1s no transfer of energy in or out of 
this combination. (Since the overall voltage is always zero, the power, IV, is 
always zero.) However, the circuit does contain stored energy which simply 
sloshes back and forth between the inductor and the capacitor. Note that this 
circuit, by itself, is a simple bandpass filter. 


-QAF 


At resonance Short circuit 
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1.6 Parallel resonance 


Figure 1.3. Parallel-resonant 
LC circuit. 


A capacitor and an inductor in parallel have an admittance Y, =ja@C+1/Ga@L) which 
is zero when the (angular) frequency is 1/VLC. At this resonant frequency, the 
parallel LC circuit is a perfect open circuit (Figure 1.3) — a simple bandstop filter. 

Like the series LC circuit, the parallel LC circuit stores a fixed quantity of 
energy for a given applied voltage. These two simple combinations are impor- 
tant building blocks in RF engineering. 


At resonant frequency = Open circuit 


1.7 Nonlinear circuits 


Problems 


Many important RF circuits, including mixers, modulators, and detectors, are 
based on nonlinear circuit elements such as diodes and saturated transistors used 
as switches. Here we cannot use the linear e” analysis but must use time- 
domain analysis. Usually the nonlinear elements can be replaced by simple 
models to explain the circuit operation. Full computer modeling can be used for 
accurate circuit simulations. 


Problem 1.1. A generator has a source resistance rs and an open circuit rms voltage Vo. 
Show that the maximum power available from the generator is given by Pmax = Vo7/(4rs) 
and that this maximum power will be delivered when the load resistance, R;¡ , is equal to 
the source resistance, rs. 


Problem 1.2. A passive network, for example a circuit composed of resistors, induc- 
tors, and capacitors, 1s placed between a generator with source resistance rs and a load 
resistor, R. The power response of the network (with respect to these resistances) is 
defined as the fraction of the generator’s maximum available power that reaches the load. 
If the network is lossless, that is, contains no resistors or other dissipative elements, its 
power response function can be found in terms of the impedance, Zin (@) = R(@) +X(@), 
seen looking into the network with the load connected. Show that the expression for the 
power response of the lossless network is given by 


Arg R(w) 
(R(w) + rs) +X (w) 


P(e) = 


where R = Re(Z;,,) and X= Im(Z;,). 


Ladder network topology. 


Radio-frequency electronics: Circuits and applications 


Problem 1.3. Most filters and matching networks take the form of the ladder network 
shown below. 


Series inductors, capacitors, or resistors 


its 
A i 
AAA 
A | 
=") 
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Parallel inductors, capacitors, or resistors 


Write a program whose input data is the series and shunt circuit elements and whose 
output is the power response as defined in Problem 1.2. 

Hints: One approach is to begin from the load resistor and calculate the input 
impedance as the elements are added, one by one. When all the elements are in place, 
the formula in Problem 1.2 gives the power response — as long as the load resistor is the 
only resistor. The process is repeated for every desired frequency. 

A better approach, which is no more complicated and which allows resistors, is the 
following: Assume a current of 1 +30 ampere is flowing into the load resistor. The voltage 
at this point is therefore Rg +30 volts. Move to the left one element. If this is a series 
element, the current is unchanged but the voltage is higher by /Z where Z is the impedance 
of the series element. If the element is a shunt element, the voltage remains the same but the 
input current is increased by VY where Y is the admittance of the shunt element. Continue 
adding elements, one at a time, updating the current and voltage. When all the elements are 
accounted for, you have the input voltage and current and could calculate the total input 
impedance of the network terminated by the load resistor. Instead, however, take one more 
step and treat the source resistance, rs, as just another series impedance. This gives you the 
voltage of the source generator, from which you can calculate the maximum power 
available from the source. Since you already know the power delivered to the load, 
(1) Ri, you can find the power response. Repeat this process for every desired frequency. 

The ladder elements (and, optionally, the start frequency, stop frequency, frequency 
increment, and source and load resistances) can be treated as data, that is, they can be 
located together in a block of program statements or in a file so they can be changed 
easily. For now, the program only needs to deal with six element types: series and parallel 
inductors, capacitors, and resistors. Each element in the circuit file must therefore have 
an identifier such as “PL”, “SL”, “PC”, “SC”, “PR”, and “SR” or 1, 2, 3, 4, 5, 6, or 
whatever, plus the value of the component in henrys, farads, or ohms. Organize the 
circuit file so that it begins with the element closest to Ry, and ends with some identifier 
such as “EOF” (for “End Of File”) or some distinctive number. 

An example program, which produces both tabular and graphical output, is shown below, 
written in MATLAB, which produces particularly compact and readable code. The input data 
(included as program statements) is for the circuit shown below, of an LC network designed to 
connect a 50-ohm load to a 1000-ohm source. You will find this, or your own equivalent 
program, to be a useful tool when designing matching networks and filters. In the problems 
for Chapters 4, 10, 14, and 17, the program will be enhanced to plot phase response and to 
handle transmission lines, transformers, and transistors, making it a powerful design tool. 
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¿MATLAB programto solve ladder networks 

%Problem 1.3 in“Radio-Frequency Electronics” 
SSavethisfileas“ladder.m” and run by typing “ladder” in command window 

$ INPUT DATA(circuit components from load end; *'SIs is series inductor,%etc.) 


6 


ckt={‘SL’ ,23.1e-6,`PŒ ,463e-12, ‘EOF’ ); ‘EOF’ terminates list 
Rload=50; Rsource=1000; startfreg=1e6; endfreg-=2e6; freqstep=5e4; 


° 
6 


f=(startfreq:freqstep:endfreq); % frequency loop 
w=2*p1.*f; twis angular frequency 
I=ones(size(w));V=ones(size(w))*Rload;%setuparrays for inputI(f) andV(f) 
ckt_index=0;morecompsflag=1; 
whilemorecompsflag==1Sloop through string of components 
ckt_index=ckt_index+1; %ckt_index prepared for next itemin list 
component=ckt{ckt_index}; 
morecompsflag=1-strcmp (component, ‘EOF’ ); %gzeroafter last component 


if strcmp (component ,'PC' )==1 
ckt_index=ckt_index+1; capacitance=ckt{ckt_index}; 
I=I+V:* (17. *w. *capacitance); 

elseif strcmp (component ,'sc' )==1 
ckt_index=ckt_index+1; capacitance=ckt{ckt_index}; 
V=V+1./(1373.*w.*capacitance); 

elseif strcmp (component, ‘PL’ )== 
ckt_index=ckt_index+1; inductance=ckt{ckt_index}; 
I=I+V./(13.*w.*inductance); 

elseif strcmp(component, ‘SL’ )== 
ckt_index=ckt_index+1; inductance=ckt{ckt_index}; 
V=V+1.*(1373.*w.*inductance); 

elseif strcmp (component, ‘PR’ )== 
ckt_index=ckt_indext+l; resistance=ckt{ckt_index}; 
I=I+V/resistance; 

elseif strcmp (component, ‘SR’ )==1 
ckt_index=ckt_indext+l; resistance=ckt{ckt_index}; 
V=Vt+I* resistance; 

end scomponents loop 


end $frequency loop 


Z=V./I;V=V+1.*Rsource; 

frac=Rload./((abs(V).°2)/(4.*Rsource)); 

db=10/1log(10)*log(frac) ; 

heading = ‘freq(MHz) frac dB’ sprint heading in command window 
A=[(1E-6*f£)' frac’ db’ ] sprint table of data in command window 
plot(f,db); sgraphthe data 
grid;xlabel(‘Frequency’ );ylabel(‘dB’ );title(‘Frequency response’ ); 
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The circuit corresponding to the input data statements in the example program above is 
shown below, together with the analysis results produced by the program. 


Example circuit. Source 23.1 uH Load 


ee=o==+o===-x-x 


Analysis results. Frequency response 


Rel. Power 


0 0.5 1 1.5 2 2.5 3 


Frequency x 108 


Problem 1.4. (AC circuit analysis review problem.) For the circuit in the figure, derive an 
expression for IR(A. Use a complex source voltage, Vel”, the real part of which is 
Vocos(wt). The impedances of C, L, and R are (jwC) *,juL, and R, respectively. Find 
the complex current through the resistor. Jp(f) will be the real part of this complex current. 


Vo cos(wt) 
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Problem 1.5. (More AC circuit analysis review.) For the circuit in the figure, derive an 
expression for Jp(t). Note that the source voltage, Vosin(wt + 0), is equal to the imagi- 
nary part of Vyel(“+9) Therefore, if we take the complex voltage to be Vol“), RA 
will be the imaginary part of the complex current through R. Alternatively, you can let the 
complex voltage source have the value —jVoe!“*), the real part of which is Vosin(wt). 
With this source, /p(Z) is the real part of the complex current through R. 


Vo sin(wt + 6) 
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Figure 2.1. DC generator 
driving a resistive load, 
Equivalent circuits. 


10 


Impedance matching 


Matching normally means the use of a lossless (nonresistive) network between a 
signal source and a load in order to maximize the power transferred to the load. This 
presupposes that the source is not capable of supplying infinite power, 1.e., that the 
source 1s not just an ideal voltage generator or an ideal current generator. Rather, the 
source is assumed to be an ideal voltage generator in series with a source impe- 
dance, 1.e., a Thévenin equivalent circuit, or an ideal current generator in parallel 
with a source admittance, a Norton equivalent circuit. Note that these equivalent 
circuits are themselves equivalent; each can be converted into the form of the other. 
An antenna that is feeding a receiver is an example of an ac signal source connected 
to a load. Figure 2.1 shows the simplest situation, a dc generator driving a resistive 
load. The generator is represented in Thévenin style (a) and in Norton style (b). 


a Load Source Load 
| ¡ , i 
| [] 
Ra | ! 
i = 0 RL ) ee te BL 
! ! STR Y 
i V l I 
l ] e ea La eee ee 
(a) (b) 


You can see the equivalence by inspection: the generators have the same 
open-circuit voltage and the same short-circuit current. Maximum power is 
transferred when the load resistance is made equal to the source resistance. You 
can show this by differentiating the expression for the power, Pioaa = [Vs R¡/ 
(Ri+Rs)]"/Ri. Figure 2.2 plots the relative transferred power (Pwr/MaxPwr) as 
a function of the normalized load resistance (r=R,/Rs). In (a) the scales are 
linear and in (b) the scales are logarithmic so the relative power is expressed in 
dB. Note that R; can differ by a factor of 10 from Rs and the power transferred is 
still 33% of the maximum value. 


Figure 2.3. Transformer 
converts R, to Rs for maximum 
power transfer. 
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2.1 Transformer matching 


Figure 2.2. Relative power 
transfer as a function of R,/Rs, (=r) 


Figure 2.4. A series reactor 
makes the load a pure 
resistance. 


1 0 
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In the case of an ac source, a transformer can make the load resistance match 
(equal) the source resistance (and vice versa) as shown in Figure 2.3. The 
impedance is transformed by the square of the turns ratio.' 

The ac situation often has a complication: the source and/or the load may be 
reactive, 1.e., have an unavoidable built-in reactance. An example of a reactive 
load is an antenna; most antennas are purely resistive at only one frequency. 
Above this resonant frequency they usually look like a resistance in series with an 
inductor and below the resonant frequency they look like a resistance in series 
with a capacitor. An obvious way to deal with this 1s first to cancel the reactance to 
make the load and/or source impedance purely resistive and then use a trans- 
former to match the resistances. In the circuit of Figure 2.4, an inductor cancels 


Matching network 


/ ÍA 
$ R 


l Let the secondary winding be the load side. Then Ve. = Vpri Nsec/Npri- For energy to be conserved, 


F pilor = V secl: sec: Therefore I 60 a Lot N, | sec and V wail Lori T (Pace. Lagg) (N, pil N, a or 


Lori = Zs N pi oe 


(1) (2) (3) 
It is difficult for the current to flow through 


the inductor initially because the inductor 
opposes any changes in current flow. 
Conversely, it is easy for the current to flow 
into the capacitor initially because with no 


charge on the plates of the capacitor there is 
no opposition to the flow. 


As the charge on the capacitor increases, 
the current flow in the capacitor side of the 
circuit decreases. However, more current 
flows through the inductor. Eventually, the 
capacitor is fully charged, so current stops 


flowing in the capacitor side of the circuit, and 
a steady current flows through the inductor. 
Question 

When you open the switch, what happens to 
the charge on the capacitor? 
Answer 

It discharges through the inductor. (Note the 


current direction, shown in drawing [2] of 
Figure 7.44 .) 

31 With the switch open, current continues 
to flow until the capacitor is fully discharged. 
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2.2 L-networks 


Figure 2.5. Two reactors in an 
L-network match R, to Rs. 
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the reactance of a capacitive (but not purely capacitive) load. If we are working at 
60 Hz, we would say the inductor corrects the load’s power factor. 

From the standpoint of the load, the matching network converts the source 
impedance, Rs +j0, into the complex conjugate of the load impedance. When a 
matching network is used between two devices, each device will look into an 
impedance that is the complex conjugate of its own impedance. As a result, the 
reactances cancel and the resistances are equal. Whenever the source and/or 
load have a reactive component, the match will be frequency dependent, 1.e., 
away from the design frequency the match will not be perfect. In fact, with 
reactive sources and/or reactive loads, any lossless matching circuit will be 
frequency dependent — a filter of some kind — whether we like it or not. 


More often than not, matching circuits use no transformers (i.e., no coupled 
inductors). Figure 2.5 shows a two-element L-network (in this figure, a rotated 
letter L) that will match a source to a load resistor whose resistance is smaller 
than the source resistance. The trick is to put a reactor, Xp, in parallel with the 
larger resistance. Consider a specific example: Rs = 1000 and R¡ =50. 

The impedance of the left-hand side is given by 


| 1000jXp  (1000jXp)(1000 — jXp) 
Lie = Ke + 14 = 1000 + Yo 11000 + 1¥s)(1000 — ie) 
+jXp (1000 +jXp)(1000 — jXp) 


_ 10007jXp + 1000X% 


(2.1) 
10002 + X% 


We can pick the value of Xp so that the real part of Zien will be 50 ohms, i.e., 
equal to the load resistance. Using Equation (2.1), we find that X°p = 52 628 so 
we can pick either Xp= 229 (an inductor) or X¥p=—229 (a capacitor). The left- 
hand side now has the correct equivalent series resistance, 50 ohms, but it is 
accompanied by an equivalent series reactance, Xen, given by the imaginary 
part of Equation (2.1). We can cancel Xj, by inserting a series reactor, Xs, equal 
to —Xieq. Figure 2.6 shows the matching circuits that result when Xp is an 
inductor and when Xp is a capacitor. 


Figure 2.6. The two realizations 
for the L-network of Figure 2.5. 


Figure 2.7. Frequency response 
(power vs. frequency) for the 
L-networks of Figure 2.6. 
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The final step is to find the values of L and C that produce the specified 
reactances at the given frequency. For the circuit of Figure 2.6(b), o£ =218. 
Suppose the design frequency is 1.5 MHz (w=21:1.5:10%), near the top of the 
AM broadcast band. Then L = 23.1 uH and C=462 pF. Note that the values of 
the two reactors are completely determined by the source and load resistances. 
Except for the choice of which element is to be an inductor and which is to be a 
capacitor, there are no free parameters in this two-element matching circuit. The 
match is perfect at the design frequency but, away from that frequency, we must 
accept the resulting frequency response. The frequency responses (fractional 
power reaching the load vs. frequency) for the two circuits of Figure 2.6 are 
plotted in Figure 2.7. Note that around the design frequency, 1.e., around the 
resonant peak, the curves are virtually identical. Otherwise, the complete cutoff 
at very low frequencies of Figure 2.6a and the complete cutoff at very high 
frequencies of Figure 2.6b can be predicted from inspection of the circuits. 


Quick design procedure for L-networks 


If you remember only that the parallel reactance goes across the larger resistance 
you will be able to repeat the steps used above and design L-networks. But if 
you are doing these things often it may be worth memorizing the following “O 
factor” for L-network design: 
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Oo, = 4/2 1, (2.2) 
Riow 

You can verify (Problem 2.6) that the ratios Rpigh/Xparatie! and Aseries/Rlow are 
both equal to this factor, Qg. Remember the definition of Qg, and these ratios 
immediately give you the L-network reactance values. You can also verify that, 
when Op, is large, the two elements in an L-network have nearly equal and 
opposite reactances, 1.e., together they resonate at the design frequency. In this 
case the magnitude of the reactances is given by the geometric mean of Rhign and 
Riow (especially easy to remember). 

When the ratio of the source resistance to the load resistance is much different 
from unity, an L-network produces a narrowband match, 1.e., the match will be 
good only very close to the design frequency. Conversely, when the impedance 
ratio is close to unity, the match is wide. The width of any resonance phenom- 
enon is described by a factor, the effective O (or circuit O or just O), which is 
equal to the center frequency divided by the two-sided 3-dB bandwidth (the 
difference between the half-power points). Equivalently, Oger is the reciprocal of 
the fractional bandwidth. When an ideal voltage generator drives a simple RLC 
series circuit, Qe 18 given by X/R where X is either X or Xc at the center 
frequency (since they are equal). The L-network matching circuit 1s equivalent 
to a simple series RLC circuit, but Qg, is twice Ogre because the nonzero source 
resistance is also in series; the matching circuit makes the effective source 
resistance equal to the load resistance so the loop’s total series resistance is 
twice the load resistance. As a result, the fractional bandwidth is given by 1/Qef = 
2/0. In many applications the bandwidth of the match is important and the 
match provided by the L-network (which is completely determined by the source 
and load resistances) may be too narrow or too wide. When matching an antenna 
to a receiver, for example, one wants a narrow bandwidth so that signals from 
strong nearby stations won’t overload the receiver. In another situation the signal 
produced by a modulated transmitter might have more bandwidth than the 
L-network would pass. Networks described below solve these problems. 


2.3 Higher Q - pi and T-networks 


Higher O can be obtained with back-to-back L-networks, each one transforming 
down to a center impedance that is lower than either the generator or the source 
resistance. The resulting pi-network is shown in Figure 2.8. 

With the simple L-networks we had Op, = v19 = 4.4. In this pi-network 
both the 1000-ohm source and the 50-ohm load are matched down to a 
center impedance of 10 ohms (a free parameter). The bandwidth is 
equivalent to that of an L-network with Qg = 11.95. When RyiGH > RLow, 
the pi-network has a bandwidth equivalent to that of an L-network with Og, = 


\/ Ruicu / RCENTER: Again, the fractional bandwidth is given by 1/ Dor = 21 OFL. 
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Figure 2.8. Pi-network (back-to- 
back L-networks) provides 
higher Q. 


Figure 2.9. Response of the 
pi-network of Figure 2.8 
compared with the L-networks of 
Figure 2.6. 


Figure 2.10. The T-network, 
like the pi-network, provides 
higher Q. 
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The response of this pi-network is shown in Figure 2.9 together with the 
responses of the L-networks of Figure 2.6. 

You can guess that we could just as well have used “front-to-front” L-networks, 
each one transforming up to a center impedance that is higher than both the source 
and load impedances. This produces the T-network of Figure 2.10. Note that both 
the pi-network and the T-network have a free parameter (the center impedance) 
which gives us some control over the frequency response while still providing a 
perfect match at the center or design frequency. 


2.4 Lower Q - the double L-network 


In a double L-network (Figure 2.11) the first stage transforms to an impedance 
value between the source and load impedances. The second stage takes it the 
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Figure 2.11. Double L-network 
for lower Q (wider bandwidth). 
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rest of the way. The process can, of course, be done in smaller steps with any 
number of cascaded networks. A long chain of L-networks forms an artificial 
transmission line that tapers in impedance to produce a frequency-independent 
match. Real transmission lines (1.e., lines with distributed L and C) are some- 
times physically tapered to provide this kind of impedance transformation. 
A tapered transmission line is sometimes called a transformer, since, like the 
transformer in Figure 2.3, it provides frequency-independent matching. 


2.5 Equivalent series and parallel circuits 


To design the L-network we used the fact that a two-element parallel XR circuit, 
where 1/Z = I/Rparattet + 1/JXparatiets has an equivalent series circuit, where 
Z = Róeries + JAseries- Conversion between equivalent series and parallel repre- 
sentations is used so often it is worth a few more words. If you are given, for 
example, an antenna or a black box with two terminals and you make measure- 
ments at a single frequency you can only determine whether the box is “capaci- 
tive,” 1.e., equivalent to an RC combination, or is “inductive,” i.e., equivalent to 
an RL combination. Suppose it is capacitive. Then you can represent it equally 
well as a series circuit where Z = Rgeries + 1/J@Coeries OF as a parallel circuit where 
1/Z= 1/Ryaratiet FJOC paralte1- AS long as you’re working only at (or never very far 
from) the single frequency, either representation is equally valid, even if the box 
contains a complicated circuit with discrete resistors, capacitors, inductors, 
transmission lines, metallic and resistive structures, etc. If you measure the 
impedance at more than one frequency you might determine that the box does 
indeed contain a simple parallel RC or series RC circuit or that its impedance 
variation at least resembles that of a simple parallel circuit more than it 
resembles that of a simple series circuit. 


2.6 Lossy components and efficiency of matching networks 


So far we have considered networks made of ideal inductors and capacitors. 
Real components, however, are lossy due to the finite conductivity of metals, 
lossy dielectrics or magnetic materials, and even radiation. Power dissipated in 
nonideal components is power that does not reach the load so, with lossy 
components, we must consider a matching network’s efficiency. As explained 
above, a lossy reactor can be modeled as an ideal L or C together with either 
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Q factor summary 


Problems 


Impedance matching 


a series or parallel resistor. Normally we can make the approximation that the 
values of L or C and the value of the associated resistor are constant throughout 
the band of interest. Let us consider the efficiency of the L-network that uses a 
series inductor and a parallel capacitor. We shall assume that the loss in the 
capacitor is negligible compared to the loss in the inductor. (This 1s very often 
the case with lumped components.) We shall model the lossy inductor as an 
ideal inductor in series with a resistor of value rs. The ratio of the inductive 
reactance, X,, to this resistance value is the quality factor, Oy, where the 
subscript denotes “unloaded O” or component O. (Less series resistance cer- 
tainly implies a higher quality component.) Note that this resistance, like the 
inductor, 1s in series with the load resistor so the same current, /, flows through 
both. The power delivered to the load is PR; and the power dissipated in rg is 
Prs. Using the relations Xs = Opp Rioaq and Oy = Xs /rs , we find the efficiency 
of the match is given by 


Power Out PR 1 


o A E A 2.3 
Power In PRi+Prs 1+0L/Ou id 


y = Efficiency = 
Efficiency is maximized by maximizing the ratio Oy/Op;, 1.e., the ratio of 
unloaded O to loaded O. If we model the lossy inductor as a parallel LR circuit 
and define the unloaded O as rp/X we would get the same expression for 
efficiency (Problem 2.7). Likewise, if the loss occurs in the capacitor we will 
also get this expression, as long as we define the unloaded Q of the capacitor 
again as parallel resistance over parallel reactance or as series reactance over 
series resistance. When the load resistance is very different from the source 
resistance, the effective O of an L-network will be high so, for high efficiency, 
the unloaded O of the components must be very high. The double L-network, 
with its lower loaded Q’s, can be used to provide higher efficiency. 


Loaded O, the O factor associated with circuits, can be either high or low 
depending on the application. Narrowband filters have high loaded O. 
Wideband matching circuits have low loaded O. Loaded O is therefore not a 
measure of quality. Unloaded O, however, which specifies the losses in com- 
ponents, is indeed a measure of quality since lowering component losses always 
increases circuit efficiency. 


Problem 2.1. A nominal 47-ohm, watt carbon resistor with 1.5inch wire leads is 
measured at 100 MHz to have an impedance of 48+j39 ohms. Find the component 
values for (a) an equivalent series RL circuit, and (b) an equivalent parallel RL 
circuit. 
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Problem 2.2. (a) Design an L-network to match a 50-ohm generator to a 100-ohm load 
at a frequency of 1.5MHz. Let the parallel element be an inductor. Use your circuit 
analysis program (Problem 1.3) to find the frequency response of this circuit from 1 MHz 
to 2 MHz in steps of SOKHz. 

(b) Same as (a), but let the parallel element be a capacitor. 


Problem 2.3. Design a double L matching network for the generator, source, and 
frequency of Problem 2.2(a). For maximum bandwidth, let the intermediate impedance 
be the geometric mean of the source impedance and the load impedance, 1.e., v50-100. 
Use your circuit analysis program (Problem 1.3) to find the response as in Problem 2.2. 


Problem 2.4. Suppose the only inductors available for building the networks of 
Problems 2.2(a) and 2.3 have a Oy (unloaded O) of 100 at 1.5MHz. Assume the capacitors 
have no loss. Calculate the efficiencies of the matching networks at 1.5 MHz. Check your 
results using your circuit analysis program. 


Problem 2.5. The diagram below shows a network that allows a 50-ohm generator to 
feed two loads (which might be antennas). The network divides the power such that the 
top load receives twice as much power as the bottom load. The generator is matched, 
1.e., it sees 50 ohms. Find the values of X11 , Xı2 and Xc. Hint: transform each load first 
with an L-section network and then combine the two networks into the circuit shown. 


L, 


50 


Problem 2.6. Verify the prescription given for calculating the values of an L-network: 
Xp=+ R/O and Xs=+ rQ where R>r and Q = ,/R/r — 1. 


Problem 2.7. At a single frequency, a lossy inductor can be modeled as a lossless 
inductor in series with a resistance or as a lossless inductor in parallel with a resistance. 
Convert the series combination rs, Ls to its equivalent parallel combination rp, Lp and 
show that Oy defined as Xy/rg is equal to Oy defined as rp/Xp. 


CHAPTER 


Linear power amplifiers 


An amplifier is a circuit designed to impose a specified voltage waveform, V(t), 
or, sometimes, a specified current waveform, /(f), upon the terminals of a device 
known as the “load.” The specified waveform is often supplied in the form of an 
analog “input signal” such as the millivolt-level signal from a dynamic micro- 
phone. In a public address system, an audio amplifier produces a scaled-up copy 
of the microphone voltage (the input signal) and this amplified voltage (the 
output signal) is connected to a loudspeaker (the load). An audio amplifier 
generally supplies more than a watt to the loudspeaker. The microphone cannot 
supply more than milliwatts, so the audio amplifier is a power amplifier as well 
as a voltage amplifier. The ability to amplify power is really the defining 
characteristic of an amplifier. Of course energy must be conserved; amplifiers 
contain or are connected to power supplies, usually batteries or power line- 
driven ac-to-de converter circuits, originally known as “battery eliminators” but 
long since simply called “power supplies” (see Chapter 29). The amplifiers 
discussed in this chapter are the basic “resistance-controlled”* circuits in which 
transistors (or vacuum tubes) are used as electronically variable resistors to 
control the current through the load. Such circuits span the range from mono- 
lithic op-amps to the output amplifiers in high-power microwave transmitters. 


3.1 Single-loop amplifier 
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Figure 3.1 shows the simplest resistance-controlled amplifier. This circuit is 
just a resistive voltage divider. The manually variable resistor (rheostat) in 
(a) represents the electronically variable resistor (transistor) in (b). Remember 
that the main current path through the transistor is between the emitter and the 


' Resistance-controlled amplifier are also called linear amplifiers, to distinguish them from 
switching amplifiers, which are discussed in Chapters 9 and 29. Note, however, that linear 
amplifier 1s also used to denote amplifiers whose output waveform is a faithful (linearly 
proportional) copy of the input. 
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Figure 3.1. Basic single-loop 
amplifier. 
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voltage 
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control 
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collector; the current through the control terminal, the base, is typically less than 
1% of the emitter-collector current. The base voltage can vary the transistor’s 
resistance from infinity to almost zero so any arbitrary current waveform 
(within the range of zero to Vac/Rı) can be obtained by using an appropriate 
corresponding control voltage waveform. The load, represented as a resistor, 
Rı, could be, for example a heating element, a loudspeaker, a servomotor, or a 
transmitting antenna. 


3.2 Drive circuitry: common-collector, common-emitter, and common-base 


We will concentrate on the topologies of the output circuit or “business end” of 
amplifiers, 1.e., the high-current paths between the load and the power supply(s). 
But let us briefly discuss the drive circuitry that controls the resistance of the 
transistor(s). The discussion is illustrated with circuits using bipolar transistors, 
but the basic concepts apply also to FETs and tubes. 

In Figure 3.1(b), only one terminal is shown for the control voltage (drive 
signal) input. When the return connection for the drive signal 1s made at the 
bottom of the load resistor, we get the amplifier shown in Figure 3.2. This circuit 
is called a common-collector amplifier because the collector, in common with 
the drive signal return, is a ground point with respect to ac signals, even though 
it does have a dc voltage. 

This circuit is also called an emitter follower. The transistor will adjust its 
current flow to make the instantaneous emitter voltage almost equal to the 
instantaneous base voltage. Here “almost identical” means a small dc offset 
(the emitter voltage will be about 0.7 volts less than the base voltage) along with 
a one or two percent reduction in signal amplitude. The reason the emitter 
voltage closely follows the base voltage is that the emitter current is a rapidly 
increasing (exponential) function of the base-to-emitter voltage. 

Figure 3.3 shows the common-emitter drive arrangement, in which the 
return for the drive signal is connected to the transistor’s emitter. It is 
common to rearrange the circuit as in (b), so that the return connection for the 
drive signal and the negative terminal of the supply are at the same point 
(ground). 
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Figure 3.2. The emitter follower. 


Figure 3.3. Common-emitter 
amplifier. 


Figure 3.4. Common-base 
amplifier. 
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Input AL 


With the drive voltage placed directly across the base-emitter junction, the 
transistor current is a nonlinear (exponential) function of the drive voltage, and 
the output voltage (voltage across the load) will not be an accurate scaled 
version of the drive voltage. A special driver circuit can be used to generate 
an inverse exponential (logarithmic) drive signal to linearize the amplifier. This 
happens automatically if the base drive is a current waveform; the output current 
(and hence the voltage across the load) will have the same waveform shape as 
the base current. It is also common to use a negative feedback correction loop to 
force the output signal to follow the input signal. The common-emitter amplifier 
can supply voltage amplification as well as power amplification. 

The third and final base drive arrangement, common-base, is shown in 
Figure 3.4. In this circuit the drive current flows through the main loop. Gain 
is obtained because, while the driver and load have essentially the same current 
(the base current might be only one percent as large as the collector-emitter 
current), the voltage swing at the collector, determined by the supply voltage, is 
much greater than the voltage swing at the emitter, determined by the near short- 
circuit base-emitter junction. 


Question 
When the capacitor is fully discharged, how 
much current is flowing through the inductor? 


Answer 
None. 

32 Because there IS no current in the 
inductor, its magnetic field collapses. The 
collapsing of the magnetic field induces a 
current to flow in the inductor, and this 


current flows in the same direction as the 


original current through the inductor 
(remember that an inductor resists any 
change in current flow), which is shown In 


drawing (2) of Figure 7.44 . This current now 
charges the capacitor to a polarity that is 
opposite from the polarity that the battery 
induced. 

Question 

When the magnetic field of the inductor has 
fully collapsed, how much current will be 
flowing? 
Answer 
None. 


33 Next, the capacitor discharges through 
the inductor again, but this time the current 
flows in the opposite direction, as shown In 
drawing (3) of Figure 7.44 . The change In 
current direction builds a magnetic field of the 
opposite polarity. The magnetic field stops 
growing when the capacitor IS fully 
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Note that, as in the common-emitter amplifier, the drive signal is applied 
across the transistor’s base-to-emitter junction, so the signal developed across 
the load resistor will be a nonlinear function of the input voltage. But ifthe drive 
voltage is applied to the emitter through a series resistor, the drive current and, 
hence, the output current, will be essentially proportional to the drive voltage. 


3.3 Shunt amplifier topology 


In the amplifiers discussed above, the load current is controlled by a transistor in 
series with the load and the power supply. Another way to vary the current in the 
load is to divert current around it, as in the shunt circuit amplifier shown in 
Figure 3.5, where the supply and a series resistor form a (nonideal) current 
source. 


Figure 3.5. Shunt amplifier. Sf 


R 


series 


Control 
voltage 


This shunt circuit appears inferior to the series circuit; power will be wasted 
in the series resistor and the full supply voltage is not available to the load. We 
will see later, however, that shunt circuits can be used to advantage in ac 
amplifiers which, unlike the general-purpose amplifiers above, are amplifiers 
designed for signals whose average dc value is zero, e.g., audio and RF 
signals. 


3.4 Dual-polarity amplifiers 


If the amplifier must supply output voltages of either polarity and also must 
handle arbitrary waveforms (as opposed to ac waveforms, whose average dc 
value is zero) it will require a circuit with two power supplies (or a single 
“floating” power supply, as we shall see later). The two-loop circuit shown in 
Figure 3.6 still uses only one transistor. 

Here Rpg pulls the output toward the negative supply as much as the transistor 
allows. The voltage on the load is determined by a tug of war between Rp and 
the transistor. Note that this circuit is a combination of the series and shunt 
amplifier arrangements. If we make Vneg =— 2 Vpos and Rp = Ri, you can see 
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Figure 3.6. A dual-supply, 
single-transistor amplifier 
(drawn in two ways). 
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(a) 


that the maximum negative swing will be equal to the maximum positive Swing. 
A constant bias current is maintained in the transistor to set the output voltage at 
zero when the input signal 1s zero. The maximum efficiency 1s calculated in the 
next section, and is only b Biased amplifiers (this one and everything discussed 
so far), which draw current from the supply(s) even when the input signal is 
zero, are known as class-A amplifiers. They are commonly used where their low 
efficiency is not a problem. 


3.5 Push-pull amplifiers 


Figure 3.7. Totem pole push- 
pull amplifier. 


The two-transistor push-pull configuration shown in Figure 3.7 provides output 
voltage of both polarities and has high efficiency compared to the single- 
transistor amplifiers. (Note: non-push—pull amplifiers are often called “single- 


ended” amplifiers.) 


The top transistor allows the top supply to “push” current into the load. The 
lower transistor lets the lower supply “pull” current from the load. The push- 
pull circuit is the circuit of choice for arbitrary waveforms. The efficiency, 
calculated in the next section, is 7/4 (78%) for a sine wave of maximum 
amplitude. Since there are no series resistors, both positive and negative load 
currents are limited only by the size of the transistors and power supplies. By 
contrast, the single-transistor circuit of Figure 3.6 can deliver high positive 
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Figure 3.8. Complementary 
(PNP/NPN) push-pull amplifier. 
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current but the maximum negative current is limited by Rg.” Push-pull ampli- 
fiers are normally set up to run as class-B amplifiers, which means that, when 
the input voltage is zero, both transistors are just turned off and there is no power 
drawn from the supply(s). For low distortion, 1t 1s important that the crossover at 
I=0 be continuous, so sometimes push-pull amplifiers are run class-AB which 
means that each transistor is given some bias current. Note that the amplifier of 
Figure 3.7 uses two NPN transistors, placed one above the other like faces on a 
totem pole. The top transistor acts as an emitter follower; when it is conducting, 
the output voltage will be almost equal to that transistor’s base voltage. The 
bottom transistor, however, is driven in the common-emitter mode. The two 
transistors need drive signals of opposite polarities and present different drive 
impedances, requiring separate and different drive circuits. This unappealing 
asymmetry is eliminated in the complementary push—pull amplifier shown in 
Figure 3.8. 

The complementary push—pull amplifier uses an NPN and a complementary 
(identical, except for polarity) PNP transistor. Both operate as emitter followers. 
Except for the 0.7 V offsets, their bases could be tied together. This can be taken 
care of, as shown in the figure, by using a pair of 0.7 V batteries. (In practice, 
this is done with some diode circuitry, rather than batteries.) There is no vacuum 
tube analog to this circuit, because there are no PNP tubes.” For completeness, 
we note that a third type of push-pull amplifier is obtained by interchanging the 
transistors in the complementary push—pull amplifier. This circuit, in which 
both transistors are driven in the common-emitter mode, is found in some 
switching (one transistor full-on while the other is full-off) servo amplifiers. 

So-called bridge amplifiers are shown in Figure 3.9(a). They use a single 
power supply, but can supply the load with either polarity. 


N 


As long as the load is a pure resistor, the pull-down resistor, Rp, is not a problem; any waveform 
not exceeding the power supply voltage limits can be faithfully amplified. But if the load contains 
an unavoidable capacitance C, in parallel with R,, the amplifier must be able to deliver current 
Vout Ri + Cy, d/dt (Vout). See Problem 3.6. 

The charge carriers in semiconductors are both electrons (negative) and “holes” (positive). 
Vacuum tubes use only electrons as charge carriers, although unwanted positive ions are 
sometimes produced by electron impact. 


WwW 
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Figure 3.9. Bridge amplifiers: 
(a) full bridge (b) half bridge. 
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(b) 


These circuits have no direct connection between the power supply and the 
load; either the supply or the load must “float,” 1.e., have no ground connection. 
In the circuit of Figure 3.9(a), the top pair or bottom pair of transistors can 
operate as on—off switches (fully conducting or fully turned off). This circuit is a 
true push—pull amplifier, while the half bridge of Figure 3.9(b) 1s equivalent to a 
push-pull amplifier that has resistors in series with the power supples. This 
reduces the maximum voltage swing as well as the efficiency. 


3.6 Efficiency calculations 


As we are assuming that the drive power is small compared to the output power, 
we will calculate efficiency as the ratio of the average output power to the dc 
input power. Depending on the devices used, this ratio is known as the collector 
efficiency, drain efficiency, or plate efficiency. Most often, we want to compute 
the efficiency for the situation in which the amplifier is producing a sinusoidal 
output at full power (the condition for which the efficiency is usually a 
maximum). 

When calculating efficiency, it is important to remember that average power 
is the time average of instantaneous power, 1.e., the time average of voltage x 
current. Consider, for example, a power supply of voltage Vac that is furnishing 
a current J = Ip + J,;cos(@t). The average power is (Vaello + [;cos(at))), where 
the brackets (...) indicate averaging. Since the average of a sum is equal to the 
sum of the averages, we can expand this expression. 


(Vac(lo +1 cos(a@t))) = (Vaclo) + (Vach cos(@t)) = Vaclo, (3.1) 


since the average value of cos(œt) is zero. When a sine wave Vosin(wt) is applied 
to a resistor, the instantaneous power is VI=[V, sin(wt)|’ /R and the average 
power is Vo (sin? (wp) /R =V; /(2R)." It is also useful to remember that (sin(9)cos 
(9)) =0 and that the average value of sin(9) or cos(9) over one positive loop is 
equal to 2/1. 


* To see that (sin*()) =1, note that (sin*(0)) =(cos*(0)), since the waveforms are identical, 
and use the identity sin*(0) + cos*(@) = 1. 
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3.7 AC amplifiers 
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We will first calculate the efficiency of the amplifier of Figure 3.6, under the 
conditions that Rg =R, Vpos = Vac, and Vneg == 2V ac. Let 1, denote the current 
downward into the load; Jp, the bias current leftward into Rg; and If, the current 
downward from the emitter. Note that Jg =, + Ig. Assume the maximum signal 
condition: Vi = Vac cos(ct). This lets us write Jp = (Va, cos(a@t) + 2Vg,)/Rp. The 
power from the negative supply is therefore Preg = (Ig 2Vac) =4V a< /Rpg. The 
current into the load is just 1, = Vac cos(wt)/R,. Adding / and Jp, we have Jg = Vg. 
cos(wt)/Ry + (Va, cos(@t) + 2V4.)/Rg. Since this is the same as the current 
supplied by the positive supply (ignoring the transistor’s small base current), 
we find that the power from the positive supply is given by Ppos =2 Vac /[Rp. The 
total de power, Pac, is the sum of Ppos and Preg: Pac = 6 Vac /Rp. The power into the 
load is Vo” /(2R1), so the efficiency is given by 


Va” /(QRL) 


— 3.2 
6Vac7 /Rp a 


which reduces to y = $ when Rg = Ry. 

Next we will find the efficiency of the push—pull amplifiers of Figures 3.7 and 
3.8. Again, we assume the maximum signal condition, V= Vac cos(at). 
Consider the top transistor, which conducts during the positive half of the 
cycle. Assuming negligible base current, the current through this transistor 
will be the same as the current in the load, /=(V¿. cos(wf))/R,. During the 
positive half-cycle, the positive supply furnishes an average power given by 
(Vac X (Va Ri) cos(at)) = (Vac /R1) 2/7, since here the average is just over the 
positive loop. The negative supply, during its half-cycle, furnishes the same 
average power, since the circuit is symmetric. Thus, the efficiency is given by 

Vie One 


TT 


All the amplifiers discussed above are known as dc amplifiers because they 
can handle signals of arbitrarily low frequency. (They might well be called 
universal amplifiers since they have no high-frequency limitations except those 
set by the transistors.) Audio and RF signals, however, are pure ac signals: their 
average value, i.e., their dc component, is zero. For these signals, special ac 
amplifier circuits provide simplicity and efficiency. 

The circuit in Figure 3.10(a) is an ac version of the class-A amplifier of 
Figure 3.6. The drive signal at the base is given a positive offset (bias) which 
will create the same bias voltage at the emitter and a bias current through the 
pull-down resistor, Rg. The coupling capacitor (dc blocking capacitor) elimi- 
nates the dc bias from the load, and the output signal swings both positive and 
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Figure 3.10. Common-collector 
single-ended ac amplifiers. 
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negative. The capacitance is chosen to be high enough that the full ac signal at 
the emitter will appear at the load. Only one power supply is required for this ac 
version. If Re= œR, the maximum peak-to-peak output swing is 2/3 Vac and 
efficiency is again only +. 

A major improvement is to replace the power-dissipating pull-down resistor 
with an inductor (ac choke) as shown in Figure 3.10(b). The inductor allows the 
output to go negative as well as positive’ and makes possible a maximum output 
swing from —V¿, to +V¿.. The inductance is chosen to be high enough to 
eliminate currents at the signal frequencies. No capacitor is needed; assuming 
the choke has negligible dc resistance, the average dc on the load will be zero. 
There must be sufficient bias current through the inductor to keep the transistor 
always on for the continuous control needed in linear operation. You can 
calculate (Problem 3.1) that the maximum efficiency of this circuit is 50%; 
the inductor improves the efficiency by a factor of 6 and the output swing by a 
factor of 3. 

It might seem that the maximum efficiency of the class-B amplifier (78%) is 
only slightly better than the maximum efficiency of this class-A amplifier 
(50%). But these maximum efficiencies apply only when the amplifier is 
delivering a sine wave of maximum amplitude. For speech and music, the 
average power is much less than the maximum power. The class-B amplifier 
has little dissipation when the signal is low but a class-A amplifier, with its 
constant bias current, draws constant power equal to twice the maximum output 
power. A class-A audio amplifier rated for 25 watts output would consume a 
continuous 50 watts from its supply while a class-B amplifier of equal power 
rating would consume, on average, only a few watts, since the average power of 
audio signals is much lower than the peak power. 

Common-emitter versions of this class-A amplifier are shown in Figure 3.11. 
The circuit of Figure 13.11(b) uses the shunt amplifier topology of Figure 3.5. 
Here, the inductor provides a wideband constant current source. (If the signal 
has a narrow bandwidth (RF), a parallel-resonant LC circuit will serve the same 


> The bias current flowing downward in the inductor is essentially constant since the inductance is 
large. At the part(s) of the cycle when the current through the transistor becomes less than the 
inductor current, the inductor maintains its constant current by “sucking” current out of the load 
resistor and thus producing the negative output voltage. 
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Figure 3.11. Common-emitter 
single-ended ac amplifiers. 


Figure 3.12. Transformer- 
coupled single-ended ac 
amplifier. 
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purpose.) A blocking capacitor allows one end of the load to be grounded, 
which is often a convenience. As we have seen, current drive is called for to 
achieve linearity if the emitter is tied directly to ground. At the expense of some 
efficiency, however, the emitter can be tied to ground through a resistor to allow 
the emitter voltage to follow the drive (base) voltage. Then the emitter current, 
collector current, and output voltage will all be linearly proportional to the input 
voltage. This technique of linearizing a common-emitter amplifier is known as 
“emitter degeneration” or “series feedback.” To its credit, the common-emitter 
arrangement requires only a small and always positive drive signal, whereas the 
circuit of Figure 3.10(b) requires a drive voltage identical to the output signal, 
swinging both positive and negative. 

Often the resistance of a given load is unsuitable for obtaining the desired 
power with the given power supply voltage. In this case, the choke and blocking 
capacitor can be replaced by a transformer as shown below in Figure 3.12. 

This circuit is equivalent to that of Figure 13.11(a). The equivalence is shown 
in (b). Note how the load resistor is Ry, multiplied by the square of the trans- 
former turns ratio. The transformer’s primary winding provides the inductor. 
Again, these choke-coupled and transformer-coupled class-A amplifiers can 
provide a peak-to-peak collector swing of twice Vac. Note that if we used only 
the simple “ideal transformer” model to replace the load resistor by its trans- 
formed value, we would have no inductance and would predict a maximum 
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Figure 3.13. Symmetric 
transformer-coupled push-pull 
ac amplifier. 


Figure 3.14. Half-bridge ac 
amplifier (a) and an equivalent 
version (b). 


3.8 RF amplifiers 
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RL 


(b) 


peak-to-peak swing of only Vg, (see Chapter 14). A center-tapped transformer 
can be used to make the symmetric push—pull amplifier shown in Figure 3.13. 

This push—pull circuit, like the transformerless push—pull circuits, can be 
operated class B for high efficiency. Some high-power tube-type audio and RF 
amplifiers use this symmetric transformer circuit. Note the use of a center- 
tapped driver transformer — one way to supply the bases with the required 
opposite polarity signals. 

Transistor audio amplifiers are usually push—pull and transformerless. They 
can be built with a single power supply by using capacitor coupling, as in the 
half-bridge circuit shown below in Figure 3.14(a). The circuit of Figure 3.14(b) 
is equivalent and uses only a single capacitor. The transistors can be in either 
the totem pole arrangement (a), or in the complementary NPN/PNP arrange- 
ment (b). 

Since an audio or RF waveform has no dc component, the capacitors each 
charge to half the supply voltage and are equivalent to batteries. The capacitors 
thus form an artificial center tap for the power supply so this is an efficient 
push—pull amplifier, unlike the resistive half-bridge circuit of Figure 3.9(b). 


RF amplifiers form a subset of ac amplifiers. RF signals are narrowband ac 
signals. Besides having no dc component, they have an almost constant wave- 
form; while the amplitude and phase can vary, the shape remains sinusoidal. 
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Figure 3.15. Single-ended class- 


B RF amplifier. 


Figure 3.16. Collector voltage 
and current in the single-ended 
class-B RF amplifier. 
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This makes it possible to build a class-B RF amplifier with only a single 
transistor. The circuit (which looks no different from a class-A amplifier, except 
for the input waveform) 1s shown in Figure 3.15. 

Here the transistor “pulls” current from the load, but there is no pusher 
transistor. Instead, a parallel resonant LC circuit provides a flywheel (energy 
storage) effect which maintains the sinusoidal waveform during the half-cycle 
in which the transistor 1s not conducting. The drive waveform consists only of 
positive loops. Between these loops, the transistor is nonconducting. This 
amplifier has the same 78% maximum efficiency of a push—pull class-B 
amplifier and also the class-B virtue of drawing no power when the signal 
level is zero. Let us analyze this circuit. Assume that, during the active half- 
cycle, the transistor current is Jp sin(@), where 0 = wt and Jp is to be determined. 
Assume the resonant circuit provides enough energy storage (high enough Q) 
that the output voltage (the voltage across the load resistor) can be written as 
Asin(9). The output power is therefore A*/(2R). These voltage and current 
waveforms are shown in Figure 3.16. 

During the active half-cycle, the power (IV product) into the RCL parallel 
circuit is Jọ sin(O)A sin(@). Over a cycle, this averages to Jọ 4/4, where one factor 
of 5 is the time average of sin*() and the other factor of l comes from the 
transistor being turned off during half of every cycle. The power delivered to the 
parallel circuit must be equal to the power delivered to the load: 


LA Va’ 
4  2R` 


(3.4) 


From this we find Jọ =24/R. We can calculate the power delivered by the supply 
by noting that over the half-cycle, the instantaneous power is Vaclo sin(@). The 
average over the half-cycle is Vg, Ly 2/77 and the average over the entire cycle is 
again half of this or Vg, [p/m = Vg, 2A/(aR). The efficiency, power out divided by 
power supplied by the supply, is therefore 


_ A/2R) Arz 


CO TAR) Vat = 


At the maximum output, where A = Vac, the efficiency of this “single-ended” 
class-B amplifier is 7/4, the same as the maximum efficiency for a push—pull 
class-B amplifier. 
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The circuit of Figure 3.15, if made to conduct throughout the complete cycle, 
would be a class-A amplifier. The LC would not be needed as a flywheel, but it does 
act as a bandpass filter. Moreover, the inductance, or part of it, serves to cancel out 
the unavoidable collector-to-emitter parasitic capacitance inherent in the transistor. 


3.9 Matching a power amplifier to its load 


Problems 


In Chapter 2 we saw that, for maximum power transfer, a load should have the 
same impedance as the source that drives it. However, the power amplifiers 
discussed in this chapter all have essentially zero output impedances. Their 
Thévenin equivalent circuits are almost perfect voltage generators. Do we 
therefore try to make the load resistances as low as possible? No. The amplifiers 
are designed to deliver a specified power to a specified load. This determines the 
power supply voltages and current capacities and the required current-handling 
capacity of the transistor(s). Therefore, power amplifiers are deliberately mis- 
matched to their loads. But a power amplifier does still have some very small 
output impedance. Won’t it therefore supply the most power to a load of that 
impedance? The answer is yes, as long as the amplitude is kept very low. If the 
amplitude is turned up, such a load will simply “short out” the amplifier. 

The output amplifier in a transmitter usually includes an impedance trans- 
forming network, often called an antenna tuner. The purpose of this network is 
not to make the antenna impedance equal to the amplifier’s very low output 
impedance. Rather, the network transforms the antenna impedance to the 
impedance needed for the amplifier to produce its rated power. 


Problem 3.1. Calculate efficiency of the class-A amplifier of Figure 3.10(b). Assume 
the output is a sine wave whose peak-to-peak amplitude is 2 V4c, symmetric about V=0. 

Assume that the dc bias current in the inductor is just enough to allow the amplifier to 
produce the maximum signal. 


Problem 3.2. The class-A amplifier shown below is operating at maximum power, 


applying a 24-volt peak-to-peak sine wave to the load resistor. 


12 volts 


12 ohms 


discharged. 

Because there is no current flowing through 
the inductor, its magnetic field collapses and 
induces current to flow in the direction shown 
in drawing (3) of Figure 7.44 . 

Question 

What do you think the current generated by 
the magnetic field in the inductor will do to 
the capacitor? 
Answer 


It charges it to the original polarity. 
34 When the field has fully collapsed, the 


capacitor stops charging. It now begins to 
discharge again, causing current to flow 
through the inductor in the direction shown In 


drawing (2) of Figure 7.44 . This “seesaw” 
action of current will continue indefinitely. 
As the current flows through the inductor, a 


voltage drop occurs across the inductor. The 
magnitude of this voltage drop will increase 
and decrease as the magnitude of the 
current changes. 

Question 


What would you expect the voltage across 
the inductor to look like when you view it on 
an oscilloscope? 
Answer 


A sine wave 

35 In a perfect circuit, this oscillation 
continues and produces a continuous sine 
wave. In practice, a small amount of power is 
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Assume the choke has zero dc resistance and enough inductance to block any ac 
current and that the capacitor has enough susceptance to prevent any ac voltage drop. 
(a) Draw the waveform of the collector voltage. Hint: Remember that there can be no dc 
voltage drop across the choke. 

(b) Draw the waveform of the collector current. Hint: Remember that there is no ac 
current through the choke. 

(c) What power is drawn from the supply under the maximum signal sine wave 
condition? 

(d) Show that the efficiency under this maximum signal sine wave condition is 50%. 

(e) What power is drawn from the supply if the signal is zero? 


Problem 3.3. An ideal push-pull amplifier does not have the current limitation of the 
emitter follower, so it can drive capacitive loads at high frequencies. But what about 
inductive loads? Suppose a load has an unavoidable series inductance but large voltages 
at high frequencies must be produced across the resistive part of the load. How does this 
impact the amplifier design? 


Problem 3.4. Justify the statements made about the voltage gain (about 99%) and the 
offset (about 0.7 volts) of the emitter follower. Use the relation between the emitter 
current and base-to-emitter voltage of a (bipolar) transistor, J © J,,.exp ([Vp— V.]/0.026). 
To get a value for Zat, assume that /=10 ma when V,— V.=0.7 volts. Remember that in 
the emitter follower, V. = /¿R. Assume a reasonable value for R such as 1000 ohms and 
find V for several values of Vy. 


Problem 3.5. Find the power gain of an emitter follower, 1.e., the ratio of output signal 
power to input signal power. Use the fact that the input current (base current) is less than 
the emitter current by a factor 1/(6+1) where £ is the transistor’s current gain (typically on 
the order of 100). Remember that the output voltage is essentially the same (follows) the 
input voltage. 


Problem 3.6. The emitter follower amplifier shown below has a load which includes 
an unavoidable parallel capacitance. 


(a) What is the maximum peak-to-peak voltage that can be delivered to the load at low 
frequencies (where the capacitor can be neglected)? 

(b) At what frequency will a sine-wave output signal of half the maximum amplitude 
become distorted? Hint: Express the emitter current as the sum of the resistor current 
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and capacitor current and note that distortion will occur if this current should ever be 
negative (the transistor can only supply positive current). Answer: œ = \/3(RC). 


Problem 3.7. Consider the push-pull amplifier of Figure 3.8 when it is being driven by 
a sine-wave signal, V(t)=Vosin(wf), and is connected to a load that is an inductor, L, 
rather than a resistor. Draw a graph showing the current flowing into the inductor and the 
individual emitter currents flowing in the direction of the load. Based on your graph, 
would you agree with the statement: The top transistor applies positive voltage to the 
load and the bottom transistor applies negative voltage to the load? 


Problem 3.8. The maximum efficiency (the efficiency when the signal is a maximum- 


amplitude sine wave) of the amplifier in Figure 3.6 is — when Reg=R| and 


Vuec=— 2V pos. 
(a) Calculate the maximum efficiency when Rg = V2R| and Vyeo — (1 + V2) Vros. 
(b) Show that this combination of Rg and Viga yields the greatest maximum efficiency. 


Problem 3.9. Draw a circuit for a “double push-pull” amplifier with four transistors. 
Two of the transistors connect the load to supply voltages V¿./2 and —V¿./2. The other 
two transistors connect the load to a second pair of supplies with voltages Vae and —Vas. 
The transistors connecting the smaller power supplies are turned off (nonconducting) 
when Vo | > Va-/2 and the transistors connecting the larger power supplies are turned off 
when |Vout| < Va-/2. Calculate the efficiency when the output is a sine wave swinging 
from —V4, to +V¿.. This circuit is sometimes called a class-K amplifier. 


CHAPTER 


Figure 4.1. Lowpass ladder 
network. 


Figure 4.2. Ladder network as a 
cascade of voltage dividers. 
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Bandpass filters are key elements in radio circuits, for example, in radio 
receivers, to select the desired station. Here we will discuss lumped-element 
filters made of inductors and capacitors. We will first look at lowpass filters, and 
then see how they serve as prototypes for conversion to bandpass filters. We 
begin with the well-established lowpass filter prototypes — Butterworth, 
Chebyshev, Bessel, etc. These lowpass prototypes are simple LC ladder net- 
works with series inductors and shunt capacitors, as shown in Figure 4.1. 


A E eee 
A + A 


An n-section lowpass filter has n components (capacitors plus inductors). The 
end components can be either series inductors, as shown above, or shunt 
capacitors, or one of each. Since they contain no (intentional) resistance, these 
filters are reflective filters; outside the passband, it is mismatch that keeps power 
from reaching the load. The ladder network can be redrawn as a cascade of 
voltage dividers as in Figure 4.2. 


oth 
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At high frequencies the division ratio increases so the load is increasingly 
isolated from the source. For frequencies well above cutoff, each circuit element 
contributes 6dB of attenuation per octave (20dB per decade). Within the 
passband, an ideal lowpass filter provides a perfect match between the load 
and the source. Filters with many sections approach this ideal. When the source 
and load impedances have no reactance (either built-in or parasitic) it is 
theoretically possible to have a perfect match across a wide band. 


4.1 Prototype lowpass filter designs 


The Butterworth filter is maximally flat, that is, it is designed so that at zero 
frequency the first 2n—1 derivatives with respect to frequency of the power 
transfer function are zero. The final condition (needed to determine the values of 
n elements) is the specification of the cutoff frequency, fo, often specified as the 
3-dB or half-power frequency. The frequency response of the Butterworth filter 
turns out to be 


Vout 
Vi 


e 1 
1+ FA” 
While it is the flattest filter, the Butterworth filter does not have skirts as sharp as 


those of the Chebyshev filter. The trade-off is that the Chebyshev filters have 
some passband ripple. The design criterion for the Chebyshev filter is that these 


(4.1) 


ripples all have equal depth. The response is given by 


2 
l 
~ 1+ (V-2 — 1) cosh? (n cosh (f/f) 


Vout 
Vin 


(4.2) 


where Vis the height above zero of the ripple valley (in voltage) relative to the 
height of the peaks. 

You will find tables of filter element values in many handbooks and text- 
books. Two tables from Matthaei, Young and Jones [2] are given in Appendix 
4.1 at the end of this chapter. These tables are for normalized filters, 1.e., the 
cutoff frequency' is 1 radian/sec (1/27 Hz). The value of the n-th component is 
g, farads or henrys, depending on whether the filter begins with a capacitor or 
with an inductor. The proper source impedance is 1 +30 ohms. This is also the 
proper load impedance except for the even-order Chebyshev filters, where it is 
1/g,+,;+j0 ohms. Figure 4.3 shows plotted power responses of a Butterworth 
filter and several Chebyshev filters. 


' The cutoff frequency for the Butterworth filters is the half-power (3 db) point. For an n-dB 
Chebyshev filter it is the highest frequency for which the response is down by n dB (see 
Figure 4.3). 
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Figure 4.3. Butterworth and 


Chebyshev responses. rower 


cheb8 (f) 


cheb4(f) 


cheb2 (f) 


butter (f) 


Power in dB 0 


10-(log (cheb8 (f))) 


10-(log (cheb4 (f))) 


10-(log (cheb2 (f))) 


10-(log (butter (f))) 


100 
0 


4.2 A lowpass filter example 


As an example, we will look at the three-section Butterworth lowpass filter. 
From the table, the filter has values of 1 H, 2 F, and 1 H (Figure 4.4a) or 1F, 2H, 
and 1F (Figure 4.4b). The (identical) responses for these two filters are given in 
Table 4.1 and plotted in Figure 4.5. Note that they work as advertised; the 3-dB 
point 1s at 0.159 Hz. 

Suppose we need a three-section Butterworth that is 5kHz wide and works 
between a 50-ohm generator and a 50-ohm load. We can easily find the element 
values by scaling the prototype. The values of the inductors are just multiplied 
by 50 (we need 50 times the reactance) and divided by 27-5000 (we need to 
reach that reactance at 5 kHz, not 1 radian/sec). Similarly, the capacitor values 
are divided by 50 and divided by 27:5000. Figure 4.6 shows the circuit resulting 
from scaling the values of Figure 4.4b. 

The response of the scaled filter is shown below in Table 4.2 and Figure 4.7. 
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Figure 4.4. Equivalent three- 
section Butterworth lowpass 
filters. 


Figure 4.5. Plotted response of 
filters of Figure 4.4. 
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1H 


(a) 


Table 4.1 Frequency response for filters of Figure 4.4. 


Frequency (Hz) 


0.00 
0.0321 
0.0640 
0.095 
0.1270 
0.1590 
0.1910 
0.2230 
0.2540 
0.2860 
0.3180 


Power 


1.000 
0.000 
0.996 
0.955 
0.792 
0.500 
0.251 
0.117 
0.056 
0.029 
0.015 


Response 
(dB) 


—0.0 
—0.0 
— 0.02 
— 0.20 
—1.01 
—3.01 
— 6.00 
9.31 
125 
— 15.4 
— 18.1 


2H 


(b) 
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Figure 4.6. Filter of Figure 4.4(b), 3.18 mH 
after conversion to 50 ohms and 


5 kHz cutoff frequency. 
0.637 uF 
L [oe uF 50 ohms 
Table 4.2 Response of the scaled lowpass filter of Figure 4.6. 
Frequency (Hz) Power Response (dB) 
0 1.000 —0.0 
1000 1.000 —0.0 
2000 0.996 — 0.02 
3000 0.956 — 0.20 
4000 0.793 -1.01 
5000 0.500 -3.01 
8000 0.056 =125 
6000 0.251 — 6.00 
7000 0.117 =9 3] 
9000 0.029 -15.4 
10000 0.015 -18.1 
Figure 4.7. Plotted response of 1 
the scaled lowpass filter of 
Figure 4.6. 0.75 
pwr(w) 0.5 
0.25 
0 
0 2500 5000 7500 1-10* 
a 
2:7 


4.3 Lowpass-to-bandpass conversion 


Here we will see how to convert lowpass filters into bandpass filters. Remember 
how the lowpass filters work: as frequency increases, the series arms (inductors), 
which are short circuits at dc, begin to pick up reactance. Likewise, the shunt arms 
(capacitors), which are open circuits at dc, begin to pick up susceptance. Both 
effects impede the signal transmission, as we have seen. To convert these lowpass 
filters in the most direct way to bandpass filters, we can replace the inductors by 
series LC combinations and the capacitors by parallel LC combinations. The series 
combinations are made to resonate (have zero impedance) at the center frequency 
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of the desired bandpass filter, just as the inductors had zero impedance at dc, the 
“center frequency” of the prototype lowpass filter. It is important to note that as we 
move away from resonance, a series LC arm picks up reactance at twice the rate of 
the inductor alone. This is easy to see: The reactance of the series arm is given by 


1 
Xseries = OL — ae . (4.3) 
Differentiating with respect to œ, we find 
dY l 
— = L + —. 4.4 
dæ $ w? C Sisi 
At ©=@o, 
dX 1 
da y m2 C (a) 


As we move off resonance, the inductor and the capacitor provide equal 
contributions to the reactance. Likewise, the parallel LC circuits, which replace 
the capacitors in the prototype lowpass filter, pick up susceptance at twice the 
rate of their capacitors. With this in mind, let us convert our 5-kHz lowpass filter 
into a bandpass filter. Suppose we want the center frequency to be 500 kHz and 
the bandwidth to be 10 kHz. As we move up from the center frequency, the 
series arms must pick up a reactance at the same rate the inductors picked up a 
reactance in the prototype lowpass filter. Similarly, the shunt arms must pick up 
susceptance at the same rate the capacitors picked up susceptance in the proto- 
type. This will cause the bandpass filter to have the same shape above the center 
frequency as the prototype had above dc. If the 3-dB point of the prototype filter 
was 5 kHz, the upper 3-dB point of the bandpass filter will be at 5 kHz above the 
center frequency. The bandpass filter, however, will have a mirror-image 
response as we go below the center frequency. (Below center frequency the 
reactances and susceptances change sign but the response remains the same.) 
Let us calculate the component values. As we leave center frequency, the series 
circuits will get equal amounts of reactance from the L and the C, as explained above. 
Therefore the series inductor values should be exactly half what they were in the low 
pass prototype. Note: no matter how high we make the center frequency, the values of 
the inductors are reduced only by a factor of 2 from the those of the scaled lowpass 
filter. The series capacitors are chosen to resonate at the center frequency with the new 
(half-value) series inductors. The values of the parallel arms are determined similarly; 
the parallel capacitors must have half the value they had in the prototype lowpass filter. 
Finally, the parallel inductors are chosen to resonate with the new (half-value) parallel 
capacitors. These simple conversions yield the bandpass filter shown in Figure 4.8. 
The response of this bandpass filter is given below in Table 4.3 and Figure 4.9. 
While this theoretical filter works perfectly (since its components are lossless), 
the component values are impractical; typical real components with these values 
would be too lossy to achieve the calculated filter shape. When a bandpass filter is 
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Figure 4.8. Bandpass filter. 


Figure 4.9. Plotted response for 
Table 4.3. 
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63.72 pF 


50 ohms 
1.59 mH 


0.3176 uH 0.3176 uH 


0.319 uF 0.319 uF 


Table 4.3 Response of the bandpass filter of Figure 4.8. 


Frequency (kHz) Power Response (dB) 
490 0.014 —18.1 
492 0.053 —12.8 
494 0.241 6.19 
496 0.785 —1.05 
498 0.996 —0.18 
500 1.000 — 0.00 
502 0.996 —1.16 
504 0.801 — 0.966 
506 0.260 —5.84 
508 0.059 -12.9 
510 0.016 -17.9 
1 

0.75 
pwr(w) 0.5 

0.25 

0 
4.8-10° 4.9-10° 5-109 5.1:10° 5.2-10° 
ae 
21 


to have a large fractional bandwidth (bandwidth divided by center frequency) this 
direct conversion from lowpass to bandpass can be altogether satisfactory. It is 
when the fractional bandwidth is small, as in this example, that the direct 
conversion gets into trouble.” We will see later that the problem is solved by 


2 The component problem with the straightforward lowpass-to-bandpass conversion is that the values 
of the series inductors are very different from the values of the parallel inductors. (The same is true 
of the capacitors, but high-O capacitors can usually be found.) In the above example, the inductors 
differ by a factor of about 5000 and it is normally impossible to find high-O components over this 
range. (Low-Q inductors, of course, make the filter lossy and, if not accounted for, distort the bandpass 
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transforming the prototype lowpass filters into somewhat more complicated 
bandpass circuits known as coupled resonator filters. Those filters retain the 
desired shape (Butterworth, Chebyshev, etc.) and can serve, in turn, as prototypes 
for filters made from quartz or ceramic resonators and for filters made with 
resonant irises (thin aperture plates that partially block a waveguide). 


Appendix 4.1. Component values for normalized lowpass filters” 


L=g, 


Figure 4.10. Definition of 


Led 


C=9%3 G=g,.4 or C=¢. R=9n41 


(a) 


C=9> C= 9p, R=9n41 or G=9n+1 


prototype filter parameters, gi, 
92, ..., Gn, Gn+1. The prototype 
circuit (a) and its dual (b) give 


the same response. 


Table A4.1 Element values for Butterworth (maximally flat) lowpass filters (the 3-dB point is at œ =1 radian/sec). 


Value ofn gı 


2.000 

1.414 

1.000 

0.7654 
0.6180 
0.5176 
0.4450 
0.3902 
0.3473 
0.3129 


SOO OoOnNINWMN BWN 


— 


82 


1.000 
1.414 
2.000 
1.848 
1.618 
1.414 
1.247 
1.111 
1.000 
0.9080 


83 84 85 86 8&7 88 89 810 811 
1.000 
1.000 1.000 


1.848 0.7654 1.000 

2.000 1.618 0.6180 1.000 

1.932 1.932 1.414 0.5176 1.000 

1.802 2.000 1.802 1.247 0.4450 1.000 

1.663 1.962 1.962 1.663 1.111 0.3902 1.000 

1.532 1.879 2000 1.879 1.532 1.000 0.3473 1.000 

1.414 1.782 1.975 1.975 1.782 1.414 0.9080 0.3129 1.000 


shape.) The inductors in coupled-resonator filters are all of about the same value. If a high-O 
inductor can be found, the coupled resonator filter is designed for whatever impedance calls for that 
value of inductor and then transformers or matching sections are used at each end to convert to the 
desired impedance. 

From Matthaei, Young, and Jones [2]. 


lost in the DC resistance of the inductor and 
the other wiring. As a result, the sine wave 


gradually decreases in amplitude and dies out 
to nothing after a few cycles, as shown In 
Figure 7.45 

Figure 7.45 

Question 

How might you prevent this fade-out? ——__ 
Answer 

By replacing a small amount of energy In 


each cycle. 

This lost energy can be injected into the 
circuit by momentarily closing and opening the 
switch at the correct time. (See drawing [1] 
of Figure 7,44 .) This would sustain the 
oscillations indefinitely. 

An electronic switch (such as a transistor) 
could be connected to the inductor as shown 
in Figure 7.46 . Changes in the voltage drop 
across the inductor would turn the electronic 
switch on or off, thereby opening or closing 
the switch. 

Figure 7.46 
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Table A4.2 Element values for Chebyshev lowpass filters (for a filter with N-dB ripple, the last N-dB 
point is at œ = 1 radian/sec). 


Value ofn  g; 
0.01-dB ripple 
l 0.0960 
2 0.4488 
3 0.6291 
4 0.7128 
5 0.7563 
6 0.7813 
7 0.7969 
8 0.8072 
9 0.8144 
10 0.8196 
0.1-dB ripple 
1 0.3032 
2 0.8430 
3 1.0315 
4 1.1088 
5 1.1468 
6 1.1681 
7 1.1811 
8 1.1897 
9 1.1956 
10 1.1999 
0.2-dB ripple 
1 0.4342 
2 1.0378 
3 1.2275 
4 1.3028 
5 1.3394 
6 1.3598 
7 1.3722 
8 1.3804 
9 1.3860 
10 1.3901 
0.5-dB ripple 
1 0.6986 
2 1.4029 
3 1.5963 
4 1.6703 
5 1.7058 
6 1.7254 
7 1.7372 
8 1.7451 
9 1.7504 
10 1.7543 
1.0-dB ripple 
1 1.0177 
2 1.8219 
3 2.0236 


8&2 


1.0000 
0.4077 
0.9702 
1.2003 
1.3049 
1.3600 
1.3924 
1.4130 
1.4270 
1.4369 


1.0000 
0.6220 
1.1474 
1.3061 
l-3712 
1.4039 
1.4228 
1.4346 
1.4425 
1.4481 


1.0000 
0.6745 
L325 
1.2844 
1.3370 
1.3632 
1.3781 
1.3875 
1.3938 
1.3983 


1.0000 
0.7071 
1.0967 
1.1926 
1.2296 
1.2479 
1.2583 
1.2647 
1.2690 
1.2721 


1.0000 
0.6850 
0.9941 
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1.1007 
0.6291 
¡ESPA O, 
1.5773 
1.6896 
1.7481 
1.7824 
1.8043 
1.8192 


1.3554 
1.0315 
1.7703 
1.9750 
2.0562 
2.0966 
2.1199 
2.1345 
2.1444 


1.5386 
Lees 
1.9761 
2.1660 
2.2394 
2:2150 
2.2963 
2.3093 
2.3181 


1.9841 
1.5963 
2.3661 
2.5408 
2.6064 
2.6381 
2.6564 
2.6678 
2.6754 


2.6599 
2.0236 
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1.0000 
0.6476 
1.3049 
1.5350 
1.6331 
1.6833 
1.7125 
1.7311 


1.0000 
0.8180 
1.3712 
1.5170 
L37733 
1.6010 
1.6167 
1.6265 


1.0000 
0.8468 
1.3370 
1.4555 
1.5001 
1:5217 
1.5340 
1.5417 


1.0000 
0.8419 
1.2296 
1.3137 
1.3444 
1.3590 
1.3673 
1.3725 


1.0000 


85 


1.1007 
0.7563 
1.4970 
1.7481 
1.3329 
1.9057 
1.9362 


1.3554 
1.1468 
1.9029 
2.0966 
2.1699 
2.2053 
2.2233 


1.5386 
1.3394 
2.0974 
2,2130 
2.3413 
2.3128 
2.3904 


1.9841 
1.7058 
2.4758 
2.6381 
2.6964 
2.1239 
2.1392 
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1.0000 
0.7098 
1.3924 
1.6193 
1.7125 
1.7590 


1.0000 
0.8618 
1.4228 
1.5640 
1.6167 
1.6418 


1.0000 
0.8838 
1.3781 
1.4925 
1.5340 
1.5536 


1.0000 
0.8696 
1.2583 
1.3389 
1.3673 
1.3806 
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1.1007 
0.7969 
1.5554 
1.8043 
1.9055 


1.3554 
1.1811 
1.9444 
2.1345 
2.2046 


1.5386 
153122 
2.1349 
2:3093 
2.3720 


1.9841 
1:7372 
2.5093 
2.6678 
2.7231 
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1.0000 
0.7333 
1.4270 
1.6527 


1.0000 
0.8778 
1.4425 
1.5821 


1.0000 
0.8972 
1.3938 
1.5066 


1.0000 
0.8796 
1.2690 
1.3485 


89 £10 


1.1007 
0.8144 1.0000 
1.5817 0.7446 


1.3554 
1.1956 1.0000 
1.9628 0.8853 


1.5386 
1.3860 1.0000 
2.1514 0.9034 


1.9841 
1.7504 1.0000 
2.5239 0.8842 


£11 


1.1007 


1.3554 


1.5386 


1.9841 
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Table A4.2 (cont.) 


Value ofn  g; 
4 2.0991 
5 2.1349 
6 2.1546 
1 2.1664 
8 2.1744 
9 2:1797 
10 2.1836 
2.0-dB ripple 
1 1:5296 
2 2.4881 
3 2.7107 
4 2.1925 
5 2.8310 
6 2.8521 
7 2.8655 
8 2.8733 
9 2.8790 
10 2.8831 
3.0-dB ripple 
l 1.9953 
2 3.1013 
3 3.3487 
4 3.4389 
5 3.4817 
6 3.5045 
7 3.5182 
8 Jaa] 
9 3.5340 
10 3.5384 
Problems 


8&2 


1.0644 
1.0911 
1.1041 
1.1116 
1.1161 
1.1192 
1.1213 


1.0000 
0.6075 
0.8327 
0.8806 
0.8985 
0.9071 
0.9119 
0.9151 
0.9171 
0.9186 


1.0000 
0.5339 
0.7117 
0.7483 
0.7618 
0.7685 
0.7723 
0.7745 
0.7760 
0.7771 
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2.6311 
3.0009 
3.0634 
3.0934 
3.1107 
3.1215 
3.1286 


4.0957 
2.07 
3.6063 
3.7827 
3.8467 
3.8780 
3.8948 
3.9056 
3.9128 


5.8095 
3.3487 
4.3471 
4.5381 
4.6061 
4.6386 
4.6575 
4.6692 
4.6768 


84 


0.7892 
1.0911 
1.1518 
1.1736 
1.1839 
1.1897 
1.1933 


1.0000 
0.6819 
0.8985 
0.9393 
0.9535 
0.9605 
0.9643 
0.9667 


1.0000 
0.5920 
0.7618 
0.7929 
0.8039 
0.8089 
0.8118 
0.8136 
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2.0599 
2.1349 
2.9367 
3.0934 
3.1488 
3.1747 
3.1890 


4.0957 
2.8310 
3.7151 
3.8780 
3.9335 
3.9598 
3.9743 


5.8095 
3.4817 
4.4641 
4.6386 
4.6990 
4.7272 
4.7425 


86 


1.0000 
0.8101 
1.1116 
1.1696 
1.1397 
1.1990 


1.0000 
0.6964 
0.9119 
0.9510 
0.9643 
0.9704 


1.0000 
0.6033 
0.7723 
0.8018 
0.8118 
0.8164 


87 


2.6599 
2.1664 
2.9685 
3.1215 
3.1738 


4.0957 
2.8655 
3.7477 
3.9056 
3.9589 


5.8095 
3.5182 
4.4990 
4.6692 
4.7260 


88 


1.0000 
0.8175 
1.1192 
1.1763 


1.0000 
0.7016 
0.9171 
0.9554 


1.0000 
0.6073 
0.7760 
0.8051 


89 


2.6599 
2.1797 


£10 


1.0000 


Sli 


2.9824 0.8210 2.6599 


4.0957 
2.8790 


1.0000 


3.7619 0.7040 4.0957 


5.8095 
3.5340 
4.5142 


1.0000 
0.6091 


5.8095 


Problem 4.1. Design a five-element lowpass filter with a Chebyshev 0.5-dB ripple 


shape. Let the input and output impedances be 100 ohms. Use parallel capacitors at the 
ends. The bandwidth (from dc to the last 0.5-dB point) is to be 100 kHz. Use Table A4.2 
to find the values of the prototype 1 ohm, 1 rad/sec filter and then alter these values for 
100 ohms and 100 kHz. 


100 
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Problem 4.2. Use the results of Problem 4.1 to design a five-element bandpass filter 
with a Chebyshev 0.5-dB ripple shape. Let the input and output impedances remain at 
100 ohms. The center frequency is to be 5 MHz and the total bandwidth (between outside 
0.5-dB points) is to be 200 kHz. 


Lo, Cao L22 C22 
C11 
C33 C11 100 
100 Emi L33 | Li, 


Problem 4.3. Convert the filter of Problem 4.2 to operate at 50 ohms by adding an L- 
section matching network at each end. Test the filter design using your ladder network 


analysis program, sweeping from 4.5 to 5.5 MHz in steps of 20 KHz. 


Problem 4.4. The one-section bandpass filter shown below uses a single parallel 
resonator. In its prototype lowpass filter, the resonator is a single shunt capacitor. 
Show that the frequency response of this filter is given by 


eo, 
Pmax 1+ 0-(f/fo —fo/f) 


where fo is the resonant frequency of the LC combination and O is defined as R/(@oL), 
where R is the parallel combination of Rs and R,. 


Problem 4.5. Highpass filters are derived from lowpass filters by changing inductors 
to capacitors and vice versa and replacing the component values in the prototype lowpass 
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tables by their reciprocals. (A 2-F capacitor, for example, would become a 0.5-H 
inductor.) The prototype highpass response at œ will be equal to the prototype lowpass 
response at 1/0. Convert the lowpass filter of Figure 4.4(b) into a highpass filter. 
(Answer: 1 H, 0.5F, 1H.) Next, scale it to have a cutoff frequency of 5kHz and to 
operate at 50 ohms. Finally, convert the scaled filter into a bandstop filter with a stopband 
10 kHz wide, centered at 500 kHz. 


Problem 4.6. Enhance your ladder network analysis program (Problem 1.3) to display 
not just the amplitude response of a network, but also the phase response (phase angle of 
the output voltage minus phase angle of the input voltage). Calculate the phase response 
of the Butterworth filter in Figure 4.4(a). Note: ladder networks belong to a class of 
networks (“minimum phase networks”) for which the amplitude response uniquely 
determines the phase response and vice versa. In Chapter 12 we will encounter “allpass” 
filters which are not in this class; phase varies with frequency while amplitude remains 
constant. 

Example answer: For the MATLAB program listing in Problem 1.3, simply insert the 
following two lines ahead of the last two lines in the original program. 


figure(3);plot(-180/pi*angle(Vgen)); 
grid; xlabel(‘Frequency’);ylabel(‘degrees’);title(‘Phase response’ ); 
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CHAPTER 


Frequency converters 


A common operation in RF electronics is frequency translation, whereby all the 
signals in a given frequency band are shifted to a higher frequency band or to a 
lower frequency band. Every spectral component is shifted by the same amount. 
Cable television boxes, for example, shift the selected cable channel to a low 
VHF channel (normally channel 3 or 4). Nearly every receiver (radio, tele- 
vision, radar, cell phone, ... ) uses the superheterodyne principle, in which the 
desired channel is first shifted to an intermediate frequency or “IF” band. Most 
of the amplification and bandpass filtering 1s then done in the fixed IF band, 
with the advantage that nothing in this major portion of the receiver needs to be 
retuned when a different station or channel is selected. The same principle can 
be used in frequency-agile transmitters; it is often easier to shift an already 
modulated signal than to generate it from scratch at an arbitrary frequency. 
Frequency translation is also called conversion and is even more commonly 
called mixing.’ 


5.1 Voltage multiplier as a mixer 
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A mixer takes the input signal or band of signals (segment of spectrum), which 
is to be shifted, and combines it with a reference signal whose frequency is equal 
to the desired shift in frequency. In a radio receiver, the reference or “L.O.” 
signal is a sine-wave, generated within the receiver by a local oscillator.” 
Mixers, in order to produce new frequencies, must necessarily be nonlinear 
since linear circuits can change only the amplitudes and phases of a set of 
superposed sine waves. Multiplication is the nonlinear operation used in mixers 


' In audio work “mixing” means addition, a linear superposition that produces no new frequencies. 
In RF work, however, mixing means multiplication; an RF mixer either directly or indirectly 
forms the product of the input signal voltage and a sinusoidal “local oscillator” (L.O.) voltage. 
Multiplication produces new frequencies. 

2 The earliest radio receivers employed no frequency conversion, so they had no “local” oscillator; 
the only oscillator was remote — at the transmitter location. 
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Figure 5.1. A voltage 


multiplier used as a frequency 


converter (mixer). 


sin(t) 


sin(1.455:1) 


sin(t):sin(1.455-2) 


Figure 5.2. Multiplier input 
and output waveforms. 
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Multiplier 


PAS OQ 


Local osc. signal 


to produce new signals at the shifted frequencies. Figure 5.1 shows a voltage 
multiplier with its signal and L.O. inputs. A circumscribed X is the standard 
symbol for a mixer. The input signal port of the mixer is usually labeled “RF,” 
while the other two ports are labeled “LO” and “OUT” (or “IF’’). 

The output voltage from the multiplier is the product (or proportional to the 
product) of the two input voltages. In Figure 5.2 a sine-wave input signal is 
multiplied by an L.O. that is 1.455 times higher in frequency. These multi- 
plicands are shown in the top graph. The bottom graph shows their product 
which can be seen to contain frequencies both higher and lower than the original 
frequencies. 

The familiar “sin(a)sin(b)” trigonometric identity shows that, in this simple 
case, the multiplier output consists of just two frequencies: an up-shifted signal 
at wy + œr and a down-shifted signal at œ — Or: 


sin(ort) sin(wLt) = 1/2 [cos(or—01 )t— cos(wr + 01 JH]. (5.1) 
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5.2 Switching mixers 


Figure 5.3. Switching mixer 
operation. 
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If we replace the single RF signal by V,¡sin(or¡1) + V>sin(@pot), a signal with 
two spectral components, you can confirm that the output will be 


12V; cos([ø@ri —0L ]£) + lh Vz cos([@r2—wL]t) 


(5.2) 
—lhV, cos( [wr] + wy |t) — 1/21) cos( [wr + wlt). 


Just as this linear combination of two signals is faithfully copied into both an up- 
shifted band and a down-shifted band, any linear combination, 1.e., any spectral 
distribution of signals, will be faithfully copied into these shifted output bands. 
With respect to signals applied to the RF port, you can see that the mixer is a 
linear device; all the components are translated (both up and down) in fre- 
quency, but their relative amplitudes are left unchanged and there is no inter- 
action between them. Usually one wants only the up-shifted band or only the 
down-shifted band; the other is eliminated with an appropriate bandpass filter. 
Ideal analog (or digital) multipliers are being used more commonly as mixers in 
RF electronics as their speeds increase with improving technology. 


If the L.O. waveform is square, rather than a sinusoidal, the mixer output will 
contain not only the fundamental up-shifted and down-shifted outputs but also 
components at offsets corresponding to the third, fifth, and all other odd harmonics 
of the L.O. frequency, i.e., at offsets corresponding to all the frequencies in the 
Fourier decomposition of the square wave. You can confirm this by simply multi- 
plying the Fourier series for the square-wave L.O. by the superposition of signals in 
the input at the RF port. These new components are usually very easy to filter out so 
there is no disadvantage in using a square-wave L.O. In fact, there is an advantage. 
Consider an L.O. signal that is a square wave with values +1. In this case, since the 
multiplier multiplies the input signal only by either +1 or — 1, 1t can be replaced by 
an electronic SPDT switch that connects the output alternately to the input signal 
and the negative of the input signal. This equivalence is shown in Figure 5.3. 

The phase inversion needed for the bottom side of the switch can easily be 
done with a center-tapped transformer and the switching can be done with two 


V(in) 
In 

| 

= | 

| 

. -V(in) | 

= Inverting i 
L.O. Voltage amplifier | LJ] 


(a) (b) L.O. 
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| 

—V (in) | 
L.O. 
gage ee ee 
(a) (c) 

Figure 5.4. Active switching 
mixer using transistors. 
Figure 5.5. Alternate active Vlin) N.C. Vlin) 


switching mixer. 


transistors, one for the high side and one for the low side. In the circuit of 
Figure 5.4 the switches are FETs. (Mixers based on transistors are called active 
mixers.) A second center-tapped transformer provides the L.O. phase inversion 
so that one FET is turned on while the other is turned off. 

We could just as well have taken the signal from the center tap and used the 
FETs to ground one end of the secondary and then the other. With this arrange- 
ment, shown in Figure 5.5, it is easier to provide the drive signals to the 
transistors, since they are not floating. 

Diodes are commonly used as the switching elements for the arrangement 
shown in Figure 5.5. This results in the passive switching mixer circuit shown in 
Figure 5.6. 

Voltage from the L.O. transformer alternately drives the top diode pair and the 
bottom pair into conduction. The L.O. signal is made large enough that the con- 
ducting diodes have very low impedance (small depletion region) and the non- 
conducting diodes have a very large impedance (wide depletion region). The end of 
the input transformer connected between the turned-on diode pair is effectively 
connected to ground through the secondary of the L.O. transformer. Note that current 
uses both sides ofthe L.O. transformer on the way to ground, so no net flux is created 
in that transformer and it has zero impedance for this current. This circuit is usually 
drawn in the form shown in Figure 5.6(b) and is referred to as a diode ring mixer. 
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V(in) 


(a) 


Figure 5.6. Diode ring mixer. 


Figure 5.7. Unbalanced 
switching mixers. 
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(b) 


—_—_——————————————— . . 
In Ideal rectifier 


< Out In 7 Out 
4 E Js N 


Var + Vio. 
(a) 


All the switching mixers shown above are “double-balanced” which means 
that no L.O. frequency energy appears at the RF or IF ports and no RF, except for 
the mixing products, appears at the OUT port. A balanced mixer is desirable, for 
example, when it is the first element in a receiver. An unbalanced mixer would 
allow L.O. energy to feed back into the antenna and the radiation could cause 
interference to other receivers (and could also reveal the position of the receiver). 
An unbalanced switching mixer is shown in Figure 5.7(a). It multiplies the signal 
by a square wave that goes from +1 to 0 (rather than +1 to — 1) which is just a + 3 
to — z square wave together with a bias of L, The square-wave term produces the 
up-shifted and down-shifted bands as before, but the bias term allows one-quarter 
of the RF input power to get through, unshifted in frequency, to the output. 

A simple version of this mixer, using an ideal rectifier, is shown in Figure 5.7 
(b). The L.O. and RF voltages are added here, by means of a transformer, and 
their sum is rectified. The voltage at the output is equal to the sum voltage when 
the sum is positive and is equal to zero when the sum is negative. If the L.O. 
voltage is large compared to the RF voltage, the rectifier effectively conducts 
when the L.O. voltage is positive and disconnects when the L.O. voltage is 
negative, allowing the resistor to pull down the output voltage to zero. Thus, the 
RF signal is switched to the output at the L.O. rate. Note, however, that this 
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mixer 1s totally unbalanced; both the L.O. and RF signals appear at the mixer, 
together with the sum and difference frequencies. 


Let us consider the loss in the switching mixers in Figures 5.4, 5.5, and 5.6. Refer 
to Figure 5.4(a) and assume that the OUT port is terminated by a load resistor R, 
whose value equals Rs, the source impedance of a sine-wave signal source 
connected to the IN port. Note that the source has no way of knowing that the 
load resistor is being reversed on half of every cycle of the L.O. The source just 
sees a matched load and therefore delivers its maximum power. Some of the 
power on the load is at the desired sum or difference frequency. The ratio of this 
desired power to the power available from the source is known as the conversion 
gain. For the diode ring mixer, the ratio is less than unity, 1.e., a conversion loss. 
We can easily calculate this loss. The reversing switch presents the load with a 
voltage that is half the source voltage (since Rs and R, form a voltage divider), 
multiplied by a dimensionless +1 square wave. Fourier analysis shows that the 
square wave is made of a sine wave at the square-wave frequency plus a sine 
wave at every odd multiple of this frequency. The amplitude of the fundamental 
sine wave is 4/z. The amplitudes of the higher harmonics fall off as 1/n. 
Evaluating the product of this square wave and the source voltage we have 


Vout = 1/4Vs cos(ort) - [4/2)(cos(@t) + 37? cos(3wLt) + 57? cos(Sot) +...] 
= 1/,V3(4/7) cos (ort) cos(@t) +... 
= 1/,V3(4/1)[(1/2) cos (or—001 )t + (1/2) cos (or + 01 )] +... 
(5.3) 


We see that the amplitude of the desired sum or difference frequency component 
is ⁄2Vs(4/m) (1/2). The amplitude available from the source is Y4Vg, so the 
conversion gain is the ratio of the squares of these amplitudes: 


2 
14117 //1140/N/1 4 11” 
Conversion gain = G m 5) / (555) (5) (5) = (- 5) = 0.4052 
(5.4) 


or, in dB, 10 log (0.4052) =- 3.92 dB. In practice, the loss is typically greater 
than this by a dB or so, due to loss in the diodes and in the transformers. 


5.3 A simple nonlinear device as a mixer 


Finally, let us consider a mixer that uses a single nonlinear device, but not as a 
switch. Figure 5.8 shows a single-diode mixer. The first op-amp 1s used to sum 
the RF and L.O. voltages. The sum is applied to the diode. The input of the 
second op-amp is a virtual ground so the full sum voltage is applied across the 


Electronic 


switch 


The small voltage drop across the few turns 
of the inductor (also referred to as a coil), 
between point B at the end of the coil, and 
point A about halfway along the coil, is used 
to operate the electronic switch. These points 
are shown in Figure 7.30 

Using a small part of an output voltage in 
this way is called feedback because the 
voltage is “fed back” to an earlier part of the 
circuit to make it operate correctly. 

When you properly set up such a circuit, it 
produces a continuous sine wave output of 


constant amplitude and constant frequency. 
This circuit is called an oscillator . You can 
calculate the frequency of the sine waves 
generated by an oscillator with the following 


formula for determining resonant frequency: 


f— l 
2714/ LC 
The principles you learned in the last few 
problems are used in practical oscillator 


circuits, such as those presented in Chapter 
9, 
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Figure 5.8. Hypothetical 
single-diode mixer circuit. 
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Ver + VL o. A 
¡ode 


diode. With its feedback resistor, the second op-amp acts as a current-to-voltage 
converter; it produces a voltage proportional to the current in the diode. The 
current, a nonlinear (exponential) function of the applied voltage, will contain 
mixing products at frequencies Nor» + Mo; y. where N and M are simple 
integers. Note that this circuit is essentially the same as that of Figure 5.7(b), 
except that here we are considering low-level signals, where the diode cannot be 
treated as an ideal rectifier. 

This op-amp circuit is intended to emphasize that the diode’s nonlinearity 
operates on the sum of the RF and L.O. Commonly used circuits use passive 
components and the summing is not always obvious. Diodes are exponential 
devices; the current vs. applied voltage is given by 


I =I,(exp(V/Vi,)—1), (5.5) 


where Vin = Vinermat = k7/e (Boltzmann’s constant x absolute temperature / 
electron charge) =26 mV. The term /, is a temperature-dependent “saturation 
current.” In a small-signal situation, 1.e., when V < 26 mV, we can expand the 
exponential to find the output of the above mixer: 


Vout = RIV / Vn + (V /Vin)? /2! + (V/Vin) /3! +... (5.6) 


Since V= Vrf +V1 0., the first term will give feedthrough (no balance) at both 
the RF and L.O. frequencies. The second term (the square law term) will 
produce the desired up-shifted and down-shifted sidebands since the square of 
Vi o. + Ver contains the cross-product, 2 Vrf Vi o.. This term also produces bias 
terms and double frequency components. The third-order term will give outputs 
at the third harmonics of the RF and L.O. frequencies and at 20rp+01 0., 
20rF7 OL o.» 201 0.+Opp, and 201, o. Or". Normally these products are far 
removed from the desired output band and can be filtered out. If the input 
voltage 1s small enough, we do not have to continue the expansion. For larger 
signals, however, the next term (fourth-order) gives undesirable products within 
the desired output band. To see how this happens, consider an input signal with 
two components, 4,cos(w,¡t) and 42cos(w>t). One of the fourth-order output 
terms will be, except for a constant, 


cos(w1t)[A¡ cos(w1) + Az cos(w1)). (5.7) 


You can expand this expression to show that it contains components with 
frequencies @,+2@,+q@> and w,—2@,— @2. When œ and œ are close to each 
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Problems 


Frequency converters 


other, 20,+0w, and 20,0, are nearby and can lie within the desired output 
band. In a radio receiver, this means that two strong signals will create an 
objectionable mixing product at a nearby, 1.e., inband, frequency which will 
impede the reception of a weak signal at that frequency. 

Simple mixers can also be made with a transistor. A bipolar transistor, 1f 
driven by the sum of the RF and L.O. voltages, will have a collector current 
containing the same set of frequency components as the diode mixer discussed 
above. Sometimes a dual-gate FET is used as a mixer; the L.O. voltage is 
applied to one gate and the RF voltage is applied to the other. This provides 
some isolation between L.O. and RF (which is provided automatically in a 
balanced mixer such as the diode ring mixer). 

We will see later that multiplication, the basis of mixing, is also the operation 
needed to modulate the amplitude of a carrier sine wave, 1.e., to produce 
amplitude modulation (AM). Multiplication, mixing, and AM modulation are 
all the same basic operation. 


Problem 5.1. Sometimes two multipliers, two phase shifters, and an adder are used to 
build a mixer that has only one output band (a so-called single-sideband mixer). The 
design for an upper sideband mixer, for example, follows directly from the identity: 


cos({@pgr + OL. 0.]£) = cos(orgt) cos(w1 o.t)— sin(orst) sin(@z,0.f). 
Draw a block diagram for a circuit that carries out this operation. 


Problem 5.2. The diode ring switching mixer also works when the L.O. and RF ports 
are interchanged. Explain the operation in this case. 


Problem 5.3. Show that the diode ring switching mixer will work if the L.O. frequency 
is one-third of the nominal L.O. frequency. This is sometimes done for convenience if 
this LoLo. frequency is readily available. Find the conversion gain (loss) for this 
situation. Why would this scheme not work if the L.O. frequency is half the nominal 
L.O. frequency? 


Problem 5.4. Consider a situation where two signals of the same frequency but with a 
phase difference, 0, are separately mixed to a new frequency. Suppose identical mixers 
are used and that they are driven with the same L.O. signal. Show that the phase 
difference of the shifted signals is still 8. 


Problem 5.5. In RF engineering, considerable use is made of the trigonometry iden- 
tities cos(a+b)= cos(a)cos(b)—sin(a)sin(b) and sin(a+b)=sin(a)cos(b)+cos(a)sin(b). 
Prove these identities, either using geometric constructions or using the identity e™ = 
cos(x)+j sin(x). 
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Amplitude and frequency 
modulation 


Modulation means variation of the amplitude or the phase (or both) of an 
otherwise constant sinusoidal RF carrier wave in order that the signal carry 
information: digital data or analog waveforms such as audio or video. In this 
chapter we look at pure amplitude modulation (AM) and pure frequency 
modulation (FM). Historically, these were the first methods to be used for 
communications and broadcasting. While still used extensively, they are giving 
way to modulation schemes, mostly digital, some of which amount to simulta- 
neous AM and FM. 

The simplest form of AM is on/off keying. This binary digital AM (full on is a 
data “1” and full off is a data “0”) can be produced with a simple switch, 
originally a telegraph key in series with the power source or the antenna. The 
first voice transmissions used a carbon microphone as a variable resistor in 
series with the antenna to provide a continuous range of amplitudes. With AM, 
the frequency of the carrier wave is constant, so the zero crossings of the RF 
signal are equally spaced, just as they are for an unmodulated carrier. The 
simplest FM uses just two frequencies; the carrier has frequency fo for data 
“zero” and fo + Af for data “one.” FM is usually generated by a VCO (voltage- 
controlled oscillator). For binary FSK (frequency shift keying), the control 
voltage has only two values: one produces fo and the other produces fo+ Af 
FM broadcasting uses a continuous range of frequencies; the instantaneous 
frequency is determined by the amplitude of the audio signal. With FM, the 
amplitude of the carrier wave signal is constant. Figure 6.1 shows an unmodu- 
lated carrier wave, an AM-modulated wave, an FM-modulated wave, and a 
wave with simultaneous AM and FM modulation. 

Phase modulation 1s a type of frequency modulation, since frequency is the 
time derivative of phase. 

Amplitude and frequency (or phase) exhaust the list of carrier wave proper- 
ties that can be modulated. The fractional bandwidth of RF signals is low 
enough that if one zooms in on a stretch of several cycles, the waveform is 
essentially sinusoidal and can be described by just its amplitude and frequency. 
Schemes such as single-sideband suppressed carrier (SSBSC), double-sideband 
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Figure 6.1. (a) Unmodulated 
wave; (b) with AM modulation; 
(c) with FM modulation; (d) with 
simultaneous AM and FM. 


Amplitude and frequency modulation 
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suppressed carrier AM (DSBSC), quadrature amplitude modulation (QAM), 
and others, produce simultaneous amplitude and frequency modulation. A sine- 
wave generator with provisions for both amplitude and phase modulation can, 
in principle, produce a radio signal with any specified type of modulation, for 
example, the comb of 52 individually modulated subcarriers used in Wi-Fi data 
links. Note: the term digital modulation means that the modulation uses a finite 
number of modulation states (often just two) rather than a continuum of states 
and that the time spent in any state is an integral multiple of a fundamental 
symbol time (baud). 


6.1 Amplitude modulation 


Amplitude modulation, the first scheme used for radio broadcasting, is still used 
in the long-wave, middle-wave, and short-wave broadcast bands.’ Let us 
examine AM, first in the time domain and then in the frequency domain. 


6.1.1 AM in the time domain 


Without modulation (when the speech or music is silent) the voltage applied to 
the antenna is a pure sine wave at the carrier frequency. The power of a radio 


' The long-wave (LW) band, used only outside the Western Hemisphere, extends from 153 to 
179 kHz. The middle-wave (MW) band extends from 520 to 1700 kHz. Short-wave bands are 
usually identified by wavelength: 75 m, 60 m, 49 m, 41 m, 31 m, 25 m, 19 m, 16m, 13 mand 11 m. 
The spacing between LW frequency assignments is 9 kHz. MW spacings are 10 kHz in the 
Western Hemisphere and 9 kHz elsewhere. Short-wave frequency assignments are less 
coordinated but almost all short-wave stations operate on frequencies which are an integral 
number of kHz. 
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Figure 6.2. Hypothetical AM Multiplier 
transmitter and receiver, Vm (mixer) 
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station is defined as the transmitter output power when the modulation is zero. 
The presence of an audio signal changes the amplitude of the carrier. Figure 6.2 
shows a hypothetical AM transmitter and receiver. 

The audio signal (amplified microphone voltage) has positive and negative 
excursions but its average value is zero. Suppose the audio voltage is bounded 
by + Vm and —V,,. A de bias voltage of Vm volts is added to the audio voltage. 
The sum, Vin + Vaudio, 18 always positive and is used to multiply the carrier wave, 
sin(w,t). The resulting product is the AM signal; the amplitude of the RF sine 
wave is proportional to the biased audio signal. The simulation in Figure 6.3 
shows the various waveforms in the transmitter and receiver of Figure 6.2 
corresponding to a random segment of an audio waveform. The biased audio 
waveform is called the modulation envelope. Note that at full modulation 
where Vaudio =+ Vm, the carrier is multiplied by 2V,, whereas, at zero modu- 
lation, the carrier is multiplied by V,, (bias only). This factor of 2 in amplitude 
means the fully (100%) modulated signal has four times the power of the 
unmodulated signal (the carrier wave alone). It follows that the antenna system 
for a 50 000 W AM transmitter must be capable of handling 200 000 W peaks 
without breakdown. The average power of the modulated signal is determined 
by the average square of the modulation envelope. For example, in the case of 
100% modulation by a single audio tone, the average power of the modulated 
signal is greater than the carrier by a factor of ((1+cos@)*) = (1+2 cos(0) + cos 
(0) =1+ (cos(@)*) =3/2. 

Figure 6.2 also shows how the receiver demodulates the signal, 1.e., how it 
recovers the modulation envelope from the carrier wave. The detector is just an 
ideal rectifier, which eliminates the negative cycles of the modulated RF signal. 
A simple lowpass filter then produces the average voltage of the positive loops. 
(Usually this is a simple RC filter, but the lowpass filter used in Figure 6.3 is a 
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A piece of an arbitrary audio waveform 
V1(t) :=3.6-sin (2-7-21-f) — 5.3-COS (27-62: f 


Sine-wave carrier 
V2 (t) := sin (2-7-1000-f) 


ls 1.5 
5 
V2(t) 0 
v1( 0 ae 
= 0 0.015 0.03 
t 
-10 
0 0.015 0.03 


Modulated carrier 
V3 (t) :=V2 (t)-(10+VW1(t)) 


Received signal after rectification 
by detector diode 


V4 (t) := V3 (1)-(V3 (t) > 0) 
20 
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t 
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A lowpass filter (here a "box car" 20 
running average) recovers the V5( = aD. V4 (t+ .0001-/) 
modulation envelope T 
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t 


Figure 6.3. Waveforms in the 
AM system of Figure 6.2. 


“boxcar” integrator that forms a running average.) Finally, ac coupling removes 
the bias, leaving an audio signal identical to the signal from the microphone. 


6.1.2 AM in the frequency domain 


Let us look at the spectrum of the AM signal to see how the power is distributed 
in frequency. This is easy when the audio signal is a simple sine wave, say V, sin 
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Figure 6.4. Spectrum ofan AM (œt). The voltage at point 3 in Figure 6.2 is then sin(@.A(V mt Vasin(@at)) = V sin 
power spectrum: (a) modulation (œ f) + 1/2 V,cos([w@.—@alt) — 1/2 V,cos([w.+w,]1). These three terms correspond 
by a single-tone modulation; (b) 
modulation by an audio 
spectrum. 


to the carrier at w, with power V 7/2, a lower sideband at oo, with power VA 
8, and an upper sideband at w.+0., also with power V,7/8. This spectrum is 
shown in Figure 6.4(a). 

Note that the carrier, the component at @,, is always present and that its 
amplitude is independent of the modulation level. At 100% sine-wave modu- 
lation V,= Vm and the average power in each sideband is } of the carrier power. 
The maximum average power is therefore 5 times the carrier power, as we saw 
earlier from the time domain description. The sidebands, which carry all the 
information, account here for only 3 of the total power transmitted. With speech 
waveforms the sidebands may contain even less power. 

If, instead of a single sine wave, the audio signal is a superposition of sine 
waves with different frequencies (and amplitudes), the above analysis is readily 
extended to show that the upper and lower sidebands become continuous bands 
of frequency components straddling the carrier symmetrically, as shown in 
Figure 6.4(b). As the audio signal changes, the shape and size of the sidebands 
change. A typical audio signal has components at frequencies as high as 
10 KHz. AM broadcast stations restrict their audio to not exceed 10 KHz but 
this still produces a 20 KHz-wide spectrum. The spacing between frequency 
assignments in the AM broadcast band is only 10 KHz. To prevent overlap, no 
two stations in a given listening area are assigned the same frequency or 
adjacent frequencies. 


6.2 Frequency and phase modulation 


In frequency modulation (FM) and phase modulation (PM) the audio voltage 
controls the phase angle of the sinusoidal carrier wave while the amplitude 
remains constant. Since frequency is the time derivative of phase, the two 
quantities cannot be varied independently; FM and PM are only slightly differ- 
ent methods of angle modulation. The advantage of FM (or PM) broadcasting 
over AM broadcasting is that, under strong signal conditions, the audio signal- 
to-noise ratio at the output of the receiver can be much higher for FM than for 
AM. The only price paid for this improvement is increased bandwidth (this 
topic is discussed in detail in Chapter 23). 
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6.2.1 FM in the time domain 


Figure 6.5. Basic FM system: (a) 
transmitter; (b) receiver. 


A simple unmodulated carrier wave is given by V(t)=cos(@,t+ ġo) where œe 
and ġo are constants. The phase, ¢(t)=(@,t+ Hp), of this cw signal increases 
linearly with time at a rate œ. radians per second. In FM, the instantaneous 
frequency is made to shift away from œ. by an amount proportional to the 
modulating audio voltage, 1.e., w(t) = @ot KoscVa(t). A linear voltage-controlled 
oscillator (VCO) driven by the audio signal, as shown in Figure 6.5a, makes an 
FM modulator. 

The excursion from the center frequency, k,,.V,, 1s known as the (radian/s) 
deviation. In FM broadcasting the maximum deviation, defined as 100% 
modulation, is 75 kHz, 1.e., koscVa /210=75:10% . Consider the case of modu- 
lation by a single audio tone, V,(t) =A cos(wat). The instantaneous frequency of 
the VCO is then w(t)=@,+ k,,-Acos(@,t). And, since the instantaneous fre- 
quency is the time derivative of phase, the phase is given by the integral 


Oe J noe J EE M TE E T TE oot + ON 
(6.1) 


From Equation (6.1), we see that, in addition to the linearly increasing phase, 
wt, of the unmodulated carrier, there is a phase term that varies sinusoidally at 
the audio frequency. The amplitude of this sinusoidal phase term is ko,¢A/@a. 
This maximum phase excursion is known as the modulation index. The inverse 
dependence on the modulation frequency, w,, results from phase being the 
integral of frequency. Phase modulation (PM) differs from FM only in that it 
does not have this w, denominator; it could be produced by a fixed-frequency 
oscillator followed by a voltage-controlled phase shifter. An indirect way to 
produce a PM signal is to use a standard FM modulator (1.e., a VCO), after first 
passing the audio signal through a differentiator. The differentiator produces a 
factor, w,, which cancels the w, denominator produced by the VCO. This 
scheme is shown in Figure 6.6. 

Similarly, a PM transmitter can be adapted to produce FM. A possible 
receiver for PM would be the receiver of Figure 6.5(b) with an integrator after 
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Figure 6.6. Phase modulation 
via frequency modulation. 


Radio-frequency electronics: Circuits and applications 


RF power amplifier 
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l W= wo + Kose + V1(t) 
Differentiator = wo + Kog- RCA V,/dt 
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the diode detector to undo the differentiation done in the transmitter of 
Figure 6.6. (See Chapter 18 for more FM and PM detectors.) In the simple 
FM receiver of Figure 6.5(b), a bandpass filter converts FM into AM because 
the carrier frequency is placed on the slope of the filter. When the carrier 
frequency increases, the filter response decreases the amplitude. After this filter, 
the rest of the receiver is an AM receiver. A limiting amplifier ahead of the filter 
is a refinement to eliminate amplitude noise, as well as to make the audio 
volume independent of signal strength. More refined AM and FM detectors 
are presented in Chapter 18. 


6.2.2 Frequency spectrum of FM 


Using the expression for phase from Equation (6.1) (neglecting ġo) and using 
the usual expansion for cos(a+b), the complete FM signal (VCO output) for 
single-tone modulation becomes 


V(t) = cos(@(t)) = cos(¢,, sin(wat)) cos(@ct) — sin(d,, sin(wat)) sin(w.t) 
(6.2) 


where Om =koscA/04 18 the modulation index. Let us first consider the case 
where the modulation index is small. 


6.2.3 Narrowband FM or PM 


At very low modulation levels, both FM and PM produce a power spectrum 
similar to AM, i.e., a carrier with an upper sideband œ, above the carrier and a 
lower sideband œ, below the carrier. To see this, we expand Equation (6.2) for 
very small m, obtaining 


po sin” (@at) 


V(t) = (1 — ae) COS(@ct) — dy sin(wat) sin(w¿t). (6.3) 


The first term is an almost constant amplitude spike at the carrier frequency, 
much like the carrier of an AM signal. You can verify directly that the amplitude 
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of V(t) remains constant by summing the squares of the coefficients of cos(w,t) 
and sin(w,t). Expanding the right-hand term gives the two sidebands, 


V(t) = cos(@,f) (i — ae + (Hi, /2) cos|(@e + 0a)t| 
— (Pm/2) cos[(w. — 0a)!1]. (6.4) 


This differs from an AM signal in that the sidebands are equivalent to having 
multiplied the audio signal not by cos(w,f), the carrier, but by sin(@,t). Note 
also that, in this limit of small modulation index, the amplitude of the 
sidebands is small and the width of the spectrum stays fixed at 2m,, just as 
with AM. 


6.2.4 Wideband FM spectrum 


Looking at Equation (6.2), we see that the signal consists of the products 
of cos(w,t) and sin(@,t), multiplied respectively by the baseband signals 
cos[¢,Sin(@,f)| and sin [¢,,Sin (@,f)|. When m is not small, these products 
are similar and each consists of upper and lower sidebands around @,, with 
frequency components spaced from the carrier frequency by integral multiples 
of w,. The cos(@,f) and sin(@,t) carriers are suppressed and the spectrum has no 
distinct central carrier spike. An exact analysis uses Fourier analysis of the cos 
(sin) and sin(sin) terms” to find the comb of sidebands, but a simpler argument 
can give an estimate of the bandwidth of the FM signal. Referring again to 
Equation (6.2), the baseband modulating signals produce sidebands. In a time 
equal to one-quarter of an audio cycle, the expression @,Sin(@,t) changes by dm 
radians, so the phase of the baseband modulating signals changes by m radians. 
Dividing this phase change by the corresponding time interval, 1/(4f,)=a/ 
(2w,), the average sideband frequency is given by 20,,0,/7. Substituting 
Om"Kosc A/0., the average frequency is 2k.,s.4/1=(2/1) x deviation. Therefore, 
the one-sided bandwidth of the FM signal, when the modulation index is large, 
is roughly equal to the maximum deviation and the full bandwidth is about twice 
the maximum deviation. If the deviation is reduced, the bandwidth goes down 
proportionally at first but then, in the narrowband regime, stays constant at twice 
the audio bandwidth, as shown above. 


2 The terms in Equation (6.2) can be expanded into harmonics of the audio frequency by using the 
Bessel function identities: 


cos(@sin(@t)) = J(e) +2 Y ($) cos(2nat) 


and 
sin(p sin(@t)) = 2 Yara (9) sin(Qn + Dot). 
n=0 


Summary 


In this chapter, you learned about the 
following topics related to resonant circuits: 
How the impedance of a series LC circuit 
and a parallel LC circuit changes with 
changes in frequency. 

At resonant frequency for a parallel LC 
circuit, the impedance is at its highest; 
whereas for a series LC circuit, impedance 


is at its lowest. 

The concept of bandwidth enables you to 
easily calculate the output voltage at various 
frequencies and draw an accurate output 
curve. 

The principles of bandpass filters and notch 
(or band-reject) filters. 


The fundamental concepts integral to 
understanding how an oscillator functions. 
Self-Test 

These questions test your understanding of 
the concepts covered in this chapter. Use a 
separate sheet of paper for your drawings or 
calculations. Compare your answers with the 
answers provided following the test. 

1. What is the formula for the impedance of 
a series LC circuit? — <ç 

2. What is the formula for the impedance of 


a series RLC circuit (a circuit containing 
resistance, inductance, and capacitance)? 
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6.2.5 Frequency multiplication of an FM signal 


6.3 AM transmitters 


When a signal is passed through a times-N frequency multiplier its phase 1s 
multiplied by N. A square-law device, for example, can serve as a frequency 
doubler since cos*(#) = 1/2 +1/2cos(2¢). So if the phase of an FM signal, ¢, (the 
right-hand expression in Equation 6.1), is multiplied by 2 by using a frequency 
doubler, both w, and kA/w@, are multiplied by 2, i.e., the frequency and the 
modulation index are doubled. When a given VCO cannot be linearized well 
enough within the intended operating range, it can be operated with a low 
deviation and its signal can be frequency-multiplied to increase the deviation. If 
the resulting center frequency is too high, an ordinary mixer can shift it back 
down, preserving the increased deviation. 


The simple AM transmitter shown in Figure 6.2 is entirely practical. (Of course 
we would fix it up so that a battery would not be needed to supply the bias 
voltage.) The linear RF power amplifier would be the major part of this trans- 
mitter. We saw in Chapter 3 that a class-B linear amplifier has relatively high 
efficiency, 2/4 or 78.5%, but that is for a maximum-amplitude sine wave. Let us 
find the efficiency for the transmitter of Figure 6.2, assuming the average 
modulation power is 10% of the peak modulation power. (The “crest” factor 
for speech is often taken to be 16 (12 dB), but broadcasters normally use 
dynamic range compression to increase “loudness.”) Let the output signal be 
given by 


Vout = Vact/2[1 + Vin(t)] cos(at) (6.5) 


where |V,,()| < 1. Note that the maximum output voltage is Vac, the power 
supply voltage. (Refer to the amplifier circuit of Figures 3.7 or 3.8.) 
Remembering that (cos”)=1/2 and assuming that the audio signal is an ac 
signal, i.e., (Va (A) =0, we can express the average output power: 


Pout = (Vou )/R = Ya Va ([1 + Vin(t)]°)/(2R) 


(6.6) 
= UVa (1 + 0.1)/(2R) = 1.1V40?/(8R), 


where R is the load (antenna) resistance and where we have used the fact that 
(cos(at)) =0. The average power delivered by the de supply is given by 


(Vaclsupply) = Vac(| Vout(t)/R|) 


(6.7) 
= Vas > Vao ([1 + Vn(t)/R)2/1 = Va, (TR), 


where we have used the fact that the average of a positive loop sin(x) is equal to 
2/1. Calculating the efficiency, we find 
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power out 2 172 
= ———— = (1.1)//, SR) +V. = 1.17/8 = 43.2%. 6.8 
cower in > (1 1)/Va?/(8R) + Va, fm = 1.17, %. (6.8) 


Therefore, when running this AM transmitter, only 43.2% of the prime power 
gets to the antenna; the rest is dissipated as heat in the class-B amplifier. 

Almost all AM transmitters obtain higher efficiency by using class-C, D, or E 
RF amplifiers. These amplifiers are not linear in the normal sense, that is, the 
output signal amplitude is not a constant multiple of the input signal amplitude. 
But, for a fixed input RF amplitude, the output amplitude is proportional to the 
supply voltage. These amplifiers can therefore be used as high-power multi- 
pliers that form the product of the power supply voltage times a unit sine wave 
at the RF frequency. Furthermore, the efficiency of these amplifiers, which is 
high, is essentially independent of the supply voltage. (These amplifiers are 
discussed in detail in Chapter 9.) Let us look at the overall efficiency of trans- 
mitters using these amplifiers. 


6.3.1 AM transmitter using a class-C RF amplifier and a class-B modulator 


Figure 6.7. Class-B plate- 
modulated AM transmitter. 


In the traditional AM transmitter, audio voltage developed by a high-power class- 
B audio amplifier (the modulator) is added to a de bias and the sum of these 
voltages powers a class-C RF amplifier. As explained above, a class-C RF 
amplifier acts as a high-power multiplier. In the traditional tube-type circuit of 
Figure 6.7, the dc bias 1s fed through the secondary of the modulation transformer. 
Audio voltage produced by the modulator appears across the secondary winding 
and adds to the bias voltage. With no audio present, the class-B audio amplifier 
consumes negligible power and the bias voltage supply provides power for the 
carrier. At 100% sine-wave modulation, the modulator must supply audio power 
equal to half the bias supply power. A 50 000 watt transmitter thus requires a 
modulator that can supply 25 000 W of audio power. (Again, this result is for a 
single tone, but is essentially the same for speech or music.) 


Class-C RF amp. 


RF drive 


Push-pull class-B audio amp. 


From dc supplies 
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Let us find the efficiency of this transmitter. We will assume the class-C 
amplifier has an efficiency of 80% and that, as before, the average modulation 
power is 10% of the maximum possible modulation power. If the normalized 
output carrier power is 1 W, the dc bias supply must provide 1/0.8 W and the 
modulator must supply 0.1/0.08 W. To handle peaks, the maximum power from 
the modulator must be 1/0.08 W. To find the efficiency of the class-B modulator, 
we must know not only its peak output voltage, but also the mean of the absolute 
value of its output voltage. (Note that this last piece of information was not 
needed in the analysis of the class-B RF amplifier transmitter discussed above.) 
Let us just assume the modulating signal is a single audio sine wave whose 
power 1s 0.1/0.8 W. With that assumption, the modulator will have an efficiency 
of 0.35. The total input power, carrier plus modulation, will therefore be 1/0.8 
+(0.1/0.35)/0.8= 1.61 W. The output power will be 1+0.1, so the overall 
efficiency of this transmitter 1s 68%, a significant improvement over the trans- 
mitter using a linear class-B RF amplifier. 


6.3.2 Class-C RF amplifier with a switching modulator 


Figure 6.8. Class-C RF amplifier 
with (a) high-power D-to-A 
modulator and (b) duty cycle 
switching modulator. 


Optical fiber 


converter| N 
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There are several newer methods to produce AM with even higher efficiency. 
All use switching techniques. The modulator shown in Figure 6.8(a) is just a 
high-power digital-to-analog converter. It uses solid-state switches to add the 
voltage of many separate low-voltage power supplies, rather than tubes or 
transistors to resistively drop the voltage of a single high-voltage supply. 
Modulators of this type can, in principle, be 100% efficient, since the internal 
switch transistors are either fully on or fully off. The modulator of Figure 6.8(b) 
is a pulse rate modulator whose output voltage is equal to the supply voltage 
multiplied by the duty factor of the switch tube. 

This type of circuit, whose efficiency can also approach 100%, is discussed in 
detail with switching power supplies in Chapter 29. Again specifying an 
average modulation power of 10%, the combination of an 80% efficient class- 
C RF amplifier together with a switching modulator, makes an AM transmitter 
with an overall efficiency of 80%. 


Pe. Modulator switch tube 


RF drive 


| RF drive _| 
| Class-C final RF amp. Audio drive 
=, pulse width modulation 
e Class-C final RF amp. 


(a) (b) 
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Amplitude and frequency modulation 


6.3.3 Class-D or E amplifiers with switching modulators 


6.4 FM transmitters 


Class D and class-E RF amplifiers can approach 100% efficiency. Like the 
class-C amplifier, the amplitude of their output sine wave is proportional to the 
dc supply voltage. When one of these amplifiers 1s coupled with a switching 
modulator, the resulting AM transmitters can approach an overall efficiency of 
100% for any modulation level. 


Since FM modulation is generated by a VCO at a low level, and the signal has a 
constant amplitude, there is no other modulator nor is there any requirement that 
the final power amplifier have a linear amplitude response. Class-C amplifiers 
have been used most often, with efficiencies around 80%. 


6.5 Current broadcasting practice 


Many 5 MW to 2 MW AM stations operate in the long-wave, medium-wave, and 
short-wave bands. These superpower transmitters use vacuum tubes. Standard 
AM broadcast band transmitters in the U.S. are limited to 50 kW. For this power 
and lower powers, new AM transmitters manufactured in the U.S. use transis- 
tors. These transmitters combine power from a number of modular amplifiers in 
the 1 kW range. The advantages of solid state include lower (safer) voltages, 
indefinite transistor life rather than expensive tube changes every year or two, 
and better “availability;” a defective module only lowers the power slightly and 
can be replaced while the transmitter remains on the air. Most FM transmitters 
over about 10 kW still use vacuum tubes, but solid-state FM transmitters are 
available up to about 40 kW. 

Stereophonic sound was added to FM broadcasting around 1960. Existing 
monophonic receivers operated as they had, receiving the left + right (L+R) 
audio signal. Thus the system is (backwardly) compatible, just as color tele- 
vision was compatible with existing black and white television receivers. The 
L—R signal information is in the demodulated signal, but clustered around 
38 kHz, above the audible range. The L—R signal uses double-sideband sup- 
pressed carrier AM modulation, which is explained in Chapter 8. The demod- 
ulator to recover the L-R signal is discussed in Chapter 18. Stereo was added to 
AM radio broadcasting around 1980. Several systems competed to become the 
standard, but the public was largely indifferent, having already opted for FM 
stereo. Compatible digital broadcasting has recently been introduced, with 
versions for both the AM and FM bands. In this IBOC (In-Band On-Channel) 
system, a station’s digital simulcast signal (which can contain different program 
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material) shares the same channel with the standard AM or EM signal, mostly 
using the relatively empty spectral regions near (and somewhat past) the 
nominal edges of the channel. The digital signal, which can be produced by a 
separate transmitter and may even use a separate antenna, uses COFDM (Coded 
Orthogonal Frequency-Division Multiplexing), a modulation system, described 
in Chapter 22. This system 1s intended to be a stepping-stone to all-digital radio 
broadcasting in the traditional AM and FM bands. IBOC broadcasting equip- 
ment is equipped to transmit an all-digital mode, to be used if and when the 
traditional analog broadcasting is discontinued. 


Problem 6.1. An AM transmitter, 100% modulated with an audio sine wave, has 
sidebands whose total power is equal to half the carrier power. Consider 100% modu- 
lation by an audio square wave. What is the ratio of sideband power to carrier power? 


Problem 6.2. Suppose you are trying to listen to a distant AM station, but another 
station on the same frequency is coming in at about the same strength. Will you hear both 
programs clearly? If not, how will they interfere with each other? 


Problem 6.3. During periods where the audio signal level is low, the amplitude of an 
AM signal varies only slightly from the carrier level. The modulation envelope, which 
carries all the information, rides on top of the high-power carrier. If the average amplitude 
could be decreased without decreasing the amplitude of the modulation, power could be 
saved. Discuss how this might be accomplished at the transmitter and what consequen- 
ces, if any, it might have at the receiver. 


Problem 6.4. Show how a PM transmitter can be used to generate FM. 


Problem 6.5. Consider an FM transmitter modulated by a single audio tone. As the 
modulation level is increased, the spectral line at the carrier frequency decreases. Find the 
value of the modulation index that makes the carrier disappear completely. 


Problem 6.6. One of the methods used for compatible AM stereo was a combined 
AM/PM system. The left+right (L+R) signal AM-modulated the carrier in the usual 
way, while the L—R signal was used to phase-modulate the carrier. Draw block diagrams 
of a transmitter and receiver for this system. Why would PM be preferable to FM for the 
L—R signal? 


CHAPTER 


/ 


7.1 Amplification 
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In this chapter we will be mostly concerned with the sections of the receiver 
that come before the detector, sections that are common to nearly all receivers: 
AM, FM, television, cell phones, etc. Basic specifications for any kind of 
radio receiver are gain, dynamic range, sensitivity and selectivity, 1.e., does a 
weak signal at the selected frequency produce a sufficiently strong and 
uncorrupted output (audio, video, or data) and does this output remain satis- 
factory in the presence of strong signals at nearby frequencies? 

Sensitivity is determined by the noise power contributed by the receiver itself. 
Usually this is specified as an equivalent noise power at the antenna terminals. 
Selectivity is determined by a bandpass-limiting filter and might be specified as 
“3 dB down at 2 kHz from center frequency and 20 dB down at 10 kHz from 
center frequency.” (Receiver manufacturers usually do not specify the exact 
bandpass shape.) 


Let us consider how much amplification is needed in ordinary AM receivers. 
One milliwatt of audio power into a typical earphone produces a sound level 
some 100 dB above the threshold of hearing. A barely discernable audio signal 
can therefore be produced by —100 dBm (100 dB below 1 mW or 10 '° watts). 
Let us specify that a receiver, for comfortable earphone listening, must provide 
50 dB more than this threshold of hearing, or 10% watts. You can see that, with 
efficient circuitry, the batteries in a portable receiver could last a very long time! 
(Sound power levels are surprisingly small; you radiate only about 1 mW of 
acoustic power when shouting and about 1 nW when whispering.) How much 
signal power arrives at a receiver? A simple wire antenna could intercept 10° 
watts of RF power at a distance of about 20 000 km from a 10 kW radio station at 
1 MHz having an omnidirectional transmitting antenna, so let us first consider 
““self-powered” receivers. 
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7.2 Crystal sets 


Figure 7.1. Self-powered 
crystal set receiver. 


7.3 TRF receivers 


Radio-frequency electronics: Circuits and applications 


The earliest radios, crystal sets, were self-powered. A crystal diode rectifier 
recovered the modulation envelope, converting enough of the incoming RF 
power into audio power to drive the earphone. A simple LC tuned circuit 
served as a bandpass filter to select the desired station and could also serve as 
an antenna matching network. The basic crystal set receiver is shown in 
Figure 7.1. 


Antenna Tuner Diode Headphones 


Wer: 


The considerations given above show that a self-powered receiver can have 
considerable range. But when the long-wire antenna is replaced by a compact 
but very inefficient loop antenna and the earphone is replaced by a loud- 
speaker, amplification is needed. In addition, we will see later that the diode 
detector, when operated at low signal levels, has a square-law characteristic, 
which causes the audio to be distorted. For proper envelope detection of an 
AM signal, the signal applied to a diode detector must have a high level, 
several milliwatts. The invention of the vacuum tube, followed by the tran- 
sistor, provided the needed amplification. Receivers normally contain both RF 
and audio amplifiers. RF amplification provides enough power for proper 
detector operation, while subsequent audio amplification provides the power 
to operate loudspeakers. 


The first vacuum tube radios used a vacuum tube detector instead of a crystal, 
and added RF preamplification and audio post-amplification, as described 
above. These TRF (Tuned Radio Frequency) sets’ had individual tuning adjust- 
ments for each of several cascaded RF amplifier stages. Changing stations 


' Early radios were called “radio sets” because they were literally a set of parts including one or 
more tubes and batteries (or maybe just a crystal detector), inductors, “condensers,” resistors, and 
headphones. Many of these parts were individually mounted on wooden bases, and, together with 
“hook-up” wires, would spread out over a table top. 
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Figure 7.2. TRF receiver. 


required the user to adjust several dials (often with the aid of a tuning chart or 
graph). 

Figure 7.2 shows a hypothetical TRF receiver with cascaded amplifiers and 
bandpass filters. 

Note that all the inductors and capacitors should be variable in order to tune 
the center frequency of the bandpass filters and also maintain the proper 
bandwidth, which is about 10 kHz for AM. (In a practical circuit, the bandpass 
filters would use a coupled-resonator design rather than the straightforward 
lowpass-to-bandpass conversion design shown here.) 


7.4 The superheterodyne receiver 


The disadvantages of TRF sets were the cost and inconvenience of having many 
tuning adjustments. Most of these adjustments were eliminated with the inven- 
tion of the superheterodyne circuit by Edwin H. Armstrong in 1917. 
Armstrong’s circuit consists of a fixed-tuned, i.e., single-frequency, TRF 
back-end receiver, preceded by a frequency converter front-end (mixer and 
local oscillator) so that the signal from any desired station can be shifted to the 
frequency of the TRF back-end. This frequency is known as the intermediate 
frequency or IF. The superheterodyne is still the circuit used in nearly every 
radio, television, and radar receiver. Among the few exceptions are some toy 
walkie-talkies, garage-door openers, microwave receivers used in radar- 
controlled business place door openers, and highway speed trap radar detectors. 
Figure 7.3 shows the classic broadcast band “superhet.” 

Selectivity is provided by fix-tuned bandpass filters in the IF amplifier 
section. The AM detector here is still a diode, i.e., the basic envelope 
detector. (In Chapter 18 we will analyze this detector, among others.) All 
the RF gain can be contained in the fixed-tuned IF amplifier, although we 
will see later that there are sometimes reasons for having some amplification 
ahead of the mixer as well. Figure 7.3 also serves as the block diagram for 
FM broadcast receivers, where the IF frequency is usually 10.7 MHZ, and for 
television receivers, where the IF center frequency is commonly around 
45 MHZ. 

Note: There was indeed a heterodyne receiver that preceded the superheter- 
odyne. Invented by radio pioneer Reginald Fessenden, the heterodnye receiver 
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Figure 7.3. Standard 
superheterodyne receiver for the 
AM broadcast band. 


7.4.1 Image rejection 


455 kHz center freq. 
10 kHz bandwidth 


550 + 455 kHz 
to 1700 + 455 kHz 


converted the incoming RF signal directly to audio. This design, known as a 
“direct-conversion receiver,” 1s disucussed below. 


The superhet has some disadvantages of 1ts own. With respect to signals at the 
input to the mixer, the receiver will simultaneously detect signals at the desired 
frequency and also any signals present at an undesired frequency known as the 
image frequency. Suppose we have a conventional AM receiver with an IF 
frequency of 455 kHz and suppose the local oscillator is set at 1015 kHz in order 
to receive a station broadcasting at 1015-455 = 560 kHz (560 kHz is near the 
lower edge of the AM broadcast band). All the mixers we have considered will 
also produce a 455-kHz IF signal from any input signal present at 1470 kHz, 1.e., 
455 kHz above the local oscillator. If the receiver has no RF filtering before the 
mixer and if there happens to be a signal at 1470 kHz, it will be detected along 
with the desired 560 kHz signal. A bandpass filter ahead of the mixer is needed 
to pass the desired frequency and greatly suppress signals at the image fre- 
quency. Note that in this example (the most common AM receiver design), 
this anti-image bandpass filter must be tunable and, for the receiver to have 
single-dial tuning, the tuned filter must always “track” 455 kHz below the L.O. 
frequency. In this example, the tracking requirement is not difficult to satisfy; 
since the image frequency is more than an octave above the desired frequency, 
the simple one-section filter shown in Figure 7.2 can be fairly broad and still 
provide adequate image rejection, maybe 20 dB. (Note, though, that 20 dB is not 
adequate if a signal at the image frequency is 20 dB stronger than the signal at 
the desired frequency.) 

What if a receiver with the same 455 kHz IF frequency is also to cover the 
short-wave bands? The worst image situation occurs at the highest frequency, 
30 MHz, where the image is only about 3% higher in frequency than the desired 
frequency. A filter 20 dB down at only 3% from its center frequency will need to 
have many sections, all of which must be tuned simultaneously with a mechan- 
ical multisection variable capacitor or voltage-controlled varicaps. As explained 
above, the center frequency of the filter must be track with a 455 kHz offset 
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from the L.O. frequency in order that the desired signal fall within the narrow IF 
passband. Image rejection is not simple when the IF frequency is much lower 
than the input frequency. 


Solving the image problem 

A much higher IF frequency can solve the image problem. If the AM broadcast 
band receiver discussed above were to have an IF of 10 MHz rather than 
455kHz, the L.O. could be tuned to 10.560 MHz to tune in a station at 
560 kHz. The image frequency would be 20.560 MHz. As the radio is tuned 
up to the top end of the AM broadcast band, 1700 kHz, the image frequency 
increases to 21.700 MHz. In this case, a fixed-tuned bandpass filter, wide 
enough to cover the entire broadcast band, can be placed ahead of the receiver 
to render the receiver insensitive to images. This system is shown in Figure 7.4. 
Only the local oscillator needs to be changed to tune this receiver. Of course, the 
10 MHz IF filter must still have a narrow 10 kHz passband to establish the 
receiver’s basic selectivity. 


Antenna IF bandpass Audio 
filter 


Speaker 


Ç 


10 MHz center freq. 
10 kHz bandwidth 


550 + 10 000 kHz 
to 1700 + 10 000 kHz 


Local osc. 


Figure 7.4. Image-free The circuit of Figure 7.4 is entirely practical although it is more expensive 
broadcast receiver using a to make the necessary narrowband filters at higher frequencies; quartz 
10 MHz IF. crystal resonator elements must be used in place of lumped LC elements. 


If the input band is wider, e.g., 3-30 MHz for a short-wave receiver, the IF 
frequency would have to be much higher, and narrowband filters become 
impractical. (Even at 10 MHz, a bandwidth of 10 kHz implies a very narrow 
fractional bandwidth, 0.1%.) A solution to both the image problem and the 
narrow fractional bandwidth problem is provided by the double-conversion 
superhet. 


Double conversion superhet 
Figure 7.5 shows how a second frequency converter takes the first IF signal at 
10 MHz and converts it down to 455 kHz, where it can be processed by the 
standard IF section of the receiver of Figure 7.3. The 10-MHz first IF filter can 
be wider than the ultimate passband. 
Suppose, for example, that the first IF section has a bandwidth of 500 kHz. 
The second L.O. frequency is at 10.455 MHz, so the second mixer would 


3. What is the relationship between X C and 
X L at the resonant frequency? ———__ 
4. What is the voltage across the resistor in a 
series RLC circuit at the resonant frequency? 

5. What is the voltage across a resistor In 
series with a parallel LC circuit at the 
resonant frequency? —— | 
6. What is the impedance of a series circuit 
at resonance? 

7. What is the formula for the impedance of 
a parallel circuit at resonance? —— —ć 

8. What is the formula for the resonant 

frequency of a circuit? ———___ 

9. What is the formula for the bandwidth of a 
circuit? | 

10. What is the formula for the Q of a 
circuit? | 

Questions 11-13 use a series LC circuit. In 
each case, the values of the L, C, and R are 
given. Find fr, XL, XC, Z, Q, and BW. 


Draw an output curve for each answer. 


11. LL. ve oa mH, C = 0.01 m F, R = 
10 ohms ___—_—_— 

12. L = 4 mH, C = 64 mF, R = 0.25 ohms 
13. L = 16 mH, C = 10 mF, R = 20 ohms 


Questions 14 and 15 use a parallel LC circuit. 
No R is used; r is given. Find fr, XL, XC , 
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Figure 7.5. Double produce an image from a signal at 10.910 MHz. But note that our first IF filter 

conversion superhet. cuts off at 10 MHz + 0.500 MHz /2 = 10.25 MHz, so there will be no signals at 
10.910. This system has its own special disadvantages: the receiver usually 
cannot be used to receive signals in the vicinity of its first IF, since it is difficult 
to avoid direct feedthrough into the IF amplifier. Multiple conversions require 
multiple local oscillators and various sum and difference frequency combina- 
tions inevitably are produced by nonlinearities and show up as spurious signals 
known as “birdies.” 

Present practice for communications receivers is to use double or triple 
conversion with a first IF frequency at, say, 40 MHz. The front-end image filter 
is usually a 30 MHz lowpass filter. In as much as modern crystal filters can have 
a fairly small bandwidth even at 40 MHz, the output of the first IF section can be 
mixed down to a second IF with a much lower frequency. Sometimes triple 
conversion is necessary when the final IF frequency is very low, e.g., 50 kHz. 
The use of first IF frequencies in the VHF region requires very stable local 
oscillators but crystal oscillators and frequency synthesizers provide the neces- 
sary stability. (Oscillator phase noise was a problem in the first generation of 
receivers with synthesized local oscillators; the oscillator sideband noise was 
shifted into the passband by strong signals near the desired signal but outside the 
nominal passband.) 


Image rejection mixer 
Another method of solving the image problem is to use an image rejection 
mixer, such as the circuit shown in Figure 7.6. 

This circuit uses two ordinary mixers (multipliers). The lower multiplier 
forms the product of cos(w; o.t) and an input signal, cos[(@,.9.+@ Ff) t], depen- 
ding on whether the input signal is above or below the L.O. frequency. The 
upper multiplier has a 90° delay in its connection to the L.O., so it forms the 
product of sin(@y o. and cos[(w, o.+@)t]. Neglecting the sum frequency 
terms, the outputs of the upper and lower multipliers are, respectively, Fsin 
(@ pt) and cos(@ypft). The output from the lower multiplier is delayed by 90°, so 
the upper and lower signals at the input to the adder are sin(@yp¢) and sin(wypl) . 
Thus, for an input frequency of œL. o. — Or, the output of the adder is 2 sin 
(wit), but when the input frequency is 1 o. + œr, the output of the adder is 
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Figure 7.6. Image rejection 
mixer. 
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zero. Thus, this mixer rejects signals above the L.O. frequency. The same 
circuit crops up in Chapter 8, as a single-sideband generator. In practice this 
circuit might provide 20-40 dB of image rejection. It can be used together 
with the standard filtering techniques to get further rejection. 


Zero IF frequency — direct conversion receivers 


The evolution of the superhet, which was always toward higher IF frequen- 
cies and multiple conversions, has taken a new twist with the advent of the 
nearly limitless signal processing power available from DSP chips. Direct 
conversion receivers, in a reversion to the heterodyne architecture, shift the 
center frequency of the desired signal, œc, all the way to zero Hz (“base- 
band’’). Generally this requires that the signal be mixed separately with local 
oscillator signals cos(œct) and sin(@ct) to preserve all the signal information. 
To see this, note that the input signal, which is sinusoidal, will, in general, be 
out of phase at times with cos(œct) and at other times with sin(wct). Thus, the 
outputs of the “cosine mixer” or “sine mixer” can go to zero but, together, 
these “P (in-phase) and “O” (quadrature) signals contain all the signal 
information. To see this, note that the original signal could be easily recon- 
structed from the J and O signals. Lowpass filtering of the Z and O signals 
determines the passband of the receiver, e.g., 5-kHz rectangular lowpass 
filters on the J and O signals would give the receiver a flat passband 
extending 5kHz above and 5kHz below the L.O. frequency. The classic 
image problem, severe at low IF frequencies, disappears when the IF fre- 
quency is zero. The low-frequency / and Q signals can be digitized directly 
for subsequent digital processing and demodulation (see Problem 7.8). No 
bulky IF bandpass filters are required. Even tiny surface acoustic wave 
(SAW) bandpass filters are huge, compared to the real estate on DSP chips. 
With this architecture, nearly 100% of a receiver can be incorporated on a 
chip, including a tunable frequency synthesizer to produce the L.O. signals. 
Figure 7.7 shows a block diagram of a direct-conversion receiver. Everything 
on this diagram plus an L.O. synthesizer is available on a single chip 
intended for use in HD television receivers. 
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Figure 7.7. Direct conversion 
receiver. 
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7.4.2 Automatic gain control 


7.5 Noise blankers 


Nearly every receiver has some kind of automatic gain control (AGC) to 
adjust the gain of the RF and/or IF amplifiers according to the strength of 
the input signal. Without this feature the receiver will overload; overdriven 
amplifiers go nonlinear (“clip”) and the output will be distorted as well as too 
loud. The output sound level of an FM receiver, depending on the design of the 
demodulator, may not vary with signal level but overloading the IF amplifier 
stages will still produce distortion, so FM receivers also need AGC. Television 
receivers need accurate AGC to maintain the correct contrast level (analog 
TV) or threshold levels (digital TV). Any AGC circuit is a feedback control 
system. In simple AM receivers the diode detector provides a convenient dc 
output voltage that can control the bias current (and hence gain) of the RF 
amplifiers. The controlled bias current can also be used to drive a signal 
strength indicator. 


Many receivers, including most television receivers, have a noise blanker circuit 
to reduce the effects of impulse noise such as the spiky noise produced by 
automobile ignition systems. Here the interfering pulses are of such short 
duration that the IF stages can be gated off briefly while the interference is 
present. The duty cycle of the receiver remains high and the glitch is all but 
inaudible (or invisible). An important consideration is that the gating must be 
done before the bandwidth is made very narrow since narrow filters elongate 
pulses. 
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7.6 Digital signal processing in receivers 


Problems 


Advances in digital electronics, notably fast A-to-D conversion and processors, 
make it possible to do all-digital filtering and detection in a receiver. Any 
desired filter amplitude and phase response can be realized. 

Besides direct-conversion receivers on a chip, there are many single- 
chip superhet chips, usually using image cancelling mixers followed by digital 
bandpass filters operating at low IF frequencies. Adaptive digital filters can 
correct for propagation problems such as multipath signals. Digital demodu- 
lators allow the use of elaborate signal encoding which provides high spectral 
efficiency (bits/sec/Hz) as well as error correction through the use of redundant 
bits. Digital modulation techniques are discussed in Chapter 22. 


Problem 7.1. The FM broadcast band extends from 88 to 108 MHz. Standard FM 
receivers use an IF frequency of 10.7 MHz. What is the required tuning range of the local 
oscillator? 


Problem 7.2. Why are airplane passengers asked not to use radio receivers while in 
flight? 


Problem 7.3. Two sinusoidal signals that are different in frequency, if simply added 
together, will appear to be a signal at a single frequency but amplitude modulated. This 
“beat” phenomenon is used, for example, to tune two guitar strings to the same fre- 
quency. When they are still at slightly different frequencies, the sound seems to pulsate 
slowly at a rate equal to their frequency difference. Show that 


sin([@o — dw]t) + sin({@o + ów]t) = A(t) sin(wot) 
where 
A(t) = 2cos(dat). 
(Note that this addition is a linear process; no new frequencies are generated.) 


Problem 7.4. Using an AM receiver in an environment crowded with many stations, 
you will sometimes hear an annoying high-pitched 10 kHz tone together with the desired 
audio. If you rock the tuning back and forth the pitch of this tone does not change. What 
causes this? 


Problem 7.5. When tuning an AM receiver, especially at night, you may hear “hetero- 
dynes” or whistling audio tones that change frequency as you slowly tune the dial. What 
causes this? Can it be blamed on the receiver? (Answer: Yes.) 


Problem 7.6. Using modern components and digital control, we could build good 
TRF radios. What advantages would such a radio have over a superheterodyne? What 
disadvantages? 
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Problem 7.7. You may have observed someone listening to distorted sound from an 
AM radio whose tuning is not centered on the station. Often this mistuning is done 
deliberately when the listener has impaired high-frequency hearing and/or the radio has 
insufficient bandwidth. What is going on here? Why would a radio not have sufficient 
bandwidth and why would insufficient bandwidth cause some listeners to tune slightly 
off station? 


Problem 7.8. Design a direct-conversion AM broadcast receiver using digital process- 
ing of the and O signals. Assume that the L.O. frequency may not be set exactly equal to 
the frequency of the desired station. Hint: compute the input signal amplitude from the 
digitized J and O signals. Then feed this stream of amplitudes into a D-to-A converter. 
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CHAPTER 


Suppressed-carrier AM and 
quadrature AM (QAM) 


Viewed just in the time domain, ordinary AM, as used in broadcasting, seems so 
obvious that one would scarcely imagine how it might be done otherwise. But 
viewed in the frequency domain, as in Chapter 6, this system shows some 
obvious inefficiencies. First, most of the average transmitted power (about 95% 
when transmitting typical audio material) is in the carrier, which is a spike or 
“delta function” in the frequency domain. Since its amplitude and frequency are 
constant, it carries virtually no information. The information is in the sidebands. 
Could broadcasters just suppress the carrier to reduce their electric power costs 
by 95%? Second, the upper and lower sidebands are mirror images of each 
other, so they contain the same information. Could they not suppress (filter 
away) one sideband, making room for twice as many stations on the AM band? 
The answer to both questions is yes but, in both cases, the simple AM receiver, 
with its envelope detector, will no longer work properly. Economics favored the 
simplicity of the traditional AM receiver until it because possible to put all the 
receiver signal processing on an integrated-circuit chip, where the additional 
complexity can have negligible cost. In this chapter we examine alternate AM 
systems that remove the carrier and then at AM systems that reduce the signal 
bandwidth or double the information carried in the original bandwidth. 


8.1 Double-sideband suppressed-carrier AM 
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Let us look at a system that removes the carrier at the transmitter and regenerates 
it at the receiver. It is easy enough to modify the transmitter to eliminate the 
carrier. Review the circuit diagram given previously for an AM transmitter 
(Figure 6.2a). If we replace the bias battery by a zero-volt battery (a wire), the 
carrier disappears. The resulting signal is known as Double-Sideband 
Suppressed-Carrier (DSBSC). To restore the missing carrier we might try the 
receiver circuit shown in Figure 8.1. The locally generated carrier, from a beat 
frequency oscillator (BFO), is simply added back into the IF signal, just ahead 


78 


Figure 8.1. Hypothetical DSBSC 
receiver: additive carrier 
reinsertion and envelope 
detection. 
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of the envelope detector. The energy saved by suppressing the carrier can 
increase battery lifetime in walkie-talkies by a factor of maybe 20. The modu- 
lation schemes used in many cell phones (after the first generation) likewise do 
away with battery-draining constant carriers. 

In a superheterodyne receiver, we only have to generate this carrier at one 
frequency, the intermediate frequency (IF). As you would expect, the added 
carrier must have the right frequency. But it must also have the right phase. 
Suppose, for example, that the modulation is a single audio tone at 400 Hz. Ifthe 
replacement carrier phase is off by 45°, the output of the envelope detector will 
be severely distorted. And if the phase is off by 90° the output of the detector 
will be a tone at 800 Hz (100% distortion!). These example waveforms are 
shown in Figure 8.2. 

Correct carrier reinsertion is fairly easy if the transmitter provides a low- 
amplitude “pilot” carrier to provide a phase reference. In the model transmitter 
of Figure 6.2(a) we would go back to using a bias battery, but it would 
have a low voltage. In principle, the receiver could have a tuned IF amplifier 
with a narrowband gain peak at the center frequency to bring the pilot carrier 
up to full level. The most common method, however, is to use a VCO for the 
BFO in Figure 8.1, together with a feedback circuit to phase lock it to the 
pilot carrier. 


8.2 Single-sideband AM 


The requirement for correct BFO phasing is not critical if only one of the two 
sidebands is transmitted. The sidebands are mirror images of each other so they 
carry the same information and one will do. We will discuss later three methods 
to eliminate one of the sidebands from a DSBSC signal, but the first and most 
obvious method is to use a bandpass filter to select the desired sideband. The 
resulting signal is known as Single-Sideband Suppressed-Carrier (SSBSC) 
or simply as Single-Sideband (SSB). Take the previous example of a single 
400-Hz audio tone. The SSB transmitter will put out a single frequency, 400 Hz 
above the frequency of the (suppressed) carrier if we have selected the upper 
sideband. This signal will appear in the receiver 400 Hz away from the IF center 
frequency. Suppose we are still using the BFO and envelope detector. The 
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Demonstration that Detection of Double Sideband A.M. Requires the Correct Carrier Phase 


t := 0, 0.1.. 300 


carrier(t) := sin(t) 
audio(t) := 0.8-sin(0.05-t) Audio is sine wave at 1/20 carrier frequency 
dssc(t) := audio(t)-carrier(t) Double sideband suppressed carrier (sidebands alone) 


Note that dssc(t) = 1/2(co0s(0.95f) — cos(1.05)1f) 


signal(t) := carrier(t) + dssc(t) Carrier plus sidebands = (1 + audio)(carrier) = normal AM 


2 
(a) Sidebands plus 
correct carrier. (note , 
that the envelope is signal(t) 0 
the sinewave audio) 
-2 
0 100 200 300 
t 
alt(t) : =dssc(t) + cos(t + 7) Give the re-injected carrier a 45” phase error. 
2 
(b) Sidebands with 
carrier 45° 
out of phase alt(t) 0 
(Note envelope distortion) 
=2 
0 100 200 300 
t 
alt2(t) := dssc(t) + cos(t) Here the re-injected carrier has a 90° phase error. 
2 


(c) Sidebands with 
carrier 90° 1 
out of phase 


(Note that the envelope alt2(t) 0 
has twice the audio 

frequency — total 

distortion) 


-1 


=2 
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Figure 8.2. Detection of DSSC 
by adding a local carrier. 
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8.3 Product detector 


Figure 8.3. SSBSC receiver 
using a product detector. 
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envelope of the signal-plus-BFO will indeed be an undistorted sine wave at 
400 Hz. So far, so good. But suppose the signal had been two tones, one at 400 Hz 
and one at 600 Hz. When the BFO carrier is added, the resulting envelope 
will have tones at 400 and 600 Hz but 1t will also have a component at 200 Hz 
(600—400) which is distortion. Unwanted signals are produced by the IF 
components beating with each other; their strength is proportional to the product 
of the two IF signals. The strength of each wanted component, on the other 
hand, is proportional to the product of its amplitude times the amplitude of the 
BFO. Ifthe BFO amplitude is much greater than the IF signal the distortion can be 
reduced. 


The distortion described above can be avoided by using a product detector 
instead of an envelope detector. In the receiver shown in Figure 8.3, the product 
detector is just the familiar multiplier (a.k.a. mixer). 

The output of this detector is, by the distributive law of multiplication, the 
sum of the products of each IF signal component times the BFO signal. There 
are no cross-products of the various IF signal components. Product detectors are 
also called “baseband mixers” or “baseband detectors,” because they translate 
the sideband components all the way down to their original audio frequencies. 

While a product detector does not produce cross-products (intermodulation 
distortion) of the IF signal components, the injected carrier should ideally have 
the correct phase. The wrong phase is of no consequence in our single-tone 
example. But when the signal has many components, their relative phases 
are important. A waveform will become distorted if all its spectral components 
are given an identical phase shift (see Problem 8.3). It is only when every 
component is given a phase shift proportional to its frequency that a waveform 
is not distorted but only delayed in time. Therefore a single-sideband trans- 
mitter, like the double-sideband transmitter, should really transmit a pilot carrier 
and the receiver should lock its BFO phase to this pilot. Some SSB systems do 
just that. But for voice communications it is common to use no pilot. Speech 
remains intelligible and almost natural-sounding even when the BFO phase is 
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wrong.’ The BFO can even be slightly off frequency. When the frequency is too 
high, a demodulated upper sideband (USB) voice signal has a lower than natural 
pitch. When it is too low, the pitch is higher than natural. 

Finally, what happens if we try to use a product detector with a free-running (not 
phase locked) BFO to receive DSBSC? If the BFO phase is off by 90°, the detector 
produces no output. If the BFO phase happens to be correct, the output will have 
maximum amplitude. For an intermediate-phase error the amplitude will be reduced. 


Single-sideband, besides not wasting power on a carrier, uses only half the 
bandwidth, so a given band can hold twice as many channels. Halving the receiver 
bandwidth also halves the background noise so there is a 3-dB improvement over 
conventional AM in signal-to-noise ratio. When a spectrum is crowded with 
conventional AM signals, their carriers produce annoying beat notes in a receiver 
(a carrier anywhere within the receiver passband appears to be a sideband belong- 
ing to the spectrum of the desired signal). With single-sideband transmitters there 
are no carriers and no beat notes. Radio amateurs, the military, and aircraft flying 
over oceans use SSB for short-wave (1.8-30 MHz) voice communication. 


8.4 Generation of SSB 


There are at least three well-known methods to generate single-sideband. In the 
filter method of Figure 8.4, a sharp bandpass filter removes the unwanted 
sideband. This filter usually uses crystal or other high-O mechanical resonators 
and has many sections. It is never tunable, so the SSB signal is generated at a 
single frequency (a transmitter IF frequency) and then mixed up or down to the 
desired frequency. The filter, in as much as it does not have infinitely steep 
skirts, will cut off some of the low-frequency end of the voice channel. 

The phasing method uses two multipliers and two phase-shift networks to 
implement the trigonometric identity: 


cos(w,t) cos(w,t) + sin(w.t) sin(@at) = cos([(w. F wa]t). (8.1) 


The subscripts “a” and “c” denote the audio and (suppressed) carrier frequen- 
cies. If the audio signal is cos(w,t), we have to generate the sin(w,t) needed for 
the second term. A 90° audio phase shift network can be built with passive 
components or digital signal processing techniques. The audio phase-shift net- 
work is usually implemented with two networks, one ahead of each mixer. Their 
phase difference 1s close to 90° throughout the audio band. The second term also 


' Human perception of speech and even music seems to be remarkably independent of phase. When 
an adjustable allpass filter is used to produce arbitrary phase vs. frequency characteristics (while 
not affecting the amplitude), test subjects find it difficult or impossible to distinguish phase- 
modified audio from the original source. 


14 L = 64 mH, C = 10 mF, r = 8ohms 
15 L = 0.7 MHA, C = 0.04 mF, r = 
1.3o0hms —___ 

16. Use the output curve shown in Figure 
7.47 to answer the following questions. 

Figure 7.47 

V 


Volts 


100 120 140 160 180. 200 
kHz 
A. What is the peak value of the output 
curve? 


B. What is the resonant frequency? ———__ 
C. What is the voltage level at the half power 


D. What are the half power frequencies? 


E. What is the bandwidth? 
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COS (wal) —+(X) Bandpass filter COS (lwa + Welt) 
passes USB 
COS (wef) 
COS (lwa — welt) + COS (lwa + welt) 
Input audio spectrum DSSC spectrum Filter shape 
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Ideal SSB spectrum SSB spectrum obtained with filter 
We We 


Figure 8.4. SSB generator - 
filter method. 


Figure 8.5. SSB Generator - 


Audio phase shift network 


sin(wat) sin(wat)sin(wu,t) 


coSs(wat) cos(lw;—welt) 


Audio input RF phase-shift 


COS(w,t) 


cos(w,t)cos(w,f) 


requires that we supply sin(w,t) but, since @, is fixed, anything that provides a 
90° shift at this one frequency will suffice. Figure 8.5 illustrates the phasing 
method used to generate an upper sideband (USB) signal. 

If the adder is changed to a subtractor (by inverting the polarity of one input), 
the output will be the upper rather than the lower sideband. 

A third method [2] needs neither a sharp bandpass filter nor phase-shift 
networks. Weaver’s method, shown in Figure 8.6, uses four multipliers and 
two lowpass filters. The trick is to mix the audio signal with a first oscillator 
whose frequency, Wo, is in the center of the audio band. The outputs of the first 
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Figure 8.6. SSB generator - 
Weaver method. 
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sin(wat) 


Q 


sin (wot) sin (lwa - welt) 


OS) 


COS (wot) 


set of mixers have the desired 90° phase difference. The second set of mixers 
then works the same way as the two mixers in the phasing method. 
Referring to Figure 8.6, 


V,(t) = lowpass |sin(@at) sin(@oft)| = 1/4 cos([@a—wo]t) (8.2) 
V(t) = lowpass [sin(w,t) cos(wot)| = 1/2 sin([w,—09)t) (8.3) 
V3(t) = 1/4 cos|(We—a)t] cosl (@a—wo)tl 
= !/4cos([@a—@¢|t) + 1/4 cos([@a + @e—20o0]t) 52 
Va(t) = lh sin[(o.—0w0)t] sinl(v0.—09)1] 
= !/4cos|(@a—@¢)t|—!/4 cos|(@a + 0¿—209)1| e 
Vout(t) = V3(t) + Va(t) = Y, cos [(0.—o,)l. (8.6) 


We see from Equation (8.6) that this particular arrangement generates the lower 
sideband. 


8.5 Single-sideband with class C, D, or E amplifiers 


The three methods described above for generating a single-sideband signal are 
done in low-level circuitry. Linear amplifiers then produce the required power 
for the antenna. There 1s, however, a way to use a class-C or class-D amplifier 
with simultaneous phase modulation and amplitude modulation to produce 
SSB. This follows from the fact that any narrowband signal (CW, AM, FM, 
PM, SSB, DSB, narrowband noise, etc.) is essentially a sinusoid at the center 
frequency, œo, whose phase and amplitude vary on a time-scale longer than 
(wo) *. Suppose we have generated SSB at low level. We can envelope-detect 
it, amplify it, and use the amplified envelope to AM-modulate the class-C or 
class-D amplifier. At the same time we can phase-modulate the amplifier with 
the phase determined from the low-level SSB signal. The low-level signal is 
simply amplitude-limited and then used to drive the modulated amplifier. The 
point is that the high-power SSB signal is produced with an amplifier that has 
close to 100% efficiency. Moreover, an existing AM transmitter can be con- 
verted to single-sideband by making only minor modifications. 
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8.6 Quadrature AM (QAM) 


We noted above that a product detector used for DSBSC will produce no output 
if the BFO phase is wrong by 90°. It follows that two independent DSBSC 
signals can be transmitted over the same channel. At the receiver, the phase of 
the BFO selects one or the other. This is known as quadrature AM (QAM). Note 
that the carrier can be suppressed, but retaining at least a low-power pilot carrier 
provides a phase reference for the receiver. Figure 8.7 shows the transmitter (a) 
and receiver (b) for a QAM system. Here, the receiver uses a narrowband filter 
to isolate the pilot carrier and then amplifies 1t to obtain a reconstituted BFO or 
LO, depending on whether the receiver is a superheterodyne or uses direct 
conversion to baseband. In practice, carrier regeneration is almost always done 
with a phase lock loop. 


ep 1 Channel 1 
audio out 
ace al Phase shift 
etwor network 
Narrow-band filter 
at We 

cos (wt) i 

QAM signal 

carries two 
E 2 audio channels Channel 2 
audio in audio out 


(a) (b) 


Figure 8.7. QAM: 
(a) transmitter; (b) receiver. 

The U.S. NTSC and European PAL standards for color television use QAM 
to transmit a pair of video color difference signals. In the NTSC system, these 
so-called J and O signals (In-phase and Quadrature) are multiplied by sine and 
cosine versions of a 3.579-MHZ oscillator signal and the resulting DSBSC 
signals are added to the normal video (“luminance”) signal. Other uses of QAM 
include delivery of digital TV signals to set-top converters in some cable 
television systems and data distribution in some LANs. 

The QAM system of Figure 8.7 could also be used to broadcast AM stereo 
sound, with both the L+R (left plus nght) and L—R signals fitting into the 
channel used traditionally for L+R alone. However, such a QAM stereo signal 
would not be compatible with the envelope detector in standard AM receivers. 
Several compatible analog systems were developed and used for AM stereo, but 
at this writing, both AM and FM stations are adopting compatible hybrid digital 
(HD) systems in which the digital signals occupy spectral space on either side of 
the conventional analog signal. This system, which uses COFDM modulation, 
is discussed in Chapter 22. 
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Problem 8.1. Demonstrate for yourself the kind of phase distortion that will occur 
when the BFO in a product detector does not have the same phase as the suppressed 
carrier. Use the Fourier decomposition of a square wave: V(t)= sin(@f) + 1/3 sin(3ot) +1/5 
sin(Sot) + .... Have your computer plot V(9)= sin(@) + 1/3 sin(30) + 1/5 sin(50) + =: +1/9 
sin(90) for O from 0 to 2x. Then plot V'(9)= sin(0+1) + 1/3 sin(30+1)+1/5 sin(S0+1) +- 
+1/9 sin(96+1), i.e., the same function but with every Fourier component given an equal 
phase shift (here 1 radian). Would you expect these waveforms to sound the same? 
Consider the case in which the phase shift is 180°. This just inverts the waveform. Is this 
a special case or is an inverted audio waveform actually distorted? 


Problem 8.2. The phase-shift networks used in the phasing method of single-sideband 
generation have a flat amplitude vs. frequency response — they are known as allpass 
filters. Allpass filters have equal numbers of poles (all in the left-hand plane) and zeros 
(all in the right-hand plane). Find the amplitude and phase response of the network 
shown below, which is a first-order allpass filter. (Note that the inverting op-amp is used 
only to provide an inverted version of the input.) 


Problem 8.3. The most general allpass filter can be obtained by cascading first-order 
allpass sections (Problem 8.2) with second-order allpass sections. Find the amplitude and 
phase response of the network shown below, a second-order allpass filter. 
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CHAPTER 


Class-C, D, and E power RF amplifiers 


Class-C, D, and E RF power amplifiers are all about high efficiency. They are 
used in large transmitters and industrial induction heaters, where high efficiency 
reduces the power bill and saves on cooling equipment, and also in the smallest 
transmitters, such as cell phones, where high efficiency increases battery life. 
These amplifiers are so nonlinear (the output signal amplitude is not propor- 
tional to the input signal amplitude), they might better be called synchronized 
sine wave generators. They consist of a power supply, at least one switching 
element (a transistor or vacuum tube), and an LCR circuit. The “R” is the load, 
R,, often the radiation resistance of an antenna, equivalent to a resistor. The LC 
network is resonant at the operating frequency. The output sine-wave ampli- 
tude, while not a linear function of the input signal amplitude, is proportional to 
the power supply voltage. Thus, these amplifiers can be amplitude modulated 
by varying the supply voltage. Of course they can also be frequency modulated 
by varying the drive frequency (within a restricted bandwidth, determined by 
the O of the LC circuit). Finally, they can be used as frequency multipliers by 
driving them at a subharmonic of the operating frequency. 


9.1 The class-C amplifier 
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Figure 9.1 shows a class-C amplifier (a), together with an equivalent circuit (b). 
The circuit looks no different from the class-B amplifier of Figure 3.15 or a 
small-signal class-A amplifier. But here the active device (transistor or tube) is 
used not as a continuously variable resistor, but as a switch. To simplify the 
analysis, we consider the switch to have a constant on-resistance, r, and infinite 
off-resistance. This model is a fairly good representation of a power FET, when 
used as a switch. 

The switch is closed for less than half the RF cycle, during which time the 
power supply essentially “tops off’ the capacitor, restoring energy that the load 
has sapped from the resonant circuit during the cycle. The switch has internal 
resistance (1.e., loss), so in recharging the capacitor, some energy is lost in the 


(a) 


Figure 9.1. Class-C amplifier 
operation. 


Radio-frequency electronics: Circuits and applications 


(b) (c) 


switch. Normally the LC circuit has a high O (at least 5) so 1ts flywheel action 
minimizes distortion of the sine wave caused by the abrupt pull-down of the 
switch and by the damping caused by the load. The drive is shown as a 
rectangular pulse but is often a sine wave, biased so that conduction takes 
place just around the positive tips. Class-C amplifiers are normally run in 
saturation, meaning that the switch, when on, always has 1ts lowest possible 
resistance, ideally much less than the load resistance. 


9.1.1 Simplified analysis of class-C operation 


The simplified analysis, which we will also use later to analyze the class-E 
amplifier, is based on the assumption that the LC circuit provides enough 
flywheel effect to maintain a perfect sine wave throughout the cycle, including 
the interval when the resistive switch is closed. With this assumption, let us 
analyze the circuit of Figure 9.1 to find the output voltage and, thereby, the 
power and the efficiency. Referring to the figure, 0, is the conduction angle, Vac 
is the supply voltage, r is the on-resistance of the switch, and aV4, is the peak 
voltage of the sine wave. We can find a as follows. The input power (the power 
supplied by the battery) must be equal to the sum of the output power (the power 
dissipated in R) plus the power dissipated in the switch resistance r. These terms 
are given respectively by the average of the battery voltage times the current, 
(aVa (2R), and the average of /r. The power equation becomes 


0./2 
1 Va. — AV a cos 0 (Va) 
=] pP EA OR 
on J A y ) 2R 


0./2 
0./2 


2 
¿1 J (= AV a. == E 
27 r 


~6,./2 


(9.1) 
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Figure 9. 2. Class-C output 
power (a2) vs. conduction angle 
for five values of r/R. The 
efficiency is given by the output 
power divided by the power 
supplied by the battery. 


Rearranging this equation, we get 


6./2 
| ar 
k= —— =Q. 2 
a (1 — a cos 0) (a cos 0)d0 a 0 (9.2) 


0 


Carrying out the integral in Equation (9.2) and solving for a, we find 


2 sin(0,/2) 


U9e,1/R) = BT in(O,) 2 +ar/R 


(9.3) 
The quantity a”, proportional to the output power, is plotted in Figure 9.2 for 
five values of r/R, the ratio of the switch resistance to the load resistance. 

The middle value, r/R =0.1, is typical in actual practice. Maximum power is 
produced for a conduction angle of 180°, 1.e., if the switch is closed during the 
entire negative voltage loop. If the conduction angle exceeds 180°, the incur- 
sions into the positive loop extract energy from the tuned circuit and the power 
is reduced. Note that a”, and therefore a, can be greater than unity, especially 
when the conduction angle is 180°. We will see below, however, that much 
higher efficiency is obtained for conduction angles substantially less than 180°. 
The efficiency is given by the output power divided by the power supplied by 
the battery: 

2 
nOr RK) = —— l (9.4) 
l 
27 
~6,/2 


Vac(Vac — aV ac cos 0 /1r) dO 
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Figure 9.3. Class-C efficiency vs. 
conduction angle for five values 
of r/R. 


90 180 270 360 


deg 
Evaluating the integral in Equation (9.4) we find 


(xr/R)a? 
n(0.,r/R) = 0. — 2asin(0,/2)’ (9.5) 
where a is given by Equation (9.3). This expression for efficiency 1s plotted in 
Figure 9.3 for the same five values of r/R. For r/R=0.1, the efficiency is a 
maximum at about 90°. 

Note that this amplifier model, assuming a constant resistance in the switch, 
can be solved exactly by finding the general solution for the transient waveform 
during the switch-off period, as well as the transient waveform during the 
switch-on period. Because the differential equations are of second order, these 
general solutions will each have two adjustable parameters. The parameters are 
found by imposing the boundary conditions that, across the switch openings and 
closings, the voltage on the capacitor is continuous and the current through the 
inductor is continuous. 


9.1.2 General analysis of a class-C operation with a nonideal tube or transistor 


The above analysis will not give accurate results for class-C amplifiers made 
with tubes or bipolar transistors, because these devices do not have the simple 
constant on-resistance characteristic of a FET. Nevertheless, their nonlinear 
characteristics are specified graphically on data sheets, and accurate class-C 
analyses can be done numerically. The method is basically the same as the 
simplified analysis; one assumes the resonant LC circuits at the input and output 
have enough O to force the input and output waveforms to be sinusoidal. For 
this analysis, the device characteristics are plotted in a “constant current” 
format: in the case of a tube, curves of constant plate current are plotted on a 
graph whose axes are plate voltage and grid voltage. Sinusoidal plate and grid 
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voltages are assumed and a numerical integration of plate current x plate 
voltage, averaged through one complete cycle, gives the power dissipated in 
the device. The power supply voltage times the average current gives the total 
input power. The difference is the power delivered to the load. The designer 
selects a device and a power supply voltage and assumes trial waveforms with 
different bias points and sine-wave amplitudes. Usually several trial designs are 
needed to maximize output power with the given device or to maximize 
efficiency for a specified output power. A class-C amplifier can approach 
100% efficiency, but only in the limit that the output power goes to zero. We 
will see below that class-D and E amplifiers can approach 100% efficiency and 
still produce considerable power. 


9.1.3 Drive considerations 


Class-C amplifiers using vacuum tubes’ nearly always drive the control grid 
positive when the tube is conducting. The grid draws current and dissipates 
power. Data sheets include grid current curves so that the designer can use the 
procedure outlined above to verify that the chosen operating cycle stays within 
both the maximum plate dissipation rating and the maximum grid dissipation 
rating. When tetrodes are used, a third analysis must be done to calculate the 
screen grid dissipation. 


9.1.4 Shunt-fed class-C amplifier 


Figure 9.4. Equivalence of 
series-fed and shunt-fed circuits. 


In Figure 9.1, since the switch and the LCR tank circuit are in series, they can be 
interchanged, allowing the bottom of the tank to be at ground potential, which is 
often a convenience. But the usual way to put the tank at de ground is to use the 
shunt-fed configuration shown in Figure 9.4(c). 

In the shunt-fed circuit, an RF choke connects the dc supply to the transistor 
and a blocking capacitor keeps dc voltage off the tank circuit. The RF choke has 


choke 


— DC blocking 
(c) L capacitor 


(a) pi (b) 


HII! 


' A triode vacuum tube is analogous to an NPN transistor. The tube’s plate, control grid, and 
cathode correspond respectively to the transistor’s collector, base, and emitter. Tetrode tubes have 
an additional grid, the screen grid, between the control grid and the plate. The screen grid is 
usually run at a fixed bias voltage and forms an electrostatic shield between the control grid and 
the plate [5]. 


F. What is the Q of the circuit? 


Answers to Self-Test 


If your answers do not agree with those 
given here, review the problems indicated In 
parentheses before you go on to Chapter 8, 


“Transistor Amplifiers.” 
1. Z = XL — XC (problem 2) 


3. XL = XC (problem B5) 
4. Maximum output (problem B5) 
5. Minimum output (problem 11) 


6. Z = minimum. Ideally, it is equal to the 
resistance. (problem B5) 
7. L (problem 10) 
LS- 
Cr 


In this formula, r is the resistance of the 
coil. 


8. E | (problem 6) 
"2 LO 

9. f. (problem 20) 
DES 

10. s Xz, (problem 20) 

R 

or 

AL 

r 


To draw the output curves for Questions 
11-13, use the graph in Figure 7.41 as a 
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a large inductance, so the current through it is essentially constant. The switch 
pulls pulses of charge from the blocking capacitor. This charge is replenished by 
the current through the choke. Figure 9.4 shows, from right to left, the equiv- 
alence of the shunt-fed and series-fed circuits. Note that the series-fed and 
shunt-fed equivalence applies as well to amplifiers of class-A, B, or C and for 
large-signal or small-signal operation. 


9.1.5 The class-C amplifier as a voltage multiplier 


An important property of the saturated class-C amplifier is that the peak voltage 
of the output RF sine wave is directly proportional to the supply voltage (Vx = 
a Va). In the standard saturated operation, the proportionality constant, a, is 
about 0.9. The class-C amplifier is therefore equivalent to a voltage multiplier 
which forms the product of a nearly unit-amplitude sine wave times the power 
supply voltage. Modulating (varying) the power supply voltage of a class-C 
amplifier is the classic method used in AM transmitters. (Note that this useful 
property of a class-C (or D or E) amplifier would be considered a defect for an 
Op-amp circuit — poor power supply rejection.) 


9.1.6 The class-C amplifier as a frequency multiplier 


If the class-C amplifier drive circuit furnishes a turn-on pulse only every other 
cycle, you can see that the decaying oscillation of the tank circuit voltage will 
execute two cycles between refreshes. Of course there will be a greater voltage 
droop, producing less output power, but note that the circuit becomes a frequency 
doubler. If the circuit is pulsed only on every third cycle, 1t becomes a tripler, etc. 
It is common to use a cascade of frequency multipliers to produce a high RF 
frequency that is a multiple of the frequency of a stable low-frequency oscillator. 
Class-D and class-E amplifiers can also be used as frequency multipliers. 


9.2 The class-D RF amplifier 


Class-D amplifiers can, in principle, achieve 100% efficiency. At least two 
switches are required, but neither is forced to support simultaneous voltage and 
current. The class-D series resonant amplifier is shown in Figure 9.5(a). 

A single-pole double-throw switch produces a square-wave voltage. The 
series LC filter lets the fundamental sine-wave component reach the load, R. 
The bottom of the switch could be connected to a negative supply but ground 
will work since the resonating capacitor provides ac coupling to the load 
resistor. A real circuit is shown in Figure 9.5(b); two transistors form the switch. 
This is a push—pull circuit, 1.e., the transistors are driven out-of-phase so that 
when one is on the other is off. Let us find the voltage on the load. Since the 
capacitor also acts as a de block, we can consider this square wave to be 
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(a) 


Figure 9.5. Class-D series symmetric about zero, swinging from —V ,/2 to +Vac/2. The square wave is 

resonant amplifier. equivalent to a Fourier series, 1.e., a sum of sine waves whose frequencies are 
the fundamental, and odd multiples of the fundamental. The series resonant LC 
filter passes the fundamental sinusoidal component of the square wave. We can 
find the amplitude of the output sine wave by equating the dc input power to the 
sine-wave output power. They must be equal, since the circuit has no lossy 
element other than R,, the load. Since both the voltage and current change sign 
during the negative half of the cycle, the power is the same in the negative half- 
cycle as in the positive half-cycle. The power delivered by the dc supply is 
therefore the product of the square-wave voltage, V¿./2, times the average of the 
positive current in the series LCR. The current can be written as /(t) = /,,sin(t) 
and the average positive current is (|7|) =(2/z) Ipk = (2/2) Vpk/Rı, where Vr is 
the peak value of the sine-wave voltage on the load. Equating the power from 
the supply to the sine-wave power on the load, we have (Vq./2)-(2/2)(Vpx/ 
Ri) =2V ae RE): Solving for Vx, we find Vj. =2V4./z. 

To estimate the loss, we will assume the FETs have constant on-resistance, r. 
The current through the load passes through one or the other of the switches, so 
the ratio of output power to switch power is (FR (É r) and the efficiency is y = 
R,/(R,+r). You can see that, inas much as r< R_, the efficiency can approach 
100%. However, there is another, more important, source of loss in this class-D 
amplifier. Each switching transistor has parasitic capacitance which is abruptly 
charged and discharged through the transistor’s resistance once per cycle. The 
energy lost is %CV* per transition so, for the circuit of Figure 9.5, the switching 
losses would be 4 x 4CV,." X f. Suppose the frequency, f, is 10 MHz and the 
FET switches each have, say, 200 pF of parallel capacitance. With a supply 
voltage of 200 volts, this would produce a loss of 160 watts! This loss can be 
avoided by using an alternate topology, the parallel resonant class-D amplifier. 


9.2.1 Parallel-resonant class-D RF amplifiers 


The class-D amplifier of Figure 9.6 consists of a square-wave current source 
driving a parallel LCR circuit. In this circuit, a large inductor (RF choke) 
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Figure 9.6. Class-D parallel- 


resonant RF amplifier operation. 


Figure 9.7. Practical class-D 
parallel-resonant RF amplifiers. 
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Square-wave drive 


provides the constant current. A DPDT switch commutates the load, effectively 
forming a square-wave current source. 

Two practical versions of this circuit are shown in Figure 9.7. In (a) the peak 
sine-wave voltage on the load, Rz, will be 7V¿¿/2 and the de supply current will 
be z°Vq,/(8R,). For the appealing circuit in (b), these quantities are 7V4, and 
n Va A(2R1). (See problem 9.4.) But the beauty of the parallel class-D amplifier 
is that the voltage on the parasitic capacitances of the transistors (drain-to- 
source capacitance, shown in dotted lines in Figure 9.7b) 1s zero at the instants 
the switches open or close. Thus, there is no lossy abrupt charging or discharg- 
ing of these parasitic capacitors. (Refer to the waveforms in Figure 9.7b. Note 
that the value of C is effectively increased by Cas, the parasitic capacitance of 
one transistor — first one, then the other.) 


9.3 The class-E amplifier 


We have seen that a class-C amplifier can be built with a single transistor and that 
its efficiency is high, relative to class-B and class-A amplifiers. The class-D 
switching amplifier, on the other hand can, in principle, achieve 100% efficiency, 
but requires two transistors. The class-E amplifier [4], has both virtues: single 
transistor operation and up to 100% efficiency. Figure 9.8 shows the circuit. 
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Figure 9.8. Class-E amplifiers. 


Figure 9.9. Class-E amplifier 
equivalent circuit. 
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RF choke High-O resonant LC 


The transistor is used as a switch: fully on or fully off. An equivalent circuit is 
shown in Figure 9.9, where the transistor is represented as a switch. The switch 
operates with a 50% duty factor, so the voltage at the switch, V;(t), is forced to 
be zero for half the cycle (or almost zero if we consider the switch to have a 
small series resistance, r). 

During the other half-cycle, V¡(t) consists of a rounded positive pulse. The 
power supply is connected through L4, an RF choke (a high-value inductor). 
The choke and the switch form a flyback circuit in which the power supply 
pumps energy into the inductor while the switch is closed and the inductor 
pumps energy into the rest of the circuit while the switch is open. Since there can 
be no de drop across the choke, you can see that the pulses in V,(£) at the switch 
must have an average amplitude equal to twice the power supply voltage. The 
key to the efficiency of this circuit is that it can be designed so that the voltage 
V(t) has fallen to zero at precisely the instant the switch closes, i.e., the 
capacitor C, is shorted out without a sudden lossy discharge. Note that Cı 
includes the transistor’s parasitic capacitance. The RF choke, Lı, is large 
enough to ensure that the de supply current, Jac, has essentially no ac compo- 
nent, 1.e., the inductor current’s increase and decrease during the flyback cycle 
are much smaller than the average current. 

A simplified description of the circuit operation is as follows. The pulses 
at C; are not square, but must have an average voltage of 2V4,. The waveform 
is a rough approximation to a sine wave with a peak voltage of Vg, plus an 
equal de offset. The bandpass filter formed by La and C, passes a good sine 
wave to the load, R¡. Let us now look in detail at the circuit operation and 
design. 
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9.3.1 Class-E amplifier design procedure 


We have seen that we can expect this amplifier to furnish the load with a sine 
wave whose amplitude is something like Vac, so the RF power output will be 
approximately V4."/(2R,). If a different power is desired, the resistance of the 
load, R,, can be transformed to a different value using any of the techniques of 
Chapter 2. Next, we can simply pick a value for L, that will give a reasonably 
high Q, maybe 10, so that the waveform at the load will be a good sine wave, 
i.e., have minimal harmonic content. We are left with finding values for C4 and 
C>. So far, the only constraint on the circuit is the condition that V, (£) have fallen 
to zero at 7/2, the instant of switch closure. It turns out that this can be satisfied 
over a range of combinations of C; and C; and that this provides a way to set the 
output power. Combinations with lower values of C, reduce the output power. 
However, it is possible and beneficial to impose a second constraint which will 
require a unique combination of C4 and C2. This constraint is that d V¡/df, as well 
as V,(t), be zero at the instant the switch is closed. If this condition is met, the 
frequency of the amplifier can be shifted somewhat without seriously violating 
the condition that V,(7/2) be zero. Moreover, at high frequencies, where the 
transistor’s switching time is relevant, V;(¢) will at least remain close to zero 
during the switching process. Before outlining the analysis, we summarize the 
resulting design procedures as follows: 


1. Pick a value for O, say Q= 10. Then mL, = QR. 
Pick mL; to be, say, 100R;.. (9.6) 


2. Calculate C} as follows: 


1 TT n’ 
ee T )R = 545R}. 9.7 
oC, 2 ( T 4 i - ( ) 
3. Calculate C> as follows: 
m° 1 
E L a L, — 0.212 (9.8) 
—— = øl — > = — — . 
010%) i ( =) wC] eee Ci 
4 


2 
Voute = Vac ——— = 1.07V ac. (9.9) 


5. The output power is given by 


( Vout y — 


P= 
dd QR, IR: 


(9.10) 
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6. The average current drawn from the power supply is 


Vou V, 
A — 0.577. (9.11) 


la. = 
OR. Ri 


9.3.2 Class-E circuit analysis 


This section 1s included for the reader who wants to understand the derivation of 
the above design formulas. We will analyze the circuit assuming r=0 and after- 
ward estimate the loss when r is small compared with Ri. The switch will be open 
whenever sin(@/) is positive, 1.e., it opens at t=0, closes at œt = x, etc. Because of 
the high O of the series combination, L,C», we will again use the simplifying 
assumption that the load voltage is a perfect sine wave, VRL = Pout (1) sin(wt+p) 
where @ is a phase shift to be determined [3]. As with the class-C amplifier, an 
exact analysis requires finding the properly connected switch-open and switch- 
closed transient solutions. Assuming the sine wave, the current into the load is 
given by Jp (t) = (Vout /RL) sin(ot + 6). 

By inspection of Figure 9.9, we can immediately write an equation for the 
current through the capacitor C, while the switch is open: 

dV, Vout 


Ic, (t) = C; de = Tie = Ri sin(wt + o). (9.12) 


Imposing the condition that Jc, be zero at œt= x, we find that 


— =Í deL 


sin(p) (9.13) 


V outor 


We can integrate Equation (9.12) to get V;(t), the voltage on the capacitor while 
the switch is open: 


l Vout y, 
Vi (t) = G (das + <a cos(wt + ġ) — “at cos(ó)) (9.14) 
where the last term 1s a constant of integration, added to satisfy the condition 
V,(0)=0, imposed by the switch having been in its closed state before t= 0. Next, 
imposing the condition that V, be zero also at œt= m, Equation (9.14) gives us 


_ T lac RL 
2 Vout 


cos(¢) (9.15) 


We can combine Equations (9.13) and (9.15), using cos*6 + sin?@= 1, to find 


Vout Ne l 


2 
LR and  sin(p) = PE where a=1/= +1. (9.16) 


4 


From this point, it remains to express V;¡(t) and the load current as complex 
constants times e!’ (the actual voltage and current are, of course, the real parts) 
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and calculate the ratio, which must be equal to the complex impedance looking 
into the LCR, series circuit, Z = Ri + j(@L2— 1/(@C>)). 

The load current, (V,,/Ri)sin(@t+o)=a lac sin(wt+p), corresponds to the 
complex current I(t) ==] a La. 99, since Re(G a [ge FO") = a Iye sin(@t+ o). 
Since the voltage V,(t) is not a sine wave, we have to find the complex 
representation of 1ts fundamental Fourier component by evaluating the integral 


7/0 
2 
complex V(t) = 0” -= fretar (9.17) 
T 
0 


Note that the upper limit of the integral would normally be 27/4 but by 
integrating over only the first half-cycle, we account for the fact that the closed 
switch forces V¡(t) to be zero during the second half-cycle. We can rewrite 
Equation (9.14) in terms of a and Tac: 
I 

A= a (++ =cos(aor + od) — ~cos(#) ). (9.18) 
Evaluating the integral in Equation (9.17), and then setting the ratio complex 
V(t) / complex I(t) equal to the impedance, R¡ + j(@L— 1/(@C>2)), results in the 
formulas for Cı and C, (Equations 9.7 and 9.8). 


9.3.3 Efficiency of the class-E amplifier 


We will now assume that r is not zero, but still small enough that we can use the 
currents derived above, where r was taken as zero. Power is dissipated in r when 
the switch is closed. The current through r is just 


Outpk 


L(t) = Tae — oH inet + ), (9.19) 
q 


which is the same as Equation (9.12), except that now we assume any current 
flowing in the capacitor is negligible compared with the current flowing through 
the closed switch. 

The instantaneous power dissipated in r is 


2 
(I,(t))"r = (1 e sin (ot + o) r (9.20) 
Ry 


and the average power dissipation in r is, therefore, given by 


((1,.(t))?r) = ((i B ons sin(wt + D) y 


Í / V out, i : 
== J (1 — — ~> sin(wt + o) rdt, 
T Ri 


2/2 (9.21) 
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where the period, t, is just 27/60. Evaluating this integral and using 
Equations (9.15) and (9.16), we find 


4 2 
(CADDA r a 4 L (9.22) 


REX 8Va? 


To get the fractional power loss, just divide this by the power out, Vout /(2RL). 


9.3.4 Class-E design example 


The formulas above were used to design a class-E amplifier designed to produce 
a 1-MHz, 12-V peak sine wave on a 50-ohm load, using a 12-V power supply. 
The component values were as follows: Lı = 1 mH, C1 =584 pF, L =79.6 uH, 
C,=360 pF, and R¡=500hms. If the transistor has an on-resistance of 
0.5 ohms, the fractional loss will be 1.9% (98% efficiency). A SPICE analysis 
of this circuit shows the second harmonic power at the load to be 26 dB below 
the fundamental power. The 3-dB bandwidth is about 15%. 


9.4 Which circuit to use: class-C, class-D, or class-E? 


Remember that the high-efficiency amplifiers discussed in this chapter are 
narrowband and nonlinear. They are ideal for producing conventional signals 
with AM, pulse, or phase modulation, such as radio broadcast signals and 
signals from cell phones. Lower efficiency linear class-A, AB, or B amplifiers 
are used with more complicated signals such as the superposition of many 
individual signals from a cellular base station or from a direct broadcast tele- 
vision satellite.” AM and FM broadcast transmitters have historically used 
class-C vacuum tube amplifiers. This type of transmitter is still widely used. 
Tubes are available with maximum plate dissipations of up to more than 1 MW. 
Typical class-C amplifiers have efficiencies of 75-85%, so a single large tube 
can produce in excess of 6 MW of RF power. The highest power used in radio 
broadcasting is about 2 MW, but amplifiers (or class-C oscillators) for much 
higher power are found in industrial heating applications such as curing ply- 
wood and welding. Many new designs use class-D and class-E solid-state 
amplifier modules, with the power from multiple modules being combined to 
achieve the desired total power. The complexity of using many modules is 
sometimes offset by the ability to “hot swap” defective modules without 
interrupting operations. The switching amplifiers, class-D and class-E, benefit 
from advances in transistor technology and have reached GHz frequencies. 


* In principle, class-C, D, and E amplifiers can reproduce any type of band-limited signal by 
using simultaneous amplitude and phase modulation, as in the efficient amplification of single- 
sideband signals discussed in Chapter 8. 
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Problem 9.1. For the shunt-fed class-C amplifier of Figure 9.4(c), sketch the wave- 
forms of the voltage on each side of the blocking capacitor and of the current through the 
blocking capacitor. 


Problem 9.2. Suppose the simple series class-D amplifier of Figure 9.5(b) is driving a 
50-ohm resistive load at a frequency of 1 MHz. The values of the inductor and capacitor are 
9.49 uH and 2.67 nF (equal and opposite reactances at 1 MHz). This resonant circuit passes 
the 1-MHz component of the square wave and greatly reduces the harmonics. By what 
factor is the 3-MHz (i.e., third harmonic) power delivered to the load lower than the 
fundamental (1-MHz) power? Hints: in a square-wave, the amplitude of the third harmonic 
is one-third of the amplitude of the fundamental. Remember that at 1 MHz, X,=Xc while at 
3 MHz, X; is increased by a factor of 3 and Xc is decreased by a factor of 3. 


Problem 9.3. A single-tube class-C amplifier with 75% efficiency is providing 
500 kW of continuous cw output power. The supply voltage is 60 kV and the conduction 
angle is 90°. What is the average current drawn from the power supply? Answer: 
11.1 amperes. What is the average current when the tube is on? Answer: 44.4 amperes. 


Problem 9.4. (a) Consider the class-D amplifier of Figure 9.7(a). Show that the peak sine- 
wave voltage on the load, Ri, will be zV4,/2 and the de supply current will be n Va ASR). 
Hint: since the efficiency is 100% (there are no lossy components except the load), the 
power supplied by the de source will be /- Vac where Z is the constant current flowing through 
the RF choke. But the power from the supply can also be written as V4, times the average of 
the absolute value of the sine wave on the load. (The average of |Asin(@)| is 24/77.) 

(b) For the amplifier of Figure 9.7(b), show that the peak sine-wave voltage on the 
load will be 7V¿. and the de supply current will be WV ae/(2Rz). 
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CHAPTER 


Transmission lines 


We draw circuit diagrams with “lumped”components: ideal R”s, C’s, L’s, tran- 
sistors, etc., connected by lines that represent zero-length wires. But all real wires, 
if not much shorter than the shortest relevant wavelength, are themselves com- 
plicated circuit elements; the current is not the same everywhere along such a 
wire, nor is voltage uniform, even if the wire has no resistance. On the other hand, 
when interconnections are made with transmission lines, which are well- 
understood circuit elements, we can accurately predict circuit behavior. In this 
section we will consider two-conductor lines such as coaxial cables and open 
parallel wire lines. “Microstrip lines” (conducting metal traces on an insulation 
layer over a metal ground plane) behave essentially in the same way, but they 
have some subtle complications, which are mentioned in Appendix 10.1. 


10.1 Characteristic impedance 


Figure 10.1. Transmission line 
model - a ladder network of 
infinitesimal LC sections. 
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The first thing one learns about transmission lines is that they have a parameter 
known as characteristic impedance, denoted Zo. How “real” is characteristic 
impedance? If we connect an ordinary dc ohmmeter to the end of a 50-ohm 
cable will it indicate 50 ohms? Yes, if the cable is very long, so that a reflection 
from the far end does not arrive back at the meter before we finish the measure- 
ment. Otherwise, the meter will simply measure whatever is connected to the far 
end, which could be short, an open circuit, or a resistance. However, using a 
pulse generator and an oscilloscope, you can easily make an ohmmeter set-up 
that is fast enough that, even for a short cable, you can determine Vin and J, and 
then calculate V;,,/f;,, = Zo. 

To make a theoretical determination of Zp, we first model the transmission 
line as a ladder network made of shunt capacitors and series inductors, as shown 
in Figure 10.1. 


guide and insert the appropriate bandwidth 
and frequency values. (problems 21-29) 
11. fr = 160 kHz, XL = XC = 100 ohms, 
Q = 10, BW = 16 kHz, Z = 10 ohms 
(problems 21-29) 

12. fr = 1 kHz, XL = XC = 25 ohms, Q 
= 100, BW = 10 Hz, Z = 0.25 ohms 
(problems 21-29) 

13. fr = 400 Hz, XL = XC = 40 ohms, 
= 2, BW = 200 Hz, Z = 20 ohms 
(problems 21-29) 

14. fr = 600 Hz, XL = 24 ohms, XC = 
26.5, Q = 3, BW = 200 Hz, Z = 80 ohms 
(problems 21-29) 

Because Q is not given, you should use the 
more complicated of the two formulas 
shown in problem 10 to calculate the 
resonant frequency. 

15. fr = 30 kHz, XL = 132 ohms, XC = 
132, Q = 101.5, BW = 300 Hz, Z = 13.4 
ohms (problems 21-29) 

16A. 10.1 volts (problems 27 and 28) 

16B. 148 kHz (problems 27 and 28) 

16C. 10.1 x 0.707 = 7.14 volts (problems 
27 and 28) 

16D. Approximately 135 kHz and 160 kHz 
(not quite symmetrical) (problems 27 and 
28) 

16E. BW = 25 kHz (problems 27 and 28) 
16F. E about 5.9 (problems 27 


-— BW 
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EE 


he dz => 


Electric field Magnetic field 
=> — Cdz Equivalent circuit Er Equivalent circuit 
(a) (b) 


Figure 10.2. Capacitance and 
inductance per unit length. 


To see that this model is reasonable, consider Figure 10.2(a), which shows the 
electric field lines in a length of coaxial cable connected to a voltage source. The 
field lines are radial and their number is obviously proportional to the length of 
the cable, so that capacitance per unit length is a constant. Likewise, a current 
through the cable (b) sets up a magnetic field, so another characteristic of the 
cable is its inductance per unit length. We will follow common convention and 
use the symbols C and L to denote capacitance and inductance per unit length. 
That convention is obvious when capacitors and inductors are labeled, respec- 
tively, Coz and Lóz, where óz is a short increment of length along the z-axis, 1.e., 
parallel to the cable. 

Every increment of a transmission line contributes series inductance and 
shunt capacitance; the ladder network shown in Figure 10.1 models a real 
transmission line in the limit that óz goes to zero. For some situations, e.g., 
baseband telephony and digital data transmission through long cables, the 
model must also include series and shunt resistance. At radio frequencies, 
however, the series reactance is usually much greater than the series resistance 
and the shunt reactance is usually much less than the shunt resistance so both 
resistances can be neglected. (See Problem 10.3.) 

To see that Zo” = L/C, consider the circuit of Figure 10.3, where we have 
added another infinitesimal LC section to the model transmission line, which is 
either infinitely long or terminated with a resistance equal to the characteristic 
impedance, so as to appear infinitely long. After adding the section, the line is 
still infinitely long and the impedance looking into it must still be Zo. If the 
voltage and current at the input of the line were Vand /, they will be modified 
to become V+0V and /+o J at the input to the new section. (This does not imply 
an increase in power; V+9V and [+o J are merely phase-shifted versions of V 
and J.) 

Since the impedance looking into the line must stay the same, we have 


Por Y 


A 10.1 
I+ó I’ aa 


103 


Figure 10.3. Adding another 
infinitesimal section must leave 
Zo unchanged. 


Transmission lines 


— Zo — Zo 
[+6] 
V+5V 4 v t 
Loz L6z 


from which ôV/ôI = V/I= Zo. 

Using this, and substituting 0/=(Cóz) dV/dt and 9V=(Lóz) d/dtU/+ol) and 
ignoring the vanishingly small óz d/ term, we have 

OV Léz(jal) Lı 
i oom «EO : (10.2) 

Looking at the first and last terms of this equation, we see that Zo = (L/ ey 
Note: you can verify that, because ôV and ôI are infinitesimal, the above 
equations are the same if the network starts with a capacitor instead an inductor. 

To evaluate Zp, it is sufficient to know either L or C, since it follows from 
electrodynamics that they are related by LC=e¢,/c” where e, is the dielectric 
constant (relative to vacuum), and c is the speed of light. This relation between L 
and C holds for any two-conductor structure with translational symmetry such 
as an unlikely transmission line consisting of a square inner conductor inside a 
triangular outer conductor. 

For a coaxial transmission line, C= 27¢,€9 /In(b/a) farads/meter, where a and 
b are the inner and outer radii and e, the “permittivity of free space,” is equal to 
(4rx 10 "cy '. Using this, together with the relation LC=e,/c*, gives us 
Zo=(é,) '2 60 In (b/a). Note that Zo depends on the ratio a/b, but not on the 
size of the cable. 


10.2 Waves and reflected waves on transmission lines 


We will use a simple ac analysis to show that an applied sinusoidal voltage 
causes a spatial voltage sine wave to propagate down the line: Let us apply a 
voltage e'”* and find the voltage drop across an incremental length of line (see 
Figure 10.4). 

Since we already know the input impedance is Zp, the input current must be 
V/Z, and the voltage across the inductor can be written ôV = — (V/Zo) GwLóz). 
But this is just the differential equation 


dy L 
= S19 — V = O 10.3 
J Ze J ( ) 
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Figure 10.4. Finding the change 
in voltage, ô V, over a distance 6 z. 
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aa 


[+6] 


jut a 
V=e T Cóz cóz T 


V+0V 


The solution to this familiar equation is 
Y = Vey = vei where k=wvVLC, (10.4) 


where Vpis a constant, the amplitude. The constant k is known as the propaga- 
tion constant and is the number of radians the wave progresses per unit length. 
The wave therefore repeats in a distance (the wavelength) given by A= 2z/k. 
Since V/I= Zo, the current along the line is also a wave: /= (VIZo I. If we 
include the otherwise implicit multiplicative time dependence factor e”, the 
voltage is 


a clot je == el(@t—kz) | (10.5) 
f f 


This is just a sine wave running in the forward z-direction. The complex 
exponential now contains space as well as time but, as always, the physical 
voltage is the real part, 1.e., Rel Vrele] which is a weighted superposition of 
sin(œt— kz) and cos(wt— kz). For a point of constant phase, œt— kz = constant, 
we have ôz/ôt = œ/k. This velocity, w/k = c/,/é,, is known as the phase 
velocity, Vohase- Figure 10.5 shows a forward-running wave on a coaxial cable. 
The electric and magnetic field lines are drawn only at the points where they 
reach their peak values. A graph shows the spatial distribution. Everything has 
the same phase, i.e., the voltage, current, and charge density all rise and fall 
together along the z-axis. Note that a wave of amplitude V transfers power at a 
rate |V|7/(2Zp). 

A transmission line can equally well support waves running in the negative 
z-direction. If we had assumed a current in the (—z)-direction, the phase 
would progress as wí+kz. A transmission line in a circuit operating at a 
frequency œ will, in general, have both a forward wave and a reverse wave. 
The waves have complex amplitudes, V; and V,, each containing magnitude 
and phase. Of course both waves have the same frequency and propagation 
constant. We regard current as positive when it is in the (+z)-direction, so the 
current of a forward wave is I; (z,f)=Vz,t)/Zo, but the current of a reverse 
wave is J. (2,1) =-V,(z,£)/Zp, since the reverse wave is traveling in the (—z)- 
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Figure 10.5. Forward wave on a 
transmission line. 


Standing waves 


Transmission lines 


direction. Together, the forward and reverse waves are, in general, equivalent 
to a stationary (standing) wave plus a single propagating wave. 

Note also that the phase velocity is independent of «w; there is no 
dispersion in this kind of lossless transmission line. Therefore, 1f we apply 
an arbitrary voltage waveform, Va,y(£), at the input to the line, this waveform, 
considered as a Fourier superposition of sine waves, will propagate down the 
line without distortion. At any point z, the voltage will be Vap(t—2Z/Vphase), 
a delayed but undistorted version of the input signal. For example, if, at 
t=0, we connect a dc voltage to the line, a step function propagates down 
the line. 

The electrical length of a line is the phase change imparted by the line. For 
example, a “quarter wave line” imparts a 90° phase shift, kl = 7/2, and therefore 
l = n/ (2k) = 1c/(L0ye,) = (c/f)/(4 €.) = 1/4(A0/./ér), where Ap is the 


wavelength in free space. 


When both a forward and a reverse wave are present on a transmission line 
the voltage along the line, which is the sum of the contributions from the 
two waves, forms an interference pattern or standing wave. To see this, let 
Viz.) =Velo + Ve". The real parts of these two rotating phasors will 
be in phase at points along the transmission line which are separated by 1/2. At 
these points, the magnitude of the sum will be |V+|V,|. Halfway between 
these points, the real parts of the phasors will be out of phase and the 
magnitude of the sum will be ||V—|V,|. The ratio of these maximum and 
minimum voltage magnitudes is called the voltage standing wave ratio: 
VSWR= (lV + (VD V4— |V|. I£ [V4=|/V,]| there is only a standing wave and 
the VSWR is infinite. When |V;|#|V,|, the weaker one, along with an equal 
portion of the stronger one, form a standing wave, leaving the remainder of the 
stronger one as a travelling wave. 
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10.3 Modification of an impedance by a transmission line 


Figure 10.6. An impedance is 
modified when seen through a 
transmission line. 


From the discussion above, you can see that a transmission line terminated by a 
resistor of value Zp will always present an input impedance of Zp. But a piece of 
transmission line that is terminated with an arbitrary impedance, Z + Zo, as 
shown in Figure 10.6, will produce a modified (“transformed”) impedance, Z’. 

This figure shows a line of length / whose right-hand end (z= 0) is connected to 
some impedance Z, (L denotes “load”). Assume that some constant ac source 
produces a constant incident wave traveling to the right, Ve (we will not bother 
writing the always present factor e'”), and that Z, causes a constant reflected 
wave, I" Vel, to travel to the left.’ The factor I is known as the reflection 
coefficient. At any point, z, the voltage on the line is V(z)= Vre 17 HI Ve, The 
corresponding current is /(z)= (ViZo(e "7 — Te). The minus sign occurs 
because the current in the reflected wave flows in the negative z-direction. At 
the right-hand end (z= 0), the load ensures that V(0)//(0) = Z1. This will give us T: 


vio),  (1+T) Zo (14T) pp 2-2) 
10 EA. A EN Gaz 
(10.6) 


Putting this expression in Equation (10.6) for T, together with the expressions 
for V(z) and /(z), we can immediately find V(—/)/I(—/) which is what we are after, 
i.e., Z', the input impedance at a point / to the left of the load: 


oy YE RC TE 
TD TD, T 
(Zt + Zo) + (ZL — ZoJe Y 
(ZL + Zoe"! = (Zi — Zo de 
or 
j ZL + jZo tan(kl) 

Z = Lo 

Zo + jZ, tan (kl) (10.7) 


V(z) =8 124 reik 


2) =e - rele 
Zo Zo 


' Since everything is linear, superposition holds and the incident and reflected waves do not 
collide or interact in any way. They simply pass through one another unaltered. At any point, the 
current is the sum of their currents and the voltage is the sum of their voltages. 
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This important result, the modification of an impedance Z; by a length / of 
transmission line, is not hard to remember; it has no minus signs and is 
symmetric. Just remember (1+) tan)/(1+j tan). Once you have written this 
framework, you will remember how to put in the coefficients. Some important 
special cases are listed below: 


e If Z= Zo, then Z’= Zo for any length of line. 

e If Z, =0 (a short) then Z' = jZotan(A/), a pure reactance, which is inductive? 
for kl < 7/2, then capacitive, etc. 

e If ZL =infinity (an open circuit) then Z'= Z/jtan(k/) which is capacitive for 
kl<z/2, then inductive, etc. 

e An impedance is left unchanged by a line of arbitrary Z) whose length is a 
half-wave (kz =m) or any integral multiple of a half-wave. 

e A quarter-wave line (kz = 2/2) or an odd multiple of a quarter-wave line, inverts 
an impedance: Z'’=Z)7/Z,. A short is transformed into an open and an open 
into a short, an inductor is transformed into a capacitor and vice versa, etc. 


10.4 Transmission line attenuation 


In a lossy transmission line, 1.e., a line that causes attenuation of the signal, the 
eE or e spatial dependence of the wave is replaced by e“ e “=e 144%” 
(forward wave) or e e7 =e!” (reverse wave), where a is the attenuation 
constant. In a distance 1/a, the amplitude falls by a factor 1/e and the power falls 
by a factor (1/ey”. Note that k for a lossless line is simply replaced by k- ja, i.e., 
the propagation constant becomes complex. You can put this complex k into the 
“tan tan” formula to see how an impedance is modified by a lossy cable. 

Transmission line attenuation is usually expressed in units of dB/meter. To 
find a for a line whose loss is 41 dB/m, note that, since the amplitude falls by a 
factor e “' in 1 meter, we can write 4, =10 log (e “*y” =—20a log(e) from 
which a.= 41/20 log(e)). 


10.5 Impedance specified by reflection coefficient 


We have seen that an impedance Z produces a reflection coefficient given by 
P=(Z-Z0) / (Z+ Zo). This relation is easily inverted, Z=Z)(1+IT)/(1-T), so 
there is a one-to-one mapping between Z and T. In antenna and microwave 
work, especially when using S-parameter analysis (Chapter 28), it is customary 
to think in terms of IT, rather than Z. 

One big advantage of working in the complex I’-plane is that the modification 
of an impedance (represented by its equivalent I’) is extremely simple. The 


2 Note that “inductive” does not mean equivalent to a lumped inductor since Zotan(k/) = Zotan(al/ 
Vphase) 18 not proportional to w, except for small k/. Likewise, a short open-ended line is not 
equivalent to a lumped capacitor, except for small l/Vphase- 
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reflection coefficient for the given impedance as seen through a length / of 
transmission line 1s just 


P = Tre, (10.8) 


which means we simply rotate the point clockwise around the origin (I =0) by 
an angle 2kl to give I’, the modified reflection coefficient. This is easy to see: 
when we add a length of cable, the incident wave’s phase is delayed by kl getting 
to the end of the cable and the reflected wave is delayed by the same kl getting 
back again. The effect of a cable is therefore to rotate the complex number T 
clockwise by an angle 2kl.? (Since the time dependence is e”, the round-trip 
time delay is a clockwise displacement.) Keep in mind that the T’-plane is a 
complex plane but that it is not the R+ 4X plane. Let us look at a few special 
points in the I’-plane. 


1. The center of the plane, [=0, corresponds to a reflected wave of zero 
amplitude, so this point represents the impedance Zp +30. 

2. The magnitude of T (radius from the origin) must be less than or equal to 
unity for passive impedances. Otherwise the reflected wave would have 
more power than the incident wave. 

3. The point [=—1+j0 corresponds to Z=0, a short circuit. 

4. The point IF = 1+30 corresponds to Z= oo, an open circuit. 

5. Points on the circle || = 1 correspond to pure reactances, Z=0+,X. All points 
inside this circle map to impedances with positive nonzero R. 

6. The point I” =0+31 corresponds to an inductance, Z =0+3Z¿. All points in 
the top half of the I'-plane are “inductive,” 1.e., Z= R+|X]| or, equivalently, 
Y=G-]|Bl. 

7. The point [=0-j1 corresponds to a capacitance, Z = 0-jZo. All points in the 
bottom half of the I’-plane are “capacitive,” i.e., Z= R-j|X| or, equivalently, 
Y= G+j|Bl. 


These special cases of mapping of Z into I are shown in Figure 10.7. 

In the [’-plane, if you plot I =R +}X, where R is a constant and X varies, you 
will get a circle centered on the real axis and tangent to the line Re(I”) =1. For 
every value of R there is one of these “resistance circles.” The resistance circle 
for R=0 is the unit circle in the I”-plane. The resistance circle for R=00 is a 
circle of zero radius at the point I = 1+0. Likewise, if you plot [(R+,X) where X 
is a constant and R varies, you will get “reactance circles” centered on the line 
Re(T)=1 and tangent to the line Im(I1)=0. These circles are shown in 
Figure 10.8. 

If you now trim the circles to leave only the portions within the |I| =1 circle 
(corresponding to passive impedances, 1.e., impedances whose real part is 


> If the line is lossy, the magnitude of T' decreases as it rotates around the origin, forming a spiral. 
For a long enough length of lossy line, I spirals all the way into the origin producing Z= Zo, no 
matter what value of Z terminates the far end of the cable. 
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Figure 10.7. Impedances 
mapped into the reflection 


Im(T) 


plane. 
Re(T) 
P=-1+j0 P=1+j0 
Z=0+j0 | Z= infinity 
(Open ckt) 
(Short ckt) 
Reflection plane 
Figure 10.8. Loci of constant Im(T) | 
resistance and of constant k— Re(I)= 
reactance - circles in the a 
P-plane. N 


. Inductive reactance 


Re(T) 


Capacitive reactance 


y — Constant resistance 
(Resistance circles) 


-=-_ 


==” 


aos Constant reactance 
(Reactance circles) 


positive) you are left with a useful piece of graph paper, the famous Smith chart, 
shown in Figure 10.9. 

The circular R and X “axes” on the Smith chart allow you to locate the ’-point 
that corresponds to Z=R+,X. We have already seen that when we have located an 
impedance on the I'-plane, we can find how that impedance is modified by a 
length of transmission line (whose Zp is the same as the Zp used to draw the 
chart) by rotating the point clockwise around the origin. We simply rotate the 
point clockwise around the origin by an angle equal to twice the electrical length 
of the line. The values of R and X corresponding to the rotated point can be read 
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Figure 10.9. The Smith chart - 
resistance and reactance circles 
on the T-plane. 


Figure 10.10. Conductance and 
susceptance circles. 
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Re(T) 


| 
| Constant conductance 
| ae (Conductance circles) 
| 
| 
| 


———- Constant susceptance 
- (Susceptance circles) 


off the chart’s R and X “axes.” We can also use the chart to find how an 
impedance is modified by adding a series R or series X. In this operations, the 
Smith chart can be considered something of a calculator. Note that the Smith 
chart can also be made with G and B “axes”. As you might guess, these produce 
“G circles” and “B circles” as shown in Figure 10.10. 

Sometimes the Smith chart contains G and B circles as well as R and X circles. 
This full-blown chart, which can be quite dense, is shown in Figure 10.11. 
Again, remember the Smith chart is actually a rectangular graph of IT”; the x-axis 
is Re(T) and the y-axis is Im(I’). Because only the area inside the circle |I|= 1, 
i.e., x+y" =1, is used, the Smith chart resembles a polar graph. And, indeed, 
when we rotate a point around the origin to how a transmission line modifies an 
impedance, we are using it in a polar fashion. Sometimes the Smith chart is 
scaled for a specific Zp (usually 50 ohms or 75 ohms). Other charts are normal- 
ized; the R= 1 circle would be the 50-ohm circle if we are dealing with 50-ohm 
cable, etc. 
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Figure 10.11. Smith chart with 
R, X, G, and B circles. 


10.6 Transmission lines used to match impedances 


Designing a matching network becomes an exercise in moving from a given I’ 
to a desired I” in the reflection plane. Working graphically, it is often easy to 
find a matching strategy. Let us use the Smith chart and revisit the 1000-ohm-to- 
50-ohm matching circuit example of Chapter 2. 


“= 


= 12.6" 


1/2 (25.2°) - 


1000 


Figure 10.12. Conversion from 
1000 ohms to 50 ohms - 
transmission line and inductor 
circuit. 


I. The starting impedance, 1000 ohms, and the final target impedance, 
50 ohms, are indicated on the chart in Figure 10.12. Also shown is the 
50-ohm circle. We can use a (50-ohm) transmission line to move along the 
dashed circle until we reach the 50-ohm circle. Now we have R=50 plus a 
capacitive reactance. A series inductor will cancel the capacitive reactance, 
taking us to Z= 500 (the center of the chart). 

II. Another solution (Figure 10.13) would be to use a longer piece of cable to 
circle most of the chart, hitting the 50-ohm circle in the top half of the plane. 
At this point we have Z=50+ 4X where X is positive (inductive). We can 
add a series capacitor to cancel this X and again arrive at Z=50+]30. 


and 28) 
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Figure 10.13. Transmission line 
and capacitor matching circuit. 


Figure 10.14. Series and shunt 
transmission line matching 
circuit. 


Il. 


IV. 


H—  334.8°/2 | 


= 167.4° 
X=-212.5 


So far we have only used series elements. Let us now start by traveling 
around to the G= 1/50 circle. Then we can add a shunt element to reach the 
center of the chart. The first intersection ofthe G= 1/50 circle 1s in the lower 
half-plane (capacitive) so, to get from this point to the center, we need a 
shunt inductor. Instead of a lumped inductor we might use a shorted length 
of transmission, as shown in Figure 10.14, to make a matching circuit using 


only transmission line elements. 

Figure 10.15 shows a solution that uses no transmission line. We start on the 
G= 1/1000 circle, at G=0. If we apply shunt reactance we can move along 
this circle. Let us pick shunt inductance which will move us upward along 
the G circle to the 50-ohm circle. We now have R= 50, but there is inductive 
reactance. As in the above example, we can now cancel the inductance 
reactance with a series capacitor. This is just the L-network found in 
Chapter 2. 

If we had used shunt capacitance rather than shunt inductance, we 
would have moved downward to the 50-ohm circle, as shown in 
Figure 10.16. The remaining series capacitance can be cancelled with 
an inductor. This produces an L-network where the positions of the L 
and C are reversed. 
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Figure 10.15. LC matching 
network. 


Figure 10.16. CL matching 
network. 


Figure 10.17. An impedance- 


admittance chart. 
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X= 1000 +j0 


1000 
Z=50+j0 


G= 1/1000 


X=1000 + j0 


Na KL 
> a Constant B circle 


Constant G circle 


Constant R line 


y Constant X line 


-X 


In these examples, our final impedance was at the center of the chart (Z= 50 +40), 
but you can see that these techniques allow us to transform any point on the chart 
(1.e., any impedance) into any other point on the chart (any other impedance). 
The Smith chart is a favorite because it handles networks that include trans- 
mission lines as well as inductors and capacitors. If we did not care about 
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transmission lines, then any chart that maps R, X into G, B would do. For 
example, take the R, X plane (half-plane, since we will exclude negative R). 
Draw in the curves for G = constant and B = constant. The resulting chart, shown 
in Figure 10.17, can be used to design lumped element L, C,R ladder networks, 
such as the networks of Figures 10.15 and 10.16. 


Appendix 10.1. Coaxial cable - Electromagnetic analysis 


Figure 10.18. Transmission line 
element. 


This chapter began with a derivation of Z¿ based on an equivalent lumped- 
element circuit model of a transmission line. That derivation required only 
elementary ac circuit theory, but is a rather indirect approach to what is really 
a problem in electromagnetics. Even then, some electromagnetic theory is 
needed to derive the expressions for capacitance and inductance per unit length. 

An electromagnetic analysis of a coaxial transmission line is presented here 
for the reader who has some familiarity with Maxwell’s equations. We make use 
of the fact that the propagation velocity of a TEM wave’ is given by v= (ua "°, 
where u is the magnetic permeability and e is the electrical permitivity of the 
material through which the fields propagate.” 

To find the impedance of the coaxial line, we will first assume that the current 
on the inner conductor is given by Z= Jp cos(wt-kz), which is a wave traveling in 
the (+z)-direction. This is illustrated in Figure 10.18. 


Inner conductor 


x Outer conductor 
Gaussian pillbox 


We will then proceed to find the charge density, the electric field, and then the 
voltage, which will have the form Vp cos(@t—kz). Once we have the voltage, the 


In a TEM wave, by definition, both the electric field and the magnetic field are transverse, i.e., 
perpendicular to the direction along which the wave propagates. In most applications of coaxial 
cables and parallel-wire transmission lines, the wavelength is much greater than the transverse 
dimensions of the line and only TEM waves can propagate. Waves in free space are also TEM 
waves. 

To find the propagation velocity of a TEM wave: The variables ¢ and z appear in Ey, E,, By, and B, 
only in the factor e°*. Using the condition E,=0, the x-component of the Maxwell equation 
curl(E) = —0B/ot gives us B, =—(k/@)E,. Likewise, using the condition B, = 0, the y-component of 
the Maxwell equation curl(B/u)=0(eE)/0t gives us B,=—(ape/k)E,. Equating these two 
expressions for B, gives K =@ ue. 


Ur 
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characteristic impedance is simply given by Vo/lo. (Note that the current in the 
outer conductor is just the negative of the current in the inner conductor.) 

Consider an incremental segment of the inner conductor from z to z + óz. The 
rate at which charge accumulates on this element is 0/Ot (p1)ôz, where py is the 
charge per unit length. But the rate at which charge accumulates in 6z is nothing 
more than the difference between the current flowing into ôz and the current 
flowing out of óz. Therefore, we can write 

Pı = ms = —k lo sin(@t — kz). (10.9) 

Integrating dp;/dt with respect to time gives us the linear charge density 
(coulombs/meter): 


l kl 
py(z,t) = — (kh cos(ot — kz)) = —cos(wt — kz). (10.10) 
(49) (69) 


Now that we know the charge density, we can find the electric field. The field is 
radial with field lines like spokes of a wheel. Imagining a Gaussian “pillbox” of 
radius r and height ôz around the center conductor, we use Gauss’s law: the 
integral of the £ field over the sidewall surface must be equal to the enclosed 
charge divided by e: 


1 
E(r,z,t)(2ardz) = —p,(z, t)ôz. (10.11) 
ar 


Substituting for 4 and solving for E, we have 


kl t—k 
A EN R e aa (10.12) 


2mre@ 


Integrating this electric field from r=a to r=b gives us the voltage between the 
inner and outer conductors: 


b 
kl t — kz) In(b 
(2,1) = feo: dr = POO (10.13) 


Finally, we divide V(z,t) by {(z,t) to get the characteristic impedance: 


A A (E tn(b/a (10.14) 


€ 


T(z, t) 2TEW Qnev 2r 


which is the same as the result we obtained using the ôL ôC ladder network 
equivalent circuit. 

This derivation (as well as the LC derivation) for Zo is for TEM waves, where 
both E and H are perpendicular to z. For TEM solutions to exist, the line must be 
uniformly filled with homogenous dielectric material or vacuum. The dielectric 
can be lossy, but the metal conductors must, strictly speaking, have no resist- 
ance. In practice, these conditions are usually not satisfied perfectly, and the 
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waves will be slightly different from the TEM waves corresponding to ideal 
conditions. In particular, the waves will have a small E, or H, field, or both. 
Microstrip lines are a case of nonuniform dielectric; some of the E-field lines 
arch through the air above the conductor, before plunging through the dielectric 
to the ground plane. The wave must have a unique phase velocity, but (ue) "7 
has one value in the air and another value in the dielectric. The waves, therefore, 
cannot be TEM. They turn out to have both E£, and H, components. Known as 
quasi-TEM waves, they show some frequency dependence in both Zp and Vphase; 
which can be important at millimeter-wave frequencies. Closed form expres- 
sions have not been derived for a microstrip; designers find Zp and Vphase 
vs. frequency by using graphs or approximate formulas based on numerical 
solutions of Maxwell’s equations. 


Problem 10.1. A common 50-ohm coaxial cable, RG214, has a shunt capacitance of 
30.8 pF/ft. Calculate the series inductance per ft and the propagation velocity. 


Problem 10.2. (a) Use the “tan tan” formula to show that a short length, dz, of 
transmission line, open-circuited at the far end, behaves as a capacitor, 1.e., that 1t 
has a positive susceptance, directly proportional to frequency. Express the value of 
this capacitor in terms of the cable’s capacitance per unit length. (Hint: tan(9) = 0 
for small 6.) 

(b) Show that a short length, dz, of transmission line, short-circuited at the far end, acts 
as an inductor, 1.e., that it has a negative susceptance inversely proportional to frequency. 
Express the value of this inductor in terms of the cable’s inductance/unit length. 


Problem 10.3. (a) Find a formula for the characteristic impedance of a lossy cable 
where the loss can be due to a series resistance per unit length, R, as well as a parallel 
conductance per unit length, G. R represents the ohmic loss of the metal conductors while 
G represents dielectric loss. 


ix > 


Gox T C3x 
-+—— Ox e 


Hint: You can generalize the result for the lossless cable by simply replacing L by 
L+R/(j@) and C by C+G/(ja). 

(b) Find the formula for the propagation constant k of this lossy cable. Hint: apply the 
substitutions given above to the formula k = œv LC. What distance (in wavelengths) is 
required to reduce by 1/e the power of a signal at frequency @, if R/(@,;)=0.01L? 
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Problem 10.4. If the (sinusoidal) voltage, V, and current, Z, at the right-hand end of a 
transmission line are given, find the corresponding voltage, V’, and current, 7', at the left- 


hand end. 
Jn 0 e 
——> r I —— 
Jo + O) 
v’ V 


Hint: assume the (complex) voltage on the line is given by V(¢) = Vre 3? + Vge!”. The 
corresponding current is given by Zol(¢) = Vee ??— Vge!?, Let 6 =0 at the right-hand end. 
Show that Vpe=(V+IZp)/2 and Vp=(V—IZp)/2. Then show that, at the left-hand end, 
where d= —0, that V'= Vcos@ +Z j sind and /'=Icos@ + jsin0 V/Zo. 


Problem 10.5. Use the results of Problem 10.4 to upgrade your ladder network 
analysis program (Problem 1.3) to handle another type of element, a series lossless 
transmission line. Three parameters are necessary to specify the line. These could be the 
characteristic impedance, the physical length, and the velocity of propagation. For 
convenience in later problems, however, let the three parameters be the characteristic 
impedance (Zp), the electrical length (0o) in degrees for a particular frequency, and that 
frequency (fo). A 50-ohm cable that has an electrical length of 80° at 10 MHZ would 
appear in the circuit file as “TL, 50, 80, 10E6.” For any frequency, f, the electrical length 
is then 0 = 0of/fo. 

Example answer: For the MATLAB program shown in Problem 1.3, insert the 
following lines of code in “elseif chain”: 


elseif strcmp (component,'TL')== 

ckt_index=ckt_index+1; ZO=ckt{ckt_index}; %tcharacteristic impedance 
ckt_index=ckt_index+1; refdegrees=ckt{ckt_index};%electrical length 
ckt_index=ckt_index+1; reffreq=ckt{ckt_index}; Sat ref. frequency 
eleclength=pi/180°f(i)*(refdegrees/reffreq) ; 

Told=1; I=I*(cos(eleclength))+V*(13/Z0*sin(eleclength)); 

V=V" (cos(eleclength) )+13*ZO0*Iold*(sin(eleclength) ) ; 


Problem 10.6. Use your program to analyze the circuit of Figure 10.13. Assume a 
design frequency, say 1 MHZ, in order to determine the value of the capacitor. Run 
the analysis from 0 to 2MHz. Then make the transmission line 360° longer and 
repeat the analysis. What form will the response take if the transmission line is made 
very long? 


Problem 10.7. A 50-ohm transmission line is connected in parallel with an equal 
length transmission line of 75 ohms, 1.e., at each end the inner conductors are connected 
and the outer conductors are connected. The cables have equal phase velocities. Show 
that the characteristic impedance of this composite transmission line is given by (50:75)/ 
(50+75), 1.e., the characteristic impedances add like parallel resistors. 
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Problem 10.8. In the circuit shown below, the impedance, Z, is modified by a trans- 
mission line in parallel with a lumped impedance, Z¡, which could be an R, C, or L ora 


network. 


Show that the admittance looking in from the left, Y’ =1/Z', is given by 


Alt -aA 
Y +jYotan0 + | 2Y; — +j— tan 0 
l ; cos 0 Yo 
gr =% Yo +jY tan0+( 
o +jY tan 0 + (jY; tan 0) 


Hint: extend the argument used in the text to find Z' for a cable without a bridging 
lumped element. Assume a forward and reverse wave in the cable with amplitudes 1 and 
I. The voltage on the cable is then V(z)=e” (e + Te”) and the current is 
I2)=Z0 19 (e — Te). The current into Z is the sum of the current from the cable 
and the current from Z, while the current into the circuit is the sum of the current into the 
cable and the current into Z4. 


Problem 10.9. Using a 50-ohm network analyzer, it is found that a certain device, 

when tested at 1 GHz, has a (complex) reflection coefficient of 0.6 at an angle of —22° 

(standard polar coordinates: the positive x-axis is at 0° and angles increase in the 

counterclockwise direction). 

(a) Calculate the impedance, R+,X. 

(b) Find the component values for both the equivalent series R,C, circuit and the 
equivalent parallel R,C, circuit that, at 1 GHz, represent the device. 


Problem 10.10. The circuit below matches a 1000-ohm load to a 50-ohm source at a 
frequency of 10 MHz. The characteristic impedance of the cable is 50 ohms. 


=. Č 
Z=50+j0 | 


(a) Make a Smith chart sketch that shows the derivation of this circuit. 
(b) Find the length of the (shortest) cable and the value of the capacitor. Specify the 
length in degrees and the capacitance in picofarads. Calculate these values rather 


than reading them from an accurately drawn Smith chart. 
(c) Use your ladder network analysis program (Problems 1.3 and 10.5) to find the 
transmission from 9 MHz to 11 MHz in steps of 0.1 MHz. 
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Problem 10.11. Find a transmission line element to replace the capacitor in the circuit 
of Problem 10.9. 


Problem 10.12. Suppose that a transmission line has small shunt susceptance (capaci- 
tive or inductive) at a point z. By itself, this will cause a small reflection. If an identical 
shunt reactance 1s placed one quarter-wave from the first, 1ts reflection will compensate 
the first and the cable will have essentially perfect transmission. Show that this is the case 
(a) analytically, using the “tan tan” formula for Z' and B’, and (b) graphically, using the 
Smith chart (the area around the center of the chart). 


Problem 10.13. Find the size and position of the constant resistance circles on the 
normalized Smith chart. Use the following procedure: 

We have z(x)=r + jx where x is a variable and r is a constant. This vertical line in 
the z-plane maps into the p-plane via the equation p(x) =[z(x) — 1]/[z(x) +1]. We want to 
show that the locus of points in the p-plane is a circle with radius 1/(r+1) centered at 
[r/(r+ 1), 0]. 

Assume that the locus will be a circle centered on the real axis at [a,0]. Write the 
equation |p(x) — al = radius. This equation has the form 


[Ne (x) + ¡Nim(x)1/(Dre(x) +j Dim(x)]| = radius, (1) 


where Nre(x) and Nm(x) are the real and imaginary parts of the numerator and Dp,(x) and 
Dy (x) are the real and imaginary parts of the denominator. If every point on the circle is 
to have the same value ofr, the radius of the circle must be independent of x. 


p(x) — al? = [(NRe(x))” + (Nim(x))°]/[(Dre(x))” + (Dim(x))"] = radius 
= function only of r. 


(2) 


In this case, the way to satisfy Equation (2) is to set Nee(x)/Dre(x) == Nimbc) / Dim(X). 
This will let us find a and radius. Other ways to make the radius constant will produce 
circles on which both r and x vary. 
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Oscillators 


Oscillators are autonomous dc-to-ac converters. They are used as the frequency- 
determining elements of transmitters and receivers and as master clocks in 
computers, frequency synthesizers, wristwatches, etc. Their function is to 
divide time into regular intervals. The invention of mechanical oscillators 
(clocks) made it possible to divide time into intervals much smaller than the 
Earth’s rotation period and much more regular than a human pulse rate. 
Electronic oscillators are analogs of mechanical clocks. 


11.1 Negative feedback (relaxation) oscillators 
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The earliest clocks used a “verge and foliot” mechanism which resembled 
a torsional pendulum but was not a pendulum at all. These clocks operated as 
follows: torque derived from a weight or a wound spring was applied to a 
pivoted mass. The mass accelerated according to Torque =/d70/d? (the angular 
version of F=ma). When 0 reached a threshold, 9, the mechanism reversed 
the torque, causing the mass to accelerate in the opposite direction. When it 
reached —@p the torque reversed again, and so on. The period was a function of 
the moment of inertia of the mass, the magnitude of the torque, and the 
threshold setting. These clocks employed negative feedback; when the con- 
trolled variable had gone too far in either direction, the action was reversed. 
Most home heating systems are negative feedback oscillators; the temperature 
cycles between the turn on and turn off points of the thermostat. Negative 
feedback electronic oscillators are called “relaxation oscillators.” Most of 
these circuits operate by charging a capacitor until its voltage reaches an 
upper threshold and then discharging it until the voltage reaches a lower 
threshold voltage. In Figure 11.1(a), when the voltage on the capacitor builds 
up to about 85 V, the neon bulb fires. The capacitor then discharges quickly 
through the ionized gas (relaxes) until the voltage decays to about 40 V. The 
bulb then extinguishes and the cycle begins anew. 
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Figure 11.1. Relaxation 
(negative feedback) oscillators. 
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(b) 


The circuit of Figure 11.1(b) alternately charges the capacitor, C, until its 
voltage reaches 2.5 V, and then discharges it until the voltage has fallen to 
2.5 V. (V¡(t) decays alternately toward +5 or —5 volts. When it reaches zero 
volts, the left-hand op-amp abruptly saturates in the opposite direction, kicking 
V(t) to the voltage it had been approaching. The voltage then begins to decay in 
the opposite direction, and so forth.) Voltage-to-frequency converters are usu- 
ally relaxation oscillators in which the control voltage determines the slope, and 
hence the oscillation period, of a fixed-amplitude sawtooth wave. Relaxation 
oscillators typically contain waveforms that are ramps or exponential decays. In 
the verge and foliot clock, the angle O(A consists of a sequence of parabolic arcs. 
Note that relaxation oscillators are nonlinear circuits which switch alternately 
between a charge mode and a discharge mode. Positive feedback oscillators, the 
main subject of this chapter, are nominally linear circuits. They generate sine 
waves. 


11.2 Positive feedback oscillators 


Clock makers improved frequency stability dramatically by using a true pen- 
dulum, a moving mass with a restoring force supplied by a hair spring or 
gravity.’ As first observed by Galileo, a pendulum has its own natural fre- 
quency, independent of amplitude. It moves sinusoidally in simple harmonic 
motion. A pendulum clock uses positive feedback to push the pendulum in the 
direction of 1ts motion, just as one pushes a swing to restore energy lost to 
friction. 


' The Salisbury Cathedral clock, when installed around 1386, used a verge and foliot 
mechanism. Some 300 years later, after Christian Huygens invented the pendulum clock 
based on Galileo’s observations of pendulum behavior, the Salisbury clock was converted 
into a positive feedback pendulum clock, its present form. 


Chapter 8 
Transistor Amplifiers 
Many of the AC signals you'll work with in 
electronics are small. For example, the signal 
that an optical detector reads from a DVD 


disk cannot drive a speaker, and the signal 
from a  microphone's output is too weak to 
send out as a radio signal. In cases such as 


these, you must use an amplifier to boost the 
signal. 


The best way to demonstrate the basics of 

amplifying a weak signal to a usable level is 
by starting with a one-transistor amplifier. 
When you understand a one-transistor 
amplifier, you can grasp the building block 
that makes up amplifier circuits used In 
electronic devices such as cellphones, MP3 
players, and home entertainment centers. 

Many amplifier circuit configurations are 
possible. The simplest and most basic of 
amplifying circuits are used in this chapter to 
demonstrate how a transistor amplifies a 


signal. You can also see the steps to design 
an amplifier. 


The emphasis in this chapter iS on the 
bipolar junction transistor (BJT), just as it was 
in Chapter 3, “Introduction to the Transistor,” 
and Chapter 4, “The Transistor Switch,” which 
dealt primarily with the application of 
transistors in switching circuits. Two other 


types of devices used as amplifiers are also 
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Figure 11.2. Damped oscillation 
in a parallel LCR circuit. 


Figure 11.3. Transistor and dc 
supply replace energy lost to 
damping. 
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drive voltage 


Electronic versions of the pendulum clock are usually based on resonators 
such as parallel or series LC circuits or electromechanical resonators such as 
quartz crystals. They use positive feedback to maintain the oscillation. A 
resonator with some initial energy (inductor current, capacitor charge, or 
mechanical kinetic energy) will oscillate sinusoidally with an exponentially 
decaying amplitude as shown in Figure 11.2. The decay is due to energy loss in 
the load and in the internal loss of the finite-O resonator. In Figure 11.2 the 
resonator is a parallel LCR circuit. 

To counteract the exponential decay, a circuit pumps current into the reso- 
nator when its voltage is positive and/or pulls current out when its voltage is 
negative. Figure 11.3 shows how a transistor and a de supply can provide this 
energy. In this example circuit, the transistor is shown in the emitter-follower 
configuration simply because it is so easy to analyze; the emitter voltage tracks 
the base voltage and the base draws negligible current. The single transistor 
cannot supply negative current but we can set it up with a dc bias as a class-A 
amplifier so that current values less than the bias current are equivalent to 
negative current. 

All that remains to complete this oscillator circuit is to provide the transistor 
drive, i.e., the base-to-emitter voltage. We want to increase the transistor’s 
conduction when the output voltage (emitter voltage) increases, and we see 
that the emitter voltage has the correct polarity to be the drive signal. Since an 
emitter follower’s voltage gain is slightly less than unity, the base needs a drive 
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Figure 11.4. Feedback loop 
details define (a) Armstrong; 
(b) Hartley; (c) Colpitts 
oscillators. 


Vac 


Figure 11.5. Hartley oscillator 
circuit including bias circuitry. 
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(a) Armstrong (b) Hartley (c) Colpitts 


signal with slightly more amplitude than the sine wave on the emitter. 
Figure 11.4 shows three methods to provide this drive signal. The Armstrong 
oscillator adds a small secondary winding to the inductor. The voltage induced 
in the secondary adds to the emitter voltage. The Hartley oscillator accom- 
plishes the same thing by connecting the emitter to a tap slightly below the top 
of the inductor. This is just an autotransformer version of the Armstrong 
oscillator 1f the magnetic flux links all the turns of the inductor. But the top 
and bottom portions of the inductor do not really have to be magnetically 
coupled at all; most of the current in the inductor(s) is from energy stored in 
the high-O resonant circuit. This current is common to the two inductors so they 
essentially form a voltage divider. (Note, though, that the ratio of voltages on the 
top and bottom portions of the inductor ranges from the turns ratio, when they 
are fully coupled, to the square of the turns ratio, when they have no coupling.) 
If we consider the totally decoupled Hartley oscillator — no mutual inductance — 
and then replace the inductors by capacitors of equal (but opposite) reactance 
and replace the capacitor by an inductor, we get the Colpitts oscillator. Note that 
each oscillator in Figure 11.4 is an amplifier with a positive feedback loop. No 
power supply or biasing circuitry is shown in these figures; they simply indicate 
the ac signal paths. 

Using the Hartley circuit as an example, Figure 11.5 shows a practical circuit. 
It includes the standard biasing arrangement to set the transistor’s operating 
point. (A resistor voltage divider determines the base voltage and an emitter 
resistor then determines the emitter current, since V,, will be very close to 
0.7 V.) A blocking capacitor allows the base to be de biased with respect to the 
emitter. A bypass capacitor puts the bottom of the resonant circuit at RF ground. 

In practice, one usually finds oscillators in grounded emitter circuits, as 
shown in Figure 11.6. The amplitude of the base drive signal must be much 
smaller than the sine wave on the resonant circuit. Moreover, the polarity of the 
base drive signal must be inverted with respect to the sine wave on the collector. 
You can inspect these circuits to see that they do satisfy these conditions. But, 
on closer inspection, you can note the circuits are identical to the circuits of 
Figure 11.4, except that the ground point has been moved from the collector to 
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(a) Armstrong 


Figure 11.6. Grounded-emitter 
oscillator circuits. 
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(b) Hartley (c) Colpitts 


the emitter. In these oscillators, an amplifier is enclosed in a positive feedback 
loop. But, because there is no input signal to have a terminal in common with 
the output signal, oscillators, unlike amplifiers, do not have common-emitter, 
common-collector, and common-base versions. 

The Colpitts oscillator, needing no tap or secondary winding on the inductor, 
is the most commonly used circuit. Sometimes the transistor’s parasitic 
collector-to-emitter capacitance is, by itself, the top capacitor, Cı, so this 
capacitor may appear to be missing in a circuit diagram. A practical design 
example for the Colpitts circuit of Figure 11.6(c) is presented later in this 
chapter. 


11.2.1 Unintentional oscillators 


Figure 11.7. Tuned amplifier as 
an oscillator 


In RF work it is common for a casually designed amplifier to break into 
oscillation. One way this happens is shown in Figure 11.7. The circuit is a 
basic common-emitter amplifier with parallel resonant circuits on the input and 
output (as bandpass filters and/or to cancel the input and output capacitances of 
the transistor). When the transistor’s parasitic base-to-collector capacitance is 
included, the circuit has the topology of the decoupled Hartley oscillator. If the 
feedback is sufficient, 1t will oscillate. The frequency will be somewhat lower 
than that of the input and output circuits so that they look inductive as shown in 
the center figure. This circuit known as a TPTG oscillator, form Tuned-Plate 
Tuned-Grid, in the days of the vacuum tube. 


Tuned amplifier 2WW____»__ Hartley oscillator 


Cue Chc 
: 
al i 
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Figure 11.8. Amplifier 
neutralization. 
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With luck, the loop gain of any amplifier will be less than unity at any 
frequency for which the total loop phase shift is 360° and an amplifier will be 
stable. If not, 1t can be neutralized to avoid oscillation. Two methods of 
neutralization are shown in Figure 11.8. 


In Figure 11.8(a), a secondary winding is added to provide an out-of-phase 
voltage which is capacitor-coupled to the base to cancel the in-phase voltage 
coupled through Ce. In Figure 11.8(b), an inductor from collector to base 
resonates Cpe to effectively remove it (a de blocking capacitor would be placed 
in series with this inductor). In grounded-base transistor amplifiers and 
grounded-grid vacuum tube amplifiers the input circuit is shielded from the 
output circuit. These are stable without neutralization (but provide less power 
gain than their common-emitter and common-cathode-counterparts). 


11.2.2 Series resonant oscillators 


Figure 11.9. Series-mode 
oscillator operation. 


The oscillators discussed above were all derived from the parallel resonant 
circuit shown in Figure 11.2. We could just as well have started with a series 
LCR circuit. Like the open parallel circuit, a shorted series LCR circuit executes 
an exponentially damped oscillation unless we can replenish the dissipated 
energy. In this case we need to put a voltage source in the loop which will be 
positive when the current is positive and negative when the current is negative, 
as shown in Figure 11.9. 


Ut) 
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Figure 11.10. An op-amp series- 
mode oscillator. 


Figure 11.11. An RC phase-shift 
oscillator. 
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While a bare transistor with base-to-emitter voltage drive makes a good 
current source for a parallel-mode oscillator, a low-impedance voltage source 
is needed for a series-mode oscillator. In the series-mode oscillator shown in 
Figure 11.10, an op-amp with feedback is such a voltage source. 


OOOO 
R L 


Av = 1 + R/R; = just over 1 


Since no phase inversion is provided by the tank circuit, the amplifier is 
connected to be noninverting. An emitter-follower has a low output impedance 
and can be used in a series-mode oscillator (see Problem 11.4). When the series 
LC circuit is replaced by a multisection RC network, the resulting oscillator is 
commonly known as a phase-shift oscillator (even though every feedback 
oscillator oscillates at the frequency at which the overall loop phase shift is 
360°). An RC phase-shift oscillator circuit is shown in Figure 11.11. Op-amp 
voltages followers make the circuit easy to analyze. 

For the three cascaded RC units, the transfer function is given by Va(A/V (t) = 
1/(@RC+1)°. The inverting amplifier at the left provides a voltage gain of -16/2 
= -8, so V,(t)/V>(t) = —8. Combining these two equations yields a cubic 
equation with three roots: wRC = 3), /3, and —v3. The first root corresponds 
to an exponential decay of any initial charges on the capacitors while the two 
imaginary roots indicate that the circuit will produce a steady sine-wave oscil- 
lation whose frequency is given by wRC = v3. In practice, the 16k resistor 
would be increased to perhaps twice that value to ensure oscillation. Note that 
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this circuit is a positive-feedback sine-wave oscillator even though it does not 
contain a resonator. When the 16k resistor value is increased, the loop gain for 
the original frequency becomes greater than unity, but for the new gain, there 
will be a nearby complex frequency, w—ja, for which the loop gain is unity. The 
time dependence therefore becomes e\? 2 = ee“, showing that the oscil- 
lation amplitude grows as e”. This circuit illustrates how any linear circuit with 
feedback will produce sine-wave oscillations if there is a (complex) frequency 
for which the overall loop gain is unity and the overall phase shift is 360°. (Of 
course a must be positive, or the oscillation dies out exponentially.) 


11.2.3 Negative-resistance oscillators 


Figure 11.12. A negative- 
resistance oscillator. 


In the circuits described above, a transistor provides current to an RLC circuit 
when the voltage on this circuit is positive, 1.e., the transistor behaves as a 
negative resistance. But the transistor is a three-terminal device and the third 
terminal is provided with a drive signal derived from the LCR tank. Figure 11.12 
shows how two transistors can be used to make a two-terminal negative 
resistance that is simply paralleled with the LCR tank to make a linear sine 
wave oscillator that has no feedback loop. 

The two transistors form an emitter-coupled differential amplifier in which 
the resistor to — ze acts as a constant current source, supplying a bias current, J. 
The input to the amplifier is the base voltage of the right-hand transistor. The 
output is the collector current of the left-hand transistor. The ratio of input to 
output is —4V7/lo, where Vr is the thermal voltage, 26 mV. This ratio is just the 
negative resistance, since the input and output are tied together. This negative- 
resistance oscillator uses a parallel-resonant circuit, but a series-resonant ver- 
sion is certainly possible as well. 

Any circuit element or device that has a negative slope on at least some 
portion of its /-V curve can, in principle, be used as a negative resistance. 
Tunnel diodes can be used to build oscillators up into the microwave frequency 
range. At microwave frequencies, single-transistor negative-resistance oscilla- 
tors are common. A plasma discharge exhibits negative resistance and provided 
a pre-vacuum tube method to generate coherent sine waves. High-efficiency 
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Poulsen arc transmitters, circa World War I, provided low-frequency RF power 
exceeding 100 kW. 


11.3 Oscillator dynamics 


These resonant oscillators are basically linear amplifiers with positive feedback. 
At turn-on they can get started by virtue of their own noise if they run class A. 
The tiny amount of noise power at the oscillation frequency will grow expo- 
nentially into the full-power sine wave. Once running, the signal level is 
ultimately limited by some nonlinearity. This could be a small-signal non- 
linearity in the transistor characteristics. Otherwise, the finite voltage of the 
dc power provides a severe large-signal nonlinearity, and the operation will shift 
toward class-C conditions. The fact that amplitude cannot increase indefinitely 
shows that some nonlinearity is operative in every real oscillator. Any non- 
linearity causes the transistor’s low- frequency 1/f noise to mix with the RF 
signal, producing more noise close to the carrier than would exist for linear 
operation. An obvious way to mitigate large-signal nonlinearity is to detect the 
oscillator’s output power and use the detector voltage in a negative feedback 
arrangement to control the gain. This can maintain an amplitude considerably 
lower than the power supply voltage. Alternatively, if the oscillator uses a 
device (transistor or op-amp circuit) with a soft saturation characteristic, the 
amplitude will reach a limit while the operation is still nearly linear. For 
example, the amplifier in the oscillator of Figure 11.10 might have a small 
cubic term, i.e., Vour = AV —BVin?, where B/A is very small (see Problem 
11.5). 


11.4 Frequency stability 


Long-term (seconds to years) frequency fluctuations are due to component 
aging and changes in ambient temperature and are called drift. Short-term 
fluctuations, known as oscillator noise, are caused by the noise produced in 
the active device, the finite loaded O of the resonant circuit, and nonlinearity in 
the operating cycle. The higher the Q, the faster the loop phase-shift changes 
with frequency. Any disturbances (transistor fluctuations, power supply varia- 
tions changing the transistor’s parasitic capacitances, etc.) that tend to change 
the phase shift will cause the frequency to move slightly to reestablish the 
overall 360° shift. The higher the resonator Q, the smaller the frequency shift. 
Note that this is the loaded O, so the most stable oscillators, besides having the 
highest O resonators, are loaded as lightly as possible. In LC oscillators, losses 
in the inductor almost always determine the resonator O. A shorted piece of 
transmission line is sometimes used as a high-O inductor. Chapter 24 treats 
oscillator noise in detail. 
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11.5 Colpitts oscillator theory 


Figure 11.13. Colpitts oscillator 
small-signal equivalent circuit. 


Let us look in some detail at the operation of the Colpitts oscillator. Figure 11.13 
shows the Colpitts oscillator of Figure 11.6(c) redrawn as a small-signal 
equivalent circuit (compare the figures). The still-to-be-biased transistor is 
represented as a voltage-controlled current source. The resistor rbe represents 
the small-signal base-to-emitter resistance of the transistor. 

The parallel combination of £ and the load resistor, R, is denoted as Z, 1.e., Z = 
JOLR/GOL+R) = joLs +Rs, where Ls and Rs are the component values for the 
equivalent series network. Likewise, it is convenient to denote Ibe | as g. The 
voltage V;,., a phasor, is produced by the current / (a phasor) from the current 
source. This is a linear circuit, so Vpe can be written as Vi. = I Zr, where Zy 1s a 
function of w. We will calculate this “transfer impedance” using standard circuit 
analysis. Since the current / is proportional to V,., we can write an equation 
expressing that, in going around the loop, the voltage Vbe exactly reproduces 
itself : 


— £mVbeZr = Voe or > = —2m. (11.1) 
i 
This equation will let us find the component values needed for the circuit to 
oscillate at the desired frequency, 1.e., the values that will make the loop gain 
equal to unity and the phase shift equal 360°. 

We can arbitrarily select L, choosing an inductor whose O is high at the 
desired frequency. Equation (11.1), really two equations (real and imaginary 
parts), will then provide values for C, and C2. To derive an expression for Zr, 
we will assume that Vi. = 1 and work backward to find the corresponding value 
of 7. With this assumption, inspection of Figure 11.13 shows that the current J, is 
given by 


l =joC. +g. (11.2) 


Now the voltage V, is just the 1 volt assumed for Vse plus 1,Z, the voltage 
developed across Z: 


Vo =1+4 (joC, + g)Z. (11.3) 


"be =1/g 
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Finally, the current / is just the sum of J; plus V, j@C7, the current going into C]: 
I = (joC, + g) + [1 + oC + g)Z]joC\. (11.4) 


Since we had assumed that V,.=1, we have Z;= 1// or 


l , ; 
= = jæCı + g + |1 + G@C + g)Z|jæCı. (11.5) 
T 


Using this, the condition for oscillation, Equation (11.1) becomes 
Lm +JOC) +g + [1+ GaCr + g)Z|joC, = 0. (11.6) 


The job now is to solve Equation (11.6) for C4 and C3. If we assume that œw is 
real i.e., that the oscillation neither grows nor decays, we find from the imag- 
inary part of this equation, that 


C2 + Ci + gRsC) 2 
a R 11.7 
ARS id ) 


and, from the real part, that 
wC¡CaRs + g(w*LsC; — 1) = gm. (11.8) 


Solving Equations (11.7) and (11.8) simultaneously for C and Cı produces 


Zm£s 4Rs(1 + gRs)(gm + 2) 
C, = PEN e E 11.9 
“—2Rs a 2m2Lg02 11.) 
and 
C 
Cj : (11.10) 


~ Ó?LgC, — 1—gRs' 


Normally Cə will have a much larger value than C, and œ =1/yLC;. 
Moreover, the second term in the square root of Equation (11.9) is usually 
much less than unity so C2 Y 2m Ls/Rs. 


11.5.1 Colpitts oscillator design example 


Let us design a practical grounded-emitter Colpitts oscillator. Suppose this 
oscillator is to supply 1 mW at 5 MHz and that it will be powered by a 6 V dc 
supply. Assuming full swing, the peak output sine wave voltage will be 6 V. The 
output power is given by 0.001 W=(6V)*/(2R,) so the value of the load 
resistor, Ry, will be 18k ohms. Assuming class-A operation, the bias current 
in the transistor is made equal to the peak current in the load: J = Jx =6 V/ 
18k=0.33 mA. If we let the emitter biasing resistor be 1.5 k, the emitter bias 
voltage will be 1500 x 0.33 mA=0.5 V. Assuming the typical 0.7 V offset 
between the base and emitter, the base voltage needs to be 1.2 V. A voltage 
divider using a 40k resistor and a 10k resistor will produce 1.2 V from the 6 V 
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Figure 11.14. Colpitts oscillator: 
5 MHz, 1 mW. 
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18k 


supply. These bias components are shown in the schematic diagram of 
Figure 11.14. 

A 0.05 uF bypass capacitor pins the base to ac ground and another bypass 
capacitor ensures that the dc input is held at a firm RF ground. Note that the 
1.5 k emitter bias resistor provides an unwanted signal path to ground. This path 
could be eliminated by putting an inductor in series with the bias resistor as an 
RF choke, but this is not really necessary; the1.5k resistor is in parallel with C3, 
which will have such a low reactance that the resistor will divert almost no 
current from it. 

With the biasing out of the way, we now deal with the signal components. The 
transconductance of the transistor is found by dividing the bias current, Jo, by 
26 mV, the so-called thermal voltage,” i.e., gm =0.33 mA/ 26 mV =0.013 mhos. 
The small-signal base-to-emitter resistance, r, is given by r = BV nermai lo. For a 
typical small-signal transistor, such as a 2N3904, B is about 100, so rin = 
100-0.026 V/0.33 mA = 8000 ohms. 

Using Equation (11.9) and (11.10), the values of Cı and C are 102 pF and 
0.023 uF, respectively. These are the values for which the oscillator theoretically 
will maintain a constant amplitude. In practice, we increase the feedback by 
decreasing the value of C; to ensure oscillation. This produces a waveform that 
grows exponentially until it reaches a limit imposed by circuit nonlinearity. The 
frequency becomes complex, 1.e., œ becomes w—ja and the time dependence 
therefore becomes ee% = ee“. Suppose we want a to be, say 10°, which 
will cause oscillation to grow by a factor e every 10 usec. (Fast growth would be 
important if, for example, the oscillator is to be rapidly pulsed on and off.) How 
do we find the value of C» to produce the desired a? To avoid doing more 
analysis, it is convenient to use a standard computer program such as Mathcad 
to find the root(s) of Equation (11.6) for trial values of C2. In this example, if we 
decrease C to 0.020 uF, we obtain the desired a. 


The thermal voltage is given by Vinerma = 0.026V = kT/e, where k is Boltzman’s constant, 
Tis the absolute ambient temperature, and e is the charge of an electron. 


examined: the junction field effect transistor 
(JFET) (introduced in Chapters 3 and 4), and 
an integrated circuit called the operational 
amplifier ( Op-amp ). 

When you complete this chapter, you will be 
able to do the following: 

Calculate the voltage gain for an amplifier. 
Calculate the DC output voltage for an 
amplifier circuit. 

Select the appropriate resistor values to 
provide the required gain to an amplifier 
circuit. 

Identify several ways to increase the gain of 


a one-transistor amplifier. 
Distinguish between the effects of a 
standard one-transistor amplifier and an 


emitter follower circuit. 

Design a simple emitter follower circuit. 
Analyze a simple circuit to find the DC level 
out and the AC gain. 

Design a simple common source (J FET) 
amplifier. 

Analyze a JFET amplifier to find the AC gain. 
Recognize an op-amp and its connections. 


Working with Transistor 


Amplifiers 

1 In Chapter 3 you learned how to turn 
transistors ON and OFF. You also learned 
how to calculate the value of resistors In 


amplifier circuits to set the collector DC 
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Problem 11.1. Draw a schematic diagram (without component values) for a bipolar 
transistor Colpitts oscillator with the collector at ground for both de RF. Include the 
biasing circuit. The oscillator is to run from a positive de supply. 


Problem 11.2. Design (without specifying component values) a single-transistor 
series-mode oscillator based on the emitter follower circuit. 


Problem 11.3. A simple computer simulation can illustrate how an oscillator builds up 
to an amplitude determined by the nonlinearity of its active element. The program shown 
below models the negative-resistance oscillator of Figure 11.12(a). The LC resonant 
frequency is 1 Hz. This network is in parallel with a negative-resistance element whose 
voltage vs. current relation is given by Z=- (1/R,,)*(V—-eV°), to model the circuit of 
Figure 11.12. The small-signal (negative) resistance is just —R,,. The term —eV? makes the 
resistance become less negative for large signals. The program integrates the second- 
order differential equation for V(t) and plots the voltage versus time from an arbitrary 
initial condition, V=1 volt. 

Run this or an equivalent program. Change the value of the load resistor R. Find the 
minimum value of R for sustained oscillation. Experiment with the values of R and R,,. 
You will find that when the loaded Q of the RLC circuit is high, the oscillation will be 
sinusoidal even when the value of the negative resistor is only a fraction of R. When Q is 
low (as it is for R=1), a low value of R, such as R,=0.2 will produce a distinctly 
distorted waveform. 


'OBasic simulation of negative-resistance oscillator of Figurell.12a. 


SCREEN 2 


R=1:L=1/6.2832:C=L'the parallel RLCcircuit: 1'ohms, 1/2pihenries, 1/2pifarads 
RN=.9'runprogramalso with RN=.2 to see non-'sinusoidal waveform 
E=.01'negative resistance: I= (1/RN)* (V-EV? 3) 


V= 
DT 
FOR I = 1 TO 3000 


1: U=O'initial conditions, Visvoltage,Uis 'dV/dt 
= .005 'step size in seconds 


T=T+DT ‘increment the time 


VNEW=V+U * DT 


U=U+ (DT/C) * ((1/RN) * (U-3*E*V*V*U)-V/L-U/R) 


V = VNEW 


PSET (40 *T, 10045 * V7) "plot the point 


NEXT I 


Problem 11.4. In the oscillator shown below, the voltage gain of the amplifier decreases 
with amplitude. The voltage transfer function is Vo. =2 Vin —0.5 V°. This characteristic 
will limit the amplitude of the oscillation. 
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Vin Vout= 2 Vip - 0.5 Vins 


Find the ratio R>/R; in order that the peak value of the sine wave Vin will be one volt. 
Hint: assume Vi, — sin(of). The amplifier output is then 2 sin(wt) —0.5sin°(@t). The 
second term resembles the sine wave but is more peaked. The LC filter will pass the 
fundamental Fourier component of this second term. Find this term and add it to 2sin(wt). 
Then calculate the ratio R/R; so that the voltage divider output is sin(wf). 
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12.1 Phase locking 


Phase lock loops and synthesizers 


Oscillators whose frequencies are derived from a stable reference source are 
used in transmitters and receivers as L.O.’s for accurate digital tuning. AVCO in 
a loop that tracks the frequency excursions of an incoming FM signal is a 
commonly used FM detector. The first widespread use of phase lock loops was 
in television receivers where they provide noise-resistant locking of the hori- 
zontal sweep frequency to the synchronization pulses in the signal. 


A phase lock loop (PLL) circuit forces the phase of a voltage-controlled 
oscillator (VCO) to follow the phase of a reference signal. Once lock is 
achieved, 1.e., once the phases stay close to each other, the frequency of the 
VCO will be equal to the frequency of the reference. In one class of applica- 
tions, the PLL is used to generate a stable signal whose frequency is determined 
by an unstable (noisy) reference signal. Here the PLL is, in effect, a narrow 
bandpass filter that passes a carrier, while rejecting its noise sidebands. 
Examples include telemetry receivers that lock onto weak pilot signals from 
spacecraft and various “clock smoother” circuits. It is often necessary to lock an 
oscillator to the suppressed carrier of a modulated signal, an operation known as 
carrier recovery. In yet another class of applications the PLL is designed to 
detect all the phase fluctuations of the reference. An example is the PLL-based 
FM demodulator where the VCO reproduces the input signal, which is usually 
in the IF band. The voltage applied by the loop to the VCO is proportional to the 
instantaneous frequency (in as much as the VCO has a linear voltage-to- 
frequency characteristic), and this voltage is the audio output. 


12.1.1 Phase adjustment by means of frequency control 
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In a PLL, the VCO frequency, rather than phase, is determined by the control 
voltage, but it is easy to see how frequency control provides phase adjustment. 
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Figure 12.1. Phase lock loop 
concept. 


Reference input Y 


Oref 


Figure 12.2. Phase lock loop 
block diagram. 


Phase lock loops and synthesizers 


Reference oscillator Y 


VCO control voltage 


== == — — a 


PLL output 
Ve Pout 


== ee ccs) Si ey Fall 


Phase detector Loop filter VCO 
Wout” Ko Vo= d/dt at 


Suppose you have two mechanical clocks. You want to make Clock B agree 
with Clock A. You notice that Clock B is consistently five minutes behind Clock 
A. You could exert direct phase control, using the time adjustment knob to set 
Clock B ahead 5 min to agree with Clock A. Or you could use frequency control, 
regulating the speed of Clock B to run somewhat faster. Once Clock B catches 
up with Clock A, you reset the frequency control to its original value. You may 
have done an electronic version of this in the lab (Figure 12.1). Suppose you 
have a two-channel oscilloscope. The first channel displays a sine wave from a 
fixed-frequency reference oscillator. The scope is synchronized to this reference 
oscillator so Channel A displays a motionless sine wave. Channel B is connected 
to a variable frequency oscillator which might be a laboratory instrument with a 
frequency knob or a VCO fitted with a potentiometer. Suppose the frequencies 
are the same. Then the sine wave seen on Channel B is also motionless. If you 
lower the VCO frequency slightly, the Channel B trace will drift to the right. 
And if you raise the VCO frequency, the trace will drift to the left. To align the 
two traces, you can shift the frequency slightly to let the Channel B trace drift 
into position, and then return the VCO frequency to the reference frequency 
value to stop the drift. The operator keeps the traces aligned and is therefore an 
element of this phase lock loop. 

To automate the loop we use an electronic phase detector, 1.e., an element that 
produces a voltage proportional to the phase difference between the reference 
and the VCO. Figure 12.2 shows the block diagram for a PLL. 

If the VCO phase gets behind (lags) the reference phase, the phase detector 
will produce a positive “error voltage” which will speed up the VCO. As the 
phase error then decreases, the error voltage also decreases and the VCO slows 
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back down. The exact way in which equilibrium is established, 1.e., the math- 
ematical form of the VCO phase, Ooutlt), depends on the yet-unspecified loop 
filter or “compensation network,” shown as a dotted box in Figure 12.2. We will 
examine phase detectors and loop filters below. 


12.1.2 Mechanical analog of a PLL 


Figure 12.3. Positioning system 
with feedback control - a 
mechanical phase lock loop. 


The PLL is a feedback control system — a servo. The electromechanical system 
shown in Figure 12.3 1s a positioning servo. If an operator adjusts the input 
crank angle, the output shaft automatically turns so that the output angle, Oout 
tracks the input shaft angle, Oef. The gear teeth are in constant mesh but the top 
gear can slide axially. A de motor provides torque to turn the output shaft. The 
input shaft might be connected to the steering wheel of a ship while the output 
shaft drives the rudder. 

Consider the operation of this servo system. Assume for now that the voltage, 
Vbias, 18 Set to zero, and that the system is at rest. When the input and output 
angles are equal, the slider on the potentiometer is centered and produces zero 
error voltage. But suppose the reference phase gets slightly ahead of the output 
phase — maybe the input crank is abruptly moved clockwise. During this 
motion, the threads on the input shaft have caused the top gear to slide to the 
left, producing a positive voltage at the output of the potentiometer. This voltage 
is passed on by the loop filter to the power amplifier and drives the motor 
clockwise, increasing Oout. This rotates the top gear clockwise. The input shaft is 
now stationary, so the top gear moves along the threads to the right, reducing the 
potentiometer output voltage back to zero. The output angle (output phase) is 
again in agreement with the input or “reference” angle (input phase). In this 
system the gear/screw thread mechanism is the phase detector. Note that the 


r—-—.-—o-— 


| Loop filter | 


| Dret Screw thread 


oo 
Input angle G >> | (oro =~ 
NS 
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Output shaft 
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range of this phase detector can be many turns — the number of threads on the 
shaft. The negative feedback error signal provides the drive to force the (high- 
power) output to agree with the (low-power) input command. 

We see how this mechanical system operates as a power-steering servo. To 
see that 1t can also operate as a PLL, suppose that an operator 1s cranking the 
input shaft at a constant or approximately constant rate (input frequency). We 
will now set the bias voltage so that, with the bias voltage alone, the motor turns 
at the nominal input frequency. (A VCO can be regarded as having an internal 
bias that determines 1ts nominal frequency, 1.e., 1ts frequency when the control 
voltage is zero.) At equilibrium, the top gear is being turned by the middle gear 
but the threaded shaft is turning just as fast. The top gear therefore does not 
move along the threads, but stays at an equilibrium position. The output 
frequency is locked to the input frequency. How about the phases; will they 
also agree exactly? They did in the power steering model,’ but now, with 
continuous rotation, they may not. The key is the loop filter. Suppose the loop 
filter is just a piece of wire (no filter at all). If the input frequency changes from 
its nominal value, there will have to be a constant phase error in order to keep 
the potentiometer off-center and produce a control voltage which will add to or 
subtract from the bias voltage. How much phase error (tracking error) 1s 
necessary depends on the gain of the power amplifier. Increasing the gain of 
the amplifier/motor and/or the gain (sensitivity) of the phase detector will 
reduce the error. But, if the loop filter contains an integrator, the control voltage 
will be the integral of the error voltage history. The steady-state error voltage 
can be zero. In fact, it must be zero, on average, or the integrator output, and 
hence the output frequency, would increase indefinitely. 

Note: a servo’s type is given by the number of integrators contained in its 
loop. Even without an integrator in the loop filter block, a PLL contains one 
integrator, the VCO, since phase is the time integral of frequency. In the 
mechanical analog, rotation angle is the integral of angular velocity. 


Let us now look at how a PLL responds to disturbances in the input phase. We 
have already described qualitatively the response to a step function; the loop 
catches up with the reference. The way in which it catches up, 1.e., quickly, 
slowly, with overshoot, or with no overshoot, depends on the loop filter and the 
characteristics of the phase detector, amplifier and motor. An exact analysis is 
straightforward if the entire system is linear, 1.e., if the system can be described 
with linear differential equations. In this case it can be analyzed with the 
standard techniques applied to linear electronic circuits, 1.e., complex numbers, 
Fourier and Laplace transforms, superposition, etc. In the PLL, the loop filter 
is linear since it consists of passive components: resistors, capacitors, and 


' We will assume the motor speed is proportional to the applied voltage, independent of load. 
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12.1.4 Loop filter 


Figure 12.4. Loop filter circuit. 
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op-amps. The VCO is linear if its frequency is strictly proportional to the control 
voltage. Of course, over a small operating region, any smooth voltage— 
frequency characteristic 1s approximately linear. The most commonly used 
phase detector is a simple multiplier (mixer). You can show” that it produces 
an error voltage proportional to sin(@our(2) — Oret (t) + 2/2). For small x, sin(x) © 
x, so a multiplier is a fairly linear phase detector over a restricted region around 
7/2. The phase detector in our mechanical analog is linear over a range limited 
only by the length of the screw thread. 

To describe the loop dynamics, we will find its response to an input phase 
disturbance, Ogist_in= e’”. The complete input function is therefore O,.(t) = wot 
+ e' Since the system is linear, we invoke superposition to note that the 
output will consist of a response to the wof term plus an output response to the 
e'” disturbance term. The input term, @of, results in an output contribution wot 
+ ©, where the constant © might be 90°, if the phase detector is a mixer, and 
might include another constant, if the nominal frequency of the VCO is not 
quite œo and the loop filter includes no integrator. Since the input disturbance 
function is sinusoidal, the output response to it will also be sinusoidal, A(w)e'”, 
where the complex amplitude A(@) is known as the input-to-output transfer 
function. Before we can calculate the transfer function, we must specify the 
loop filter. 


A standard filter for type-II loops uses an op-amp to produce a weighted sum of 
the phase detector output plus the integral of the phase detector output. 
Figure 12.4 shows the circuit commonly used. 

Note that if we let C go to infinity and set R» = R4, the response of this filter is 
just unity (except for a minus sign) so this circuit will serve to analyze the type-I 
PLL as well as the type-II PLL. Remembering that the negative input of the 
Op-amp is a virtual ground, we can write the transfer function of this filter. 

-V2 Rot+lf/joC R l T2 j 


= | E (12.1) 
Vi Ri Ri joCR, T1 COT] 


T1=R,C T2= RC 


2 Just expand the product cos(@ot + Ooul®) CoS(@ot +0, 01) and ignore (filter off) components at 2wo. 
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In the time domain, the relation between V> and V; is given by 


dy. —R dV y- 
St aes ee N (12.2) 
dt R, dt R¡C 


12.1.5 Linear analysis of the PLL 


Figure 12.5. Type-ll, second- 
order PLL block diagram. 


Figure 12.5 is a block diagram of the loop, including the loop filter of 
Figure 12.4. 


Phase R C 
detector 3 
Oref V4 V5 Oout 
V1 = Kp (out Free) KoV2= a 
t 


For this linear system, let us find the frequency response of the output phase 
to a sinusoidal disturbance of the reference phase, Oaie, where œ is the 
disturbing frequency. From inspection of Figure 12.5 we can write 


T j , 
— Kp (Oout — Odist) (2 = Ke = JO0 out. (12.3) 


Solving for 6, we have the frequency response 


Oo (0) 1 
bislo) 1 — [KpKo/(w0211) +jKpKot2/(or)] | 


(12.4) 


12.1.5.1 Frequency response of the type-I loop 


We will look at the frequency response for the type-I loop by letting C go to 
infinity and letting R; = Ro, effectively eliminating the loop filter. The frequency 
response, Equation (12.4), becomes 


Oout(@) l 
OS 
Oaist(@) Í + ja/K’ 


(12.5) 


where K=KpXKo, and is called the loop gain. The frequency response is 
identical to that of a simple RC lowpass filter with a time constant RC=1/K. 
We saw earlier that a type-I PLL (a PLL with no integrator in the loop filter) 
needs high loop gain to have good tracking accuracy (the ability to follow a 
changing reference frequency without incurring a large phase error). Here we 
see that high gain implies a large bandwidth; the type-I PLL cannot have both 
high gain (for good tracking) and a narrow bandwidth (to filter out high- 
frequency reference phase noise). 
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12.1.5.2 Frequency response of the type-II loop 


Figure 12.6. Frequency 


response vs. co/c, for a second- 


order type-II loop with various 
damping coefficients. 


To deal with the type-II loop (the most common PLL) it is standard to define two 
constants, the natural frequency, œn, and the damping coefficient, €, as follows: 


KoKp T2@n 
On = 4/— C= , 
T1 2 


(12.6) 


We will see soon that these names relate to the transient response ofthe loop but, 
for now, we will substitute them into Equation (12.4), the expression for the 
frequency response, to get 


oal) _ On + 2j@COn 
Odit) Op? + 2j@C@_ — o? 


(12.7) 


This transfer function is plotted vs. w/w, in Figure 12.6 for several different 
damping coefficients. 
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12.1.5.3 Transient response 


The transient response can be determined from the frequency response by using 
Fourier or Laplace transforms, but this loop is simple enough that we can work 
directly in the time domain. Equation (12.2) gives the time response for the loop 
filter. We assume the loop has been disturbed but the reference is now constant. 
By inspection of Figure 12.5 we can write 


dV, 


7 = KoKoV, = KV). (12.8) 


Combining this with Equation (12.2) we get 


d? Vi T2 dV, K d? Vi dV, 2 
—— + K —— V=0 ——Ñ 2096 =r a V1=0. (12.9 
T NS w a oe ee 
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Figure 12.7. Phase error for a 
step of —1 radian in the 
reference phase at f=0. 
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Assuming a solution of the form e'”, we find an equation for a: 
ay +20 60 + 0% =, (12.10) 


The roots of this equation are 


o=-—a,6 tan C —1. (12.11) 


When ¢ is less than unity, the two solutions for œ are complex conjugates, giving 
sine and cosine oscillations with damped exponential envelopes. This is the 
underdamped situation. When (€ is greater than unity, the two solutions for œ 
are both damped exponentials, but with different time constants. If ¢ is exactly 
unity, the two solutions are e “and te ”. In every case, a linear combination of 
the two appropriate solutions can match any given set of initial conditions, 1.e., the 
t=0 values of V; and d/dt V1. Figure 12.7 shows the transient phase response to a 
step function in the reference phase of one radian at t=0. This initial condition, 
V,¡(0) =—1, determines the other initial condition, dV,/dt=2G,, through the 
action of the loop filter circuit. Curves are shown for the recovery from this 
transient for damping coefficients of 0.1, 0.5, 1.1 and 5. In each case, w,=1. The 
underdamped cases show the trademark oscillatory behavior. When the damping is 
5, the fast exponential recovery is essentially that of a wideband type-I loop. 

Note: Equation (12.10) (which is the same as the denominator of the transfer 
function) is known as the characteristic equation of the system. Here it is a 
second-order equation and this type-II loop is therefore also a second-order 
loop. Equivalently, the order of a given system is the order of the differential 
equation describing its transient response. 


12.1.6 A multiplier as a phase detector 


A multiplier (mixer) is the most commonly used phase detector, especially at 
higher frequencies. When the reference sine wave is multiplied by the VCO sine 


voltage to half the power supply voltage. To 
review this concept, examine the circuit shown 


in Figure 8.1 


Figure 8.1 
Vs 


VR- Ya- Ye 


= 100 
i v 


Use the following steps to find the value of 
R B that will set the collector DC voltage (V C 
) to half the supply voltage (V S): 

1. Find I C by using the following equation: 


L= Ve = Vs — Ve 
c = — = — 
Re Ro 
2. Find I B by using the following equation: 
le 
Ip = 
3. Find RB by using the following equation: 
Vs 
Ra = -> 
ly 


Questions 
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wave, the usual sum and difference frequencies are generated. The desired 
baseband output is the difference component. If the VCO and reference fre- 
quencies are equal, this baseband component will be a de voltage, zero when the 
VCO and reference phases differ by 90°, and linearly proportional to the phase 
difference in the vicinity of 90°. Therefore, when a multiplier is used as a phase 
detector, the loop will lock with the output phase 90° away from the reference 
phase. If this is a problem (in most applications it is not), a 90° phase shift 
network can be put at one of the multiplier inputs or in the output line. Note that 
a multiplier phase detector puts out zero volts when the phase shifts are different 
by 90° in either direction. One of these is a point of metastable equilibrium. As 
soon as it “falls off,” the feedback will be positive, rather than negative, and the 
loop will rush to the stable equilibrium point. 

As a phase detector, a mixer has a linear response of about + 7/4, where 
sin(x) & x. For somewhat larger phase differences, the sine curve flattens out 
and Kp begins to decrease. The system becomes nonlinear and the techniques 
of linear analysis fail. What is more important, if Oout — Gaist needs to increase 
beyond + z/2, the sin(@ 544 — Qgist) response of the mixer produces alternating 
positive and negative error signals, which will push the VCO frequency one 
way and then the other, and the loop will become unlocked. This is in contrast to 
the mechanical analog of Figure 12.3, whose phase detector range is 2m times 
the number of threads on the phase detector shaft. Electronic phase/frequency 
detectors (PFDs) are digital circuits that operate as linear phase detectors while 
the phase difference remains small, but then produce an output voltage propor- 
tional to the frequency difference, driving the loop in the correct direction to 
achieve lock. How a simple mixer-based PLL ever manages to lock without 
assistance is discussed below. 


12.1.7 Frequency range and stability 


The type-II loop can operate over the full range of the VCO since its integrator can 
build up as much bias as needed. The type-I loop, if KpKo is small and if the 
phase detector has a limited range, may not be able to track over the full range of 
the VCO. Both the loops discussed above are unconditionally stable since the 
transient responses are decaying exponentials for any combination of the param- 
eters Kp, Ko, R¡, Ro, and C. When you build one and it oscillates it is usually 
because you have high-frequency poles you did not consider (maybe in your 
Op-amp or circuit parasitics) and you have actually built a higher-order loop. 


12.1.8 Acquisition time 


A high-gain type-I loop can achieve lock very quickly. A type-II loop with a 
small bandwidth can be very slow. Acquisition depends on some of the beat 
note from the phase detector getting through the filter to FM modulate the VCO. 
That beat note puts a pair of small sidebands on the VCO output. One of these 
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sidebands will be at the reference frequency and will mix with the reference to 
produce dc with the correct polarity to push the VCO toward the reference 
frequency. The integrator gradually builds up this de until the beat frequency 
comes within the loop bandwidth. From that point the acquisition 1s very fast. 
This reasoning, applied to the type-II loop, predicts an acquisition time of about 
4f°/B° seconds where fis the initial frequency error and B is the bandwidth of 
the loop (see Problem 12.6). If the bandwidth is 10 Hz and the initial frequency 
error is 1 kHz, the predicted time is about one hour. (In practice, unavoidable 
offsets in the op-amp would make the integrator drift to one of the power supply 
rails and never come loose.) Obviously in such a case some assist is needed for a 
lockup. One common method is to add search capability, i.e., circuitry that 
causes the VCO voltage to sweep up and down until some significant dc 
component comes out of the phase detector. At that point the search circuit 
turns off and the loop locks itself up. The integrator can form part of the sweep 
circuit. Another way to aid acquisition is to use a frequency/phase detector 
instead of a simple phase detector. This is a digital phase detector which, when 
the input frequencies are different, puts out dc whose polarity indicates whether 
the VCO is above or below the reference. This de quickly pumps the integrator 
up or down to the correct voltage for lock to occur. You will see these circuits 
described in Motorola literature. In digitally controlled PLLs, it is common for a 
microprocessor with a lookup table in ROM to pretune the VCO to the com- 
manded frequency. This pretuning allows the loop to acquire lock quickly. 


There are many inventive circuits and applications in the literature on PLLs. 
Here is an example: deep space probes usually provide very weak telemetry 
signals. The receiver bandwidth must be made very small to reject noise that is 
outside the narrow band containing the modulated signal. A PLL can be used to 
do the narrowband filtering and to do the detection as well. One simple 
modulation scheme uses slow-frequency shift keying (FSK) where the signal 
is at one frequency for a “0” and then slides over to a second frequency for a “1.” 
The loop bandwidth of the PLL is made just wide enough to follow the keying. 
The control voltage on the VCO is used as the detected signal output. (With a 
wide loop bandwidth, such a circuit can demodulate ordinary FM audio broad- 
cast signals.) In this narrowband example, the PLL circuit has the advantage that 
it will track the signal automatically when the transmitter frequency drifts or is 
Doppler shifted. Another modulation scheme uses phase shift keying (PSK). 
Suppose the transmitter phase is shifted 180° to distinguish a “1” from a “0.” 
This would confuse the PLL receiver because, for random data, the average 
output from the phase detector would be zero and the PLL would be unable to 
lock. A simple cure is to use the “doubling loop” shown in Figure 12.8. The 
incoming signal is first sent through a doubler to produce an output that looks 
like the output of a full-wave rectifier. (The waveform loops are positive no 
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Figure 12.8. Doubling loop for 
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matter what the modulation does.) The VCO output frequency is then divided 
by two to produce a phase-locked reference. This reference 1s used as one input 
of a mixer. The other input of the mixer 1s the raw signal and the output is the 
recovered modulation. 


12.2 Frequency synthesizers 


12.2.1 Direct synthesis 


By frequency synthesizer we usually mean a signal generator which can be switched 
to put out any one of a discrete set of frequencies and whose frequency stability is 
derived from a standard oscillator, either a built-in crystal oscillator or an external 
“station standard.” Most laboratory synthesizers generate sine waves but some low- 
frequency synthesized function generators also generate square and triangular 
waves. General-purpose synthesizers have high resolution; the step between fre- 
quencies is usually less than 1 Hz and may be millihertz or even microhertz. Many 
television receivers and communications receivers have synthesized local oscilla- 
tors. Special-purpose synthesizers may generate only a single frequency. 

At least three general techniques are used for frequency synthesis. Direct 
synthesizers use frequency multipliers, frequency dividers, and mixers. Indirect 
synthesizers use phase lock loops. Direct digital synthesizers use a digital 
accumulator to produce a staircase sawtooth. A lookup table then changes the 
sawtooth to a staircase sinusoid, and a D-to-A converter provides the analog 
output. Some designs combine these three techniques. 


The building blocks for direct synthesis are already familiar. Frequency multi- 
plication can be done with almost any nonlinear element. A limiting amplifier 
(limiter) or a diode clipper circuit will convert sine waves into square waves, 
which include all the odd harmonics of the fundamental frequency. A delta 
function pulse train (in practice, a train of narrow pulses) contains all harmonics. 
When frequencies in only a narrow range are to be multiplied, class-C ampli- 
fiers can be used. (A child’s swing does not need a push on each and every 
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Figure 12.9. A direct synthesizer 


that produces 321 MHz from a 
1-MHz reference. 
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cycle.) Frequency division, used in all three types of synthesizers, is almost 
always done digitally; the input frequency is used as the clock for a digital 
counter made of flip-flops and logic gates. Frequency translation can be done 
with any of the standard mixer circuits. 

Single-frequency synthesizers are usually ad hoc designs; the arrangement of 
mixers, multipliers, and dividers depends on the ratio of the desired frequency 
and the reference frequency. As an example of direct synthesis, the circuit of 
Figure 12.9 generates 321 MHz from a 1-MHz standard. A prime factor of 321 
is 107. It would be difficult to build a times-107 multiplier. This design uses 
only triplers and mixers. Laboratory instruments that cover an entire range of 
frequencies must, of course, use some general scheme of operation. 


12.2.2 Mix and divide direct synthesis 


Figure 12.10. A mix-and-divide 
direct synthesizer. 


20 + n,/10 


16 MHz 


Some laboratory synthesizers use an interesting mix and divide module. An 
n-digit synthesizer would use n identical modules. An example is shown in 
Figure 12.10. Each module has access to a 16-MHz source and ten other 


40 + n3+ n7/10+ n,/100 


4 + n3/10 + n,/100 + n,/1000 


20 + n,/10 + n,/100 20 + n3/10 + n,/100+ n,/1000 


16 MHz 16 MHz 
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reference sources from 20 to 29 MHz. (These references are derived from an 
internal or external standard, often at 5 MHz). In this kind of design the internal 
frequencies must be chosen carefully so that after each mixer the undesired 
sideband can be filtered out easily. 


12.2.3 Indirect synthesis 


Figure 12.11. Basic indirect 
(PLL) synthesizer. 


The phase lock loop circuit of Figure 12.11 is an indirect synthesizer to generate 
the frequency Nf q/M where N and M are integers. If the +N and/or the +M 
blocks are variable modulus counters, the synthesizer frequency is adjustable. 


The 321-MHz synthesizer of Figure 12.9 could be built as the indirect 
synthesizer of Figure 12.11 by using a divide-by-321 counter (most likely a 
divide-by-3 counter followed by a divide-by-107 counter). Circuits like that of 
Figure 12.11 are used as local oscillators for digitally tuned radio and television 
receivers. For an AM broadcast band receiver, the frequency steps would be 
10 kHz (the spacing between assigned frequencies). This requires that the phase 
detector reference frequency, fsta/M, be 10 kHz so only the modulus N would be 
adjustable. What about a synthesized local oscillator for a short-wave radio? We 
would probably want a tuning resolution of, say, 10 Hz. The reference fre- 
quency in the simple circuit of Figure 12.11 would have to be 10 Hz and the loop 
bandwidth would have to be about 2 Hz. This low bandwidth would make fast 
switching difficult. Moreover, with such a narrow loop bandwidth, the close-in 
noise of the VCO would not be cleaned up by the loop and the performance of 
the radio would suffer. For this application a more sophisticated circuit is 
needed. One method is to synthesize a VHF or UHF frequency with steps of 
1 or 10 kHz, divide it to produce the necessary smaller steps, and then mix it to a 
higher frequency. Other circuits use complicated multiple loops. The newest 
receivers use L.O. synthesizers based on the principle of direct digital synthesis. 


12.2.4 Direct digital synthesis (DDS) 


This technique, illustrated in Figure 12.12, uses an adder with two n-bit inputs, 
A and B, together with an n-bit register to accumulate phase. The output of the 
adder is latched into the register on every cycle of a high-frequency clock. The 
inputs to the adder are the current register contents (the phase) and an adjustable 
addend (the phase increment). On every clock cycle, the accumulated phase 
increases by an amount given by the addend. Since the accumulator has a finite 
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Digital sawtooth Digital 


n-bit 
addend 
(phase 
increment) 


Clock 


Figure 12.12. Direct digital 
synthesizer (DDS). 
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length, it rolls over, like an automobile odometer, and the sequence of its output 
values forms a sawtooth wave. The maximum addend value is 2” ', where n is the 
number of bits in the adder/accumulator. Therefore, the output frequency of the 
DDS extends up to one-half the clock frequency. At this maximum frequency, 
the MSB toggles on every clock pulse and the lower bits remain constant. The 
output of the accumulator is used to address a ROM (read-only memory) that 
converts the stairstep digital sawtooth into a stairstep digital sine wave. 

Let us consider the operation of the DDS in some detail. Suppose the selected 
addend is the integer A. Let 6; denote the number held in the register after the i-th 
clock pulse. Because the accumulator rolls over when the output value would 
have reached or exceeded 2”, we can write 0,=(0;_+4) mod 2”, a formula 
which lets us easily simulate the DDS. On average, it will take 2”/A clock pulses 
to fill the accumulator,’ so the average period of the sawtooth wave will be fi, ` 
2”/A and the output frequency will be fo), 4/2”. This frequency can be changed 


> Consider that, after every 2”4 clock pulses, the accumulator must return to the same value. During 
that period, the value that would be accumulated without rollover is 4(2”A). Thus the number 
of rollovers would be A”. The average time per rollover is therefore fak ' (2"4) /A? = fan? 2"/A. 
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in very fine increments if the number of bits in the accumulator is large. With a 
32-bit accumulator, for example, the frequency resolution will be f.jo¢,/2°7. For 
a clock frequency of 100 MHz the resolution will be 108/2? = 0.023 Hz. 

One might think that, since the most significant bit (MSB) of the accumulator 
toggles at the desired output frequency, we could use it alone, simply filtering 
away its harmonics to obtain a sine wave at the desired frequency. However, 
while the MSB has the right average frequency it can be quite irregular. If the 
addend is a power of 2, the MSB will toggle at uniform time intervals but 
otherwise the MSB will have a jitter which depends on the value of the addend. 
A sine wave made from just the MSB would, therefore, contain too much phase 
noise (FM noise) for most RF applications. 

The solution is to use more than just the top bit. If we use the top m bits, then 
the phase error is never greater than 360/2” degrees. A table-lookup ROM uses 
these m-bit phase values, 6m;, as address bits to produce an output sequence, 
sin(Om;), which has the desired wave shape (except for the roundoff error), 
together with low phase noise. An analog output can be provided by adding an 
m-bit D-to-A converter but, in digital radio applications, the digital sine wave 1s 
used directly. The more bits used to form the output sine wave, the lower the 
phase noise. Note that the DDS can incorporate the technique of digital pipe- 
lining in the adder/accumulator to achieve simultaneously high output frequen- 
cies and fine frequency resolution. The pipe delay is of no consequence for most 
system applications. Note also that the DDS can easily be modified to produce a 
chirped frequency by adding another accumulator to produce a sawtooth 
addend value. A precise FM modulator consists of a DDS whose addend is 
the digitized audio signal. Clock rates in DDS ICs have reached several GHz. 


Output spectrum of the DDS 


The exact spectrum of the DDS output can be calculated directly using Fourier 
analysis. For any value of the addend, the sequence of accumulator values will 
always repeat after at most 2” clock pulses. Therefore, the sequence of digital 
values produced by the lookup ROM also repeats after at most 2” cycles. This 
repetitive waveform can be represented as a Fourier series whose components 
are spaced in frequency by at least f,,/2”. The squares of the Fourier coefficients 
at each frequency are proportional to power. A simpler and more instructive 
approach is to note that the number contained in truncated accumulator bits (the 
bits below n — m) is just the phase error, 00;=0;—@m;. The output sequence 
formed by the m-bit numbers can therefore be written as 


sin(Om;,) = sin(0; — 00;) ~ sin(0;) — 60; cos(0;), (12.12) 


where we have assumed 06; is small. The term sin(0,) is the desired output, while 
the term 00, cos(6;) is the noise. The error sequence, 00, cos(9;), will repeat after, 
at most, 2” ” clock pulses, so the noise forms a Fourier series with components 
separated in frequency by at least fox /2". ”. The nature of the noise will depend 
on the value of the bottom part of the addend, i.e., the lowest n — m bits of the 
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addend. If that number is a power of 2, the noise components will fall at 
harmonics of the output frequency, distorting the output waveform slightly, 
but contributing no phase noise. If the bottom part of the addend contains no 
factors of 2, the noise may be a grass of components at all multiples of f.11/2" ”. 
The more factors of 2 in the bottom part of the addend, the wider the spacing 
between noise components. Thus, the nature of the noise can change dramati- 
cally from one output frequency to the next. 


12.2.5 Switching speed and phase continuity 


Indirect synthesizers cannot change frequency faster than the time needed for 
their phase lock loops to capture and settle. Direct synthesizers and direct digital 
synthesizers can switch almost instantly. Sometimes it is necessary to switch 
frequencies without losing phase continuity. The DDS is perfect for this since 
the addend is changed and the phase rate changes but there is no sudden phase 
jump. Other times, when the synthesizer is retuned to a previously selected 
frequency, the phase must take on the value it would have had if the frequency 
had never been changed. This second kind of continuity might be called phase 
memory. A frequency synthesizer that provides the first kind of phase continu- 
ity clearly will not provide the second and vice versa. Continuity of the second 
kind can be obtained with a direct synthesizer that uses only mixers and multi- 
pliers (no dividers — which can begin in an arbitrary state). 


12.2.6 Phase noise from multipliers and dividers 


It is important to see how any noise on the reference signal of a synthesizer 
determines the noise on its output signal. Let us examine how noise is affected 
by the operations of frequency multiplication and division. We will assume the 
input noise sidebands are much weaker than the carrier. Suppose the input signal 
has a discrete sideband at 60 Hz. (Such a sideband would normally be one of a 
pair but for this argument we can consider them one at a time.) Let this sideband 
have a level of — 40 dBc, i.e., its power is 40 dB below the carrier power. If this 
signal drives a times-N frequency multiplier, it turns out that the output signal 
will also have a sideband at 60 Hz but its level will be — 40 + 20 log(N) dBc. The 
relative sideband power increases by the square of the multiplication factor. 

Let us verify this, at least for a specific case — a particular frequency tripler. 
Let the input signal be cos(wt)+ acos([@+dq@|f), i.e., a carrier at œ having a 
sideband at w+dw with relative power of a” or 20 log(a) dBc. We assume that 
a << 1. Here the tripler will be a circuit whose output voltage is the cube of the 
input voltage. Expanding the output and keeping only terms of order a or higher 
whose frequencies are at or near 3f we have 


[cos(wt) + acos|(@ +0)? — cos’ (wt) + 3a.cos*(wt)cos[(w + da)f 
(12.13) 
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> 1/2 cos(wt)cos(2@t) + 3/2 acos(2wt) cos |(w + da)t| 


> 1/4 cos(3wt) + 3/4 acos|(3@ + dw)!| 
= 1/4 [cos(3wt) + 3acos [(3@ + d0)t||. (12.14) 


Note that the carrier-to-sideband spacing is still dw but the relative amplitude of 
the sideband has gone up by 3, the multiplication factor. The relative power of 
the sideband has therefore increased by 3°, the square of the multiplication 
factor. A continuous distribution of phase noise S(ôœ) is like a continuous set of 
discrete sidebands so, if the noise spectrum of a multiplier input is S(9w), the 
noise spectrum of the output will be n*S(dq). Sideband noise enhancement is a 
direct consequence of multiplication. If the multiplier circuit itself is noisy, the 
output phase noise will increase by more than n”. Fortunately, most multipliers 
contribute negligible additive noise. 

Division, the inverse of multiplication, reduces the phase noise power by the 
square of the division factor. Mixers just translate the spectrum of signals; 
they do not have a fundamental effect on noise. Additive noise from mixers is 
usually negligible. If a direct synthesizer is built with ideal components, 
the relation between the output phase noise and the phase noise of the standard 
will be as if the synthesizer were just a multiplier or divider, no matter what 
internal operations are used. The phase noise produced by indirect synthesizers 
depends on the quality of the internal VCOs and the bandwidths of the loop 
filters. 


*These more difficult problems could be used as projects. 


Problem 12.1. How would you modify the gear train in Figure 12.3 so that the output 
shaft would turn N/M times faster than the input shaft? 


Problem 12.2. Show that Equation (12.2) describes the time domain input/output 
relation for the loop filter circuit of Figure 12.4. 


Problem 12.3. Suppose the VCO in the block diagram of Figure 12.5 is noisy and that 
its noise can be represented as an equivalent noise voltage added at the control input of 
the VCO. Redraw the block diagram showing a summing block just in front of the VCO. 
Find the frequency transfer function for this noise input. Show that the loop is able to 
“clean up” the low-frequency noise of the VCO. 


Problem 12.4... Write a computer program to numerically simulate the PLL shown in 
Figure 12.5. Use a multiplier type phase detector and investigate the process of lock-up. 
Let the phase detector output be proportional to cos(0 — Oet). Use numerical integration 
on the simultaneous first-order differential equations for V;(t) and V>(?). 


Problem 12.5. Invent a phase detector circuit that would have a range of many 
multiples of 2z rather than the restricted range of the multiplier phase detector. 
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Problem 12.6." Derive the formula given for lock-up time, T.ockyp Y 4(Aw)*/B°, where 
Ao is the initial frequency error and B is the loop bandwidth (in radians/sec). Consider 
the type-II loop of Figure 12.5. Find the ac component on the VCO control input. Assume 
that Aw is high enough that the gain of the loop filter for this ac voltage is just —R>/R¡. Find 
the amplitude of the sidebands caused at the output of the VCO from this ac control voltage 
component. Use this amplitude to find the dc component at the output of the phase detector 
caused by product of the reference signal and the VCO sideband at the reference frequency. 
This de component will be integrated by the loop filter. Find dV/dt at the output of the loop 
filter. Find an expression for T.ocxu» by estimating the time for the dc control voltage to 
change by the amount necessary to eliminate the initial error. 


Problem 12.7. Design a direct synthesizer (ad hoc combination of mixers, dividers, 
multipliers) to produce a frequency of 105.3 MHz from a 10-MHz reference. Avoid 
multipliers higher than <5 and do not let the two inputs of any mixer have a frequency 
ratio higher than 5:1 (or lower than 1:5). 


Problem 12.8. Design a direct digital synthesizer with 10-kHz steps for use as the 
tunable local oscillator in a middle-wave broadcast band (530-1700 kHz) AM receiver 
with a 455 kHz IF frequency. Assume a high-side L.O., 1.e., the synthesizer frequencies 
range from 530+455 to 17800+455 An accurate reference frequency is available at 
10.24 MHz. 


Problem 12.9. Design a synthesizer with the range of 1-2 MHz that has phase 
memory, 1.e., when the synthesizer is reset to an earlier frequency, its phase will be the 
same as if it had been left set to the earlier frequency. The required step size is 50 kHz and 
the available frequency reference is 5 MHz. Hint: one approach is to generate a frequency 
comb with a spacing of 50 kHz and then phase-lock a tunable oscillator to the desired 
tooth of the comb. 


Problem 12.10. Explain why a direct synthesizer that includes one or more dividers 
will not have phase memory. 


Problem 12.11. Draw a block diagram for an FM transmitter in which a phase locked 
loop keeps the average frequency of the VCO equal to a stable reference frequency. 


Problem 12.12. Draw block diagrams for PM and FM generators based on the direct 
digital synthesizer (DDS) principle. 
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Hall, 1987. 
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Find the value of RB that will set the collector 
voltage to 5 volts, using steps 123 and the 
following values for the circuit: 

Ve = 10 volts, Re = 1kQ), B = 100 


A. IC = 


B IB = č č 
C. RB = č 
Answers 
A. 5 volts 
Ie A =5m 
: Lk0 
C 0 lt 
VOUS 
p = = 200k() 
0.05mA 


2 You have seen that using a 200 kQ 
resistor for R B gives an output level of 5 
volts at the collector. This procedure of setting 
the output DC level is called biasing . In 
problem 1, you biased the transistor to a 
5-volt DC output. 

Use the circuit shown in Figure 81 and the 
formulas given in problem = 1 to answer the 
following questions. 


Questions 

A. If you decrease the value of R B, how do 
IB, IC, VR, and the bias point V C 
change? sy 


B. If you increase the value of R B, how do 
IB, IC, VR, and V C change? 
Answers 
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Figure 13.1. Conversion of a 
lowpass filter to a canonical 
bandpass filter. 


Coupled-resonator bandpass filters 


We saw in Chapter 4 that the straightforward transformation of a prototype 
lowpass filter to a bandpass filter yields a circuit with alternating parallel 
resonant circuits and series resonant circuits as shown in Figure 13.1. 


a 


If the prototype lowpass filter has a response F|¡p(w), the corresponding 
bandpass filter will have the response Fiyp(@) =F, pl [v—0c|), where wc is the 
center frequency. These canonical bandpass filters work perfectly — when 
simulated with a network analysis program. But usually they call for impractical 
component values. The inductors in the shunt branches must be smaller than the 
inductors in the series branches by a factor on the order of the square of the 
fractional bandwidth. For a 5% bandwidth filter, the ratio of the inductor values 
would be of the order of 1:400. For a given center frequency we might be lucky 
to find a high-O inductor of any value, let alone high-O inductors with such 
different values. Low-Q (resistive) inductors make a filter lossy and change its 
nominal passband shape. The series and shunt capacitor values have the same 
ratio. Generally O is not a problem with capacitors, but very small values are 
impractical when they become comparable to the stray wiring capacitances. 


13.1 Impedance inverters 
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This component value problem can be solved by transforming canonical bandpass 
filters into coupled-resonator bandpass filters, which can be built with identical or 
almost identical LC resonant circuits. The coupled-resonator filters have the same 
filter shapes, based on prototype lowpass designs, such as Butterworth or 
Chebyshev. Figure 13.2 shows some coupled-resonator fiter designs. 
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Figure 13.2. Three examples of 
coupled-resonator bandpass 
filter circuits. 


Coupled-resonator bandpass filters 


These filters are based on impedance inverters. Three examples of impedance 
inverters are shown in Figure 13.3, a 90° length of transmission line and two 
lumped LC circuits. 


(c) 


Zin =Z¿1Z 


Figure 13.3. Three impedance 
inverter circuits 


In every case, an impedance Z, when seen through the inverter, becomes 
Zo" /Z where Zo can be called the characteristic impedance of the inverter. For the 
transmission line inverter, a 90° length of line, Zo is just the characteristic 
impedance of the line. For the LC inverters, both the inductor’s reactance, X4, 
and the capacitor’s reactance, Xc, must be equal to the desired Zp. Like the 90° 
cable, the lumped element circuits are perfect inverters only at one frequency 
but, in practice, they are adequate over a considerable range. An inverted 
capacitor is an inductor. An inverted inductor is a capacitor. Figure 13.4 
shows an inverter (in this example, a 90° transmission line) used to invert a 
parallel circuit, making an equivalent series circuit. 

The mathematics of this inversion is just 


1 l 1 1 l Zo 
Zin = Zo? Y = Zo? (57, tied +z] =— 4 j(Zp*C,) + —. 
oLy P Rp jo (Lp / Ze ) i Rp 


(13.1) 


Let us look at four inverters which include inductors or capacitors with negative 
values. For these inverters, shown in Figure 13.5, Xc = Zo or XL = Zo. 

Figure 13.6 verifies the inverter action of the all-capacitor T-section inverter. 
You can use this kind of reasoning to verify the inverter action of the other circuits: 
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Figure 13.4. Impedance ee a 
inverter makes a parallel circuit go ¡Y | Ls = CpZp 
appear as a series circuit. Z —H CO === VA P 
l ~~ 7 
- Cs- Lp/ Zó 
| 
7 
A 
-L -L L 
pi T | ; i 
(a) (b) (c) (d) 
Figure 13.5. Impedance 
inverters based on negative 
value components. 
Figure 13.6. Operation of the -C -C 
T-network negative capacitor — 
inverter. 
| | C | 
| E: z 
To aa ud 
| Zin , n ~A 
Z : +Z (13.2) 
L= AN . 
jo(=C) 
l joCZ 
Y) =joC + — = == 1333 
AD Fe Fe =) 
l l l E 
Zin = —— + = (13.4) 


ja(-C) Y CZ Z` 


Because they contain negative capacitances or negative inductances, the four 
inverters in Figure 13.5 might seem to be only mathematical curiosities. Not at 
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Figure 13.7. Negative 
capacitors absorbed into 
adjacent positive capacitors. 


Coupled-resonator bandpass filters 


(b) 


all; the negative elements can be absorbed by positive elements in the adjacent 
circuitry as shown in Figure 13.7, where a z-section capacitor inverter is placed 


between two parallel LC “tanks.” 


13.2 Conversion of series resonators to parallel resonators and vice versa 


Figure 13.8. A series capacitor 
between inverters is equivalent 
to a shunt inductor. 


Ladder network filters have alternating series and shunt branches. Let us see 
how inverter pairs are used in ladder filters. Suppose we embed a series 
capacitor between a pair of inverters at some point along a ladder network. 


Impedance inverters 


The combination of the capacitor and the inverter pair is equivalent to a shunt 
inductor, as shown in Figure 13.8. 

You can show just as easily that any series impedance, Z,, together with a pair 
of bracketing inverters of characteristic impedance Zp is equivalent to a shunt 
admittance Y, = Zo + Z,. Likewise, the combination of any shunt admittance Y 
and a pair of bracketing inverters is equivalent to a series impedance Z= Zo Y. 
Figure 13.9 illustrates this, showing how a series resonant series branch in an 
ordinary bandpass filter can be replaced by a parallel resonant shunt branch 
imbedded between a pair of inverters. 

Likewise, a parallel resonant shunt branch can be realized as a series 
resonant series branch imbedded between a pair of inverters, as shown in 
Figure 13.10. 
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Figure 13.9. A shunt resonator 
between inverters is equivalent 
to a series resonator. 


SID 


Figure 13.10. A series resonator 
between inverters is equivalent 
to a shunt resonator. 
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13.3 Worked example: a 1% fractional bandwidth filter 


Figure 13.11. A straightforward 
(but impractical) bandpass filter. 
The calculated response of this 
filter is shown in Figure 13.12. 


Consider a 50-ohm, 1-dB Chebyshev filter with a 10-MHz center frequency and 
a bandwidth of 100 KHz between the 1-dB points. The filter, which results from 
the straightforward lowpass to bandpass transformation (Chapter 4) 1s shown in 
Figure 13.11 and its response is shown in Figure 13.12. 

We might find 86-uH inductors with high O at 10 MHz but the 3.728 nH and 
2.645 nH inductors would be tiny single turns of wire with very poor Q. To get 
around these component limitations, we will convert this filter into a coupled- 
resonator filter. Suppose we have in hand some adjustable 0.3 to 0.5 microhenry 


2.917 pF 2.917 pF 
86.83 uH 86.83 uH 


0.06796 uF 0.09552 uF 0.06796 uF 
0.003727 uH 0.002652 uH 0.003727 uH 
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Figure 13.12. Calculated 
response for filter of 
Figure 13.11. 


Figure 13.13. Filter of 
Figure 13.11, scaled from 50 to 
6705 ohms. 


Coupled-resonator bandpass filters 


0 WSIS TOS NY) 
10-log(pwr(w)) —10 
-20 
9.9-10% 9.9510 1:10’ 1.005-10” 1.01-107 
MES EN 
2 
0.02175 pF 0.02175 pF 
506.6 pF rer 506.6 pF 


inductors which, at 10 MHz, have very high Q (we will see later just how 
much Q is required). Let us first change the working impedance of the filter so 
that the parallel resonators at the end will use 0.5 uH, which is 134.1 times 
the original end inductors and implies that the filter will be scaled to 
50 x 134.1 =6705 ohms. We multiply the other inductors by 134.1 and divide 
the capacitors by 134.1 to get the circuit of Figure 13.13. 

The parallel resonators now use the desired inductors but the series resonators 
call for inductors of 11.6 mH, a very large value for which we surely will not 
find high O components. Moreover, the series capacitors are only 0.02 pF, a 
value far too small to be practical. We can solve this problem by using 
impedance inverters to convert the series resonators into parallel resonators. 
Let us use the all-capacitor z-section inverters of Figure 13.5(b) and the same 
parallel resonators we used for the end sections. Figure 13.14 shows how two 
inverters and the parallel resonator replace each series resonator. 

We can calculate the inverter’s characteristic impedance, Zo, as follows: 


Z Y = Z; Zo (joC, + 1/joL,) = jøLs + 1/j0Cs (13.5) 


Zo? = Lp/Cs = 0.5x10-°/0.02175 x 107'* = 4796". (13.6) 
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Figure 13.14. Inverters Inverter Inverter 
transform a 0.5-uH shunt 
inductor into a 11.644-mH series 
inductor. 


~o 


Lg=11.64 mH 


Cp=506.6 pF 
Lp=0.5 uH Cs=0.02175 pF 
Figure 13.15. Coupled- 

resonator version of previous 

bandpass filter. 

0.3558 uH 


506.6 pF! 


0.5 UH 97.6 pF 


2r pF 506.6 pF 


— 


9.25 uH 


27.6 pF 3.32 pF 3.32 pF 3.32 pF 3.32 pF 27.6 pF 
— — 
0.4744 uH 0.5 uH 0.3558 uH 0.5 uH 0.4744 uH 
503.3 pF 500.0 pF 705.3 pF 500.0 pF 503.3 pF 


Figure 13.16. Finished coupled- For this type of inverter, we had seen that Zo = Xc, so C=3.32 pF. We now have 
resonator filter. our coupled-resonator filter but since it works at 6705 ohms we will add 


L-section matching networks at each end to convert it back to 50 ohms. The 
filter, at this point, is shown in Figure 13.15. All the resonators are now parallel 
resonators. (In other situations we might use inverters to convert series reso- 
nators into equivalent parallel resonators to make an all-series-resonator filter — 
see Figure 13.1.) 

The final clean-up step is to absorb the — 3.32 pF capacitors into the resonator 
capacitors and combine the matching section inductors with the end-section 
resonator inductors as shown in Figure 13.16. 

The response ofthe finished filter is shown in Figure 13.17 and is almost identical 
to the response of the prototype filter of Figure 13.11. The difference, a fraction of a 
dB, occurs because the inverters work perfectly only at the center frequency. 


13.4 Tubular bandpass filters 


A popular bandpass filter design, the “tubular filter’ is produced by many filter 
manufacturers. Figure 13.18 shows the construction ofa three-resonator tubular filter. 
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Figure 13.17. Calculated 0 
response of the filters of 

Figure 13.16 (pwr) and 

Figure 13.11 (pwr). 


10-log(pwr(w)) 
-10 
10-log(pwr(w)) 
-20 
9.9-108  9.95-108 1-10? 1.005:-107 1.01:-107 
A 
271 


The only standard electronic components are the coaxial connectors at the 
ends. There are also (in this example) three inductors (wire coils), four metal 
cylinders, two dielectric spacers, two (or one long) dielectric sleeves, and a 
tubular metal body. Figure 13.19 shows how a coupled-resonator filter design, 
of the type we have discussed, is transformed into the tubular filter design. You 
can verify that Figure 13.19(d) 1s the circuit diagram of the tubular filter. The 
three-capacitor z-sections are formed by the capacitance between the adjacent 
faces of the metal cylinders and the capacitors are formed between the outside 
surfaces of the cylinders and the tubular body. 


End cap with Dielectirc spacer 
coax connector 5) Metal cylinders 
a a A Dielectirc sleeves Metal tube 


Wire coil 


Figure 13.18. Tubular bandpass 


filter. 
Beginning with Figure 13.19(a), we have a standard coupled-resonator band- 


pass filter using series resonators. In the canonical prototype for this filter, the 
middle section is a parallel resonator, but this has been replaced by a series 
resonator sandwiched between two impedance inverters. In (b), the center capaci- 
tor has been replaced by two capacitors (each of twice the value of the original 
capacitor so that, in series, the total series capacitance is the same). The capacitors 
have been shifted slightly in (c) to identify a T-section capacitor network at each 
side of the central inductor. Finally, in going from (c) to (d), these T-networks are 
replaced by equivalent z-networks, to arrive at the circuit of the tubular filter. Any 
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Figure 13.19. Tubular bandpass 
filter evolution. 


Figure 13.20. Equivalent 
-section and T-section 
networks. 
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(d) 


(c) 


LL. ==> — — — 


— — — ll 


2,25 + 2523 + 232) 


Z3 


T-network has an equivalent z-network and vice versa (Problem 13.5). These 
transformations, also known as T—z and 1—T are shown in Figure 13.20. Formulas 
are given for one element in each network; the others follow from symmetry. 


13.5 Effects of finite Q 


These calculated filter responses assume components of infinitely high O. We 
can calculate the effects of finite O by paralleling the (lossless) inductors in our 
model with resistors equal to O times the inductor reactances at the center 
frequency. If, for example, the O 1s 500 (quite a high value for a coil), we would 
parallel the inductors in the filter of Figure 13.15 with resistors of about 15 
000 ohms. Reanalyzing the circuit response, we would find that the filter will 
have a midband insertion loss of 7 dB and that the flat (within 1 dB) passband 
response becomes rounded. The effect will be somewhat less for a filter with 
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more gradual skirts, e.g., a 0.01 dB Chebyshev or a Butterworth filter. But the 
real problem is still the small fractional bandwidth. For a filter with small 
fractional bandwidth to have the ideal shape of Figure 13.17, the resonators 
must be quartz or ceramic or other resonators with Os in the thousands. An 
approximate analysis predicts that the midband loss per section in a bandpass 
filter will be on the order of 


power transmitted _ ( Lo /2 ) (13.7) 


power incident 7 Q - fractional bandwidth 
where Lo represents the inductor value in the normalized lowpass prototype 
filter. For our five-section filter we can take Ly to be about 1.5 henrys. If the 
inductor Q is 500, the predicted transmission of the five-section filter is 5 x 10 
log[1-(1.5 /2)/(500-(1/100))]=— 10 dB, which is roughly equal to the actual 
value of —7 dB. 


13.6 Tuning procedures 


Filters with small fractional bandwidths and sharp skirts are extremely sensitive 
to component values. In the filter of Figure 13.16, for example, the resonators 
must be tuned very precisely or the shape will be distorted and the overall 
transmission will be lowered. (The values of the small coupling capacitors — all 
that remains of the impedance inverters — are not as critical.) Usually each 
resonator is adjustable by means of a variable capacitor or variable inductor. All 
the adjustments interact and, if the filter is totally out of tune, it may be hard to 
detect any transmission at all. A standard tuning procedure is to monitor the 
input impedance of the filter while tuning the resonators, one-by-one, beginning 
at input end. While resonator N is being adjusted, resonator N+1 is short 
circuited. The tuning of one resonator is done to produce a maximum input 
impedance while the tuning of the next is done to produce a minimum input 
impedance. The procedure must sometimes be customized to account for 
matching sections at the ends. 


13.7 Other filter types 


The coupled-resonator technique is used from HF through microwaves. Not 
all RF bandpass filters, however, use the coupled-resonator technique. The 
IF bandpass shape in television receivers is usually determined by a SAW 
(surface acoustic wave) bandpass filter. SAW filters are FIR (finite impulse 
response) filters, whereas all the LC filters we have discussed are IIR 
(infinite impulse response) networks. This classification is made according 


A. I B increases, | C increases, V R increases, 
and so the bias point V C decreases. 


B. |B decreases, I C decreases, V R 
decreases, and SO the bias point V C 
increases. 


3 In problem 2, you found that changing 
the value of RB in the circuit shown in Figure 
8.1 changes the value of IB. 
© The transistor amplifies slight variations in l 
B . Therefore, the amount I C fluctuates is 6B 
times the change in value in IB. 

The variations in | C cause changes in the 
voltage drop VR across RC. Therefore, the 
output voltage measured at the collector also 
changes. 


Questions 
For the circuit shown in Figure 8.1 , calculate 
the following parameters when RB = 168 kQ 
and VS = 10 volts: 
F 
E I — Ve = 
B 
B. IC = BIB = _—< 
C. VR=ICRC = — 
D VC = VS2V R= _—_ 
Answers 
A. 10 volts 
lg = = 0.059 mA 
168 kQ 
B. IC = 100 x 0.059 = 5.9 mA 
C. VR = 1 kÊ x 59mA = 5.9 volts 


D. VC = 10 volts 2 5.9 volts = 4.1 volts 
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to the behavior of the output voltage following a delta function (infinitely 
sharp impulse) excitation. Digital filters can be designed to be either FIR or 
IIR filters. 


Problem 13.1. Use your network analysis program to verify that the filter of 
Figure 13.16 does indeed give the response shown in Figure 13.17. 


Problem 13.2. Verify that the two LC circuits in Figure 13.3 are impedance inverters. 


Problem 13.3. The filter shown below was developed in Chapter 4 as an example of 
the straightforward conversion from a prototype lowpass filter to a bandpass filter. This 
Butterworth (maximally flat) filter has a bandwidth of 10 kHz and a center frequency of 
500 kHz. Suppose you have available some 30 uH inductors with a O of 100 at 500 kHz. 
Convert the filter into a coupled-resonator filter that uses these inductors. Use your ladder 
network analysis program to verify the performance of your filter. 


0.31764H 1.59mH 63.72pF 0.319 uF 


0.319 uF 0.3176 WH 
50 ohms 
50 ohms 


Problem 13.4. A bandpass filter is to have the following specifications: 

Center frequency: 10 MHz; shape: three-section 1-dB Chebyshev; bandwidth: 3 KHz 
(between outermost 1-dB points); source and load Impedances: 50 ohms. Since the 
loaded O of this filter is very high, 10/3000 =333, it is important to use very high-O 
resonators. Suppose you have located some resonators (cavities, crystals, or whatever) 
with adequate Q. These resonators are all identical. At 10 MHz they exhibit a parallel 
resonance, equivalent to a parallel LC circuit. At 10 MHz, they have a susceptance slope 
of 10 ° (1 mho/MHz). 

(a) Find the LC equivalent circuit for these resonators (in the vicinity of 10 MHz). 

(b) Design the filter shown below around these resonators. 

(c) Use your ladder network analysis program to verify the frequency response of your 
design. 


RTE 


Problem 13.5. Derive expressions for Za, Z,, and Z, in terms of Z1, Z2, and Z3 for the 
equivalent T and z networks shown in Figure 13.19. Hint: consider the connections 
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shown below. The sketched-in wires show that Y, + Yg = (Z; + Z; || Z)". If you write the 
corresponding Yg + Yc and Yc + Y, equations, then add the first two and subtract the 


third, you will have the formula for Yg. A similar technique yields the expressions for Z4, 
Z2, and Za. 


(b) 


Problem 13.6. The bridge circuit shown below in (a) is the simplest network whose 
resistance cannot be found immediately by series and parallel reduction. Rather than 
resorting to loop or node equations, note that the circuit contains two zs and two 75. 
Replace a z by its equivalent Tor a T by its equivalent z. Now find the resistance of the 


network by simple reduction. The circuit at the right shows how one of the z’s can be 
replaced by a T. 


(a) (b) 
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[2] Matthaei, G., Young, L. and Jones, E.M.T. Microwave Filters, Impedance- 
Matching Networks, and Coupling Structures, New York: McGraw Hill, 1964, 
reprinted, Boston: Artech House, Inc. 1980. 


CHAPTER 


164 


Transformers and baluns 


Transformers are harder to understand than resistors, capacitors, and single induc- 
tors. First, transformers have two terminal pairs rather than one, so we must deal 
with two voltages and two currents. Second, we can be misled by the deceptive 
simplicity of the simplest mathematical model, the “ideal transformer.” In this 
chapter we discuss the conventional transformers used in power supplies, switch- 
ing power supplies, amplifiers, and RF matching networks. We will then examine 
transmission line transformers, which work to higher frequencies, and baluns, 
which are devices used to connect balanced circuits to unbalanced circuits. 

Figure 14.1(a) shows two inductors (here, wire coils) with arbitrary place- 
ment. The region does not have to be otherwise empty; 1t can contain any 
distribution of clumped and/or continuous magnetic materials. 

The inductance values (““self-inductances”) of these coils are L4 and L2, each 
measured with the other coil open circuited, so that it carries no current. We will 
refer to these coils as L; and L>. Two representative magnetic flux lines are shown, 
corresponding to a current in L4. Note that one of these flux lines is encircled by 
three turns of L2. Therefore, when L; carries an ac current, by Faraday’s law there 
will be an ac voltage induced in L2, proportional to the time derivative of the 
encircled magnetic flux. We can write Faraday’s law for this situation as 


V> = jotMl, +jotLah, (14.1) 


where the constant M is known as the “mutual inductance.” The jo factor 
represents the time derivative since we are using standard ac circuit analysis, 
where the time dependence is contained in an implicit factor e”. The second 
term, containing the self-inductance, L>, is a voltage induced by the current, if 
any, flowing in L itself. Note that we have assumed that the wires have 
negligible resistance — no JR voltage drop.' The directions of the currents are 


' To take account of the winding resistances, we would add a term LR) to the right-hand side of 
Equation (14.1) and a term /,R, to the right-hand side of Equation (14.2). The effect of the 
resistance distributed in the windings is the same as if the resistance were consolidated into two 
external resistors, Rı and R>, in series with the windings. 
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Figure 14.1. (a) Coupled | 
inductors; (b) prototype l _ l, l, 
transformer. Su ¿An `S <— 
Es V, 
(a) (b) 


defined by arrows in Figure 14.1 as entering the positive end of each coil. This 
symmetric assignment produces a symmetric equation for V;: 


Vi = jotlh I, + jotMh. (14.2) 


Note that both equations contain the same constant M. There is no need to write M¡> 
and M21, since the mutual inductances are always equal. This can be seen quite 
easily for the arrangement of coupled coils shown in Figure 14.1(b). This a conven- 
tional transformer, in which a toroid of iron or other magnetic material effectively 
contains all the field lines, forcing them to thread through every turn of both L; and 
L2. An ac current in Lı produces a flux proportional to N;, the number of turns in L4. 
The ac voltage induced in L> is proportional to N> times the flux. Hence M5, is 
proportional to the product N¡N>. Likewise the ac current in Ly produces an ac 
voltage in Lı with the same proportionality to N¡N,, so M¡> and Ma; are equal. 

If all the flux lines thread both windings, the transformer is said to be perfectly 
coupled. A coupling coefficient, k, is defined by M=k(L, L,)'”. The value of k 
ranges from zero, for inductors with no coupling, to unity, for perfect coupling. In 
the transformer of Figure 14.1(b), perfect coupling is approached by using a core 
material of extreme magnetic permeability. For such a transformer, it makes no 
difference whether the windings are side-by-side, as shown, or wound one on top 
of the other. Nor is it necessary that they be wound tightly around the core; loose 
windings can be used to allow circulation in an oil-cooled power transformer. 


14.1 The “ideal transformer” 


If a transformer is perfectly coupled and the windings have negligible resist- 
ance, then the ratio of primary-to-secondary voltages is equal to the turns ratio 


2 The equality of M,> and M»; is a general reciprocity relation that holds true for any passive two- 
port network, e.g., any network made from resistors, capacitors, inductors, and transformers. 

> The names “primary” and “secondary” are arbitrary and refer only to the way the transformer is 
used; power usually flows into the primary and out of the secondary. 
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and these voltages have the same phase. This strict proportionality of voltages 
follows directly from Faraday’s law, since the time derivative of the magnetic 
flux is equal in both windings. The situation with the currents is not as simple. 
The primary and secondary currents are not strictly proportional. This follows 
from the transformer’s ability to store magnetic energy. If the transformer could 
not store energy, the instantaneous net power into the transformer would have to 
be zero. The proportionality of primary and secondary voltages would demand 
that the currents be proportional, 1.e., setting V,/, = V./,, we would have J,/I, = 
V/V; = constant = np/ng, the effective turns ratio. This hypothetical transformer, 
which stores no energy, is known as the ideal transformer and is a useful 
abstraction. We will discuss below a circuit with two inductors and an ideal 
transformer which together, are equivalent to a real transformer. But first let us 
emphasize how the ideal transformer, by itself, is an unrealistic model. 

Consider an ideal transformer with an effective turns ratio n;/n>. If an impedance 
Zioad 18 connected to the secondary, the ratio of primary voltage to primary current 
will be (n/n) Vo/[(no/ny i] = (n/n VII = (nı/mY Zioaa times the secondary 
current. The primary will therefore present an impedance of (mn Y Zioad> a simple 
impedance multiplication. If Zioaa 1s infinite (an open circuit), the impedance looking 
into the primary of the ideal transformer is also infinite. But inspection of Equation 
(14.2) shows that, in this case, the impedance looking into a real transformer is jæL4. 
Another “unreal” feature of an ideal transformer is that 1t contains no magnetic field! 
The field (or flux) from the primary winding is exactly cancelled by the field from 
the secondary winding. And with no magnetic field there would be no d@/dt and 
therefore no voltage across either winding. A real transformer approaches the ideal 
transformer model only when the number of turns approaches infinity and the 
magnetic coupling approaches 100%. Transformers used in practice are usually 
far from ideal. This is in contrast to resistors and capacitors which, at least at low 
frequencies, are almost ideal components obeying the relations Zp = R, Zc = 140C, 
and Z, =/0wL. 


14.2 Transformer equivalent circuit 


An equivalent circuit for a real transformer is shown in Figure 14.2(b). 

This model circuit consists of two inductors plus an ideal transformer having 
an equivalent turns ratio n,/n2. The shunt inductor at the left is known as the 
magnetizing inductance and its value is L4, the inductance of the primary. Note 
that, even if the secondary is left open, a voltage V applied to the primary will 
produce a primary current /= V/(j@L,). The series inductor at the right is known 
as the leakage inductance. Its value is Ly (1— K), so a perfectly coupled 
transformer (k = 1) has no leakage inductance. In practice, maximum coupling 
is limited to maybe 98% at low frequencies and less at RF frequencies. The 
useful frequency range of a transformer is determined by these two inductances. 
Suppose we put a transformer between a resistive load and a signal generator. 
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Figure 14.2. (a.) Transformer 
symbol with voltage and current 
assignments; (b.) an equivalent 
circuit. 
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Leakage inductance = L; (1- k?) N 


Ng 


V = UZ 
\ Ideal transformer 


Magnetizing inductance = L, 


2 


Below the useful frequency range, the magnetizing inductance becomes a short 
circuit across the generator. Above the useful range, the leakage inductance 
becomes a high impedance in series with the load. In both extremes, the power 
delivered to the load becomes negligible. 

Let us demonstrate that the model circuit of Figure 14.2(b) does, indeed, 
agree with the fundamental equations (14.1) and (14.2), 1.e., that it really is an 
equivalent circuit. We have already seen that the value of the magnetizing 
inductance must be L4, the inductance value of the primary winding. Leaving 
the secondary open, so that /, =0, the fundamental equations (14.1) and (14.2) 
produce the relation V,/V, = M/L, = kVL¡L>/L; = ky/L2/L\. In this situa- 
tion, the model circuit gives V>/V, = n>/n,. For the model to agree with the 
fundamental equations, n/n, = ka/L>2/L¡. Finally, consider the situation in 
which the primary is shorted, so that V, =0. The secondary current given by 
Equations (14.1) and (14.2) must be the same as the current predicted by the 
model. Equation (14.1) produces /, =—1,M/L. Putting this into Equation (14.2) 
gives V>/Ib=j@ (Lo/M — M IL) = joLx(1-k”). Looking at the model, the 
impedance at the secondary, with the primary shorted, is just jæ time the leakage 
inductance, so the leakage inductance must be assigned the value L>(1— K^). 
With these assignments for the values of the magnetization and leakage induc- 
tances, the model correctly reproduces Equations (14.1) and (14.2). 

This is not the only possible equivalent circuit. We could just as well have 
constructed this equivalent circuit with the magnetizing inductance on the nght 
side and the leakage inductance on the left side. Or we could “push” either the 
magnetizing inductance or the leakage inductance through the transformer, 
correcting the inductance by a factor (n,/n>) or (n2/n,Y, so that they are both 
on the same side. Another equivalent circuit, is shown in Figure 14.3. Using 
arguments like those presented above, you can show that this circuit also 
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Figure 14.3. An all-inductor 
equivalent circuit. 
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L,-M=L,-kvL,L, L,-M=L,-kv LL, 
M=k~ LL, 


satisfies Equations (14.1) and (14.2). This circuit contains no unphysical ideal 
transformer (and therefore has no dc isolation between primary and secondary, 
making it not quite as equivalent). But you can see from the labels in the figure 
that, in general, one of the inductors must have an unphysical negative induc- 
tance. However, note that if k< L/L and k< L/L; all the inductors are positive. 
As the turns ratio becomes close to unity, the inductors all remain positive as the 
coupling is increased. In the case of a 1:1 transformer with perfect coupling, the 
values of the series inductors go to zero and the equivalent circuit is just a single 
shunt inductor, the magnetizing inductance. (You could put a 1:1 ideal trans- 
former on each side of this inductor to produce a symmetric equivalent circuit 
that preserves dc isolation.) And, of course, the circuit of Figure 14.3 could be 
converted from the T configuration to an equivalent pi configuration. 

To approach the ideal, a transformer must have a very high magnetizing 
inductance and a very small leakage inductance. You can increase the magnet- 
izing inductance by increasing the number of turns (keeping the turns ratio 
constant) but, in practice, this only increases the leakage inductance and the 
ohmic resistance of the windings. You can decrease the leakage inductance by 
using fewer turns, but this lowers the magnetizing inductance. A compromise is 
generally needed. However, we will see that there are applications in which the 
leakage and/or magnetizing inductances become useful circuit components. 


14.3 Power transformer operation 


Power transformers are usually iron-core transformers with high coupling. The 
best power transformer would be an ideal transformer; its stored energy, excita- 
tion current and leakage inductance would all be negligibly small. The primary is 
connected to the ac line, which can be regarded as a perfect voltage source with 
negligible source impedance. If the coupling is high enough to make the leakage 
inductance negligible and the winding resistances are low, the secondary voltage 
will be constant, V, = (n2/n,)V,, independent of the load. The magnetizing 
inductance will draw a constant “magnetizing” current from the line, hy = V/ 
(j@L,). Since this current is 90° out of phase with respect to the primary voltage, 
it consumes no average power, but does cause “excitation” energy to slosh in and 
out of the transformer. When a resistive load is connected to the secondary, 
additional “working” currents flow in both the primary and the secondary. These 
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currents have the ratio n/n. They are in phase with the primary voltage and 
transfer power from the source to the load. Sometimes a capacitor 1s placed 
across the primary to resonate with the magnetizing inductance. The excitation 
energy will then slosh back and forth between the capacitor and the magnetizing 
inductance. This corrects the power factor; the power line now only has to supply 
the component of current that is in phase with the voltage. In practice, the 
magnetizing current may be comparable to the maximum working current. In a 
power transformer, the magnetic core is used close to saturation. When the 
magnetizing current is at its maximum, the inductance of the core is reduced. 
This nonlinear behavior of the core distorts the otherwise sinusoidal waveform of 
the magnetizing current. Nevertheless, the voltages on the primary and secondary 
remain proportional and sinusoidal, because of the low source impedance of the 
power line, low ZR drops in the windings, and negligible leakage inductance. 


14.4 Mechanical analogue of a perfectly coupled transformer 


Figure 14.4. Mechanical 
analogue of a transformer. 


A transformer transfers ac power, usually with a step-up or step-down in 
voltage. Figure 14.4 shows how a lever could be used to step down the velocity 
of a sinusoidally reciprocating arm. The resistive load on the right-hand side is a 
dashpot (damper), which produces a reaction force proportional to velocity. A 
voltage step-down transformer increases current. This lever steps down velocity 
(and amplitude) and provides increased force. For an ideal transformer (infinite 
magnetizing inductance) or an ideal lever (zero mass) the input power (primary 
voltage times primary current or primary velocity times primary force) is equal 
to the output power at every instant. But, for a real transformer with finite 
magnetizing inductance, there is also the “excitation” current, lagging the 
voltage by 90°, pumping energy in and out of the core. Likewise, for a real 
lever, with nonzero mass, there is an additional component of input force, 
leading the velocity by 90°, that pumps mechanical kinetic energy in and out 
of the lever. For both the transformer and the lever the average reactive power 1s 
zero but the excitation current or force can be considerable. 
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14.5 Magnetizing inductance used in a transformer-coupled amplifier 


o PP 


Figure 14.5. Transformer- 
coupled amplifier. 


In Chapter 3 we saw a circuit whose operation cannot be explained 1f its 
transformer is modeled as an ideal transformer. That circuit, a transformer- 
coupled class-A amplifier, is shown in Figure 14.5. Since the transformer 
windings have almost no dc resistance, the average voltage at the collector 
must be Ve- Under maximum signal conditions the collector voltage swings 
between 0 and 2V4., applying a peak-to-peak voltage of 2V 4, to the transformer 


primary. 
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If we do not include the magnetizing inductance, the transformed load is a 
pure resistance. We would mistakenly conclude that the quiescent collector 
voltage must be V../2 rather than V.. and that the largest peak-to-peak collector 
signal would be V,, rather than 2V... We would also conclude incorrectly that 
the frequency response would be unlimited, rather than being limited at low 
frequencies by the magnetizing inductance and limited at high frequencies by 
leakage inductance. 


14.6 Double-tuned transformer: making use of magnetization 
and leakage inductances 


Leakage inductance and magnetizing inductance limit the performance of 
transformers used in audio and other baseband applications. But in RF work 
these parasitic inductances can be tuned out with capacitors. Sometimes the 
leakage and magnetizing inductance can be intentionally used as in the band- 
pass filter of Figure 14.6(a). 

To see how this circuit works, consider Figure 14.6(b), where the transformer 
has been replaced by its equivalent circuit. Only the leakage and magnetizing 
inductances are shown; the ideal transformer in the equivalent circuit of the 
transformer 1s either one-to-one or the resistor and capacitor on the right-hand 
side have been multiplied by its ratio. This equivalent circuit, with 1ts vertical 
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(a) 


Figure 14.6. (a) Bandpass filter 
made with a loosely-coupled 
transformer; (b) equivalent 
circuit; (c) alternate circuit with 
two shunt capacitors. 


Figure 14.7. Loosly coupled 
transformers: (a) with powdered 
iron core; (b) with iron core for 
low frequencies. 
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Leakage inductance 


Magnetizing inductance 


(b) (c) 


(a) (b) 


parallel resonator and its horizontal series resonator, is a canonical two-section 
bandpass filter, as discussed in Chapter 4. The transformer, to have enough 
intentional leakage inductance, may be air-wound or may be wound on a 
permeable rod as shown in Figure 14.7(a). The alternate circuit of Figure 14.6(c) 
uses a parallel capacitor on each side of the transformer. The values ofr’; and C"; 
can be determined from the values of rs and C, by noting that the equivalent 
Thévenin generator containing r's and C'i must have an impedance equal to the 
impedance of rs +3C¡. (Note: whenever you see capacitors across both windings 
of a transformer, you can guess that the coupling is less than unity — otherwise the 
two capacitors would be effectively in parallel, and a single capacitor could 
be used.) 

Power transformers are sometimes designed to have intentional leakage 
inductance to provide short-circuit protection (the leakage inductance 
limits the current). One way to build an iron core transformer with leakage 
inductance is shown in Figure 14.7(b). The magnetic path containing the 
air gap effectively shunts some of the flux generated by one winding 
from reaching the other winding. This design also provides magnetic 
shielding, in that the fringing fields are contained within the body of the 
transformer. 


4 Use the circuit shown in Figure 81 to 
answer the following questions when VS = 
10 volts. 

Questions 
Calculate VC for each of the following values 


B. 10 MQ | 

C. 133 kQ —— 

D. 400 kQ — 

Answers 

A. IB = 01 mA, IC = 10 mA, VC = 0 
volts 


B. IB = 1 pA, IC = 01 mA, VC = 10 volts 
(approximately) 


C. IB = 0.075 mA, IC = 7.5 mA, VC = 25 
volts 
D. IB = 0.025 mA, IC = 25 mA, VC = 7.5 
volts 


5 The values of IC and VC that you 
calculated in problems 1 and 4 are plotted on 
the graph on the left side of Figure 8.2 . The 
straight line connecting these points on the 
graph is called the load line 
Figure 8.2 
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14.7 Loss in transformers 


Large power distribution transformers are designed to have efficiencies around 
99%. Inexpensive transformers are designed with enough efficiency to avoid 
premature burn-out. (Plug-in “wall-wart” transformers can be hot to the touch 
even without a load.) High-frequency transformers have efficiency limits set by 
core materials and the “skin effect” that excludes high-frequency currents from 
the interior of conductors, thus increasing the effective resistance of the windings. 

Resistance of the windings (“copper loss”) is an obvious loss mechanism. We 
have seen that this can be included easily in a transformer equivalent circuit by 
simply putting a resistor in series with the primary and another in series with the 
secondary. 

A magnetic core made of a conductive material such as iron will dissipate 
energy as ordinary FR loss since closed paths in the iron core will act as shorted 
turns around magnetic flux lines. To minimize these eddy current losses, any 
such closed paths are kept short by making the core a stack of thin sheet iron 
laminations separated by insulating varnish or oxide. The core of a toroidal 
transformer can be a bundle of insulated iron wire rings, a stack of varnished 
sheet metal toroids, or a toroid wound of varnished thin metal tape. High- 
frequency transformers use cores made of magnetic particles, held together in 
an inert binder material. Eddy current losses can be included in the transformer 
equivalent circuit as a resistor in parallel with the ideal transformer. 

The final loss mechanism comes from magnetic hysteresis in the core. Ideally, 
the magnetic flux density is proportional to the magnetic force, B = wH, where u 
is the permeability. But B often lags H, as magnetic domains exhibit a kind of 
static friction before they break loose and reverse their direction. As a result, B vs. 
H through the ac cycle forms a closed curve whose included area is the energy 
loss per unit volume per cycle. Hysteresis loss is associated with the magnetizing 
current, since it is the magnetizing current that produces H, which induces B. We 
can therefore include hysteresis loss in the equivalent circuit as a resistor in 
parallel with the magnetizing inductance. This is satisfactory for a power trans- 
former, where the magnetizing current is constant and the frequency is constant. 
But note that the hysteresis loss is proportional to frequency, since the B-H loop is 
traversed once per cycle. It also has a nonlinear amplitude dependence. Thus a 
simple resistor 1s not adequate to model hysteresis loss in a wideband transformer 
or a transformer operating over a range of input voltages. 


14.8 Design of iron-core transformers 


A transformer designer usually strives to find the smallest, lightest, and least 
expensive (usually synonymous) transformer that conforms to a set of electrical 
specifications. To see the issues involved, let us consider the design of a 60-Hz 
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Figure 14.8. lron-core 
transformer geometry. 
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Flux cross-sectional area = ad 


Winding aperture 


power transformer. Suppose the primary voltage is 220 volts rms and the power 
delivered to the load is 500 watts. The efficiency is to be 96% and the magnet- 
izing current must be no greater than the “working” (in-phase) current. 

We will pick a silicon-steel core material for which the maximum flux density 
before saturation, Bmax, is 1.5 webers/m/”. The core, a square toroid, is shown in 
Figure 14.8. For minimum copper loss (neglecting the excitation current) the 
primary and secondary windings will have equal loss and will each occupy half 
of the winding aperture. 

The transformer will be specified by four parameters: the number of turns 
on the primary, N, and the three linear dimensions of the core, a, h, and d. To 
determine these four parameters we must write equations for the maximum B 
field, the loss, and the inductance of the primary winding. Faraday’s law of 
induction gives us the maximum B field: 


d 
Vv = No = NowadB max. (14.3) 


Since the rms primary voltage is 220, Vmax = 220\/2 and we have 
220V2 


max =< 1.5 webers /m/. (14.4) 


The copper loss in the primary winding will be PR, where / is the rms current in 
the primary and R, is the resistance of the winding. The number of turns on the 
primary, N, is given by 


h? /2 
N= EE) (14.5) 
o 
where /7/2 is the winding area for the primary and ø is the cross-sectional area 
of the wire. The mean length per turn is given by 2(a+d+h) so the primary 
resistance is found to be 


go 4pN*(a+d +h) 
p — —— _ OO 


E (14.6) 


As for core losses, the 60-Hz loss for the selected core material (when B,,,,= 
1.5) is 0.6 watts/lb = 11 000 watts/m?. The overall loss is the sum of the winding 
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losses and the core loss. Since this loss is to be 500(1—0.96) = 20 watts, we can 
write 


=20. (14.7) 


500 4oN Aa +d +h 
Losswatts = 11 000(4ad(a + h)) + ( ) 4pN (a +d +h) 


220 h2 


Finally, the specification on the magnetizing current is equivalent to specifying 
that the reactance of the primary, œL, is greater than the equivalent input load 
resistance, or 


220* 


The inductance of the primary, L, can be written as 


uN? (flux area) 


= n 14.9 
mean flux path length aie. 
The mean flux path length, from Figure 14.8, is 4(/+a), so 
uN*ad 
a 14.10 
4(h + a) l ) 


We must use Equations 14.4, 14.7, and 14.8 to find transformer parameters, a, d, 
h, and N that will satisfy the given specifications and minimize the size of the 
transformer. This is not quite as simple as solving four equations in four 
unknowns. The equations are really inequalities and, in general, there will not 
be a solution that simultaneously produces the maximum allowable flux den- 
sity, the maximum allowable loss, and the minimum allowable inductance. 
Instead, this problem in linear programming is most often solved by cut-and- 
try iterative methods, conveniently done using a spreadsheet program. In this 
particular example, such a procedure led to the set of parameters: d= 5 cm, 
a=2 cm, h=5cm and N=580 turns. These dimensions give a core weight of 
5.1 lbs, a loss of 19.3 watts and Bmax of 1.42. The reactance of the primary, 
assuming a relative permeability of 1000, is 5.9 times the input load resistance — 
five times more than the minimum required reactance. Note: in the equations 
presented above, no consideration was made for the space occupied by wire 
insulation and lamination stacking but these can be accounted for by simply 
increasing the value of the winding wire resistivity, p, and decreasing the 
permeability. 


14.8.1 Maximum temperature and transformer size 


The heat generated by a transformer makes its way to the outside surface to be 
radiated or conducted away. The interior temperature buildup must not damage 
the insulation or reach the Curie temperature where the ferromagnetism quits (a 
consideration with high-frequency ferrite cores). “Class-A” insulation materials 
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Figure 14.9. Weight vs. power 
rating for 16 commercial 60-Hz 
power transformers. The data 
points fit the solid line, for which 
(weight in Ibs) = 0.18 (power in 
watts)*/*. 
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Weight (Ibs) 


1 10 100 1-109 1.10% 1-10° 1-108 1-107 


Power (watts) 


(cotton, silk, paper, phenolics, varnishes) are limited to a maximum temperature 
of 105 °C. If reliable theoretical or empirically determined equations are avail- 
able to predict internal temperatures, they can be included in the iterative design 
procedure described above. Rules of thumb can be used, at least as a starting 
point to determine core sizes for conventional transformers. One such rule for 
transformers up to, say, 1 kW is that the flux cross-sectional area of the core (a x 
d in Figure 14.8) in square inches should be about 0.25yPower in watts. 
Transformer weight vs. power rating (from catalog specifications) is plotted in 
Figure 14.9 for sixteen 60-Hz power transformers, ranging from 2.5 watts to 
3 megawatts. 

The solid line, which fits the data, shows that the weight is proportional to the 
power raised to the exponent 3/4. Transformer manufacturers seem to use the 
rule-of-thumb that makes core area proportional to power!” 


the volume and weight being proportional to power””*. 


since this results in 


14.9 Transmission line transformers 


Leakage inductance and distributed capacitance eventually determine the high- 
frequency limit of conventional transformers. For wideband applications we 
cannot simply resonate away these parasitics. Wideband transmission line 
transformers |3] are built like ordinary core-type transformers except that the 
windings are made with transmission line — either a coaxial cable, as shown 
in Figure 14.10, or a bifilar winding. The core must have high permeability 
but modest loss is acceptable (cores in chokes and transformers store little 
energy so high Q is not necessary). The effect of the core is to choke off any 
common-mode current in the transmission line, leaving only differential cur- 
rents. When the transformer is wound with a piece of coaxial cable, as shown in 
Figure 14.10, the core suppresses current flowing on the outside of the shield, 
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Figure 14.10. Transmission line 
reversing transformer. 


14.10 Baluns 
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Ideal 1:1 transformer 


As 


j, 


RL 


(a) (b) 


leaving only the equal and opposite currents on the inside of the shield and the 
inner conductor. 

This circuit is a reversing transformer, 1.€., Vout = —Vin. The polarity flip is 
achieved by reversing the transmission line connections at the load end where 
the center conductor is grounded. Normally this would simply short the gen- 
erator, but the inductance provided by the magnetic core chokes off the other- 
wise short-circuit current. An equivalent circuit model is shown in (b). Here the 
reversal is done with an ideal transformer. The length of the coax is the same, to 
duplicate the additional phase shift between the generator and the load. The 
inductor in parallel with the load represents the inductance of the cable winding 
around the core. At the lowest frequencies, this inductor diverts current from the 
load, just as the magnetization inductance limits the low-frequency response of 
a conventional transformer. At high frequencies, however, the circuit becomes 
just a piece of transmission line and its response does not fall off. There is 
effectively no leakage inductance nor stray capacitances. The time lag through 
the transmission line, however, will shift the phase from the nominal 180° as the 
frequency increases. Nevertheless, if an application calls for a pair of signals, 
identical except for polarity, the “reference” signal can be provided by using an 
identical piece of transmission line to provide an identical delay. 

Transmission line transformers extend the range of ordinary transformers by 
two octaves or more. In addition to this reversing transformer, many other trans- 
formers can be made with the transmission line technique [3, 4]. Commercial 
hybrids good from 0.1 MHz to 1000 MHz use transmission line transformers. 
Miniature transmission line transformers are commercially available as standard 
components. 


A balun is any device that converts a balanced (double-ended symmetric) signal 
into an unbalanced (single-ended) signal. Baluns are commonly used to feed 
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(a) 


Figure 14.11. A symmetric 
dipole antenna fed (a) at the 
antenna feed point, (b) with a 
balanced feedline, (c) with an 
unbalanced coaxial feedline, (d) 
equivalent circuit for (c) showing 
how the antenna is modified by 
current on the feedline, (e) Balun 
provides symmetric feed. 


Generator 


Figure 14.12. Balun operation: 
unbalanced-to-balanced. 


Figure 14.13. Balun operation: 
balenced-to-unbalanced. 
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Balun 
E E 
(c) (e) 


symmetric antennas (e.g., dipoles) from unbalanced coaxial feed lines. 


y 


(b) (d) 


Figure 14.11 shows what happens 1f we feed a dipole directly with a coaxial 
transmission line. In (a), the generator 1s atthe feed point ofthe dipole so there is no 
question of balance or imbalance. In (b), a balanced feedline is used. Everything is 
still symmetric. At any point along the feedline, the current in one side is equal and 
opposite to the current in the other side. The spacing between the conductors is 
very small compared to the wavelength, so “cancellation” assures there is negli- 
gible radiation from the line. In (c) a coaxial line feeds the dipole improperly; the 
shield of the coax tied to the left-hand element of the dipole. An equivalent circuit 
(d) shows how the outer conductor of the coax becomes part of the left-hand dipole 
element. The antenna now has one straight element and one L-shaped element. 
The radiation pattern will not be the intended dipole pattern and there will be RF 
current flowing on the outside of the feedline. In (e) a balun at the end of the 
coaxial feedline provides equal and opposite voltages to each side of the dipole 
and eliminates any current from the outside of the feedline. 

Figure 14.12 illustrates the requirement for a balun; with equal Z; and Z,, 1.e., 
a load structure symmetric with respect to ground, we want V; and V> to be 
equal and opposite with respect to ground. 

The dotted ground symbol indicates that this point of symmetry will have zero 
voltage (when Z; = Z2) and can be grounded if necessary or desirable. Figure 14.13 
shows the equivalent situation with the load at the unbalanced side. When V; and 
V> are in phase (common mode) there must be no excitation of Z. But when V; and 
Və are 180° apart (differential mode) the load, Z, is fully excited. Baluns are 
normally reciprocal devices so the name “Unbal” is not needed. 

From a transmitting standpoint, the balun eliminates common mode current on 
the feedline which otherwise would radiate and affect the pattern of the antenna. 
Figure 14.14(a) shows a reversing transformer used as a balun for this application. 
Note that this balun is also a 4-to-1 impedance transformer since the voltage across 
the dipole is 2V. In Figure 14.14(b), the reversing transformer is replaced by a half- 
wave length of transmission line. The phase shift through this piece of line trans- 
forms V into —V just as the transformer did, but the reversal is only correct over a 
narrow frequency band. (Note that the half-wave line can have any value for Zp.) 

The simple reversing transformer in Figure 14.14(a) can be replaced by 
the wideband transmission line transformer of Figure 14.10. The phase shift 
this transformer picks up at increasing frequencies is compensated by using a 
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Figure 14.14. 4:1 baluns. 


Figure 14.15. Wideband 4:1 
balun made from two 1:1 
transmission line transformers. 


Problems 
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Dipole antenna 


OJ] Unbal. Ba 


(b) (c) 


second transformer, identical except with no reversal, to provide an equal 
frequency-dependent phase shift. The combination of these transformers, con- 
nected in parallel at one end and in series at the other end, as shown in 
Figure 14.15(a), makes a very wideband 4-to-1 balun. 

This is the circuit most often found in the television balun of Figure 14.15(c). 
The transformers are often wound on a “binocular core” (Figure 14.15b). This 
core operates as two separate cores, 1.e., there is nominally no magnetic coupling 
between the two transformers, 7; and T>. For clarity, the figure shows the trans- 
formers wound with only two turns; in practice several turns are used. 


Problem 14.1. Use Equations (14.1) and (14.2) to show that when the primary and 
secondary windings of a transformer are connected in series the total inductance is given 
by L=L¡+L, +2M where M, the mutual inductance, is given by M = k/L¡L and the + 
changes when one of the windings is reversed. (This is a standard method for measuring 
mutual inductance.) 


Problem 14.2. Consider the following transformer: £,=0.81 H (inductance of the primary 
winding), L,=1H (inductance of the secondary winding), k=0.9 (coupling coefficient). 

(a) If the secondary is open circuited and 1 volt (ac, of course) is applied to primary, 
show that the secondary voltage is 1 V. (b) If the primary is open circuited and 1 volt is 
applied to the secondary, show that the primary voltage is 0.81 V. 
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Problem 14.3. Calculate the low-frequency cutoff (half-power frequency) for a resis- 
tive load coupled by a particular transformer to a generator. The transformer has perfect 
coupling and a 1:1 turns ratio. The source and load impedances are both 100 ohms and 
the reactance of the transformer primary is 50 ohms at 20 Hz. 


1:1 
100 | 166 Vout 
Vg 


Problem 14.4. Upgrade your ladder network analysis program (Problem 1.3) to handle 
conventional transformers. Let the transformer be specified by its primary inductance, 
secondary inductance, and coupling coefficient. 

Example answer: For the MATLAB example solution given in Problem 1.3, add the 
element, “XFRMR” by inserting the following sequence of statements in the “elseif 
chain”: 


elseif strcmp(component,‘XFRMR’ )== 

ckt_index=ckt_index+1; Lpri=ckt{ckt_index}; primary inductance 
ckt_index=ckt_index+1; Lsec=ckt{ckt_index};% secondary inductance 
ckt_index=ckt_indext+l1; k=ckt{ckt_index}; coupling coefficient 
V=V+1* (13 *w*Lsec* (1-k*2) ) ; 

ratio=sqrt(Lpri/(k*2*Lsec) ); 

V=V* ratio; l=I/ratio; 

I=I+V/(1]*w*Lpri); 


Problem 14.5. A lossless transformer is placed between a 50-ohm signal generator 
and a 4.5-ohm load. (a) Use your ladder network analysis program (or an equivalent 
program) to plot the relative power at the load vs. frequency. Use the following 
parameters: primary inductance=100uH, secondary inductance=10uH, coupling 
coefficient k=0.9. (b) Find the values of a capacitor to be shunted across the primary 
(i.e., in parallel with the magnetizing inductance) and another capacitor to be placed 
in series with the secondary (1.e., in series with the leakage inductance) so that the 
magnetizing and leakage inductances will be cancelled (resonated out) at 0.5 MHz. 
Plot the resulting frequency response to verify that the transmission is now perfect at 
0.5 MHz. 


Problem 14.6. When a power transformer is first turned on, i.e., connected to the 
line, there is sometimes an initial inrush of current strong enough to dim lights on the 
same circuit and produce an audible “grunt” from the transformer itself. Decide 
whether this effect is strongest when the circuit is closed at a zero crossing of the 
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line voltage or at a maximum of the line voltage. (This involves the magnetizing 
inductance of the transformer so simply analyze the transient when an inductor is 
connected to an ac line.) 


Problem 14.7. (a) Suppose you have a power transformer designed to be fed from 220 
V, 60 Hz but you want to use it in a country where the power line supplies 220 V, 50 Hz. 
Why is the transformer likely to overheat when fed with 50Hz power? Consider the 
magnetizing current, copper losses, and core losses. (b) Consider the reverse situation. 
Would there be any mechanism to cause extra power dissipation if a 50 Hz transformer is 
used on a 60 Hz line? 


Problem 14.8. Two identical perfectly coupled 1:1 transformers are connected in 
series, 1.e., the secondary of the first 1s connected to the secondary. The primary and 
secondary inductances of each transformer are L. Show that this combination is equiv- 
alent to a single transformer and find its magnetizing inductance L’. If you enjoy algebra, 
assume the transformers are not perfectly coupled and find £' and K. 


Problem 14.9. Consider a lossless transformer with primary and secondary inductan- 
ces Lı and L2. Suppose the coupling coefficient has a value that results in a 1:1 ideal 
transformer in the transformer’s equivalent circuit. Find the values of the magnetizing 
inductance and the leakage inductance. 


Problem 14.10. The transformer in the figure has a turns ratio of 1:1. The primary and 
secondary inductances are both L. The amplitude of the sine wave from the generator is 
Vo. Assume the transformer has no leakage inductance. Find an expression for the current 
in the resistor. Hint: use the equivalent circuit for the transformer: an inductor together 
with an ideal transformer. 


1:1 
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Hybrid couplers 


Hybrid couplers, also known as hybrid junctions or simply “hybrids,” are 
lossless passive four-port devices used to make interconnections between 
circuit elements. Hybrids are used as power dividers (“signal splitters”) and 
combiners. They are also used in mixers and TR (transmit/receive ) switches. A 
useful schematic representation for a hybrid, Figure 15.1, shows the four 
connection points (ports). 

RF hybrids usually have unbalanced ports designed for coaxial transmission 
lines, so all four ports share a common ground, indicated in Figure 15.1 by a 
dotted ground symbol (usually not shown). Each port has a characteristic 
impedance. Most packaged RF hybrids with coaxial ports are made so that 
the characteristic impedance of all four ports is 50 or 75 ohms. The symbol in 
Figure 15.1 shows signal flow paths; power incident on Port 1 splits and exits 
through Ports 2 and 3. If both of these ports are properly terminated there will be 
no reflections and the impedance seen looking into Port 1 will be equal to the 
characteristic impedance of that port. In this case no power will reach Port 4 as 
opposite ports are isolated. But if Port 2 and/or Port 3 are not terminated in their 
own characteristic impedances, the power exiting these ports will be partially or 
completely reflected back into the hybrid. The reflection, which depends on the 
mismatch, is calculated exactly as if the power had exited from a transmission 
line whose impedance is equal to that of the respective port. Any power 
reflected back into the hybrid splits and follows the signal paths, just as if it 
had come from an external source. You can see that, with arbitrary terminations 
and arbitrary signals, the situation could become complicated. But usually we 
deal with continuous wave (cw) sinusoidal signals so, rather than analyze 
multiple reflections in the time domain, we only have to solve for the forward 
and reverse wave amplitudes on each of the four internal paths. In most 
applications, things are even simpler; hybrids usually have proper terminations 
and the signal flows are simple and can be determined by inspection of the 
signal flow diagram. 


10 mA 


Ve ¿TA 
The axis labeled VC represents the voltage 
between the collector and the emitter of the 
transistor, and not the voltage between the 
collector and ground. Therefore, this axis 
should correctly be labeled VCE , as shown in 
the graph on the right of the figure. (For this 
circuit, V CE = V C because there Is no 
resistor between the emitter and ground.) 
Questions 
A. At point A in the graph on the right, is the 
transistor ON or OFF? = — 
B. Is it ON or OFF at point B? 
Answers 
A. ON because full current flows, and the 
transistor acts like a short circuit. The voltage 


drop across the transistor is O volts. 
B. OFF because essentially no current flows, 
and the transistor acts like an open circuit. 
The voltage drop across the _ transistor ls at 
its maximum (10 volts, in this case). 

6 Point A on the graph shown in Figure 
8.2 is Called the saturated point (or the 
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15.1 Directional coupling 


Y 
/ 
l 


PFI 3 


Figure 15.1. Schematic symbol 
for a hybrid coupler. 


From inspection of the signal paths in Figure 15.1, we see that with the ports 
matched and with power flowing from Port 1 to Port 2 there will also be power 
flowing out of Port 3 but none out of Port 4. If the power is now reversed, to flow 
from Port 2 to Port 1, there will be power flowing out of Port 4 but none from Port 
3. Port 3 is therefore coupled to power flowing from 1 to 2. Likewise, Port 4 is 
coupled to power flowing from 2 to 1. Therefore, a hybrid is a directional coupler, 
and can be used to determine how much power is flowing in each direction on a 
transmission line. Here we will use the term hybrid only for 3-dB directional 
couplers, 1.e., directional couplers that split the incident power in half. 


15.2 Transformer hybrid 


Figure 15.2. Transformer 
hybrid. 


The name hybrid transformer was first applied around 1920' to the simple 
center-tapped transformer shown in Figure 15.2. The primary winding has N 
turns while each half of the secondary winding has N/v2 turns. For this 
transformer hybrid (hybrid composed of a transformer), the characteristic 
impedances of Ports 1, 2, and 3 are equal and are twice the impedance of Port 
4. (Here the port impedances are R, R, R, and R/2, where the value of R is 
arbitrary, as long as the transformer behaves as an ideal transformer, 1.e., 1ts 
magnetizing inductance has a reactance substantially larger than R.) 

Let us confirm that this circuit has the power splitting and isolation characteristics 
of a hybrid. First consider a signal connected to Port 1. If Ports 2 and 3 have identical 
terminations, they will have equal and opposite voltages. The voltage at Port 4, since 
itis midway between the voltages at Ports 2 and 3, must be zero and Port 4 1s indeed 
isolated from Port 1. Next note that a signal applied to Port 4 will appear unchanged 
at Ports 2 and 3 but will not appear at Port 1. (The currents to Ports 2 and 3 are in 
opposite directions so there is no net flux in the transformer to provide a voltage at 
Port 1 or produce an 1X drop.) You can verify that Ports 2 and 3 are also isolated 
from each other (see Problem 15.1). Figure 15.2 also shows the symbol appropriate 


2 
2 
1 
NW2 A 
N 4 = 1 <> 4 
NW2 2d 
3 
3 


' The origin of the term seems to be lost — a hybrid of what? — but it came from the telephone 
industry, where the terms hybrid transformer and hybrid coil were both common. 
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Figure 15.3. Hybrids allow full- 
duplex communication over a 
single line. 
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Receiver 


Microphone 


(a) (b) 


for this hybrid. The labels 0, 0, 0, and 180 indicate the phase shifts through the 
respective branches. A signal incident on Port 1, for example, appears at Port 2 with 
the phase unchanged (shifted 0%) and at Port 3 with its polarity inverted (shifted 
180°). Any hybrid with these four phase shifts is called a 180° hybrid. 


15.2.1 Applications of the transformer hybrid 


In telephony or other wired communication, hybrids allow a transmission line to 
carry independent signals in each direction. Figure 15.3 shows two telephone 
circuits. In the simple series circuit of Figure 15.3(a), each user hears his own 
voice as well as the voice from the other end. In the circuit of Figure 15.3(b), 
hybrids isolate each receiver from its own microphone. 

If we are using the transformer hybrid of Figure 15.2, we would terminate 
Port 4 with a resistor of value Zọ/2, where Zp is the characteristic impedance of 
the phone line. The microphones and receivers must have impedances equal to 
Zo. This arrangement provides two-way signaling , “full duplex,” over a single 
cable.” 

The circuit of Figure 15.4 uses two hybrids and two amplifiers to make a 
bidirectional repeater for a long (lossy) line. Here the hybrids let the signals in 
each direction be independently amplified without feedback and consequent 
oscillation. 

It is convenient to make the characteristic impedances be the same for all four 
ports of a general-purpose hybrid. The transformer hybrid, fixed up to have 
equal impedances, is shown in Figure 15.5. This is the kind of circuit found 
inside an off-the-shelf wideband 3-dB hybrid. Transformer hybrids made with 
toroidal cores (ferrite beads) can work over large bandwidths, e.g., 10 KHz to 
20 MHz and 1 MHz to 500 MHz. 


* In telephony, the circuit is deliberately unbalanced — just enough so that the users, hearing their 
own voices or ambient noise, will sense that the call is connected, but not enough that the users 
hold the receiver (and hence the microphone) away from their heads. Of course cancellation 
should be as great as possible when this kind of full-duplex circuit carries two-way digital data. 
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Figure 15.4. Two-way Forward path 
telephone repeater for long 
lines. 
Reverse path 
Figure 15.5. Two-transformers 2 


make a hybrid with the same 
impedance at all four ports. 


Hybrids are often used in circuits like those illustrated above, as well as signal 

splitting and combining, where one port is terminated in its characteristic impedance. 

An easy way to terminate Port 1 of the hybrid of Figure 15.5 is to put a resistor of 

Figure 15.6. Internally value 2Zo between Ports 2 and 3. When this is done, the Port 1 winding on the hybrid 


terminated hybrid is a two-way transformer can be eliminated. The resulting circuit, shown in Figure 15.6a, is 
splitter/combiner. 


27, 


/ 


Internal 
termination 


(a) (b) (c) 
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commonly found in the signal splitters used to connect two receivers to a single 
antenna (c) and in other packaged 2:1 splitter/combiners. When it is acceptable for 
the impedance of Port 4 to be Z)/2, the right-hand transformer can be omitted, and 
the hybrid consists only of the center-tapped hybrid coil. 


15.3 Quadrature hybrids 


PAL. 
DE 


Figure 15.7. Symbol for a 90° 
hybrid. 


The transformer hybrid is naturally a 180° hybrid. Other circuits are natural 90° 
hybrids, the symbol for which is shown in Figure 15.7. 

Let us look at an interesting application of the 90° hybrid (often called a 
quadrature hybrid). Here the internal phase paths are zero and 90°. A 90° path 
means a phase shift equal to that produced by a quarter-wave length of cable. 
For circuit analysis, one deals with hybrids in terms of voltages. We will 
consider the hybrid to be connected to transmission lines (of the same impe- 
dance as the hybrid) in order to describe the signals in terms of incident and 
reflected waves. A signal incident at Port 1 will be split equally into signals 
exiting Ports 2 and 3. Since the power division is equal, the magnitudes of the 
voltages of the signals exiting Ports 2 and 3 will be 1/v2 times the magnitude 
of the incident voltage. The phases of the exiting signals will be delayed as 
indicated on the symbol for the hybrid. For the hybrid of Figure 15.7, the 
signal exiting Port 3 has no additional phase shift but the signal exiting Port 2 
is multiplied by e 77%. Suppose a signal is also incident at Port 4. It will also 
split into signals exiting from Ports 2 and 3. The total voltage of the waves 
exiting Ports 2 and 3 is just the superposition of the waves originating from 
Ports 1 and 4. 


15.3.1 Balanced amplifier 


A common application for 90° hybrids is the balanced amplifier circuit shown 
in Figure 15.8. As long as the two amplifiers are identical they can have 
arbitrary input and output impedances but the overall circuit will have input 
and output impedances of Zo. 

To see how this happens, suppose that the hybrids are 50-ohm devices but 
that the input impedance of the amplifiers is not 50 ohms. Imagine that the 
interconnections are made using 50-ohm transmission line. The input lines have 
equal lengths and the output lines have equal lengths. The amplifiers are 
identical so the two signals have equal phase changes upon reflection. An 
input signal is split by the input hybrid; half the power will be incident on the 
top amplifier and half on the bottom amplifier. But reflections from the ampli- 
fiers will be out of phase by 180° when they arrive back at the input of the hybrid 
because the signal on the upper path will have made a round trip through the 
90° arm of the hybrid. The two reflections therefore cancel and there is no net 
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Figure 15.8. A balanced 
amplifier has constant input and 
output impedances. 
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reflection. The input impedance of the overall amplifier will be the character- 
istic impedance of the hybrid (the value of the resistors, if transformer hybrids 
are used). The output side works the same way, and this combination of two 
arbitrary but identical amplifiers produces an amplifier with ideal constant input 
and output impedances. 


15.4 How to analyze circuits containing hybrids 


Figure 15.9. An example circuit 
problem: finding the impedance 
looking into Port 1. 


Let us work out an example problem to illustrate the way voltages are added in 
the manner of transmission line analysis. In Figure 15.9, a 50-ohm hybrid has 
arbitrary impedances, Z and Z3 terminating Ports 2 and 3. Port 4 is terminated 
in 50 ohms, so no power exiting Port 4 will be reflected back into the hybrid. We 
want to find the impedance seen looking into Port 1. Rather than work directly 
with impedances, we work with the equivalent reflection coefficients, I = (Z 
—Zo)/(Z+ Zo). Once we have found Iin, it can be converted to Zin. The input 
signal is denoted by the forward arrow at Port 1. We will give it unity amplitude. 


V2. -iN2 T, 


—_—_——_> 


WW2 1/2 13 


The signal incident on Z, is therefore (1/yv2)e39? = —¡/y2 where 1/v2 is 
the reduction in amplitude due to the equal power split and —7/2 is the phase 
shift of the 90° path between Ports | and 2. The signal reflected back into Port 2 
is [—jv2] I>, i.e., the signal incident on Z) multiplied by the reflection coef- 
ficient of Z2. This reflected signal will split as it enters Port 2 and its contribution 
to the wave leaving Port 1 will be its amplitude multiplied by (1/v2)e%2 as it 
is split and phase shifted by the 90° path or [ —j(.,/2)][2. x —j(./2) = —T3/2. 
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Figure 15.10. A balanced 
amplifier built with 180” hybrids. 


Figure 15.11. Conversions 
between 90” and 180” hybrids 


Hybrid couplers 


90° line 


90° line 


Ez 


Similarly, the contribution to I’ from the reflection at Z3 is I3 /2, and the overall 
reflection is given by I = —T'7/2 + T3 /2, which solves the problem. The reader 
can work out the general case where Port 4 is also terminated by an arbitrary 
impedance, Z4. Hint: let V2, V3, and V4 be the wave amplitudes flowing out of 
Ports 2, 3, and 4. The waves flowing into these ports will therefore have 
amplitudes I-22, 3V3, and ['4V4. By examination of the circuit, write three 
equations for V>, V3, and V4, the three unknowns. 

A balanced amplifier can also be built with 180° hybrids if two 90° lines are 
added as shown in Figure 15.10. 

This use of cables to allow substitution of 180° hybrids for 90° hybrids in this 
circuit can be taken much farther; any hybrid can be converted to any other 
hybrid by adding lengths of transmission line to the ports. Figure 15.11 shows 
how to convert a 180° hybrid into a 90° hybrid and vice versa. 


15.5 Power combining and splitting 


An obvious way to power N loads from a single 50-ohm source is to transform 
the impedance of each load to 50N +j0 ohms and then connect the transformed 


Figure 15.12. Hybrids used as 
power combiners. 


15.5.1 Hybrid trees 
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loads in parallel across the generator. However, if any load changes, the power 
delivered to the other loads will change. A similar argument applies to combin- 
ing the power from several sources: if any source changes amplitude or phase, 
the combined output will change. Hybrids provide a way to combine or split 
power without using impedance transformation and in a way that isolates 
multiple sources or multiple loads from each other. 

To use a hybrid as a two-input power combiner, the unused port is terminated, 
either externally, as shown in Figure 15.12 or internally, as shown in 
Figure 15.6. The two signals to be combined should have equal amplitudes, 
as well as the correct phase relationship, to steer the total available power into 
the desired port. If the phase difference is changed by 180°, all the power will 
flow into the terminated port. Note that if one source fails, the other source will 
not know it; it still sees a matched load. This provides a fail-safe circuit, 
although the power output will drop by 75%. 

When a hybrid is used to combine two signals of different frequencies, as in 
Figure 15.12(b), half the power of each signal will always be lost in the 
terminated port. Circuits to combine signals of different frequencies without 
loss are known as diplexers. (How would you make one?) 

Power splitting is, of course, just time-reversed power combining. When 
hybrids are used as splitters and the source impedance is equal to the port 
impedance, the signal at any output port will remain constant when the loads on 
the other output ports are removed, shorted, or changed in any way. 


Trees of hybrids are often used to make multi-input combiners or multiple- 
output splitters, as shown in Figure 15.13. High-power transmitters often 
use such tree structures to combine the power of many low-power solid-state 
amplifiers. 

These trees have the same advantages as single hybrids, when used for power 
combining or splitting. A 2“-to-1 combiner/splitter has 2‘ —1 internal hybrids. 
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Figure 15.13. A tree of hybrids. 


15.6 Other hybrids 


Hybrid couplers 


If you buy a three-way TV antenna splitter, you may find that each output 
provides only one quarter, rather than one third of the input power. What would 
have been a fourth output port is internally terminated. Or, if the splitter contains 
two hybrids, one output port can supply half the input power while the other two 
output ports can each supply one quarter of the input power. 


There are many ways to make hybrids without transformers. Most of them are 
circuits whose elements are transmission lines or capacitors and inductors. 
Unlike the ideal transformer hybrid, these hybrids are all frequency dependent — 
perfect hybrids only at their center frequency. However, most have a useful 
bandwidth of about an octave, which is usually sufficient for RF and microwave 
applications. You can use straightforward circuit analysis to analyze these 
hybrids. 


15.6.1 Wilkinson power divider (or combiner) 


This hybrid, shown in Figure 15.14 (in a 50-ohm version), uses two quarter- 
wave pieces of 70.7 (50\/2) ohm transmission line. It has only three external 
ports; the fourth port is internally terminated, that is, connected to a load equal to 
its characteristic impedance. 

It is easy to see that power applied to Port 1 will divide between Ports 2 and 3. 
By symmetry, the voltages at Ports 2 and 3 must be identical so no power is 
dissipated in the internal termination. Fifty-ohm loads at Ports 2 and 3 are 
transformed by the 90° cables to 100 ohms. The parallel connection of 100 
ohms and 100 ohms at Port 1 produces the desired 50-ohm input impedance. 
The Wilkinson divider is usually classified as a 180° hybrid since its outputs 
have the same phase, even though this phase is 90° rather than 0°. 
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Figure 15.14. Wilkinson power 
divider. 
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15.6.2 Ring hybrid 


The ring hybrid, shown in Figure 15.15, uses four pieces of transmission line. To 
have 50-ohm ports, the hybrid must be built from 70.7-ohm transmission line. 


Figure 15.15. Ring hybrid. 


Branch-line hybrids 
These are ladder networks made of quarter-wave lengths of transmission line. 
The simplest is shown in Figure 15.16. More complicated versions have more 
branches and provide more bandwidth. 


Figure 15.16. Branch line 
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15.6.3 Lumped element hybrids 


Figure 15.17. Two lumped- 
element hybrids. 


Two examples of 50-ohm lumped element hybrids are shown in Figure 15.17. 
These two circuits are obtained by replacing the Zo and Zo/v2 arms of the 
simple branch line hybrid with the pi (or T) lumped circuit impedance inverters 
discussed in Chapter 13. 
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15.6.4 Backward coupler 


The backward coupler is shown in Figure 15.18 in shielded pair and stripline 
versions. The coupled transmission lines have both electric and magnetic 
coupling. When power flows from left to right, between Ports 1 and 2, coupled 
power flows left (backwards) out of Port 3. This type of coupler can be designed 
so that the voltage coupling coefficient, c, between Ports 1 and 3 is anywhere 
between 0 and 1. If designed for c = 1/v2, the coupler is a hybrid (a 3-dB 
directional coupler). This coupler can be analyzed in terms of its common mode 
and differential characteristic impedances, Zcm and Zpyjrp, Which are defined as 
follows. Ifthe two inner conductors are driven together as a single (though split) 
center conductor, the characteristic impedance of the line is Zem. When the 
two inner conductors are regarded as a balanced shielded transmission line, 
its characteristic impedance is Zpjrr. Two equivalent parameters are defined: 
Zeven = 2 Zem and Zopp = Zprrr/2. Analysis using simultaneous forward and 
reflected common mode and differential mode signals (see Problem 15.8) 
produces the formulas: 


Zopp = Zo([1 — c]/[1 + c])'? and Zeven = Zo([1 + cl /[1 —c])'? (15.1) 


saturation point ) because it is at that point 
that the collector current is at its maximum. 

Point B on the graph shown in Figure 8.2 is 
often called the cutoff point because, at that 
point, the transistor is OFF and no collector 
current flows. 


In regions X and Y, the gain (GB) is not 
constant, so these are called the nonlinear 
regions . Note that B = IC /I B . Therefore, B 
is the slope of the line shown in the graph. 

As a rough guide, V 1 is approximately 1 
volt, and V 2 is approximately 1 volt less than 
the voltage at point B. 

Question 


What is the value of V CE at point B? 
Answer 
VCE = VS, which ts 10 volts in this case. 


7 In region Z of the graph shown In 
Figure 8.2 , B (that is, the slope of the 
graph) is constant. Therefore, this is called 
the linear region . Operating the transistor In 


the linear region results in an output signal 
that is free of distortion. 

Question 

Which values of IC and V C would” result in 
an undistorted output in the circuit shown In 
Figure 8.1 ? 


A. IC = 9 mA VC = 1 volt 
B IC = 1 mA, VC = 9 volts 
C. IC = 6 MA, VC = 45 volts 


Answer 
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Figure 15.18. Backward 
couplers (coupled transmission 
line hybrids). 


Figure 15.19. Waveguide 
magic-T hybrid. 


Problems 
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where Zo 1s the desired port impedance. However, these are only indirect design 
formulas, since electromagnetic analysis is needed to find physical dimensions 
to produce the required values for Zopp and Zeven. 

The magic-T of Figure 15.19 1s a four-port waveguide junction that combines 
an £-plane tee junction with an H-plane tee junction. This waveguide hybrid, 
whose operation is surprisingly simple, is discussed in Chapter 16. 


Problem 15.1. Verify for the transformer hybrid of Figure 15.2 that Port 2 is isolated 
from Port 3, 1.e., show that with a generator connected to Port 3, the voltage at Port 2 will 
be zero provided the impedance terminating Port 1 is twice the impedance terminating 
Port 4. 


Problem 15.2. Explain why the duplex telephone circuit and the two-way telephone 
repeater could be built with either 90° or 180° or any other hybrids. 


Problem 15.3. (a) Calculate the overall gain of the balanced amplifier of Figure 15.8 if 
the (identical) individual amplifiers each have gain Gp. (Answer: Go) 

(b) Calculate the overall gain if one of the interior amplifiers is dead, 1.e., has zero 
gain. (Answer: Go/4.) 


Problem 15.4. The 50-ohm hybrid shown below is properly terminated by 50-ohm 
resistors on two of its ports. The third port is terminated by a 25-ohm resistor. Ifa 50-ohm 
generator is connected to the remaining port, what fraction of the incident power will be 
reflected back into the generator? (Answer: 1/36.) 
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25 ohms 


50 ohms 


50 ohms 


Problem 15.5. In the figure below, a 50-ohm hybrid is fed power from two amplifiers. 
The signals from these amplifiers have the same frequency and the same phase but the 
upper amplifier supplies 1 watt while the lower amplifier supplies 2 watts. In this 


seemingly unbalanced configuration, how much power reaches the load resistor? 
(Answer: 2.91 watts.) 


2 watts 


Problem 15.6. Four identical 1-watt amplifiers and six hybrids are used to make a 4- 
watt amplifier. If one of the interior amplifiers fails, how much power will be delivered to 
the load? (Answer: 2.25 watts.) 


Problem 15.7. Design an op-amp circuit to replace the telephone hybrids in 
Figure 15.3(b). Put a low-value resistor in series with the line so that a differential 
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amplifier will produce a voltage proportional to the current x Zo. Use op-amps to produce 
signals that are the sum and difference of this voltage and the line voltage. 


Problem 15.8. Analyze the coupled-line hybrid to derive Equations (15.1) and (15.2). 
Let V,(z) and V,,(z) denote respectively the voltages on the bottom conductor and top 
conductors. You can write these voltages as the superposition of a common-mode 
(“even”) wave and its reflection plus a differential-mode (“odd”) wave and its reflection. 
Putting z=0 at the right-hand end, confirm that these voltages take the form 


V(x) = Vee + Vered + Ye + Vole 


Vela) = Vee + VT — Voe t — Y Tye* 


where, as usual, k= 27/4. The reflection coefficients, IF. and Fo, are calculated in terms of 
the even and odd characteristic impedances, Z, = 2 Zem and Zo = Zpırr/2, in the usual 
way, 1.€., Deo = (Zo — Ze.0)/(Zo + Ze.o) (See Chapter 10). Note that Zo is the load impedance 
for the even and odd waves. 


z=—-\/4 z=0 


Assume a unity amplitude wave incident at Port 1, 1.¢e., V,(— 4/4) = 1. The voltage at the 
isolated port must be zero, 1.e., V,(0)=0. Use these two equations to find V, and Vo. Then 
use V, and Vo to show that the coupled voltage, V3 = V,(— 2/4) is given by c=(Z.-Z,)/ 
(Z.+Z,). Finally, impose the (match) condition that J; = 1/Zo, 1.e., LC 4/4))= 1/20, to 
show that Z.Z = Zo”. 


Montgomery, C. G., Dicke, R. H. and Purcell, E. M., Principles of Microwave Circuits, 
Volume 8 of the MIT Radiation Laboratory Series, New York: McGraw Hill, 1948. 
Reprinted London: Peter Peregrinus, 1987. 


CHAPTER 


Waveguide circuits 


In this chapter we examine rectangular metal waveguides and, in particular, their 
most common mode of operation, the fundamental “TE y” mode. We will also see 
how the concepts developed for two-conductor transmission lines apply to wave- 
guides and look at waveguide versions of some low-frequency components. 

The ability of a hollow metal pipe to transmit electromagnetic waves can be 
demonstrated by holding 1t in front of your eye. You can see through it, so, at least, 
it passes electromagnetic waves of extremely short wavelengths. From a purely 
dimensional analysis, you would guess correctly that the longest wavelength a pipe 
could transmit must be of the order of the pipe’s transverse dimensions. It turns out 
that, for propagation in a rectangular pipe, the free-space wavelength, c/f, must be 
less than twice the longer transverse dimension and, for a circular pipe, less than 
1.706' times the diameter. Waveguides have less loss and more power handling 
capacity than coaxial lines of the same size and they need no center conductor nor 
insulating structures to support a center conductor. Metal waveguides are used most 
often in the range from 1000 MHz to 100 GHz, where they have practical dimen- 
sions. Waveguides for optical frequencies are coated glass fibers. 


16.1 Simple picture of waveguide propagation 
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A common RF engineering argument for the plausibility of transmitting electro- 
magnetic waves through a hollow metal pipe is shown in Figure 16.1, where a 
two-conductor transmission line evolves into a waveguide. Quarter-wave 
shorted stubs are added to the line. Since a shorted quarter-wave line presents 
an open circuit, these stubs do not short the line. More stubs are added to both 
sides until a rectangular pipe is formed. 

This plausibility argument, while not rigorous, does illustrate some impor- 
tant properties of waveguide propagation in the fundamental mode (the 


' The factor 1.706 is 1 /1.841, where 1.841 is the smallest root of the equation d/dx J,(x)=0 and J; (x) is 


the first-order Bessel function of the first kind, a function whose shape resembles sin(x)/(x +1)". 
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Figure 16.1. Transmission line- simplest and lowest frequency mode): the electric field, which is essentially 


to-waveguide evolution. Shorted vertical between the conductors in Figure 16.1(a), becomes perfectly vertical 
quarter-wave stubs do not short 


dia in the waveguide, though its magnitude must fall to zero at the waveguide’s 
the transmission line. 


sides, since the metallic walls short out any tangential electric field. And, just 
as the conductors of the transmission line of Figure 16.1(a) can have any 
separation and still support wave propagation, the waveguide of Figure 16.1(d) 
can have any height. The width, however, 1s critical. The total width of the 
guide must be at least 2/2 to accommodate a quarter-wave stub on each side 
and still have nonvanishing conductor strips, as shown in Figure 16.1(c). This 
means that there is a low-frequency cutoff; wave propagation is not possible if 
the wavelength is greater than 2a where a is the waveguide width (the longer 
dimension). 

Standard waveguide designations indicate the shape and size of the guide. 
WR430, for example, denotes “Waveguide, Rectangular,” 4.3 inches (10.9 cm) 
wide. The standard width-to-height ratio 1s two-to-one. (While the height of the 
guide can be made arbitrarily small, the waveguide will become increasingly 
lossy because, for a given power, the currents increase.) One of the largest 
standard waveguide sizes, WR2300, with a width of 23 inches (58.4 cm), has a 
low-frequency cutoff of 257 MHz. One of the smallest, WR3, with a width of 
0.03 inches (0.076 cm), has a low-frequency cutoff of 197 GHz. 

For a standard (width = 2 x height) waveguide, the fundamental mode, called 
the TE ¡y mode, is the only possible mode for frequencies above the low-frequency 
cutoff and below twice the low-frequency cutoff. Other modes exist above this 
one-octave range. At frequencies where higher modes are possible, these modes 
can be unintentionally excited at sharp bends, robbing power from the desired 
mode. This power does not couple properly to circuit elements designed for the 
fundamental mode and dissipates in the walls. Whenever possible, a microwave 
system designer therefore tries to use only the fundamental mode. 

The essential details of this most important mode are derived and discussed 
below. 


16.2 Exact solution: a plane wave interference pattern matches 
the waveguide boundary conditions 


Exact solutions for the E and B fields within waveguides of arbitrary shape 
are normally deduced through a head-on assault using Maxwell’s equations. 
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(a) 


Figure 16.2. Superposition of 
two plane waves (a) produces an 
interference pattern (b) 
streaming in the z-direction. One 
(or more) columns of that 
pattern satisfies waveguide 
boundary conditions (c). E is in 
the x-direction (coming out of 
the page). 
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One column of the 
interference pattern 
fits into waveguide 


E-field lines 


(c) 


However, for rectangular waveguides, an exact solution can be obtained indi- 
rectly by setting up two plane waves in empty space. 

A single plane wave satisfies Maxwell’s equations inside a waveguide, but 
cannot satisfy the boundary conditions at the metal walls. However, the super- 
position of two properly chosen plane waves forms a traveling interference 
pattern which does satisfy the boundary conditions and is therefore a valid 
solution to the waveguide problem. This solution technique can be compared 
with the “image charge” method in electrostatics, often introduced as a techni- 
que to solve for the electric field when a point charge sits alone above an infinite 
metal sheet. An equal but opposite charge is placed at the mirror image point 
behind the sheet and the sheet is removed. The electric field lines connecting the 
charges pass perpendicularly through the x—y plane, satisfying the boundary 
condition that the E field must be perpendicular when intersecting a conducting 
surface. The superposition of the two fields, that of the actual charge and that of 
the image charge, is the solution to the original problem. 

Here we construct a solution by superposing two plane waves, identical 
except for their propagation directions. Both plane waves will be polarized in 
the x-direction, 1.e., their electric fields are in the x-direction. Since electro- 
magnetic waves in free space are transverse waves, the propagation vectors, kı 
and kz,” corresponding to these waves must both lie in the yz plane, as shown 
in Figure 16.2(a). 

The first wave, with propagation vector k,, travels in the NNE direction, 
while the other, k2, travels NNW. In (b), the plane waves are drawn as streams 
with finite width. Contour lines of the electric field are perpendicular to the 
directions of propagation. Figure 16.2(b) shows that, in the area where the 
streams overlap, the sum of the individual electric fields produces an interfer- 
ence pattern consisting of columns of cells which stream northward in the 
z-direction. If we could watch two waves come together in the ocean, we 


2 By definition, the propagation vector, k, is in the direction of travel, i.e., perpendicular to the 
wavefront, and has magnitude |k| = 27/A. 
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would see them produce this interference pattern. As the streams leave the 
overlap region, they recover their original plane wave form. In the interference 
pattern, the contour lines of constant E resemble squared-off ovals. (Remember 
that E is always perpendicular to the page; the oval-like figures are contours of 
field strength; they are not field lines.) 

The pattern formed by a column of cells (Figure 16.2c) solves the waveguide 
problem if the width of the cells is equal to a, the width of the waveguide. Why 
is this a solution? First, the electric field at the side walls is zero at all times, 
satisfying the boundary condition that, at a conducting wall, there can no 
parallel electric field. Second, the electric field is always in the x-direction, so 
it is perpendicular where it intersects the top and bottom walls, satisfying the 
boundary on those walls as well. Third, each plane wave and therefore their 
sum, is a solution to Maxwell’s equations in empty space, 1.e., the interior of the 
waveguide. What about all the columns of cells outside the boundary of the 
waveguide? We can forget them, just as we ignore the electric field on the image 
charge side of the x—y plane in the electrostatic example. 

Let us apply a little algebra to find the wave’s propagation vector, cutoff 
frequency and phase velocity. Let k denote the magnitude of kı and kz so that 
ki = kcos(0) Y +ksin(0)2 and k = —kcos(0) P + ksin(0) 2. The electric 
field is the sum of the fields of the two waves, 1.e., 


= xa ot—k,-r È; ot—k>-r 
E(r,t) = e +e ) (16.1) 
where the vector r denotes position in the yz plane and E is a constant equal to 
the twice maximum electric field of each wave. The amplitudes, —E/(2}) and 
E/(2}), have been chosen so that y=0 will be a column boundary and also to 
phase the E field to be maximum at z= 0 when t= 0. Substituting the expressions 
for kı and k2, we have 


E = E AO E A O 
= Esin(ky sin 9) 0-2 8 9), (16.2) 


As always, it is the real part of E that is the actual electric field. Note that all the y 
dependence is contained in the expression sin(ksin(0) y). This is independent of 
t, so, in the y-direction, the diffraction pattern is a standing wave. The z and t 
dependence, however, are contained in the wave factor 920050 so the entire 
diffraction pattern propagates in the (+z)-direction with an effective wavevector 
Kguide = k cosO. For a wave of a given frequency, we can find the value of @ that 
satisfies the side-wall boundary condition. Suppose that the bottom wall of the 
waveguide extends from y=0 to y=a, 1.e., the guide width is a. The boundary 
condition at y=0 is satisfied for any value of 0, since sin(0)=0. But the 
boundary condition at y=a demands that sin(Asin(@) a) =0. This will be sat- 
isfied if k sin(@) a=nz, where n is an integer. Here we will let n=1, so that 
sin(0)=/(ka) and cos(0) = (1—[z/(ka)]*)""*. Thus the E field in the waveguide is 


199 


Figure 16.3. Electric field 
configuration in the TE;9 mode. 


Waveguide circuits 


given by (the real part of) E = E sin(zy/a)e\@'*s*)) where = kcos(@) = k(1—[x/ 
(ka). Figure 16.3 shows how the magnitude of the E field is a maximum at 
the center line of the waveguide and falls to zero at the side walls. 


16.2.1 Guide wavelength 


16.2.2 Magnetic field 


From the expression for k,, we see that the spatial period along the waveguide 
will be 27/k,. Solving for this length, known as the guide wavelength, we find 


A 
Agiis == (16.3) 


Just as the electric field in the guide is the superposition of the electric fields of 
two plane waves, the magnetic field is the superposition of their magnetic fields. 
For a plane wave, the magnetic field is perpendicular to both the electric field 
and the propagation vector, 


B=kxE/c, (16.4) 


where c 1s the speed of light. The magnetic fields of our two plane waves have 
z-components as well as y-components, so the magnetic field in the waveguide 
is not purely transverse with respect to the direction of propagation. In this TE ¡o 
mode and all other TE modes, only the electric field is purely transverse. There 
are also TM modes, in which only the magnetic field is purely transverse. 
Waveguides, unlike coaxial cable, have no TEM modes, in which both E and 
H fields are transverse. 

We can use Equation (16.4) to find the magnetic of field each plane wave and 
then sum them to get the field in the waveguide. The result is 


By K ; 
7 == sin (=) ea (16.5) 
a 


and 
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Figure 16.4. Electric field lines 
(a) and magnetic field Lines (b) 
The electric lines are bundles of 
vertical vectors while the 
magnetic lines are stacks of 
concentric loops (c.). 


Be — cos (=) elamine (16.6) 
E jaw a 
The form of this B field is shown in Figure 16.4(b).° 
Note that the magnetic field lines are stacked concentric loops in the y-z plane 
with no component normal to the walls. You can use Equations (16.5) and 
(16.6) to find the exact shape of these loops (see Problem 16.4). 


16.2.3 Wall currents 


Wall currents, which flow on the inside surfaces of the waveguide, are deter- 
mined by the tangential magnetic field. The currents are perpendicular to the B 
field and their magnitude (in amperes/meter) is given by B/ug (the permeability 
of free space, uo, is equal to 4710’). The wall currents are indicated in 
Figure 16.5. These currents converge or diverge from areas on the broad wall 


Figure 16.5. Wall currents (solid 
lines) in relation to the magnetic 


field (dashed lines). SLL 
(ZA 


> The reader familiar with Maxwell’s equations can quickly derive Equations (16.5) and (16.6) from 
Equation (16.2) by applying the curl £ equation, which here becomes jwB,,=—0E, /Oz and 
joB,,.=0E,/Oy. 


201 


Waveguide circuits 


where positive charge is arriving or leaving. The E-field lines start and end at 
these charge patches. Note that the currents on the narrow walls are perfectly 
vertical because the tangential magnetic field has no x-component. 

The fields and currents shown in Figures 16.2—16.5 are, of course, snapshots 
at an instant in time. As the wave propagates, these patterns move uniformly 
along the z-axis with a (phase) velocity given by vpn = @/f. 


16.3 Waveguide vs. coax for low-loss power transmission 


Consider a situation requiring a low-loss transmission line. Let us compare a 
standard 2:1 aspect ratio waveguide to a cylindrical coaxial line. To minimize 
the loss we will make both as large as possible, but here we will impose the 
restriction that they are also small enough so that modes higher than the 
fundamental mode cannot propagate. Appendix 16.1 shows that the diameter 
of this lowest-loss coaxial line and the height of the lowest-loss waveguide are 
very close to 4/2 and that the coaxial line will have 2.4 times the loss of the 
waveguide and will carry only 23% as much power before breakdown. 


16.4 Waveguide impedance 


Figure 16.6. Waveguide 
irises: (a) inductive iris; 
(b) capacitive iris. 


There are several ways to define an impedance for a waveguide. One way is to 
define the voltage to be the potential difference between the top and bottom walls at 
the middle of the guide and the current to be the integrated current across the top 
wall. The ratio of voltage to current gives an impedance. Another definition uses 
voltage and power flow. Still another method uses the ratio of electric field to 
magnetic field at the center of the guide. The various definitions give Zo = 377 ohms 
(impedance of free space) within a factor of 2. But regardless of how impedance is 
defined, there is no ambiguity in the concept of reflection coefficient. Recall that a 
shunt capacitance on an ordinary (TEM) transmission line produces a reflection 
coefficient on the negative j-axis of the Smith chart. The same kind of reflection is 
produced in a waveguide by a short vertical post or a horizontal iris. These 
obstructions are therefore called “capacitive posts” or “capacitive irises.” An iris 
across the narrow dimension of the guide causes a reflection on the positive j-axis so 
is called an “inductive iris.” Figure 16.6 shows examples of inductive and capaci- 
tive irises. (The equivalent circuit for a thin iris is just a single shunt susceptance. ) 


C is the only one. A and B fall into nonlinear 
regions. 

8 If you apply a small AC signal to the 
base of the transistor after it has been 
biased, the small voltage variations of the AC 
signal (shown in Figure 8.3 as a sine wave) 
cause small variations in the base current. 
Figure 8.3 


A 


These variations in the base current will be 


amplified by a factor of Band will cause 
corresponding variations In the collector 
current. The variations in the collector current, 
in turn, will cause similar variations in the 
collector voltage. 

The PB used for AC gain calculations IS 
different from the PB used in calculating DC 
variations. The AC Bis the value of the 
common emitter AC forward current transfer 
ratio, which IS listed as h fe In the 
manufacturer's data sheets for the transistor. 
Use the AC B = whenever you need to 


calculate the AC output for a given AC input, 
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The combination of an inductive and a capacitive iris (a thin wall with a hole) 
is equivalent to a parallel resonant circuit. You can see how these resonant irises 
could be spaced at quarter-wave intervals in a waveguide to make a coupled- 
resonator filter. 


16.5 Matching in waveguide circuits 


Load 


Figure 16.7. A load’s reflection 
coefficient located on the Smith 
chart. 


Impedance matching in waveguide circuits can be done with the same techni- 
ques used for ordinary transmission lines. Suppose we are using a waveguide to 
supply power to some device, maybe a horn antenna, and that we have an 
instrument — a reflectometer or network analyzer — that can measure the reflection 
coefficient looking into the waveguide. We can locate the reflection coefficient on 
the complex reflection plane (Smith chart) as shown in Figure 16.7. 

As we move down the guide, away from the load, the reflection coefficient 
circles the center of the chart and eventually arrives at the unity conductance 
circle. We locate this position on the guide and install the appropriate inductive 
or capacitive iris. In practice the tuning process is sometimes very simple: we 
find the point at which we need to add shunt capacitance. If the reflected wave is 
small (not a severe mismatch) we do not have to add much capacitance so we get 
out the ball-peen hammer and dent the broad side of the guide. An expert learns 
just how hard to swing the hammer. 

A note on matching: suppose we join two dissimilar waveguides (perhaps of 
different sizes) at a junction, which could be some kind of elbow, coupling, butt joint, 
etc. Assume that the system is nominally lossless, 1.e., all metal. We want to match 
the junction so that a wave coming from either direction will suffer no reflection. We 
carry out the above procedure on one side of the junction. Do we have to then match 
the other side? No, the job has been done. Time-reversal produces an equally good 
solution to Maxwell’s equations in which all the power flows in the opposite 
direction. Of course this applies just as well to ordinary (TEM) transmission lines 
as 1t does to waveguides. This simple argument fails for lossy junctions because the 
time-reversed solution requires the absorptive material to produce power, but a 
stronger argument, based on the reciprocity theorem leads to the same conclusion. 


16.6 Three-port waveguide junctions 


Two kinds of waveguide T-junctions (three-port junctions) are shown in Figure 16.8. 
The series-T gets its name from the fact that the voltage of the input guide 
divides between the two output guides. This works out well because the half- 
height output guides have half the impedance of the input guide and the junction is 
inherently matched. (The half-height guides could be increased to full-width in a 
gradual taper that would not cause much reflection.) The shunt-T applies the full 
input voltage across each of the output arms — not such a natural as the series-T. 
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Figure 16.8. Waveguide 
T-junctions. 
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(a) (b) (c) (d) Z 


Series tees Shunt tees 


16.7 Four-port waveguide junctions 


Figure 16.9. Waveguide 
Magic T. 


The Magic T hybrid can be built using a procedure that itself seems like magic. 
We start with the bare waveguide junction (nothing hidden inside) as shown in 
Figure 16.9. 

First we match Port 1, 1.e., eliminate reflections from Port 2 when the other 
ports are feeding matched, i.e., reflectionless, loads. To do this we start by 
putting matched loads on Ports 2 and 3. (We do not have to put a load on Port 4 
since, by symmetry, it is isolated from Port 1.*) With the loads in place we 
measure the reflection at Port 1 and install the necessary iris (or dent) some- 
where down line 1. Then we do the same process on Port 4. That's 1t. The two 
matches and the isolation by virtue of symmetry are sufficient. We now have a 
perfectly matched Magic T hybrid. 

Simple narrowband transitions from coax to waveguide have mostly been 
built with empirical methods. With the aid of three-dimensional finite element 
simulation programs, wideband transitions have been designed. In general, the 
designer first looks at the fields on both sides and finds a mechanical structure 
that causes the main features of the fields to line up. The remaining reflection 
should be small and can be tuned out with a small iris or other structure whose 
complexity depends on the desired bandwidth. 

Rectangular waveguides, like TEM lines, can carry only one signal in each 
direction. But square or round guides can have two independent waves; they are 
both fundamental mode waves but they have different polarizations. To launch 
or recover these two waves independently requires an orthomode coupler, 
which has no TEM counterpart. The simplest orthomode couplers use coaxial 
or waveguide connections mounted at right angles on the sides of the square or 
round guide. Some couplers produce circular rather than rectangular polar- 
izations. Wideband orthomode transitions are always needed for radio astron- 
omy and their development is an active field. 


4 The £ field is vertical as a wave enters Port 1. Would it point left or right as it emerged from Port 4? 
Since the geometry is symmetric, there is no reason to favor right or left. Hence, no wave 
emerges from Port 4. 
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Appendix 16.1 Lowest loss waveguide vs. lowest loss coaxial line 


= E =q 
Fo = 0.260. — ioe 
r,=0.072A—7__\ me 
p~ aac] 
Figure 16.10. Relative cross- 


sections of lowest-loss 
waveguide and coaxial cable. 


For lowest loss we will make the waveguide and the coaxial line as large as 
possible, but, as explained above, with the restriction that each be capable of 
supporting only its fundamental mode. Our lowest loss TE, y waveguide will be 
made with its width equal to the wavelength. (If it is any wider, the second mode, 
TE o, becomes possible.) We will make the height equal to half the width, i.e., the 
usual aspect ratio. For air-filled coaxial line at the frequency where non-TEM 
modes become possible, the inner and outer radii, r; and ro, satisfy the inequality 
(ro + ri ) t= 1.03.° The equal sign applies when ri /r,= 1/3.6. This ratio also 
provides the lowest loss air-filled coaxial line for a given outer diameter (see 
Appendix 16.2). Note that the characteristic impedance, Zp = 60 In (ro / rì, will 
be 77 ohms for this lowest-loss coaxial cable. Using this ratio of diameters, 
the maximum outer diameter is given by r, = 1.0327 ‘/(1+1/3.6) = 0.262. These 
relative waveguide and coax cross-sections are shown in Figure 16.10. 

Let us compare the losses. The amplitude of a wave propagating in the (+x)- 
direction on any lossy line is proportional to exp(—ax) where a, the loss factor, 
has units of inverse meters. The power is therefore proportional to exp(—2ax) 
and the fractional power loss per meter is 2a. Note that 20 log(e)a = 8.686a dB/ 
meter. Because of the skin effect, the loss of a line is proportional to its surface 
resistance which is given by 


Ke = > ohms per square (16.7) 
V 20 


where ø is the bulk de conductivity and w is the (angular) frequency. (For copper, 
R, = 2.61 x 10”? ohms/yHz; for aluminum, R, = 3.26 x 107? ohms/yHz). 
The loss factor for air-filled coax line is given by 


Rs l l 
ax = — ; 16.8 
E a mE ==) oe) 
Our lowest loss coax line has Z, = 77, ro = 0.264 and r; = 0.0722 so its loss becomes 
Rs 
Ce ta 0.0183 ~. (16.9) 


For air-filled rectangular waveguide in the fundamental mode the loss factor is 
given by 


R a 
i= E E A (16.10) 


> Reference [2], p. 42. 
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where 377 ohms is \/{i9/€9, the “impedance of free space.” In our case 
a=2b=/1 so 
Rs 5 Rs 
a _ = —— = 0.0076 —. 16.11 
(AwG)min T A 7 (16.11) 
The loss of the coax is therefore higher than that of the waveguide by a factor of 
0.0183/0.0076 or about 2.4. What about power handling capacity? The break- 
down of either the waveguide or the coax depends on the maximum F field, 
Emax. (For air at sea-level pressure, Emax 18 about 30 000 volts/cm.) For rectan- 


gular waveguide in the fundamental mode the power is related to the maximum 
E field by 


Pwr l Ao —4 Lo 
= b— = 6.63 10 “ab— 16.12 


where Pwr is in watts, Emax 18 in volts/cm, a and b are in cm, Ao is the free-space 
wavelength, and /,, the guide wavelength, is given by 


le = ——— (16.13) 


(1 - (207) 


For our waveguide Ao /Acutore= 1/2 SO Ag = 220 / V3 and 


P 
MA = 5.74 x 10-4ab = 5.74 x 10714 4/2 = 2.37 x 1074. (16.14) 
Turning to the coax, the In(r) dependence of voltage and the characteristic 
impedance, Zo = (377/2m) In(r,/r;) = 60 In(7,/r;) allow us to find the power in 


terms of the maximum F field: 


Pwr Zor? 
Emo? 2° 602" en) 


In our case Zo = 77 and r,=0.0722 so 


Pwr TT ( 
E. 2-60? 


max 


0.0724) = 0.55 x 107*2?. (16.16) 


We see that the waveguide can handle 2.37/0.55 =4.3 times the power of the 
minimum loss coaxial line. The waveguide is clearly better both for loss and 
power handling capacity. In high-power applications the waveguide has the 
additional advantage that there are no interior surfaces needing cooling and no 
mechanical spacers to center an inner conductor. (Insulating spacers in high- 
power coaxial lines must fit tightly; high voltage develops across any gap. This 
problem generally reduces the power-handling capacity of the coaxial line by 
something like an order of magnitude.) 
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Appendix 16.2 Coax dimensions for lowest loss, highest 
power, and highest voltage 


Lowest loss 


Highest power 


Maximum voltage 


For a given outer diameter, the characteristic impedance of a coaxial line is 
increased by making the inner diameter smaller. For a given power, the current 
is decreased. But the smaller inner conductor has more resistance. The PR 
product, 1.e., the dissipation, has a minimum when the ratio of diameters is 3.6. 
This follows from Equation (16.8) which can be rewritten as 


e l 
coax == ===> 
ee 2.60- nro In(x) 


(1 +x) (16.17) 


where x = r,/r; . The minimum of (1-+-x)/In(x) occurs at x =3.6 so the characteristic 
impedance of lowest-loss air-filled coaxial line is Zo = 60 In(3.6)=77 ohms. 


From Equation (16.15) we see that to maximize the power-handling capability 
of the coaxial line we must maximize the expression Zo rí, i.e., we must 
maximize In(x)/x*. The maximum occurs when In(x)= 1/2 so the characteristic 
impedance of the maximum power line is Zp) = 60/2 = 30 ohms. 


If the line is to withstand maximum voltage the optimum value of In(x) is 1 and 
the characteristic impedance is 60 ohms. This also follows from Equation 
(16.15): 1f we express power as Va (OZ) then Vmax 18 proportional to Zo ri 
or In(x)/x, which reaches a maximum at x=e. 


Relative performance of 50-ohm coaxial line 


The 50-ohm line commonly used in RF work (x=r,/r¡=2.3) strikes a 
compromise between lowest loss, highest power and highest voltage. For 
loss, we compare (1+x)/In(x) for x=2.3 and x=3.6 to see that the 50-ohm 
line will have only 10% more loss than a 77-ohm line with the same outer 
diameter. For power handling, we compare In(x)/x* and find that the 50-ohm 
line can carry 62% as much power as a 30-ohm line with the same outer 
diameter. Finally, for voltage we compare In(x)/x and find that the 50-ohm 
line can handle 98% as much voltage as a 60-ohm cable with the same outer 
diameter. 
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Problem 16.1. Suppose a car enters a long tunnel which is essentially a rectangular 
metal tube 10 meters wide by 5 meters high. The car radio becomes silent inside the 
tunnel. Was the radio more likely tuned to an AM station or an FM station? 


Problem 16.2. Examine the waveguide current distribution shown in Figure 16.5 (for 
the fundamental mode) and draw a sketch showing the position(s) in which a narrow slot 
could be cut through the waveguide wall without affecting its operation. 


Problem 16.3. Describe an experimental setup that could be used to demonstrate the 
waveguide E-field and B-field distributions shown in Figure 16.4. 


Problem 16.4. In the discussion just above Equation (16.2), let n=2 instead of 1. For 
this choice of n (the TEs) mode), find the cutoff wavelength and the guide wavelength. 
Sketch the electric and magnetic field lines. 


Problem 16.5. Use Equations (16.5) and (16.6) to find the mathematical shape of the 
magnetic field loops. Hint: the slope of a field line, dz/dy, is given by B,/B,. Set up the 
equation dz/B, = dy/B, and note that the left side contains only z while the right side 
contains only y. They can therefore be integrated separately. Remember to add a constant 
of integration. 


[1] Collin, R. E., Foundations for Microwave Engineering, New York: McGraw Hill, 
1992. 

[2] Montgomery, C.G., Dicke, R.H. and Purcell, E.M., Principles of Microwave 
Circuits, London: Peter Peregrinus, 1987 (originally Volume 8 of the MIT 
Radiation Laboratory Series, New York: McGraw Hill, 1948). 

[3] Moreno, T., Microwave Transmission Design Data, Sperry Gyroscope Corp, 1948, 
reprinted by Dover Publications, 1958. 

[4] Ramo, S., Whinnery, S.R. and Van Duzer, T. Fields and Waves in Communication 
Electronics, 3rd edn., New York: John Wiley, 1994. (Original edition was Ramo, S. 
and Whinnery, S.R., Fields and Waves in Modern Radio, New York: John Wiley, 
1944). 


CHAPTER 


Small-signal RF amplifiers 


In this chapter we discuss the amplifiers used commonly in the front-end and IF 
stages of receivers and in antenna-mounted preamplifiers. The maximum output 
power of these amplifiers is typically from 0.01 W to 0.1 W (10-20 dBm). The 
power amplifiers discussed in Chapter 3 use the full range of the transistor 
conductance to “push” or “pull” the output voltage to any value from zero to the 
dc supply voltage(s). Small-signal amplifiers, on the other hand, are class-A 
amplifiers in which the signal voltages are small, compared with the dc bias 
voltages. The small ac signals add to dc bias voltages, so the output signal, ô ut 
produced by an input signal 6V;, is given by hout = [durd n] Vn + 1/2 
La AAA (ô Var +- The ac voltage gain is, therefore, dV, t/d Vin, evaluated 
at the quiescent bias point. When operated over only a small range of ôV;n, the 
higher derivatives of Voy; versus Vin make only small contributions, and the 
amplifier is essentially linear. Key characteristics of these amplifiers are gain, 
bandwidth, input and output impedances, linearity (those higher derivatives), 
and internally generated noise. 


17.1 Linear two-port networks 


208 


Small-signal amplifiers are linear amplifiers; the output signal should be a 
faithful reproduction of the input signal.’ A general definition of small-signal 
amplifiers could be that they are amplifiers built entirely of nominally linear 
elements (which include resistors, capacitors, inductors, transmission lines, and 
transistors operated over a small differential range), from which it follows that 
the overall circuit will also be nominally linear. An amplifier, being an example 
of a two-port network (or simply a “two-port”), has an input terminal, an output 


' While small-signal amplifiers are linear almost by definition, an important exception is the 
limiting amplifier or /imiter. In these amplifiers, the gain decreases for increasing signal levels. A 
cascade of limiters can have an output level almost independent of input level. A limiter is used 
ahead of an FM detector if the particular FM detector is sensitive to amplitude variations as well as 
frequency variations. 
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terminal, and a common terminal (ground). The operation of any linear two-port 
can be described by four variables: the input and output voltages and currents. 
Any two of these variables can be considered independent variables (“input” or 
“cause”). The remaining two variables are then dependent variables (“output” 
or “effect”). If, for example, V; and V are chosen as the dependent variables, the 
two-port is described by the equations: 


Vi =414 + b (17.1) 


V = hih + Doh. (17.2) 


For this choice of dependent variables, the four coefficients are known as the Z 
parameters. We are implicitly dealing with ac circuit analysis, so these four 
parameters generally are complex and are functions of frequency. The important 
point to note is that, for a given frequency, any two-port network (amplifier, 
filter, transmission line, etc.) can be completely described by just four complex 
numbers. By convention, the current at either terminal is positive when it flows 
into the terminal. Note that the output variables are linear functions of the input 
variables, since the input variables appear raised only to the first power.” By 
inspection of Equation (17.1) we see that Z,, is the network’s input impedance 
when the output current is zero, 1.e., when the output is open circuited. The 
forward transfer impedance, Z>,, is the open-circuit output voltage divided by 
the input current — a “transimpedance.” If we are given the load impedance, we 
can use Equations (17.1) and (17.2) to calculate the power gain of an amplifier 
(Problem 17.1). The reverse transfer impedance, Z¡>, is a measure of reverse 
feedthrough. If the RF amplifier preceding an unbalanced mixer in a super- 
heterodyne receiver has reverse feedthrough, some power from the local oscil- 
lator will get to the antenna and be radiated. But what is more important, reverse 
feedthrough can cause an amplifier to oscillate for certain combinations of input 
and output terminations. This two-port formalism provides more than just a top- 
level description of an amplifier. It is the basis for amplifier circuit analysis and 
design, since the active devices (transistors) inside the amplifier can themselves 
be represented as two-port networks, whose parameters are furnished by the 
manufacturer on data sheets. Another equivalent set of parameters is the 
Y-parameters, defined by 


h= YY, + Yh (17.3) 


Conversion formulas between parameter sets are easily derived. For example, 


2 The dependence of the output variables on only the first power of the input variables follows 
from a general definition of linearity: If an input a causes an output A and an input b causes an 
output B, then an input C¡a+C>»b, where C¡+C, are constants, will result in an output C¡4+C53B. 
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foe 
a 7 


a A (17.5) 


Zn 


= zu = 
V=0. 


The widely used S-parameters, which are the subject of Chapter 28, form 
another equivalent four-parameter set, for which the variables are linear combi- 
nations of the voltages and currents, and correspond to input and output waves 
at each port. Two of the parameters, S$); and S22, are reflection coefficients, 
while the other two are transmission coefficients. A characteristic impedance, 
Zo, usually 50 ohms, 1s implicit. Again, conversion formulas are readily derived, 
for example, 


Si = a= eas a = A AA (17.6) 
Yoo + Zg + Zo(VYi Yoo + Yiz — Yi2Ya1 
In this introductory chapter, we discuss amplifiers in terms of voltages and 
currents, in the interest of presenting the basic concepts in terms totally familiar 
to the reader. 


17.2 Amplifier specifications - gain, bandwidth, and impedances 


The small-signal gain (forward and reverse), bandwidth, input impedance and 
output impedances could be called “linear specifications” because they can all 
be calculated from the amplifier’s Z-parameters or from any of the other 
equivalent sets of parameters. The gain and bandwidth of an amplifier are 
ultimately limited by the characteristics of the transistor(s). Transistors have 
unavoidable built-in reactances: there are at least two capacitors in even the 
simplest transistor circuit models (approximate equivalent circuits). Elaborate 
models for microwave transistors can contain a dozen capacitors and inductors. 
Amplifiers designed for narrowband use (fractional bandwidths of 20% or less) 
use input and output matching networks to absorb or “cancel” these reactances. 
At higher frequencies, the shunt capacitive reactances become lower. The 
matching networks must then necessarily have higher loaded Os which means 
that bandwidth decreases. This limitation is fundamental; no matter how com- 
plicated the matching network, gain must be traded for bandwidth. Negative 
feedback around a transistor will lessen the effect of its reactances. But feedback 
decreases the gain so again there is a tradeoff between gain and bandwidth. 
In some applications the input and output impedances of an amplifier are 
critical. For example, if a narrowband filter is placed between two amplifiers, 
the amplifiers must present the proper impedances to the filter if the intended 
passband shape is to be realized. The frequency dependences of the input and 
output impedances of an amplifier are, of course, related to the bandwidth, 
since the frequency response is normally determined by mismatch (i.e., 
reflection). 
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17.2.1 Amplifier stability 


An amplifier is required to be stable (not oscillate) in its working environment. 
A 100-MHz amplifier, for example, will not be satisfactory if it oscillates, even 
at a very different frequency, say 1 GHz. Oscillation invariably takes the circuit 
into large-amplitude excursions and the combination of amplification and 
oscillation is highly nonlinear. An amplifier that remains stable when presented 
with any combination of (passive) source and load impedances (but no external 
feedback paths) is said to be unconditionally stable. Unconditional stability is 
not always necessary. An IF amplifier in a receiver needs only to be stable in its 
never-changing working environment. The input RF amplifier in a short-wave 
radio, however, might be connected to any random arbitrary antenna so it should 
be unconditionally stable, at least with respect to input impedance. General- 
purpose commercial modular amplifiers are usually designed to be uncondi- 
tionally stable. Using these, a system designer can realize a needed transfer 
function by cascading amplifiers, filters, etc., and know that the combination 
will be stable. Stability, like gain and input and output impedances, is predict- 
able from the two-port parameters. To find whether an amplifier will be uncon- 
ditionally stable, it is necessary and sufficient to show that the real parts of the 
input and output impedances for any frequency are positive for any passive load 
and source impedances. Suppose that an analysis shows that for some combi- 
nations of load impedance and frequency, the real part of the input impedance is 
negative, but never more negative than —5 ohms. Then adding a series resistor of 
more than 5 ohms to the input of the amplifier would make it unconditionally 
stable. Such resistive remedies, however, always decrease gain and increase 
internally generated noise. The reverse transfer parameter (Zi, Yi», S12, ...) 
plays a key role in stability. For example, a sufficient (but not necessary) 
condition for unconditional stability is that its reverse transfer parameter be 
equal to zero. It is important to note, however, “unconditional stability” simply 
means that the two-port cannot be provoked into oscillation by varying its 
termination impedances. A multistage amplifier circuit could contain an oscil- 
lating internal stage and still have input and output impedances with positive 
real parts for all frequencies and arbitrary terminations. (Of course a multistage 
amplifier will be unconditionally stable if every stage is unconditionally stable.) 


17.2.2 Overload characteristics 


Any amplifier will become nonlinear at high enough signal levels, if only 
because the output runs up against the “rail” of the dc power supply. But before 
this occurs, transistor nonlinearity comes into play. A straightforward specifi- 
cation of an amplifier’s upper power limit is the /-dB compression point. This is 
the value of the output power at which the gain has dropped by 1 dB, 1.e., the 
point at which the output power is 79.4% of what would be predicted on the 
basis of low-power gain measurements. 


or to determine an AC current variation. Use 
the DC B to calculate the base or collector 
DC current values. You must know which B 
to use, and remember that one is used for 
DC, and the other is used for AC variations. 
The DC 6 is sometimes called h FE or Bdc. 


As V in increases, the base current 
increases, which causes the collector current 
to increase. An increase in the collector 


current increases the voltage drop across RC 
, which causes VC to decrease. 
Note The capacitor shown at the input blocks 


DC (infinite reactance) and easily passes AC 
(low reactance). This is a common isolation 
technique used at the input and output of AC 
circuits. 
Questions 
A. If the input signal decreases, what 


happens to the collector voltage?  ——__ 
B. If you apply a sine wave to the input, 


what waveform would you expect at the 
collector? —— — < 

Answers 

A. The collector voltage, V C , increases. 

B. A sine wave, but inverted as shown In 
Figure 8.4 


Figure 8.4 
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Figure 17.1. Two-tone test to 
specify amplifier linearity. 
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Small departures from linearity, even when the amplifier is far below com- 
pression, become a concern in a receiver when the passband of an RF 
amplifier contains two or more signals at frequencies fa, fo, fo, ... that are 
much stronger than the desired signal (the signal that will be isolated down- 
stream by a narrow bandpass filter). Nonlinearity can produce mixing prod- 
ucts at frequencies of nafa + mf, + nfo + = where n;=0, +1, +2, ... In 
receivers, the most troublesome of these products are the third-order products 
2fa—fp and 2f,-f,. (Third-order products will be inevitably produced if the 
output voltage of an amplifier contains even a small term proportional to the 
cube of the input voltage.) The special problem with these particular products 
is that they can fall within the IF passband. To see this, suppose fọ and f; are 
the frequencies of signals close enough to a desired frequency, fı, that they 
will pass through the broadband front-end of a receiver. The local oscillator is 
tuned to convert fı to the center of the IF passband. But the third-order 
products 2f;—/ and/or 2f.—f3, being very close to fi, can also fall within the 
narrow IF passband and interfere with the desired signal. Second-order 
intermodulation is not so troublesome since the products have frequencies 
far outside the IF passband. 

A standard measurement of intermodulation is the two-tone test, which uses 
two closely spaced signals of equal amplitude, A. On a log-log plot of output 
power versus input power each of these fundamental signals will fall on a 45° 
line, with slope = 1. The third-order products, however, will fall on a line with 
slope =3 because the power in the third-order products is proportional to the 
cube of the power in each of the input signals. The third-order intercept 1s 
the point at which the third-order product would have as much power as each of 
the fundamental signals. Usually the number given for the intercept point is the 
output signal strength. The second-order intercept is defined the same way. 
Figure 17.1 shows a third-order intercept point of about +37 dBm. Generally an 
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Third-order intercept 
J 2f,-f, f; h 2f,-f, 
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amplifier cannot be driven all the way to the intercept points; they are extrap- 
olations from measurements made at much lower input levels. (The output 
strengths of the fundamental and the second- or third-order product need only 
be measured at one input level. Lines with slopes of one, two, or three are then 
drawn through them to locate the intercepts.) 


Every amplifier adds some noise to the signal. (Later we will discuss amplifier 
noise in some detail.) Very weak signals will be buried in this noise and lost. The 
dynamic range of an amplifier is therefore determined at the low end by the 
added noise and at the high end by nonlinearity. In order to handle strong 
signals, a receiver should keep mixing products small by having as little 
amplification as possible prior to the narrowest bandpass filter. We will see, 
on the other hand, that if a receiver begins with a mixer or with a narrowband 
filter, the loss in these elements adds noise and will render the receiver less 
sensitive than if the first element after the antenna had been a low-noise 
amplifier. A trade-off must often be made between sensitivity and dynamic 
range. Power dissipation is obviously important for battery-operated equipment 
where milliwatts may count. But to achieve high dynamic range, a small-signal 
amplifier may have a fairly high-power quiescent point and have to dissipate as 
much as several watts of power. 


17.3 Narrowband amplifier circuits 


Amplifiers for frequencies below about 30 MHz look very much like resistance- 
coupled audio amplifiers. The load resistors are replaced by shunt inductors 
which cancel the transistor capacitances, which would otherwise tend to be 
short circuits at RF. These resonant circuits make a narrowband amplifier. Often 
an even narrower bandpass is desired; the inductors are given smaller values and 
are shunted with external capacitors (effectively increasing the transistor 
capacitances). Focusing on one stage of an amplifier (or an amplifier of one 
stage), the fundamental design decisions are transistor selection and circuit 
configuration, i.e., common-emitter, common-base, or common-collector. 
(Here, and usually elsewhere, emitter, base, and collector can also mean source, 
gate, and drain.) The choice of a transistor will be based on the ability to 
provide gain at the desired frequency, noise, and perhaps linearity. The orienta- 
tion of the transistor might be common-emitter when maximum gain is required, 
common-base when the device is being pushed near its upper frequency limit or 
when the isolation between input and output is critical, or common-collector 
when very low output impedance is needed. As far as noise goes, it turns out that 
the three orientations are equivalent when used in a high-gain multistage 
amplifier. 
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17.4 Wideband amplifier circuits 


Most wideband amplifiers use feedback. An unbypassed emitter impedance 
provides series feedback. An impedance between collector and base provides 
shunt feedback. Commercial modular general-purpose amplifiers use resistive 
series and shunt feedback. These amplifiers are quite flat up to one or two GHz 
and have input and output impedances close to 50 ohms over the whole range. 
Resistive feedback is simple but degrades the noise performance of an amplifier. 
Wideband low-noise amplifiers often use feedback networks made only of 
lossless elements, i.e., reactors. The Miller’ effect multiplies the effective 
input capacitance in a common-emitter amplifier. This capacitance can be 
neutralized, at least in a narrowband amplifier. Wideband amplifiers often use 
the cascode circuit in which a common-emitter input stage drives a (low 
impedance) common base stage. Another good high-frequency circuit, the 
differential pair, uses an emitter follower stage (high input impedance and low 
output impedance) to drive a common-base stage. 


17.5 Transistor equivalent circuits 


An amplifier designer needs a precise electrical description of the transistor(s). 
For analysis, it is sufficient to have tables of the small-signal parameters of the 
transistor(s). These tables are usually given in data sheets from the manufac- 
turer; they can be produced using a vector network analyzer. A table of 
numbers, however, is an awkward representation for design (synthesis) and a 
common tactic is to represent the transistor by an (approximately) equivalent 
model circuit of resistors, capacitors, inductors, voltage-controlled voltage 
generators, voltage-controlled current generators, etc. An exact equivalent 
circuit for a single frequency can be constructed directly from the small-signal 
parameters corresponding to that frequency (Problem 17.4). This might be an 
adequate model for the design of a narrowband amplifier but remember that 
even an amplifier intended for only a narrow frequency range must be stable at 
all frequencies. For this reason, and also to aid in the design of wideband 
amplifiers, models are constructed to represent the transistor over a wide 
frequency range. Normally the topology of an equivalent circuit is based on 
the construction and physics of the transistor. The element values are deter- 
mined by least-square fitting programs that make the small-signal parameters 
of the model agree as closely as possible with the measured small-signal 


> The collector signal in a common-emitter amplifier has a larger magnitude (due to amplification) 
than the base signal. It also has the opposite sign. The voltage across the transistor’s inherent 
base-to-collector capacitance is therefore larger than the base voltage. As a result, more current 
flows in this capacitance than if the collector were grounded. The value of the capacitance is, in 
effect (Miller effect), multiplied. 
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Figure 17.2. Simple equivalent 
circuit model for the MRF901 
bipolar transistor 

(100 MHz-2 GHz). 
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MRF901 


(a) (b) 


parameters of the actual transistor over the desired frequency range. Agreement 
can always be improved by adding more elements to the model, but an overly- 
complicated model will block the intuition of the designer. Equivalent circuits 
have from one to perhaps twenty parameters. Figure 17.2(b) shows a simple 
“hybrid-1” equivalent circuit model for a common high-frequency transistor. 
The component values in the model circuit were determined by least-square 
fitting to the data sheet values over the range from 100 to 2000 MHz. Since the 
equivalent circuit models a biased transistor, it is actually equivalent to the 
circuit like that of Figure 17.2(a), which includes a power supply and dc biasing 
components. The biasing components include three resistors to set the dc 
collector current. A bypass capacitor grounds the emitter at RF frequencies. 
Blocking capacitors keep the dc bias voltages from interacting with circuitry 
outside the transistor and vice versa. An RF choke (inductor) provides enough 
reactance that practically no signal current can flow from the collector to 
Vo. (RF ground). Two more two chokes prevent RF currents from flowing in 
the base bias resistors. (Usually these resistors have high enough values that 
these chokes are unnecessary.) 


17.6 Amplifier design examples 


Designing a small-signal amplifier for microwave frequencies can be difficult, 
especially when the design must meet specifications for frequency response, 
gain, stability, input and output impedances, and noise. Computer-aided design 
is often used. But, to provide an example, let us design a simple amplifier using 
the transistor model of Figure 17.2. The amplifier is to be driven from a 50-ohm 
source and is to drive a 50-ohm load. The only other specifications imposed are 
that the power gain be at least 10 dB at 430 MHz, and that the amplifier not 
oscillate while connected to the specified source and load. Let us try a very 
simple common-emitter circuit consisting of the transistor with a matching 
inductor in series with the collector (rather than going with a two-element 
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(a) 


Figure 17.3. Common-emitter 
amplifier design example: (a) 
small signal equivalent circuit; 
(b) full circuit. 
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matching circuit on each side). The small-signal equivalent circuit of the 
amplifier is shown in Figure 17.3(a), while the complete amplifier, including 
bias circuitry, is shown in Figure 17.3(b). 

The circuit of Figure 17.3(a) can be analyzed to find V, in terms of b. The 
output voltage, Vou, 18 then simply Ve RiR + j@L). Note first that the currents 
to ground must sum to zero or 

Va- Va Ve 


— + VajaC V + 
R, ta AJOC1 + A Oe 


0. (17.7) 


Next, consider the current flowing to the left through C2. This gives us the 
equation 


Va—V. Va 
— + VaiwC}. 
R, Ip AJOC1 


(Ve — Va)joC, = (17.8) 


Solving these two equations for V, as a function of Vp, we find 


-Vo (gm = j@Cr)/Ri 


(17.9) 


From inspection of Figure 17.3, we see that Vut = Ve R¡ AR +HoL) and that the 
input current, /,, is given by h = (b — Va VR. Since we have already found V, as 
a function of Vi, Equation (17.7) (or 17.8) gives us Va, which lets us calculate 4, 
and also the input impedance, Zin = ə/h. The input power (drive power 
delivered to the amplifier) is given by |4|" Re(Z,,). The power gain of the 
amplifier is then calculated from 


_ power out _ Vout /Ri 


Power Gain = — =- l (17.10) 
power in | hl Re(Zin) 


These expressions are easy to evaluate using a program such as Mathcad or 
MATLAB. Using Equation (17.9), we find that the power gain at 430 MHz 
reaches a maximum of 17.25 dB for L=28 nH. This is within 0.25 dB of the 
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Figure 17.4. Power gain vs. 
frequency for common-emitter 
amplifier design example. 
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maximum power gain available from this transistor (which could be obtained by 
using a two-element output matching network rather than just a series inductor). 
Figure 17.4 shows the power gain versus frequency. The input impedance is 
13.3-17.0], from which you can calculate that the output power can be 
increased by 2.18 dB by the addition of an input matching network to transform 
the 50-ohm source impedance to 13.3+17.0j. 

Analysis of even this simple amplifier requires a fair amount of algebraic 
effort. Problem 17.5 shows you how to add the hybrid-z transistor model to the 
circuit analysis program of Problem 1.3. This addition will let you plot the 
frequency response and find input and output impedances of this amplifier or 
any arbitrary cascade of transistors and other two-port devices. 

We can check the stability of this amplifier when connected to the specified 
50-ohm source and load impedances by verifying that any arbitrary set of initial 
conditions (two capacitor voltages and one inductor current, at t=0) results 
in transient currents that decay exponentially rather than grow exponentially. 
Because the circuit 1s linear, we know that there will be transient solutions in 
which the time dependence goes as el”, where w is a characteristic frequency. 
If œ has a positive imaginary part, the solution decays exponentially. To find 
the characteristic frequencies, we set the source voltage, V,, equal to zero, and 
assume that Y, and Vg in Equations (17.7) and (17.8) are proportional to e'”. 
Solving these equations results in a third-order polynomial in @ which must be 
equal to zero. The three roots of the polynomial turn out to be œw; =j2.64E9, 
7 =j2.16E9, and w3=j18.1E9. This shows that all three of these transient 
solutions will decay exponentially, since their imaginary parts of the three 
frequencies are all positive. For example, e'*=e 227 which is an expo- 
nential decay with a time constant of 0.38 nsec. A superposition of these three 
particular solutions that satisfies an arbitrary initial set of initial conditions will, 


* Here, the three roots are purely imaginary. In general, they also have real parts, corresponding to 
decaying oscillations. For example, if the load resistance is changed from 50 to 500 ohms, the 
three roots become j2.44e8 and +6.89e9 + j1.94e10. 
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Figure 17.5. A common-base 


RF amplifier. 


no] 


RF choke 


Figure 17.6. High-frequency 
GaAs FET model. 


(a) 
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therefore, produce a decaying transient and this circuit will be stable with the 
50-ohm source and load impedances. 

Let us check stability 1f we add an input matching network consisting of a 
series inductor with 17 ohms of reactance to cancel the —j17.0 input reactance 
and a transformer to step the 50-ohm source down to 13.3-ohm input resistance. 
With the addition of a fourth reactive element, the circuit will now have four 
characteristic frequencies. Straightforward algebraic manipulations produce 
a fourth-order polynomial in œ whose four roots are +4.18E9 + j7.83E8, 
j2.28E10, and j2.48E10. Since the imaginary parts are positive, the amplifier 
remains stable with this input matching network and the amplifier’s available 
gain (power available from the amplifier divided by power available from the 
source) becomes equal to the power gain. Chapter 28 discusses how stability is 
usually evaluated in the context of S parameters. 

Figure 17.5(a) shows an amplifier using the same transistor model arranged 
in a common-base configuration; the base is grounded and the input signal is 
applied to the emitter. The equivalent small-signal circuit is shown in (b). 

You can analyze this circuit with the methods used above for the common- 
emitter configuration. Write one equation that sets to zero the sum of all the currents 
away from node “A.” Do the same for node “c” (the collector terminal) and solve 
the two equations simultaneously for V, as a function of V, (the emitter voltage). 

Figure 17.6 shows a model for a microwave GaAS FET, which can be used in 
place of the BJT model for the same kind of amplifier analysis. Manufacturers’ 
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data sheets often include model circuits along with two-port data. There are 
many excellent textbooks devoted entirely to the amplifier design. 


The output signal from any amplifier will always include some random noise 
generated within the amplifier itself. Most of the hiss from a radio receiver 1s 
due to noise generated by atmospheric electricity. But if the antenna is discon- 
nected, the noise does not entirely disappear. The remainder is being generated 
within the receiver. Physical mechanisms that cause this noise include thermal 
noise (discussed below) and shot noise, which is noise due to the randomness in 
the flow of discrete charges — electrons and holes in transistors. The first stage in 
most receivers is an RF amplifier, and its noise usually dominates any other 
receiver-generated noise. This is easy to see; since this stage usually has 
considerable gain, its output power will be much greater than the noise power 
contributed by the second stage, so the second stage will hardly change the 
signal-to-noise ratio. In the same way, noise contributed by the third stage is 
even less important, and so forth. 


Thermal noise is such a universal phenomenon that it provides the very vocabu- 
lary for the definition of terms such as receiver noise temperature and antenna 
noise temperature. Let us examine the fundamentals of thermal noise. Any 
object, being hotter than absolute zero, converts thermal energy (molecular 
vibrational energy) into electromagnetic radiation: at infrared radiation for 
ordinary temperatures, but also visible radiation, if the object is red hot. 
Likewise, a resistor can convert thermal energy into electrical power. If two 
resistors are connected in parallel, each one delivers a tiny amount of electrical 
power (in the form of a random voltage waveform) to the other. If they are at 
equal temperatures, the power flow is equal in both directions. 

How much power can a resistor generate by virtue of being hot? Answer: Any 
resistor can deliver kT watts per hertz, that is, kT is the spectral density of the power 
that a resistor of R ohms will deliver to a matched load (a load of impedance R+30). 
Here k is Boltzmann’s constant (1.38x 10% joule/kelvin=1.38 x 10% watt 
seconds/kelvin) and T is the absolute temperature. It is useful to remember 
that for To=290 K, which is universally taken as a standard reference tempe- 
rature, the power available from a resistor, referred to 1 mW, is =— 114 dBm/ 
MHz, since 10 log (1.38 x 10 *° x 10° x 290 x 10°) =— 114. 

To demonstrate that a resistor should produce this power, AT watts/Hz, an 
argument appropriate to radio engineering considers an antenna surrounded by 
a blackbody, 1.e., an antenna within a cavity whose walls are at temperature T). 
We will be concerned with the spectral density at a particular spot frequency so 
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Figure 17.7. Equivalent circuits 
for a resistor as a noise source. 


17.8 Noise figure 
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(Ving)? = 4kTR Volts?/Hz R 2B im = 4kT/R amps?/Hz 


we can specify that the antenna be resonant, i.e., that it have a purely resistive 
impedance, R+j 0, at that frequency. Let a transmission line connect the antenna 
to a resistor R which is outside the blackbody but also at temperature Tı. We 
know the antenna will intercept blackbody radiation and that power will be 
transmitted through the line to the external resistor. We also know from ther- 
modynamics that, in this isolated system, it is impossible for the resistor to get 
hotter than 7; heat cannot flow from a colder to a hotter object. The only way to 
resolve this is for the resistor to produce an equal amount of power, which 
travels back to the antenna and is radiated back into the cavity. We can use some 
antenna theory to calculate the power. All antennas are directive; when used to 
receive, they have more effective area to intercept power from some directions 
than from other directions. But for any antenna, the average area turns out to be 
27/47 where 4 is the wavelength. Blackbody radiation flux at long wavelengths 
is given by the Rayleigh—Jeans law, brightness = 2kT/4? watts/m?/Hz/steradian. 
This includes power in two polarizations. Since any antenna can respond to only 
one polarization, we use half the Rayleigh—Jeans brightness to calculate the 
power the antenna puts on the transmission line: 


B(0, ¢) kT 15 
P= | ——A(O, ¢)dQ = ——4a = kT. 17.11 
This value, k7, is then also the power a resistor of R ohms will deliver to another 
resistor of R ohms. It follows that the open-circuit noise voltage from a resistor 
is therefore (V) =4kTR volt”/Hz. Figure 17.7 shows the Thévenin and Norton 
equivalent circuits of a resistor as a noise generator. 


At any given frequency, a figure of merit for a receiver, an amplifier, a mixer, 
etc., is its noise figure, whose definition is as follows: 


Noise figure is the ratio of the total output noise power density to the portion of that 
power density engendered by the resistive part of the source impedance, with the 
condition that the temperature of the input termination be 290 K. 


Noise figure is a function of frequency and of source impedance but (as we will 
see later) is independent of output termination. Consider Figure 17.8. 

The voltage source V, represents the thermal noise voltage from R,, the 
resistive part of the source impedance. The source, V,, is the actual signal 
voltage, if any. The internal noise of the amplifier can be considered to result 
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Figure 17.8. Equivalent circuit 
of an amplifier and signal source. 


Cascaded amplifiers 
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Source Amplifier 


from another equivalent input noise source, V,, at the input of the amplifier. 
With this model, the noise figure, as defined above, can be written in terms of V,, 
and V,: F=(V,, + V/V . Note that, because the amplifier noise is represented 
by an equivalent generator at the input side, this expression does not contain G, 
the gain. Since V,” is proportional to the source temperature, Tọ, it is natural 
to assign the amplifier an equivalent noise temperature by writing the noise 
figure as F=(7o+T7,)/To. This amplifier noise temperature is just T,=(F'— 1) 
Ty) =(F- 1) x 290 K. Conversely, the noise figure is given by F=(290 + T,)/290. 
An amplifier can have a noise temperature less than its physical temperature. 
The dish-mounted amplifiers used for home satellite reception have typical 
noise temperatures of 30 K. (Refrigeration, however, can help; FET amplifiers 
for radio astronomy are often physically cooled to about 10 K and produce noise 
temperatures of only a few kelvins.) 

So far we have not mentioned the signal voltage, V;. Equation (17.12) shows 
that the noise figure also specifies the ratio of the input signal-to-noise ratio to 
the output signal-to-noise ratio: 


Input SNR V2/ VE 


Sa rra O 17.12 
Output SNR  V2/(V?2 + V2) Can ( ) 


The noise from an amplifier of only modest gain will not totally dominate the 
noise added downstream, so it is useful to know how noise figures add. Suppose 
amplifier 1, with noise figure F; and gain G4, is followed by amplifier 2 with F> 
and gain G2. Suppose further that they are matched at their interface so that 
G= GG, and that the output impedance of amplifier 1 is equal to the source 
impedance corresponding to the specified F>. Figure 17.9 shows how to 
compute the overall noise figure. 

The noise figure of the cascade is F)}.=F + (F>- 1)/G;. It is interesting to 
calculate the noise figure of an infinite cascade of identical amplifiers as it is a 
lower limit to the noise we would get from any shorter cascade. You can verify 
that Tinfinity the equivalent noise temperature of the infinite chain, is given by 
T,/(1 — 1/G) where T, and G refer to the individual identical amplifiers. 

Finally, let us look at the overall noise figure of an amplifier preceded by an 
attenuator, as shown in Figure 17.10. Suppose the gain of the attenuator is Gattn. 
(The gain of an attenuator is less than unity; the gain of a 6-db attenuator, for 
example, is 1/4.) Referred to the amplifier input, the noise power engendered by 


9 Figure 8.4 shows the input and output 
sine waves for an amplifier circuit. 

The input voltage V in is applied to the 
base. (Strictly speaking, it is applied across 
the base-emitter diode.) The voltage variations 
at the collector are centered on the DC bias 
point VC, and they will be larger than 
variations in the input voltage. Therefore, the 
output sine wave is larger than the input sine 
wave (that is, amplified). 

This amplified output signal at the collector 
can be used to drive a load (such as a 
speaker). 

To distinguish these AC variations in output 
from the DC bias level, you indicate the AC 


output voltage by V out . In most cases, V out 
IS a peak-to-peak value. 
Questions 


A. What is meant by VC? ___ 
B. What is meant by V out ? 
Answers 

A. Collector DC voltage, or the bias point 

B. AC output voltage 

The ratio of the output voltage to the input 
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Figure 17.9. Overall noise figure 
of cascaded amplifiers. 


Gattn 


Figure 17.10. An amplifier 
preceded by an attenuator. 


Radio-frequency electronics: Circuits and applications 


Equivalent power added = (F,-1)kTg 


Power out= kT 9G, + (F, —1 )kT 5G, = kT 9F,G, 
Equivalent power added = (F,-1)kTg 


Power out = (kT 5G, F,)G5+ (F>-1)kT9G) 
= G,GokTolF, + (F5-1)/G,] 


at To 
the source resistance is ToGatn. Since the amplifier still sees its standard source 


impedance, its total noise, referred to the input, is still (Famp)Zo. 
The overall noise figure is therefore 


Famp 10 Famp 


(17.13) 


=10 9), the noise 


so, if an amplifier is preceded by an M-dB attenuator (Gatto 
figure of the combination is M dB higher than the noise figure of the amplifier 
alone. We could just as well have derived this result by using the relation for 
cascaded devices. The noise figure of the attenuator, from the definition of noise 
figure, is Fattn =ATo/(GatinkTo) = 1/Gattn. The noise figure of the cascade 


becomes Frot = 1/Garmt+ (FP — 1)/ Gatin = F/Gattn as before. 


17.9 Other noise parameters 


In what we have considered so far, the noise produced by a device, a transistor, 
amplifier, etc. 1s specified by a single parameter, its noise figure. But the noise 
figure depends on the source impedance from which the device is fed, which 
makes this parameter something less than a complete noise description of the 
device. We will see in Chapter 24 that a total of four noise parameters are 
sufficient to describe a device. The noise figure for any given source impedance 


can then be calculated from these four parameters which are Ropt, Xopts Fmin, and 


pt» 
Ra. The (complex) impedance Zopt = Ropt Xopt is the source impedance that 
yields the minimum noise figure, F nin. The “noise resistance,” R,, is a param- 
eter that determines how fast the noise figure increases as the source impedance 
departs from Z,,. We will see in Chapter 24 that the noise figure for an arbitrary 


source impedance is given by 


F = Frin + (Ra/Gs)|Ysourco—Yopt |”. (17.14) 
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(Here Yopt is Just 1/Zopt and G; is the real part of the source admittance.) We will 
also see that noise figure is somewhat deficient as a figure of merit. A piece of 
wire has F=1 but is not a valuable amplifier since it has no gain. With a given 
transistor, circuit A might produce a lower noise figure than circuit B, but circuit 
A may have less gain. We will see that Tintinity, defined above, is the proper 
figure of merit. 


17.10 Noise figure measurement 


Problems 


A straightforward determination of an amplifier’s noise figure is possible if 
one knows its gain and has a spectrum analyzer suitable for measuring noise 
power density. Consider the common situation where we have an amplifier to 
be used in a 50-ohm environment. We connect a 50-ohm load to its input and 
use the spectrum analyzer to measure the output power density, Soutlwatts/ 
Hz), at the frequency of interest. We know that the portion of this power 
density engendered by the input load is ATG, where G is the amplifier gain. 
The noise figure is therefore given by F=Soy/(ATG). This assumes we have 
done the measurement at T=290K. If T was not 290, you can verify that 
F= [Sout — Gk(T — 290)|/(290Gk). For low-noise amplifiers, a comparison 
method is used. This method requires a cold load and a hot load, 1.e., two 
input loads at different temperatures, Thot and goia- The amplifier is connected 
to a bandpass filter (whose shape is not critical) and then to a power meter 
(which needs to have only relative, not absolute accuracy). The ratio of power 
meter readings, hot to cold, is called the Y-factor. The noise temperature of the 
amplifier is then given by: 


Ta = (Thot— YTooa)/(Y — 1). (17.15) 


Problem 17.1. Derive an expression for the power gain (output power/input power) for 
the two-port network described by Equations (17.1) and (17.2) when the load impedance 
1S Z. 


Problem 17.2. For a general two-port network, derive expressions for the Yparameters 
in terms of the Z parameters. 


Problem 17.3. (a) A certain amplifier with 20 dB of gain has a third-order intercept of 
30dBm (one watt at the output). If the input consists of 0 dBm (0.001watt) signal at 
100 MHz and another 0 dBm signal at 101 MHz, what will be the output power of the 
third-order products at 102 MHz and 99 MHz? 

(b) Same as (a) except that the input signal at 100 MHz increases in power to 10 dBm 
(0.1 watt) while the input signal at 101 MHz remains at 0 dBm. 
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Problem 17.4. The Z-parameter description of a two-port corresponds in a one-to-one 
fashion to the equivalent circuit shown below in (a). Another circuit is shown in (b). Find 
expressions for Za, Zg , Zc and V in terms of the Z parameters to make the two circuits 


equivalent. 


Problem 17.5. The figure below at (a) shows a small-signal hybrid-z model for a 
common-emitter BJT transistor. (This model contains one more component than the 
model of Figure 17.2.) 


(b) 


The components form a simple ladder network, except for the portion inside the 
dashed line box. Show, for this box, the circuit in ( b), that the relations between the input 
voltage and current and the output voltage and current are given by 


V IZ 
yV’! = — + == 
Le EmL Ls EmÉ 
and 
/ Vem '4 


Tieg Le 
Use these equations to make this box a new circuit element in the analysis program of 
Problem 1.3. The program will then be able to analyze BJT common-emitter amplifiers. 
(Note that the other two resistors and the other capacitor in this hybrid-z model can be 
included in a circuit as if they were external components.) 

Example answer: For the MATLAB example given in Problem 1.3, add the 
element, “HY PI” by inserting the following sequence of statements in the “elseif 
chain”: 
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elseif strcmp (component, ,HY_PI)==1 
ckt_index=ckt_index+1; gm=ckt{ckt_index}; Sgm 
ckt_index=ckt_index+1; R=ckt{ckt_index};%R 
ckt_index=ckt_index+1; C=ckt{ckt_index}; $C 
Z=R/(1+13*w*R*C); 

Told=I; I=(I+gm*V)/(1-qm*Z);V=(V+lold*Z)/(1-qm*Z); 


Problem 17.6. Show that the noise figure of an infinite cascade of identical amplifiers 
is given by F,, =(F— 1/6/11 — 1/G). Assume that the amplifiers have a standard input 
and output impedance such as 50ohms, that G is the gain corresponding to this 
impedance, that F is the noise figure corresponding to a source of this impedance, and 
that F> is also to be with respect to this standard impedance. Hint: use the formula for a 
cascade of two amplifiers and the standard “infinite-chain-of-anything” technique — 
adding another link does not change the answer. 

(This problem is not just academic. With only a few amplifiers the gain will be high 
enough to make the noise figure very close to F o which is the best possible combination 
of the given amplifiers.) 


Problem 17.7. Consider the balanced amplifier circuit shown below. The 3-dB, 90° 
hybrids are ideal. The amplifiers are identical and all impedances are matched. The 
individual amplifiers have power gain G and noise figure Fọ. The hybrids are perfect, 


i.e., they have no internal loss and are perfectly matched. 


a. Show that the overall noise figure of this circuit is equal to the noise figure of the 
individual amplifiers. 

b. If one amplifier dies, 1.e., provides zero output, what is the overall noise 
figure? 


Problem 17.8. We derived the overall noise figure, Fi. = F (Gu) ', for an amplifier 
preceded by an attenuator when the physical temperature of the attenuator is To, the 
standard 290K reference temperature. Assuming now that the attenuator is at some 
different physical temperature, 7, show that the overall noise figure is given by (Gas) - 
[Gattn + (Tı/To)( Gattn) po 1]. 
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18.1 AM detectors 


Demodulators and detectors 


In communications equipment, “detection” is synonymous with demodulation, 
the process of recovering information from the received signal. The term 
detector is also used for circuits designed to measure power, such as square- 
law microwave power detectors. In this chapter we discuss various AM, FM, 
and power detector circuits. The demodulator is the last module in the cascade 
of circuits that form a receiver and at this stage the frequencies (IF or baseband) 
are relatively low. For this reason the detector (and, sometimes, the final IF 
bandpass filter) was the first receiver section to evolve from analog to digital 
processing, notably in broadcast television receivers. Receivers for ordinary 
AM and FM have, for the most part, continued to use traditional analog 
detectors, but receivers for the newer digital radio formats can also use their 
digital signal processors to demodulate traditional AM and FM broadcasts. 
Demodulators for OFDM and CDMA digital modulation formats are discussed 
in Chapter 22. 


There are two basic types of AM detector. An envelope detector uses rectification 
to produce a voltage proportional to the amplitude of the IF voltage. A “product” 
detector multiplies the IF signal by a reconstituted version of the carrier. This 
detector is a mixer (see Chapter 5), producing sum and difference frequencies. 
The sum component is filtered away. The difference frequency component, at 
f=0 (baseband), is proportional to the amplitude of the IF voltage. 


18.1.1 AM diode detector 
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The classic diode envelope detector circuit for AM is shown in Figure 18.1. The 
input signal voltage, V,¡¿cos(wt), is usually provided by a tuned transformer at 
the output of the IF amplifier. This tuned circuit forms part of the IF bandpass 
filter. 
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Final IF stage 


Vac 


Figure 18.1. Diode envelope 
detector. 


Vit) = V, 
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Detector 
-~ COS(wt 
Ig (ct) Viet 


»- 
fo 


The diode and the parallel RC form a fading-memory peak detector. Except 


for the resistor, R, the output capacitor would remain charged to the maximum 
peak voltage of the input sine wave. The resistor provides a discharge path so 
that the detector output, Vaet, can follow a changing peak voltage (AM). Since 
the input sine wave, an RF signal, has a much higher frequency than the 
amplitude modulation frequencies, the RC time constant can be made large 
enough so that the droop between charge pulses is much less than indicated in 
Figure 18.1. (Of course the time constant must also be small enough that 
output voltage can accurately follow a rapidly changing modulation envelope.) 
This detector, or any other envelope detector, is known as a linear detector 
since its output voltage is linearly proportional to the amplitude of the input 
sine wave. 


Analysis assuming an ideal rectifier 


Figure 18.2. Diode envelope 
detector equivalent circuit. 


Note that the detector of Figure 18.1 is identical to a simple half-wave rectifier 
capacitor-input power supply. As with the power supply, this circuit has poor 
regulation with respect to a changing load. But here we have a constant load 
resistance R (which we will assume includes the parallel input resistance of the 
subsequent audio amplifier). The equivalent circuit is shown in Figure 18.2. If 
the diode is modeled as a perfect rectifier (zero forward resistance and infinite 
reverse resistance) the analysis of this circuit 1s straightforward. The value of the 


Veig COS(ut) Pa 


Ah 


diode’s forward resistance, Ry, can be increased to account for source resistance. 
But here the high-O resonant circuit at the detector input forces the waveform to 
remain sinusoidal. If we assume that C is large enough to make the output ripple 
negligible compared to the output voltage, the output voltage, Vg4, can be 
calculated by noting that V¿./R must equal the average current through the 
diode, which is the average of (V—Vg.,)/Rq during the part of the input cycle 
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when this expression is positive. The result is that V4et 18 proportional to the 
source voltage. (Curves showing output voltage vs. wCR for various values of 
R,/R are found in the power supply chapters of many handbooks.) The ratio of 
Vaet to the peak source voltage is known as the detector efficiency. For a 
typical AM detector, R>10R¿ and @CR> 100. This gives a detector effi- 
ciency greater than 65% and an rms ripple less than about 1% of the dc 
output. With the assumed ideal rectifier, however, R could be any value. The 
analysis in the following section shows the limitations imposed on R by a real 
diode. 


Analysis with a real diode 

Here we will discard the perfect rectifier in favor of the standard diode for which 
Tgiode = Ls EXP(Vaioae /Vr — 1), where J, is the reverse saturation current and Vr is 
the so-called thermal voltage, 0.026 volts.' In the equivalent circuit of 
Figure 18.2, we will now let R4 be zero, 1.e., we will assume that any voltage 
drop across the diode’s bulk resistance is negligible compared to the drop across 
the junction. As before, the analysis to find V4, consists in equating Vaet/R to the 
average current through the diode: 
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V det l 
= (Ijod) = — | I(0)d0 18.1 
E = (lige) = z; | 100) (18.1) 
0 
where 
I(0) = L{exp|(V cos 0 — Vac) /Vr] — 1}. (18.2) 
This pair of equations is equivalent to 
Vie VI Y 
dt (HD Y (18.3) 
0.026 2 (Vder + Vs) 


where V, a “saturation voltage,” is defined by V,=J, R and 
27 
I(V) = J exp(V cos 0/0.026)d0. (18.4) 
0 


Using a desk-top computer math utility to solve Equation (18.3) results in a set 
of curves (Figure 18.3) showing V4, vs. V for various values of V,. Note that the 
detector output is very nonlinear for low-amplitude input signals when V, is less 
than about 0.01 V. Suppose, then, that we pick V,,,=0.01 V. A germanium diode or 
zero-bias Schottky diode might have a saturation current of 10 ° A, which would 


' The thermal voltage is given by kT/e, where e is the charge of an electron, k is Boltzmann’s 
constant, and T is an assumed temperature, 300 K. 


230 


V 


Vdet (V, 0.1) 


Vdet (V, 0.01) 


Vdet (V, 0.0001) 


Figure 18.3. Detector output vs. 
input voltage for several values 
of V,=/,R. 
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then require that R=0.01/10 °=10k ohms, a convenient value. The low J, of an 
ordinary silicon diode might require that R be more than 10’ ohms, which would 
require the audio amplifier to have an inconveniently high input impedance. The 
power dissipated in the detector is Vae /R. This detector would typically produce, 
say, 2 V (to operate up in the linear range), which corresponds to a power 
dissipation of 27/10*=0.4 mW. For a given signal strength at the receiver input, 
the RF stages must have enough gain to produce 0.4 mW. 


AC-coupled diode detector 


Figure 18.4. AC-coupled diode 
detector. 


Sometimes circuit considerations require that the detector input be ac coupled. 
In this case a dc return must be furnished for the detector diode. Such a circuit is 
shown in Figure 18.4 where an RF choke (a large value inductor) provides this 


Final IF stage | AC-coupled detector 


Ves RF choke 
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dc return path, forcing the average voltage at the left side of the diode to be zero, 
as in the circuits of Figures 18.1 and 18.2. 


18.1.2 Product detectors 


Figure 18.5. Product detector 
for SSB and CW. 


Demodulation of SSB and Morse code (cw) signals is usually done by a product 
detector which mixes (multiplies) the IF signal with a locally generated carrier. 
The resulting difference frequency components become the demodulated sig- 
nal, while the sum frequency components are discarded. This is shown in 
Figure 18.5. The free-running oscillator is historically known as a beat fre- 
quency oscillator (BFO). 


IF In Audio out 


Manual freq. adjust 


BFO 


For SSB reception of voice signals, the frequency of the BFO is manually 
adjusted until the audio sounds approximately natural. For Morse code reception, 
the BFO is deliberately offset to produce an audible tone, the “beat note.” This 
was first done by the radio pioneer, Reginald Fessenden. In his heterodyne 
detector, the predecessor to the Edwin Armstrong’s superheterodyne, the incom- 
ing signal voltage was combined with the voltage from a local oscillator,” which 
was a small arc source, an early negative resistance oscillator. 

A product detector can also be used for AM demodulation. Again the signal is 
multiplied by a locally generated carrier. Here the local carrier must have the 
frequency and phase of the received carrier. Any error in frequency creates a 
strong audio beat note with the carrier of the received signal and an error in 
phase reduces the amplitude. Nevertheless, the product detector overcomes the 
limitations of diode envelope detectors; the input signal levels do not have to be 
as high and there is no low-signal threshold below which the detector is useless. 
When the AM signal is consistently strong (usually the case for most broadcast 
listeners) the local carrier can be a hard-limited version of the input signal. This 
works because, in double sideband AM, the modulated signal has the same zero 
crossings as the unmodulated carrier. The product detector shown in Figure 18.6 
uses this method. This detector is commonly used for the video detector in 
analog television receivers. 


* In his heterodyne patent of 1902, Fessenden proposed that the transmitting station send two 
signals, closely spaced in frequency. At the receiver, the nonlinear detector would produce an 
audible beat note. One of these signals could be continuous (not keyed). Instead, it became 
practical to produce the continuous signal at the receiver site using a /ocal oscillator. 


voltage is called the voltage gain of the 
amplifier. 

Voltage gain = Ay = Vout 

Vin 

To calculate the voltage gain of an amplifier, 
you can measure Vin and V out with an 
oscilloscope. Measure peak-to-peak voltages 
for this calculation. 

10 For the circuit shown in Figure 8.4 you 
can calculate the voltage gain using the 
following formula: 

Ay=px 2 
it 

In this equation: 

RL is the load resistance . In this circuit, 
the — collector resistor, RC, is the load 

resistance. 

R in is the input resistance of the transistor. 


You can find R in (often called h ie) on the 


data or specification sheets from the 
manufacturer. In = most transistors, input 
resistance iS approximately 1 kQ to 2 kQ. 


You can find V out by combining 
voltage gain equations: 


Vout 
Åy = V. and Ay=BX 
T 
Therefore, Vot — Bx Ri 
Vin Ri 


these two 


Ry 


“in 


1 
Solving this for V out results in the following 
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Figure 18.6. Product AM 
detector. 


Figure 18.7. Synchronous AM 
detector. 
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IF In Demodulated 


X signal out 


S 
a Demodulated 
90° ph 


The synchronous detector, shown in Figure 18.7, is an improved product 
detector circuit in which a phase lock loop is used to generate the local 
carrier. The carrier of the input signal provides the reference signal for the 
loop. In a practical circuit, a limiting amplifier can be used at the reference 
input to make the loop dynamics independent of the signal level. 

The PLL gives the synchronous detector a flywheel effect: the narrowband 
loop maintains the regenerated carrier during abrupt selective fades (common in 
short-wave listening). This prevents distortion, common in short-wave 
receivers, caused by momentary dropouts of the carrier. The PLL provides, in 
effect, a bandpass filter so narrow that its output cannot change quickly. Note 
the 90° phase shift network; if the phase detector is the standard multiplier 
(mixer), the VCO output phase differs from the reference phase by 90°. Without 
the network to bring the phase back to 0°, the output of the detector would 
be zero. 


IF In 


18.1.3 Digital demodulation of AM 


The analog AM demodulators discussed above can be implemented as well in 
digital circuitry. Envelope detection via full-wave rectification of the IF signal 
can be done by simply taking the absolute value of the numbers produced by the 
A-to-D converter. For digital processing, the IF signal is often converted to two 
baseband signals, Z and O, which result from mixing the IF signal with cos(@ypt) 
and sin(q@;,t). In this case, the amplitude of the signal is given by (F+ Oye 
which can also be computed digitally, though not as easily as |]. Synchronous 
detection can be done. 
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18.2 FM demodulators 


A variety of circuits, often called discriminators, have been used to demodulate 
FM. Most of these circuits are sensitive to amplitude variations as well as 
frequency variations, so the signal is usually amplitude limited before it arrives 
at the FM detector. This reduces the noise output, since amplitude noise is 
eliminated (leaving only phase noise). In addition, it ensures that the audio 
volume is independent of signal strength. 


18.2.1 Phase lock loop FM demodulator 


18.8. Phase lock loop FM 
detector. 


We have already pointed out that a phase lock loop may be used as an FM 
discriminator. As the loop operates, the instantaneous voltage it applies to the 
voltage-controlled-oscillator (VCO) is determined by the reference frequency, 
which here is the signal frequency. The linearity of the VCO determines the 
linearity of this detector, shown in Figure 18.8. 


Signal input ——» 


Detector output 


18.2.2 Tachometer FM detector 


Figure 18.9. Tachometer FM 
detector. 


A tachometer FM detector or “pulse counting detector”, shown in Figure 18.9, 
is just a one-shot multivibrator that fires on the zero crossings of the signal. Each 
positive zero crossing produces a constant-width output pulse. The duty cycle of 
the one-shot output therefore varies linearly with input frequency so, by inte- 
grating the output of the one-shot, we get an output voltage that varies linearly 
with frequency. 


IF in Demodulated 


signal out 


Integrator 


One-shot 
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18.2.3 Delay line FM detector 


Figure 18.10. Delay line FM 
detector. 


The delay line discriminator is often used in C-band satellite television 
receivers to demodulate the FM-modulated video and sound. The IF frequency 
in these receivers is typically 70 MHz. Figures 18.10 shows a quarter-wave 
delay line (which could be a piece of ordinary transmission line) which delays 
the signal at one input of the multiplier. If the input signal is cos((@pt+dw)t), then 
the signal at the output of the delay line is cos((@pt+dw)(t-t)) = sin((@p+d@)t-t0@) 
and the baseband component at the output of the multiplier is —=sin(zów). For small 
tow this is just —rów. The output voltage is thus proportional to the frequency 
offset, dw. If the delay line is lengthened by an integral number of half-wave 
lengths, the sensitivity of the detector is increased, 1.e., a given shift from center 
frequency produces a greater output voltage. 


-90° phase shift at center frequency 


Demodulated 


IF IN signal out 


Delay line 


FM quadrature demodulator 


Figure 18.11. Quadrature FM 
detectors. (a) An LC network 

is used as the delay element. 
The multiplier provides the 
necessary resistive termination, 
(b) A voltage divider provides the 
necessary phase shift (see 
Problem 18.3). 


Power splitter 


IF in 


(a) 


A — O “——— 90° phase shifter 


The quadrature FM demodulator, shown in Figure 18.11, 1s the same as the 
delay line discriminator except that an LC network is used to provide the delay, 
1.e., a phase shift that varies linearly with frequency. These circuits are com- 
monly used in integrated circuits for FM radios and television sound; the LC 
networks or an equivalent resonator is normally an off-chip component. 


High-Z multiplier 


IF in 
Audio out 


voltage divider 
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18.2.4 Slope FM detector 


IF in 


Figure 18.12. Balanced slope 
FM detector. 


Figure 18.13. Foster-Seeley FM 
detector. 


EE 
Oc > 


Slope detection, in which FM modulation is converted to AM modulation, is the 
original method to demodulate FM. The amplitude response of the IF bandpass 
filter is made to have a constant slope at the nominal signal frequency. An input 
signal of constant amplitude will then produce an output signal whose ampli- 
tude depends linearly on frequency. A simple envelope detector can detect this 
amplitude variation. An AM receiver can slope-detect an FM signal if detuned 
slightly to put the FM signal on the upper or lower sloping skirt of the IF 
passband filter. A refined balanced slope detector (Figure 18.12) uses two filters 
with equal but opposite slopes. The filter outputs are individually envelope- 
detected and the detector voltages are subtracted. This makes the output voltage 
zero when the input signal is on center frequency, fo, and also linearizes the 
detector by cancelling even-order curvature, such as an (f-fo)” term, in the filter 
shape. 

The Foster—Seeley “discriminator,” a classic FM detector, is an example of a 
balanced slope detector, though this is hardly obvious from the circuit, shown in 
Figure 18.13. 

Note that the transformer has a capacitor across both its primary and its 
secondary. If the transformer had unity coupling, a single capacitor on one side 
or the other would suffice. The fact that there are two capacitors tells us the 
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Figure 18.14. (a) Phase shift 
network: (b) magnitude vs. 
frequency of V2+0.5V3 and 
V2—0.5 Vs. 
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coupling is not unity; leakage inductance is an element in this circuit. In fact, the 
leakage inductance, and the magnetizing inductance, are used in a phase shift 
network, shown in Figure 18.14(a), used to produce the FM-to-AM conversion. 

In this circuit, LZ; and L, are, respectively, the leakage and magnetizing 
inductances of the transformer. At the center frequency, f. Va lags V3 by 90°. 
As the frequency increases from f,, this lag increases. Mostly because of the 
change in relative phase over the operating region, the magnitude of the vector 
sum V,+0.5V3 decreases with frequency, while the magnitude of the vector 
sum V>—0.5V3 increases with frequency. These two combinations correspond 
to the outputs of the sloping filters in Figure 18.12. 

Figure 18.15 is an equivalent circuit of the Foster—Seeley detector using an 
equivalent circuit for a transformer made up of the leakage inductance, the 
magnetizing inductance, and an ideal transformer. We will assume for conven- 
lence that the primary and secondary inductances and the coupling coefficient 
have values that give the ideal transformer a 1:1 ratio (see Problem 14.9). 

Comparing Figures 18.15 and 18.13, you can see how the top and bottom 
halves of the transformer secondary are used to add 0.573 and —0.5V3 to V2. The 
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f< f f= fy f> fh 
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Figure 18.15. Foster-Seeley 
detector equivalent circuit. 
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diode detectors produce voltages equal to the magnitudes of V,+0.5V3 and 
V,—0.5V3 and these magnitude voltages are subtracted, as in Figure 18.12, to 
produce the output. The RF choke provides a dc return for the diodes. Note 
that the subtractor can be eliminated by moving the grounding point in the 
secondary circuit to the bottom of the transformer’s secondary winding. The 
dc blocking capacitor that bridges the transformer is only needed if there is a 
dc voltage on the primary winding, as when the signal source is the collector 
of a transistor biased through the primary winding. Finally, note that the 
capacitor and resistor in parallel with the magnetizing inductance L> in the 
equivalent circuit are actually located on the secondary side of the trans- 
former which is equivalent to being on the left-hand side of the 1:1 ideal 
transformer. 


18.2.5 FM stereo demodulator 


Figure 18.16. FM stereo 
broadcast receiver broadcasting 
block diagram. 


10.7 MHz 

IF signal 
FM 
detector 


Stereo FM, a compatible add-on dating to the 1960s, transmits an L+R (left plus 
right) audio signal in the normal fashion, and this signal is used by monaural 
receivers (or stereo receivers switched to “mono’’). At the transmitter, The L-R 
audio is multiplied by a 38 kHz sine wave to produce a DSBSC (double side- 
band suppressed carrier) signal. This signal, well above the audio range, is 
added to the L+R audio signal, together with a weak 19 kHz sine wave “pilot” 
signal. The sum of these three signals, an example of frequency division multi- 
plexing (FDM), drives the VCO (or equivalent) to produce the FM signal. At the 
receiver, the sum signal is demodulated by any ordinary FM demodulator. After 
demodulation, the L—R signal is brought back down to baseband by a product 
detector, 1.e., a multiplier with a 38 kHz L.O. This L.O., which must have the 
correct phase (and therefore also the correct frequency), is derived by putting 
the pilot signal through a frequency doubler. This is shown in the block diagram 
of Figure 18.16. 


Product detector 
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Note that the L—R signal has been doubly demodulated: first by the FM 
detector and then by the AM product detector. In this stereo system, the L—R 
signal is more susceptible to noise than the L+R signal. For “full quieting” 
stereo reception, about 20 dB more signal strength is required than for equiv- 
alent monaural reception. For this reason, FM stereo receivers are provided with 
manual or automatic switches to select monaural (L+R only) operation. 


18.2.6 Digital demodulation of FM 


When the IF signal has been converted into baseband / and O signals, the 
phase of the IF sample is given by tan(@(t))=Q(H/[(t). Since frequency is 
the time derivative of phase, we take the differential of this expression: 
(1+tan* 0)90=90/1 — O9I/É. Substituting Q/I for tan O yields 


59 = 22 — Lol (18.5) 
[2 L O? 

For each sampled J, O pair, 90 is calculated from this pair and the previous pair. 

The resulting values of 00 are proportional to d0/dt=«w. (Note that this could 

also be done with analog circuitry. Only two analog multipliers would be 

needed if the IF signal has passed through a limiter, making (% + 05 a 

constant.) 


18.3 Power detectors 


Square-law detectors are not used as demodulators but are used in laboratory 
instruments that measure power (wattmeters and rms voltmeters). If we are 
measuring a sine wave we know that the rms voltage is equal to the peak voltage 
divided by v2. When we know the shape of the waveform, a true square-law 
meter is not necessary. Even noise power can sometimes be estimated with other 
than a square-law device. The power of a Gaussian random noise source can be 
measured by averaging the output of a Y” law device or a |V|” law device where 
n=1,2, ... The square-law device, however, is always the optimum detector in 
that it provides the most accurate power estimate for a fixed averaging time. 
When we need the optimum power measuring strategy or if we need to measure 
the rms voltage of an unknown waveform, we must average the output from a 
true square-law device. “True rms voltmeters” built for this purpose use a 
variety of techniques to form the square of the input voltage. Some instruments 
use a network of diodes and resistors to form a piecewise approximation of a 
square-law transfer function. Other instruments use a thermal method where the 
unknown voltage heats a resistor. The temperature of the resistor 1s monitored 
by a thermistor while a servo circuit removes or adds dc (or sine wave ac) 
current to the resistor to keep it at a constant temperature. The diode network 
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Figure 18.17. (a) Simple diode 
power detector; (b) preferred 
detector. 
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requires large signals and the thermal method has a very slow response. Gilbert 
cell analog multipliers can be used to square the input voltage, but they 
are limited to relatively low-frequency signals. Generally, when the power is 
very low and/or the frequency is very high, and/or a very wide dynamic range 
is needed, the square-law detector uses a semiconductor diode. A simple (but 
not particularly recommended) circuit is shown in Figure 18.17. In this circuit 
the average current through the diode is converted to a voltage by the op-amp. 
The virtual ground at the op-amp input ensures that V;, is applied in full to the 
diode. 

It is important to remember that the / vs. V curve for a diode does not follow a 
square law, even in a limited region. Rather, the law of the diode junction is 
exponential: /= Z [exp(V/Vr)— 1] where Vr, the thermal voltage, is 26 mV. The 
diode is used at voltages much smaller than Vr so it is permissible to write 
I=1 ViV_+ V2AVIVIY + 16(V/V 1 Y + 1/24(V/1VD}]. Obviously we can restrict 
the input voltage enough to neglect the last term. But what about the first term, 
the linear term? This dominant term will provide a current component that has 
the same frequency spectrum as the input signal; if that spectrum extends down 
to zero the output of the detector will be corrupted with extra noise. The third- 
order term will also have a baseband component. But if the input signal is a 
bandpass signal, the first-order and third-order terms are high-frequency signals 
that will be eliminated by whatever lowpass filter is applied to do the averaging 
(the capacitor in the above circuit). The simple square-law diode detector, then, 
is appropriate for measuring signals whose frequency components do not 
extend down into the baseband output spectrum of the detector circuit. (You 
can think of various two-diode balanced circuits to cancel the linear component 
but remember that the two diodes must be matched very closely to start with and 
then maintained at the same temperature.) The diode and op-amp circuit shown 
above serves to explain why diode detectors are used for bandpass signals but 
not for baseband signals. A better circuit — the preferred circuit — is shown in 
Figure 18.17(b). Here the sensitivity is not dependent on /, and the circuit has a 
much better temperature coefficient. In this circuit no de current can flow in the 
diode. The capacitor, however, ensures that the full ac signal voltage is applied 
to the diode. Expanding the exponential relation for the diode current and taking 
only the dc components we have 
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— Vac + (Vin?) 
0= 18.6 
Vr k Vr? ( ) 
and 
L Vin? 
Vic = 3 Vin") (18.7) 
Vr 


which shows that the dc output voltage is indeed proportional to the average 
square of the input voltage. 


Problem 18.1. Assume that in the envelope detector circuit shown below, the diode is 
a perfect rectifier (zero forward resistance and infinite reverse resistance) and that the 
op-amps are ideal. 


V, 


sigSin(wt) 


rh 


(a) Calculate the efficiency, Vac/ V. 
(b) Calculate the effective load presented to the generator (the value of a resistor that 
would draw the same average power from the source). 


Problem 18.2. Draw a vector diagram to show why an envelope detector will produce 
an audio tone when it is fed with the sum of an IF signal and a (much stronger) BFO 
signal. 


Problem 18.3. Show that the voltage divider network in Figure 18.11(b) can produce 
an output voltage shifted 90° from the input voltage when the input voltage is at a 
specified center frequency, wo. Determine the position of the output phase when the input 
signal is slightly higher or slightly lower than ao. 


Problem 18.4. When an interfering AM station is close in frequency to a desired AM 
station, an audio tone “beat note” 1s produced, no matter whether the receiver uses an 
envelope detector or a product detector. (In the case of an envelope detector, the beat note 
is produced because the amplitude of the vector sum of the two carriers is effectively 
modulated by an audio envelope. In the case of the product detector, the carrier of the 
undesired station acts as a modulation sideband and beats with the BFO.) Will the same 
thing happen with FM? Suppose two carriers (1.e., cw signals), separated by say, 1 kHz, 
appear in the IF passband of an FM receiver. Let their amplitudes be in the ratio of, say, 
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1:10. Draw a phasor diagram of the sum of these two signals. Does the vector sum have 
phase modulation? Will the receiver produce an audio tone? What happens in the case 
when the amplitudes of the two signals are equal? 


Problem 18.5. Try the following experiment with two FM receivers. Tune one receiver 
to a moderately strong station near the low-frequency end of the band. Use the other 
receiver (the local oscillator) as a signal generator. (This receiver must have continuous 
rather than digital tuning.) Turn its volume down and hold it close to the first receiver so 
there will be local oscillator pickup. Carefully tune the second receiver 10.7 MHz higher 
in frequency until an effect is produced in the sound from the first receiver. What is the 
effect? Can you use this experiment to confirm your answer to Problem 18.4? 


[1] Gosling, W., Radio Receivers, London: Peter Peregrinus, 1986. 
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New York: McGraw-Hill, 1957. 
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equation. Here, the values of Rin = 1 KQ, V 
in = 1 mV, RC = 1 kQ“, and KB = 100 were 
used to perform this sample calculation. 


R 
Vink = Vin X B A A 


in 


1kQ 
=ImV x 100 x —_ 
1kQ 


= 100mV 
Questions 


A. Calculate V out if Rin = 2 kQ, Vin = 1 
mV, RC = 1 kQ, and B = 100. | 
B. Find the voltage gain in both cases. 
Answers 

A. V out = 50 mV 

B. AV = 100 and AV = 50 


This simple amplifier can provide voltage 
gains of up to approximately 500. But it does 
have several faults that limit its practical 
usefulness. 

Because of variations In B between 
transistors, V C changes if the transistor IS 
changed. To compensate for this, you must 
adjust RB. 

R in or h ie varies greatly from transistor to 
transistor. This variation, combined with 
variations in B, means that you cannot 
guarantee the gain from one transistor 


amplifier to another. 


CHAPTER 
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Television systems 


Television system dissect the image and transmit the pixel information serially. 
The image is divided into a stack of horizontal stripes (“lines”) which are 
scanned left to right, producing a sequence of pixel (picture element) brightness 
values. The lines are scanned in order, one after the other, from top to bottom. 
Brightness values for each pixel are transmitted to the receiver(s). The image is 
reconstructed by a display device, whose pixels are illuminated according to the 
received brightness values. This chapter presents television technology in 
historical order: (1) the electromechanical system that Nipkov patented in 
1884 but which was not demonstrated until 1923; (2) all-electronic television, 
made possible by the development of cathode ray picture tubes and camera 
tubes; and (3) digital television, which uses data storage and processing in the 
receiver, allowing the station to update the changing parts of the image, rather 
than retransmit the entire image for every frame. With the lowered data rate, the 
bandwidth needed previously to transmit one analog television program can 
now hold multiple programs. 


19.1 The Nipkov system 
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Electronic image dissection and reconstruction were first proposed in the 
Nipkov disk system, patented in 1884, which used a pair of rotating disks, 
as shown in Figure 19.1. The camera disk dissected the image while the 
receiver disk reconstructed it. The receiver screen, a rectangular aperture 
mask, was covered by an opaque curtain containing a pin hole, illuminated 
from behind by an intensity-modulated gas discharge lamp. The position of 
the pin hole was analogous to the position of the illuminated spot on a CRT. 
This scanning pinhole was actually a set of N pinholes, arranged in a spiral on 
an opaque disk that rotated behind the aperture mask. Only one hole at a time 
was uncovered by the aperture. As the active hole rotated off the right-hand 
side of the aperture, the next hole arrived at the left-hand side, displaced 
downward by one scanning line. Identical holes in the transmitter disk 
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<—— Transmitter ——+| =— Receiver = 
Disk detail Glow Aperture 
E a sens Video signal lamp 4 | a 
Set SE E ER 
Photocell 
Abertura AC from AC from 
p / pwr grid pwr grid 
Synch. 
Holes sweep motor | Transmitter Receiver disk 
past aperture disk - edge-on edge-on 
Figure 19.1. Nipkov rotating allowed light from the original image to hit a photocell. Of course the rotating 
disk television system. disks had to be synchronized, but when the disks were driven by synchronous 


motors on the same ac power grid, 1t was only necessary to find the correct 
phase. 

This primitive low-resolution system was finally demonstrated in 1923 after 
the invention of the photoelectric cell, vacuum tube amplifier, and neon glow 
lamp. While the eye views only a single illuminated spot, the persistence of 
human vision retains an image on the retina of the eye long enough to make the 
image appear complete if the entire screen is scanned at a rate more than about 
20 times per second.’ Some early experimental broadcasts were made with this 
very low resolution system in the U.S. on 100-kHz wide channels in the 
2—3 MHz range. 


19.2 The NTSC system 


All-electronic television broadcasts were first made in Germany in 1935 and in 
England in 1936. The system used in the United States was proposed by the 
National Television Standards Committee (NTSC) of the Radio Manufacturers 
Association (RMA). Commercial broadcasting using the NTSC began on 
July 1, 1941. NBC and CBS both started television service that day in New 
York City. These stations and four others (Philadelphia, Schenectady, Los 
Angeles, Chicago) maintained broadcasts throughout World War II to some 
10—20 thousand installed receivers. Compatible color broadcasting was added 
to the NTSC standard in the early 1950s. An engineering tour de force, this 
system effectively transmits simultaneous red, green, and blue images through 
the original 6-MHz channels in such a way that monochrome receivers are 
unaffected. 

The NTSC standard specifies a horizontal-to-vertical aspect ratio of four-to- 
three for the raster (German for screen) with 525 horizontal lines, each scanned 
in 62.5 microseconds. About 40 of these lines occur during the vertical retrace 
interval, so there are some 525-40 or 485 lines in the picture. If the horizontal 


' The florescent “phosphorous” material on a television CRT faceplate provides addition 
persistence. 
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19.2.1 Interlace 


Figure 19.2. Interlaced 
scanning. 


— — Retrace lines 
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resolution were equal to the vertical resolution, the number of horizontal 
picture elements would be 4/3 x 485=646. The NTSC standard specifies 
somewhat less horizontal resolution: 440 picture elements. The horizontal 
retrace of a CRT requires about ten microseconds, so the active portion of 
each line is 62.5-10= 52.5 microseconds. The maximum video frequency is 
therefore given by Y. x 440/52.5 =4.2 MHz. (A video sine wave at 4.2 MHz 
would produce 220 white stripes and 220 black stripes.) 


The NTSC frame rate is 30 Hz, 1.e., the entire image is scanned 30 times each 
second. The line rate is therefore 525 x 30=15 750 Hz. Interlaced scanning is 
specified. This is shown in Figure 19.2. Lines 1-262 and the first half of line 263 
make up the first field. The second half of line 263 plus lines 264—525 make up 
the second field. The lines in the second field fit between the lines of the first 
field. Each field takes 1/60 sec, fast enough that the viewer perceives no flicker. 
If all 525 lines were scanned in 1/60 sec, the signal would require twice the 
bandwidth and the CRT beam deflection circuitry would require more power. 
Interlacing provides full resolution for fixed scenes but creates artifacts on 
moving objects (see Problem 19.5). 


Finish vertical retrace Line 283 (2nd half) 


-> 
A 


Line 284 

LINE 22 
— Field 1 lines line 285 
— — — Field 2 lines 


(both fields) 


= — Tie 263 


Begin vertical retrace A 


19.2.2 The video signal 


The video signal amplitude-modulates the video transmitter. Synchronization 
pulses are inserted between every line of picture information. The NTSC 
system uses negative video modulation so that less amplitude denotes more 
brightness. The principal reason for using this polarity 1s that impulse inter- 
ference creates black dots rather than more visible white dots on the screen of 
the receiver. 
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19.2.3 Synchronization 


A horizontal sync pulse is inserted in the retrace interval between each scanning 
line and is distinguished by having a higher amplitude than the highest ampli- 
tude picture information, 1.e., the sync pulse is “blacker” than the black level 
already blanking the beam during the retrace. The composite video, picture 
information plus synchronizing pulses, is shown in Figure 19.3. This waveform, 
which would be observed at the output of the video detector after lowpass 
filtering to remove the 4.5 MHz sound, shows three successive scan lines. 
Television receivers have a threshold detector in the synchronization circuitry 
in order to look only at the tips of the sync pulses, 1.e., the portion that is above 
the black level, and therefore totally independent of the video information. The 
burst of eight sinusoidal cycles at 3.579 545 MHz on the “back porch” of each 
synch pulse provides a reference for the color demodulator, described later. A 
vertical sync reference is provided by a series of wider sync pulses that occur 
near the beginning of the vertical blanking period, 1.e., every 1/60 second at the 


end of every field. 
Figure 19.3. NTSC video 
waveforms. 
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Black level 0.703C 
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no carrier 0C ——> 


19.2.4 Modulation 


Radio transmission of video information (television) requires that we modulate 
a carrier wave with the composite video signal. The NTSC system uses full- 
carrier AM modulation for the video. Since the NTSC video signal extends to 
4.2 MHz, ordinary double-sideband AM would require a bandwidth of 
8.4 MHz. To save bandwidth, the lower part of the lower sideband is removed 
at the transmitter by filtering, allowing a 6-MHz channel spacing. The resulting 
vestigial sideband signal consists of the entire upper sideband, the carrier, and a 
vestige of the lower sideband, as shown in Figure 19.4. 

At the receiver, a low-frequency video component, because it 1s present in 
both sidebands, would produce twice the voltage that would be produced by a 
high-frequency video signal, present only in the upper sideband. This problem 
is corrected by using an IF bandpass shape that slopes off at the lower end such 
as shown in Figure 19.5. At the video carrier frequency the amplitude response 
is 2. (This response is as good as and simpler to obtain than the dotted curve 
where all of the double sideband region is reduced to 1⁄2.) 
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Figure 19.4. NTSC 6-MHz 
channel allocation. 


Figure 19.5. IF response to 
equalize the vestigial sideband. 


19.2.5 Sound 


19.2.6 NTSC color 
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Full upper sideband 


Vestigial 
lower 


sideband Sound carrier 


Video carrier 
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For this IF equalization to work correctly, this IF filter should also have linear 
phase response. When surface acoustic wave (SAW) filters became available to 
determine the IF bandpass shape, this requirement was easily satisfied. 


The audio or “aural” signal is transmitted on a separate carrier, 4.5 MHz higher 
in frequency than the video carrier. The NTSC system uses FM modulation for 
the audio component. The maximum deviation is 25 kHz, 1.e., the maximum 
audio amplitude shifts the audio carrier 25 kHz. Normally the audio transmitter 
is separate from the visual transmitter and their signals are combined with a 
diplexer to feed a common antenna. 


The NTSC standard for compatible color television was adopted in 1953. Like 
color photography, color television is based on a tricolor system. When two or 
more colors land at the same spot on the retina, their relative intensities 
determine the perceived hue. When three complete images in three suitably 
chosen primary colors are superimposed, the eye perceives a full-color image. 
The particular red, green, and blue standards specified in the NTSC standard 
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Figure 19.6. Quadrature AM 
modulator/demodulator lets the 
two color signals occupy one 
band. 


Television systems 


were based on practical phosphors used for the dots on the faceplate of the 
CRT. Since color television requires the simultaneous transmission of three 
images, it is interesting to see how the color system can shoehorn three 
images into the 6-MHz channel originally allocated for a single monochrome 
image and do it in a way that made color broadcasts compatible with existing 
monochrome receivers. The solution to the bandwidth problem takes advant- 
age of the fact that the monochrome video signal leaves empty gaps across 
the 6-MHz band. There is considerable redundancy in a typical picture. In 
particular, any given line is usually very much like the line preceding it 
(producing strong correlation at 62.5 microseconds) so the video signal is 
similar to a repetitive waveform with a frequency of 15 750 Hz, the horizon- 
tal scan frequency. If the lines were truly identical, the spectrum would be a 
comb of delta functions at 15 750 Hz and its harmonics. Since one line differs 
somewhat from the next, these delta functions are broadened, but the spectral 
energy is still clumped around the harmonics of the horizontal scanning 
frequency, leaving relatively empty windows which can be used to transmit 
color information. (Note that if the entire picture is stationary then the 
spectrum is a comb of delta functions spaced every 30 Hz and essentially 
all the bandwidth is unused.) 

Instead of transmitting the red, blue, and green (RGB) signals on an equal 
basis, three linear combinations are used. One of these, the /uminance signal, Y, 
is chosen to be the brightness signal that would have been produced by a 
monochrome camera: Y= 0.299R + 0.587G + 0.114B. The other two linear com- 
binations are /=0.74(R—Y) -0.27(B-Y) and Q =0.48(R—Y) + 0.41(B-Y). 

The luminance signal directly modulates the carrier, just as in monochrome 
television, and monochrome receivers respond to it in the standard fashion. 
Each of the other two signals, Z and O, modulates a subcarrier (just as the Right- 
minus-Left audio signal modulates a 38-kHz subcarrier in FM stereo). The color 
subcarriers have the same frequency, 3.579 545 MHz, but they differ in phase by 
90°. Figure 19.6 shows how two independent signals are transmitted and 
recovered using this quadrature AM modulation (QAM). 


lin os K lin 


A] IN Al A 

ear 3 E > [oy Es 

Qin Ex 2 Qout 
Regenerated 


Subcarrier subcarrier 
3.57 MHz 3.57 MHz 


248 


Radio-frequency electronics: Circuits and applications 


The reference signal necessary to regenerate these local carriers 1s sent as a 
burst of about eight sinusoidal cycles at 3.579 545 MHz on the back porch of 
each horizontal sync pulse as shown in a previous figure. This “color burst” is 
used in the receiver as the reference for a phase lock loop. The color informa- 
tion, like the luminance information, is similar from line to line so its power 
spectrum is also a comb whose components have a spacing equal to the 
horizontal scanning frequency. The subcarrier frequency is chosen at the middle 
of one of the spectral slots left by the luminance signal so the comb of color 
sidebands interleaves with the comb of luminance sidebands — a frequency 
multiplexing technique known as spectral interlacing. 

Compatibility is achieved because the spectral interlacing greatly reduces 
visible cross-talk between chrominance and luminance information. To see 
this, consider a very simple signal, a uniform color field such as an all-yellow 
screen. Since this field has a color, i.e., it is not black, white, or gray, there 
will be nonzero / and O signals. In this example, since the color information is 
constant, the / and O signals together are just a sine wave at the color 
subcarrier frequency. Their relative amplitudes determine the hue while their 
absolute amplitudes determine the saturation. One would expect this 3.58- 
MHz video component to produce vertical stripes. And the beam, as it sweeps 
across the screen, does indeed get brighter and dimmer at a 3.58-MHz rate, 
trying to make some 186 stripes in the 52.5 microsecond scan. But, on the 
next line, these stripes are displaced by exactly one half-cycle. The result is 
that the entire screen, rather than having 186 vertical stripes, has a fine- 
gridded checkerboard or “low visibility” pattern. Colored objects viewed on 
a monochrome receiver can be seen to have this low visibility checkerboard 
pattern. Note that there are some unusual situations where spectral interleav- 
ing does not work. If the image itself is like a checkerboard with just the right 
grid spacing the luminance signal will fall into the spectral slots allocated for 
the chrominance signal and vice versa. A herringbone suit for example, will 
often have a gaudy sparkling appearance when viewed on a color receiver. 
NTSC receivers eventually were equipped with comb filters to separate the 
chrominance and luminance signals, but at the expense of some vertical 
resolution. 

The low-visibility principle is applied not only to avoid luminance— 
chrominance cross-talk but also to reduce the effect of the beat between the 
4.5-MHz sound carrier and the color subcarrier. To take advantage of the low- 
visibility principle, television standards were modified slightly when color tele- 
vision was introduced. The sound carrier remained the same at 4.5 MHz above the 
video carrier. The relation between the horizontal scanning frequency, fp, and the 
color subcarrier frequency, fsc, was picked to be fsc =227.5 fa. Then the sound 
subcarrier-minus-color subcarrier beat was likewise made an odd number of 
half-multiples of the horizontal scanning frequency: 4.5 MHz — fsc = 58.5 fh. 
Putting these two relations together determines the horizontal frequency, 
15 734.264 Hz, and the color subcarrier frequency, 3.579 545 MHz. The number 
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of scanning lines remained at 525 so the vertical frequency changed from 60 Hz to 
262.5f =59.940 Hz. With these choices, the sound carrier is at 286 times the 
horizontal frequency. This would produce a high visibility pattern but the sound 
carrier 1s above the nominal video band and can be filtered out easily. 


Color television receiver 


The block diagram of Figures 19.7 shows the overall organization of an NTSC 
color television receiver. The first block is simply an AM radio receiver for 
VHF, UHF, and cable frequencies (about 52-400 MHz). 

The carrier of the selected channel is translated to an IF frequency of 
45.75 MHz and the IF bandwidth is about 6 MHz. The shape of the IF passband 
must be quite accurately set to equalize the vestigial sideband, to provide full 
video bandwidth, and to reject adjacent channels. This originally required 
careful factory adjustment of many LC tuned circuits but was later determined 
by the geometry in a single SAW filter. The IF signal contains the composite 
video (luminance and sync) plus the sound and color information. The sound 
and color signals, which are essentially narrowband signals around 4.5 MHz 
and 3.57 MHz, ride on top of the luminance signal. A 4.5-MHz bandpass filter 
isolates the sound signal in the block labeled “4.5-MHz FM Receiver.” FM 
stereo sound uses the demodulator described in Chapter 18. The sound sub- 
carrier is at 31.5 kHz so that the oscillator in the demodulator can be synchron- 
ized to the horizontal sweep trigger at 15.75 kHz. A 4-MHz lowpass filter 
eliminates the sound signal from the video. The resulting video signal, the 
“Y” signal, contains the brightness information and would produce the correct 
picture if sent to a monochrome picture tube. 


Chrominance processor 


Sync processor 


The 3.57-MHz color burst on the back porch of the horizontal sync pulses 
provides a reference for the phase locked L.O. in this QAM demodulator. Not 
shown on the diagram is an electronic switch, the burst gate, which is controlled 
by the synchronization circuitry to apply the reference signal only during the 
burst period in order to improve the signal-to-noise ratio of the loop. The local 
carrier 1s fed to a product detector (multiplier) to demodulate the / signal. A 90° 
phase shift network proves a second local carrier, shifted in phase for a second 
product detector to demodulate the O signal. 


A comparator, with its threshold set at the black level, strips away the video 
signal, producing a clean train of sync pulses. As explained above, a simple RC 
differentiator then provides horizontal reference pulses and an RC integrator 
provides vertical reference pulses. A VCO, phase-locked to the horizontal 
reference pulses, provides a flywheel stabilized horizontal time base. The 
VCO operates at twice the horizontal frequency and is divided by 2 to provide 
15 734Hz for the PLL phase detector and to drive the horizontal deflection 
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Figure 19.7. NTSC color 
television receiver block 


diagram. 


circuitry. The VCO is also divided by 525 to provide an equally stable vertical 


time base. This divider must operate with the right phase for the picture to have 


the correct vertical alignment so the divide-by-525 counter has a reset input 


which will be triggered when the counter output has failed to coincide with 


several consecutive vertical reference pulses. 
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19.3 Digital television 


The first digital television broadcasting in the U.S. began in 1998, following the 
1996 adoption by the Federal Communications Commission (FCC) of the 
system developed by the Advanced Television Standards Committee (ATSC). 
Television stations were assigned new channels for digital broadcasting but 
have also continued their NTSC analog broadcasts during the digital phase-in 
period which, at this writing, 1s scheduled to end in 2009, 

The ATSC standard incorporates MPEG-2 program compression (itself a 
standard, ISO/IEC 13818), which is based on the temporal and spatial redun- 
dancy of the video program material.” MPEG-2 is also used for digital television 
in Europe (DVB) and Japan (ISDB), for direct television broadcasts from 
satellites, and for DVDs. Digital processing and storage make it possible to 
exploit the redundancies of the program material to compress up to six standard- 
definition (480-line) programs or at least two high-definition (720 or 1080-line) 
programs into the same 6-MHz wide channel needed for a single NTSC pro- 
gram. (The same redundancies are exploited to a much smaller degree in the 
NTSC system with its temporally-interlaced fields and its frequency-interleaved 
luminance and chrominance signals.) The net data rate for the ATSC system is 
19.3 Mbits/sec through a 6-MHz channel, after overhead for error correction. 
Let us estimate how much compression is involved when four standard- 
definition programs with typical frame-to-frame motion are compressed down 
to a total bit rate of 19.3 Mbits/sec. We will assume these programs are in the 
“4801” format, where 480 x 704 pixels are transmitted at a 30-Hz rate. Let us 
further assume there are three 8-bit numbers, a luminance value and two 
chrominance values, for each pixel. The overall data rate would be four 
channels x 480 x 704 x 8 bits x 3(colors) x 30 Hz=973 Mbits/sec. Dividing by 
19.3 Mbits/sec, the compression factor is 50.4. When audio is included in the 
calculation, the factor increases slightly. 

Digital television uses a three-step process. First, the video and audio pro- 
gram material, in raw digital bit streams, 1s compressed to packet streams having 
much lower bit rates. The video and audio packets, together with packets of 
ancillary data and null packets (padding) are merged together to form a stream 
of transport packets, each one containing 187 data bytes. The packets have 
headers to identify the program (since a stream may contain several independent 
programs) and the type of packet: video, audio, or, ancillary information, or 
null. Second, the stream of packets is run through a two-stage forward error 
correction (FEC) encoder which adds redundant bits to each packet so that the 
receiver can detect and correct transmission errors caused by noise and 


2 The ATSC system does not use the audio part of MPEG-2 for audio, but instead uses AC-3 (Dolby 
digital) compression, which provides each program with up to five full audio channels plus a 
low-frequency subwoofer channel for “surround sound.” 


Both R in and B change greatly with 


temperature; hence the gain IS 
temperature-dependent. For example, a 
simple amplifier circuit like that discussed In 
this problem was designed to work in the 
desert in July. It would fail completely In 


Alaska in the winter. If the amplifier worked 

perfectly in the lab, it probably would not 

work outdoors on either a hot or cold day. 
Note An amplifier whose gain and DC level 
bias point change as described in this problem 


is said to be unstable . For reliable operation, 
an amplifier should be as stable as possible. 
In later problems, you see how to design a 


stable amplifier. 


A Stable Amplifier 


11 You can overcome the instability of the 
transistor amplifier discussed in the first ten 
problems of this chapter by adding two 
resistors to the circuit. Figure 8.5 shows an 
amplifier circuit to which resistors RE and R 2 
have been added. R2, along with R 1 
(labeled R B in the previous circuits), ensures 
the stability of the DC bias point. 

Figure 8.5 
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19.3.1 MPEG encoding 
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interference. Third, the bits in the stream of expanded packets produce the RF 
signal for transmission. This signal 1s single-sideband suppressed-carrier AM 
(SSBSC) except that a vestige of the lower sideband remains (as in the NTSC 
standard) and the carrier is not completely suppressed; a pilot carrier is inserted 
as a reference for synchronous detection in the receiver. At the receiver, the 
three steps occur in the opposite order. The bit stream is demodulated from the 
RF signal. The FEC-encoded packets are then decoded, correcting transmission 
errors and producing the original packets of compressed data. These packets are 
then separated, according to program, and each program is decompressed into 
the original audio and video bit streams. 


The picture is encoded (compressed) at the lowest level in blocks of eight pixels 
by eight pixels. (Note that “compression” and “decompression” of the program 
data are usually called coding and encoding, the same terms used for the 
processes used to anticipate and correct transmission errors.) Video usually 
has a high degree of spatial correlation, 1.e., adjacent pixels tend to have similar 
brightness and color. When an (n x n)-pixel picture is encoded using a two- 
dimensional discrete Fourier transform (DCT), the resulting coefficient matrix 
can be inverse-tranformed to exactly reconstruct the picture. But if the coef- 
ficients are coarsely quantized, 1.e., rounded to use fewer bits before the inverse 
transformation, the reconstructed picture is found to retain most of its original 
quality.’ Moreover, because of spatial correlation, these coefficients tend to 
concentrate in one corner of the coefficient matrix. Away from this corner, the 
coefficients have low values. Thus, a great many of the coefficients can be 
represented as zeros and the rest by numbers of only a few bits, so DCT 
encoding providing a significant amount of compression. 

Except for scene changes, the differences from one frame to the next are 
mostly due to motion of elements within the picture (subject motion) or motion 
of the picture as a whole (camera motion). From frame to frame, a given block 
will therefore mostly just shift its position somewhat. In the ATSC system, for 
each 16 x 16 block (macroblock) in a new frame, the MPEG encoder determines 
the displaced macroblock in the previous frame that provides the best match by 
minimizing the sum of the absolute values of the differences of the pixel 
brightness values. The position of the displaced macroblock is specified by a 
motion vector, e.g., 1,1 would indicate that the best match macroblock is shifted 
one pixel up and one pixel to the right. These motion vectors are part of the 
video update information. The rest of the information consists of DCT- 
tranformed differences between the pixel values in these displaced “prediction” 
macroblocks and the new pixel values in the block being updated. At the 


> The same principle is used for audio compression. Blocks of audio voltage samples are 
transfomed and the resulting coefficients are compressed and transmitted. 
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encoder, the macroblock is subdivided into four 8 x 8 blocks, and the 64 pixel 
differences for each block which, again, have considerable spatial correlation, 
are transformed using an 8 x 8 DCT." (It is computationally more efficient to 
transform small blocks, and the 8 x 8 size was found adequate to provide the 
desired compression.) When most of the coefficients in a transformed block are 
negligible, the resulting stream of digital numbers consists mostly of zeros, and 
run-length encoding (specification of the number of consecutive zeros) is used 
to increase the degree of compression. The number of consecutive zeros is 
increased by using a certain zigzag readout ordering of the coefficient differ- 
ences. In addition, variable length coding is used for the nonzero transform 
differences; the viewer can tolerate coarser quantization for the high spatial 
frequencies. 

Note that not all the frames can be predicted from previous frames; channel 
surfers need the picture to change promptly and, of course, a change of scene 
requires all-new data. Occasional refresh frames (tagged as such) are therefore 
inserted into the stream of prediction/correction frames. In a refresh frame, 
every block is transmitted. Between refresh frames, only changing macroblocks 
need to be transmitted. As in the NTSC system, the two color signals can have 
lower spatial resolution than the luminance signal, just as a black and white 
photograph can be “colorized” using a relatively broad brush. In the ATSC 
system, each of the two color elements has half the resolution (1/4 the number of 
pixels) as the luminance element, further compressing the video signal. The 
output from the MPEG encoder, together with the audio material, is a string of 
188-byte packets: 187 data bytes plus one sync byte. Note that the packets are 
asynchronous; their lengths and mix is program dependent. Video and audio are 
both time-stamped so that they can be aligned by the decoder. After leaving the 
MPEG encoder, the bits in the 187 data bytes are “pseudo-randomized” by 
multiplication with the bits from a pseudo-random shift register sequence. This 
step, which is undone in the receiver, just ahead of its MPEG decoder, ensures 
that the spectrum is flat, even if the output of the encoder is interrupted, and 
makes it easier for the receiver to find the transmission packet sync byte which 
is added during the forward error correction encoding. 


19.3.2 Forward error correction 


The ATSC system applies two levels of forward error correction. “Forward” 
means that bits added in the encoding process make it possible to correct errors 
rather than simply detect them. Of course, this works only up to a limit; when 
the signal-to-noise ratio drops below a threshold, uncorrectable errors begin 
to produce visible artifacts and beyond this, the signal soon suffers total 


* The DCT can be done by multiplying the (8 x 8) pixel or pixel difference matrix by an (8 x 8) 
transform matrix. The inverse of this matrix provides the inverse transformation. However, there 
are faster methods, analogous to the FFT algorithm for calculating the DFT. 
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Figure 19.8. ATSC transmission 
packet. 
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Four-symbol sync sequence 


— 


FECE TAIT 


77.3 usec —— 


832-symbol transmission 
packet (data segment) contains 188 data bytes 
(after decoding) 


degradation — the well known “threshold effect” in digital communication links. 
The bit-randomized MPEG packets are first processed by a Reed-Solomon 
encoder which adds 20 parity bytes to the 187 data bytes increasing each packet 
to 207 bytes. This Reed-Solomon encoding makes it possible to correct up to 10 
defective bytes per packet, no matter how many bit errors these bytes contain. 
The next stage is an interleaving (shuffling) of bytes within blocks of 52 of the 
207-byte packets. This interleaving makes it less likely that a wide noise burst 
will leave more than 10 bad bytes in any packet after de-interleaving has been 
done at the receiver. The second level of FEC encoding is a convolutional or 
trellis encoding, which is effective against white noise. The trellis encoder 
produces three output bits for every two input bits, bringing each packet up to 
207 x 3/2 x 8=2484 bits, or 2484/3 =828 three-bit (eight-level 8-VSB) sym- 
bols. The trellis encoding is a flow process; each bit triplet leaving the trellis 
encoder is calculated from only the last four pairs of input bits. Finally, a four- 
symbol sync sequence is added for a grand total of 832 8-VSB symbols per 
transmitted packet, as shown in Figure 19.8. 

With the concatenated Reed-Solomon and Trellis error correction coding, the 
threshold of visibility for the ATSC system occurs at a S/N ratio of 14.9 dB. At 
this threshold, the data segment (832-symbol transmission packet) error rate is 
about 1.93 x 10 * or 2.5 segment errors per second.” The FCC requires that over 
the area of service, a broadcaster?s ATSC signal must exceed the threshold by 
7 dB. Compared to NTSC, ATSC broadcasting requires less than 1/10 as much 


> These numbers are taken from ATSC Document A/54A, “Recommended Practice Guide to the 
Use of the ATSC Digital Television Standard.” 
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19.3.3 RF modulation 


Packets of (4 + 828) x 3 bits 
—>| | 1/3 x 1/10.79 usec 


Serial-to-parallel 


10.79 MHz clock 


JUU 


Figure 19.9. ATSC 8-VSB 
modulator. 


Figure 19.10. Comparison of 


the ATSC spectrum (a) and the 
NTSC spectrum (b). 


19.3.4 HDTV receiver 


Television systems 


transmitter power. (Nearly all the ATSC transmitted power bears information, 
while much of the NTSC power goes into the carrier and horizontal sync pulses.) 


The three-bit symbols are converted by an A-to-D converter into an eight-level 
analog signal which amplitude modulates the carrier wave. The carrier is sup- 
pressed except for a low-amplitude pilot. Figure 19.9 shows a modulator circuit 
whose input is the stream of transmission packets, each containing 832 three-bit 
symbols, including the four-symbol segment sync. A filter eliminates all but a 
vestige of the lower sideband. 


——+| —— 1/10.79 usec 


3-bit D-to-A 


1.5 (dc bias 
to create a pilot 
carrier) 


A Carrier generator 


Figure 19.10 compares the spectrum of an ATSC signal with that of an NTSC 
spectrum. 


Video carrier 


Sound carrier 


surpressed 


Pilot carrier color carrier 


The ATSC standard provides 18 different video formats, ranging from high- 
definition 1920 x 1080 pixels, interlaced with 60 fields/second or noninterlaced 
with 30 or 24 frames/second, down to 640 x 480 pixels, interlaced with 60 
fields/second or noninterlaced with 60, 30, or 24 frames/second. The receiver 
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identifies the video format being used and decodes the video. It then scales and 
interpolates the decoded image to produce a picture that fits the native reso- 
lution of the display screen, unless the program happens to match the native 
resolution. When the screen does not have the same aspect ratio (16:9 or 4:3) as 
the program, the receiver will produce a “letter box” display, with the picture 
between black horizontal strips, or a “keyhole” display, with the picture 
between black vertical strips, or the view may be able to opt for a distorted 
picture that fills the screen. Figure 19.11 1s a simplified block diagram for an 
ATSC television receiver. 


Antenna 
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1st L.O.: freq. syth. ( recovery 
for channel selection 
Loop 
filter 
e e E 


Gain control A Q Digital processor 


loop Narrow bandpass filter at clock 


pilot freq. 


Adaptive equalizer/ N bits-to- 
echo canceller 3 bits 


Trellis Data Reed-Solomon Data 
decoder de-interleaver decoder de-randomizer 


MPEG2 
AC-3 Audio 


video 
decoder Audo decoder Video 


bit stream bit stream 


Figure 19.11. An ATSC television 
receiver block diagram. 
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The conventional RF sections are all in the first row of blocks. The signal is 
first mixed down to a first-IF frequency, often around 44MHz. Just as in an 
NTSC receiver, the L.O. for the first mixer selects the channel. The amplified 
IF signal is synchronously detected by multiplying it by a sine wave at the 
carrier frequency. This sine wave is produced by a VCO referenced to the pilot 
carrier in a phase lock loop. Without the 90° phase shifter in the loop, the VCO 
output would be 90° out of phase with the pilot carrier and there would be no 
output from the synchronous detector. (If the consortium that developed the 
ATSC standard had opted for quadrature AM (QAM), there would have been 
two final mixers producing / and O signals, rather than just a single mixer 
producing the / signal.) The detected signal, which is a zero-frequency IF 
“baseband” signal, is fed to an A-to-D converter. While the amplitude of the 
signal has nominally only eight levels (three bits), at this point it is still 
dithered by multipath echos and noise, so the A-to-D converter may have 
eight or ten bits. The clock rate of this converter may be a multiple of the 
symbol rate in order to recover the symbol clock with high precision. The 
clock recovery block finds the four-symbol segment sync sequence and phase 
locks the recovered symbol clock to it. 

The equalizer is an adaptive filter which serves two purposes. It corrects the 
overall frequency response (transfer function) to minimize intersymbol inter- 
ference (see Chapter 22) and it cancels echos — multipath interference. Both of 
these functions are essential in order to reproduce the transmitted signal well 
enough to distinguish one of eight possible amplitude values for each symbol. 
The usual form of the equalizer is a transversal FIR filter with programmable tap 
weights (amplitude and phase). The weighted outputs from the taps are summed 
to form the filter output. Every 313th transmission packet contains a “training” 
sequence, which is a reference waveform used by the receiver to determine the 
proper weights for the equalizer filter taps. Once the equalizer and the overall 
gain are correctly set, the signal can be sampled at the symbol rate x 1 to 
reproduce the data stream shown in Figure 19.8. Subsequent processing steps 
then undo the various stages of encoding. A trellis decoder (Viterbi decoder) is 
followed by a block that de-interleaves the bytes. Then the Reed—Solomon 
encoding is decoded. Finally, the pseudorandom coding is undone and the data 
can proceed to the MPEG decoder, which outputs synchronized video and 
audio. 


Problem 19.1. Suppose the NTSC signal from a television receiving antenna consists 
of the direct signal (via the line-of-sight path to the transmitting station) and a weak 
secondary signal (via reflection from a metal tower off the line-of-sight). If the path taken 
by the secondary signal is 1 km longer than the path of the direct signal, what will be the 
position of the “ghost” image on the screen of the receiver? 
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Problem 19.2. Motion pictures from film shot at 24 frames/second are transmitted as 
60 field/second television images using a technique called 3:2 pull down. A film frame is 
held in place while two television fields are transmitted. The subsequent film frame is 
then pulled down and held in place while three television fields are transmitted. Show 
that this scheme results in an average film rate of 24 frames/second. 


Problem 19.3. Consider a high-definition television monochrome signal with 
1920 x 1080 pixels and progressive scan (no interlace) at 60 frames/sec. If the brightness 
of each pixel is specified by an 8-bit number, and if no compression is used, what is the 
data rate? Answer: 995 Mbps. What compression ratio is needed if this signal is to be 
transmitted over a standard width television channel at a rate of 19.3 Mbits/second? 


Problem 19.4. Suppose an NTSC test pattern consists of five vertical bars of equal 
width but different colors. Let the bars all have the same luminance (brightness) and be 
only lightly colored (unsaturated). Sketch the waveform for one line of video. 


Problem 19.5. Interlaced scanning provides more resolution for fixed scenes but can 
produce artifacts with moving objects. Think of a situation where interlaced scanning 
could make a moving object vanish. 


Problem 19.6. Shannon’s channel capacity theorem states that data, if suitably 
encoded for error correction, can be sent with an arbitrarily low error rate if the net 
data rate (bits/sec.) does not exceed the channel capacity, given by C= Blog,(1+8/N). 
Compare the ATSC bit rate, 19.3 Mbits/second with the theoretical capacity of the 6- 
MHz channel at the threshold S/N ratio of 14.9 dB. 


[1] A/53: ATSC Digital Television Standard, Parts 1-6, 2007 Advanced Television 
Systems Committee, 1750 K Street, N.W., Suite 1200 Washington, D.C. 20006 
(available at www.atsc.org). 

[2] Benson, K. B., Editor, Television Engineering Handbook, New York: McGraw-Hill, 
1986. (Updated version of Fink, D. G., Editor, “Television Engineering Handbook,” 
New York: McGraw-Hill, 1957.) 

[3] Jackson, K. G. and Townsend, G. B. Editor, TV & Video Engineer s Reference Book, 
London: Butterworth Heineman, 1991. Modern handbook from Britain. 

[4] NAB Engineering Handbook, 10th edn, 2007, National Association of Broadcasters. 
National Association of Broadcasters, Engineering Handbook, 8th edn., 1993. 

[5] Recommended Practice: Guide to the Use of the ATSC Digital Television Standard, 
including Corrigendum No. 1, Advanced Television Systems Committee, 1750 K 
Street, N.W., Suite 1200 Washington, D.C. 20006 (available at www.atsc.org). 


CHAPTER 


Antennas and radio wave 
propagation 


While discussing transmitter and receiver circuitry we did not have to know 
much about antennas or propagation. It sufficed to know only that a voltage 
applied to the terminals of a transmitting antenna causes a proportional voltage 
to appear very shortly thereafter at the terminals of a receiving antenna. To be 
more exact, it was sufficient to know that everything between the terminals of 
the two antennas is equivalent to a linear two-port network. Here we will 
consider the transmission through this propagation link. 

When an ac source (transmitter) is connected to an antenna (practically any 
metal structure) the resulting current has a component that is in phase with the 
applied voltage. The impedance of the antenna therefore has a real part, a 
resistance, and draws power from the source. If the antenna is efficient, most 
of the power flows away from the antenna in the form of (energy-bearing) 
electromagnetic waves and only a small fraction of the power will be dissipated 
by ohmic heating of the antenna itself. The impedance will also generally have a 
nonzero imaginary part, a reactance. If the reactance is zero at the operating 
frequency the antenna is said to be resonant, just as an RLC circuit is purely 
resistive at its resonant frequency. An external tuning network (an antenna 
tuner) can be used to cancel the reactance and also transform the resistance to a 
value that matches a receiver’s input impedance or to a value that draws a 
desired amount of power from a transmitter. 


20.1 Electromagnetic waves 
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As an electromagnetic wave propagates away from the transmitting antenna, it 
takes on a spherical wavefront. By the time it reaches a distant receiving antenna, 
the wavefront has a very large radius of curvature and is essentially a plane wave. 
The E and H vectors (electric and magnetic fields, measured respectively in volts/ 
m and amperes/m) both lie in the plane of the wavefront, 1.e., they are transverse 
to the direction of propagation as shown in Figure 20.1. The fields are in phase 
with each other; they rise and fall together in space and time. 
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Figure 20.1. An electromagnetic 
wave - the E and H fields are 
transverse to the direction of 
propagation. 
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E field 


Z Direction of propagation 


The ratio of the electric field strength to the magnetic field strength in free space 
is given by E/H =(uo/£0)" "= 1202 =377 ohms. This ratio is known as the “impe- 
dance of free space.” These fields are perpendicular to each other and their vector 
cross-product, Ex H, points in the direction of propagation. A continuous 
monochromatic wave has sinusoidal spatial components, Eye “” and Hoe 2”, 
as shown in the figure. The wavenumber, k, is defined as 27/21 radians per 
meter. The phase velocity, w/k, is given by c = (uso) =3x 10°m/s (the speed 
of light). 


20.1.1 Propagation in a vacuum 


Static electric and magnetic fields are always associated with sources, 1.e., 
electric field lines terminate on electric charges and magnetic field lines 
encircle current filaments. But when an antenna launches an electromagnetic 
wave, the field lines break away from the sources, reconnecting into closed 
loops, and the wave becomes autonomous. For a vacuum, Maxwell’s curl 
equations are 


V x E = —wjoH, (20.1a) 


V x H = &joE. (20.1b) 


The right-hand sides of these equations are like sources; the E-field is pro- 
duced by the changing H-field and the H-field is produced by the changing 
E-field. You can verify the statements made above about plane waves by 
writing the E-field shown in Figure 20.1 as E=XE,e!* and substituting it 
into Equation (20.1a) to get H. You can then verify that H satisfies Equation 
(20.1b). 

Electromagnetic waves are produced by electric charges undergoing accel- 
eration. Time-varying currents contain accelerating charges. A sinusoidally 
time-varying current distribution on an antenna launches sinusoidal electro- 
magnetic waves. The time-averaged power density or “energy flux” of the 
waves is given by S ='4(E x H) = 2E°/377 watts/m”, where E and H are the 
(peak) field amplitudes and the factor % is the time average of cos“(wt). At a 
receiving antenna, the fields from an incident wave produce currents that result 
in a voltage at the antenna terminals. 
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20.2 Radiation from a current element 


helt di 


Figure 20.2. An elemental 
sinusoidal ac current element. 


Just as Maxwell’s equations can be manipulated to yield back Coulomb’s law 
(which gives the E-field from an elementary point charge) and Ampere’s law 
(which gives the H-field from a constant current element), they can also be 
stirred together to yield the E and H fields produced by a time-varying current 
element. The £ and H fields produced by an antenna are superpositions of the 
E and H fields from every elemental ac current element on the antenna. 
Consider an ac current element in the z-direction, as shown in Figure 20.2. 
This element has length ôl and carries a current Jp cos(wt) which, as usual, we 
express as Joe”. At the observation point, r, the magnetic field is given by 


ôH 


al j(wt—kr) : j(@t—kr) 
_ hol (“ sin(@)e e sin(@)e ) | 20.2) 


Ar r r2 


where k = w/c and @ is the angle between the current element ôl and the vector r. 
Equation (20.2) is Ampere’s law, generalized for an elemental current with a 
sinusoidal time variation. The direction of ôH is given by ôl x r (into the page). 
The first term in the bracket falls off slowly as 1/r and is the radiation term. The 
second term falls off quickly as 1⁄7 and corresponds to near-field stored energy; 
jis just a phase factor since j=e!”*. The normally implicit e'* term is included 
el" If we let the frequency approach 
zero, the radiation term vanishes (since k goes to zero), the second term 
becomes sin(0)/r? and Equation (20.2) reduces to Ampere’s law (also known 
as the Biot — Savart law) for calculating the magnetic field produced by a dc 


here to highlight the wave term, 


current element. 

Figure 20.3 shows the radiation pattern (antenna pattern) obtained from 
the radiation term in Equation (20.2) (the first term in the bracket). This is a 
surface plot where the distance from the origin to any point on the surface is 
proportional to the power radiated in that direction, i.e., proportional to |H]° at 
a large constant value of r. We do not have to work out the E-field sepa- 
rately, since we already know that, in the far field, E is perpendicular to both 
H and k and that its magnitude (in volts/m) is 377 times the magnitude of H 
(in amps/m).' 

In this chapter we are interested in radiation far from the antenna, so we can 
ignore the near-field (second) term in Equation (20.2). At any observation point, 
the H-field is the integral of the contributions from every current element in any 
given antenna. For a wire antenna, we would evaluate a line integral. For a 
reflector antenna, we would have a surface integral, summing up the contribu- 
tions from the current flowing on each element of the surface. 


' If we do need to know E in the 1⁄7” (near field) region, we can calculate the curl of H from 
Equation (20.3) and plug that into Equation (20.2) to get E. 


Vc (DC bias level) 


By adding the emitter resistor R E, you 
ensure the stability of the AC gain. 

The labels in Figure 8.6 identify the DC 
currents and voltages present in the circuit. 


These parameters are used in the next 
several problems. 
Figure 8.6 
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Figure 20.3. Elementary dipole 
radiation pattern (surface of 
constant field strength). 


20.3 Dipole antenna 
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A short dipole antenna (shorter than, say, 4/20) will have the same radiation 
pattern as the elemental dipole since we can consider it to be a string of 
elemental dipoles, short enough that the phase paths from every one to the 
observation point are essentially the same. Thus, the string 1s equivalent to a 
single elemental dipole of strength /6 / = > /;5/;. We can calculate the power 
radiated by a single elemental dipole by integrating the average energy flux 
density, ’2EH, over the surface of a bounding sphere to include the power 
radiated in every direction. Using the radiation term in Equation (20.2) for H, 
we have 


ad (ESN 203) 
Total Pwr = / (1/2)EHdS = J (1/2) (u9/€0) H? r dQ 
OC [ea 
r (20.4) 


= (1/2)(u0/60) 4 (okól/(4m) J 27 sin? (0)d0 


= (1/2)1207(10(27/2)01/(47))"870/3 
= 407? (1091/27. 


It turns out that the current distribution for a short dipole is a triangle function 
(actually the almost linear ramp portion of a sine function near zero), as shown 
in Figure 20.4. 
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Figure 20.4. (a) A short dipole 
has a triangular current 
distribution. (b) A half-wave 
dipole has a sinusoidal current 
distribution. 
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The average current for a short dipole is therefore half the input current, so the 
power radiated is 


Lin f 
Pshort dipole = 407° (2 i) , (20.5) 


where Jin is the peak input current and / is the length of the dipole. The input 
power must be equal to % In R, where R is the real part of the antenna’s input 
impedance, known as the radiation resistance. For the short dipole, we can 
therefore write 


Rbshort dipole = OP honam tan = 207° (1/47. (20.6) 


For a short dipole with /= 0.054, R = 0.49 ohms. The imaginary part of the input 
impedance is negative and large, corresponding to a series capacitance with a 
low value. An antenna tuning network that increases the low value of R and 
tunes out the high value of capacitive reactance will need at least one high-value 
inductor. However, the limited Q of practical inductors will introduce losses that 
result in very low efficiency. A counterpart to the elemental dipole is the 
elemental current loop or elemental magnetic dipole (as opposed to elemental 
electric dipole). The loop is assumed to have constant current and its radiation 
pattern is the same as the pattern of the elemental dipole. A very small loop 
antenna has an extremely low radiation resistance and a high positive (induc- 
tive) reactance. It is an inefficient antenna in that its ohmic resistance 1s usually 
higher than its radiation resistance. 

In practice, most dipoles have an overall length of 7/2. At this resonant length, 
the impedance of a thin wire dipole seen at the center gap is 73.1 +30 ohms, an 
entirely practical value. Resonant loops, with a circumference of the order of a 
wavelength, are also practical antennas. While transmission line arguments can 
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Figure 20.5. Fat monopole 
geometry. 
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be used to show that the current distribution on a wire dipole is nearly sinus- 
oidal, going to zero at the open ends, rigorous calculations of current distribu- 
tions on arbitrary antennas require elaborate self-consistent treatments of the 
currents and fields. A benchmark problem is the fat dipole antenna shown in 
Figure 20.5(b). This “monopole” is really a dipole, since the ground plane 
induces an image monopole as shown in Figure 20.5(a). 

This geometry is appealingly simple; the radiating element, as it enters the 
hole in the ground plane, becomes the center conductor of a coaxial line. You 
can find theoretical and experimental plots of input impedance of this antenna in 
most standard antenna textbooks. You can also model this dipole if you have 
access to a program for three-dimensional electromagnetic field simulation, 
such as Ansoft’s HFSS. 


20.4 Antenna directivity and gain 


The radiation from any antenna is always stronger in some directions than in 
others; no antenna can be an isotropic radiator.” Let the energy flux (W/m?) 
produced in a given direction be denoted as S(6,¢,r), where we are using 
standard polar coordinates. As before, the integral of S over an enclosing sphere 
will be the total radiated power transmitted, Prap: 


[seo p, r) dQ = Pran. (20.7) 


* Itis topologically impossible to have a constant tangential vector field on the surface ofa sphere, a 
theorem sometimes expressed as “You cannot comb the hair smooth on a billiard ball.” Thus, in 
the far field ofan antenna (at a distance greater than the square of the largest physical dimension of 
the antenna divided by the wavelength), where the E and B fields are transverse (tangent to the 
surface of a sphere surrounding the antenna), the fields cannot be everywhere constant. The 
radiation pattern of an antenna, therefore, cannot be isotropic. 
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For any given direction, the ratio of the flux to the average flux is defined as the 
directivity of the antenna 


S(0,0,r) 
Prap/(47r?) 


An equivalent statement is that the directivity is the factor by which the flux in 
the strongest direction exceeds the flux from a hypothetical isotropic antenna 
radiating the same total power. We know that the radiation flux eventually falls 
offasr °. For large r, then, the far-field directivity, D, is a function only of the 
polar coordinates 0 and ¢. Combining Equations (20.7) and (20.8), we see that 
the average directivity of an antenna is unity: 


DO 0.7): = (20.8) 


l 
e Joo ©)dQ = 1. (20.9) 


Directive gain, G(@,@,r), has the same definition as the directivity except that the 
radiated power is replaced by Pinc, the power incident on the antenna terminals: 


S(09, ®,r) 


G(0, ®,r) = Pue lar?) 


(20.10) 
If an antenna has no ohmic losses and its feedpoint impedance matches the 
transmission line impedance (so that no power is reflected), all the incident 
power will be radiated and the directive gain will be equal to the directivity. In 
most antennas used for transmitting, the losses are no more than a few percent 
and the distinction between directivity and gain is unimportant.” The maximum 
value of an antenna’s directive gain is simply called the gain. A transmitter 
connected to an antenna having a gain of 20 dB will produce a directed signal 
100 times more powerful than if it were connected to a hypothetical lossless 
isotropic radiator. 

Since we have already calculated the total power radiated by an elemental 
dipole (Equation 20.4), we can easily calculate its directivity. The maximum 
flux density, calculated from Equation (20.3), is Smax = (60/m)[ Ink ô 1 (4ar)]’, 
where we have substituted 120z for (uo/£0)"”. Dividing Smax by the average flux 
density, Saye = total power/(4xr”), yields a directivity of 1.5. As explained 
above, this will also be the directivity of a short dipole. The directivity of a 
half-wave dipole is 1.64 and its radiation pattern differs little from that of the 
elemental dipole. 


> Small inefficient antennas are adequate for low-frequency receivers. Even though antenna losses add 
noise at the receiver input, signal strengths in the AM broadcast band and short-wave bands must 
already be considerably higher than this added noise in order to exceed the noise power from static 
(atmospheric electricity). Even with an inefficient antenna, the total power delivered to the receiver is 
much greater than the thermal noise added by the antenna and by the receiver itself: 
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20.5 Effective capture area of an antenna 


Figure 20.6. Reciprocity: 
received power is unchanged 
when source and load are 
interchanged. 


The distance between transmitting and receiving antennas is generally so large 
that a plane wave can be assumed incident on the receiving antenna. The energy 
extracted from the incident wave is, of course, proportional to the average 
energy flux density, 4E x H W/m”. The proportionality constant is called the 
effective area (capture area) of the receiving antenna. It turns out, as shown 
below, that the effective area is proportional to gain: 


Aer, = GA /4r. (20.11) 


Since gain and effective area are proportional, there is really no distinction 
between transmitting antennas and receiving antennas; the best transmitting 
antenna (most gain) is also the best receiving antenna (most capture area). A 
standard derivation of Equation (20.11) begins by applying the reciprocity 
theorem* to a system of two arbitrary antennas. The two antennas, as shown 
in Figure 20.6, need not be identical. We can suppose they are both matched to 
the same impedance value and that we have both a generator and a receiver that 
match this impedance. First we connect the generator to Antenna | and measure 
the power from Antenna 2. 

If we now interchange the generator and load, the reciprocity theorem states 
that the power delivered to the load will be unchanged. Expressing this in terms 
of gain and effective area, we have Giet 2 = GoA ere 1 OF Gy/A gp 1 = Go/Aesr 2, 
from which we see that the ratio of gain to effective area has the same constant 
value for any and all antennas. We can pick any conveniently simple antenna 


* The remarkable reciprocity theorem finds application in mechanics, optics, and acoustics 
as well as electrical engineering. 
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and use electromagnetic theory to calculate 1ts gain and effective area. When 
this is done, it is found that the ratio of gain to effective area is 47/27. A half- 
wave dipole antenna has a maximum gain of 1.64. Its effective area 1s therefore 
1.64 17/47x. If the dipole is made of thin wire, it has no real physical area, only a 
length, yet 1t has a nonzero effective area and can extract energy from an 
incident electromagnetic wave. Note that even a very short dipole has nearly 
the same effective area as a half-wave dipole. The effective area of a microwave 
dish antenna can approach its physical area, as we will see below, but normally 
itis from 50 to 80 percent of the physical area. This fraction, known as aperture 
efficiency, is usually set not by ohmic losses but rather by the illumination 
pattern of the primary feed antenna. A perfectly uniform illumination pattern 
(and no ohmic loss) produces an aperture efficiency of unity. The Arecibo radio 
telescope dish uses an aperture 700 ft in diameter (area = 35 800 m^). Its aperture 
efficiency is about 70% at 4=12cm (the wavelength used there for radar 
astronomy) so its gain, using Equation (20.11), is G=4z(0.70 x 35 800)/ 
(0.12)°=22 x 10° or 73 dB. 


20.6 Reflector and horn antennas 


Radar antennas and satellite TV dishes are familiar examples of reflector 
antennas. From a transmitting standpoint, a primary or “feed” antenna illumi- 
nates the reflector. Currents induced in the metallic surface of the reflector 
become secondary radiators and their radiation forms the beam of the antenna. 
The larger the dish, the more directive the antenna, as we will see. These 
antennas are examples of “aperture antennas;” one can readily identify the 
aperture (usually circular) from which the radiation emanates, as if from a 
searchlight. 

Let us use Equation (20.3) to calculate the radiation from a large flat 
rectangular metal plate on which there is a surface current density, Js, which 
has the same amplitude and phase at every point.” For surface current, Jgdxdy 
replaces /pd/ in Equation (20.3). To find the antenna pattern we integrate over 
the plate, summing up the contributions from each element of area. These are 
phasor contributions and the far field 1s actually an interference pattern. Once 
we have calculated the antenna pattern, we will integrate the power over a 
bounding sphere, as we did for the elemental dipole, to determine the total 
power radiated. With this, we can then calculate the gain. 

Figure 20.7 shows the geometry for this antenna. The size of the plate is 2a by 
2b. Radiation will be strongest in the z-direction, perpendicular to the plate. We 


> Such a current distribution could be established by illuminating the plate with radiation from a 
dipole far out in front of the plate, though this would not be an efficient feed antenna, since the 
plate would intercept only a small fraction of the dipole’s radiation. 
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Figure 20.7. Rectangular 
aperture antenna geometry. 
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k (Direction of propagation) 


will assume that both a and b are much greater than 2, anticipating that this will 
form a very concentrated beam.° 

The vector from the center of the plate to a distant observation point is 
denoted by r, and the vector from the center of the aperture to an arbitrary 
point x,y on the aperture is denoted by R. Again using the first term (the 
radiation term) of Equation (20.3), we see that the contribution to the distant 
H field from an element of area at the center of the plate is given by 0H = Js dxdy 
jk(4ar) ‘cos(6)e* where, as always, k=2x1/1 and k is directed from the 
plate to the point r. Note that the sin(0) factor in Equation (20.3) is here cos(0) 
because the current is perpendicular, not parallel, to the z-axis. We will replace 
this cos(9) by unity, anticipating that, when both a and b are much greater than 2, 
the pattern will be highly concentrated around the 9=0 direction. Away from 
the origin, radiation to the point r from any other point on the plate will be 
shifted in phase by k-R radians, as shown by the inset in Figure 20.7. Using 
standard polar coordinates, this phase shift is given by 


k-R = xk + yk, = k sin(@)|x cos(¢) + ysin(@)]. (20.12) 


If we assume a uniform field over the aperture, the field at r, 0, 6 can now be 
written as 


a 


b 
KJ. ejo(t=kr) 
H(r, 0, ¢) rains J J el Rdxdy 


Anr 
—b -a 
jigit) p | 
= J / g JkOKcos Py sin dy (20.13) 
Anr 
—b -—a 


€ When used at a wavelength of 12 cm, the 210-m diameter illumination on the dish at Arecibo 
forms a beam whose width between half-power points is only 12/21 000 radians or 0.03 degree, a 
“pencil beam.” 
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Figure 20.8. Radiation pattern 
(power in dB) from a rectangular 
aperture. 


Antennas and radio wave propagation 


===> 


JN 
dB 


10 


| 
N 


0 


MA 


where we have replaced sin(9) by 0, again anticipating that the power will 
be negligible except for the region close to 4 =0. Evaluating the integral we 
find 


— ¡kJgabei ok) /sin(ka0 cos(¢)) sin(kb0 sin(¢)) 


AI Arr ( kað cos(¢) kb@ sin(¢) ) ua) 


Since the average power density (watts/m7) is given by EH = Yx(uo/e0) HH, the 
antenna pattern is proportional to the square of the term in brackets. Figure 20.8 
shows the pattern, which has a strong central main lobe surrounded by side- 
lobes, which for this (sin(x)/x)” power pattern are 13.3 dB below the peak of the 
main beam. 

This plot uses rectangular “sky coordinates,” u and v, measured in radians, 
where u = Osin(ġ) and v = Osin(¢). The term in brackets is, therefore, sin(kau)/ 
(kau) sin(kbv)/(kbv). This plot was made for a square aperture; a rectangular 
aperture produces an elongated beam. For a<b, the beam is broader in the 
u-direction than in the y-direction. We can integrate the power density of the 
pattern to get the total average power: 


] e ee 2 ; . 2 
ug |¡Jskabejot=H) J J 5 (sin(kau) sin(kbv) 
Si di AS 
iene E0 í Arr i kau kbv a 


LD 
Mo (Jskab\~ x 
= 1/2, 2 = ) ab’ (20.15) 
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Figure 20.9. Horn and dish 
antenna aperture planes. 
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Aperture planes ee 


(a) (b) 


This let us calculate the gain: 


7 Ho 2. Pwr 4a(4ab) ATA 
G=1/2, Hr 0,0)P + a= = (20.16) 


This example antenna serves to establish the relationship between gain and 
effective area, G =4m Aor /2, as long as we can argue that the effective area 
(capture area) is equal to the actual physical area. To argue this case, consider 
that a wave transmitted by this antenna is essentially a plane wave as it leaves 
the large aperture (as contrasted with the spherical wave emitted by a small 
antenna). Therefore, if we invoke time reversal, the wave entering the antenna 
would be a plane wave, just as if it had come from a distant transmitting antenna. 
Since the time-reversed wave is completely “absorbed” by the antenna, the 
effective area is equal to the physical area, 4ab. 

The integral in Equation (20.13) 1s just a two-dimensional Fourier transform 
of the aperture illumination. In this example, we used uniform illumination, so 
we have transformed the shape of the aperture with uniform weighting. The 
aperture can have any shape. For example, a circular plate of radius a > 4 
produces a field pattern proportional to J, (ka@)/(ka@), where J, is the first-order 
Bessel function of the first kind. (The function J,(x) resembles sin(x)[x+ 1] "^. 
For any given aperture, uniform illumination produces the highest gain. But 
“tapered” illumination, where the current density is less near the edges of the 
aperture, 1s often used because it reduces the amplitude of the sidelobes. 

A simple microwave horn antenna is essentially a waveguide funnel, fed at 
the small end, as shown in Figure 20.9. The other end fans out, usually in both 
transverse directions, to form a large aperture. The beam radiated from the 
aperture is comparable to the beam radiated from a dish antenna having equal 
area. The field distribution in the aperture plane is the same as the field at any 
cross-section in the waveguide, expanded to fill the aperture. 

The horn antenna has no secondary radiators in its aperture plane. Of course 
there are currents on the inside walls of the waveguide and, in principle, 
Equation (20.3) can be used to calculate the radiation pattern far out in front 
of the horn. A much simpler way to find the radiation pattern is to use Huygen’s 
principle, where the aperture field is regarded as a source, a two-dimensional 
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array of wavelets, each of which re-radiates as if it were a current element.’ If 
you know the E-field (or H-field) in the aperture plane, the squared magnitude 
of its two-dimensional Fourier transform yields the radiation pattern, just as the 
squared magnitude of the transform of the currents on a metal plate yielded the 
radiation pattern in the above example. This analysis technique is also applied to 
dish antennas. Ray-tracing methods (geometric optics) are used to find the 
phase and amplitude of the field at an aperture plane — usually just in front of 
the dish. This field is then regarded as a Huygen’s source; its Fourier transform 
gives the far-field pattern without requiring an intermediate calculation of the 
currents on the reflector surface. This Fourier transform method is also applied 
to systems having multiple antennas, such as arrays of dish antennas, used 
together as an interferometer to form an extremely narrow beam. 


The elementary dipole of Figure 20.2 produces radiation with linear polar- 
ization; at any observation point the electric field vector has a fixed direction 
and an amplitude that oscillates sinusoidally. A dipole receiving antenna would 
have to be placed parallel to the incoming polarization. If placed perpendicular 
to the incoming F vector, it would pick up no signal. In all the preceding 
discussions, we have implicitly assumed that the polarization of a receiving 
antenna was matched to that of a transmitting antenna. Circular polarization 
can be produced with an antenna made of crossed dipoles. The dipoles are fed 
by signals that are equal in amplitude but 90° out of phase. This results in a 
transmitted E vector that rotates in the plane perpendicular to the direction of 
propagation. At any observation point, the magnitude of the E vector remains 
constant, but the vector rotates one turn for every period of the wave. A 90° 
hybrid can be used as a power splitter to feed the two dipoles. An identical 
antenna (a pair of crossed dipoles with a 90° hybrid as a combiner) makes a 
polarization-matched receiving antenna. Note that a single dipole can serve as a 
receiving antenna for circular polarization, but it collects only half the available 
power. Ifthe incoming £ field, viewed from the receiving position, rotates in the 
counterclockwise sense, the radiation has, by definition, right-hand circular 
polarization (RCP). If the cables from the receiving antennas were to be 
interchanged at the hybrid, the resulting LCP antenna would have the wrong 
handedness and could receive no power from an RCP transmitting antenna. The 
most general polarization is elliptical, which is an admixture of linear and 
circular. Linear and circular polarizations are just special cases of elliptical 
polarization. 


7 See Reference [1] for a theoretical justification of Huygen’s principle. 


Question 

In designing an amplifier circuit and choosing 

the resistor values, there are two goals. What 

are they? 

Answer 

A stable DC bias point, and a stable AC gain 
12 Look at the gain first. The gain formula 


for the circuit shown in Figure 8.6 IS as 
follows: 
Ay = vot = Re 
Vin Re 
This is a slight variation on the formula 
shown in problem 10. (The complex 
mathematical justification for this IS not 


important right here.) Here, the AC gain is 
not affected by transistor B and transistor 


input resistance, so the AC gain will be 
constant, regardless of variations in these 
parameters. 
Questions 
Use the circuit shown in Figure 8.6 with R C 
= 10 kQ and RE = 1 kQ to answer the 


following questions: 
A. What is the AC voltage gain for a 
transistor if its B = 100? | 
B. What is the gain if B = 500? 
Answers 
A. 10 
B. 10 

13 This problem provides a couple of 
examples that can help you understand how 
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20.8 A spacecraft radio link 


Figure 20.10. A spacecraft 
telemetry link. 


Consider the following example of a spacecraft telemetry link for which 
we wish to find the maximum range. Suppose we have a 1-W telemetry trans- 
mitter aboard a spacecraft and that the data rate requires a channel capacity 
corresponding to a signal-to-noise ratio of at least unity in a 1-Hz bandwidth. 
This link uses a frequency of 3GHz (10cm wavelength). The transmitting 
antenna on the spacecraft is a 2-m diameter dish. The ground station antenna 
is a 10-m diameter dish, as shown in Figure 20.10. Assume that both these 
dish antennas have an effective area equal to 60% of their physical apertures. 
Assume also that there is no pointing error, 1.e., the antennas always point 
directly at each other and that the system temperature of the ground station 
receiver is 25K. (The system temperature is the sum of the equivalent 
receiver noise temperature, the antenna noise temperature, and the sky noise 
temperature. ) 


1. What is the equivalent input noise power of the receiver? Boltzmann’s 
constant, k, is 1.38 x 10 7° W/Hz/K, so the equivalent input noise power, 
kTB, is 1.38 x 1077 x 25 x 1 =3.45 x 10 * W. 

2. What is the effective area of the receiving antenna? The physical aperture is 
TR” so the effective area is 0.60 1R*=0.6015%=47.1 m°. 

3. What is the gain of the transmitting antenna? The physical aperture is zR’ 
and the aperture efficiency is 0.60 so the effective aperture is 0.60 1(1*) 
= 1.88 m”. The gain is 477A erp /1=41(1.88) /(0.17) = 2369. 

4. What is the maximum range, R, in kilometers for the spacecraft 
to maintain the required signal-to-noise ratio? Here we simply set 
Proise=Preceived = Arevr Puans.Girans/ (42R°) from which we have R= 
(47) lP ans. Girans!P poise Using the parameters calculated above, we have 


R =4/ (42) *x1x2369/(3.45 x 10-22) =7.4x 10!!m = 740 x 10°km. 


This is roughly the mean distance to Jupiter. 


2 meter diam. antenna e 
AT a 


JF am 1-watt transmitter 


( qa E on spacecraft 
V 


10 meter diam. antenna 
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20.9 Terrestrial radio links 


VHF and UHF two-way radios used by cellular phones, emergency vehicles, 
etc. have transmitters with several watts of power but their range is limited by 
the curvature of the Earth to only a few miles or tens of miles. (Radio waves 
do not propagate through the highly conductive Earth though they do 
diffract slightly, so the radio horizon is somewhat beyond the optical 
horizon.) Mobile radios also use antennas that have gains only of the order of 
unity so they do not have to be pointed accurately — or even at all. Finally, in 
ground-to-ground radio links, the signal usually arrives from an angle near the 
horizon; the receiving antenna will pick up noise from the ground (thermal 
radiation). In these systems, then, extremely low-noise receivers are of no 
benefit. Broadcasting stations for FM and television also use VHF and UHF 
frequencies so their range is also essentially line-of-sight. Long-distance prop- 
agation in AM and short-wave broadcasting depends on reflection from the 
ionosphere. 


20.10 The ionosphere 


At altitudes above about 60 km the atmosphere is ionized by ultraviolet radia- 
tion from the Sun; electrons are stripped from the neutral particles (mostly 
oxygen atoms and O, and N, molecules) to produce a mixed electron and ion 
gas. During the day the density of this ionized gas is highest at around 250 km, 
the peak of the “F-region.” Above the peak the ionization is less because the 
thinner atmosphere presents fewer particles to be ionized. Below the peak the 
ionization is less because the denser atmosphere exhausts the supply of ultra- 
violet photons; the electrons they produce quickly encounter nearby ions 
and recombine. At night, without sunlight, the ionization rate is zero. 
Recombination quickly neutralizes the ionization at the lowest altitudes, around 
100 km, and depletes the F-region until sunrise. 


20.10.1 Wave propagation in the ionosphere 


An electromagnetic wave induces electric currents in the electron gas of the iono- 
sphere. (The electrons, by virtue of their low mass, are accelerated by the incident 
wave to much higher velocities than the ions, so the ion contribution to the current is 
negligible.) The effective dielectric constant of an electron gas is not difficult to 
calculate from Maxwell’s equations. (We will see that this dielectric constant 
becomes imaginary below a certain critical frequency which depends on the electron 
density; below this frequency, then, electromagnetic waves cannot propagate 
through the plasma.) No longer in a vacuum, we must use the general curl H equation 
which includes the real electric current, J, in addition to the displacement current: 
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VxH aS +05 (20.17) 
The electrons are in rapid thermal motion, but this motion is random and 
contributes nothing to the current. Yet all the electrons near any given point 
are accelerated equally and move together to produce a net current, J = Nev, 
where N is the electron density, e is the electron charge, and v is the component 
of velocity imparted by the electric field. We will neglect the weak v x B force 
from the magnetic field so Newton’s second law of motion is just mdv/dt = F = 
eE. For a sinusoidal time dependence, e'””, we can write this equation of motion 
as m(jov) = eE. Substituting J = Nev = Ne*E/ (jam) in Equation (20.17) gives 


Ne?E 


N: 2 
V x H = + joE = joey ( E 5) E. (20.18) 
jam EQNO 


Note that the term in brackets is the relative dielectric constant and that it 
becomes negative for low frequencies, in particular for œ< Op where Op = 
Ne’ (eom). This happens because the conduction current (the electron current) 
becomes greater than the displacement current. The total current (conduction 
current plus displacement current) changes sign and has the wrong polarity to 
source the H field of a traveling wave. This critical frequency, œp, is known as 
the plasma frequency. (If the local charge neutrality of an electron-ion gas is 
disturbed, the densities will oscillate at this frequency the way a spring and mass 
system oscillates at its resonant frequency.) For a wave to propagate in the 
plasma, the dielectric constant must be positive; only waves with frequencies 
lower than the plasma frequency will be reflected. The free-electron gas that 
gives metals their conductivity is dense enough to reflect visible light but the 
alkali metals (lithium, sodium, etc.) have relatively lower electron densities and 
are transparent in the ultraviolet. 


20.10.2 Reflection of waves from the ionosphere 


The reflection of radio waves is normally a process of refraction because the 
waves are not vertically incident on the ionosphere. As they travel obliquely 
upward, the dielectric constant decreases so the phase velocity increases, caus- 
ing the propagation vector, which is perpendicular to the wavefront, to turn 
around gradually. This is shown in Figure 20.11. 

For signal strength calculations over an ionospheric path the ionosphere can 
be considered a specular mirror and field strengths can be calculated by taking 
the inverse square of the total path length of the ray. 


20.10.3 Daytime vs. nighttime propagation 


Short-wave broadcasts from distant transmitters on the higher frequency bands 
are not heard at night because the ionospheric electron density is too low for 
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Figure 20.11. lonospheric 
refraction. 


Antennas and radio wave propagation 


Increasing electron density 
Increasing phase velocity 


Altitude Altitude 
In a unit time interval the 
top of the wave front advances 
farther than does the bottom 
200 km we 


100 km 


Ground level 


0 108 


Ray path showing successive wave fronts 
Electron concentration (cm?) 


reflection, 1.e., the waves cannot get turned around sufficiently. On the other 
hand, low-frequency stations, such as those in the AM broadcasting band, are 
received from great distances only at night. During the day their energy 1s 
dissipated in the lower ionosphere through collisions between the accelerated 
electrons and neutral atoms and molecules. Why don’t higher frequency waves 
suffer this daytime attenuation in the lower ionosphere? Consider a low- 
frequency and a high-frequency wave of equal power, that is, equal field 
strengths. Both cause the ionospheric electrons to execute synchronized sinus- 
oidal motion as described above. But the low-frequency wave, because its 
period is long, will produce higher electron velocities; we saw above that 
v=Eel(¡om). The average kinetic energy of each electron is therefore m(v~)/2 = 
m[Ee/l(com)]'/4 where E is the amplitude of the electric field. All the electrons in 
the lower ionosphere suffer collisions with the neutral particles (which are 
present since the ionization is not 100%). The average collision leaves the 
electron with a random velocity, 1.e., its share of the synchronized sinusoidal 
motion is lost. The frequency of collisions does not depend on the frequency of 
the electromagnetic wave (or on there being any electromagnetic wave present 
at all) so the rate of energy loss is inversely proportional to the square of w, the 
wave frequency, and long-distance AM listeners have to wait for nighttime. 


20.11 Other modes of propagation 


Besides reflection by the ionosphere, there are a number of other ways that an 
electromagnetic wave can get around the curvature of the Earth. These include 
scattering from the ionized trails of meteors entering the Earth’s atmosphere, 
scattering from irregularities in the ionosphere even when the ionosphere is 
otherwise not dense enough to turn the waves around by refraction, scattering 
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from density irregularities in the neutral atmosphere (1.e., fluctuations in the 
index of propagation), and ducting beneath atmospheric temperature inversion 
layers. 


Problem 20.1. The voltage at the terminals of a receiving antenna is proportional to the 
E field of an incident electromagnetic wave. The “effective length” (or effective height 
if the antenna is vertical) is defined as the open-circuit voltage at the terminals divided 
by the incident E field: volts / (volts/meter) = meters. Show that the effective length is 
given by 


effective length = (4RA gy / Zo A 


where R, the radiation resistance, is the real part of the antenna impedance, A er is the 
effective area ( Aer = G-27/(4z)), and Zo =377 ohms = (uo/€o)"?, the impedance of free 
space. Find the effective length of a half-wave dipole (G= 1.6 and R=73 ohms). 


Problem 20.2. Suppose we have a 1-W transmitter connected to a dipole antenna 
which is aligned to provide the maximum signal strength at a distant receiving antenna. 
Needing more signal strength, we obtain a second, identical dipole and, using a power 
splitter, feed each dipole with 44W. We space the second far enough from each other so 
that they do not interact. We make sure that both antennas are aligned toward the receiver 
and we also make sure that the cables from the power splitter have equal length. At the 
receiving antenna, each transmitting antenna provides a field amplitude that is less than 
the original field by 1/v2. But the two signals are in phase so the total amplitude is 
increased by 2/y2 = v2. Squaring this we see that the received signal strength is 
doubled. Have we gotten something for nothing? Could we repeat this process to 
increase the received power even more? 


Problem 20.3. Let the individual antennas of Problem 20.2 be AM broadcast towers 
with omnidirectional patterns and vertical polarization. Suppose the spacing between 
these antennas is 1/2. As before, they are fed symmetrically, that is, with the same power 
and same the phase. Find the radiation pattern in the horizontal plane: make a polar plot 
of the relative field strength vs. azimuth angle for a distance far from the antennas. Hint: 
at any observation point in the horizontal plane at a distance r from the center of the line 
joining the two antennas, the total voltage is the sum of the contributions from the two 
antennas, el?! and e!”?. The phases z; and 1, are the phase path lengths corresponding to 
rı and rp, the distances from the observation point to the respective antennas. These phase 
paths are just 27r,/4 and 2zr>//. The field strength is given by (Je? + e!”]). 


Problem 20.4. Consider a pair of crossed dipoles. The first dipole points in the z- 
direction and carries a current cos(wt). The second dipole points in the x-direction and 
carries a current sin(w?). Find the type of polarization and the relative power density of 
the radiation in the +z, —z, +x, —x, +y, and —y directions. If you have a program like 
MATLAB or Mathcad, make a three-dimensional surface plot, like Figure 20.3, for 
which the distance from any point on the surface to the origin is proportional to the 
radiation power in that direction. 
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CHAPTER 


21 


Radar 


The idea that radio waves could be used to detect the presence of stationary or 
moving objects emerged around 1900, almost as soon as radio itself. Christian 
Hueslmeyer, a German inventor, demonstrated an apparatus in 1904 which, 
when mounted on a bridge above the Rhine, rang a bell when a ship passed 
beneath. He used a (now) primitive spark gap RF source and coherer detector. 
The system may have shown only marginal potential for collision avoidance, as 
the German Navy demonstrated no interest. Sir Robert Watson-Watt developed 
meteorological radar in Britain in the 1930s and then a chain of air defense 
radars during World War II. In the U.S., the MIT Radiation Laboratory, set up to 
develop military microwave radar systems, had nearly 4000 employees between 
1940 and 1945. The acronym RADAR, for Radio Detection And Ranging, has 
been attributed to U.S. Navy officers F.R. Furth and S.M. Tucker, who 
introduced it in 1940, though the term remained classified throughout the war.' 
Today, radar goes beyond aircraft tracking to applications as diverse as space 
object monitoring, storm tracking, detection of clear air turbulence, and velocity 
measurements of speeding automobiles and baseballs. In this chapter, we look 
at some commonly used radars, some general system aspects of radar, and, 
finally, some RF components and techniques developed specifically for radar. 


21.1 Some representative radar systems 


Classic surveillance radar 
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Figure 21.1 is a block diagram of the classic radar system used to monitor air 
traffic. A rotating antenna sweeps continuously in azimuth while it repeatedly 
transmits short pulses and receives subsequent echos from targets. As each 
pulse is transmitted, the beam of the CRT display begins to sweep from the 
center in a radial direction. The detected signal from the receiver modulates the 


' Butrica, A. J. To See the Unseen: A History of Planetary Radar Astronomy, Diane Publishing Co. 
1997 (also available on the Web). 
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Figure 21.1. Classic surveillance 
radar. 


intensity of the spot, rather than causing a deflection perpendicular to the sweep 
direction. The beam deflection coil is made to rotate continuously around the 
neck of the CRT, synchronized to the rotation of the antenna, so that the radial 
sweep direction at any instant is the azimuthal pointing direction of the antenna. 

Generally there is a bright area near the center of the CRT, produced by 
reflections from nearby hills, buildings and towers. The receiver may incorpo- 
rate an electronic gain control, slaved to the CRT sweep to compensate for the 
decrease in echo strength with increasing target range. Dashed lines on the 
figure show the spherical wavefronts for two transmitted pulses and for 
the reflection (echo) from one pulse, but do not indicate that the intensity of 


the transmitted waves is sharply concentrated in the forward direction by the 
high directivity of the antenna. 


21.1.1 CW Doppler radar 


The classic radar described above uses short pulses for good range resolution. It 
detects the amplitude of each returning pulse, paying no attention to the phase. 
Quite the opposite is the radar speed gun, which transmits cw and therefore has 
no range resolution, but does detect the phase to measure speed. A functional 
block diagram of the speed gun is shown in Figure 21.2. 
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Figure 21.2 Radar speed gun. 
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The signal from a cw microwave oscillator in the 10-20 GHz range (usually a 
Gunn diode negative resistance oscillator) is split to feed the horn antenna and a 
mixer (multiplier). The echo from the target also provides a signal to the mixer. 
A moving target causes a Doppler shift, so the echo has a higher frequency if the 
target is approaching the radar. The output from the mixer contains a signal 
whose frequency is equal to the Doppler shift. This frequency is counted and 
multiplied by the appropriate factor so that the display reads line-of-sight 
velocity. Note that the Doppler shift depends only on the line-of-sight velocity 
of the target. This radar is totally insensitive to range. 


21.1.2 Chirped cw radar 


Figure 21.3 Radar fluid level 
detector. 


The radar in Figure 21.3 differs from the radar speed gun only in that its 
oscillator is a “chirped” VCO, whose output frequency follows a sawtooth 
control voltage. Here this radar is used to determine the position of a stationary 
(or very nearly stationary) fluid level in a storage tank. 
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The frequency of the tone at the mixer output is given by the frequency 
difference of the two signals arriving at the mixer inputs. One of these signals is 
delayed by the round-trip time to the fluid surface, so the lower the level in the 
tank, the higher the output frequency of the mixer. Note that this radar cannot 
determine velocity; if the fluid level were changing rapidly, it would create a 
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Doppler shift that could not be distinguished from a change in fluid level. 
(Range and velocity are ambiguous for this radar.) 


21.1.3 Pulse-Doppler radar 


The radar of Figure 21.1 can be modified to sense velocity as well as position. The 
resulting pulse-Doppler radar, when mounted on an aircraft, can distinguish 
moving targets on the ground from the much stronger “ground clutter” produced 
by stationary objects. The earliest form of pulse-Doppler radar, called “MTT”, for 
moving target indicator, used a mercury acoustic delay line as analog storage for 
the train of echos received after each pulse. The stored signal was subtracted from 
the echoes produced by the next pulse to remove the echoes from fixed targets. 
(This type of delay line, when configured as a recirculating shift register, was used 
around 1950 as the memory in some of the earliest digital computers.) 

Pulse-Doppler radar really became practical with the advent of frequency- 
stable microwave signal sources (klystron amplifiers, rather than high-power 
magnetron oscillators), digital storage capability, and digital signal processing. 
These advances allow coherent signal averaging for increased sensitivity, as 
well as actual determination of target velocity. Successive received echoes, after 
being mixed to a low IF frequency, are stored, preserving both amplitude and 
phase, and then the stored echos are analyzed to see how the phase changes from 
one pulse to the next. A moving target causes a progressive phase change 
(Doppler shift) from which the line-of-sight velocity can be determined. 
When used as a search radar, successive received signals are stored separately 
for every range. Fourier analysis of the sequence of sampled IF voltages for 
each range determines whether there is a target at that range and, if so, 
determines its velocity. A problem that often arises with pulse-Doppler systems 
involves a range-velocity ambiguity. If target velocities are in the range +Vmax» 
the corresponding Doppler shift range is +2f Vmax/c, where f is the radar 
frequency. This produces a total received bandwidth of 4fvmax/c. If we are to 
unambiguously determine the frequencies present in this band, the sampling 
rate, which is the pulse rate, must be at least 8f Vmax/c. A high radar frequency 
and a high maximum velocity may dictate a pulse rate that restricts the max- 
imum unambiguous range. (The echo from a target beyond the maximum 
unambiguous range arrives after the next pulse has been transmitted, as if it 
had been reflected from a close-in target.) This problem is discussed in 
Chapter 26 in the context of planetary radar astronomy. 


21.2 Radar classification 


Many radar systems are quite different from the classic configuration of 
Figure 21.1. Radar systems are conveniently classified according to several 
key system characteristics: 


to calculate voltage gain and the resulting 
output voltage. 

Questions 

A. Calculate the voltage gain (A V) of the 
amplifier circuit shown in Figure 8.6 if RC = 
10 kQ and RE = 1 kQ. Then, use AV to 
calculate the output voltage if the input signal 
is 2 mV pp. 


B. Calculate the voltage gain if RC = 1 kQ 
and RE = 250 ohms. Then, use AV to 
calculate the output voltage if the input signal 
is 1 Vpp. — č 

Answers 


Vout ~ 10 = Vin a 20 mV 
B. 1k(2 
A — A 


a 2500hms 7 


Vout NN 4 Vip 
Although the amplifier circuit shown in Figure 
8.6 produces Stable values of voltage gain, it 


does not produce high values of voltage gain. 
For various reasons, this circuit is limited to 
voltage gains of 50 or less. Later, this chapter 
discusses an amplifier circuit that can produce 
higher values of voltage gain. 

14 Before you continue, look at the 
current relationships in the amplifier circuit 
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(a) 


(b) 


(c) 


(d) 


(e) 


(f) 


Monostatic or bistatic: 

A monostatic radar uses a single antenna for both transmitting and receiv- 
ing, while a bistatic radar uses two separate antennas. An obvious advantage 
of the bistatic configuration is that it requires no TR (transmit/receive) 
switch. A military advantage is that only the transmitting site, which can 
be unmanned, is vulnerable to attack by a radiation-seeking missile. Bistatic 
and multistatic radar systems can also be passive, using “transmitters of 
opportunity,” such as television broadcast transmitters. 

Coherent (Doppler) or incoherent: 

Radars with stable frequency sources for the transmitter and the receiver 
L.O. can use coherent integration to extract a signal from noise. They can 
also use the Doppler effect to measure the line-of-sight velocity of a moving 
target. Incoherent radars detect the power of each pulse, making signal 
averaging less efficient. They cannot directly detect target velocity though 
they can, of course, infer velocity by observing successive changes in 
range. 

Pulse or cw: 

Short pulses can distinguish closely separated targets, providing range 
resolution. Long pulses, whose limit is cw (continuous wave), can distin- 
guish target velocity using the Doppler shift. Nevertheless, coherent trains 
of short pulses and phase-modulated long pulses can provide both range and 
Doppler resolution. 

Search or track: 

Aircraft traffic monitoring is normally done with a monostatic search radar, 
using a rotating antenna that produces a beam pattern that is tall in elevation 
but narrow in azimuth. Echos from aircraft produce “blips” on a PPI (plan- 
position indicator) screen which is refreshed on every rotation of the 
antenna. A tracking radar uses servo motors to keep the antenna pointed 
at a single, usually fast-moving target. 

Mechanical or electronic scanning: 

A phased array uses a closely spaced two-dimensional array of antenna 
elements, usually dipoles. Each dipole is equipped with a programmable 
phase shifter, allowing the array to form a beam in an arbitrary direction. If 
the signals received from the individual dipoles are made available to the 
signal processor, the processor can simultaneously form several independ- 
ent receiver beams. This allows tracking of multiple targets or searching of 
multiple zones. Phased arrays with three or more faces of elements can be 
completely stationary. 

Detection or imaging: 

Conventional radars simply detect the position and/or velocity of targets. 
Imaging radars make photographic-like reflectivity maps. Imaging systems 
include airborne side-looking (synthetic aperture) radars that map a strip of 
land parallel to the flight path and “planetary radar” (delay-Doppler) sys- 
tems that image planetary objects and low-orbit artificial satellites. 
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21.3 Target characteristics and echo strengths 


21.3.1 Radar cross-section 


The strength of an echo depends on the nature of the target and on its range from 
the radar. In general, metal targets with dimensions commensurate with the 
wave length are good reflectors, especially when their geometry includes linear 
features. For example, airplane propellers act as dipole re-radiators. A flat metal 
plate produces a strong specular reflection, if perpendicular to the direction of 
the radar, but edge currents also produce other, less directional, echoes. Radar 
engineers define the radar cross-section (RCS) of a target, o, as the collecting 
area of an object that would produce the target’s observed echo strength while 
isotropically re-radiating the intercepted incident radiation. Radar cross- 
sections for practical targets, such as aircraft, depend on the aspect angle of 
the target as well as on the target’s usually complicated geometry. RCS calcu- 
lations for such targets are carried out using finite-element electromagnetics 
modeling programs. Exact expressions have long since been derived for the 
radar cross-sections of simple objects. A sphere, since it has no aspect angle 
dependence, makes a good calibration target for measuring radar sensitivity. 
The RCS of a metal sphere of radius a is just za” (its geometric cross-sectional 
area) when a is greater than about 5//z. But when a is less than about //(4z), the 
RCS is given by the formula: ø = za? [9 (27xa/2)"]. Note that the cross-section is 
proportional to a and to 2 * in this small-target or Rayleigh scattering regime.” 


21.3.2 The radar equation 


The definition of radar cross-section lets us write a simple expression for the 
flux density of a backscattered echo as it returns to the radar antenna 


non LE / (47 R’), (21 . 1) 


where R is the distance to the target. This equation just says that the supposed 
isotropically scattered power, which is given by Sincident 6, produces a flux 
density determined by the area of a target-surrounding sphere whose radius is 
the distance to the radar. From antenna considerations discussed in Chapter 20, 
we can write the incident flux in terms of the transmitted power as Prans G/(477 
R°), where G is the gain of the antenna. Of course, this assumes the antenna is 
pointed directly at the target. Likewise, we can express the capture area of the 
antenna by Aet = 4° G/(4r). Putting this together, we obtain an expression for the 
received power, Prec, Which is just Sincident Aeff OF 


2 The reason the sky is not black is that the molecules that make up the atmosphere scatter direct 
sunlight to produce diffuse sky light. The 2 * dependence of Rayleigh scattering causes sky light 
to be blue and sunsets to be red. 
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Pree = [PrransG/(42R2)][o /(42R?)](22G/(42)| = PrransG2o22 /[(4x)°R4)]. (21.2) 


This relation, however written, is known as the radar equation, and shows the 
inverse fourth-power dependence on range. For an aperture antenna, e.g., a dish 
antenna, the effective aperture is given by Aeff = Nap (D/2y” where D is the dish 
diameter and 7,, the aperture efficiency, is usually around 0.5. Using this, we 
can write the radar equation as 


xz [D to 
Prec = Prrans zg Ma R 7 (21.3) 


21.3.3 Distributed targets 


Targets such as aircraft subtend a solid angle much smaller than the radar beam, 
but distributed targets, such as rain in the atmosphere or free electrons in the 
ionosphere, can be much larger than the beam. In these cases the beam actually 
defines the extent of the target, in as much as there will be radar echoes from 
throughout the entire volume of the beam. When the individual scattering 
objects (raindrops and electrons in the above examples) are randomly distrib- 
uted in space (incoherent scattering), the power received by the radar is the sum 
of the powers of the individual scatterers.’ For this kind of target, the radar 
equation must be modified. We first define oy, the radar cross-section per unit 
volume of the target, to be oy = no, where n is the volume density of scattering 
particles and a is the radar cross-section of an individual particle. For raindrops, 
o is about 41% of the Rayleigh scattering cross-section given above for metal 
spheres. For individual electrons, o = [e*/(4m€9 m.c*)], where e and m are the 
charge and mass of an electron and c is the speed of light. If we extend the 
arguments we used for a single particle centered in the beam to include each 
volume element throughout the beam, we find that 


Pla O vyCct l 


rec — (4r) R2 Ar G’(¢, 0)40. (21 A) 


In this radar equation 7 is the pulse length, so cz is the range depth of the target 
volume. The cross-range area of the beam is taken into account by integrating 
over solid angle times R”, the square of the range. Note that, because the beam 
determines the target size, the return echo of a distributed target is proportional 
to R?, rather than R *. The last term in Equation (21.4), (47) * f G* dQ, is the 
mean square gain, also called the backscatter gain of the antenna. 


> The electric field of the radar echo is the sum of the field contributions from the N individual 
scattering particles illuminated by the beam. If the scatterers have random positions, their E-field 
contributions have random phases and add in the fashion of a random walk, causing the total 
E-field echo to be proportional to VN. The received power, proportional to the square of the 
received £ field, is therefore proportional to N. 
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21.4 Pulse compression 


Short pulses produce good range resolution, but shortening the pulses reduces 
the sensitivity of the radar unless the peak power (pulse power) can be increased 
to maintain the same average power. However, the peak power of any trans- 
mitter is eventually limited by voltage breakdown or other device limitations. 
This constraint led to the development of pulse compression schemes in which 
the transmitted pulses are modulated in such a way that the echoes can be 
“bunched up” by the receiver as if they had started out as short pulses. The 
received echo is passed through an appropriate matched filter (often a digital 
processor) whose output, for a point target, will be a narrow pulse.” 

One method for pulse compression uses phase coding. The transmitted pulse is 
divided into N contiguous equal intervals. Each interval or baud is assigned a 
phase value of zero or 180 degrees, which will be the relative phase (and therefore 
polarity) of the transmitted signal during that interval. These assignments specify 
the code. Normally every transmitted pulse will have the same code. Figure 21.4 
shows how such a code is used for pulse compression. At the receiver, the IF 
signal from a point target will be a replica of the transmitted pulse. This IF signal 
travels down a delay line. Taps along the delay line have a delay spacing equal to 
the baud length. Signals extracted at these taps are weighted (multiplied) by 
coefficients with values + 1, whose order duplicates the code. The weighted 
signals are added together to form the pulse compressor output. 
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Figure 21.4. A compressor for 
phase-coded pulses. 


— 


Note that, for one position of the signal in the delay line, the multipliers will 
exactly “undo” the coding, giving the same phase to each of the N input signals to 
the adder. This alignment will peak at the middle of one baud, as the signal 
propagates down the delay line, attaining a peak amplitude N times greater than 
the amplitude of the uncompressed input signal. When the signal in the delay line is 
not in alignment with the code, there will be some output from the adder unless the 
code is such that the addends sum to exactly zero. There is no code with this 
property, though the /3-baud Barker code, + + + + + — — + + — + — +, produces 


* In general, high range resolution requires that the transmitted signal have a large bandwidth. 
This bandwidth can be produced by transmitting either short pulses or appropriately modulated 
long pulses. 
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(“sidelobe”) values of only +1 or 0 when the code is not aligned and +13 when it is 
aligned. When longer codes are needed, it is common to use pseudorandom codes. 
In this case, the sidelobe levels are determined by random walk statistics; the close- 
in sidelobes will be less than the main lobe by a factor on the order of VN. 

An analog surface acoustic wave (SAW) processor can do all the operations 
shown in Figure 21.4, but it is now more common to use digital processing. 
Typically, baseband signals are produced by mixing the IF signal, centered at 
Myr with cos(w;. t) and sin(œ t). The resulting J and O signals are each 
furnished with a tapped digital delay line/adder pulse compressor. The outputs 
from the two compressors can be squared and added together for immediate 
detection, or they can first be Doppler processed. 

Pulse compression has other benefits. Because the rapidly changing code 
spreads the signal’s spectrum, it lowers the spectral density. This gives a military 
radar signal an element of stealth; being less noticeable, it is less likely to 
provoke a hostile reaction, such as an antiradiation missile. By using different 
codes with low cross-correlation properties, multiple radars can share the same 
frequency band. This code-division multiple access property is also used in 
CDMA cellular telephone systems and in the GPS satellite system, where 
multiple users (the callers or satellites) share the same band. The GPS system 
also makes use of the pulse compression property to achieve the high time 
resolution needed for accurate range resolution (see Chapter 25). 


21.5 Synthetic aperture radar 


As described above, a phased-array antenna combines the signal from many 
individual elements to form a beam pattern. Consider a phased array directed 
toward a point source of cw radiation whose frequency is precisely known. The 
analog voltage from each element is given a programmed analog phase shift. 
These voltages then combine to form a vector sum. Note, however, that it is also 
possible to digitize the voltage (phase and amplitude) from each element and 
then compute the vector sum. If we do this, no hardware phase shifters are 
needed since, before summing, we can multiply each voltage, V; by a phase 
factor, e'”, to point the beam in any desired direction. This can be repeated with 
other sets of phase factors to form a host of beams from the one set of digitized 
voltages. The echo powers in these beams then form an image if there are 
multiple targets (assuming they all radiate at the same frequency). Finally, note 
that we could do all of this with only a single array element by moving the 
element successively from one position to another, recording the voltage 
(amplitude and phase) at each position. If the set of positions is identical to 
the element positions in the original phased array, we have effectively used a 
single small element to synthesize a steerable large-aperture antenna. 

You can see that this all works out in a radar situation, where all the targets are 
illuminated by a coherent transmitter signal. The transmitter also provides a 
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Figure 21.5. Side-looking 
synthetic aperture radar: (a) 
elevation view; (b) plan view. 
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phase reference for the receiver so it is practical to measure both the amplitude 
and the phase of the return signal at the antenna element. This is the general idea 
of synthetic aperture radar (SAR).? Here we assumed that the target was 
stationary and that the element was stationary, except while being relocated 
after each voltage measurement. In practice, most SAR techniques involve 
continuous motion of the elemental antenna, relative to the target. This con- 
tinuous motion makes it possible to explain the synthesis procedure in terms of 
Doppler shifts. In addition, most SAR systems transmit short pulses to provide 
resolution in the down-range (pointing) direction, and use one-dimensional 
aperture synthesis to provide resolution in the cross-range direction. One of 
the most common SAR systems is the side-looking radar shown in Figure 21.5. 

A small radar antenna of diameter d points outward and downward from the 
aircraft, which flies a straight-line course. The illuminated patch on the ground, 
called the radar footprint, has a large diameter, D. Since the beamwidth from 
the radar antenna is given by 2/d radians, we see that D is given by D= RA/d, 
where R is the distance of the footprint from the aircraft. Range resolution is 
obtained by simply using short radar pulses. In the cross-range direction, the 
system synthesizes an antenna whose extent in the direction parallel to the flight 
path is D, since that is the dimension of the footprint that passes over any target 
feature. The angular size of the resulting synthesized beam is given by 00=A/D. 
Substituting D=RA/d produces 00=d/R, and the cross-range resolution is 
therefore Rô0 =d, the diameter of the small radar antenna. It is interesting to 
note that the resolution is independent of å and that making d smaller improves 
rather than degrades the resolution. Many range strips are observed simulta- 
neously. You can find fascinating side-looking radar (and side-looking sonar) 
images by searching the internet. A “delay-Doppler” SAR system to image 


> Synthetic aperture mapping is also possible when the target is not illuminated by coherent 
radiation, but emits its own wideband radio “noise.” In this case, aperture synthesis requires at 
least two antenna elements. This interferometry technique, used by astronomers to make maps of 
the radio sky, is discussed in Chapter 26. 
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planetary surfaces is discussed in Chapter 26. Another interesting but difficult 
technique is inverse synthetic aperture radar (ISAR) where the aspect of the 
target (which might be a ship bobbing on the ocean) is variable, not known a 
priori, and must be inferred from the radar returns as part of the data processing. 


Monostatic radars, which transmit and receive with the same antenna, require a 
TR (transmit-receive) switch. In most radar applications the desired echo arrives 
so soon after the pulse is transmitted that the TR switch (also known as a 
duplexer) must be electronic rather than a mechanical. Here we will first look 
at self-duplexing radar techniques based on the use of circular polarization or 
circulators, then at standard TR switch circuits, and finally at RF electronic 
switches in general. 


21.6.1 Self-duplexing radar techniques 


Figure 21.6. A self-duplexing 
radar using circular polarization. 


If a radar transmits a circularly polarized signal, reflection by the target changes 
the sense of polarization from left-hand to right-hand or vice versa. Circular 
polarization can be produced by transmitting simultaneous crossed linear polar- 
izations 90° out of phase. Figure 21.6 shows how a 90° hybrid not only 
produces circular polarization of one sense but also routes received circular 
polarization of the other sense (the return signal) into the receiver. 

Note that the x-dipole and the y-dipole, together with the hybrid, are really 
just equivalent to two separate antennas having opposite circular polarizations. 
In practice, the isolation between the transmitter and receiver in this scheme is 
usually no better than about 30 or 40 dB, so a limiter or SPST electronic switch 
(a monoplexer) 1s installed at the receiver input to protect it from burnout. A 
waveguide version of this circuit uses a turnstile junction, the microwave 
component shown in Figure 21.7. It is classified as a six-port junction because 
the round waveguide supports two independent modes: x and y or RCP and LCP 
or any other pair of orthogonal elliptical polarizations. When two opposite 
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Figure 21.7. A waveguide 
turnstile junction combines the 
functions of the hybrid and 
crossed dipoles. 
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Figure 21.8. A circulator used as 
a TR switch. 
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rectangular ports are fitted with shorts of appropriate lengths, the resulting four- 
port network is equivalent to the pair of dipoles and hybrid of Figure 21.6. The 
turnstile junction is described in Volumes 8 and 9 of the Rad. Lab. Series. The 
transmitter and receiver are connected to the remaining rectangular ports (the pair 
without shorts) while the antenna, usually a feed horn, is connected to the round 
waveguide. 

A true self-duplexing circuit, shown in Figure 21.8, uses a circulator. The 
circulator has the property that a signal injected at the transmitter port will exit 
via the antenna port while a signal injected at the antenna port will exit through 
the receiver port. (If a signal were injected at the receiver port, it would exit 
through the transmitter port.) This nonreciprocal action depends on transmis- 
sion through a nonreciprocal medium which, for the circulator, is a ferrite 
material, biased by the field of a permanent magnet. This elegant TR system 
is limited by available circulators to powers of tens of kilowatts. 


21.6.2 TR switching devices and circuits 


The classic TR circuits developed during WWII use gas discharge tubes or 
spark gaps and are self-activated by high-power RF on the transmission line. 
Lower power versions use PIN diode switches, turned on by an external bias 
circuit. (The radar has a timing generator providing pulses that (1) turn on the 
TR switch for transmitting, (2) pulse the transmitter, and (3) turn off the TR 
switch for receiving.) Gas discharge tube switches are usually built into a short 
piece of waveguide and come in two types: TR and ATR (anti-TR). The 
distinction is as follows: on transmit a TR device ionizes and presents a low- 
impedance shunt across the line. The ATR device also ionizes on transmit but it 
presents a low impedance in series with the line. (Reference [3], Volume 14 of 
the Rad. Lab. Series, is devoted mostly to these tubes.) There are two general 
classes of TR circuits, branch line TR switches and balanced TR switches. The 
former uses segments of transmission line while the latter uses hybrids. 
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21.6.2.1 Branch line TR switches 


Figure 21.9. Branch line TR 
switches. 
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Figure 21.9 shows some standard branch line TR Switch circuits using TR, 
ATR, or both TR and ATR tubes (or PIN diode equivalents). 

In the circuit of Figure 21.9(a), the switches are shown in the nonconducting 
(transmitter off) position. The open ATR switch is connected to the antenna by a 
half-wave line so it presents the same open circuit to the antenna-to-receiver 
line. Likewise, the open TR switch does not disturb the antenna-to-receiver line. 
On transmit, the TR switch places a protective short circuit at the receiver input. 
This short circuit is transformed by the quarter-wave line into an open circuit 
which does not affect the connection between the transmitter and the antenna. 
At high frequencies the switches contain some nonzero path lengths which form 
part of the half-wave or quarter-wave lines. For low-frequency designs the half- 
wave lines can be reduced to zero length and the quarter-wave lines can be 
replaced by lumped-element impedance inverters. You can see from the ways 
that the TR and ATR elements are used that their names are somewhat arbitrary. 


(b) (c) 


21.6.2.2 Balanced duplexers 


Figure 21.10. Balanced TR 
switches. 


Balanced duplexers use hybrids and can have wider bandwidths than the branch 
line circuits shown above (though more elaborate branch line circuits can have 
wider bandwidths). Both balanced duplexer circuits shown in Figure 21.10 use 
two 90° hybrids. 
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Figure 21.11. Shunt diode 
switch. 


Figure 21.12. Series-shunt 
diode switch. 


Radar 


A single diode shunt switch circuit is shown in Figure 21.11. 

Positive control voltage gives the diode a forward bias current to produce a low 
dynamic resistance, dV/d/. Negative control voltage turns the diode off, making its 
dynamic resistance very high. Let these dynamic resistance values be denoted 
respectively by r and R. You can verify (Problem 21.5) that the transmission 
values (power out/power available) for the switch of Figure 21.11 are given by: 


Isolation (forward biased state) =477/Zo° 
Transmission (reverse biased state) = 1/(1 + Zy/R). 


Note from these expressions that you could favor better isolation or lower 
insertion loss by transforming the line to have a larger or smaller Zp at the diode 
location. Better performance can be obtained with ladder networks analogous to 
multisection filters. Figure 21.12 shows how a shunt switch can be combined 
with a series switch to form a two-element ladder network. Isolation is improved 
since any signal leakage across the open series switch is shorted to ground by 
the closed shunt switch. 

It is often more convenient to use shunt diodes than series diodes, since shunt 
diodes are easier to bias and to heat sink. Impedance inverters can transform 
series elements into shunt elements, as we saw when designing coupled 


„— Control voltage 


Current limiter 


RF choke 


Switch diode 


Control voltage Current limiting resistor 
Normally negative 


RF choke 
Normally open 
= — 


Normally closed REchoke DC blocking capacitor 


shown in Figure 8.6 and an approximation 
that is often made. You can calculate the 
current flowing through the emitter resistor 
with the following equation: 
lg = lp F le 
In other words, the emitter current is the 
sum of the base and the collector currents. 


IC is much larger than |B. You can, 
therefore, assume that the emitter current IS 
equal to the collector current. 

lp = Ic 
Question 
Calculate VC, VE, and AV for the circuit 
shown in Figure 8.7 with VS = 10 volts, I C 


= 1 mA, RC = 1 kQ, and RE = 100 ohms. 


Figure 8.7 


Answer 
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Figure 21.13. Three-section 


switch using only shunt sections. 


Figure 21.14. Transfer switch 
using quarter-wave transmission 
lines. 
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Impedance Impedance 
inverter inverter 


A 
A—e e c 
N / 
7 
= / N 
D ——— N B 
B 


resonator filters. The switch circuit of Figure 21.13 uses two impedance inver- 
ters and three shunt switches. 

The switches discussed above are all SPST switches. More complicated 
switches can be built up from the elementary SPST switch, but special designs 
can often be made such as the four-diode transfer switch shown in Figure 21.14. 
When the switches are in the indicated normal positions, the shorted quarter- 
wave lines appear as infinite-impedance shunts and do not disturb the trans- 
mission paths from A to C and from B to D. When the switches are reversed, 
transmission is from A to B and from C to D. 


21.7.1 Diodes for RF switching 


When ordinary diodes are used in these switching applications, the biases must 
be enough to keep the diode in the desired state. In particular, when the diode is 
off, the reverse bias voltage must be greater than the peak RF voltage and, when 
the diode is on, the forward bias current must be greater than the peak RF 
current. However, the PIN diode, a sandwich of p-type, intrinsic, and n-type 
semiconductor material, has the remarkable property that, for RF switching, the 
bias current and bias voltage values can be less than the corresponding RF 
current and voltage by perhaps an order of magnitude. The operation of the PIN 
diode (see reference 5) depends on having a large (small) stored charge in the 
intrinsic region when the diode is on (off). At high frequencies, the time 
between electric field reversals is much less than the transit time through the 
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intrinsic region, determined by diffusion and drift, so the diode remains in the on 
(off) state. Finally, a word of caution: diodes, since they are nonlinear circuit 
elements, have the potential to distort a signal. In particular, they can create 
intermodulation products between the various signals in a complicated spec- 
trum. For critical applications, e.g., receiver band-changing, diode switches 
must be turned off and on hard enough to keep any generated intermodulation 
products at a negligible level. 


21.8 Radar pulse modulators 


Any cw transmitter can generally be used as a pulse transmitter if a pulse 
modulator is added to provide the rapid turn on and turn off. Tube-type 
amplifiers can be operated with much higher instantaneous powers when they 
are pulsed. Tubes are primarily limited by their maximum anode dissipation 
(heat removal); the dissipation can be the result of either modest cw operation or 
high-power pulse operation. A cw amplifier can be converted for pulse oper- 
ation by changing the output matching circuit in order to present a lower load 
resistance to the tube. Some tubes are available in special pulse-rated versions; 
they are fitted with high-emission cathodes. Gridded tubes (triodes, tetrodes, 
and pentodes) can be pulsed by switching the grid bias from negative, for pulse- 
off, to positive, for pulse-on. The negative bias keeps the tube completely turned 
off between pulses. Since the grid voltage and current are much smaller than the 
plate voltage and current, grid control requires only low-power circuitry com- 
pared to anode control. At microwave frequencies, magnetrons and klystrons 
replace gridded tubes. Magnetrons have no control element and therefore 
require high-power anode pulsers. Klystrons may or may not have a modulating 
anode (“mod anode”) by which the beam current can be cut off. If not, they need 
high-power pulsers.° 

Transistor amplifiers, unlike tube amplifiers, can make very little trade-off 
between duty cycle and peak power. Transistors suffer one type of breakdown 
or another when operated beyond their maximum continuous ratings. A high- 
power transistor amplifier for pulse service might differ from a cw amplifier 
only in that it will dissipate less heat (from the reduced duty cycle) and can 
therefore get by with a smaller heat sink. 

No matter how an amplifier is pulsed, the power supply must furnish high- 
power pulses with minimum voltage droop. Duty cycles of pulsed transmitters 
are usually much less than unity so, in addition to at least one switching element, 
pulse modulators (pulsers) contain some form of energy storage element(s). The 
simple pulser circuit shown in Figure 21.15(a) stores energy in a capacitor. 


€ An air traffic control radar might have a peak power output of 2 MW and an efficiency of 50%. 
A klystron tube in this service could require 50 kV pulses at 80 amperes. 


Magnetron 


E» T d Twn 


(a) (b) (c) 


Figure 21.15. Capacitor In this circuit the tube (magnetron, klystron, or whatever) is shown as 
discharge pulser. requiring negative voltage. Microwave tubes often use negative supply voltage 
applied to their cathodes because it is convenient to ground the external heat- 
dissipating anode. The version of the circuit in (b) allows one side of the switch 
to be grounded, which is another convenience. The diode provides a charging 
path for the energy storage capacitor. The circuit of Figure 21.15(c) uses a 
thyratron (vacuum tube version of the SCR) as the switch. 

The simple capacitor discharge modulators in Figure 21.15 have several 
disadvantages: The voltage droops during the pulse. The droop can be reduced 
by increasing the size (weight, and cost) of the capacitor. Not much of the stored 
energy is used. Even if 10% voltage droop is permitted, only 20% of the stored 
energy is used for each pulse. This might be compared to a car which would not 
run well if the fuel tank was less than 80% full. They are expensive and heavy, a 
particular disadvantage for airborne equipment. Despite these disadvantages, 
capacitor banks are often used, as in the 430-MHZ pulse transmitter used for 
ionospheric research at the Arecibo Observatory, because a more efficient 
circuit, the line modulator discussed below, does not easily provide the flexi- 
bility needed to change the pulse width. 


21.8.1 Line modulators 


A length of transmission line (with the far end open) has capacitance and can 
therefore store electrostatic energy. When the line is discharged into a resistive load 
equal to its characteristic impedance, it will supply a perfect rectangular pulse rather 
than a drooping exponential pulse. The constant pulse amplitude during discharge is 
maintained by the distributed inductance of the line acting together with the dis- 
tributed capacitance. In Figure 21.16(a), the line is a piece of coaxial cable, replacing 
the energy storage capacitor. As before, the tube is supplied with a negative pulse. A 
diode provides a path to recharge the line. Often the load has a higher impedance than 
the characteristic impedance of the line, and a pulse transformer is required. 

The line supplies a pulse at half the charging voltage since, during the pulse, 
the charging voltage evenly divides between the load and the equivalent source 
resistance. The duration of the pulse is the time taken for the current to make a 
round trip through the line. At the end of the pulse the line is totally discharged; 
all the stored energy is delivered on every pulse. Figure 21.16(b) shows succes- 
sive plots of the line’s voltage and current distributions. In order to store more 
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Switch closes at t, 
(a) 


Figure 21.16. (a) Line-type 
modulator; (b) line voltage and 
currents. 


Figure 21.17. Pulser using an 
artificial transmission line (pulse- 
forming network). 


Radar 


V(x) V(x) V(x) V(x) V(x) V(x) V(x) 


I(x) I(x) I(x) I(x) I(x) I(x) I(x) 
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t, 2 E P E ts t 


(b) 


energy, it is common to use an “artificial transmission line” or pulse forming 
network (PFN) which is a ladder network of inductances and capacitances. A 
four-section network is shown in the modulator circuit of Figure 21.17. 

The network looks like a lowpass filter and it is. Its cutoff frequency is given by 
w= 4/[LC]. For frequencies well below cutoff, the network behaves like a trans- 
mission line with Zo = y/L/C. Here L and C are in henries and farads rather than 
henries/meter and farads/meter as in the distributed element transmission line. The 
one-way time delay on this lumped line is VLC seconds/section. 

Let us consider a numerical example: Let us use four sections as in the figure 
above. Suppose we need a | microsecond pulse at 10 kV and 10 amperes. The 
voltage and current require that Zo = yL/C = 1000 ohms. We will use four 
sections which, for the desired one-microsecond round-trip delay, requires that 
8VLC be equal to 10 ® These impedance and time delay equations are satisfied 
by L= 125 uH and C= 125 pF. We can verify that the energy stored in the line is 
indeed equal to the energy delivered by the pulse. The latter is just UV)r = 
10 x 10000 x 10°° = 0.1 joule. The former, remembering that we must charge 
the line to 20000 V, is CV*/2 = 4(125 x 10 '7)x 200007/2 which is also 
0.1 joule. As often happens in filter design, these are not particularly practical 
values; real inductors of 125 uH may well have distributed capacitances that are 
not negligible compared with 125 pF. We can build the line for a lower 
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Figure 21.18. Waveform 700.00 m 
produced by a four-section pulse 
forming network. 


530.00 m 


360.00 m 


190.00 m 


-150.00 m a 
Ou 0.80 u 1.60 u 


vi) T 


2.40 u 3.201 4u 


impedance and use a pulse transformer between the line and the magnetron. If 
we lower the line impedance to 100 ohms, the L and C values become 12.5 yH 
and 1250 pF, values that are more practical. Using these values, a SPICE 
simulation of the discharge produced the voltage waveform shown in 
Figure 21.18. The voltage scale is normalized, 1.e., the capacitors were charged 
to one volt so the nominal pulse voltage is 0.5 volts. Most pulse forming 
networks can be tuned slightly to improve the pulse shape; the artificial trans- 
mission line is, after all, only an approximation to an ideal transmission line. 

The line modulator uses all the stored energy on each pulse but, precisely 
because of this virtue, deserves a more sophisticated charging circuit than the 
resistor shown in the circuits above. Remember that when a capacitor is charged 
through any resistive path from empty (no energy) to CV?/2, the resistor will 
dissipate this same amount of energy, CV*/2. Here the charging resistor, no 
matter what value, would dissipate half the power consumed by the radar. The 
solution to this problem is to charge the line through an inductor instead of a 
resistor. Figure 21.19(a) shows the voltage waveform on a capacitor as it is 
resonantly charged through an inductor. 


(a) (b) 


Figure 21.19. Resonant 
charging. 
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The voltage is a sinusoid, building up to a maximum of twice the supply 
voltage. The modulator can be triggered just as the voltage reaches this maximum. 
The brief pulse discharges the line and the charging curve begins anew. It would 
seem that the PRF is therefore determined rigidly by the charging time but, if a 
diode is put in series with the inductor, the charging stops at the maximum voltage 
and the next pulse can occur anytime. The resonantly charged modulator, with the 
diode and a pulse transformer, is shown in Figure 21.19(b). Note that the primary 
of the pulse transformer provides a charging path, eliminating the diode originally 
in parallel with the magnetron. Also remember that, because of the resonant 
charging, the supply voltage needs only to be half of the line charging voltage. 
Line modulators present less risk to tubes than partial-discharge capacitor modu- 
lators because there is less stored energy available when an arc occurs in the tube. 


Problem 21.1. Find the radar cross-section of a flat metal plate of area A that is exactly 
perpendicular to the radar beam. Assume that 4>2*. Hint: treat the plate as an aperture 
antenna with gain Ar A/a. 


Problem 21.2. Find the lobe pattern produced when a point target is observed by a 
pulse compression radar using the 13-bit Barker code of Section 21.4. (Convolve the 
code with itself after padding both ends with zeros.) 


Problem 21.3. Why is the side-looking radar antenna positioned to look to one side of 
the aircraft rather than straight down? 


Problem 21.4. If we try to use the hybrid of the circular polarization duplexer as a 
circulator, we might consider the TR circuit shown below. 


Antenna 


Receiver 
Transmitter 


Assume the antenna, transmitter, receiver, load, and hybrid all have the same character- 
istic impedance. This circuit at least protects the receiver from the transmitter. What are 


its disadvantages (a) when transmitting, and (b) when receiving? 


Problem 21.5. Verify the expressions below for Pout/Pavailable for the circuit of Figure 21.11. 


Diode state Switch state Pon avaiable 


Foward biased Isolation 4r°IZo 
Reversed biased Transmission 1/(1+Zo/R) 
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Problem 21.6. Apply your circuit analysis program (Problem 1-3) to the transfer 
switch circuit of Figure 21.4. Assume a 50-ohm load is connected to Port C, a 50-ohm 
generator is connected to Port A, and the transmission line sections have a 50-ohm 
characteristic impedance. Assume also that the internal switches are ideal. Find the 
transmission coefficient (in dB) over the frequency range from half the design frequency 
to twice the design frequency. Hint: the closed switches divide the circuit in two so you 
can ignore the bottom half. 


Problem 21.7. Explain the operation of the balanced duplexers shown in Figure 21.10. 
What restrictions, if any, are there on the lengths of the interconnecting transmission 
lines? 


Problem 21.8. (a) Show that when an uncharged capacitor is brought to potential V by 
connecting it through a resistor to a voltage source V, the energy supplied by the source is 
twice the energy deposited in the capacitor (CV? rather than CV?/2). 

(b) The charging efficiency in (a) is only 50%. Find the efficiency when the capacitor 
initially has a partial charge, i.e., when the capacitor is initially charged to a voltage a Y, 
where a<1. 


Problem 21.9. (a) Find the characteristic impedance of the artificial transmission line 
shown below. This impedance, Zo (which is complex), can be found by adding another 
LC section to the properly terminated line and noting that the new impedance must still 
be Zo. 


(b) Use the expression for Zọ to show that the line has a cutoff frequency, 
0. = 2/V LC, above which signals are reflected rather than transmitted. 


Problem 21.10. Show that when œ < œ., the propagation delay per section for the 
artificial transmission line of Problem 21.9 1s given by t = VLC. 


Problem 21.11. (a) In a conial scan tracking radar, the antenna’s feed horn is tilted 
slightly off center and mechanically rotates around the axis of the parabolic reflector. The 
antenna beam therefore executes a continuous tight conical scan, centered on the target. 
Many pulses are transmitted during the course of each scan. Draw a block diagram of 
circuitry to furnish x and y cross-range position error signals to the antenna’s drive system in 
order to keep the antenna centered on the target. (b) Consider a monopulse tracking radar in 
which the antenna is effectively five antennas: one pointed directly at the target, one slightly 
above, one slightly below, one slightly to the left, and one slightly to the right. Draw a block 
diagram of circuitry to combine these five signals to provide x and y error signals. 


[1] North, W., “High-Power Microwave-Tube Transmitters” Los Alamos Nation 
Laboratory, LA-12687, 1994. Available from U.S. Dept. of Energy, Office of 


299 


Radar 


Scientific and Technical Information, Post Office Box 62, Oak Ridge, Tennessee 
37831. 

[2] Skolnik, M. L, Radar Handbook, 3rd edn. New York: McGraw-Hill, 2008. 

[3] Smullin, L.D. and Montgomery, C. G., Microwave Duplexers, Rad. Lab. Series 
Vol. 14, New York: McGraw-Hill, 1948. 

[4] Wehner, D. R., High Resolution Radar, Boston: Artech House, 1987. 

[5] White, J.F., Microwave Semiconductor Engineering, New York: Van Nostrand 
Reinhold, 1982. 


CHAPTER 


22 


Digital modulation techniques 


Digital modulation is both the newest and the oldest radio technique. Morse 
code transmissions were strictly binary, with “key down” and “key up” equiv- 
alent to multiplying the carrier by one or zero. Many modern systems also use 
binary keying, but the zero state 1s usually signaled by reversing the polarity of 
the signal (binary phase-shift keying, BPSK) or by shifting the frequency 
(binary frequency-shift keying, BFSK). This improves the probability of dis- 
tinguishing zeros from ones in the presence of noise. 

In this chapter we look first at some of the methods used for binary and “m- 
ary” modulation. We then see how specially shaped pulses can be used with 
these methods in order to avoid intersymbol interference when the pulses, 
dispersed in time, partially overlap at the receiver. The “8-VSB” system used 
for digital television in the U.S. (see Chapter 19) provides an example of pulse 
amplitude modulation (PAM). Finally, we discuss two newer digital modulation 
systems: multicarrier and spread spectrum. A glossary is provided at the end 
of this chapter, listing the many common abbreviations used (BPSK, BFSK, 
8-VSB, PAM, etc.). 


22.1 Digital modulators 
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Digital modulation differs from analog modulation in that only a discrete set of 
states (in the space of amplitudes, phases, and frequencies) is used, and that the 
time devoted to any state is always an integral multiple of a basic time-step. The 
state during this time period constitutes a transmitted “symbol,” and the symbol 
rate is one of the parameters defining a modulation system. Figure 22.1 shows 
the simple and widely used binary phase shift keying (BPSK) modulation 
technique. Instead of turning off the carrier to indicate a zero, the carrier 
phase is flipped 180°. This is equivalent to multiplying the carrier signal by 
minus one, as shown in the figure. Binary values of 0 or 1 are handled by 
sending —1 or +1, respectively, to the multiplier. As shown in Chapter 8, the 
multiplier (mixer) produces a double-sideband suppressed-carrier RF signal. 
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Figure 22.1. BPSK modulator. 


Figure 22.2. N-level pulse 
amplitude modulation (PAM). 
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Carrier source 


> N-bit words 


2"levels 


Vo 
N-bit PAM 
D-to-A --- -=V 
converter 
(a) (b) 


Since the BPSK signal has a nominally constant envelope, the receiver 
needs a phase-sensitive or “coherent” detector. In contrast, on—off keying 
(OOK) or frequency shift keying (FSK) can be detected incoherently. The 
advantage in using coherent systems is one of sensitivity; for a given 
situation, coherent detection provides a higher signal-to-noise ratio at the 
detector output. The one-bit BPSK system can be generalized to more than 
two amplitude levels. We saw in Chapter 21 that the U.S. ATSC digital 
television system uses eight (2°) modulation levels in order to send three 
bits per symbol. Figure 22.2(a) shows an N-bit (2%-level) pulse amplitude 
(PAM) modulator. The “constellation” shown in (b) shows the signed ampli- 
tudes as discrete points on a linear scale. Note that, because the negative 
amplitudes are produced by changing the phase 180°, PAM requires coherent 
demodulation. 

We saw in Chapter 8 that quadrature AM (QAM) systems can transmit 
independent information, modulated on a O-carrier which is in quadrature, 
i.e., 90° out of phase, with respect to the J (“in-phase”) carrier. This “phase 
multiplexing” method is commonly used in digital communications. 
Figure 22.3 shows a “4-QAM” modulator. 

The binary (two-level) Z and O signals result in an JO constellation 
with four points. In this case, the points on the constellation have four 
possible phase values, but the amplitudes are equal, since each of the four 


Ve =1k(2 X1mA= 1 volt 

Ve = Vs — Vp = 10 — 1= 9 volts 

Ve =100 ohms X 1mA=0.1 volt 
Re 1k(0 


AA 


es | 
Ry 100 ohms 


15 For this problem, use the circuit shown 


in Figure 8.7 with VS = 10 volts, IC = 1 
mA, RC = 2 KQ, and RE = 1 KQ. 

Question 

Calculate VC,VE,and AV. — 

Answers 


Ve = 2k) X lmA = 2 volts 


Ve = 10 —2 = 8 volts 


Ve = 1k2. X 1mA= 1 volt 
Re 2kO 
Ay= — A 
Re 1kO 
16 For this problem, use the circuit shown 
in Figure 8.7 with VS = 10 volts and IC = 
1 mA. 
Questions 


Find VC, VE, and AV for the following 
values of RC and RE: 
A RC = 5 KQ, RE = 1 kQ 
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Figure 22.3. (a) A 4-QAM 
(QPSK) digital modulator; (b) 


QPSK constellation. 
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points lies at an equal distance from the origin. You can see why this 
scheme is also known as QPSK (quadrature phase shift keying) and 4- 
PSK (four-state phase-shift keying). Figure 22.4 shows a QAM modulator 
with four-level modulation on both J and O channels, producing a total of 
16 states. 

The constellation of output signals for this 16-QAM modulator is shown in 
(b). The 16 binary numbers, 0000 through 1111, could be assigned arbitrarily to 
the constellation points, but the assignments shown in the figure have the 
property that nearest neighbors differ by only one bit. As a result, in an environ- 
ment with only modest noise, errors in transmission will nearly all be single-bit 
errors. Note that next-nearest neighboring points on the constellation differ by 


2-bit words (= 4-PSK) 


Carrier 
source 


(a) (b) 


Figure 22.4. A 16-QAM digital 


modulator. 
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22.2 Pulse shaping 


Figure 22.5. Power spectrum of 
a BPSK signal with random data 
and rectangular pulses. Frequency 
is in units of 1/7, and the zero is at 
the nominal carrier frequency. 
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just two bits. QAM systems can also have constellations in which the points are 
arranged in polar fashion; a constellation with eight points arrayed on a circle in 
the /-O plane is known as 8-PSK. Note that BPSK could just as well be called 
2-PSK. 


The abrupt reversals in the BPSK waveform of Figure 22.1 result in a signal 
with an objectionably large bandwidth. The signal is a continuous stream of 
rectangular RF pulses whose polarity is determined by the data. If the data bits 
are random, with equal probabilities of being a one or a zero, these rectangular 
pulses produce a power spectrum proportional to [sin(x f Daf DI, where Tis 
the duration of a symbol, the “baud” length. This spectrum is plotted in 
Figure 22.5.' On this graph, frequency is in units of 1/7, and the zero is at the 
nominal carrier frequency. 
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This wide spectrum applies to all the digital modulators discussed above, and 
is clearly unacceptable if other users are to use nearby frequency channels. 
Bandpass filtering at the transmitter, or otherwise transmitting a pulse shape 
whose spectrum is band-limited, solves this problem, but there is a complica- 
tion — limiting the bandwith causes a widening of each pulse in the sequence so 
that, at the receiver, a currently arriving pulse will be contaminated by remnants 
or precursors of nearby pulses. This effect is known as intersymbol interference 
(ISI). However, there exists a class of pulse shapes, Nyquist pulses, for which 
(a) the bandwidth is limited and (b) there is no ISI, despite the fact that the pulses 
do spread into each other. One such pulse shape is VÒ = sin(at/T)/(at/T) = sinc(t/T), 
the normalized sinc function. This pulse shape is the impulse response of a 


' The power spectrum is calculated from the signal’s average autocorrelation function (see 
Chapter 27). 
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sinc [r (t)] 


-sinc [z-(t-1)] 


sinc [r-(t-2)] 


Figure 22.6. Successive 
sin(zt)/(zt) signaling pulses. 


\ / Cosine \ J 


Figure 22.7. Construction of the 
raised cosine filter; H(w) is the 
voltage response. 
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Raised cosine Raised cosine filter 


rectangular lowpass filter with a cutoff frequency of 1/QT)Hz. This filter 
confines all the power to a bandwidth of 1/(2T). Successive output pulses for 
a 101 data string are plotted in Figure 22.6. The third pulse reaches a maximum 
att=2, the instant at which we sample it. Neither of the two previous pulses has 
yet died out but, at t=2, both are crossing zero and thus contribute no interfer- 
ence to the sampled value of the desired pulse. 

The same holds true for the contributions from all the other pulses, of any 
amplitude and either polarity, allowing us to transmit data pulses at a rate 1/T 
without intersymbol interference. 

Pulses with this property are said to be orthogonal to one another. While they 
do invade each other’s space, they do not create intersymbol interference. The 
sin(zt/T)/(zt/T) pulse is an extreme case; bandwidth is minimized, but the pulse 
is widely spread out in time. In practice, other orthogonal pulse shapes are 
chosen, which have somewhat greater bandwidth but are only modestly spread 
in time. One frequently used pulse shape is the impulse response of the raised- 
cosine filter. Figure 22.7 shows how this filter shape is produced by replacing 
the vertical sides of the rectangular filter with smooth roll-offs formed from 
quarter cycles of the cosine function, raised by 1/2 in the y-direction. 
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Figure 22.8. Power response, |H 
(w)|2, of raised cosine filter for 
a=0.25, 0.5, and 1.0. 
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We can express this filter shape as 


T: AFERRA 


5 [1 +008(= f- l-a<2|f|T<l+a 


2|f|T1 +a, 


H(f,a) = 


> MA 


(22.1) 


where a, a roll-off factor between zero and one, determines the width of the 
raised cosine edge sections. Note that the a=0 case is just the rectangular filter 
discussed above. This filter’s power response, |H(f,a)|" , for a=0.25, a=0.5 and 
a=1 (pure raised cosine with no flat center section) is plotted in Figure 22.8(a) 
with a linear power scale and Figure 22.8(b) with a dB power scale. 
The impulse response of this filter, i.e., the Fourier transform of H(f,a), often 
called by extension a “raised-cosine pulse,” is given by 
rita) = SPIT), cosCwa/T) Pm 
mt/T 1-—(2at/T) 
The zeros of the first term, sin(zt/7) /(at/T), give this pulse shape the same 
orthogonality property as sin(xt/T) /(at/T) alone. Figure 22.9 shows three 
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Figure 22.9. Successive raised- 
cosine signaling pulses. 


(a) 


(b) 


(c) 


(d) 


Figure 22.10. BPSK waveforms: 
(a) input data; (b) bi-phase 
modulated carrier; (c) 
modulated signal after raised- 
cosine filtering (a =0.22); (d) 
coherently detected signal. 
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consecutive a=0.5 raised cosine pulses. Note that these pulses, like the sin 
(zt/T)/(at/T) pulses of Figure 22.6, produce no intersymbol interference, but 
unlike those pulses, these are only modestly spread out in time. 

Despite the bandwidth advantage, there are two penalties associated with 
choosing a low value for a. First, the impulse response duration of the filter is 
longer, requiring more computations per symbol when the filter is implemented 
digitally. Second, the increased ringing means that the received signal must be 
sampled with higher timing accuracy to avoid ISI. 

The successive processes of BPSK modulation, pulse shaping, and detection 
are shown in Figure 22.10. The data string to be transmitted is shown in (a). In 
(b), the sinusoidal carrier has been multiplied by the data, producing phase 
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Figure 22.11. BPSK eye 
diagram. 
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o. = 1.00 


reversals. In (c), the modulated signal has been band-limited by a raised-cosine 
filter ofa =0.22. In this simulation the modulation rate is high, causing obvious 
variations in the envelope of the filtered signal. Finally, in (d), the filtered signal 
has been coherently detected, 1.e., multiplied by a replica of the original sine 
wave carrier and then lowpass filtered to remove the components at twice the 
carrier frequency. Note that, at the sampling instants, the sampled values 
are exactly the same 0’s and 1’s of the original data, i.e., there is no 
intersymbol interference. Note: for clarity in alignment with the original data, 
no filter delay has been added to the waveforms in (c) and (d), so they appear 
noncausal. 

If the detected data is displayed versus time for many sweeps on a storage 
oscilloscope that is synchronized to the data, we obtain the well-known “eye” 
diagram, shown in Figure 22.11. You can see that, at the sampling instants, the 
value of the waveform is either zero or one; there is no intersymbol interference. 
Eye diagrams are presented for three values of a. You can see that, for smaller 
values of a (narrower bandwidths), the sampling instants must be increasingly 
accurate to obtain only the values zero and one, whereas larger values of a make 
the system more tolerant of sampling “jitter.” 


22.3 Root raised-cosine filter 


Any receiver must contain a bandpass filter to reject unwanted signals (1.e., 
signals as well as noise on nearby frequencies). If the receiver filter has a 
rectangular shape whose bandwidth is equal to or greater than the signal band- 
width, Nyquist pulses will pass through undistorted, maintaining their orthogon- 
ality, 1.e., their freedom from intersymbol interference. However, a basic result 
from signal processing theory (see Chapter 23) is that the overall signal-to-noise 
ratio of a communication link is maximized when the receiver uses a matched 
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filter, which is a filter whose impulse response is proportional to the time-reversed 
waveform of the incoming signal pulse. Let us apply this consideration to the two 
pulse shapes discussed above. For the sin(zt/7)/(at/T) signaling pulse, the 
matched filter is just the rectangular filter which might have been used to produce 
the pulse. The cascade of two rectangular filters is equivalent to a single rectan- 
gular filter, and the pulse shape is preserved. For a raised-cosine signaling pulse, 
however, the matched filter 1s the raised-cosine filter of Equation 22.1. If we put 
this filter at the input of the receiver, the overall response will be the square of the 
raised-cosine shape. The signaling pulses will take on the shape ofa raised-cosine 
squared filter —a shape that is not free of intersymbol interference. To avoid this, it 
is common to transmit “root raised-cosine” signaling pulses, 1.e., pulses whose 
shape is the impulse response of a filter whose amplitude response is the square 
root of the raised-cosine filter. A root raised-cosine filter is used at the input of the 
receiver as a matched filter. The pulses exiting the receiver filter will therefore 
have the “raised-cosine pulse” shape shown in Figure 22.9, and there will be no 
intersymbol interference. The frequency response of the root raised-cosine filter is 
given by Figure 22.8(b), if you relabel the y-scale to go from 0 to — 60 dB instead 
of 0 to -120 dB. 

Let us summarize this section. So-called Nyquist pulses can be transmitted 
without intersymbol interference up to a maximum rate of B pulses per second 
using double-sideband AM modulation within an RF bandwidth of at least B 
Hz. A second carrier, at the same frequency, but phase shifted by 90°, can be 
used simultaneously to transmit independent pulses. When the pulses are 
identical except for 0° or 180° phase changes, the system is called BPSK (one 
carrier only) or QPSK (pulses on both / and O carriers). Synchronous detection, 
i.e., phase-sensitive detection, makes this 0° and 180° phase modulation equiv- 
alent to amplitude modulation in which the sign of the signal is preserved. If the 
I and O components of a QPSK signal are each allowed to take on four values, 
the modulation forms a 4 x 4 constellation and is referred to as 16-QAM. (It 
would be convenient if the term “AM” always referred to this kind of sign and 
magnitude modulation. BPSK could be called “sign modulation.” Traditional 
AM could be called “magnitude modulation”.) 

Note that in the above analysis we have not needed to bother with including a 
phase factor in the filter amplitude response functions. These particular filter 
functions are purely real, except for this omitted factor, e 3%%tw where T. delay 18 a 
frequency-independent time delay. Neglecting this factor is equivalent to setting 
the delay equal to zero, which causes the impulse responses to begin at non- 
causal negative times. 


22.4 8-VSB and GMSK modulation 


The U.S. digital television system, discussed in Chapter 19, modulates an /- 
carrier with three-bit digital data in the form of eight evenly spaced amplitude 
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levels whose nominal values are 7, 5, 3, 1, —1,-—3,-—5, and —7. A bias of 1.5 is 
added to these levels to create a small pilot carrier (a phase reference for the 
receiver) resulting in five transmitted levels that are positive and three that are 
negative. This is a PAM system (see Figure 22.2). The resulting double- 
sideband suppressed carrier signal is bandpass filtered to eliminate all but a 
vestige of the lower sideband, reducing the bandwidth by factor of almost 2. 
This modulation is called 8-VSB (eight levels, vestigial sideband). Because the 
signal had no O-component before filtering, the lower sideband was the mirror 
image of the upper sideband and contained redundant information. With a 
general QAM signal (using both / and O), the lower and upper sidebands are 
different and both are needed. But, as a result of filtering away the lower 
sideband, a transmitted VSB signal acquires a O component, making the 
“O-space” unavailable for the transmission of a second television signal. 

The modulation method used in GSM cellular telephones is known as GMSK 
(Gaussian minimum shift keying), and works as follows. A standard QPSK 
modulator is used, summing the signal from an / mixer with the signal from a O 
mixer. But the input signals to these mixers are such as to cause the sum signal to 
rotate smoothly from one point on the constellation to an adjacent point during 
the baud time. The rotation is 90°, clockwise or counterclockwise, depending on 
the binary data bit. The rotation takes place at a uniform rate. Since frequency is the 
time derivative of phase, this modulation is actually BFSK. In addition, smooth- 
ing, derived from a Gaussian filter shape, is applied to the phase command, so that 
the time derivative of the frequency is continuous during the transitions between 
the two nominal frequencies. This system is designed to minimize bandwidth, 
allowing closer channel spacing to accommodate more users. Bandwidth reduc- 
tion comes from using both J and Q, from changing the phase slowly and 
smoothly, and from allowing some intersymbol interference (which is almost all 
from the immediately preceding baud and can be compensated for by the receiver). 


Synchronous demodulation is required for the BPSK and QAM systems dis- 
cussed above. This requires that the receiver be able to synthesize a replica of 
the carrier. This carrier recovery, which takes place in the presence of data, can 
be done, for example, using a squaring PLL (see Chapter 12). A standard PLL 
suffices if a pilot carrier is transmitted. The receiver contains a matched filter, 
followed by a mixer whose L.O. signal is the recovered carrier. The baseband 
output of the mixer is sampled at the signal baud rate. The signal may include a 
periodic synchronizing pattern to assist the receiver in establishing the correct 
phase for the sampler. A digital matched filter is often used. When realized as a 
weighted sum of signals from a tapped delay line (a transversal FIR filter), such 
a filter illustrates how a matched filter is equivalent to a correlator, finding the 
best alignment (match) of the signal to a replica of the signaling pulse. 
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Sometimes a free-running L.O. will be close enough to the carrier frequency 
that the dephasing over a data word or packet is significantly less than 7/2. In 
this situation, differential modulation can be used whereby, for example, a 
“one” is signaled by flipping the phase of a BPSK signal, while a “zero” is 
signaled by leaving the phase at its prior value. If both J and O channels are 
implemented, the phase changes can be reliably sensed and the data can be 
reconstructed. In a QPSK system, both J and O channels are always imple- 
mented and the receiver can sense differential changes between points on the 
modulation constellation. Differential modulation, however, results in a higher 
error rate than coherent demodulation. 


22.6 Orthogonal frequency-division multiplexing - OFDM 


OFDM 1s a relatively new modulation technique in which the digital data stream 
to be transmitted is divided into N separate parallel data substreams, each having 
a data rate that is 1/N times the data rate of the original stream. Each substream 
independently modulates a separate RF carrier. The modulation scheme can be 
any of the schemes described above, except for FSK and MSK, where the phase 
does not remain constant throughout the duration of a symbol. At the receiver, 
the N substreams are demodulated in parallel and then combined to produce the 
original data stream. Applications of OFDM include 802.11a , g, and n Wi-Fi 
modems, DAB (digital audio broadcasting) in Europe and Canada, Digital 
Radio Mondiale short-wave broadcasting, HD (hybrid digital) radio broadcast- 
ing on the U.S. AM and FM bands, and European DVB-T (terrestrial digital 
television broadcasting). The number of carriers used in these systems varies 
from tens to thousands. 


22.6.1 Advantages of OFDM 


The system is bandwidth neutral, occupying about the same bandwidth as the 
traditional modulation systems it replaces. Its main advantage comes from its 
ability to deal with multipath propagation and channel equalization. Consider 
the problem of equalization. The propagation channel for a digital signal 
should have a specific amplitude and phase response, such as the raised- 
cosine shape discussed above. There are several propagation effects that 
can distort the shape. Receiving antennas are not always flat in frequency and 
linear in phase, so they can modify the channel response. Constructive and 
destructive interference of multipath components are frequency dependent 
and modify the channel response. Television receivers for 8-VSB use time 
correlation to detect multipath components and then subtract or realign them. 
This process, while essential, is not simple, and is particularly difficult in a 
mobile environment where the multipath situation is constantly changing. At fast 
baud rates, new multipath components are still arriving at the time the baud 
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ends. With the slow data rates on the individual OFDM carriers, the baud can 
extend far beyond the time needed for all the multipath components to arrive. 
Dispersion is also a classic problem in wired data links.” Fast DSL (digital 
subscriber line) data links over ordinary telephone circuits have to deal with 
cable dispersion, poorly controlled impedances, and multipath echos caused by 
haphazard terminations and discontinuities. An early application of OFDM was 
in “discrete multi-tone” DSL modems of the early 1990s. While the principles of 
OFDM date back to the 1960s, practical implementations had to await the 
advent of fast digital signal processors. Most OFDM system incorporate coding 
and decoding for forward error correction and are known as COFDM (coded 
OFDM). As in digital TV transmission, the coding usually encloses the inner 
modulation/demodulation “physical layer.” 


22.6.2 Single-frequency broadcasting networks 


The essentially perfect ability of OFDM to deal with multipath propagation 
can be exploited in single-frequency networks, in which broadcasting trans- 
mitters, all on the same frequency, serve overlapping areas of coverage. When 
the identical transmitted signals are synchronized in time and frequency 
(which can be done using GPS satellite signals), the signals arriving at any 
given site are indistinguishable from multipath signals originating from a 
single transmitter. At any given site, the receiving antenna is aimed at the 
strongest signal. The weaker signals, depending on their phase, increase or 
decrease the signal strength. They also shift the phases of the recovered 
Fourier coefficients, but this is not a problem because OFDM channels can 
be individually equalized via an occasional “training” sequence sent by the 
transmitter or by using a set of pilot carriers. Single-frequency networks allow 
efficient use of the spectrum, since the same television or radio channels can 
be used in adjacent areas — something like solving the classic map coloring 
problem with a single color. It is assumed that 8-VSB broadcasting could 
also use single-frequency networking, given echo cancellers of sufficiently 
high performance. Same-frequency fill-in or “booster” stations with well- 
synchronized frequencies have been used occasionally for conventional ana- 
log AM, FM, and television, but, without echo cancellation, they produce 
video echos (“ghosts”). 


2 The earliest trans-Atlantic telegraph cable, over its great length, accumulated so much dispersion 
that baud rate had to be slowed down to where the received signal was traced out by a chart 
recorder. Likewise, early overland telegraph lines were too dispersive to support baseband 
telephony. The first solution, series loading coils, was a product of the then recent theory of waves 
on transmission lines, which showed that the reactance per unit length had to be increased, relative 
to the resistance per unit length. 


B RC = 47 KQ, RE = 220 ohms 
Answers 

A. 

Va = 5 volts, Ve =5 volts, Ve = l volt, Ay =) 
B. 

Ve = 4.7 volts, V-=5.3volts, V¿= 0.22volts, Ay = 21.36 


Biasing 
17 In this problem, you see the steps used 
to calculate the resistor values needed to bias 


the amplifier circuit shown in Figure 8.8 . 
Figure 8.8 


You can determine values for R1, R2 , 
and RE that bias the circuit to a specified DC 
output voltage and a specified AC voltage gain 
by using the following steps. 

Read the following procedure and the 
relevant formulas first, and then you will work 
through an example. 
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22.6.3 Implementation of OFDM 


N bits 


Data in 
Inverse 


DFT 


N bits 


Figure 22.12. OFDM transmitter 
block diagram. 


The key to practical implementation of OFDM is the discrete Fourier transform 
(DFT) and its inverse (IDFT), which, in practice are implemented using FFT 
algorithms. At the transmitter, the data is arranged as a stream of data blocks, 
each containing N pairs of digital numbers. Each pair of numbers can be 
considered as the real and imaginary parts of a complex number. Let the 
complex data numbers in a given block be denoted as D,, for n=0 to N-1. 


Sine channel 


N bits modulator 
N-bit 


D-to-A 
converter OFDM 
signal out 


N-bit 

D-to-A 

converter Cosine channel 
modulator 


Carrier 
source 


Figure 22.12, a block diagram for an OFDM transmitter, shows that these 
numbers are first inverse Fourier-transformed as follows: 


N-1 
nS ae, (22.3) 
n=0 


The resulting set of N complex numbers, Vm, for m = 0 to N— 1, is read out serially 
at a rate N/T, where T must be no greater than the spacing between blocks of 
input data. If Vo appears at t=0, we can express the output numbers as a function 
of time: 


N-1 N-1 
VG De Dre, (22.4) 
n=0 n=0 


where œ, is 27n/T. Note that this is just the sum of N carriers at equally spaced 
frequencies, w,, and that each carrier is multiplied (amplitude modulated) by a 
coefficient, D,,. 

This set of N modulated carriers is converted from baseband to a QAM signal 
at RF by using a “cosine mixer” for the real part and a “sine mixer” for the 
imaginary part. Of course the real and imaginary outputs of the IDFT must be 
converted to analog voltages before they are applied to the mixers. These 
(suppressed) carriers are often called subcarriers, although they are not part of 
the sideband structure of some main carrier. Figure 22.13 shows an OFDM 
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Figure 22.13. OFDM receiver 
block diagram. 


converter 


(A 10 


receiver. Note that it is a mirror image of the transmitter. The operations done by 
the transmitter are undone in the reverse order by the receiver. I and Q samples 
from the cosine and sine mixers are digitized and combined to from the 
sequence of complex numbers, Vm, which is Fourier transformed to recover 
the date (the complex amplitudes of the subcarriers), 


1 N-1 l 
LS ree = Dy 025) 
m=0 


and we see that the data has indeed been recovered from the separate carriers. 
Thus the inverse Fourier transform effectively acts as N carrier oscillators and N 
mixers to create M modulated carriers while the Fourier transform at the receiver 
acts as N L.O.’s and N mixers to detect the (complex) amplitude of each carrier. 
During the interval 7, the n-th carrier has constant amplitude; it is an RF pulse 
with a rectangular envelope. The Fourier transform of this pulse has the shape 
sin(Aw7/2)/(A@T/2), where Aw is the offset from w,. The shape plotted in 
Figure 22.5. We see that the spectrum for any one of the carriers has consid- 
erable overlap with the spectra of nearby carriers. Nevertheless, at the nominal 
frequency of any one of the carriers, the power spectrum of any other carrier is 
crossing through zero. For this reason, the carriers are said to be orthogonal in 
the frequency domain, analogous to Nyquist pulses in the time domain, whose 
maximum value occurs at an instant when the voltage from any earlier pulse is 
crossing zero. 


22.6.4 OFDM guard interval 


The key to dealing with multipath in OFDM is the use of a guard interval 
after every 7-second transmission of the group of multicarrier signals. To 
see that this is necessary, consider the situation shown in Figure 22.14, 
where no guard interval is used. In the figure, the data is advancing in 
time toward the right. Ideally we would receive N signal samples from a 
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Figure 22.14. OFDM without a 
guard interval. 
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Figure 22.15. OFDM with a 
guard interval. 
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direct signal during the time interval 0 to ¢ and then apply the Fourier 
transform to this set of numbers. But signals arriving on paths other than 
the direct path will arrive somewhat later, as shown in the figure, where 
the signal from the farthest path arrives late by about 0.2T. A set of 
voltage samples taken from t=0 to T will be the sum of the signal 
voltages from the various paths so the first 20% of the samples will be 
contaminated by data from the previous signal interval, arriving via the 
farthest path and the first 5% or so will be contaminated by the previous 
signal arriving over all the delayed paths. 

Now let us add a guard interval of length aT, as shown in Figure 22.15(a). The 
contributions from the delayed paths during the interval t=0 to Twill now be 
from whatever has been placed in the guard intervals. You might think of zeros 
as a possible choice; at least they contain no data from the previous signal. 
However, they would compromise the orthogonality property. A much better 
scheme is to extend the data cyclically into the guard intervals, as shown in 
Figure 22.15(b). Data from the first part of the sequence is pasted into the guard 
interval so that when the guard interval advances into the sampler, the data 
sequence for the data interval begins over again. The result is that each multi- 
path signal is properly demodulated over a complete interval and orthogonality 
is maintained. The overall system works as follows. Blocks of 2N real numbers 
are considered as blocks of N complex numbers. Each arriving block is sub- 
jected to an inverse DFT, whose output is also a block of N complex numbers. 
These output blocks are cyclically extended from length N to length M(1+a). 


315 


Digital modulation techniques 


The numbers are converted to analog voltages and fed to a QAM modulator at a 
rate N(1+a)/T(1+a) = N/T. The receiver takes a burst of N samples every 7(1+a,) 
seconds, nominally aligned with the frame of data arriving over the direct path. 
Sampling bursts are separated by a time interval aT. The frames of N samples 
are Fourier-transformed to yield the complex amplitude of each carrier. This set 
of amplitudes is the original data. Many methods are possible to get the proper 
framing at the receiver and to regenerate the carrier for coherent detection. DAB 
audio broadcasting uses differential PSK modulation in order to tolerate carrier 
phase errors. DVB-T television, however, uses PSK with coherent detection. 


22.6.5 Disadvantages of OFDM 


One disadvantage of OFDM 1s that the signal has a high dynamic range, requiring 
that the transmitter have excellent linearity. (The same is true for any transmitter 
that transmits the sum of many independent signals, e.g., a cellular telephone base 
station transmitter.) Another potential problem is use in a mobile environment 
where different multipath signal components will generally have different 
Doppler shifts, as when the receiver is moving away from the transmitter but 1s 
moving toward a reflective object (maybe a building or tower) which provides a 
strong additional signal. The spacing between OFDM subcarriers would have to 
be considerably greater than the Doppler spread of the multipath signals. But, if 
there are appreciable differences in the time delays of the multipath components, 
the carriers must be closely spaced. This conflict is less severe at low radio 
frequencies, since Doppler shifts are proportional to frequency. 


22.7 Spread-spectrum and CDMA 


Best known now for its application in CDMA cellular telephony, spread spectrum 
was originally developed to provide secure communications links by using signals 
spread out in frequency and, therefore, reduced in spectral amplitude below the 
noise level of common intercept receivers. Besides being hard to detect, the signals 
cannot be demodulated without finding the long code word used in the spreading 
process. In addition, spreading makes the signals hard to jam. 


22.7.1 Direct sequence spreading 


Figure 22.16 shows how a rapidly changing binary pseudorandom code 
sequence multiplies a data stream to produce a signal whose bandwidth is 
determined by the “chip”” length of the code, rather than by the relatively 
slow data baud. 


> Code elements, unlike signal elements, carry no information and are called “chips” rather than 
“bauds.” 
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This system is known as a direct-sequence spread spectrum (DSSS). We saw 
the same circuitry in Chapter 21, where its purpose was to produce a wide radar 
pulse with modest power that could be decoded (decompressed) to form a 
narrow high-power pulse. The purpose there was to get around the peak 
power limitation of the transmitter, but the system also provides the radar 
with a signal that is harder to intercept and jam. We will encounter the circuit 
again in Chapter 25, where its use in GPS satellites provides the high range 
resolution of pulse compression radar as well as multi-access — allowing all the 
satellites to transmit on the same frequency. 

The pseudonoise or “direct sequence” spreading used in Figure 22.16 often 
uses maximum length shift register sequences, which are pseudorandom codes 
of length 2% — 1 generated by a circuit made of an N-stage shift register and a 
two (or more)-input modulus 2 adder. Figure 22.17 shows a four-stage 
generator and its 15-chip sequence. For this four-stage generator, only two 
feedback taps are needed, so the modulus-2 adder is a simple exclusive-OR 
gate. You can see that, for this kind of code generator, the shift register will 
never contain all zeros, as that state would then repeat endlessly. All other 
states do occur, so the length of the sequence is 2—1. A sequence of length 
27— 1 can be generated by a 32-stage shift register with taps at stages 32, 31, 
30, and 10. These taps can be added with a cascade of three ex-OR gates. 
With a 1-MHz clock, this generator would run for more than an hour before 
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the sequence starts to repeat. For a given value of N, there are usually several 
sets of taps, each of which will yield a different maximum length sequence. 
The key property of the maximum length sequences is that they are noise-like. 
There is essentially zero correlation between different codes or between a 
code and a time-shifted version of itself. 

The power spectrum of the signal transmitted by this system has a [sin(af7)/ 
(n/T) shape, where œ is the offset from the carrier frequency and Tis the chip 
length. Thus, the bandwidth is about 1/7, independent of the code length. 
Longer codes, however, provide better security against interception. This sys- 
tem uses coherent detection; there must be provision for the receiver L.O. to 
acquire the correct phase (and, therefore, frequency) and for the replica code 
generator to acquire the phase for alignment with the incoming signal. 

Wide frequency spreading requires a short chip time which, in turn, requires a 
high-precision time alignment of the replica code. Another spreading technique, 
frequency hopping, requires less alignment precision. 


22.7.2 Frequency-hopping spread spectrum (FHSS) 


In this system, the transmitter carrier frequency “hops” pseudorandomly from 
one frequency to another throughout the band. The timing of the hops is usually 
regular, though it, too, could be pseudorandom. An advantage of the hopping 
scheme is that the bandwidth is determined primarily by the assignment of 
hopping frequencies and not by the chip time — the time between hops. A 
convenient scheme is to hop to a new frequency for each data baud. These 
systems usually use incoherent detection since, until the advent of the direct 
digital synthesizer (DDS), it was difficult to achieve phase-coherent changes in 
frequency. One modulation scheme uses frequency shift keying. At the trans- 
mitter, the FSK signal is up-converted to the RF band by a frequency hopping 
carrier generator. At the receiver, a synchronized hopping L.O. converts the 
signal down to a constant IF frequency. The FSK IF signal can then be 
demodulated by an ordinary incoherent FM discriminator. 


22.7.3 CDMA in cellular telephone systems 


By itself, a direct sequence spread spectrum link is as power-efficient as a 
narrowband link, but deliberately has low spectral efficiency (data rate/RF 
bandwidth). However, the low cross-correlation property of the codes makes 
it possible for many users to have spread spectrum links operating in the same 
band. To each user, the signals from the others appear as random noise. This is 
known as code-division multiple access (CDMA). One advantage of CDMA is 
that no synchronization is required between users, in contrast to conventional 
time division and frequency multiplex systems where users must occupy 
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scheduled frequencies and time slots. Another advantage 1s that the CDMA 
system quality degrades gracefully; as users are added, each user sees the 
background noise increase somewhat and experiences a lower signal-to-noise 
ratio. In time division and frequency division multiplexing, the maximum 
number of users is strictly limited by the number of frequency and time slots. 
For the same reason, in a CDMA cellular telephone system, adjacent cells can 
use the same band. Signals from adjacent cells will be, on average, weaker, and 
contribute only modestly to the background noise. Moreover, since a mobile 
user moving from one cell to another stays on the same frequency, there is a 
“soft handoff” from one base station to the next, rather than a momentary 
disconnection while new time or frequency slots are allocated. 


Problem 22.1. Show that the impulse response of the filter function of Equation (22.1) 
is indeed the pulse shape of Equation (22.2). 


Problem 22.2. Show that the filter whose frequency response is the square of that of 
the raised-cosine filter will produce intersymbol interference, 1.e., show that such a filter, 
when excited by delta function at t=0, will have an impulse response that is not 
identically zero at t=T. 


Problem 22.3. Consider the simple single-frequency “network” for traditional AM 
broadcasting in which a single “booster” transmitter site is located at the fringe of the 
coverage area of the main transmitter. Describe what a listener, midway between the 
sites, could experience if (a) the carrier frequencies differ by 400 Hz; (b) the carrier 
frequencies differ by 0.1 Hz; (c) the carriers are locked to the same frequency. 


Problem 22.4. Write a program to simulate the pseudonoise code generator of 
Figure 22.15 but use 10 stages, rather than four. One input to the ex-OR gate is the 
output of the tenth stage. Find which stage should be connected to the other input of this 
gate to produce a sequence of length 1023. 

Hint: Start with the shift register in the all-ones state. Count the clock pulses needed to 
bring it back to this state. Do this for different taps until you find one that requires 1023 
pulses. 


ATSC Advanced Television Systems Committee: developed the ATV standard for 
US digital television broadcasting. 

BER Bit Error Rate: probability that a received “one” is deemed a zero or vice 
versa 

BFSK Binary Frequency-Shift Keying. 

BPSK Binary Phase-Shift Keying. 
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CDMA 
COFDM 
DAB 
DDS 
DFT 
DSL 
DTV 
DSSS 
DVB-T 
FEC 
FDM 
FHSS 
FIR 


GMSK 


GPS 
GSM 


HD radio 


IDFT 
ISI 


PAM 
OFDM 


OOK 
QAM 


QPSK 
TDM 


VSB 


Code Division Multiple Access: spread spectrum modulation that allows 
multiple users to share the same nominal frequency. 

Coded Orthogonal Frequency Division Multiplexing: multicarrier modula- 
tion system suited to multipath propagation environments. Includes coding 
for forward error correction. 

Digital Audio Broadcasting standard used in Europe and Canada. 

Direct Digital Synthesizer: frequency synthesizer with phase-continuous 
frequency transitions (see Chapter 12). 

Discrete Fourier Transform, equivalent to a matrix multiplication that 
converts a set of N complex numbers to another set of N complex 
numbers. 

Digital Subscriber Line: Telephone company high-speed digital service 
Digital Television 

Direct Sequence Spread Spectrum: frequency spreading done via multi- 
plication with pseudorandom +1 sequence. 

Digital Video Broadcasting — Terrestrial: European over-the-air digital 
television. 

Forward Error Correction 

Frequency Division Multiplexing: users are assigned different frequencies 
Frequency Hopping Spread Spectrum: transmitted signal “hops” rapidly 
between pseudorandomly chosen frequencies. 

Finite Impulse Response: FIR filters are often based on a weighted sum of 
the signals from a tapped delay line. 

Gaussian Minimum Shift Keying: a particular frequency shift keying with 
smooth transitions between ones and zeros. 

Global Positioning System: satellite navigation system. 

Global System for Mobile Communications: the dominant cellular phone 
system. 

Hybrid Digital radio: a transition U.S. radio broadcasting standard in which 
COFDM digital signals share frequency channel assignments with AM and 
FM signals. 

Inverse Discrete Fourier Transform: equivalent to a matrix multiplication 
that inverts (undoes) a discrete Fourier transform. 

Intersymbol Interference: self-interference caused by spreading of nearby 
pulses. 

Pulse amplitude modulation 

Orthogonal Frequency Division Multiplexing: multi-carrier modulation sys- 
tem suited to multipath propagation environments. 

On-Off Keying 

Quadrature Amplitude Modulation: system in which two independent base- 
band signals are transmitted at the same frequency. One is up-converted to an 
“in-phase” carrier cos(27fpF £), while the other is up-converted to a “quad- 
rature” carrier sin(27/fp 1). 

Quadrature Phase Shift Keying: QAM using BPSK on both / and O carriers. 
Time Division Multiplexing: users on a single frequency channel have 
assigned time slots. 

Vestigial Sideband: The remaining vestige of the lower sideband of an AM 
signal after asymmetric bandpass filtering. 
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In this chapter we examine how noise degrades the accuracy of digital data 
transmission and the fidelity of analog transmission. We begin with an explan- 
ation of matched filtering, a subject which came up in Chapter 22. We show that, 
for binary data links using matched filtering and coherent detection, the prob- 
ability of error depends only on the noise level at the input of the receiver and on 
the energy, but not the shape, of the transmitted pulses. We look at two example 
systems: BPSK (binary phase-shift keying) with coherent detection and OOK 
(on—off keying) with envelope detection. The error rates and channel capacities 
(maximum error-free data rates when using forward error correction coding) are 
calculated and compared with Shannon’s expression for the capacity of a band- 
limited channel. Finally, traditional AM and FM are examined with respect to 
their noise characteristics. 


23.1 Matched filtering 


321 


We stated in Chapter 22 that, in the presence of noise, the post-detection signal- 
to-noise ratio is maximized when the predetection bandpass shape of the 
receiver is that of a matched filter. 

A matched filter is one whose impulse response is proportional to the time- 
reversed waveform of the incoming signal pulse, as will be shown below. 
For example, if the input signal is a pulse whose shape is the same as the 
symmetric impulse response of a root raised-cosine filter, then the receiver 
should use a root raised-cosine filter or an equivalent cascade of filters. 
Sometimes we deal with complicated pulses, such as the biphase coded pulses 
used in pulse compression radar. In these cases, it is common to use a front- 
end bandpass filter which is a matched filter for the individual subpulses, 
followed by coherent detection and then a decoder which undoes the plus/ 
minus phase coding. Here the cascade of the front-end filter and the decoder 
is equivalent to a matched filter for the coded pulses. Note that coherent 
detection is down-conversion to baseband, a linear operation. We can think of 


1. Find R E by using the following: 


Re 
Av = ato 
Re 
2. Find V E by using the following: 
Ve  Vs-Vo 
Av A AAA =: 
VE VE 


3. Find V B by using the following: 


Va = Vet 0.7 volt 
4. Find I C by using the following: 


_ Vs—Ve 
SS 
Re 
5. Find | B by using the following: 
Ic 
> 
6. Find I2 where 12 is 101 B . (Refer to the 
circuit shown in Figure 8.6 .) This ls a 


convenient rule of thumb that is a crucial step 
in providing stability to the DC bias point. 
7. Find R 2 by using the following: 


T 
= L 
8. Find R 1 by using the following: 
AF 
_ Vs— Vp 
ly = : 
lL, + Ip 
9. Steps 7 and 8 might produce nonstandard 
values for the resistors, so choose the 


nearest standard values. 
10. Use the voltage divider formula to see if 
the standard values you chose in step 9 


322 


Radio-frequency electronics: Circuits and applications 


the entire matched filter as the actual detector, whose output samples are the 
received symbols. 

Let D denote the output of the receiver’s filter (which we have just defined as 
the “detector” output) and let A(t) be the impulse response of this filter, a real 
function. For a signal pulse unaccompanied by noise, the output from the filter 
is given by 


Ds = J h(t) Vs(—t)dt, (23.1) 


where we have assumed the pulse position to be such that the filter output 
should be sampled at t= 0. The output signal power, in units of volts”, is given 
by Ps = Ds”. The noise output of the filter can be written in terms of No, the 
standard one-sided noise density, in units of volts”/Hz, as 


N OO 
P= | Ho) do, (23.2) 


where H(w) is the filter transfer function, i.e., the Fourier transform of h(t). Note 
that we have assumed that No is a constant (white noise). Using Parseval’s 
theorem, we can write Py in terms of A(t): 


Py => J h(t dt. (23.3) 


With these expressions for Ps and Py, we can write the output signal-to-noise 
ratio as 


SNR = p= ——. (23.4) 
3 2 
` Y f hdt 
At this point, we invoke Schwarz’s inequality! which gives us 
f h(ede f Vs(=0) de o: e 
> $ A(t) de as ae 
(23.5) 


' Schwarz’s inequality is written as | [f(x)g(x)dx|* < [dx febo dx. This can be seen by 
considering the integral of fg to be the dot product of a multidimensional vector, while the integral 
{ |x)? dx is the length of the vector fand [|g(x)|*dx is the length of the vector g. For two vectors A 
and B, we know that |4*B|? < |4-A||B*BL. 
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Looking at Equation (23.4), we see that if h(t) = PVs(— À, where p is any 
constant, then the SNR will be equal to its maximum possible value, the right- 
hand expression in Equation (23.5). This is the matched filter. Note that, with a 
matched filter, the signal-to-noise ratio for a pulse is independent of the pulse 
shape and is simply the time integral of V<(t)’, i.e., the energy of the pulse, és, 
divided by the noise spectral density No. (No has units of volts*/Hz, which is the 
same as volts” sec.) Thus, when a matched filter is used, 


Loro, 
SNR = Vs(t) dt = . 23.6 


23.2 Analysis of a BPSK link 


Figure 23.1. Gaussian voltage 
probability distributions for 
received BPSK ones and zeros 
for A=1.50 (SNR = 1.5°). The 
shaded area in the figure is the 
probability pe of a transmission 
error, i.e., the probability that a 
received zero will be interpreted 
as a one or that a received one 
will be interpreted as a zero. 


Coherent detection makes the BPSK link especially easy to analyze. The signal 
at the output of the matched filter is just the sum of the signal voltage and the 
noise voltage, which we will assume to have a Gaussian distribution, character- 
istic of thermal noise. The detected signal voltage will be either A or —A, so the 
Gaussian noise distribution will be centered at either 4 or —4, as shown in 
Figure 23.1. The one/zero decision threshold will, of course, be set at V=0 for 
this symmetric situation. 

The probability distribution for a zero (the solid curve) is the normal 
Gaussian distribution function, po = (2x0) |? exp[-(V+A)*/(20°)]. By inspec- 
tion of the figure we can write 


00 2 00 00 
e (V + 4)" /20° eV" /20° l = 
p= — dU = | — dU = — Je dU. 
y 2710? J V 2107 am J 


o 
(23.7) 
Now let us relate this probability of error to the signal-to-noise ratio. We saw in 
the previous section that, at the output of a matched, the ratio of the square of the 


signal portion of the sampled output to the average square of the noise portion is 
2€s/No, where és is the energy of the pulse, i.e., the time integral of the V2, and 
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Figure 23.2 Envelope 
probability distributions 
P(E,A,0), foro = V2 
and A = 0 or 1.542. 
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No is the noise power density. Therefore A? /a* = 2&s/No, and we can rewrite 
Equation (23.7) as 
2O 2 
= EN 
De =| at e? du. (23.8) 
We have been implicitly working at baseband, 1.e., assuming that the signal (and 
the noise) have been converted down from an RF carrier frequency, wo, through 
multiplying the modulated RF signal by a sine wave in phase with the (normally 
suppressed) carrier. This, as we have seen, constitutes synchronous detection. In 
this common situation, the matched filter is a baseband filter. 

It is interesting to note that we could alternately have used a matched filter at the 
RF (or some IF) frequency. In this case, the output of the filter is an RF sine wave, 
multiplied by the baseband pulse. We can sample this directly, but the sampling must 
be very precise, so that the samples are taken at points that, with a de pulse, would be 
at the peaks of the RF sine wave. The SNR will be the same as for the synchronous 
conversion to baseband because even though the RF bandwidth is twice the base- 
band bandwidth and contains twice as much total noise power, the synchronous 
sampling will respond to only half this noise, e.g., the “cosine” component. 

If symbols are arriving at the rate 1/T in the minimum baseband bandwidth of 
1/QT) that eliminates intersymbol interference (see Chapter 22), then 
26s/No = (€5/T)/(No/|2T|) = Ps/Pn = SNR the signal-to-noise ratio. 
This probability of error from Equation 23.8 is plotted vs. SNR in Figure 23.2. 

This figure displays the well-known “dropout” effect in digital communica- 
tions systems. If, for example, the input SNR drops from ten to five, a factor of 
only 2, the error rate increases by a factor of 100. The probability of error for the 
BPSK distributions shown in Figure 23.1, where A/o = 1.5, is 0.067. 


“FHT 
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TT TINT TET 
IAN 
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23.3 On-off keying with envelope detection 


The BPSK system discussed above, using coherent detection, is suited for 
data transmission under low signal conditions. (When there is ample signal 
power, multilevel “M-ary” modulation can obviously transmit data at a 
faster bit rate.) But let us now consider simple on—off keying with envelope, 
i.e., noncoherent detection. Before we can calculate the probability of error, 
we must find the distribution function of the output voltage from the 
envelope detector. 


23.3.1 Envelope probability distributions 


Figure 23.3 (a) / and Q noise 
phasors alone; (b) noise phasors 
together with a sine wave of 
amplitude A. 


As we have seen, the IF signal, containing random noise, is a random variable 
with Gaussian probability distribution. The presence of a signal offsets the 
Gaussian curve. The output of the envelope detector is also a random variable. 
Let us find the probability distribution of the envelope, first without the 
presence of a signal. Figure 23.3(a) shows the in-phase and quadrature compo- 
nents, Nand No. of the IF noise voltage. The length of their vector sum is E, the 
envelope voltage. 

Since the / and O noise components are uncorrelated, their joint probability 
distribution is the product of their individual Gaussian distributions. 


me Vie ¿Valeo OP + VG)/207 E 207 
= —__,- XK OO FE ODN = 
eee V 2102 V 2102 2110? 210? 


(23.9) 
To obtain the distribution in terms of E and 0, we note that 
«E? /20* 
D(E, O)EdOdE = —2 Edde, (23.10) 
2100 


from which we identify 


ln po 


(a) 
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Ee T Rr 


p(E,0) = (23.11) 


2730? 
Integrating over 0, from 0 to 27, we find p(£), the envelope probability 
distribution: 


T peP he 
p(E) = J P(E,0)d0 = —=— . (23.12) 
J o 

This function is known as the Rayleigh probability distribution. Note: for 
both the Z and the O noise components, the variance is o°. Therefore, the total 
noise power, which is the expectation of E*, is 20°. 

Now we must find the envelope distribution function when the IF signal is the 
superposition of noise plus a sinusoidal carrier. This is shown in Figure 23.3(b). 
Again, both noise voltages, M; and No, have Gaussian distributions, but now the 
distribution for M; is centered at 4, the amplitude of the carrier, so we can write 


—2 


p(VI, Vo) = [V210 el- (P14) +V3]/20? 
= (2710?) | el E c0s(0)-4) +E sin(0}*]/20°, (23.13) 


Expanding the argument of the exponential on the right-hand side we have 
pl V;, Vo) =. Oro i e E g A , (23. 14) 
Following the steps used in the carrier-free case, and integrating over 0, we find 


27 
(E2442) /20? 
Ee a l e AEcos(0)/0” q8 


E,4,o) = — 
pl ) ) 0) 0? on 
o (23.15) 
Es (E+4%)/20” 


where Jp is the modified Bessel function of order zero. This function, p(£,A, 0), 
known as the Rician distribution, is plotted in Figure 23.4 for A= O ( the 
envelope distribution of noise alone) and for 4 = 1.542, for the same noise 
power and average transmitted power (assuming equal probabilities for trans- 
mitted ones and zeros) used for the BPSK example of Figure 23.1. 

Let us calculate the probability p, that a bit is received incorrectly when we 
have (arbitrarily) set the decision threshold at the intersection of the ON and 
OFF envelope distribution functions, which we will denote as £,. We will also 
assume that we transmit, on average, equal numbers of ones and zeros. The 
probability of error is, therefore, “peo +% Pe1, Where peo is the probability that a 
transmitted zero is received incorrectly and p.,, is the probability that a trans- 
mitted one is received incorrectly or 
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Figure 23.4 Probability 
distribution p(£,A,0), for the 
envelope of a signal that is the 
sum of a sine wave of amplitude 
A = 1.52 plus noise with 
o=2. 
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0.5 
0.4 
p(E, 1.5-V2,12) 0.3 
plE,0,\2 0.2 
0.1 
0 == 
0 1 2 3 4 5 6 7 
E 
00 E; 
Pook (A, a) = 1/2 | po(E.A,o)dE + 1/2 | pi(E,4,0)dE. (23.16) 
E; 0 


Evaluating Peoox for A = 1.5\/2 and o = V2 for comparison with the BPSK 
example of Figure 23.1 (same average transmitted power, but twice the noise 
power (quadrature as well as in-phase components), yields Peoox = 0.34 for a 
threshold E, = 2.3, compared to only .067 for Peppsx. 


We have seen how to calculate the expected bit error rate as a function of the 
signal and noise powers for two example situations, coherently-detected PSK 
and envelope-detected on—off keying. We also know that data error rates can be 
reduced by expanding (encoding) the data so that it contains redundancies.” Of 
course, the net data rate slows when redundant bits are transmitted. These 
redundancies may be crude, such as transmitting a packet of data several 
times, or elegant, such as the nested combination of block codes and convolu- 
tional codes used in data links and digital broadcasting systems. Given a 
particular communications link with an optimal encoding scheme, it is obvious 
to ask how many bits must be transmitted, on average, for each data bit, if we are 
willing to tolerate a certain average data error rate. One might expect that, as the 
error tolerance is reduced to zero, the optimal transmission efficiency would 
also go to zero, 1.e., that an infinite number of bits would have to be transmitted 
for each recovered data bit, as indicated by the crossed out curve in Figure 23.5. 
Shannon’s remarkable “noisy channel theorem” showed that this is not so. For 
any given communications link, there must exist coding schemes that will 
permit data transmission with an arbitrarily low error tolerance while still 


2 Making the data redundant enough so that errors can be detected and corrected at the 
receiver is known as forward error correction (FEC). In reverse error correction, the receiver can 
only detect errors. To make corrections, it must request repeat transmissions. 
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Figure 23.5 Transmission 
efficiency vs. tolerated output 
error rate when using optimum 
channel encoding. 
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Maximum transmission 
efficiency: decoded bit 
rate/transmission bit rate 


0 1/2 


Tolerable output 
error rate 


achieving a non-zero efficiency. This situation is shown by the solid curve 
Figure 23.5, which shows the efficiency for a link using an optimum error 
coding scheme. 

The maximum efficiency is unity if we are willing to tolerate an output error 
rate of 1/2, but this is the point at which no net information is transmitted since a 
one is randomly declared a one or a zero and vice versa. But as the error rate 
tolerance is lowered to zero, the maximum efficiency approaches an asymptotic 
nonzero value. This asymptotic maximum efficiency value is called the channel 
capacity (bits/bit) and, when multiplied by the bit rate, in bits/sec, the result, in 
units of bits/sec, 1s a rate and 1s also referred to as the channel capacity. (Context 
usually resolves any confusion between the two.) The ususal statement of 
Shannon’s theorem is that it is possible to transmit data at a rate equal to or 
less than the channel capacity, with an arbitrarily low data error rate. While 
Shannon’s work shows that optimum codes must exist, it does not show how to 
construct then. However, it does show how to calculate the channel capacity for 
a given link, the highest standard against which we can judge the efficiency of 
any coding scheme proposed for the link. If the arbitrarily low data error rate is 
set too low, the encoded data must be in the form of extremely long blocks. 
Fortunately, acceptably low error rates can be achieved with acceptably short 
data blocks. 


Binary symmetric channel 


The coherent BPSK link discussed above is an example of a binary symmetric 
channel. The transmitted symbols are either one or zero, and every received 
signal is deemed either a one or a zero. From the symmetry of Figure 23.1, it is 
obvious that the probability p, that a transmitted one will be received in error as 
a zero 1s equal to the probability that a transmitted zero will be received in error 
as a one, as indicated in Figure 23.6. This figure, a sort of probability flow graph 
for a binary channel, is equivalent to a 2x2 matrix whose coefficients are 
probabilities. The binary symmetric channel corresponds to a symmetric chan- 
nel matrix. 


329 


Figure 23.6. Binary symmetric 
channel: pe is the probability that 
a symbol x; is wrongly received 
as a symbol y;. 


Figure 23.7 Channel capacity of 
a binary symmetric channel vs. 
transmission error rate, 
assuming ones and zeros are 
transmitted with equal 
probability. 
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y=0 


The channel capacity for this link, which depends only on p, and on p,, the 
probability that the i-th transmitted bit is a one, is given by 


C(De;Pi) = Pe 108, (Pe) + (1 — pe) log, (1 — pe) 


237 
-piog (p) — (=p) 0g =p) SP 


This expression is always greatest for p;= 1/2 (equal probability of transmitted 
ones and zeros). Figure 23.7 shows C( pe, 1/2) plotted versus pe. 


1 


C(p,, 0.5) 0.5 


0 
0 0.5 1 


Pe 


Note that the channel capacity falls to zero at pe = 1/2, where the receiver is 
equally likely to interpret a transmitted one as a zero and vice versa. Then C 
rises again to unity for pe = 1, where the receiver always mistakes a one for a 
zero and zero for a one. In this case, the message is transmitted faithfully, 
assuming the receiver realizes that it should complement the bits. (It takes only a 
single transmitted bit to resolve this ambiguity.) 

The reader will find excellent treatments of information theory, channel 
capacity, and coding in the texts listed at the end of this chapter but the origin 
of Equation (23.17) warrants at least a brief discussion, in the limited context of 
a binary channel. The discussion should at least serve to show that, while the 
concepts are subtle, the mathematics is simple. In the binary channel, the 
transmitter sends a symbol which is denoted either x, (a one) or x (a zero). 
The information in a transmitted symbol is defined as [(x;)=log> (p(x; ) >, 
where p(x;) is the probability of x;. Note that if p(x;) is nearly one, the infor- 
mation contained in x; is nearly zero. If the transmitted symbols are almost 
always ones (or zeros), very little information is transmitted by sending a one 
(or zero), as we would have expected the one (or the zero). But if p(x;) 1s a 
very small number, the occurrence of x; is highly informative, as we would 
not have expected it. A second definition is that of mutual information, 
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Ix; y) = logalp@ily) |p], where p(x;|y;) is the conditional probability that x; 
was transmitted, given that y, was received. Note that while the distribution of 
transmitted symbols is generally flat (uniform), the distribution of I(x; y;) for a 
given j is not uniform, but peaked around the value of 7 most likely to have 
resulted in y,. 

The expected value of the mutual information is the sum of the /(x;; y,)’s, 
weighted by their probabilities, 1.e., 


Uy) = 2 Y pny y), (23.18) 


where p(x;, y;) is the joint probability of x; and y;, 1.e., p(x; y;) = px) p;lx;). For 
the binary symmetric channel discussed above, p(y;, x;) = Pe fori 4 j and (1— pe ) 
for i=j. The channel capacity is given by the maximum value of (/(x;; y;)) with 
respect to the set of values p(x;), by 


C = max ly) wat pi) y. (23.19) 


For the binary symmetric channel, the maximum occurs when equal numbers of 
ones and zeros are transmitted, 1.e., when p(x;) = p(x2) = 1/2. Evaluation of 
Equation (23.19) yields Equation (23.17), the expression for the channel capacity. 
Note that the channel capacity is based on the relative frequency of transmitted ones 
and zeros and on the values of p(y; | x;), which is the conditional probability that the 
receiver produces y, when the transmitter sent x, However, to calculate the values 
of I(x; yj), we need to know p(x; | y; ), the conditional probability that when the 
receiver produces y,, the transmitter had sent x;. The two conditional probabilities 


are related through Bayes’ theorem: p(x;, y) =p) p | x) =p) PO: | y). 


Channel capacity of the BPSK and OOK example channels 


For the BPSK example shown in Figure 23.1, with 4/0 = 1.5, we found the 
probability of error to be pe = .067. Using this value in Equation 23.17, the 
channel capacity is 0.645 data bits/transmitted bit. For the comparable asym- 
metric OOK channel of Figure 23.4 the two integrals in Equation 23.16 are, 
respectively, the probability that a transmitted zero is received as a one and vice 
versa. If we calculate the channel capacity using Equation 23.19, we find that it 
maximizes at about C = 0.08, if the threshold is set at E,=2.5 and the proportion 
of transmitted zeros is 52%. In addition to low channel capacity, another 
disadvantage of the OOK system is that the threshold must be changed when 
either the signal or noise level changes. 


Channel capacity of a bandpass channel 


Shannon also presented a formula for the maximum channel capacity for a band- 
limited channel with added Gaussian white noise — the channel most amenable 
to analysis, and a channel often encountered in practice, for example, in space- 
craft telemetry links. This formula states that the maximum channel capacity 1s 
given by 


331 


Modulation, noise, and information 


C = B log,|1 + S/N] = B log, [1 + S/(BNo)| (23.20) 


where S is the received signal power, N is the noise power which is equal (for 
white noise) to BN¿, where B is the channel bandwidth, and No is the noise 
spectral density at the receiver in Watts/Hz. The figure of merit for any 
particular modulation scheme is how close 1ts channel capacity approaches 
this ideal maximum channel capacity. To see that Equation 23.20 1s reasonable 
note that, when S/N is high, it is essentially the practical number of quantization 
levels, n, and log>(n) converts this into bits. The bandwidth factor, B, will be the 
symbol rate or close to it. 

For illustration, suppose the signal power available from a spacecraft is 10 '° 
Watts, contained within a bandwidth of 100Hz, and the noise density at the 
receiver input is 4x 10 '” Watts/Hz. With these numbers, Equation 23.20 
produces C = 181, which is the maximum rate (bits/sec) at which information 
could be transmitted over the channel at an arbitrarily small error rate, if the 
modulation scheme and signal coding are optimum. 

Let us look at our example BPSK channel in the light of Equation 23.20. In 
that example, the SNR at the output of the detector was (A/o) = 1.57. If we are 
using a matched filter, we saw that (A/o)? be equal to 2€/No. Let us assume we 
transmit bits at a rate of 1/T and use receiver bandwidth of 1/(27). The received 
power is S = &/T and the noise at the receiver is No/(2 T), from which we have 
S/N = 2é/No. Using Equation 23.20, we see that the maximum channel capacity 
will be C = 1/(2T) ' logr(1 + 2€ / No) = .850/T bits/sec. But, from the bit error 
probability, a function of A/o, we had calculated the actual channel capacity of 
this BPSK link to be .645 bits/bit. If we multiply this by the bit rate, 1/T, the 
channel capacity becomes .645/T bits/second. This BPSK link, therefore, has 
.645/.850 = 76% of the maximum possible channel capacity. 

For much larger values of S/N, we would find that, while the ideal channel 
capacity increases, our BPSK channel capacity saturates at the value 1/7. This is 
simply due to staying with two-level binary modulation, as opposed to N-level 
PAM modulation. 


Noise in analog FM and AM systems 


Let us first look at the noise produced at the output of an FM receiver. The 
instantaneous received signal voltage, Vsig, is accompanied by noise, Vy, as 
shown in Figure 23.8. 

This is the same as the diagram in Figure 23.3(b), except that now we are 
interested in the phase angle rather than the magnitude of the vector sum of the 
signal plus noise. This “phase noise,” (y, will cause noise in the detected output of 
an FM or PM detector. Clearly the angle dy becomes smaller if the signal strength 
is increased. But there is another way to defeat the noise. The signal-to-noise ratio 
at the detector output depends on the ratio of the signal’s modulation phase 
excursions to the phase noise. If the modulation level is increased, even without 
increasing the signal strength, the output signal-to-noise ratio will be improved. 


result in a voltage level close to V B found in 


step 3. (“Close” means within 10 percent of 
the ideal.) 

This procedure produces an amplifier that 
works, and results in a DC output voltage 


and AC gain that are close to those specified 
at the beginning of the problem. 

Questions 

Find the values of the parameters specified In 
each of the following questions for the circuit 


shown in Figure 8.9 if AV = 10, VC = 5 
volts, RC = 1 kQ, B = 100, and VS = 10 
volts. 

Figure 8.9 

Me = 10 V. 


Work through steps 1-10, referring to the 
steps in this problem for formulas as 
necessary. 

1. Find RE. 
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Figure 23.8. Signal and noise 
voltages. 
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Resultant vector of ae 
signal plus noise -7 
wae VotVj= Vy 
A a at V¡=Vy 
— 
— dl p 
— N 

wae Vsic 


If, for example, the rms phase noise is 1/10 radian and the modulation index is 1 
radian, the phase SNR is 100. If the deviation is increased to produce a modulation 
index of 5 radians, the phase SNR increases to 2500. The improvement has been 
obtained not by increasing the signal power but by increasing the signal bandwidth. 
In the case of amplitude modulation, the SNR depends on the noise modulating the 
length of the vector Vsig + Vy. Since Vy is fixed in any given situation, the only 
way to improve the SNR in AM is to increase Vs¡G, 1.e., increase the transmitted 
power. 


Analysis of the SNR improvement in FM 


A quantitative analysis of the SNR improvement in FM is simpler if we take the 
noise to be the background noise produced by the detector when the signal is 
unmodulated, 1.e., the total power in the hiss coming from the loudspeaker or 
other output device. For the signal we will take an audio sine wave with 100% 
modulation (maximum deviation). We can represent the noise, Vy, by in-phase 
(1) and quadrature (O) noise components, Vz and Vo where VÍ + Vor = Vy" as 
shown in Figure 23.8. Both Vg, and V; are phasors rotating at wo, the frequency 
of the unmodulated carrier. Their amplitudes are random and independent. The / 
component of the noise is the most effective in causing amplitude fluctuations 
and therefore contributes noise in AM demodulation. But it is mostly the O 
component, since it is perpendicular to Vs¡G, that causes angle fluctuations and 
therefore contributes noise in the FM demodulation. For Vi < VsiG, the 
instantaneous angle noise, P(t), is Just Vo(t) /Vsig radians. Since VsiG, the 
carrier amplitude, is constant, the power spectrum of @,, (call it Sy) is propor- 
tional to the power spectrum of Vg. The spectral distribution of Vo can 
be assumed uniform (white) so S, is also uniform. The integral of Sẹ over 
the IF band gives the mean square phase fluctuation, ((¢,())”), so we can write 
So = (nO) Brie = (V oD)/V sigBrr) = (V (t)/2)/(V" sig Bir) where Brr, the 
IF bandwidth, is twice the maximum deviation. An FM demodulator produces 
an output spectral density proportional to the time derivative of the phase, 
((d@,,(t)/dt)*). The spectral density of the noise in the (one-sided) audio band 
at the detector output is therefore given by 204 S(t), and the total noise power 
is the integral of this spectral density over the output bandwidth of the detector, 
1.e., the audio band (0 to B, radians): 
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Ba Ba 
2 
Output noise power = J 20° Sodo = So / 2w dw = 3 SBa 
0 0 (23,21) 


o B T ( Vx’) 
OkoscAMAX Var ) 


The maximum amplitude of the sine-wave signal at the output of the detector is 
KoscÁmax» the maximum deviation, so the maximum signal power is just Ps¡G= 
kosc Amax /2. Taking the noise power from Equation (23.21), the signal-to- 
noise ratio at the detector output is: 


se) i Vea 


Maximum output SNR = 3 
li Ba (Un?) 


(23.22) 


Note that the output SNR improves as the cube of the ratio of the maximum 
deviation to the full audio bandwidth. 


Output signal-to-noise ratio for an AM signal with the same carrier power 


Let us consider an AM system with the same carrier power and the same audio 
bandwidth, in order to compare its output SNR to that of the FM system. Again 
the modulation will be a single sine-wave tone and the amplitude of the carrier 
will be VsigG. At 100% modulation, the amplitude of the sine wave modulation 
envelope will also be Vs¡G so the audio signal power at the AM detector output 
will be Vg¡G 7/2. For the AM system, the IF bandwidth needs to be only 2B, twice 
the audio bandwidth (wide enough to accommodate the highest audio frequency 
but, to minimize noise, no wider). The noise voltage at the detector output will 
be V% , the in-phase component of V'y, where the primes distinguish the noise 
voltages in the AM IF band from the noise voltages in the wider FM IF band. 
The noise power will be given by (V7) = (V'x")/2. The SNR at the AM detector 
output is therefore 


Vsic* 
AM output SNR = —— 


— 23.23 
TA e 


Comparison of noise, FM vs. AM under strong signal conditions 


All that remains in order to compare the FM and AM systems is to note that the 
ratio of the IF noise powers is just the ratio of the IF bandwidths, i.e., 


( Vy a 2KA max kAmax 


— =, 23.24 
WP) Ba By — 
Using Equations (23.22)(23.24), we can write 
FMSNR — 3kose7AMax” 
= oe LMAX = 3 (Deviation ratio)’. (23.25) 


AMSNR B? 
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In FM broadcasting the deviation ratio 1s about five so the output SNR for a 
maximum-amplitude audio tone will be higher with FM than with AM by a 
factor of 3:57 = 75 or about 19 dB. The FM sound in television uses a deviation 
ratio only 1/3 as large as that of FM broadcasting so the signal-to-noise 
improvement is correspondingly less. Remember that the above analysis is 
only for the situations of high signal-to-noise. When the signal is comparable 
to or lower than the noise, the phase is almost totally determined by the noise 
and the FM system is useless. 


FM, AM and channel capacity 


Figure 23.9. Channel capacity 
vs. bandwidth (both are 
normalized to S/N, the “natural 
bandwidth”). 


The improvement in a signal-to-noise ratio that is possible with wideband FM is 
an example of increasing the channel capacity of a communications channel by 
increasing the bandwidth. 

Note that S/No has units of bandwidth and can be considered a “natural” 
bandwidth for a given No and S. No is determined by the noise added along the 
channel, such as atmospheric noise and noise added by the receiver. The signal 
power, S, is determined by the transmitter power, transmitter and receiver 
antenna gains, and propagation loss. Channel capacity, from Equation 
(23.20), vs. bandwidth is plotted in Figure 28.9. Both are normalized to S/No. 

Note that, for b> 1, the channel capacity has essentially reached an asymp- 
totic value of 1.44 S/No. If we are below the knee of the curve, we can increase 
the channel capacity significantly at no cost in transmitter power by (somehow) 
using more bandwidth. We have seen that FM broadcasting does just this. On 
the other hand, Equation (23.20) shows that it is expensive (and ultimately 
impractical) to increase channel capacity by increasing power since the log term 
increases slowly. 
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Problems 


References 


Modulation, noise, and information 


In AM, the bandwidth is fixed by the highest modulation frequency; the total 
bandwidth in standard full-carrier DSB AM is twice the highest modulation 
frequency. When a weak AM station is received, the signal-to-noise ratio 1s low 
enough to put us beyond the knee of the channel capacity vs. bandwidth curve 
and there would be no gain in going to a modulation scheme that increases the 
bandwidth. But ifthe station is strong, we are probably far below the knee of the 
curve. In this case, changing to FM modulation (without changing transmitter 
power) can bring us up the curve where the higher channel capacity allows a 
higher signal-to-noise ratio. 


Problem 23.1. Show that the differential equation x*y” + xy’ —x*y = 0 (modified 
Bessel’s equation of order zero) is satisfied by the function 


Problem 23.2. Consider an asymmetric binary channel in which the probability that a 
one is correctly received is 0.9 but the probability that a zero is correctly received is 1/2. 
(A transmitted zero is equally likely to be declared a zero or a one.) Suggest a simple 
coding method to transmit data reliably through this channel. 


Problem 23.3. Consider the situation where a rectangular pulse of length T is trans- 
mitted, but the receiver instead of using a sin(1/2 w7)/(//2 wT ) matched filter, uses a 
rectangular filter of bandwidth 6/7. The noise at the input is Gaussian. Find the value of 6 
that maximizes the SNR at the output of the filter. Compare this to the value that would 
have been obtained if the matched filter had been used. 


[1] Lahti, B. P., Modern Digital and Analog Communication Systems, 3rd edn, Oxford: 
Oxford University Press, 1998. 
[2] Proakis, J.B., Digital Communications — 4th edn, New York: McGraw-Hill, 2000. 


24 


Amplifier and oscillator 
noise analysis 


A fundamental limitation in amplifiers and oscillators is the internally generated 
random noise whose physical causes are shot noise in semiconductors and 
thermal noise (Johnson noise) in resistors. Amplifier noise is a practical concern 
whenever this noise level is comparable to the signal being amplified. Oscillator 
noise, characterized as phase or frequency fluctuations, adds noise to FM 
systems, limits how closely carriers may be spaced in frequency division 
multiplexing (FDM), and limits the length of signal averaging times in coherent 
communication systems. In this chapter we discuss the way transistor noise 1s 
characterized, treating the transistor itself as a two-port network, and how these 
characteristics are taken into account to design low-noise circuits. 


24.1 Amplifier noise analysis 


In Chapter 17 we quoted a formula showing how the noise figure of any active 
two-port device depends on the impedance of the signal source: 


F = Fmin + (Ra/Gs) Ys — Yoptl”. (24.1) 


Here Fin 18 the minimum noise figure; Y, = G, +B, is the source admittance, 
Yopt = Copt + JBopt 18 the source admittance that produces Fin, and R, is a real 
parameter known as the noise resistance. Equation (24.1) applies as well to 
audio and instrumentation amplifiers as to radio and microwave amplifiers, as 
long as the four noise parameters of the device, Fins Rn, Copt and Bopt are 
known for the frequency in question. While Equation (24.1) requires some 


effort to derive, its use 1s simple, at least with RF (narrowband) amplifiers. 


24.1.1 Noise matching 


To design a low-noise RF amplifier, we get out the data sheet for the transistor, 
find the value of Yopt for the desired frequency, and design an input network to 
convert the impedance of the intended source (probably 50 ohms) into 1/Yopt. 
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Figure 24.1. Input network to 
convert a 50-ohm source 
impedance to Gopr + ¡Bopr. 


L if Bopt<0 
Cif Bop>0 


Figure 24.1 shows how a transformer and a reactor can form the matching 
network. (Of course there are many equivalent networks.) 

With this input network, the transistor is said to be “noise matched,” because 
the noise figure of the overall amplifier will be Finin. The input network that 
provides noise matching generally does not provide impedance matching, i.e., it 
does not convert the source impedance into the complex conjugate of the 
amplifier’s input impedance. The resulting power mismatch means we will 
have less signal at the amplifier output than with a conjugate impedance 
match. But converting the source impedance into 1/Y,,, rather than into 
1/Y’;,, will reduce the transistor noise more than the mismatch reduces the 
signal power. The net effect is to maximize the signal-to-noise ratio, 1.e., provide 
the minimum possible noise figure. 

(Note: In some cases simultaneous noise matching and impedance matching 
can be achieved or at least approached. If the device has a nonzero reverse 
transfer coefficient, the amplifier’s input impedance is not fully determined by 
the input network. Depending on the transistor characteristics, a designer might 
find an output network to make the input impedance of the amplifier approach 
Zo while using an input network that provides noise matching. The use of 
feedback can provide additional degrees of freedom with which to pursue 
simultaneous matching.) 


24.1.2 Equivalent circuits for noisy two-port networks 


Equation 24.1 was derived by Rothe and Dahlke [4] who pointed out that a noisy 
two-port network (transistor, amplifier, etc.) can be modeled, for small signals, as 
an ordinary passive linear two-port with two external frequency-dependent noise 
sources. These noise sources can be series voltage generators at the input and 
output, shunt current generators at the input and output, a current source at one 
end and a voltage source at the other end, or, finally, both a voltage source and a 
current source at the same end. Figure 24.2 shows these equivalent circuits. 

Note that when a current generator and a voltage generator appear on the 
same side they can be interchanged without changing their parameters, so 
Figures 24.2(e) and (f) (or g and h) are actually the same circuit. 
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“Hv FAA 


(b) 


Figure 24.2. Equivalent 
representations of a noisy 
transistor as a noiseless 


transistor with two external noise 


generators. 


(c) 


(a) 


Figure 24.3. (a) An arbitrary 
two-port network with an 
internal voltage source; (b) and 
(c) networks equivalent to (a), 
but with external sources. 


(b) (c) 


Note: Replacing internal sources with equivalent external sources is a sort of 
generalization of Thévenin’s theorem and Norton’s theorem, from one-port 
networks to two-port networks. Figure 24.3(a) shows an arbitrary two-port 
network with an internal voltage generator. Both (b) and (c) are equivalent to 
(a). In this example, the network is passive, but 1t can just as well be active, 
containing dependent voltage and current sources. When the internal source 1s a 
sine-wave source, the external generators are specified by complex amplitudes. 
When the internal source is a noise source, the external sources are specified by 
their rms values and the correlation between them. For example, if the external 
sources are a voltage source and a current source, the correlation is the complex 
number (iv*), the time average of the product of the complex amplitude i and 
the complex conjugate of the complex amplitude v. When a two-port has 
multiple internal noise sources,’ the resulting external sources can be consoli- 
dated into two external sources. 


24.1.3 Noise figure of the equivalent circuit 


Figure 24.2(e) (or 24.2f) is the easiest equivalent circuit to analyze for noise 
figure. Since both noise sources are placed at the input, the transfer character- 
istics (Z, Y, or S parameters) of the two-port will not come into play. In 
Figure 24.4, the circuit to be analyzed, the amplifier block can represent a 
transistor, a tube, or a complete amplifier. The two external noise sources, v 
and i, are equivalent to the device’s internal sources of noise, whatever their 
number and physical nature. The other current source, ir, represents the thermal 


' A circuit model for a transistor usually contains several noise sources. 
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Figure 24.4. Signal source and 
noisy amplifier - equivalent 
circuit. 
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Amplifier 
Source a 


Noise-free amplifier 


C (if Bs pos.) or L (if Bs neg.) 


noise of the source, i.e., (ir) =4kTG,. Since there are four noise parameters to 
be determined, we need more than just (1%) and (v^). The other two parameters 
come from the fact that 7 and v are generally not independent but are correlated. 
The part of i that is correlated with v defines the “correlation admittance,” Y,, 
through the relation i, = Y, v. Thus 


(iv*) = (Cie + iu)v") = (iev") = (Yov) = Ye (lv) (Ge + jB.) (vf). (24.2) 


To find an expression for the noise figure, we must find the voltage v, at the 
input of the device and use the definition of noise figure to find the ratio of the 
average of (|v,|7) to the part of (vı) attributable to the source. The result is 
independent of the input impedance of the device since, using superposition, we 
can find vı, considering the noise sources one at a time. They all have the same 
effective source impedance, 1/Y,. For convenience, then, we can take the device 
to have an infinite input impedance. It follows immediately that 


y= (i + Er) /Y, + y. (24.3) 


To get the equivalent input power we use the average squared magnitude of vı: 


(lvl?) = (CAE) + (ler P)/1¥SP HAV?) + AY) + (év)/Y3). 24.4) 


Here we have used the fact that there is no correlation between i and iy or 
between ¡and v. The noise figure is given by this total power divided by the part 
due to the noise current of the source: 


(lil) + dr) 185 1H (lvl?) + (ive) / Yo + (8) Y") 


m 2 2 
(lin) /1%s] 


(24.5) 


Or 


F = 1 + (i?)/(lérP?) + UBIA + eA Ys + X/Y). (24.6) 


: : : = j2 ; ; 

The noise current of the source is given by (|iz|“) =4kToG,. It is convenient now 
to introduce the terms “noise conductance,” g,, and “noise resistance,” R,,, 
which are defined by 
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(lil) = 4kTogn and (vi?) = 4kToR,. (24.7) 


(The lower-case g, follows the original notation of Rothe and Dahlke who 
reserved G,, for the part of i that is correlated with v.) In terms of these 
parameters we have 


F = 1 + (gn/Gs) + (Rn/Gs)1Ys["(1 + Yo/Ys + YŠ / YŠ). (24.8) 


Replacing Y, by G, + JB, and Y, by Ge + jB,, this becomes 


F =1+ (gn/Gs) + (Rn/Gs)(G; + BS) + 2(Rn/Gs)(GcGs + B¿Bs). (24.9) 


Differentiating with respect to B, and setting the derivative to zero, we find the 
optimum source susceptance, 


Boy: = —Bo. (24.10) 


Differentiating next with respect to G, and setting that derivative equal to zero 
gives the optimum source conductance: 


Gopt = 4/2n/Rn — B2. (24.11) 


After a few more steps we find 
F =1+2Rn(Ge + Gopt) + (Rn/Gs (Gs — Gopt]” + [Bs — Bopt|”), (24.12) 


which is the desired relation, the Rothe—Dahlke formula.The first term on the 
right is just Tin. Summarizing these relations between the equivalent external 
noise generators and the standard noise parameters we have 


R= (Wh) (24.13a) 
AKT 

—Im(iv*) 
Boj E (24.13b) 
(24.13c) 

2(\v|°) Re(iv*) 
Fin = 1+ + Gone |. 24.13d 
akto (ive) meee 

The inverse relations are 

(Iv?) = 4kToR, (24.14a) 


(115 = AKT (Gopi =F Bopt’) (24.14b) 
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Im(iv*) = —Bopt(|v|”) (24.14c) 
e F min =] 
Re(iv ) = AkToR, OR = Gopt ‘ (24.14d) 


24.1.4 Devices in parallel 


24.1.5 Noise measure 


Noise matching allows us to realize the best noise figure, F nin, from a transistor. 
We saw earlier that multiple devices in series (an amplifier cascade) result in an 
unavoidable increase in noise figure. What about amplifiers in parallel? 
Identical transistors might be literally paralleled, emitter-to-emitter, base-to- 
base, and collector-to-collector. Or amplifiers might have their inputs directly 
connected and their outputs combined with a hybrid coupler. The result for two 
devices in parallel (see Problem 24.4) is that the resulting amplifier, compared 
to the individual amplifiers, has half as much noise resistance, twice as much 
noise conductance, and twice as much correlation admittance. This leaves F min 
unchanged. It does, however, double Yopt, making it easier to noise match to a 
low-impedance source, and can be a useful technique, for example, at very low 
frequencies where transformer matching is impractical. 


We pointed out earlier that an amplifier with a good noise figure is of little value 
if its gain is low (a piece of wire has a perfect noise figure, unity, but has no 
gain). The application of negative feedback may lower the noise figure of a 
given transistor but at the same time it will reduce the gain. To recover the lost 
gain we can cascade two or more amplifiers. We saw in Chapter 17 the 
expression for F, the noise figure of a cascade of identical amplifiers: 


F-1 


¡E PA 
i—1/G 


(24.15) 
This quantity, called noise measure, is a better figure of merit than noise figure 
in that a low-gain amplifier scores low, even if its noise figure is good. The 
optimum input network should, therefore, minimize F rather than F. But the 
gain, G, depends also on the output network. Haus and Adler [1] showed that 
the minimum noise measure is a fundamental invariant when the gain, G, is 
taken to be the “available gain” of the device (the maximum gain that can be 
obtained by varying the output match while leaving the input untouched). 
Minimum noise measure, like minimum noise figure, is therefore determined 
by the input network. Haus and Adler proved that the minimum noise measure 
of a device is left unchanged when the device is embedded in an arbitrary 
network of lossless reactances. It had been noticed earlier that the noise figure of 
a device could sometimes be lowered by using feedback. Haus and Adlers’ 


J 
N 
Il 


R 1 

Choose the standard resistance values that 
are closest to the calculated values for R 1 
and R2. 
R1 = 
R2 = 
10. Using the standard resistance values for 
R 1 and R 2 , find VB. 
VB= — 
Answers 
You should have found values close to the 


A E aes 
N 
| 


following: 

1. 100 ohms 
2. 0.5 volt 
3. 1.2 volts 
4. 5 mA 
5. 0.05 mA 
6. 0.5 mA 

7. 2.4 kQ 

8. 16 kQ 

9. 24 kQ and 16 kQ are standard values. 
(They are 5 percent values.) Alternative 
acceptable values would be 2.2 kQ and 15 
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results showed that any improvement in noise figure must be accompanied by 
a decrease in gain such that the minimum noise measure remains constant. 
A corollary is that changing the orientation of the device (common-emitter, 
common-collector, common-base) does not change the minimum noise 
measure. Circuit techniques, then, cannot produce a breakthrough low-noise 
amplifier. Any standard configuration can have the best possible noise per- 
formance. Circuit techniques, however, can improve bandwidth and stability. 
If we know the characteristics of a given device, we can calculate the mini- 
mum noise measure (best possible noise performance) at every frequency. 
There is, however, no theory available that tells us how well we can do 
over a given frequency band. R.N. Fano showed how well impedance 
matching can be done over a given band but no one has done the same for 
noise matching. 


The frequency stability of an oscillator is determined by changes in ambient 
temperature and humidity, mechanical vibration, component aging, power 
supply variations, load variations, and finally, random noise generated by the 
circuit components — primarily the active element (transistor, tube, op-amp, etc). 
Except for noise, these effects are systematic, 1.e., nonrandom, and can, in 
principle, be eliminated by using constant-temperature chambers, thermal com- 
pensation schemes, and shock mounting. But even when the systematic varia- 
tions have been reduced to an acceptable level, random variations remain and 
determine the power spectrum of an oscillator (called “line shape” in spectro- 
scopy). An ideal oscillator would have a power spectrum that is a delta function, 
1.e., an infinitely narrow unmodulated carrier. Noise broadens the spectrum of 
any real oscillator. In some applications the concentration of power is important; 
a specification might state, for example, that at least 90% of the power must be 
contained in a band within 0.01 Hz of the nominal frequency. More often it is 
only necessary that the spectral density beyond some distance from the center 
frequency be very low. In such a case it might be specified that “the noise power 
in a 1-Hz bandwidth centered 1 kHz from the carrier must be at least 60 dB 
below the total power.” Spectral energy outside the narrow band containing 
most of the power is referred to as “sideband noise.” 

In a superheterodyne receiver the noise sideband power of the local oscillator 
can mix with an incoming signal that is nominally outside the IF passband to 
produce noise that falls within the passband, as shown in Figure 24.5. An 
undesired signal that is translated to a frequency outside the IF passband will 
normally be rejected by the IF bandpass filter. But a noisy L.O. will add noise 
sidebands to this signal that extend into the bandpass. If the undesired signal is 
near the bandpass and if it is much stronger than the desired signal, this noise 
can override the desired signal. 
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Figure 24.5. Translation of 
phase noise into the passband of 
a receiver. 


Amplifier and oscillator noise analysis 


Desired signal 


Noise-free local oscillator —~ IF passband 
Undesired aa ; = e 
fir 


fr +] 


(a) Only the desired signal falls within the IF passband 


Noisy local oscillator ———~ —> 
pe 


(b) Oscillator noise sidebands on the undesired 
signal fall within the IF passband 


A similar situation occurs in MTI (moving target indicator) radar where 
the Doppler effect is used to distinguish moving objects from background 
“clutter” (the ground and stationary objects). Moving targets can be identified 
as spectral components shifted away from the frequency of the strong clutter 
echo. But, in as much as the transmitter’s master oscillator or the receiver’s local 
oscillator is noisy, moving targets with small velocities will be buried in the 
broadened clutter return. Good subclutter visibility therefore requires low-noise 
oscillators. 


24.2.1 Power spectrum of a linear oscillator 


Figure 24.6. Prototype oscillator 
for phase noise analysis. 


In the simplest analysis, an oscillator is considered to be a linear system with 
just enough positive feedback to sustain oscillation. We have already used this 
approach to design a feedback oscillator. Here we will present a simple analysis 
[2, 3] that predicts the shape of the spectral line. This shape does not depend on 
the circuit configuration so here we will consider the simple series-mode 
oscillator presented in Chapter 11. This circuit, shown in Figure 24.6, uses a 
noninverting voltage amplifier having voltage gain, A (independent of fre- 
quency), infinite input impedance, and zero output impedance. 


Equivalent input noise source 
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We will put an equivalent generator at the input to account for the noise 
produced by the amplifier. As long as the amplifier is linear, we need only 
consider the amplifier’s noise spectrum in the vicinity of the oscillation fre- 
quency. The feedback voltage is taken from the load resistor forming the bottom 
leg of a voltage divider whose top leg is the series LC circuit. By inspection of 
Figure 24.6, we can write the loop equation: 

Vo = Vos (24.16) 
RFI 
where A is the voltage gain of the amplifier and X= œL — 1/(wC). Note that Vo 
and Vy are spectral densities, i.e., their units are volts / v Hz. Solving for Vo we 
have 


VyAR 


Vo ==> 
°  R(L — A) + jX 


(24.17) 
Expanding X around the resonant frequency, we let w = wọ + w', where wp *= 
LC. The reactance, X, then simplifies to X  20' L and Equation (24.17) 
becomes 


—VyA 


Polo!) = (A — 1) =2j0'L/R' 


(24.18) 


The value of 4 is determined by the condition [|V,7(w')|/R daw’ = P, where P is 
the total output power: 


Lf AVio Ay? 
P= Fi V2(c')deo! = — J MS A (04.15) 
R RJ (4-1 +40". /R  2(4— 1)£ 

Solving for (4— 1) we find 


A-1 aV 
A  2PL' 


(24.20) 


Note that A—1 can be very small; the voltage gain is only slightly greater than 
unity. Using Equation (24.20) and the fact that 4 1s approximately unity, 
Equation (24.18) gives the power spectrum: 


_ Ilo) _ 4P R? l 


S(@ oOo — XA O Á 24.21 
(o) R Vio 1+ CHINY N ) 
where A, the half-width of the line, is given by 
TV; 
= 24.22 
APO?R ) 


The 1/(1+x%) “Lorenztian” line shape of Equation (24.21) gives the bell-shaped 
curve shown in Figure 24.7. 
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Figure 24.7. Lorentzian line 
shape. 


Amplifier and oscillator noise analysis 


14 x? 


24.2.2 Sideband shape 


Phase noise 


Figure 24.8. Vector diagram 
showing oscillator noise. 


As explained earlier, it is often important that the far-out sideband noise be low 
compared to the carrier power. If we assume w' > A then Equations (24.21) and 
(24.22) reduce to 

S(o') GVA 


= UN Hr! 24.23 
P @w®4Q@?RP >? id 


and we see that the far-out sideband noise falls off as 1/w”. 


So far, the oscillator noise has the same character as if it had been produced by 
amplifying white noise and passing it through a very narrow filter. The oscil- 
lator output voltage is equivalent to the sum of a noiseless phasor, 1.e., the 
carrier, and a random noise phasor, as shown in Figure 24.8. 


Vector sum 


ta Random noise phasor 


~~~ Carrier phasor 


Phase angle 


When the noise component is parallel to the carrier, the vector sum has the correct 
phase but an altered amplitude. When the noise is perpendicular to the carrier, the 
result is mostly just a phase error. The signal can be passed through an amplitude 
limiter to remove the amplitude fluctuations. This leaves only the perpendicular 
noise components, 1.e., the phase noise. The parallel and perpendicular noise signals 
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are uncorrelated, so if the amplitude variations are removed, the total noise power 
is cut in half. The symbo Y(@’) is often used to represent the phase noise power in a 
1-Hz bandwidth at an offset of w' from the nominal carrier frequency: 


eee, 
OV in 


Zlo) = PROeRP 


Hz!. (24.24) 
We can express the noise power Vy (w')/R as FkT where F is the noise figure of the 
amplifier, k is Boltzmann’s constant, and T is the reference temperature, 290 K: 


> FI 


2(@) = 0 RP 


Hz ?. (24.25) 
This result shows that best performance is obtained by using a low-noise device, 
by running it at high power, and by maximizing the loaded O (by using a high-O 
resonator with light loading). 


24.3 Effect of nonlinearity 


Problems 


The analysis given above actually gives a lower limit for the noise. Very close to 
the carrier, oscillators depart from the predicted Lorenztian line shape and, as 
the offset frequency approaches the carrier, phase noise increases faster than 
co". This additional noise is usually attributed to nonlinearity in the active 
device. We have made the assumption that the device is linear but some non- 
linearity must be present in any actual oscillator or its amplitude would either 
decay or increase without limit. The nonlinearity can translate baseband 1/f 
noise up to the radio frequencies. 


Problem 24.1. A transistor with noise parameters, Fiynin, Gopt, Bopt, and Rn, is provided 
with a noise matching network to produce an amplifier with F'min = Fin» B’opt = 0, and 
G'opt = 1/50. What is the value of R',,? 


Problem 24.2. Cana transistor be fitted with an input network such that the correlation 
admittance, Y., is zero for the overall amplifier? 


Problem 24.3. The portion of the noise current, i., that is correlated with the noise 
voltage cannot exceed the total noise current, i.e., (| i7 ) < (| il? } . Use this to prove the 
following inequality: 


Fmin =] = ARnGopt- 
Problem 24.4. Show that when two identical transistors are paralleled, the minimum 


noise figure of the combination is the same as the minimum noise figure of the individual 
transistors. 
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Problem 24.5. A standard amplifier for use in 50-ohm systems has a gain G and a noise 
figure F. This amplifier is combined with a 50-ohm directional coupler to form the 
feedback amplifier shown below. The 180° coupler has a power gain of a in its “main 
channel” and therefore a power gains of 1— a in the adjacent arms. The 180° path of 


the coupler provides the negative feedback. (Assume that the amplifier has zero phase 
shift.) 


Out 


(a) Find the gain, G”, of the feedback amplifier. 

(b) Find the noise figure, F”, of the feedback amplifier. 

(c) Combine the results of (a) and (b) to show that the noise measure of the feed- 
back amplifier is the same as the noise measure of the imbedded amplifier, 1.e., 
show that 


F'-—1 P=] 


1-1/@ 1=1/G 


This problem provides a simple demonstration of noise measure remaining invariant 
when an amplifier is imbedded in a lossless network. The negative feedback reduces 
the noise figure but it also reduces the gain and the noise measure stays the same. 
(What would positive feedback do — short of causing oscillation?) 


Problem 24.6. Itis certainly possible (and common) for an amplifier to have a noise 
temperature less than its physical temperature. Is it possible to build an electronic cold 
load, 1.e., an active one-port circuit whose impedance is resistive but which generates less 
noise power than a resistor at ambient temperature? 


Problem 24.7. A differential amplifier, e.g., an op-amp, is a three-port device (output 
and two inputs). Find an equivalent circuit which represents an op-amp as a noiseless 
device with three external noise sources. Arrange for these noise sources to be on the 
input side of the amplifier. 


Problem 24.8. Which of the following statements best describes the operation of an 

oscillator? 

(a) Noise is necessary to get an oscillator started. Once running, the oscillation 1s self- 
sustaining and noise plays no role. 

(b) The output of an oscillator consists of amplified noise; the very narrow line shape 
derives from a resonator whose high loaded O is effectively increased by the circuit’s 
positive feedback. 
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Problem 24.9. Discuss the consequences (sound or picture quality) of a noisy oscil- 
lator used as a local oscillator in (a) an AM receiver; (b) an FM receiver; (c) an NTSC 
television receiver; (d) an ATSC television receiver. 


Problem 24.10. Sketch a design for an oscillator that somehow regulates its own gain 
in order to stay as linear as possible, 1.e., runs with just enough gain to maintain 
oscillation. 
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The GPS navigation system 


The basic idea of GPS navigation is simple. A GPS receiver simultaneously 
monitors (“tracks”) the signals from four GPS satellites. Using a highly accurate 
onboard clock, each satellite effectively stamps its signals with the time at 
which they are transmitted. The receiver has an internal clock and can, there- 
fore, determine the apparent travel time of the signals from each satellite. Let 7; 
denote the travel time of the signal from the i-th satellite. The receiver contains a 
database and can look up the position of the i-th satellite, x; y; and z; 
corresponding to the time of transmission. Let x, y, and z represent the 
(unknown) position of the receiver. For each of the four satellites, distance = 
rate x time, so we can immediately write four equations: 


(x— x)? +0) + E-z) = e — A) 

i E al i 4 El j E a J E Ay (25.1) 
(3) +O) Fea =A) 

(x — x4) + (y—ya) + (2-24) = (14 — AY’, 


where c 1s the speed of light and A is the offset (error) in the receiver’s clock (the 
same error that made determination of longitude a challenge for early naviga- 
tors). Because there are four equations and four unknowns, a unique solution 
can be found for x, y, z, and A, thus determining both position and time from 
scratch. (The receiver’s clock error does not matter.) While these equations are 
nonlinear, the ample processing power available, even in hand-held receivers, 
makes the solution process easy. An obvious method is to begin with an 
estimated position, e.g., the last determined position, and then linearize and 
solve Equations (25.1) in the vicinity of this position. 


25.1 System description 
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The GPS system is operated by the U.S. Department of Defense. In 1993 the 
system began running a full complement of 24 active satellites, with four satellites 
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Figure 25.1. (a) Block lla GPS 
satellite, 1816 kg; (b) GPS 
satellite orbits. 
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—t——— 5m ——+| -— 53, 220km — 


(a) (b) 


in each of six orbital planes, inclined at 55” with respect to the equatorial plane. 
The satellites were in 12-hour circular Earth-centric orbits, 20 200 km (3.17 Earth 
radii) above the surface of the Earth as shown in Figure 25.1. 

At any point on the Earth, from six to twelve satellites will be above the 
horizon at any time. As the number of active satellites was increased to 31, the 
constellation was modified to provide better availability in the event of satellite 
failures. Orbits are adjusted once a year. The satellites have had operational 
lifetimes of approximately 10 years. 


25.2 GPS broadcast format and time encoding 


The system uses two L-band frequencies, 1575.42 MHz (“L1”) and 
1227.6 MHz (“L2”). Each satellite transmits on both of these frequencies 
using CDMA (code division multiple access) modulation. The L1 signal con- 
tains a “navigation message,” described below, which is transmitted repeatedly 
as a continuous 50-Hz bit stream. Before transmission, this slow bit stream is 
exclusive-ORed (modulus-2 added) with a one-bit pseudorandom noise (PRN) 
sequence (the CDMA code) having a high clock rate. This produces a fast bit 
stream, spread out in bandwidth to approximately the clock rate (“chip” rate) of 
the PRN code. The L2 signal may also be modulated by the data stream, but is 
usually modulated only by the PRN code, equivalent to sending a data stream of 
all 1’s. Each satellite is assigned a unique PRN code. In order to receive data 
from the i-th satellite the receiver converts the incoming signal L1 to baseband 
and multiplies it with a replica of that satellite’s PRN code. When the replica, 
whose binary levels are +1, is precisely positioned (phased), in order to decode 
or “strip” the code from the signal, it reproduces the original 50-Hz bit stream, 
as shown in Figure 25.2. 
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Encoded data stream 


in satellite Decoder 


in receiver Decoded 


por MA Deere pem. 


Figure 25.2. CDMA coding 
(spreading) and decoding 
(de-spreading). 


Replica PRN code 
with correct phase 


If the phase of the replica code is shifted off by as little as one chip, the 
decoder output will be as random and as spread in frequency as its input. This 
decoding process 1s the way the receiver selects the desired signal. Signals from 
other GPS satellites will also be superposed in the received signal, but they have 
different PRN codes which, when multiplied by the selected code, average to 
zero for any value of phase shift. Thus, other signals appear as added noise. This 
added noise is insignificant, in that the received signal is already less than the 
thermal background noise by some 20-30 dB. ' 

The 50-Hz data streams contain the GPS time,” orbital corrections, satellite 
clock correction, propagation delay effects, and satellite condition, as well as an 
almanac of long-term satellite data and an auxiliary service, the current differ- 
ence between GPS time and UTC time. But the precise time of transmission is 
inferred not from the data but from the phase of the PRN code. We saw in 
Chapter 21 that just such codes are used for pulse compression in radar to 
achieve high time resolution (and hence high range resolution) without using 
narrow high-power pulses. When PRN codes are correlated (convolved) with 
themselves, a sharp peak is formed, allowing precise time resolution. Thus, 
PRN coding does double duty in the GPS system; it provides multiple access 
(many satellites using the same frequency) and it also provides pulse compres- 
sion for timing accuracy. The P-code (Precision), a high rate code transmitted 
on both L1 and L2, has a seven-day period. Therefore, a receiver that has 
successfully delayed the output of its replica code generator to match the 
incoming signal, 1.e., to acquire the signal, can use that delay value to estimate 
the signal travel time. The P-code was originally intended only for military use.” 
The other transmitted code is the C/A-code (Coarse ranging and Acquisition). 
This code, always present, along with the P-code, on L1, has a 1.023-MHz chip 
rate vs. 10.23 MHz for the P-code. It therefore nominally provides only one- 
tenth the range resolution of the P-code. The C/A code is intended for civilian 
use; consumer GPS receivers use only the C/A code on L1. The C/A-code 
repeats every millisecond. This makes acquisition easier, but introduces a 


hu 


Assuming a receiving antenna with a gain of 3dB, the received power of a GPS signal is 

-160 dBW(10 '° watts). 

GPS time increases continuously, unlike Universal Coordinated Time (UTC) which is 
occasionally adjusted by a leap second. GPS and UTC coincided at the start of Jan. 6, 1980, UTC. 
Usually the P-code is referred to as the P(Y)-code because the published P-code can be 

replaced by a classified Y-code for military security. 


N 


05) 


kQ. 

10. With 2.4 kQ and 16 kQ, VB = 1.3 volts. 
With 2.2 kQ and 15 kQ, VB = 1.28 volts. 
Either value of V B is within 10 percent of the 
1.2 volts calculated for V B in step 3. 

Figure 8.10 shows an amplifier circuit using 
the values you calculated in this problem for 
R1,R2, and RE. 

Figure 8.10 


| k£2 
l6 k£? 


0.1 ur 


Vin o— 
2 1002 


18 Follow the steps in problem 17 to 
answer the following questions. 
Questions 
Find the values of the parameters specified In 
each question for the circuit shown in Figure 
8.9 if AV = 15, VC = 6 volts, B = 100, RC 


= 3.3 kQ, and VS = 10 volts. 
RE = 


VE = 


VB = 


IC = 


= ee NE 
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l-msec ambiguity in the time, which must be resolved using time information 
transmitted in the data stream. 


25.3 GPS satellite transmitter 


Figure 25.3. GPS satellite 
transmitter block diagram. 


10.23 MHz 
rubidium or 
cesium atomic 


frequency 
standard 


Figure 25.3 1s a functional block diagram of the transmitter aboard a GPS 
satellite and shows the signals that modulate L1 and L2. All signals are derived 
from an onboard 10.23-MHz atomic frequency standard. Newer satellites carry 
two rubidium and two cesium frequency standards. A data formatter produces 
the continuous one-bit data stream at a 50-Hz baud rate (20 msec/baud). This 
stream is exclusive-ORed separately with the C/A code and the P-code to create 
two-bit streams, with respective (main lobe) bandwidths of 1.023 MHz and 
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10.23 MHz. The streams are offset to be symmetric about zero volts (indicated 
by a coupling capacitor on the diagram) and then multiplied by sine waves at 
154 x 10.23 MHz =1575.42 MHz, one shifted 90% with respect to the other. 
These products are summed to form the L1 signal. The output of each multiplier 
is a double-sideband suppressed carrier (DSSC) signal. The sum of these two 
signals, as we have seen, is known as quadrature AM modulation (QAM). The 
modulating signal fed to each mixer has only two values, +V or —V, which 
determine the polarity of the mixer output, so these mixers can also be called 
BPSK (binary 0 and 180° phase-shift keying) modulators. The L1 C/A “Civil 
GPS” signal path is indicated on the diagram. 

The original L2 signal is produced by a single mixer, whose signal input can 
set by the ground control station to be the C/A code, the P-code, or the 
exclusive-OR of the data and the P-code. Normally the P-code is selected and 
the L2 signal provides dual-frequency operation for ionospheric delay correc- 
tion (described below). Newer satellites also provide an “L2C” civil L2 signal, 
as shown in dotted lines. This signal will provide civil users with dual- 
frequency capability for high-precision surveying. 


To see how tracking can be done, we will first consider the case of the L2 signal 
carrying only the long PRN code and no navigation data. We will then describe 
the somewhat more complicated case of tracking a signal containing the 
navigation data, exclusively-ORed with the short C/A code. 


25.4.1 Tracking the L2 signal 


Figure 25.4 is a block diagram of a hypothetical receiver set up to track this 
signal. The IF band, which is 20.46 MHz wide to contain the P-coded signal, is 
established by a bandpass filter which precedes the mixer but follows the low- 
noise amplifier (LNA), in order that the filter loss not degrade the receiver’s 
noise figure. 

Surface acoustic wave (SAW) filters are common in this very small fractional 
bandwidth application. A 20-MHz lowpass filter (LPF), probably not extending 
down quite all the way to dc, further defines the bandpass and eliminates the 
sum frequency component from the mixer. The IF signal is sampled at 41 MHz 


* QAM is normally used to transmit two independent signals which will be independently 
recovered. In this case, however, the two signals have been made independent by the coding, so 
they could be algebraically added, with the sum feeding a single mixer. This would introduce “self 
noise,” but a GPS receiver is dominated by thermal noise, so the system performance would 
not suffer. The QAM system has the advantage of producing a constant-amplitude signal which 
does not require a linear power amplifier. 
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Figure 25.4. A GPS navigation 
receiver tracking the L2 signal. 
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(Nyquist sampling at twice the signal bandwidth to avoid aliasing). From this 
point on, the receiver uses all-digital processing. 

The digital portion of the block diagram includes the blocks necessary to track 
the L2 signal from one satellite. This entire section would be duplicated n times in 
a receiver that receives signals simultaneously from n satellites. The receiver 
synchronously (coherently) detects the signal by stripping off the PRN code and 
also mixing down to dc (stripping off the carrier). These operations can be done in 
either order. Once these stripping operations are working properly, the phase of 
the replica code will be aligned with the code on the incoming signal, allowing the 
time of transmission to be inferred, as described above. The L.O. used to strip the 
carrier 1s the carrier NCO, a numerically controlled oscillator in a digital phase 
lock loop. To convert the signal to precisely zero frequency, the receiver must tune 
the carrier NCO to compensate for Doppler shift, caused by line-sight-velocity, 
and by inevitable error in the first L.O. frequency. 

Mixer M1 (a digital multiplier) multiplies the digital IF signal by a correctly 
phased replica of the +1 PRN code for the desired satellite. This strips the code 
from the signal, leaving just the ~ 10.23 MHz carrier signal. This carrier signal 
feeds mixer M2, as the reference signal for the PLL. Two additional code 
stripper mixers are provided. One is fed by the replica code, advanced by half 
a chip (early code), while the other is fed by the replica code, delayed by half a 
chip (late code). The outputs of these code strippers are mixed down to dc. The 
carrier NCO is part of a conventional PLL, so its phase is in quadrature with the 
phase of the reference. Therefore, a version shifted by 90° (the “cosine” output) 
is provided to synchronously demodulate the code-stripped early and late 
signals. When the code is in perfect alignment with the satellite signal, the 
demodulated early and late signals will have equal average values, half the 
value they would have if they had been on time (“prompt”). But if the alignment 
shifts slightly, the demodulated early and late signals will be different. A 
subtractor forms this difference and uses it to increase or decrease the frequency 
of the code NCO, which is the time base for the code generator. Thus, the code 
loop is also a conventional PLL. 

Note that the two loops, while they can run independently, are related. 
Suppose that, while both loops are tracking a satellite signal, the line-of-sight 
velocity suddenly increases. The increase in Doppler shift causes the carrier 
loop to shift the L.O. by an amount Aw/wy = Av/c. Since range = velocity x time, 
we can expect that the code tracking loop will shift the code NCO by the same 
fractional amount. In fact, the code loop can be assisted by properly scaling the 
carrier NCO frequency control value and adding it directly to the code NCO’s 
frequency command. The scaling is chosen to make the fractional frequency 
shifts equal. Using this assisted tracking technique, the bandwidth of the code 
loop can be narrowed, for more accurate tracking. Note that it does not matter 
that the carrier NCO frequency is determined partly by frequency error in the 
first L.O., because the code NCO loop will pump up a bias to counteract this 
non-Doppler component. 
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25.4.2 Tracking the C/A code on the L1 signal 


25.5 Acquisition 


Figure 25.5 shows a hypothetical consumer GPS receiver tracking the L1 short C/A 
code-plus-data signal on L1. The RF section is tuned to L1, and, for the slower chip 
rate code, the IF bandwidth is now just 2.046 MHz. The presence of the 50-Hz data 
stream will cause the polarity of the carrier stripper outputs to change sign, accord- 
ing to whether a given data bit is a one or a zero. This will defeat the operation of the 
conventional PLLs used above for a signal with no data. A remedy for this is to use 
loops that detect the signals before subtracting them to form the loop error signals. 

Consider the loop controlling the code NCO. The detected early and late 
signals are lowpass filtered, 1.e., time averaged, over an interval substantially 
shorter than one data baud. Then they are squared (detected) and the difference 
of these power values forms the loop’s error signal. The hypothetical carrier 
loop shown here works in the same way. Two carrier stripping mixers are fed 
quadrature L.O. signals (-45° and +45°). When the loop is locked, these mixers 
will produce equal powers. The carrier NCO also provides a 0° output, in phase 
with the original carrier, which feeds mixer M2 which strips the carrier to 
produce the data stream. The 0° carrier is also used for the code loop. 

Since the C/A code repeats every millisecond, rather than every week, the 
phase of the code generator provides only the LSBs of the time. The MSBs come 
from data contained in the navigation message. The 50-baud data is divided into 
300-bit subframes, so a new subframe begins every six seconds. Every subframe 
contains a TOW (time of week) word, which is the GPS elapsed time, measured in 
units of six seconds (6000 msec) from the start of the current week, that 
corresponds to the transmission of the first bit in the next subframe. A distinctive 
header word identifies the beginning of each subframe. (Every subframe also 
contains the PRN code i.d. number that identifies the satellite.) The receiver has a 
millisecond counter synchronized to the code generator, 1.e., the counter is 
clocked at the each time the code cycles through its starting point. The receiver’s 
control block checks to verify that the MSBs of the millisecond counter are 
correct in relation to the TOW word. If incorrect, the control block enables the 
counter to synchronously set itself to the TOW x 6000 at the beginning of the next 
l-msec C/A code cycle. The complete time value from the receiver is, therefore, 
the time, rounded to milliseconds, from the counter plus the code generator phase, 
in fractions of a millisecond with submicrosecond precision. 


From the discussion of tracking, you can see that neither loop can lock unless 
the other is also locked; they track simultaneously or not at all. Acquisition of 


> Reference [1] contains a detailed format for a complete 12.5-minute navigation message, made 
of 25 frames, each having five subframes made of ten 30-bit words. 
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Figure 25.5. A GPS navigation 
receiver tracking the L1 C/A 
signal. 
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the signal therefore requires that the receiver perform a two-dimensional search 
over both frequency space and code phase. Enough digital processing power 1s 
usually available so that the search can be done in a parallel fashion. Figure 25.6 
shows a setup for acquisition processing. 

One search process is as follows: Mixers (multipliers) M1, M2 and M2Q are 
provided for every code phase in increments of half a baud. Successively 
delayed versions of the replica code are fed to each of the M1 mixers. The 
M2 and M2Q mixers are all fed from a common L.O. generator. The L.O. 
frequency is stepped in equal frequency increments. At each frequency, the M2 
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mixer output signals are averaged (lowpass filtered) over an interval, a “dwell 
time,” and the search ends when the detected power (the square of the sum of the 
two mixer outputs) exceeds a detection threshold. At that point, the L.O. 
frequency and carrier phase are close enough for a handover to the tracking 
mode. Longer dwell times require smaller frequency steps, so 1t takes more time 
to search for a weak signal. The changing data bits do not spoil the correlation as 
long as the dwell times are short compared to the data baud length (unless a 
dwell happens to straddle a data transition). The circuitry or processing resour- 
ces for one Doppler/code phase cell is called a correlator. With enough corre- 
lators running in parallel, the GPS receiver can simultaneously search multiple 
frequency shifts, multiple code delays, and multiple satellites. Once the signals 
have been acquired, relatively little processing power is required for tracking. 

The C/A signal is easier to acquire than the P-signal, as it has a higher signal- 
to-noise ratio and a shorter code (less space to search). Receivers that use the 
P-code usually acquire the C/A code as a first step in acquiring the P-code. 
(Hence the designation “C/A:” Civil and Acquisition.) 


25.6 lonospheric delay 


GPS signals, at 1.5 GHz and 1.2 GHz, interact only slightly with the Earth’s 
lower atmosphere, but the interaction with the ionosphere contributes the largest 
term to the measurement error budget. We saw in Chapter 20 that the iono- 
sphere’s free-electron gas, produced by ionizing ultraviolet solar radiation, 
changes the dielectric constant from ey, its vacuum value, to become 


N 2, 
E€ = €0 ( eis >) = €p£r, (25.2) 
EQNw=O 


where N is the electron density, e is the electronic charge, m is the electron mass, 
and e, is the relative dielectric constant (relative to ey). The phase velocity of the 
signal is given by Vphase = @/k = (uoc) "°. From Equation (25.2) we see that, in 
the ionosphere, e is less than ey. Therefore, Vphase 18 greater than the speed of 
light and the wavelength, A= 2z/k, is longer than its vacuum value. Information, 


however travels at the group velocity,° = da/dk, which, as you can verify, 


Veroup 
turns out here to be 


2 


e — = c\/ 1 — Ne? /(eomo?). (25.3) 


phase 


% Group velocity: A narrowband signal around œw = wo can be represented by a Fourier integral as 
V(t) = [F(w')e(eo+0) ga, where the function F(w') is concentrated around zero. When this signal 
is launched as a wave into a dispersive medium where the wave number, k, can be approximated 
as k~ ko +0'dk/do, the wave at t, z becomes V (t, z) = el“ot=k0) f F (o)? H dk/do) gay. 

Except for a phase factor (the first term on the right), V(t,z) is identical to V(t=0, z=0) when 
z= tdø/dk = W oup: 
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Thus Vgroup 18 less than c, and the ionosphere increases the satellite-to-ground 
propagation delay. The propagation time is just f Me)” ds over the signal 
path or 


N: 2 -1/2 N: 2 
Tprop = c~! J f = | ds = c! J f tal ds, (25.4) 


where we have assumed that the second term in the brackets is much less than 
unity. We see that the additional delay caused by the ionosphere is given by 


(25.5) 


Ton = won! Neds k fw _ CreTEC 
ono — ~ — 


2eomo? 202 2w? ” 


where re = e? /(co m c°) = 2.82 x 10 '° m (the “classical electron radius”), and 
TEC = JN ds, the total electron content, i.e., the number of electrons in a one 
square meter column along the signal path. 

Under worst case conditions (the ionosphere enhanced by a solar storm and 
the satellite near the horizon), the value of TEC might reach 10'”, in which case 
ATiono Would be 43 nsec, corresponding to a position error of 14m. Normally 
the ionospheric error would be less than one-tenth of this. 

If the receiver is able to measure the delay on both frequencies, L1 and L2, the 
delay caused by the ionosphere can be calculated and subtracted from the 
measured delay. From Equation (25.5), the difference between the measured 
propagation delays will be 7, 2-7, = Ya € re TEC (1/0 = 1/@ 7). This provides 
the value of TEC, from which we can calculate the true delay, 


o3(TL2 — Tii) 


Feli- n ae 
2(003 — 03) 


(25.6) 


25.7 Differential GPS 


Over a limited area, GPS receivers tracking the same satellites will be subject to 
essentially the same systematic errors — satellite clock errors, ephemeris errors, 
ionospheric delay, and even intentional systematic errors. (“Selective availabil- 
ity” limited the accuracy for civil users by introducing pseudorandom errors in 
the satellite clocks which could be corrected only by authorized users. However, 
this was discontinued in 2000.) Thus, over the limited area, individual determi- 
nations of absolute position will be biased by the same amount, and calculated 
differential positions between them will be accurate. The U.S. Coast Guard 
maintains differential GPS reference stations at well-surveyed positions near 
harbors. They continuously broadcast the current correction to their GPS read- 
ing so that users, nominally aboard ships, can apply that correction to their own 
GPS reading. This system requires a means of transmission — dedicated beacon 
transmitters or piggybacking data on subcarriers of local FM stations. It also 
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requires that the users be able to receive these signals and have GPS receivers 
equipped to apply the corrections. 

In an even more accurate form of differential GPS used for precise surveying, 
the phase of the carrier itself is used to get extremely fine time resolution. This 
interferometric technique can produce accuracy better than 1 cm. This carrier 
phase tracking mode requires dual-frequency receivers for ionospheric correc- 
tion. The maximum practical distance from the reference station is about 30 km. 


25.8 Augmented GPS 


The Federal Aviation Administration (FAA) has set up a large-scale “wide area 
augmentation system” (WAAS) with about 25 ground reference stations spread 
through the U.S. Each of these stations monitors all the GPS satellites within view, 
on both frequencies, L1 and L2. The data are consolidated at a central location 
where correction data are generated. The measured TEC values are used to create 
a model ionosphere in the form of a set of vertical TEC values, from which the 
TEC for an arbitrary path can be estimated. Correction data 1s also produced for 
the satellite clock and ephemerides errors. These data are sent to two geostationary 
satellites, which broadcast them back down to GPS users. The down-link is on the 
GPS L1 frequency, and provides the same signal strength as the GPS signals. The 
WAAS signals are spread with the same kind of C/A codes used by GPS, but with 
different PRN sequences. This allows a GPS receiver, equipped with suitable 
firmware, to receive correction data from a WAAS satellite as if it were just 
another GPS satellite.’ The WAAS data is transmitted at a net rate of 250 bits/sec. 
Convolutional encoding for forward error correction is used at a rate of 1/2, so the 
data stream is 500 bits/sec. In practice, the use of WAAS data reduces C/A code 
(“Standard Positioning Service”) GPS position errors to about 2 m. 


25.9 Improvements to GPS 


Replacement GPS satellites include the new L2C (Civil) signal, whose signal 
path is shown at the top of Figure 25.3. This signal is actually two time- 
multiplexed signals, a medium-length code, CM, and a long-length code, CL. 
The CL code is transmitted without data. It can, therefore, be tracked with the 
system shown in Figure 25.4, which uses conventional phase lock loops which 
provide better tracking than the loops used in Figure 25.5, for a signal contain- 
ing the data stream. The CL2 signal also provides dual-frequency operation so 
that civil GPS receivers can correct for ionospheric delay. The CM code 
contains the data, but convolutionally encoded for forward error correction. 


7 The WAAS satellites contain atomic frequency standards and can, in fact, be used as additional 
GPS navigation satellites. 


a. ED 


6.12 == | 
Wee A A pens 
8. R1 = 


9. Choose the standard resistance values that 
are closest to the calculated values for R 1 
and R2. 

R 1 = 

R2 = — 

10. Using the standard resistance values for 
R 1 and R 2 , find VB. 

VB= — 

Answers 

Following are the values you should have 
found: 


1. 220 ohms 

2. 0.27 volt 

3. 0.97 volt (You can use 1 volt if you want.) 
4. 1.2 mA 

5. 0.012 mA 

6. 0.12 mA 

7. 8.3 kQ 

8. 68.2 KQ 

9. These are close to the standard values of 
8.2 kÊ and 68 kQ. 


10. 1.08 volts using the standard values. This 
is close enough to the value of V B calculated 
in question 3. 
Project 8.1: The Transistor Amplifier 

Objective 
The objective of this project is to demonstrate 
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This slows the net data rate to 25 bits/sec. Both the CM and CL codes have a 
chip rate of 511.5 kHz. The CM code repeats every 20 msec, while the CL code 
repeats every 1.5 sec. The L2C multiplexes CL with CM+Data by alternating 
between them every 1/1.023 microseconds. 


25.10 Other satellite navigation systems 


Problems 


The Russian Glonass system and the European Galileo system (scheduled for 
operation in 2013) are very similar to GPS. Both are L-band systems, using PRN 
coding for time resolution. The Glonass system, however, does not use the PRN 
coding for multiple access. Instead, each satellite transmits on its own assigned 
frequency, which requires that receivers be tunable. The Chinese Beidou system 
began with two geostationary satellites, but is expected to eventually have five 
geostationary and 30 medium Earth orbit satellites. All of these systems were 
preceded by the interesting Transit or NAVSAT system, which operated from 
1964 until 1991. A ship at sea could locate its position within 200 m by analyzing 
the curve of Doppler shift vs. time from a single satellite pass. With only five 
satellites, a given user could get a position fix only once every several hours. 


Problem 25.1. The nominal GPS signal power is —160 dBW (10 '° W) at the output of 
the receiver antenna (at the L1 frequency assuming the antenna gain is 3 dB). Assume an 
antenna temperature of 290K, since the low directivity of the antenna causes ground 
noise to dominate. (a) Assume that the receiver noise figure is 4dB and calculate the 
signal-to-noise ratio for a bandwidth of 2.046 MHz (the nominal bandwidth of the C/A 
signal). (b) Use the Shannon formula, C = B log, (1+S/N), to calculate the channel 
capacity in bits/sec. Compare this with the 50-Hz data rate of the navigation signal. 


Problem 25.2. Estimate the gain of the GPS satellite antenna, assuming the beam angle 
just encloses the Earth. Then use the information given in Problem 25.1 to estimate the 
power of the satellite transmitter. 


Problem 25.3. “Selective Availability” (SA), a now-discontinued GPS security fea- 
ture, degraded the navigation accuracy for civil users. Suggest some ways to implement 
this feature. 


Problem 25.4. Describe how you would use off-the-shelf RF components, a deep- 
memory sampling oscilloscope, and a PC to make an “off-line” detection of a GPS 
satellite signal. 


Problem 25.5. Devise an algorithm and write a computer program to solve the set of 
equations (25.1) for x, y, z, and A. 


Problem 25.6. Derive an expression for the Doppler shift of the GPS signal, assuming 
the orbit passes directly overhead. 
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Radio astronomy was discovered accidentally in 1931 by Karl Jansky, a phys- 
icist at Bell Telephone Laboratories. Jansky had been assigned to identify the 
sources of noise encountered in a newly installed transatlantic short-wave 
radiotelephone service. Using a directional receiving antenna on 20.5 MHz, 
he observed that one component of the noise, a wideband hiss, had a diurnal 
variation that reached a maximum intensity on average four minutes earlier each 
day. Jansky knew that the stars advance in just this way (in siderial time) and 
deduced that the source of the hiss must be outside the solar system. His 
observations showed that this “cosmic noise” came from the galactic plane 
and was strongest from the direction of the galactic center (in the constellation 
Sagittarius). 

After Jansky, the second pioneer of radio astronomy was a radio engineer, 
Grote Reber, who in 1937, built a 9-m (30-ft) parabolic reflector beside his 
house in Wheaton, Illinois. This was maybe the first modern dish antenna. 
Reber began his observations using a receiver at 3 GHz, which pushed the high- 
frequency state of the art, because he assumed that cosmic radio noise was the 
low-frequency tail of the thermally generated radiation spectrum from white-hot 
stars. The intensity of this radiation would increase as the square of the 
frequency, so using the highest practical frequency would make detection easier 
and would also make his antenna more directive. Detecting nothing at 3 GHz, he 
worked his way down finally to 160 MHz, where he was able to make contour 
maps of the cosmic noise intensity. The radiation he and Jansky observed is now 
known to be synchrotron radiation, caused by the centripetal acceleration of 
fast, 1.e., non-thermal, electrons spiraling in a magnetic field. By the end of 
World War II, the Sun (an ordinary thermal source under low sunspot condi- 
tions) had been detected at microwave frequencies. After the war, a previously- 
predicted spectral line at 21 cm (1420 MHz) was quickly detected. This famous 
neutral hydrogen line corresponds to the energy difference between the parallel 
and antiparallel orientations of the magnetic moment of the nucleus (the proton) 
with respect to the magnetic moment of the spinning electron. Many radio 
telescopes have been built in the decades following the war, the largest being the 
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305-m (1000-ft) diameter dish built by Cornell University at Arecibo, Puerto 
Rico. Discoveries in radio astronomy include some one hundred atomic recom- 
bination and molecular lines, pulsars, natural masers, and the isotropic 3K 
blackbody cosmic background radiation, a remnant left from the Big Bang. 


Most of the radio sources found in nature emit wideband noise; their radiation 
comes from a great number of individual radiators whose contributions add 
randomly to produce Gaussian noise. (A histogram of voltage samples from the 
antenna terminals forms a Gaussian curve centered on zero.) Since such a signal 
is itself a random process, we can only measure its average properties. The most 
important of these is the average of the square of the voltage, 1.e., the power. If 
we take, say, several n-minute averages of the power, these averages will be 
scattered around the true average. If n is made larger, the averages will be 
distributed more tightly about the true average. It might not take long to measure 
the receiver output power to a precision of, say, 10% or even 1%. But that is 
almost never long enough to measure the power of a radio source to the same 
precision or, for that matter, even to detect a source. The problem is that the 
power from the source is masked by other sources of noise including receiver 
noise, antenna noise, and cosmic background noise. When an astronomer is 
trying to detect a source in a certain direction, the first step is to average the 
power received from that direction, the on-source direction. The next step is to 
measure the power from a nearby, but off-source, direction. Finally, the latter 
“off” power is subtracted from the former “on” power. For weak sources (most 
sources), these powers are almost identical and might correspond to a system 
temperature’ of, say, 100 K. Yet the astronomer may need to detect a source that 
raises the system temperature by only 10 mK. This requires that the “on” and the 
“off” powers both be measured to an accuracy of, say, 3.3/y2 = 2.3 mK fora 
3-sigma detection. The fractional accuracy of the “on” and “off” power meas- 
urements must therefore be 0.0023/100=2.3- 10 > or about one part in 50 000 
(see Problem 26.1). 

If we average N samples of the squared voltage, the relative standard devia- 
tion, OP/P, will be \/2/N if the voltage has a Gaussian distribution and if all the 
samples are independent (see Problem 26.2). A signal from a channel of 
bandwidth, B, can furnish 2B independent samples every second. Integrating 
for a time Twe can therefore collect 2B7 independent samples and the relative 
standard deviation of the power measurement will therefore be 


' A system temperature of 100K, for example, means that the equivalent noise power at the receiver 
input is the same as the noise power from a resistor at 100 K. This equivalent noise power is 
the sum of the actual noise power (sky noise from the main lobe, ground noise picked up from 
back-lobes, some thermal noise if the antenna is lossy, plus a contribution representing the noise 
generated in the receiver. 
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P/P = (BT) "°. (26.1) 


Usually a radio astronomer expresses power in terms of antenna temperature 
and would write 97/T:ystem rather than óP/P. Equation (26.1) is commonly 
known as the “radiometer equation.” Note that sensitivity increases with band- 
width, contrary to many communication situations where increasing the band- 
width just increases the noise and decreases the signal-to-noise ratio. We arrived 
at Equation (26.1) by considering digital (discrete) signal processing. It is also 
common to use an analog square-law detector followed by an analog lowpass 
filter, which does the averaging. When the lowpass filter is just a simple RC 
integrator, an analog signal analysis shows that the radiometer equation can be 
written as 


ST /Toys = (2BRC) |. (26.2) 


Many sources produce “colored” noise rather than white noise, 1.e., the flux 
density from these sources varies with frequency. Often these variations reveal 
characteristic shapes of atomic or molecular lines. Instead of just measuring the 
total power, the signal is divided into adjacent frequency “bins” and the power 
in each bin is measured. When a spectrum of bandwidth B is divided into n 
frequency bins, each of bandwidth B/n, the radiometer equation shows that the 
integration time must be increased by n. It is therefore especially important 
in radio astronomy, where weak sources may require many hours of integration, 
to measure the n individual spectra simultaneously rather than sequentially. 
Simultaneous analysis is done with multichannel radiometers (“multiplex” 
spectrum analyzers). The simplest multiplex spectrometer is just a bank of n 
filters, each followed by its own square-law detector and averager. Such an 
instrument is called a filterbank, but might better be called a radiometer bank. 
Today, most radio spectrometry is done digitally, often using digital autocorre- 
lators (see Chapter 27). 


The classic single-dish radio telescope such as Reber’s backyard dish or the 
Arecibo dish has an angular resolution which is diffraction limited; the angular 
size of the beam (between half-power points) is about A/D radians where D is the 
diameter of the dish. Such a telescope can make maps by scanning the vicinity 
of a source and doing radiometric averages at each point, but the resolution 
of the map is limited to A/D. Better resolution requires a larger antenna. 
Interferometry uses more than one antenna to form a beam whose size 
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corresponds to the spacing between the antennas rather than their diameters. 
The simplest interferometer has just two elements. The beam formed by the 
two antennas together has a series of narrow lobes in one dimension. If a point 
source moves across these lobes, the radiometer will trace out the lobes, just as a 
point source moving across the beam of a single dish antenna traces out the 
beam pattern. (Of course the interferometer’s fine lobe structure 1s multiplied by 
the broader beam pattern of the individual antennas.) The multilobed pattern of 
a two-element interferometer is unsuitable for the intensity mapping described 
above but it is often used to set an upper limit on the angular size of a source. 


26.3.1 Imaging interferometry 


Figure 26.1. An interferometer 
antenna array. 


By using data from multiple antennas, it is possible to synthesize a beam that 
is small in both dimensions, 1.e., a beam that would correspond to a filled- 
aperture antenna whose diameter is the size of the interferometer array. The 
VLA (Very Large Array) at Socorro, New Mexico, is an example of such a 
system. Signals from 27 antennas are transmitted up to 21 km through optical 
fibers (originally through low-loss circular waveguides) to the central process- 
ing laboratory. The VLBA (Very Long Baseline Array) has 10 antennas with 
spacings as large as the distance from Hawaii to St. Croix in the Virgin Islands. 
Its signals, together with timing information, are recorded on magnetic media 
at each station and sent, physically or electronically, to New Mexico for after- 
the-fact combining and processing. Imaging interferometers (phased arrays) 
work essentially as follows. Suppose we have an array of antennas such as 
shown in Figure 26.1. Assume the antennas are all pointed in the same direction, 


i-2 | 
Antenna ¡ n.d 


i+2 


say up. If the voltages from the antennas are all added together in phase, squared, 
and averaged, the result is a narrow beam, pointing straight up. This process can 
be written as follows: 


Po = (Y E => MI (26.3) 


Now suppose we add the voltages, multiplied by a progressive phase shift, to 
form a beam tilted slightly off the vertical. If we do this addition, followed by 
squaring and averaging, we get the k-th beam: 


368 


Radio-frequency electronics: Circuits and applications 


Pr = ( >. Vie jOnk yer | = y elo mk) ( Vn V) . (26.4) 


n,m 


This is the general case; for the straight-up beam, ¢,,; and @,,; are both zero. 
The important thing to notice is that we can multiply the signals from every 
possible antenna pair and average the products first, independent of what beam 
we wish to form. After averaging these pairs we can then form each beam by 
weighting the averaged products with the appropriate phase factors and per- 
forming the double sums. Note also that the averaged products do not have to be 
measured simultaneously; we could even use one fixed antenna and one mobile 
antenna and measure the average product for one baseline after another. The 
VLA has 27 antennas so it can measure (27 x 26)/2 baselines simultaneously. 
But, as the Earth turns, these baselines become different baselines so, over time, 
it is possible to collect averaged products from a huge number of baselines. This 
set of baselines is virtually the same as all the baselines one could form between 
pairs of points on a dish with a radius of 21 km, and the final synthesized beam 
can be as sharp and clean as if it had come from a filled dish. An array can thus 
have the resolution of an enormous antenna even if it does not have the 
corresponding sensitivity (collecting area). On the other hand, because the 
individual antenna elements have relatively wide beams, an array has a rela- 
tively wide field of view. Radio astronomers hope to have, by the year 2020, a 
super large array, the SKA (see reference 5) which would have a total collecting 
area of one square kilometer and provide baselines as long as 3000 km. 


26.4 Radar astronomy 


26.4.1 The Moon 


Ionized meteor trails produced echoes on WWII radars, but echoes from the 
Moon were not observed until after the war. In January 1946, a U.S. Army 
Signal Corps group headed by John H. DeWitt, Jr. observed real-time Moon 
echos using modified WWII radar equipment delivering 3kW of power at 
110 MHz to a 64-element dipole antenna array. In Hungary, one month later, 
Zoltan Bay used similar equipment, together with electrolytic cells (“coulomb- 
meters”) to do signal integration. By the end of his experiment, the on-target cell 
had accumulated significantly more gas than the off-target cell. Many large 
radars were built in the late 1950s, and radar echo detections from the Sun, 
Venus, Mercury and Mars were made in the 1960s. Radar was used to measure 
the rotation rates of Venus and Mercury. Saturn’s rings were detected in the 
1970s, as were the large moons of Jupiter, many asteroids and several comets. 


The Moon’s distance from the Earth, R, is 3.8 x 10° km, and it has a radar cross- 
section, o, of about 6.6 x 10°km*. This means that the power density of the 
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echo’s SR, in watts per square meter, received back on the radar antenna will be 
given by o/(4zR7) times the power density incident on the target, Sine. (Note that 
this defines radar cross-section as the collecting area of an equivalent target that 
isotropically scatters the intercepted incident power.) The incident power den- 
sity is just Sine = PyG/(4xR*), where Pr is the transmitter power and G is the 
antenna gain. The power into the receiver, Pp, is equal to SrA ¿fp where Ager 1S 
the effective collecting area of the antenna. We have seen earlier that G is equal 
to 41 4.p/17. The Moon’s radar cross-section is about 7% of its geometric cross- 
section, 1.e., 1t is 7% as reflective as a metal sphere of the same size. An echo 
from the Moon will therefore produce a power at the receiver of 


4 (Arr /A°) O _ PrAzgo 
AnR2 AR CE A RAJ? 


Pr =P (26.5) 
Suppose we have a radar with a 1-kW transmitter and a modest 5-m diameter 
dish antenna with an aperture efficiency of 50%. The effective area of this 
antenna is therefore half of its geometric cross-section or Asyp=0 .5 xz 
(5/2)°=9.8 m. It is an experimental fact that o for a planet is approximately 
independent of wavelength, so we see from Equation (26.5) that the received 
power is inversely proportional to 1% (because of the fundamental antenna 
relation between gain and effective area). Suppose that the wavelength is 
30 cm, 1.e., the frequency is 1 GHz. With this radar system, the power received 
from the Moon would be 


1000 W(9.8 m?)*6.6 x 10'! m? 


- + = 2.7 x 10 W. (26.6) 
47(3.8 x 105 m)*(0.30m) 


Whether this amount of power is easy to detect or not depends on the noise it 
competes with. Let us assume that the noise from the antenna (sky noise from 
background cosmic radio sources plus some “spill-over” noise from the sur- 
rounding ground) has an equivalent noise temperature, Tant = 50 K. Let us also 
assume that our receiver has an equivalent noise temperature, T evr = 35 K. The 
total equivalent input temperature is therefore given by Tyystem = 85 K and the 
noise power will be kT;ysB. If we make the bandwidth, B, very small we 
decrease the noise power and hence detection becomes easier. But 1f we 
make B very small we will need a very accurate prediction of the Doppler 
shift caused by the relative motion of the Earth and Moon in order to tune the 
return echo into the passband of the filter. Finally, the rotation of the Moon 
causes a Doppler broadening of the return echo; if we make B less than 25 Hz 
we will begin to exclude some of the broadened signal. Let us compromise and 
use a bandwidth of 100 Hz. The signal-to-noise ratio at the receiver output will 
then be given by 


Pr 2.7 x 10 8W 


S N= ¿álZ — 
/ kTsysB 1.38 x 10-3 W/Hz/K x 85K x 100 Hz 


= 23.0. (26.7) 
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This SNR of 23 is large enough that the signal would be visible on an oscillo- 
scope connected at the intermediate frequency (IF) voltage output; no signal 
averaging would be needed. The modest radar system assumed here could be 
assembled for a few thousand U.S. dollars. 


Venus 1s not nearly so easy to detect, being some 280 times more distant than the 
Moon. Its radar cross-section 1s about 20 times that of the Moon, so with the 
radar system described above, the SNR of the return echo would be lower by a 
factor 280%/20 or 307 million! This requires a much larger radar. The Arecibo 
radar, however, has an effective antenna diameter of 200 meters and an average 
power of 1 MW at 2.38 GHz. It would out-perform our Moon example radar by 
a factor of (10°/10°) (2.38/1y (2007/57 or 1.4x 10'°. Thus, with the same 
assumed bandwidth and system temperature, the Venus echo from the Arecibo 
radar would have an SNR of 23 (1.4 x 10'°)/(307 x 10°) = 1090. This is overkill 
for a simple detection but is needed for high-resolution mapping. 


26.4.3 Delay-Doppler mapping 


Figure 26.2. Geometry for 
delay-Doppler radar imaging. 


Except for the Moon, planetary targets have angular sizes much smaller than 
the radar beam. Nevertheless, images of photographic quality can be made by 
a technique known as delay-Doppler mapping. This method uses short pulses 
(or pulse compression) to obtain adequate range resolution. The relative 
motion between the radar and the target provides resolution in the transverse 
direction via the Doppler effect. This was the method used to get the first 
surface images of Venus, whose cloud cover kept its features hidden to optical 
telescopes. The technique is essentially the same as side-looking or synthetic 
aperture radar by which photographic-like images of ground targets are made 
from an airborne radar with only a small dish antenna. Figure 26.2 shows how 
delay-Doppler mapping works. This is a view of the planet as seen from the 
radar. When a short pulse is transmitted, the first echo to return comes from 
the front cap or sub-Earth point. At subsequent times the echo signal 


Planet's rotation axis 


= 


Sub-Earth point | Constant Doppler rings 


Surface elements with the 


Constant range ring same range and Doppler shift 


371 


Radio and radar astronomy 


corresponds to loci of equal range that are rings on the planetary surface, 
centered on the sub-Earth point. Because the planet is rotating, surface points 
on the right-hand side are moving away from the radar and their echoes are 
Doppler-shifted to lower frequencies. Likewise, points on the left-hand side 
are up-shifted. The magnitude of the of Doppler shift is proportional to the 
cross-range distance, 1.e., the distance in the direction perpendicular to both 
the planet’s axis of rotation and the line between the radar and the planet. Loci 
of constant Doppler shift are rings parallel to the rotation axis of the planet 
and to the line from the planet to the radar. 

The two shaded surface elements have the same range and the same Doppler 
shift. This fundamental ambiguity can be removed, at least for Venus maps 
made at Arecibo, by tilting the radar beam slightly to illuminate only the 
Northern or only the Southern hemisphere of Venus. Obviously this technique 
requires the narrow beam provided by a very large antenna. Data taking is done 
as follows: a series of IF voltage samples is read and stored separately as each 
return pulse arrives. After many pulses have been received, we have a time 
series for each range ring. Each series is Fourier analyzed to get the Doppler 
spectrum. The magnitude of a given Doppler component corresponds to the 
reflectivity of the surface element at the intersection of the range ring and the 
Doppler ring. 


26.4.3.1 Overspreading 


The standard delay-Doppler” method will not work when the planet is too large 
and/or spins too fast. This is because the Nyquist sampling theorem requires that 
the (complex) sampling rate be at least equal to the bandwidth of the signal so 
that high-frequency Doppler components do not “alias” and appear as lower 
frequency components (the stroboscope effect). This establishes a minimum 
pulse repetition frequency (PRF). But if the depth of the planet is too large, even 
the minimum PRF will result in having more than one pulse on the planet at a 
time, causing the echoes from different ranges to “fold” together. 

The bandwidth of the return echo (twice the highest Doppler shift) is given by 
B = 2ftadar 2Vmax!C = 4frad” planer £2 /c Where Fpianet 18 the radius of the planet, Q is 
its apparent angular velocity,’ fadar is the frequency of the radar, and a is the 
angle between the radar beam from the Earth and the planet’s rotation axis. 
Therefore, the Nyquist sampling requirement is fsample > 4fradar “planet $2/c. The 
condition to avoid range folding is 1/fsample > 2Iplane/C. Multiplying these two 
inequalities gives us 1 > 8 fadar Aa Q/c”, which imposes an upper limit on 
the frequency of the radar: 


2 Note that delay-Doppler mapping of space objects is the same technique as pulse-Doppler radar, 
discussed in Chapter 21. But while the planet presents a “target” in every range-Doppler cell, a 
pulse-Doppler surveillance radar is likely to have a target (often an airplane) in only a single range- 
Doppler cell. 

> The apparent angular velocity of the planet corrects for the planet’s tilt and the relative 
translational (orbital) motion of the Earth and the planet. 


how AC voltage gain changes when you use 
resistors of different values and transistors 

with different current gain in a transistor 

amplifier circuit. 

General Instructions 

When the circuit is set up, you measure V 
out for each set of resistors, and find AV , 
using the ratio V out /V in. You also determine 

a calculated A V using the ratio RC/RE in 
each case to determine how close the 
calculated AV is to the measured AV. You 


repeat this measurement with a second 
transistor for each set of resistors. 

Parts List 

You need the following equipment and 
supplies: 


One 1 kQ, 0.25-watt resistor 
One 100 Q, 0.25-watt resistor 
One 15 kQ, 0.25-watt resistor 
One 2.2 kQ, 0.25-watt resistor 
One 3.3 kQ, 0.25-watt resistor 
One 220 Q, 0.25-watt resistor 
One 68 kQ, 0.25-watt resistor 
One 8.2 kQ, 0.25-watt resistor 
One 0.1 UF capacitor 

One lab type power supply or 9-volt battery 
One function generator. 

One oscilloscope 

One breadboard 

One 2N3904 transistor 

One PN2222 transistor 
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2 
C 
Jadar < 30 (26.8) 


Using Equation (26.8), the radar frequency should be less than about 1.5 GHz 
for Venus and less than about 1.8 GHz for Mercury. These are practical 
frequencies for conventional microwave radar technology. For Mars, however, 
the radar frequency would have to be lower than 14 MHz, because of the high 
rotation rate. Equation (26.5) shows that such a low frequency would require an 
extremely large antenna. To make matters worse, sky noise and atmospheric 
noise at 14 Mz are both much higher than at microwave frequencies. 

While standard delay-Doppler does not work for Mars and other overspread 
targets, Mars images were made in 1988 using the VLA in New Mexico. During 
the observations, Mars was illuminated with a 10-GHz signal from the JPL 
NASA Solar System Radar transmitter at Goldstone, California. The resolution 
of these images was only about 100 km. 

A modified delay-Doppler technique, developed around 1986 for radar 
probing of the ionosphere, was first used at Arecibo in 1990 to solve the 
overspreading problem for Mars. This “long code” technique is used with the 
2.38-GHz transmitter, which puts out a continuous wave (cw) rather than pulsed 
power, but is biphase-modulated with a long pseudorandom code — for Mars, a 
sequence of 10-us bauds. The code elements shift the RF phase by zero or 180°, 
equivalent to leaving the signal unchanged or changing its polarity. The length 
of the sequence must be greater than 0.33 seconds (the length of a coherent 
integration or “look”, though the sequence used at Arecibo repeats only every 
3054 hours and can be considered totally random. To see how this technique 
works, imagine first a simple point target. The echo from such an object would 
be a delayed version of the code. At the receiver we sample the return echo at the 
baud rate and multiply successive samples of the echo signal by successive 
bauds of an identical “replica” code to undo the echo’s phase reversals. When 
the replica code has the correct alignment, it undoes the phase reversals and 
produces a cw signal. We can separately multiply the echo samples by the 
replica code for all alignments. Identifying the alignment that produces a cw 
signal gives us the distance (range) to the point target. If the point target has a 
velocity component parallel to the radar beam, the recovered cw signal will be 
Doppler shifted and we can determine the velocity component. Next, imagine 
that the echo comes from two point reflectors, separated in time by at least one 
baud (1500 m in range). Again multiplying the echo by the replica code, we 
would find two alignments that produce cw signals and could thereby deduce 
the range and line-of-sight velocity of each target. Note, however, that the 
“decoded” signal from either target contains white noise that is the signal 
from the other target, randomized because the replica code is not aligned with 
its echo. This “‘self-noise” has power equal to that of the desired signal, assum- 
ing the targets have equal radar cross-sections. We can consider the range rings 
on a planet to be a set of N such targets, separated in range delay by the 
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baud length. (Each range ring has a Doppler spectrum.) The self-noise voltage is 
therefore the sum of N voltages, which add as a random walk. The delay time 
depth of Mars is 23 ms so, for a baud length of 10 us, N= 2300. If we assume 
that the signals from the rings are approximately equal in strength, the self-noise 
power will be N times the signal power. Here, this factor can be reduced to 2300 
(7.5/100)=177 by lowpass filtering the data sequences before doing the 
Doppler analysis, since the self-noise is spread out over a much larger band- 
width (100 kHz) than the Mars echo bandwidth (7.5 kHz). This still appears 
disastrous, until we remember that the self-noise is in addition to “real” noise, 
1.e., cosmic noise, antenna noise, and receiver noise. Under the worst weak- 
signal conditions, the self-noise is insignificant compared to the real noise so, 
while the system performance will be poor, the self-noise is not to blame. Under 
the best conditions, the self-noise dominates the real noise and it will determine 
the integration time needed to pull the signal out of the total noise. When the 
long-code technique is used with the Arecibo S-band radar system to observe 
Mars, the effective signal-to-noise ratio is decreased by a factor of 5.2 or 1.7, 
depending on the polarization of the echo.” Figure 26.3 shows a signal process- 
ing arrangement that produces the decoded signals for each range, does a 
Fourier transform on each decoded range signal, and stores the resulting 
delay-Doppler data points in an array. 


* The radar transmits a signal with circular polarization. Smooth portions of the planetary surface 
create specular (mirror-like) reflections, which reverse the sense of the circular polarization. 
Rough portions of the surface create multipath reflections, which cause some of the echo power 
(usually less than half) to return with the same circular sense as the transmitted signal. The radar is 
equipped to receive both polarizations. 
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Problem 26.1. Use the radiometer equation to find how much time is needed to make a 
3-sigma detection of a 10mK radio source if the radio telescope’s system temperature is 
100K. Assume the predetection bandwidth, B, is 10MHz. A “3-sigma detection” 
requires that the 0.01 K contribution from the source be 3v2 times the ôT fluctuation 
predicted by the radiometer equation. (The factor v2 takes account of the increased 
fluctuation when the “off” is subtracted from the “on”, assuming an equal time Tis spent 
measuring each.) 


Problem 26.2. Verify that if a noise power estimator is defined as the average of N 
independent samples of the squared noise voltage, the standard deviation of this estima- 
tor will be o? \/2/N . Assume that the probability distribution of the noise voltage is 
Gaussian with zero mean and variance o”. Hint: for a zero-mean Gaussian distribution, 
the expected value of Y? is a” and the expected value of Y? is 30°. 


Problem 26.3. Pulsars (rotating neutron stars) are radio sources that turn on and off 
with very regular periods ranging from about 2 milliseconds to about 2 seconds. Given a 
radio telescope at your disposal, how would you go about searching for pulsars, 1.e., what 
kind of data processing scheme would you use to find these periodic sources? 


[1] Butrica, A. J., To See the Unseen: A History of Planetary Radar Astronomy, Diane 
Publishing Co., 1997 (also available on the Web). 

[2] Goldsmith, P. ed. Instrumentation and Techniques for Radio Astronomy, IEEE 
Press,1988. (This book is prefaced with 12-page historical overview.) 

[3] Kraus, J. D., Radio Astronomy, 2nd edn, Cygnus-Quasar Books, 1986. 

[4] Ostro, S.J., Planetary radar astronomy, Rev Mod Phys, Vol. 65, No. 4, pp. 1235- 
1279, October 1993. 

[5] http: //www.skatelescope.org/PDF/SKABrochure_2007.pdf 
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Radio spectrometry 


Spectrometry or spectral analysis is the statistical characterization of random 
(stochastic) signals such as the IF voltage in a radio astronomy receiver, as 
described in Chapter 26. The spectrometers discussed in this chapter are all 
multiplex spectrometers, meaning that they measure N points on the spectrum 
simultaneously. This is to be distinguished from swept-frequency spectrum 
analyzers, which measure spectral points sequentially. Multiplex spectrometers 
are used when long integration times are needed to pull a signal out of the noise, 
as in radio astronomy. They are also used for low-frequency spectrum analysis, 
where narrow channel bandwidths require long measurement times to process a 
sufficient number of independent samples. Most often the signal is Gaussian; if a 
fine-grained histogram of samples of the signal’s amplitude is scaled to make the 
area below the curve equal to unity, the average curve will be the Gaussian 
probability density function, {V)=(2n0*) '? exp(—V*/207). You can verify 
(Problem 27.1) that ø is the rms value of Y, i.e., o” is the power, (Y). But total 
power does not completely characterize the signal. A complete description is 
contained in the power spectral density function, S(@), the distribution of power 
vs. frequency. A set of bandpass filters and power meters, 1.e., a set of radio- 
meters, serves to measure points on the spectral density function (usually called 
the PSD or simply the power spectrum). However, the simplest mathematical 
definition of the power spectrum uses the signal’s autocorrelation function, R(t), 
a function of time delay. The value of the autocorrelation function for a given time 
delay, 7, is defined as the average value of the “lagged product” 


R(t) = (V(t) V(t +0)). (27.1) 


For a signal whose characteristics are unchanging (a stationary process), 
R(t) = R(t). We will see that the Fourier transform of the autocorrelation function 
is the power spectral density so, directly or indirectly, we describe the signal in 
terms of sine-wave basis functions, 1.e., we find the magnitudes (but here not the 
phases) of a set of sine waves whose superposition has the same power spectrum 
as the original signal. Why are sine waves preferred to other sets of basis 
functions? Often the process under study is a spectral line which shows up 
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clearly in a few adjacent Fourier coefficients (frequency bins) or a Doppler shift 
which just displaces the spectrum. The frequency spectrum is clearly a natural 
way to represent such signals. Of course we deal with sine waves all the time as 
the characteristic functions of linear systems; a sinusoidal signal of a given 
frequency remains a sinusoid with the same frequency after passing through any 
arbitrary chain or network of linear elements such as amplifiers, filters, and 
transmission lines. A variety of instruments have been developed for spec- 
trometry. In approximate historical order, these include analog filterbanks, 
autocorrelators, chirp-z spectrometers, Fourier transform spectrometers, and 
acousto-optical spectrometers. 


27.1 Filters and filterbanks 


We have already seen the analog filterbank in Chapter 26, as part of a radiometer 
bank. Usually the signal is converted down to a convenient intermediate 
frequency, e.g., tens of MHz, and the filters are the various LC bandpass filters 
discussed earlier or crystal filters or digital filters. A traditional disadvantage of 
an analog filterbank spectrometer has been that it is not “elastic,” 1.e., the filters 
have a fixed width; if narrower or wider filters are needed, another filterbank 
must be built. With high-speed digital-to-analog conversion and fast memory, 
this restriction can be lifted by using an interesting spectral expansion techni- 
que. Sequences of data are read into the memory at whatever slower rate is 
needed and then played back at a higher rate into a single wideband filterbank. 


27.2 Autocorrelation spectrometry 


Autocorrelation spectrometers estimate the power spectrum by taking pairs of 
samples with a given time separation, multiplying them, and averaging these 
“lagged products.” (In Fourier transform spectral analysis the samples are 
multiplied by sine waves but the resulting coefficients are squared before 
averaging. In both cases powers, rather than voltages, are averaged.) When 
the time separation is zero, the average lagged product is just the total power. 
But if we measure other lagged products as well (where the time separation is 
not zero), we can indirectly find the power spectrum because the autocorrelation 
function (ACF) and the power spectrum form a Fourier transform pair: 


R(t)e dr (27.2) 


Sli do. (27.3) 
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Figure 27.1. Single-channel 
radiometer. 
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This relation, the Wiener—Khinchin theorem, is often used to define the power 
spectrum. To see that S(w) as defined by Equation (27.2) agrees with our 
intuitive ideas of the power spectrum, consider the single-channel radiometer 
shown in Figure 27.1. The (in situ) voltage transfer function of the bandpass 
filter is defined in the frequency domain by H(@)=V>(@)/V(@). The power 
response function or filter shape is therefore given by |H(@)|*, so we expect that 
the time average of (V2) will be given by 


(AP) =f SOOP o 27.4) 


where S(q) is the spectral power density function. Note that (22) *dw=df: the 
power spectral density has units of watts/Hz. 

Let us now show that the output of this radiometer is indeed given by 
Equation (27.4), and that S(@) is given by Equation (27.2). We can express V2 
in the time domain as 


t 


V(t) = J V(t')hi(t — idt, (27.5) 


— 00 


where A(t), the impulse response function, is the inverse Fourier transform of 
H(w).' The output of the squarer is then given by 


(V(t)? = J J VEV EDE — Ahl — drat". (27.6) 


—00 —00 


Since we assume J/;,,(¢) is a stationary process, the value of ¢ is arbitrary. Let us 
pick t=0, which gives 


(Vo(t))” = J J V (t') V(t" )h(—¢')h(—t")de'de". (27.7) 


' The impulse function, A(t), is the filter output voltage at t, in response to a delta function input 
at t=0. Note that A(t) is real and that A(t) =0 for <0. 
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From causality, h(1)=0 for |t| <0, so the upper limits of integration can be 
changed from 0 to infinity. Doing this, making a change of variable, t” =1'+ q, 
and taking the time average, we find 


0 00 


(00?) = J [ MOVED arar (27.8) 


00 —00 


Using the definition of the ACF, R(t) = (V(0V(t+7)), we find 


(Va) = j R(t) J h(=')h(=é — dtl de. (27.9) 


Applying the convolution theorem,” the Fourier transform of the term in square 
brackets is |H(@)|’. Therefore, the bracketed term is the inverse Fourier trans- 
form of |H(q@)|* or 


J M1 0d] = J Sa) dr. (27.10) 


Substituting this expression into Equation (27.9) produces 


((Va()) = f ro > / el?" |H (a) do| de. (27.11) 


— 00 — 00 


Finally, interchanging the order of integration gives us 


(P) = j IH (o)|’ J de R(r)dr| (22) do. (27.12) 


After all this effort, we can now compare Equation (27.12) with Equation (27.4) 
and confirm that the power spectrum defined by Equation (27.2) agrees with 
what we would expect to measure with a bandpass filter followed by a squarer 
and an averager. (Don’t worry about the sign discrepancy in the e'” term in 
Equation (27.12); since V(t) and R(t) are real, we can replace this term by e.) 


27.2.1 Hardware autocorrelators 


A hardware autocorrelator is a special-purpose parallel signal processor that 
calculates an averaged ACF, usually in real time. A single Fourier transform 
operation in a computer then turns the ACF into the power spectrum with the 
same number of frequency bins (points on the spectrum) as the number of points 


2 If H(@) is the Fourier transform of A(T), then |H(@)|* is the Fourier transform of /h(t)h(t+z)dt. 
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on the ACF. Autocorrelators use a simple expandable architecture. Figure 27.2 
shows an analog version of the autocorrelator. 

Figure 27.3 shows a digital autocorrelator. The analog delay line is replaced 
with a digital shift register. The analog multipliers and averagers are replaced by 
digital multipliers and accumulators. 


Figure 27.3. Digital 
autocorrelator. 
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The autocorrelators of Figures 27.2 and 27.3 produce values only for discrete 
points on the ACF. But, as long as the input signal is band-limited (usually by a 
bandpass “anti-aliasing” filter), the spectrum can be represented as a Fourier 
series, So sampled ACF points are sufficient to compute the continuous power 
spectrum. In practice, however, we cannot measure an infinite number of points 
on the ACF. The spectral estimate obtained by transforming ACF points that 
extend only to Tmax, 1.€., by transforming an ACF “windowed” with a rectan- 
gular function that is unity for Tmax < T < Tmax and zero outside this range, 
produces a function which is the true spectrum convolved by the function sin(@ 
Tmax)/(@ Tmax). A Sharp line in the spectrum therefore appears as a broadened 
line, surrounded by sidelobes. It is common to apply a smoother windowing 
function such as cos(‘27 T/Tmax) to reduce the sidelobes even though the main 
load will be broadened — a trade-off between spectral resolution and leakage 
between channels. 


27.2.2 One-bit autocorrelation 


One-bit autocorrelation is a technique that greatly reduces the complexity of the 
digital circuitry. The input analog voltage is fed to a comparator whose output 
(one bit) indicates the sign, 1.e., the polarity, of the voltage. The continuous 
range of analog voltages is compressed down to just two values: plus one and 
minus one. (In the digital hardware, a digital “1” indicates a value of +1 and a 
digital “0” indicates a value of —1.) The correlator’s delay line shift register 
needs to be only one bit wide and the one-bit x one-bit multipliers can be 
exclusive NOR gates, since the output of an exclusive NOR gate is + 1 when the 
inputs are the same and —1 when they are different. The integrators that follow 
the multipliers are simple counters. Although the output of a one-bit correlator is 
a distorted version of the actual correlation function, the distortion can be 
entirely corrected. Because the input signal has Gaussian amplitude statistics, 
the output of the one-bit correlator turns out to be: 


prvu(t) = (2/7) sin” [p(x) (27.13) 


where p is the normalized autocorrelation function: p(t) = R(t)/R(0) =R(a)/o". 
This functional relation was derived during World War II by J.H. van Vleck 
while studying the spectrum of clipped noise. (Jammers can have much better 
power efficiency if jamming with clipped noise works as well as jamming with 
noise having Gaussian amplitude statistics.) 

The averaged values from a one-bit autocorrelator can, therefore, be inverted 
to get the true correlation function. 


p(t) = sin[(/2)p1-wukr)] (27.14) 


A straightforward proof of the van Vleck relation (Problem 27.4) proceeds from 
the Gaussian bivariate probability density, 
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Here x, and xz are the voltages V(t) and V(t+7), so c1 =o . One gives up some 
radiometric sensitivity for the simplification of one-bit processing; the integra- 
tion time has to be increased by a factor of 1/4 compared to a correlator using 
multi-bit quantization. 

Several generations of digital correlators have been used in radio astronomy. 
Custom CMOS correlator chips have thousands of lag channels and clock rates 
above 100 MHZ. A variety of serial and parallel multiplexing techniques are 
used to combine these chips to increase the number of lag channels and to 
increase input data rates to several hundred MHZ. 


27.3 Fourier transform spectrometry 


Fourier transform methods are more efficient than autocorrelation spectrometry 
simply because the FFT (Fast Fourier Transform algorithm) is an efficient way 
to compute the DFT (Discrete Fourier Transform). Processing a sequence of N 
data points requires on the order of N log(N) operations for an FFT vs. M” 
operations for either autocorrelation or a brute force DFT. 


27.3.1 DFT spectrometer 


The Fourier transform is, by itself, a spectrometer. The DFT of a sequence of 
voltages, Vp, is given by 


N-1 
i> Ve. (27.16) 
n=0 
We can write this DFT in terms of time and frequency as 


N-1 
i= > es (27.17) 
n=0 


where t, =M/fsample ANd @p = 27K fsample /N. Note that the transform is equivalent 
to a bank of N pairs of frequency converters with sine and cosine L.O.s. The k-th 
pair multiplies the input signal by cos(œ £) and sin(w;1), thus shifting the input 
band to place œ+ at zero frequency. For every converter, N consecutive multi- 
plier output values are summed so one output value is produced every N/feample 
seconds. This summation is equivalent to lowpass filtering and decimation 
(reducing the sample rate). Successive values of uz are, therefore, equivalent 
to (complex) voltages from the signal at and around œ+, after being shifted to 
zero frequency and then lowpass filtered. When the input voltage is a random 


Figure 8.11 shows the pinout diagram for 
2N3904 and PN2222 transistors. 
Figure 8.11 


Emitter Collector 
Base 
Step-by-Step Instructions 
Set up the circuit shown in Figure 8.12 using 
the components listed for Circuit # 1 in the 
following table. If you have some experience 
in building circuits, this schematic (along with 
the previous parts list) should provide all the 
information you need to build the circuit. If 
you need a bit more help building the circuit, 
look at the photos of the completed circuit in 
the “Expected Results” section. (If you don't 
have a lab type power supply to provide 10 
volts as indicated on the schematic, use a 
9-volt battery.) 
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Figure 27.4. (a) One channel of 
a straight DFT spectrometer 
(periodogram averager); 

(b) filter channel using a longer 
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process, uz 1s also a random process. Its mean is zero. The squared magnitude of 
u, represents power, and the set of points, {u47}, is known as a periodogram. 
To estimate the power spectrum of a random process, many periodograms must 
be averaged together. Figure 27.4(a) shows one channel of a straight periodo- 
gram spectrometer. 

A shortcoming of the DFT spectrometer (periodogram averager) is that the 
equivalent filter shape of each channel is not rectangular but, instead, has a 
sin(x)/x form, due to the uniform boxcar lowpass filter weights inherent in the 
DFT. It therefore suffers “leakage” from adjacent and even not-so-adjacent 
channels. We saw the same problem with the autocorrelation spectrometer. There 
are obvious remedies for this problem. The application of a weighting function 
to the input data blocks to give relatively low weight to the data points near 
the beginning and end of the blocks is equivalent to tapering the weights of the 
low-pass filter and therefore reduces the amplitude of the filter sidelobes. Such 
weighting, however, broadens the main lobe and increases the variance of the 
spectral estimates, since the spectrum is estimated mostly from the data points 
around the center of the data blocks. This loss of sensitivity can be remedied by 
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computing periodograms from data blocks that overlap each other and including 
these periodograms in the average. (Even with uniform data weighting, there 1s 
a loss of sensitivity when periodograms are computed only from nonoverlap- 
ping blocks of data.) 


27.3.2 Combined FIR filter/DFT spectrometer 


An “FIR/Fourier transform” spectrometer design that fixes the problems of the 
DFT spectrometer begins with the filter channel shown in Figure 27.4(b). Like 
the DFT filter, this filter channel will produce one output value for every N input 
samples. But now, the mixer is followed by a lowpass FIR (finite impulse 
response) filter which forms a running weighted sum of H successive mixer 
output values by summing the numbers, weighted by factors, h;, at the taps of a 
digital delay line.’ This would be the same as the DFT filter of the periodogram 
if all the weights, A;, were equal to unity and the number of taps, H, were equal 
to N. Here, however, the number of taps will be an integral multiple of N, 
H= RN. This can be quite a large number, e.g., H=4 x 1024 = 4096, and the FIR 
filter can therefore produce a nearly ideal rectangular channel response. As with 
the straight DFT spectrometer, the bandwidth reduction from lowpass filtering 
lets us decimate the output of the summer, keeping only one sum per N-point 
block of input data. Again, the magnitudes of the output of the summer must be 
squared and averaged to form an estimate of the power spectrum. Note that, 
because the filter window, H, is longer than the block length, N, the blocks 
processed by the filter are overlapped; while one output value is produced for 
every N input samples, the output values are produced from H input samples, 
where H> WN. We will designate the input voltage samples as x,,. They enter in 
blocks of N samples. The output of the summer is X;,,, Where m is the block 
number and k, which runs from zero to N, designates the point on the spectrum. 
Defining Was W=exp(-21 j /N), inspection of Figure 27.4 allows us to write 


H-1 
n= IMA a (27.18) 
n=0 


Now, since pato 1, we can rewrite this equation as 


H-1 
=D ee (27.19) 
n=0 


Let us next express n as rN + p where the index r goes from 0 to R—1, where 
R=H/M, and the index p goes from 0 to M—1. Using this notation, we have 


> The finite (duration) impulse response is obvious; when an input sample makes its way down 
the line and falls off at the end, it no longer contributes the output. A FIR filter can be given a 
desired frequency response function by selecting the tap weights to form the desired impulse 
function, 1.e., the Fourier transform of the desired frequency response. 
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Figure 27.5. Weighted overlap- 
add filterbank. 


27.4 land Q mixing 


{HO} = h(N-1) TO h(0) x(n) 


(H 1) = h(2N-1) TO h(M) 


(H2) = h(3N-1) TO h(2M) 


{H3} = h(4N-1) TO h(3N) 
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N-sample delay 


Repeating (H1) IVV 
Repeating {H2} ANANA 


Repeating {H3} ~~» »_ » »_ 


—> 
Data flow 


N-1 /H/N-1 
Gea). ( y han woh (27.20) 


p=0 r=0 


Note that Equation (27.20) is just an N-point DFT of the term in brackets, and 
that this term 1s independent of k, the frequency index. Consider this term for the 
case where H=4N. The bracketed term is given by 


( ) = ho XNm+p F hn+pXNn(m+1)+p oF hon -+pXNn(m4+2)+p T h3y +pXn(m+3)+p- 
(27.21) 


In the first term on the right-hand side, successive samples are multiplied by ho 
through Ay-1. In the second term, delayed samples are multiplied by Ay through 
h>,-1, and so on. An architecture that forms this bracketed term is shown in 
Figure 27.5. Four multipliers are used, together with three delay lines, each of 
length N. The set of A FIR coefficients is split into four sections, each of which 
feeds one of the four multipliers in a continuous cycle. An adder sums the 
products flowing from the multipliers. This preprocessor section feeds a standard 
FFT block. This architecture is called a weighted overlap-add (WOLA) filterbank. 
Another way of producing the bracketed term yields the polyphase filter bank [3]. 


In the discussions above, it was implicit that the spectrum of the band-limited 
signal voltage, V(t), extends from zero to some cutoff frequency, B. This base- 
band signal can be produced from an IF signal that has been bandpass filtered 
and then down-converted to put the lower edge of the passband at zero fre- 
quency. For digital spectrum analysis, the sampling frequency must be at least 
2B to avoid aliasing (the stroboscope effect). In the case of the DFT spectrom- 
eter and the improved WOLA version, the N channels extend in frequency from 
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0 to the sampling rate, 1.e., from 0 to 2B. Therefore, only the first N/2 output 
channels can be used, since those channels correspond to the frequency range 0 
to B. (The second N/2 channels will contain the same information; channel N—k 
will have the same data as channel k.) This effective waste of half the DFT 
channels can be avoided with a technique known as complex sampling. In this 
technique, the IF signal of bandwidth B is down-converted into baseband “P” 
and “O” (in-phase and quadrature) channels by using two mixers having L.O. 
signals cos(w,t) and sin(w,t), where @, is the center of the IF band. We can 
express the original IF signal in terms of the mixer outputs, Z(t) and Q(t), as 


V(t) = I(t) cos(@ct) + Q(t) sin(w.t). (27.22) 


To find the spectral value at the point œ. + A, we must multiply (mix) the IF 
voltage by e °° *  ” Carrying out this multiplication and ignoring terms of 
frequency 2w., we find 


Vip (the Hera = L(t) —jo(nje™. (27.23) 


The term on the right-hand side is equivalent to mixing a complex-valued signal, 
KA—JO(t), so that the spectral point at œ. + p is shifted to zero frequency. The 
beauty of this is that both X(t) and Q(t) have bandwidth B/2, since B/2 is the 
greatest separation between œ, and any point in the IF band. Therefore we can 
feed (A -jO(t) as a sequence of complex numbers to the straight DFT spectro- 
meter or the improved WOLA version and the N output values will span the entire 
bandwidth B. The spectrum from A = 0 to B/2 will appear in the first N/2 channels, 
while the spectrum from A= —B/2 to 0 will appear in the second N/2 channels. 
When / and O mixing is used in autocorrelation spectrometry, both autocorrelation 
functions and cross-correlation functions are computed from the / and O signals. 


27.5 Acousto-optical spectrometry 


The acousto-optical spectrometer (AOS) uses an optical crystal which becomes 
a diffraction grating by virtue of mechanical waves (sound waves at radio 
frequencies) propagating through it. These waves produce corrugations in the 
refractive index along the length of the crystal. The waves are launched into this 
Bragg cell by an electrical-to-acoustic transducer (usually a piezoelectric crys- 
tal), driven by the IF signal to be analyzed. Figure 27.6 shows how the crystal is 
illuminated by a laser and how a multi-element CCD array detects (and aver- 
ages) the diffraction pattern. 

The linear CCD array, like those used in supermarket checkout scanners, 
accumulates charge along its length at a rate given by the incident light intensity. 
For read-out, the charge packets are clocked down the length of the CCD in a 
bucket brigade fashion. The voltage at the end of the array, which is propor- 
tional to the charge at that position, is digitized and made available to the data- 
taking computer. 
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Computer 


L.O. Flirst-order fringe 


CCD Array 


CW Laser Zero-order 
"White lifht fringe" 


Acoustic waves \ 
Bragg cell = "Programmable diffraction grating" 
Figure 27.6. Acousto-optical A figure of merit for any spectrometer is its number of frequency bins, 1.e., its 
spectrometer (AOS). 


analysis range divided by its resolution. For the AOS, the effective number of 
channels is given by the time—bandwidth product of the Bragg cell. To see this 
we note that the angular size (in radians) of the light incident on the CCD is 
given by Ajaser/Lcen, the ratio of the laser wavelength to the length of the cell, just 
as the beam size for an aperture antenna with diameter D is given by A/D. The 
first-order diffraction condition (so that all the rays arrive in phase at the CCD) 
is given by AgratingSINO= 1 X Ajaser Where Agrating 18 the corrugation wavelength in 
the cell. Now Agrating Can be written as Veeu/f where veen is the sound velocity and 
fis the input RF frequency. Approximating sin 0 by 0, we find the total angular 
range over the total frequency range given by A@/Af=Ajaser/Voey. The number of 
channels is then given by the range divided by resolution, 


N= Aaser Leal _ Lee 


= Af = TAS, (27.24) 
Veal lasek Vcell 


where Tis the propagation time through the length of the cell. The quantity T Af 
is known as the time—bandwidth product of the cell. Materials used for Bragg 
cells include quartz, lithium niobate, and glass. A spectrometer for radio 
astronomy might use cells with a 200-MHz bandwidth and a time—bandwidth 
product of one thousand. 


27.6 Chirp-z spectrometry 


The chirp-z spectrometer is shown in Figure 27.7. Also known as the microscan 
or compressive receiver, it uses a dispersive filter and a swept L.O. While it 
appears to be a swept spectrum analyzer, it is actually a multiplex analyzer. The 
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Figure 27.7. Chirp-z 
spectrometer. 


filter has a group delay characteristic that is linear with respect to frequency. In 
Figure 27.7, the delay is greatest for frequencies at the low end ofthe filter band. 
The local oscillator frequency is given a linear sweep or chirp, repeated in a 
sawtooth fashion with period T. The ramp rate of the L.O. (MHz/sec) is made to 
be the reciprocal of the group delay slope (seconds per megahertz) of the filter. 

Consider a continuous wave (cw) input signal. Since the L.O. is swept, the 
mixer output will also sweep in frequency. In the case ofa high-side mixer (L.O. 
frequency above the input signal frequency), the mixer output sweeps up in 
frequency at the same rate as the L.O. sweep. As the L.O. sweeps upward, the 
first signals entering the filter are at the filter’s low-frequency end. These 
signals, as they travel through the filter, are delayed the most. Frequencies 
entering the filter farther up the sweep are delayed less. But all frequencies 
arrive simultaneously at the filter output, producing a single sharp output pulse. 
If the input signal consists of two cw tones, there will be two output pulses per 
sweep. The position of the pulses in time will indicate the frequencies of the cw 
input signals. Of course this linear system can handle any combination, 1.e., 
spectrum, of input signals. The output data rate from the squarer is equal to the 
input data rate so additional circuitry (the digital accumulator in Figure 27.7) is 
required for signal averaging. 

The principal application of chirp-z spectrometers has been in electronic 
warfare — as surveillance receivers to sense radar or communication signals 
over a wide spectrum and with a high probability of intercept. To find the 
effective number of channels in this spectrometer we can first consider the 
output pulse produced by a single cw input signal. This output pulse is produced 
by a coherent superposition of frequencies over the entire bandwidth, B, of the 
filter. The width of this pulse is therefore given by 1/B. Dividing the total output 
time T by the pulse width, the effective number of channels is given by TB, the 
time—bandwidth product, just as with the Bragg cell spectrometer. 

Dispersive filters used for chirp-z spectrometry are usually surface acoustic 
wave devices. Piezoelectric transducers convert the input signal into mechanical 
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surface waves and then back again to an electrical output signal. In one design, 
diffraction gratings on the surface of the crystal are arranged to make the input- 
to-output path length longer for low-frequency waves than for higher frequency 
waves. Surface-wave dispersive filters can have bandwidths of hundreds of 
MHZ and time—bandwidth products of several hundred. Dispersive filters are 
also made from charge-coupled devices (CCDs). Generically these filters are 
allpass networks and the first dispersive filters were cascades of many second- 
order allpass sections. (The number of sections required is equal to the time— 
bandwidth product.) Note: the filters are not just allpass networks; they are 
usually given some amplitude “taper,” 1.e., the amplitude response is made to 
roll off at the band edges, in order to eliminate the “sidelobes” of the instru- 
mental function that result from uniform amplitude response. The same is done 
with the AOS; the transmission of the Bragg cell is reduced near the ends. 


Problem 27.1. For the Gaussian probability density, (V)=(2n07) *“ exp(—V7/20°), 


verify that 
| sow =: and | rowa =o. 


Problem 27.2. (a) The noise-like signals observed in radio astronomy can be modeled 
as a comb of delta functions in frequency space — a picket fence of sine waves. Use your 
computer to generate 50 sine waves spanning the angular frequency range 1.00—1.10. Let 
these frequencies be somewhat random, e.g., 0,= 21(1+0.002n +0.05 rnd(1)) where 
rnd(1) is a random variable in the range zero to one. Give each sine wave a random 
starting phase, @, = 10 rnd( 1). Plot the sum of the sine waves as a function of time for +=0 
to t=20 using a time interval of 0.1. This narrowband spectrum should look quite 
sinusoidal but with a slowly varying phase and amplitude. 

(b) Repeat this exercise but with the angular frequency range extending from 1 to 2, 
i.e., @,= 2m(1+0.05n + 0.05 rnd(1)). This wideband spectrum should look like random 
noise. 

(c) In either case, (a) or (b), the resulting voltage (sum) behaves like a random variable 
with Gaussian statistics. Plot a histogram of voltage samples to verify this. 


Problem 27.3. Suppose a random signal is produced by applying an ideal lowpass 
filter to white noise. The resulting power spectrum is flat from dc to the filter cutoff 
frequency w.. Show that the normalized autocorrelation function is given by p(t)=sin 
(@,T)/(@,T). 


Problem 27.4. Derive the VanVleck relation, Equation (27.13), that gives the one-bit 
autocorrelation function in terms of the (normalized) autocorrelation function. Use the 
bivariate Gaussian probability density function, Equation (27.15), where x, and x2 
represent the voltages V(t) and V(t+r), and 0, =02. Since the product sign(x;) sign(x2) 
is equal to +1 in the first and third quadrants and —1 in the second and fourth quadrants, 
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the expectation of sign(x,) sign(x2) is the integral of f(x;,x2) over xı and x2, weighted 
by +1 or—1 according to the quadrant. Hint: change to polar coordinates and keep a table 
of integrals handy. 


Problem 27.5. If the dispersive filter used in the chirp-z spectrometer or pulse com- 
pression radar 1s given an impulse (delta function in time), what sort of output waveform 
does it produce? 
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CHAPTER 


S-parameter circuit analysis 


The S-parameter (scattering parameter) analysis technique for linear circuits has 
become the de facto standard in RF engineering, especially for microwave 
work, where it had its origins in WWII radar development. Physicists-turned- 
engineers, who were accustomed to analyzing the scattering (collisions) of 
atomic particles, used that term to describe the reflection and transmission of 
electromagnetic waves in electrical circuits. The resulting version of circuit 
theory, in terms of waves rather than currents and voltages, is convenient when 
working with circuits whose interconnections are transmission lines, especially 
when those lines are waveguides, where the definitions of voltage and current 
are somewhat arbitrary. The Smith chart, introduced in 1939, provided a 
familiar connection to the S-parameter method. In the 1960s, Hewlett Packard 
introduced the first network analyzers for direct S-parameter measurements. 


28.1 S-parameter definitions 


Keep in mind that the S parameters are just another set of transfer parameters, 
like the Y and Z parameters, to describe a linear circuit or circuit element at 
a given frequency. A two-port network is described equally well by 1ts four 
complex Y parameters, its four complex Z parameters, or its four complex 
S parameters. Knowing one set of parameters, we can calculate any other set. 


28.1.1 S parameter of a one-port network 
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A resistor, the simplest circuit element, can be described by a single param- 
eter, its resistance, R, the ratio of voltage to current. It can be equally well 
described by its conductance, G, the ratio of current to voltage. The conver- 
sion between these parameter choices is particularly simple: G=1/R. When a 
resistor 1s mounted in a coaxial connector as a dummy load, we regard it 
as a one-port RF device and often describe it by its reflection coefficient, 
T =(R-Z,)/(R+Zo), where Zo, the reference impedance, is often 50 ohms. We 
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saw in Chapter 10 that I is the ratio of the reflected wave amplitude to the 
incident wave amplitude when a wave arrives at the resistor by way of a 
transmission line of characteristic impedance Zp. This ratio can be the ratio 
of either the voltages or currents of the reflected and incident waves, since 
these ratios are equal. The reflection coefficient is denoted as S11, and is the 
one and only S parameter for a one-port device. The subscripts refer to a wave 
leaving port 1 as a result of a wave entering port 1. Using the familiar formula 
for reflection coefficient, the S parameter of an arbitrary one-port is given by 
S11 =(Z-Zp)(Z+Zo), where Z is the impedance upon which the wave is 
incident and Zp is a reference impedance. 


28.1.2 S parameters for a general n-port network 


Figure 28.1. Forward and 
reverse waves at the ports of a 
network. 


Let us now define the S parameters of a general n-port device, examples of 
which include attenuators, filters and amplifiers (two-port devices), two-way 
power splitters (three-port devices), and directional couplers (four-port devi- 
ces). For any properly terminated n-port device, S; is the ratio of the (complex) 
amplitude of the wave exiting port i to the (complex) amplitude of a wave 
incident on port j. Note that, when i =j, the S parameter is a reflection coefficient 
and, when i4j, the S parameter is a transmission coefficient. An n-port device 
will have n* S parameters. Figure 28.1, shows a two-port network reviewing 
how the input and output currents are written in terms of the amplitudes of 
forward and reverse waves at each port. 
The S parameters for a two-port network are defined as follows: 


_ Vire o V trey 
11 = 12 = 
Viitwa Vara = 0 Vaswd aid 
y; rev y; rev 
y a AN ~~ (28.1) 
1 2 
Vara =0 Vitwa = O 


Forward wave Forward wave 
ca isl 


Reverse wave Two-port Reverse wave 
AAA network — 


V; = Vi fwd + Vi rev V = Votwa + Vorev 


I, = hiwd a h rev h = lotwd = Drey 


Zo Zo Zo Zo 


Vs=10V 


0.1 uF 
Vin C 
Function AJ 
generator 
Carefully check your circuit against the 


diagram. 

After you check your circuit, follow these 
steps, and record your measurements in the 
blank table following the steps. 

1. Connect the oscilloscope probe for channel 
2 to a jumper wire connected to Vin, and 
then connect the ground clip to a jumper 
wire attached to the ground bus. 

2. Connect the oscilloscope probe for channel 
1 to a jumper wire connected to V out , and 
then connect the ground clip to a jumper 
wire attached to the ground bus. 

3. Set the function generator to generate a 
10 kHz sine wave with approximately 0.2 V pp 


4. Measure and record V in and V out 
5. Change the components to those listed in 
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The condition that the device be properly terminated means that when the 
S-parameters are measured or calculated, each port must be connected to a load 
impedance equal to the value assigned to that port. Port impedance assign- 
ments are usually obvious. If an amplifier is designed to be driven by a 
50-ohm source and to feed a 50-ohm load, the input and output ports will 
both be designated as 50-ohm ports. The one-port dummy load discussed 
above, if it contains a 50-ohm resistor, would surely be specified by the 
supplier as having [=0 (or some very small value). Note, however, that the 
same 50-ohm device would have a reflection coefficient of (50—100)/ 
(50+100)=-—1/3, at a port with an assigned impedance of 100 ohms. When 
port impedances have been assigned and the corresponding S parameters are 
measured or calculated, the device is totally characterized; if necessary, one 
can use this set of S parameters to calculate a new set of S parameters, 
corresponding to different port impedances. 


28.1.3 S parameters for an example network 


Figure 28.2. Example network 
whose S parameters are 
calculated. 


Let us calculate the S parameters for the network shown in Figure 28.2, which 
contains two passive elements Z, and Z2, which can be resistances or reactances 
or both, i.e., Z; =R, + 1X, and Z2 = R> +34). Interconnection wires are consid- 
ered to be infinitesimally short. We will assume 50-ohm port assignments. 

To calculate S¡¡, we apply the proper termination, 50 ohms, to port 2 as 
shown in the figure. Sj, is then the reflection coefficient at port 1, 1.e., $11 = 
(Zin —Zo)/(Zin+Zo), where Zin is the impedance looking into port 1. By inspection 
we see that Z,,=Z, + Z | | 50 = Z + (50 Z,) /⁄ Z2 + 50). Substituting this 
expression into the expression for Iin, we find 


B Zi — 50 + 502 / (Zo + 50) 


Sy == AAA 
= Z +50 + 50Z)/(Z> + 50) 


(28.2) 


——+ ( V,=-501) 


50 


S51 = Vo/ ( a) 
2 


S11 =Tin=l( Vi-h Zo) / (Vy +1 Zo) 
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We calculate S55 with the same method, but now terminating port 1 with 50 
ohms. Then S22 is the reflection coefficient looking into port 2, and we find 


A A A A 
EAT 450) 507-250) 


(28.3) 
To calculate S2; (out 2, in 1) we put a 50-ohm load on port 2 and apply an 
arbitrary voltage V, to Port 1. We can then calculate the amplitude of the wave 
leaving port 2. Because port 2 is properly terminated, there will be no wave 
reflected back into it. Therefore, the amplitude of the voltage appearing at port 
2, V>, is the amplitude of the wave leaving that port. However, since S41 is not 
zero, V; is the sum of an incident wave and a reflected wave. Recalling 
the transmission line theory of Chapter 10, V1 = Vawa + Frey and A =Lpyva — Lev = 
Viwa [Zo — VievZo. Combining these two equations gives us the amplitude of 
the forward wave: Vaya = %(V¡ + Zoli). Summing up, a procedure to calculate S21 
is to apply a voltage V; to Port 1, solve for V> and /,, and then calculate $5, = V>/ 
[2(V; + Zol,)]. Carrying out this procedure, we find, after a few steps of algebra, 


2(50Z>) 


es ae 28.4 
502Z + (Zı + 50)(Z, + 50) ao 


S21 
If we do the same thing from the other side, to calculate S12, we find that 
S12 = S21, which, as we will see later, is not a coincidence. 

If, instead of directly calculating S|, from the reflection coefficient formula, 
we had applied a voltage V to port 1, as above, we would have used 
S11 = (Wi ZA V,+1,Z0). Note, then, that we can write general expressions 
for both S>; and S;; in terms of conditional ratios of linear combinations of 
voltage and current, without reference to transmission lines or reflections (or the 
internals of the two-port), just as we define the Yor Z parameters: 


V, — Zol 
y. PA (28.5) 
Vi + 2h 
AA 
V 
Sa = — (28.6) 
0.5(V1 + Zol) TE 


To get the expressions for S22 and S12, simply change ones to twos and twos to 
ones in Equations (28.5) and (28.6). 

Before leaving this example, let us look at an alternative way to calculate S12 
or S21. Rather than connecting an arbitrary voltage generator directly to port 1, 
we use a 2-V generator and make the connection through a 50-ohm resistor. If 
the resulting source (the 2-V generator and the 50-ohm series resistor) were 
connected to a properly terminated 50-ohm cable (or just to another 50 ohm 
resistor), it would produce a forward wave with an amplitude of 1 V. And if it is 
connected to a mismatched load, it will still produce a 1-V forward wave. A 
mismatched load will produce a reflection, but since the source has a 50-ohm 
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Figure 28.3. Alternate circuit for 
calculation of 55,. 


28.1.4 Normalization 
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S21 = Vo 


impedance, the reflected wave is totally absorbed and the forward wave main- 
tains its 1-V amplitude. Thus, to calculate S2; we simply excite the network with 
this source and calculate V2, since S21= Vəfwa Virwa= Va! Vitwa = V2. This is 
shown in Figure 28.3. 


When the ports of a device are not all assigned the same impedance, it is 
common to normalize S-parameter magnitudes, 1.e., the magnitude of Sy is 
taken as the square root of the ratio of power emerging from port i to power 
entering port j when all other ports are terminated in their assigned impedances. 


28.2 Circuit analysis using $ parameters 


Writing the relations between the independent variables (ingoing or “forward” 
waves) and dependent variables (outgoing or “reverse” waves) for a two-port 
network in matrix-like form, we have 


Virev = Sii iwa + S12V wa (28.7) 


Vorey = 521 Vifwa + 822 V2twd- (28.8) 


Let us use these two equations to solve a basic network problem: finding the 
reflection coefficient at port 1 of a two-port network when port 2 is connected to 
an arbitrary load, as shown in Figure 28.4. 

As we have noted, the load can be specified by its reflection coefficient, Ti. 
That immediately requires that Vara = IL Vorew 1.e., a fraction Ty, of the wave 
leaving port 2 is reflected back into port 2. We will set Vi y 4 to unity so that the 
reflection coefficient at port 1 will be V;,.,. Equations (28.7) and (28.8) then 
become 


View = Si 2 Ls (28.9) 


Vorey = S21 : 1 + S221 z Varev. (28.10) 
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Figure 28.4. Atwo-port network 
with an arbitrary load. 
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Vitwd = 1 Vorwd =I V2rev 


Two-port 
network 


Solving Equation (28.10) for V>,., and substituting into Equation (28.9), we find 


S121 81 


Vin = Virev = S Io grn“ 
lre uty Sr; 


(28.11) 
If we simply turn things around, we see that the reflection coefficient seen 
at port 2 is obtained by interchanging 1’s and 2’s and S”s and L’s in this 
expression, 1.8., 


S211'581> 


Lim lier S — 
out 2re 2+ TST. 


(28.12) 


28.2.1 Signal flow graphs 


A convenient aid to S-parameter circuit analysis is the signal flow graph — a 
directed graph that represents a set of linear equations. A signal flow graph for 
the circuit discussed above is shown in Figure 28.5(a). 

The nodes (dots) on the graph correspond to the magnitudes of the forward 
and reverse waves. The branches (lines) are labeled with the transfer coeffi- 
cients (S parameters) that determine the node values. Equations (28.7) and 
(28.8) are contained in this graph. Consider for example the node at the upper 
right, V>,¢y. Only two branches are directed toward this node, one from Vi 4.4 
and one from Vzfwa. Summing the contributions that arrive through these 
branches we write Vzrey = S21 Vigwa + S22 Vora, Which is just Equation (28.8). 
On this graph, the load is represented by a branch which indicates that 
Vaswa=Y'L Vorev The source, which could be the 2-V generator and series 50- 
ohm resistor, produces a forward wave with a magnitude of one, which is 
represented on the graph by assigning the value unity to the left-most node, 
Viewa. Let us now see how we can use the graph to arrive at our previous result 
for the reflection coefficient, Virev. Inspecting the graph, we see that if we first 
find the value of V>,.y, we will immediately be able to write 


Vier = Maelo PL (28.13) 
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Vorev Varev 

Vitwd =1 Vitwd 

S21 1 \ S21 

Vs 
PL I's EE 
ye S42 V. GE S12 pa 

Vi rev Voswd ney Votwd 

(a) (b) 
Figure 28.5. (a) Signal flow by following the two paths into the node Vrey. Focusing on the node V>,.,, see 


graph for the circuit of Figure 28.4; that two branches are directed into it, so we write V>,ey = 1:S21 + Vorey TL So 
(b) e but ie whose from which Vorev=1:821/(1—T 1). Substituting this into Equation (28.13) produ- 
Impedance Is no i 

P : Ces Virrey = S14 + ine S1> S21 1-T1), as before. 


28.2.2 Two-port transmission and reflection with arbitrary source 
and load impedances 


Let us now look at the same circuit, but with an imperfect source, i.e., a source 
having a reflection coefficient I's 4 0. The signal flow graph, Figure 28.5(b), 
acquires two extra branches. One is I's, which steers some of the reflection from 
the two-port around, contributing to Via. The other branch comes from a node, 
Vs, which is the forward wave the source would produce at a matched input 
port. Our goal is to solve for V>,.,, the wave transmitted to the load. Examining 
the graph, we write simultaneous equations for V>,., and Vi gya: 


Varev = ViewaS21 + Varevl LS2 (28.14) 


Vitwa = Vs + VitwaSii ls + Varo LS 11 s. (28.15) 
Eliminating Vifwa, we have our desired result: 


VsS21 


__A —_ _______Q_»>E __— 28.16 
(1 —TLS22)(1 — P's811) — S12821PLFs 


Varey = 


Note: if the identification of the equations for V>,., and Vip q is too great a 
reach, the reader can readily identify equations for all four variables: 


Vrey = VitwaS21 + VrtwaS22 
Vatwa = Varevl L 

Viry = VrewaSi2 + VifwdS11 
Vitwa = Vs + Virevl s 


and then eliminate Vara and Vrey to obtain Equations (28.14) and (28.15). 
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Figure 28.6. Signal flow graph 
for a source driving a load. The 
source would supply a forward 
wave of amplitude Vs to a load 
for which T, =0. 
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When the two-port is an amplifier, we often want to find the gain. There are 
several definitions of gain. The operating power gain is just the ratio of the net 
power delivered to the load to the net power delivered by the source. The 
transducer gain is the ratio of the net power delivered to the load to the 
power available from the source, and the available power gain is the ratio of 
the power available from the amplifier divided by the power available from the 
source. Let us calculate the operating power gain. The net power delivered to the 
load is the power of the wave into the load, |V>,ey|-, minus the power of the wave 
leaving the load, |. Vos 16. Pioad = Vos (i= lea ). The net power 
delivered by the source is the power of the wave from the source minus the 
power reflected back into the source, 1.¢., Psource = | Virev Pa = Vial), where I; 
is the reflection coefficient already calculated (Equation 28.11). To find Vi gy, 
we can substitute the expression for V>,.y back into Equation (28.13). Stirring 
this all together, we find 


Sa (1 — [PL |”) 


LE (28.17) 
1 — TtS2 (1 — [Fin]? 


Goperating — 
To calculate the other gain expressions, we must find expressions for the 
available powers. Figure 28.6 shows a load connected to a generator. Again, 
this is a generator that would supply Vs volts to a resistive load of Zp ohms. 
From this signal flow graph we see that Vwa = Vs + Viwa FL Es or Vwa = Vs! 
(1-T T's). The net power to the load is | Via Zo View Zo = | Viwa F AELA. 
We know that maximum power is transferred to the load when Z =Zs*, from 
which I', =I’s*. Putting this together, the maximum available power from the 
source becomes |Vs|7/[Z) (1—-lI's|*)]. In the same way, the maximum available 
power from the network is | Varo [Zo (Pou: 5]. Finally, we can also find the 
voltage amplification factor Ay = V>/V;, since we know that Vi =V fwa — Virev 
and Va =Vaswa — Varv- 


28.3 Stability of an active two-port (amplifier) 


If the input impedance measured at any port of a device has a negative real part — 
a negative resistance — the device can supply power. Obviously this can only 
occur with active devices, such as amplifiers, which are connected to an external 
source of power. An impedance with a negative resistance value produces a 
reflection coefficient, I, whose magnitude is greater than unity (Problem 28.2). 
Thus, if |S; >1, the device has the potential for oscillation. It will oscillate 
unless the port 1s terminated with an impedance whose real part is larger than the 
negative resistance of the port. To see if an amplifier is potentially unstable, we 
check whether there are any values of load impedance that will make |I in| > 1 
and also whether there are any values of source impedance that will make 
out] > 1. Consider first the load impedances. We use the expression for Tj, 
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Figure 28.7. Output stability 
circle in the T, plane. 
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Im. 


J Output stability circle 


Radius 


Center 


Re PL 


given in Equation (28.11) and find all the values of I, that will make |I;;,,| =1. 
These values of T'i will form a closed curve, always a circle,' that divides the PT, 
plane into two regions. The values of I’, in one region result in |T;,|< 1, while 
the values of T' in the other region result in |I';,|> 1 (potential instability). You 
can use Equation (28.11) to show that the circle in the T; plane, called the output 
stability circle, will be centered at the point 


Sin — APS 
P (center point) = 2 2 i (28.18) 
1S221"—|A] 
where A=511822 — S128521, and will have a radius given by 
SiS 
rad, = L. (28.19) 
|So2/°—|A| 


Figure 28.7 shows an example of an output stability circle. Suppose we have 
found that the “good” values of T', are in the region outside the output stability 
circle (for example, by verifying that |I;,|< 1 for Fg =0). For this example, the 
output stability circle partially overlaps the |I[;,|=1 circle. Values of Ty, in the 
overlap region are “bad” values; they will give the amplifier a negative input 
resistance, even though these I’, values correspond to passive loads. The “bad” 
values outside the overlap region all have || >1 so they represent loads with 
negative resistance. These values could be important if the load is not passive, 
for example, the input of an amplifier which might have |I’;,,|> 1. 


' The locus of points |F;,|= 1 is a circle in the Tin plane. The expression for Ti» (Equation 28.11) can 
be written in the form I;,(z) = (a+b T,)/(c+d T1), where a, b, c, and d are constants. This form, a 
bilinear transformation, maps circles to circles. Thus the values of T; that map to a circle in the Tin 
plane must form a circle in the I', plane. In the same way, the constant resistance and constant 
reactance circles on the Smith chart (T plane) are mapped from the Z-plane, where they are 
segments of infinite-radius circles (lines). 
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As you can imagine, input stability circles are found in the same way. 
Interchange twos and ones in Equations (28.18) and (28.19) to get the radius 
and center point for the input stability circle. If both the output and input 
stability circles lie totally outside the I <1 circle, an amplifier is uncondi- 
tionally stable, 1.e., no combination of passive terminations will cause it to 
oscillate. 


28.4 Cascaded two-ports 


Figure 28.8. Circuit for 
calculation of overall $ 
parameters for a cascade of two 
two-port devices having 
S-parameter sets {S^} and {5°}. 


Two-port devices are often connected in series, as in cascades of amplifiers and 
filters or in amplifiers, as cascades of components. Obviously a cascade of 
two two-port devices must be equivalent to a single two-port device, and the 
S parameters of the equivalent device must be functions of the S parameters of 
the individual devices. In Figure 28.8, a cascade is fed by a reflectionless source 
providing a wave of amplitude unity. We place a reflectionless load at the far 
end. Therefore, the wave reflected back into the source will be S,,, while the 
wave incident on the load will be S51. 

Because of the matched load and matched source, this circuit 1s quite simple 
to analyze. Let x represent the value of the signal at the top center, the forward 
wave into device B. By inspection of the graph we can immediately write 
an equation for x: x=S4,, + x 8,85, or rs Therefore 
Su =S ut x8? 812 or 


Seas SS. Mess) (28.20) 


Note that we had earlier found the reflection coefficient of a two-port terminated 
by an arbitrary load. In this case the arbitrary load is just S”),. Again by 
inspection, S2; is Just xS?,, or 


MES ls ss (28.21) 


Interchanging Ss with S”’s and ones with twos gives us the remaining two 
S parameters: 


S22 = SË, + 525458 / (1-545?) (28.22) 


S E Ss (28.23) 


Matched 0 
source 


Tį=0 Matched 
load 
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Figure 28.9. An amplifier drawn 
as a cascade of two-port 
networks. 


28.5 Reciprocity 
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In an amplifier, transistors are obvious two-port devices. Shunt and series 
impedances can also be treated as two ports, as shown in Figure 28.9, which 
shows that they are just special cases of the network of Figure 28.2. 


In circuit theory, a common statement of the reciprocity theorem is that if a 
voltage source V is inserted into any branch of a circuit, branch n, say, and it 
causes a current of / amps to flow in branch m, then the same current, /, would 
flow in branch n if the voltage source had been inserted in branch m. This is a 
conditional theorem; the circuit must contain only passive linear elements (no 
tubes or transistors or other dependent sources). Moreover, the circuit must not 
contain nonreciprocal elements, 1.e., circulators or isolators which are micro- 
wave components that contain ferrites — magnetic materials in which the 
permeability is a tensor (H and B are not in the same direction). We used this 
theorem in Chapter 20 to find the relation between an antenna’s receiving 
performance (effective capture area) and its transmitting performance (direc- 
tional gain). In the context of S-parameter analysis, the theorem requires that 
Si¡= Sj, 1.€., the S matrix must be symmetric, even when the circuit itself is not 
symmetric, as in Figure 28.2. (Reciprocity takes the same form with the Z and Y 
parameters; Z; =Z; and Y,;= Y;;.) 


28.6 Lossless networks 


A lossless network contains no resistive elements. For such networks, conser- 
vation of energy requires that the average total power going into the network be 
equal to the average total power leaving the network. (In S-parameter analysis 
we are dealing with ac, so the averaging time, strictly speaking, should be an 
integral number of cycles.) Let us see how the constraint of energy conservation 
puts constraints on the S parameters. 

Suppose we connect a generator of output impedance Zp to port i of an N-port 
network while all the other ports are properly terminated. Let this generator 
supply a forward wave whose amplitude is unity. No power will flow into the 
network from the other ports, since they all have nonreflective terminations. 
Assuming normalized impedances, the total power flowing into the network is 
therefore 1. The total power flowing out will be the sum of |§;|°, the power 
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reflected back into the generator plus SiS summed over the other ports. 
Putting this into a single sum and equating the powers, we have 


N 
>> |S = 1. (28.24) 
j=l 


This says that the sum of the squared magnitudes of any column of the S matrix 
must be unity, if the network is lossless. And, since S;;=S;;, the same is true for 
any row. Next, consider the situation where power is fed simultaneously into 
two ports. Let us apply a forward wave of amplitude V; to port i and a forward 
wave of amplitude V, to port k. Again, we use reflectionless generators 
(Zout = Zo) and terminate the other N—2 ports in Zp. The total input power will 
be |? + |V”. This must equal the total output power, which is the sum of the 


squares of the magnitudes of the waves leaving the ports, 1.e., 


N 
2 
VEH = $ [iSi + VieSie) | - (28.25) 
j=l 


Expanding the right-hand side we find 


N N N 
PPP PY s HA sal Re (rr 5) (28.26) 
j=1 j=l j=l 


From Equation (28.24), we see that the first two terms on the right are equal to 
the first two terms on the left, leaving us with 


N 
0 = 2Re (vr; `S ss) (28.27) 


Since V; and V; are arbitrary, their product could be entirely real or entirely 
imaginary which requires that, for i Æ k, 


N 
N SS; = 0. (28.28) 
jal 


Thus, for a lossless network, the “dot product” of one column of the S matrix 
times the complex conjugate of any different column, must be zero. The same is 
true for rows since S= Sj; 

Let us apply Equations (28.24) and (28.28) to a lossless two-port network. A 
general two-port is described by four complex S parameters, 1.e., eight real 
numbers. If the network is reciprocal, S; = S;;, reducing the eight real numbers 
to six. If the network is lossless, Equation (28.24) gives us |S8>4|° + |Sy,/°=1°. 
Thus the magnitude of the transmitted wave is determined completely by the 
magnitude of the reflected wave, |S>,|" = 1—|S1,|7, i.e., we could determine the 
bandpass shape of a lossless filter by just measuring its input reflection 
coefficient (with the output correctly terminated). Equation (28.24) also 


the next row of the table (Circuit + 2 in this 
case.) You should turn off the power to the 
circuit before changing components to avoid 
Shorting leads together. 

6. Measure and record Vin and V out 

7. Repeat steps 5 and 6 until you have 
recorded V in and V out in the last row of the 
table. 

8. Determine B for each of the transistors 
used in this project. Insert the transistors one 
at a time into the circuit you built in Project 
3-1 to take this measurement. 

9. For each transistor, record B in the 
following table. 


MIS 


PN2222 


PN2222 
2N3904 


Expected Results 


Figure 8.13 shows the breadboarded Circuit + 
La 
Figure 8.13 
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gives us |Si2|7 + |S2,/=1. With these two equations, the number of real 
parameters drops to four. Note that, from these two equations, it also follows 
that |82,/=15,1]?. Next we apply Equation (28.28), giving us 


Sisi + 521955 =p. (28.29) 


This appears to be two equations (real and imaginary parts), but actually 
amounts to only one equation [1]. To see this we express the S parameters in 
polar form as S11 = [S1 lel", S22 = [511 \e!”, and S21 = (1- 151119) e. Putting 
these expressions, which contain four parameters, into Equation (28.28) 
will give us [eJ(9:70) + eilé=02)] = 0, from which 0, =24— 0, +(2n+1)x where 
n is an integer. Any odd multiple of a will be equivalent, so we can set 
0,=2¢— 0, +a. Thus we see that a lossless two-port network can be completely 
specified by only three real numbers, |S; ¡|, O, and œ. 

If we have a vector reflectometer (a one-port network analyzer) and measure 
S11 and S», for a lossless two-port, we will have values for |5¡¡|, 01, |S>2| and 
0,. Writing $ in terms of 0, and 0, gives 9=[0, + 0, — (2n+1)z]/2. If n is 
increased by one, @ changes by n. Therefore, while measurements of either S11 
or S22 let us calculate the magnitude of S12, measurements of both S1; and S22 
allow us also to calculate the phase of S12, but with a 180° ambiguity. (To see 
that this must be the case, suppose we attach a half-wave cable to one side of 
a two-port network. Then S4; and S55 will remain unchanged, but S$), will 
change by 180°.) 

Since it can be described by three real numbers, a lossless two-port can 
also be modeled (for one frequency) as a network containing three parame- 
ters. As an example of such a network, suppose we start with the capacitor, 
which, if paralleled with a 50-ohm resistor, would produce an impedance Z, 
such that |((1—-Z)/(1+Z)|=|S},|. Let this capacitor be a shunt element to ground. 
To its left, install a 50-ohm cable with the length needed to get the correct 
phase for S¡¡. To its right, install a 50-ohm cable whose length produces the 
specified phase for S22. One capacitor value and two lengths make up the 
three parameters. 

Finally, since a lossless two-port must contain only reactors (no resistors), Z 
or Y-parameter analysis will show that the Z or Y parameters must be completely 
imaginary. Add in reciprocity, and four imaginary numbers become three 
imaginary numbers, showing us again that a lossless two-port can be specified 
by three parameters. 


Three-port lossless networks 
We saw in Chapter 15 that hybrids are four-port networks that are completely 
matched, that is, the impedance looking into any port will be equal to Zo if the 
other three ports are terminated in Zp). Let us show by contradiction that a 
lossless reciprocal three-port network cannot have this property. Suppose, 
then, that we have a matched three-port, i.e., 
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Figure 28.10. 6-dB matched 
power divider. 


Directional couplers 
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0 Si Si 
sela © Sel. (28.30) 
Siz3 S3 0 


where we have also assumed reciprocity, 1.€., S21=812, 523=832, and S,3=831. 
Applying Equation (28.28) to rows one and two, we find S13 S23 =0. One of 
these parameters must be zero, say, S13. The S matrix then becomes 


0 Sy 0 
Sel Sis 0 Sul. (28.31) 
0 Ss 0 


Finally, applying Equation (28.24) to row one yields S¡,=0 and applying it to 
row three yields S23 =Q. 

Thus, if a lossless reciprocal three-port network is matched, all of its elements 
are zero. Power going in any port is totally absorbed — the opposite of lossless. 
Three resistors, each of value Z)/3 in “T” connection, as shown in Figure 28.10, 
form a matched but lossy three-port network that is often used as a power 
divider. 

A circulator is a matched nonreciprocal device; it contains ferrite material. 
You can show (Problem 28.4) that any lossless matched three-port must be a 
circulator. Power entering port 1 exits from port 2; power entering port 2 exits 
from port 3; and power entering port 3 exits from port 1. 


In Chapter 15 we looked at hybrids, which are 3-dB directional couplers. From 
Equations (28.24) and (28.28) it can be shown that any lossless matched (S;;=0 
for all 7) reciprocal four-port network must be a directional coupler and that, 
conversely, and directional coupler will be matched. Figure 28.11 is a signal 
flow graph of the general directional coupler. Opposite ports are isolated from 
each other, 1.e., S¡4=0 and S23 = 0. The real number c is the coupling coefficient. 
If c=0.1 for example, the power coupling is c?=0.01 and the device is a 20-dB 
directional coupler. For hybrids, c* = 1/2. 
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Figure 28.11. Directional 
coupler signal flow graph. 


Problems 
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2R 2F 


S21 = S42 = cel? E 
| 


1F 
1R 


| 
S31 = S43 = Vc?-1 el®13 AH 


~~ Sug = Say = calza 


3F 3R 


From Equation (28.28) you can show that 
eli 020) 4 On) — q, (28.32) 
which imposes the condition 


01 = O24 = 013 = 034 ET. (28.33) 


Problem 28.1. The net power absorbed by a load is P = (|V ewal /Zo)— 1/2 (\Veevl” Zo), 
i.e., the net power delivered to the load. Show that this is equal to the power expressed by 
the current voltage product at the load, P= Re(V/*). 


Problem 28.2. Show that if the real part of Z is negative, the reflection coefficient, (Z- 
Zo)/(Z+Zo), will have a magnitude greater than unity. 


Problem 28.3. Derive an expression for S4; of a two-port in terms of its Y parameters. 
Hint: use Equation (28.5), together with the definition of the Y parameters: 
L, =V¡Y¡¡ + Vo Yi and b= V,Y,¡ + V2¥Y22. Remember that port 2 is terminated in Zp. 


Problem 28.4. Three 50-ohm transmission lines are connected as shown in the figure 
to form a three-port network. The electrical lengths of these lines are 0), 02, and 63. Find 
the S parameters of this network. Hint: first find the S parameters when lengths are zero 
and then determine the appropriate phase factors. 


Problem 28.5. Draw a circuit for a three-port network whose S parameters are all zero. 


Problem 28.6. Show that a matched three-port device must be a circulator. Hint: write 
down the S matrix with zeros on the diagonal (the matching condition) but do not assume 
Sy = Sj for the off-diagonal elements. Use Equations (28.24) and (28.28). 
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Problem 28.7. A linear three-port network has ports 2 and 3 terminated with I> and T3, 
respectively. Find the reflection coefficient, T, looking into port 1. Hint: the signal flow 
graph is shown below. A forward wave of magnitude 1 is assigned to port 1. Select 
the two intermediate points, y and z, and find their values by first writing an equation for 
each one by inspection of the graph. Then, by inspection of the graph, I = S11 + y T3 S13 + 
z I> Si. 


Linear 3-port 
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CHAPTER 


2 


Power supplies 


Power supplies provide the constant dc voltage(s) used to power amplifiers, 
oscillators, and logic circuitry. As switching frequencies increase, RF engineers 
need to understand switching power supply techniques, which are often incor- 
porated in the designs of high-efficiency RF amplifiers, and power supply 
designers need to learn RF techniques. Conventional power supplies, originally 
known as “battery eliminators,” operate from the ac power line and are usually 
transformer/rectifier/filter combinations. Dc-to-dc converters are called switch- 
ing power supplies. Both conventional and switching power supplies are dis- 
cussed in this chapter. 


29.1 Full-wave rectifier 


Figure 29.1. Choke-input power 
supplies: (a) full-wave; (b) full- 
wave bridge. 


Probably the most straightforward circuit combines a full-wave rectifier with a 
choke-input filter. A “choke” is an inductor which ideally has infinite induc- 
tance and no dc resistance. Two such power supplies are shown in Figure 29.1. 


dl 


) 
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The full-wave rectifier delivers power on both the positive and negative 
halves of the input ac waveform. The bridge version does not require a center- 
tapped transformer and needs only half as much copper in the secondary wind- 
ing, since it uses the entire secondary winding on both halves of the cycle. The 
two-rectifier circuit, on the other hand, has only half as much rectifier voltage 
drop and, for that reason, is usually chosen for low-voltage supplies (five volts 
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Figure 29.2. Voltage waveform 
at the filter input. The average 
value of this waveform is the dc 


voltage at the output of the filter. 


Power supplies 


(V) =2Vpk/T 


or less) in order to maintain high efficiency. For either circuit, the voltage at 
point “A” should be as shown in Figure 29.2. 


29.1.1 Inherent regulation of the choke-input power supply 


Here regulation means voltage stability with respect to changes in the load, R. 
(A separate consideration is regulation with respect to variations in the input ac 
voltage.) It is important to see that a choke-input power supply provides 
constant output voltage as long as the current through the choke is never zero. 
Here is why: If the current through the choke is not zero, then either one rectifier 
(or rectifier pair) or the other is forward biased and has nearly zero voltage drop. 
The left side of the choke is therefore always connected to the transformer 
secondary and the voltage will be as shown in Figure 29.2, complete half-cycle 
cusps from zero to Vpx, the peak secondary voltage. This waveform, in as much 
as it derives from an almost ideal voltage source (the power line), is practically 
independent of load current. Its average value is Vpk(2/7). Since there can be no 
de voltage across an (ideal) inductor, the de component on Ry is the same, Vpr 
(2/1), and the regulation is perfect except for the small ohmic losses in the 
rectifiers, transformer windings and choke, and any leakage inductance in the 
transformer. 

Let us see what is necessary to maintain a nonzero current in the 
choke. The L-section LC filter suppresses ripple, so the ac voltage at the 
right-hand side of the inductor is negligible compared to the ac voltage at 
the left-hand side. At the left-hand side, most of the ac voltage is the 120- 
Hz component of the rectifier output. Since the peak rectifier voltage is V,, 
the peak voltage of the 120-Hz Fourier component is 4V,1/31=0.42 V x. The 
peak ac current through the choke will be 4V,,/(3z@L). To keep the current 
from turning off the rectifiers and bottoming out, the dc current must be 
greater than this peak ac current. Therefore we have 2V MR) > 4Vpx/ 
GroL) or L > 2R,/3@. This minimum inductance is known as the critical 
inductance, 


critical = 2R1 /30. (29.1) 


In some applications the load may vary such that the current drops to very low 
values, even zero. A minimum current can be guaranteed by paralleling a 
“bleeder” resistor across the load. Unfortunately, the resistor will consume 
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Figure 29.3. Power supply with 
a resonant filter. 


Ripple 
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ao 


some power. High-voltage power supplies often include a bleeder for safety; 1t 
discharges the filter capacitor when the supply is turned off. Another method to 
maintain constant current is to use a “swinging” choke which has high induc- 
tance when needed (1.e., at low current) but presents lower, though still suffi- 
cient, inductance at high current, where the core goes into partial saturation. 


The £ and C form a simple L-section lowpass filter. In a full-wave power supply 
the peak value of the “ripple,” the 120-Hz sine wave at the input of the filter 
(left-hand side of the choke) is 0.42 Vpx. The capacitor will normally have a 
reactance much smaller than the load resistance, R, so we can find the output 
ripple voltage by considering just the Z and C as a voltage divider: 


DAV Xc 


V vipple(peak) = X-X . (29,2) 


Sometimes a resonant LC circuit is used, as in Figure 29.3, as a bandpass filter to 
suppress the primary ripple frequency even more. 


29.2 Half-wave rectifier 


The simplest rectifier circuit, shown in Figure 29.4, uses a single diode. With 
just a load resistor (no filtering), the output waveform is zero during the negative 
half-cycles of the 60-Hz line voltage. 

Obviously this arrangement does not make good use of the transformer 
secondary. Moreover, if we add the series L, shunt C filter to get a smooth dc 
output, the voltage waveform at a point “A” will float upward by an amount 
depending on the load and there will be no inherent voltage regulation. The 
solution is to add a “freewheeling” diode, as shown in Figure 29.5. 

When the voltage at the top of the secondary becomes negative and “dis- 
connects” the top diode, the freewheeling diode conducts and continues to 
supply current (from ground) to the inductor. The voltage at the left-hand side 
of the choke is therefore always the positive secondary voltage or zero volts, just 
as in Figure 29.4(b), and the circuit can have the inherent regulation of the full- 
wave choke-input power supply. 


409 


(a) 


Figure 29.4. Simple half-wave 
rectifier circuit. 


Figure 29.5. A half-wave circuit 
can also have choke-input 
regulation if a freewheeling 
diode is included. 


Power supplies 


(b) 


Freewheeling diode 


The simplest power supplies use an RC filter, substituting a resistor for the 
inductor. Power is wasted in the resistor and regulation 1s poor; the average 
voltage at the rectifier output depends on the load. Of course, for many low- 
power devices that draw constant current or can tolerate voltage variations, 
these disadvantages are slight, and this is the kind of circuit you will find in 
“wall wart” de power adapters. 


29,3 Electronically regulated power supplies 


If a basic power supply, such as any of those described above, is followed by a 
series “pass transistor,” a feedback circuit can control the pass transistor”s 
resistance to maintain an extremely constant output voltage. A typical circuit 
is shown in Figure 29.6. 

Note that the pass transistor is used as a series “dropping resistor.” An 
alternate regulator circuit uses a series resistor followed by a parallel transistor 
as an active bleeder resistor to make a shunt-regulated power supply. These 
regulator circuits, really just class-A dc amplifiers with negative feedback, 
operate by dissipating power. Laboratory power supplies use this kind of 
circuitry to achieve precise regulation and to allow the user to set the desired 
voltage, as well as a protective current limit. If the load tries to exceed the 
current limit, the circuitry switches from a voltage regulation mode to a current 
regulation mode. 


410 Radio-frequency electronics: Circuits and applications 


Figure 29.6. Electronically Heat 
regulated power supply. Ss 


ref es 
Feedback 


29.4 Three-phase rectifiers 


R 


Big power supplies, like big motors, benefit from three-phase power which 
allows more efficient power transmission and lighter transformers. Let us 
examine a few common circuits. Figure 29.7 shows a three-phase half-wave 
supply. 


AC in 


Figure 29.7. Three-phase half- 
wave power supply. 


This is already an improvement over the full-wave single phase supply. The 
voltage at the input to the choke has a higher ripple frequency (180 rather than 
120 Hz) and much less ripple, since the voltage at point “A” is always greater 
than Vpk /2. Choke-input filters can be used without the need for freewheeling 
diode(s). A three-phase full-wave rectifier is shown in Figure 29.8. 


AC in 
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Figure 29.8. Three-phase full- 
wave power supply. 
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Figure 29.9. Three-phase full- 
wave bridge power supply. 
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This circuit uses center-tapped secondary windings. The voltage at the input 
to the choke now has very low ripple and the fundamental ripple frequency is 
360 Hz (which allows even smaller values of £ and C). Note that this is really a 
six-phase circuit; each rectifier connects to one of the six phases. Note again that 
the voltage from a three-phase or six-phase rectifier set never goes to zero. 
There 1s power available from a multiphase ac line at every instant. By compar- 
ison, an ordinary single-phase ac line suffers 120 power interruptions every 
second. A dc power supply operating off a single-phase line must include at 
least one energy storage element (C or L) to ride through these “power failures.” 
On the other hand, an electronic regulator circuit like the one shown in 
Figure 29.6 could be powered by the three-phase rectifier of Figure 29.8 to 
make a de supply having no energy storage elements. Such a supply would 
dissipate some of its input power in removing the ripples. When delivering 
maximum voltage, 0.866 Vx the efficiency would be 91%. A three-phase full- 
wave bridge circuit is shown in Figure 29.9. 

This bridge rectifier has the same relation to the previous circuit as the four- 
diode full-wave bridge has to the two-diode ordinary full-wave circuit. Again 
there are six equivalent phases. You may recognize this circuit as the one used in 
automobile alternators. 


29.5 Switching converters 


Switching converters are dc-to-dc power converter circuits based on switching 
elements, often one transistor and one diode, and an inductor (sometimes the 
magnetizing inductance of a transformer). They are often used as local “board- 
level” power converters in systems with a single power bus. For example, a bus 
voltage of 20 volts dc can be converted wherever needed to power 5-volt logic 
circuitry, to furnish various positive and negative voltages for analog circuitry, 
and to drive high-voltage display systems. A switching converter can be 
preceded by a rectifier and filter capacitor to derive its input power directly 
from the ac power line. This combination, a switching power supply, 1s found, 
for example, in every line-powered computer. By varying the duty cycle of the 
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Figure 29.10. Three common 
dc-to-dc converters. 
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Vo 


RL 


Boost Buck/boost 


switching element, the de output can be precisely regulated. If the duty cycle is 
deliberately modulated, the switching converter becomes a high-efficiency 
“class-D” power amplifier used, for example, as an AM modulator for a class- 
C RF amplifier or as a high-efficiency audio amplifier in a battery-operated 
MP3 player or hearing aid. The virtues of switching converters are their high 
efficiency and light weight. Three common converter circuits are shown in 
Figure 29.10. All include a switch, an inductor, a diode, and a filter capacitor. 
(The dc input supply is shown as a battery.) 

In all these circuits an inductor provides the means by which energy is 
transferred from the supply side to the load side. 


29.5.1 Buck circuit - continuous mode 


The buck circuit is the same as a choke-input power supply fed by a half-wave 
rectifier with a freewheeling diode, except that here the filter sees rectangular 
voltage pulses rather than the positive halves of a sine wave. When the switch is 
open, the diode provides the left side of the inductor with a current path from 
ground. If the choke inductance is large enough to maintain nonzero positive 
current in the inductor, the average voltage at the input of the choke will be 
the supply voltage, V,, times the duty factor of the switch (the fraction 
of the time the switch is on). The output voltage is equal to this average 
voltage, so 1t will remain constant with respect to load changes. (Perfect 
inherent regulation with respect to load changes requires ideal components, 
e.g., no de resistance in the choke.) The duty factor may, of course, be changed 
to control the output voltage. Feedback control of the duty factor can be used 
to obtain regulation with respect variations of the input voltage. Feedback 
control will also provide very precise regulatizon with respect to load changes 
but, due to the inherent regulation, 1t will not have to make more than slight 
adjustments. 

The current through the choke ramps up while the switch is closed and 
ramps down when it is open. Since V=Ld//dt, the slope of the current up- 
ramp is a constant, equal to the supply voltage minus the output voltage divided 
by the inductance. The slope of the down-ramp is also constant, equal to the 
output voltage divided by the inductance. This operation is shown in 
Figure 29.11. 

When Vut < Vy/2 (1.e., the duty factor is < 1/2) the charging slope is steeper 
than the discharging slope and vice versa. 
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Figure 29.11. Buck supply 
operation cycle (continuous 
mode). 
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Buck circuit — discontinuous mode 


Figure 29.12. Buck supply 
operation cycle (discontinuous 
mode). 


If the inductor value is too low, the down-ramp will drain the inductor dry (zero 
current). The freewheeling diode will stop conducting and the left-hand side of 
the choke will float. The inherent regulation will be lost and output voltage will 
now be a function of the load. Figure 29.12 shows the operation cycle in this 
discontinuous mode. We will assume the capacitor is large enough to allow us to 
treat the output voltage as a constant. 


The length of the up-ramp is 7), the on time of the switch. In the discontinuous 
mode, the length of the down-ramp is the time needed for the inductor current to 
reach zero. To find the output voltage, we first note that the average current 
through the choke must be equal to the current in the load, VQy/R. From 
Figure 29.12, the average current through the choke is the area under the 
triangle divided by the length of the cycle, 1/f,,, where fw is the switching 
frequency. The duration of the down-ramp, t2, is given by L Imax/Vout- Finally, 
the up-ramp shows that J,,., 18 equal to (V,—V,ut)7¡/L. Putting all this together 
yields a quadratic equation for the output voltage, Vout. 
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Vout i Tai R Vout Ja 
— =(. 29.3 
( Vy ) T ZE V, 2L ( ) 


But while this lets us find Voy, in the discontinuous mode, we would prefer to 
avoid this mode altogether. To find the necessary critical inductance, we note 
that the discontinuous mode becomes continuous when there is no space 
between the triangular current pulses in Figure 12.12. The average current is 
then just half the height of the triangle, max /2 or 571 (Vo — Vout)/L. Since this 
average current has to be equal to Y/R, we have 


R/V 
L critical — 2a ( = 1) . (29.4) 


29.5.2 Buck/boost circuit - continuous mode 


The buck/boost circuit provides negative voltage, whose magnitude can be 
greater than the supply voltage. In this circuit, energy is pumped into the 
inductor while the switch is closed and is then transferred to the load when 
the switch is open. The inductor current vs. time, shown in Figure 29.11, also 
applies for the buck/boost circuit in the continuous mode. While the switch is 
closed, the inductor current ramps up linearly. The diode is back-biased during 
this time so the load side is disconnected. When the switch opens, the inductor 
current remains continuous, supplied now by the load via the diode. Since 
current is drawn from the load, the output voltage is negative. For the up- 
ramp we have A/= V,7¡/L. For the down-ramp we have AJ=—V,,;7,/L. The up 
and down ramps have equal current excursions, AZ, so we have 


Va =. (29.5) 
T2 


Note that, in the continuous mode, the output voltage is also inherently regu- 
lated, i.e., independent of the load. 


Buck/boost circuit — discontinuous mode 


Figure 29.13 shows the voltage and current waveforms for this circuit in the 
discontinuous mode. The analysis is not much different from that of the buck 
circuit. The maximum inductor current is given by fmax= 7, Vp/L and also by 
Lmax = 772 hour L SO T2 = T1 Vo outl. Again, the load current is given by | Vo. /R and 
must equal the average current furnished by the inductor. The latter 1s the area 
under the 7, triangle divided by the cycle length, 1/f,,, so we have 


out] o l Í Vor Vor 


O AAA 29.6 
R 77” mb 2 Vout z” (A 


Solving for Vout gives 
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Figure 29.13. Buck/boost 
operation (discontinuous mode). 


29.5.3 Boost circuit - 


wR 
Vo ror (29.7) 


As before, the output voltage in this mode is a function of the load, so inherent 
regulation is lost. The critical inductance needed to stay out of this discontin- 
uous mode is the subject of Problem 29.6(a). 


continuous mode 


The boost circuit, like the buck/boost circuit, uses the inductor for energy 
storage. For the boost circuit, Figure 20.11 again represents the current in the 
inductor for the continuous mode. The inductor’s charge and discharge become 
Al/t, = Vy/L and Al/t, = (Von -Vi)/L. The boosted voltage is therefore 

TI 

Vout = Vo ( T a) (29.8) 


2 


Once again the continuous mode provides inherent regulation. 


Boost circuit — discontinuous mode 


Finally, we have the case of the discontinuous mode for the boost circuit. 
Figure 29.14 shows J, and VA vs. time. Again the current ramps up from zero 
when the switch is closed and ramps back down to zero when it is opened. As 
before, we assume the filter capacitor, C, is large so that Vut is constant. In this 
case the maximum inductor current is given by Imax” Tı Vy/L and also by Imax" 
T(Vour-V_/LE so T= TV AMV ou Vo). Again, the current into the load is given by 
Vou/R and must equal the average current furnished by the inductor. The latter is 
the area under the n triangle divided by the cycle length, 1/f,,, so we have 


Vout __ l 


RT 5 Plmax)sw = 


S (29.9) 


Figure 29.14. Boost supply 
operation cycle (discontinuous 
mode). 


29.5.4 Cuk converter 
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Rearranging gives us a quadratic equation for Vou, 


wR 
Vw T Ve) = e ~ 


(29.10) 


In all three converter designs discussed above, an inductor is used as an 
energy storage element, to pass power from the input side to the output side. 
The Cuk converter circuit, shown in Figure 29.15, uses a capacitor for this 
purpose. 

The input and output inductors filter out ac currents (ripple). Their inductan- 
ces can be large and, hence, they will store little pulsating energy. Unlike the 
previous converters, this converter will have negligible ripple currents at both 
input and output sides. Note also that the capacitor provides dc isolation 
between the input and output circuits, a useful feature for some applications. 
Like the buck/boost converter, the output voltage is negative and, for the 
continuous mode, is given by Wut =— Vin 71/77. This can be seen as follows: 
Assume that the current in each inductor is essentially just a de current, 1.e., that 
the inductances are large enough to make any ripple currents very small. When 
the switch is off (open), current /, (from Z,) and current J, (from L2) converge 
and flow through the diode to ground. During this time, Va will, therefore, be 
zero, except for a small voltage drop across the diode. During this off period, of 
duration t2, the capacitor will receive an amount of charge Ocharge = UW t/2)t2. 
When the switch is closed, Va will go negative. The diode therefore stops 
conducting and J flows into the capacitor. During this on period, of duration 
Tı, the capacitor will therefore be (dis)charged by an amount Odischarge = 1271. 
In steady state, the capacitor must have same charge at the end of every cycle, 
so we can equate Odischarge ANd Ocharge to find 


(h + hb), => (29.11) 
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Figure 29.15. Cuk converter 
uses a capacitor to transfer 
energy from input to output. 
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(b) 


Next, consider that the input power from the de supply must equal the power 
delivered to the load, since there are nominally no lossy components in the 
circuit. Setting Lin Vin = Zout hout, We have 


A NE (29.12) 


Combining these two equations and using the fact that = —Voy,/R, we confirm 
that 


Vout = —Vin(t2/71). (29.13) 


The waveforms are shown in Figure 29.15(b), for the continuous mode, which 
will be the operating mode unless the inductor values are too small. To verify 
these waveforms, remember that during the on period, Va =—Vcap and during 
the off period, Vg =Vcap. Moreover, there can be no average dc across the 
inductors, so (Va)71/1= Voy and (Vg) to/t= Vin, Where T= 1147. 


29.5.5 Transformer-coupled converters 


When the dc input is derived from a rectifier connected directly to the ac power 
line, the three basic converters are modified by incorporating an isolation 
transformer. The transformer provides isolation from the power line, required 
for safety whenever external connections will be made to the circuitry powered 
by the converter. Operating at a high frequency, this transformer can be much 
smaller and lighter than a 60-Hz transformer of equivalent power. Transformer 
versions of the buck/boost and boost converters are known as flyback converters 
and can provide voltage of either polarity. Flyback converters require no 
inductor apart from the transformer. The inductance needed for energy storage 
is provided by the magnetizing inductance of the transformer. Positive and 
negative output flyback circuits are shown in Figure 29.16. 
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Figure 29.16. Flyback 
converters. 


Figure 29.17 Forward 
converter. 
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When the switch is closed, the diode disconnects the secondary and a ramp 
current flows in the primary, storing magnetic energy. When the switch is 
opened the transformer discharges, just as in the simple buck/boost circuit, 
except that now the discharge 1s through the secondary winding. (The magnetic 
energy does not care which winding carries the discharge current.) 

The transformer version of the buck converter is the forward converter 
shown in Figure 29.17. Here the original choke remains; the transformer is an 
additional component. 

While the switch is pulsed on, the transformer secondary supplies power to 
the load. Here the transformer is used as a real transformer rather than as an 
energy storage device. The turns ratio of the transformer, as well as the duty 
factor of the switch and the primary supply voltage, determine the output 
voltage. There is a problem, however, with opening the switch since there 
will be current flowing in the magnetizing inductance. (Remember that the 
magnetizing inductance is an equivalent shunt inductance on the primary side 
equal to the inductance of the primary winding or, just as well, a shunt 
inductance on the secondary side equal to the inductance of the secondary 
winding.) Even if the transformer has a high magnetizing inductance, there 
will be some stored energy when the switch is opened. A third winding can be 
provided, as shown above, to discharge this energy back into the primary 
supply, so that it is not wasted. This winding is sometimes called a reset winding 
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since 1t resets the transformer to zero energy, readying 1t for the next pulse. In the 
forward converter, the transformer secondary delivers a stiff voltage pulse, i.e., a 
pulse from an equivalent low-impedance voltage generator. This circuit therefore 
needs a choke and a freewheeling diode to provide inherent voltage regulation. 


Problem 29.1. The half-wave power supply shown below supplies 25 volts de at 0.2 
amps to the load (shown as a resistor). Assume the components are ideal and that the 
capacitor is large enough so that the ac voltage at the output (ripple) is very small. 


60 Hz ac 
120 Vims 


(a) Assuming the inductance of the choke is large enough to maintain positive current, 
sketch the voltage waveform at point “A.” 

(b) The value of the average voltage at “A” must be 25 volts since there is no de drop 
across the choke. Find the rms voltage, Vo / v2, across the transformer secondary. 
Answer: 55.5 V rms. 

(c) Calculate the peak value of the dominant ac component (the 60-Hz component) 
of the voltage at “A,” 1.e., find its Fourier amplitude. If you have trouble with this, 
estimate the magnitude of this component from your sketch. Answer: 39.3 V peak. 

(d) Use the result from (c) to find the critical inductance of the choke, 1.e., the inductance 
just large enough to keep the current in the choke always positive. Answer: 0.52 H. 

(e) What value should the capacitor have to make the 60-Hz ripple at the output be less 
than 100 mV rms? Answer: 3700 uF. 


Problem 29.2. Consider the common half-wave capacitor-input power supply shown 
below. 


A 
60 H ; so 
Zac | c | 


The resistors r and R represent, respectively, the ohmic resistance of the diode and the 
load resistance. Assume that the transformer is perfect and that C is large enough to make 
any ac voltage at the output negligible. Suppose that the peak voltage on the transformer 
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secondary is 10 volts, and that the values ofr and R are 1 ohm and 20 ohms. Calculate the 
output voltage, Vac. Hint: the average current through the diode is equal to the current in 
the load, V¿¿/20. Current flows in the diode only when the voltage at the top of the 
transformer secondary is greater than Vac; the instantaneous value of the current is 
(10 cos O — Vac)/1. Integrate this current over one cycle to find its average and set this 
expression equal to V¿¿/20. You willl need a calculator to solve for the angle at which the 
current stops flowing. Answer: 7.51 V. 


Problem 29.3. A not-so-common choke-input half-wave power supply is shown 
below. This circuit, without the free-wheeling diode, will not provide the inherent 
regulation of the circuit of Problem 19.1. If the load is constant, however, regulation is 
not important and with this circuit the voltage can be lowered (with no power loss) by 
increasing the inductance of the choke. Assume as before that the value of the capacitor is 
large enough to make any ac voltage at the output negligible. 


L 
60 Hz ac R 
cl 


(a) Draw a sketch showing the voltage at point “A” and the current in the inductor. Hint: 
remember that V=Ld//dt. It may help you to consider the cases where R is very large 
and where R is very small. 

(b) Ifthe 60-Hz voltage at the transformer secondary is 10 sin(wt) and the output voltage 
is 5 volts, find duty cycle of the diode, 1.e., the angle at which the diode goes into 
conduction (where the diode becomes forward biased) and the angle at which it goes 
out of conduction (where the choke goes dry, 1.e., choke current goes to zero). 

(c) Ifthe output current is 1 ampere, find the value of L. 


Problem 29.4. Show that when an uncharged capacitor is brought to potential V by 
connecting it through a resistor to a battery of voltage V, the energy supplied by battery is 
twice the energy deposited in the capacitor (CV? versus CV?/2), i.e., the transfer is only 
50% efficient even if the value of the resistor is made very small. 


Problem 29.5. Draw the voltage waveform at point “A” for continuous mode operation 
of the buck, buck/boost, and boost converters (see Figures 29.12, 29.13, and 29.14). 


Problem 29.6. Find the critical inductance needed to stay out of the discontinuous 
mode (a) for the buck/boost converter of Figure 29.13, and (b) for the boost converter of 
Figure 29.14. 


Problem 29.7. The diagram below shows a circuit for a class-S amplifier (switching 
amplifier). This could be an audio amplifier, in which case the load resistor represents a 
loudspeaker. The transistors operate as switches, 1.e., fully on or fully off. The voltage on the 
left-hand side of the inductor is always either zero or V... The average value of this voltage 
appears at the right-hand side of the inductor and also on the load (except that C> blocks dc). 
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(a) When the signal is zero, the duty cycle must be 50%. For this case, draw the 
waveforms of the currents in the inductor, O, D1, Q2, and Do. 

(b) For this zero signal case, explain why there is no net energy flow from the power 
supply. 


RLOAD 


Problem 29.8. The circuit shown below, a blocking oscillator, is essentially a self- 

excited switching converter. The transformer has three windings. Assume they are 

perfectly coupled and have equal inductance, L. The current from the de supply is a 

positive ramp during the first half of the cycle while the transistor is on. If the magnetic 

core does not saturate, this ramp ends when the transistor goes out of saturation, 1.e., 

when /, =p. The transistor quickly turns off and the stored energy in the transformer is 

returned to the power supply via the diode. 

(a) Show that the frequency is given by f=R/(46L). (Assume the base-to-emitter 
junction is a short circuit.) Sketch the waveforms of the collector voltage and of 
the collector and diode currents. 

(b) Show that, if the magnetic core saturates before the transistor goes out of saturation, 
this circuit is a VCO or voltage-to-frequency converter. 


[1] Kassakian, J.G., Schlect, M.F., and Verghese, G.C. Principles of Power 
Electronics, Addison Wesley, 1991. 

[2] Mohan, N., Undeland, T. M. and Robbins, W. P. Power Electronics, 2nd edn, New 
York: John Wiley, 1995. 


oscilloscope attached to the circuit. 


Figure 8.15 
Black lead Red lead Channel 2 
from power Channel 2 from power oscilloscope 
supply ground clip supply probe 
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generator 

Channel 1 Channel 1 Black lead 

oscilloscope ground clip from function 

probe generator 
The input signal is represented by the upper 
sine wave shown in Figure 8.16 , and the 
output signal is represented by the lower sine 
wave. Read the number of divisions for the 
peak-to-peak output sine wave, and multiply it 


by the corresponding VOLTS/DIV setting to 
determine V out 


Figure 8.16 


CHAPTER 


RF test equipment 


In RF work, as in low-frequency work, test instruments generally are designed 
either to analyze signals, or to determine parameters of components and 
systems. Signal analysis ranges from simple voltage, current, and power meas- 
urements to measurements of frequency, relative phase, frequency stability, 
modulation characteristics, RF field strength, and spectrum analysis. Parameter 
measurements range from simple resistance and reactance measurements 
through measurements of transfer characteristics of linear multiport devices 
(filter shapes, amplifier frequency response, etc.), and distortion (dynamic 
range, intermodulation). Parameter measurements require a signal generator 
to provide the stimulus whose response is measured. It is now common for 
measurement instruments to include built-in signal generators, but free-standing 
signal generators are widely used in specialized test setups. 


30.1 Power measurements 
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Power measurements, as pointed out in Chapter 18, are best made with a 
square-law detector. If the waveform is unknown or noisy (1.e., has a random 
component), a square-law detector must be used, as power, by definition, 1s 
proportional to the average square of voltage. If the signal waveform is known, 
e.g., a sine wave, the power can also be calculated, for example, from a 
measurement of (|V(t)|). Commercial RF power meters normally present a 
50-ohm impedance to source being measured, allowing a reflectionless con- 
nection to a 50-ohm cable. 

Thermistor (temperature-dependent resistor) power meters are true square- 
law instruments and have a dynamic range typically from 1 uW (—30 dBm) to 
100mW (20dBm). The power to be measured heats a thermistor which is 
one leg of a Wheatstone bridge circuit.' A feedback circuit supplies de or 


' With one end of the thermistor at ground, the RF signal is coupled to the other end through a de 
blocking capacitor. A series RF choke isolates the input signal from the rest of the bridge circuit. 
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low-frequency ac power to heat the a second reference thermistor in an adjacent 
leg in the bridge. When the heater power is equal to the input RF power, the two 
thermistors come to equal resistance values and the bridge is balanced. A 
feedback control circuit keeps the bridge balanced. The voltage x current 
product of the reference thermistor is calculated and this power is displayed. 
These instruments use small “bead”-type thermistors with very small heat 
capacities, so that when the power changes, the reading will come to equili- 
brium within less than one second. More refined circuits provide better com- 
pensation for changes in ambient temperature. Similar instruments use 
thermocouples instead of thermistors. 

Powers down to about 10? uW (-60 dBm) can be measured with carefully 
calibrated diode-based power meters. An upper limit results from the need to 
keep the signal low enough that the fourth and higher even power terms in the 
diode J vs. V curve will be negligible (see Chapter 18). A typical upper limit is 
100mW (20 dBm). Thus, the nominal dynamic range of a diode-based power 
meter is three orders of magnitude greater than that of the thermistor-based 
power meter. However, when used to measure signals with high crest factors 
(signals such as noise or multiple carriers, whose peak powers greatly exceed 
their average power), the upper limit of the diode meters must be derated in 
order to preserve measurement accuracy. 

Power meters measure the power a source would deliver to a standard 
impedance, usually 50+30. Directional power meters measure the power travel- 
ing in each direction along a transmission line. This is best done with two power 
meters connected to a directional coupler with a low coupling factor. Negligible 
power is diverted from the main line and, in principle, the device introduces no 
reflections. Directional power meters are often installed permanently in the 
transmission line connecting an antenna to a transmitter as they show both 
that the transmitter is putting out its rated power and that the antenna is 
operating properly. Many times the reflected power detector is used to turn 
the transmitter off automatically or reduce power when a disturbance to the 
antenna has caused abnormal reflected power. 

Flow calorimeters are used for high-power measurements and sometimes for 
low-power mm-wave signals. These contain a liquid-cooled load resistor 
(“dummy load’’). The fluid temperature is measured on both sides of the load 
to get the temperature difference (a thermocouple pair can be used). The flow 
rate must also be measured. Note that all the power measurements discussed 
above are “true rms” measurements; they do not require that the unknown 
voltage be sinusoidal. 


30.2 Voltage measurements 


Probing any circuit with a voltmeter always inevitably “loads down” the circuit 
to some degree, so it is necessary that the impedance of the voltmeter be much 
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Figure 30.1. (a) 
Superheterodyne vector 
voltmeter; (b) phase-locked low- 
frequency oscillator drives 
sampling mixers. 


Limiters 
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greater than the equivalent Thévenin source impedance of the node being 
probed. For low-frequency work, it is sufficient that the meter probe present 
high shunt resistance. For RF work, the meter must present high shunt reactance 
as well. 

An early innovative instrument was the vector voltmeter that displayed phase 
as well as amplitude. Since phase is relative, the instrument had an auxiliary 
“reference” input. A simplified circuit is shown in Figure 30.1(a). The signal 
and reference signal are both converted down to a low IF frequency, 20 kHz, 
and amplified. By mixing with identical L.O. signals, the relative phases are 
left unchanged. One channel is fed to a diode peak detector, to measure 
the amplitude. Both channels are fed to limiting amplifiers. The outputs of the 
limiters are used to produce a pulse whose duty factor is proportional to the 
phase difference or to operate a start/stop counter. 

Figure 30.1(b) shows how the IF frequency was kept constant over the 1 MHz 
to 1 GHz range of the instrument. Sample and hold (S&H) circuits were used as 
mixers: an integral multiple of the sampling frequency differed by 20 kHz from 
the input frequency, causing the outputs of the S&H units to form a staircase 
version of a 20 kHz sine wave.” A phase lock loop controlled the sampling to 
keep the IF signal at 20 kHz. This scheme was also used in the receiver sections 
of vector network analyzers (VNAs), discussed below, instruments which have 
superseded the vector voltmeter. 


30.3 Spectrum analysis 


Spectrum analyzers, once called “panoramic receivers”, are superheterodyne 
receivers with swept local oscillators. A nonlinear IF amplifier provides a 
logarithmic output voltage, 1.e., the detector output is proportional to the log 
of the input signal power. This output is displayed on the Y-axis of a display 


2 With the sampling frequency low compared to the input frequency, the output of the sampler 
is an “aliased” version of the input, like the stroboscopic effect in movies or television that 
makes fast turning wheels slow down or appear to rotate backward. 


425 


Input signal )\——+ 


Sawtooth generator 


RF test equipment 


Logarithmic amplifer 


Detector 
i“ 


OS) 


2nd L.O. (fixed) 


1st L.O. (VCO) 


Figure 30.2. Spectrum analyzer. 


while the X-axis is swept in sync with the local oscillator. The display is 
therefore a graph of signal strength vs. frequency. RF spectrum analyzers 
usually have a wide range such as 10 MHz to 20 GHz. A block diagram for 
such an instrument is shown in Figure 30.2. 

A swept-frequency spectrum analyzer using a CRT has objectionable flicker 
in situations where the sweep time must be greater than about 1/20 second. The 
sweeping filter must spend a time at least equal to the reciprocal of its bandwidth 
on each frequency to get the desired resolution. The total sweep time must 
therefore be greater than the effective number of points divided by the reso- 
lution bandwidth which is the same as the frequency span divided by the square 
of the resolution bandwidth. For example, if it is necessary to analyze a span of 
20 kHz with 200 effective points, the resolution bandwidth would be 20 000/ 
200 = 100 Hz and the sweep time would have to be two seconds. Digital storage 
is a solution to the flicker problem when the unknown spectrum is stable (not 
noise-like) and when the total sweep time (time to acquire the spectrum) is not 
objectionable. 

Multiplex spectrum analyzers, as opposed to swept-frequency spectrum 
analyzers, evaluate all the spectral points simultaneously. The probability of 
intercept is 100%, 1.e., a signal that pops up momentarily will not be lost 
because the instrument is off scanning a different part of the band. Moreover, 
at low frequencies, parallel processors vastly increase the measurement speed. 
DSP chips calculate fast Fourier transforms in low-frequency spectrum ana- 
lyzers and can be built into swept spectrum analyzers to extend the low- 
frequency range. FFT processors are even included as a feature in many 
oscilloscopes. 


30.4 Impedance measurements 


The simplest instrument for impedance measurement was the so-called O meter, 
shown in Figure 30.3, an instrument for testing inductors. It provided the values 
of both the reactive part and the resistive part of the impedance. The circuit, 
shown in Figure 30.3, is very simple, and can be set up quickly in the lab in lieu 
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Figure 30.3. Q meter. 


of a suitable instrument. A signal generator provides a fairly constant sine wave 
voltage V, across r, a low-value resistor. The variable capacitor is tuned to 
maximize Vç, the voltage across the capacitor. This maximum occurs when 
Xc=X (series resonance). The operator can read the capacitance dial and, 
knowing the generator frequency, calculate the unknown inductance. At series 
resonance, the current through the device-under-test (D.U.T.) is just V,/r so V, = 
Xcl = (Xc/r)V,.= OputV, and, therefore, Q = V/V. 

The operation of the O meter assumes that the O of the variable capacitor is 
very much higher than the O of the inductor to be tested. This is almost always 
true in RF work, and for this reason, there was no similar instrument to measure 
capacitors. 


30.4.1 Impedance bridges 


At low frequencies (where lumped components are practical) impedance can be 


measured directly with a straightforward bridge such as shown in Figure 30.4. 
Figure 30.4. Impedance bridge. 


To detector 


Detector — 


CP 


If the device under test (D.U.T.) is purely resistive, the variable capacitor, C, 
will be set to the same value as the fixed capacitor C4. It is convenient to use a 
variable capacitor with a midpoint capacitance equal to C4. The front panel 
“CPARALLEL dial is offset so that this point is marked zero. If the load has an 
inductive component, the bridge can be balanced by setting C to less than C). 
The dial then indicates a negative capacitance which the operator interprets as a 
parallel inductance. The value of the variable resistor is indicated on its dial as 
“RPARALLEL’ This kind of bridge was made famous by the Boonton Electronics 
Corporation’s “RX meter.” The RX meter used an amplified detector, actually a 
superheterodyne circuit. 


"Aparallel 
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Amateur radio operators use a version of this bridge, the “noise bridge,” in 
which the signal generator is replaced with a wideband noise generator, usually 
a Zener diode followed by a wideband amplifier, and the null detector is 
replaced with a tuned receiver, e.g., a communications receiver. 


30.4.2 Reflectometers 


A directional coupler, e.g., a hybrid, allows the measurement of the reflection 
coefficient magnitude for one-port devices and of gain, as well as input and 
output reflections of two-port devices. In Figure 30.5, any power reflected by 
the D.U.T. is divided between the generator port, where it is absorbed by the 
matched generator and the cross-port, where 1t can be measured. 


Figure 30.5. Reflectometer. 


To calibrate the instrument, the D.U.T. is temporarily replaced by a perfect 
reflector (usually a short) and the power meter gain is adjusted for a reading 
of unity (0 dB). This kind of circuit, when used with a swept-frequency RF 
source (Sweep generator) and power display, makes a scalar network analyzer, 
as shown in Figure 30.6, where a switch is provided for two-port devices, 
such as amplifiers, to measure either reflected power or transmitted power. 


Figure 30.6. Scalar network 
analyzer. 


eee be 


Sawtooth 
generator 


Switch selects 
reflected 
or transmitted — — - 
power 


XY Display of 
power vs. freq. 


A vector reflectometer measures the phase of the reflection coefficient as well 
as its magnitude. This can be done by combining a vector voltmeter with the 
above circuit. But it is easy to build a circuit that produces a polar display, 1.e., a 
Smith chart on a CRT screen. Such a circuit is shown in Figure 30.7. 
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Figure 30.8. Vector network A swept-frequency vector reflectometer is called a vector network analyzer 


analyzer with a three-channel 


l (VNA) and is the ultimate RF test instrument. It uses a superheterodyne receiver 
tracking receiver. 


section. Figure 30.8 shows how one commercial network analyzer uses two RF 
conversions before the final conversion to baseband. This design uses sample- 
and-hold mixers with the same phase lock L.O. circuit used in the vector 
voltmeter (Figure 30.1b). Other VNAs use straightforward fundamental mix- 
ing. Only one complete signal channel is shown, but usually two are provided, 
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30.4.3 VNA calibration 


RF test equipment 


together with a dual-trace display. Often a reversing switch is included to 
interchange ports “A” and “B” so that all four S parameters of a two-port device 
can be measured without having to turn the device around. All newer vector 
network analyzers digitize the signals after the final conversion and apply 
calibration corrections before presenting the data on the display, sending it to 
a computer, or storing it for subsequent retrieval. 


When using a VNA, coaxial cables are normally used to connect the device under 
test to the analyzer. Reflection and transmission coefficients will therefore be 
rotated on the display screen, the I plane, by an amount proportional to the length 
of the connecting cables. Moreover, these coefficients will appear too small if the 
cables have nonnegligible loss. Unless told otherwise, the analyzer knows noth- 
ing of these cables, and will assume the D.U.T. is right up against its front panel. 
Knowing the propagation constant, loss factor, and length of the cables, the 
operator could calculate the necessary corrections. But modern analyzers have 
built-in data processors to make these corrections automatically, once the operator 
has gone through a calibration procedure. At its simplest, this procedure simply 
lets the analyzer determine electrical length and loss of the cables. 


30.4.3.1 One-port calibration procedures 


If only reflection coefficients are to be measured, the analyzer could prompt 
the operator with a message such as “Substitute a short circuit for the device 
under test. Then press the CAL button and wait for the CALIBRATION 
COMPLETED prompt.” When the operator presses the CAL button, the 
analyzer steps through the selected set of frequencies and reads the phase 
and amplitude of the reflected or transmitted signal at each frequency. It stores 
these numbers and uses them to correct each data point when the operator 
replaces the short with the D.U.T. Most network analyzers provide this 
calibration as an option. However, this simple procedure is often not adequate. 
Consider the situation in which the D.U.T. does not have a 50-ohm port. An 
adapter must be used to make the transition from the end of the 50-ohm cable 
to the device port. Examples of adapters are coax-to-waveguide transitions 
and microprobes, used to probe RF integrated circuit chips. Adapters are 
seldom perfect; they nearly always introduce a reflection of their own. In 
addition, an adapter will introduce a phase shift, since its length 1s not zero. 
The 50-ohm test cable may not be perfect; 1t might have worn or otherwise 
imperfect connectors or it may have been kinked, leaving it with an internal 
point where some power is reflected. The instrument can correct errors caused 
by all these defects, as well as by the line loss and delay, if it has first been 
calibrated with a procedure that uses a sequence of three calibration standards 
rather than just one. Often the three standards are chosen to be a short, an 
open, and a load. In Figure 30.9, the D.U.T. is a microwave horn antenna and 
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the test setup includes a coax-to-waveguide transition. In this example, the 
three standards comprising the calibration kit are three waveguide shorts of 
different lengths. Let us look in detail to see why an accurate calibration 
requires three standards. 


Network analyzer calibration for S,, measurements using three standards 


In Figure 30.10, a signal flow diagram, the two-port network represents every- 
thing between the analyzer and the device to be tested, usually a cable plus an 
adapter. Either a standard or the D.U.T. is put at the right-hand side of this 
hypothetical two-port network. The S parameters of this network will be 
designated 411 , 412, 422, and A>, to distinguish them from the S parameters 
of the D.U.T., which are $11, S12, S22, and S21 or just S11, if the D.U.T. is a one- 
port device. 

For the setup of Figure 30.9, for example, the two-port network is the 
combination of the cable and the coax-to-waveguide transition. Again, neither 
the cable nor the transition needs to be perfect, nor do they need to be 
previously characterized. The analyzer outputs a wave of unit amplitude. 
The wave Tops is the signal reflected back into the analyzer. The external 
device, either one of the three standards or the device under test, has reflection 
coefficient Pex7. If the external device is the D.U.T., then P'gxry will be equal 
to S$; if the D.U.T. is a one-port device or if it is a multiport device with the 
other ports terminated in matched loads. Let us first find ops as a function of 


Dext: 
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Figure 30.10. Signal flow 
diagram for reflection 
measurement setup. 
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By inspection of the diagram, we see that the forward wave into the external 
device, V,, can be expressed as 


A 
= EV es e Phe = (30.1) 
1 — TExT42 
It follows that 
PexT421412 
B = Ay, + ——. 30.2 
OBS u +i TA, (30.2) 
Solving for gx, we find 
Toss — 411 Toss — A 
JE ÚÚÓ ——————A AAA o IT == AAA 30.3 
AO ES ee or E E a oe) 


where A, B and C are three constants (A = 411, B=4>1¡412 4411, and C = A22). 
Measuring Tops for each of the three known values of P'gxy provided in the 
CAL kit provides three simultaneous linear equations that can be solved for the 
values of A, B, and C. This is done automatically by the analyzer when one 
performs a full S4; calibration. Moreover, it is done at each discrete frequency 
contained between the start and stop frequencies. Once the calibration proce- 
dure has been run, the device under test is attached and I £xr =T pur is calcu- 
lated from Pops using Equation (30.3). 

In the discussion above, we assumed the two-port network of Figure 30.9 
included just the test cable and any adapter. But this network can represent 
everything between a hypothetically perfect network analyzer and the D.U.T; 
the three-standard calibration procedure corrects not only for the cable and 
adapter, but also for deficiencies of the analyzer itself: imperfect directivity and 
port reflection. You can see that none of these corrections are possible with the 
scalar network analyzer of Figure 30.6. 

Full calibration for two-port measurements requires that we consider the 
second cable and any adapter as another two-port network. Both networks 
must be characterized using three standards. In addition, a “through” standard 
is required. In a coaxial cable set-up, the “through” might be a coaxial male-to- 
male “bullet.” In the waveguide setup, no actual “through” device is needed; the 
coax-to-waveguide adapters connected by cables to the analyzer’s “A” and “B” 
ports are simply placed face to face. 


2.2 divisions 
peak-to-peak 


4.2 divisions 
peak-to-peak 
As you measure Vin and V out for each 
circuit, you may need to adjust the TIME/DIV 
control, VOLTS/DIV control, and vertical 
POSITION controls on the oscilloscope. The 


controls shown in Figure 8.17 are adjusted to 
measure V in and V out for Circuit + 2. 
Figure 8.17 
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30.5 Noise figure meter 


| H| 


The automatic noise figure meter, Figure 30.11, consists of a tuneable receiver, 
power meter, and calibrated noise source. 
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Figure 30.11. Automatic noise 
figure meter. 


Problems 


In principle, the noise figure of a D.U.T., often an amplifier, can be deter- 
mined without the use of an external noise source. The noise spectral density at 
the D.U.T. output can be measured using a power meter, a filter whose bandpass 
shape is known, and, usually, an auxiliary high-gain amplifier whose gain and 
noise figure are known. The D.U.T. gain can be measured if a calibrated sine 
wave source is also available. But when a calibrated noise source is used, the 
shape of the filter and the gain and noise figure of the auxiliary amplifier need 
not be known. We define 7;,. 
input of the D.U.T. when the noise source is turned off and equivalent to a 50- 
ohm resistor at the ambient temperature, To. When turned on, the calibrated 


as the equivalent system noise temperature at the 


noise generator has an equivalent noise temperature Thot. The instrument turns 
the noise generator on and off and calculates the power ratio Y= Pon/Pofe. AS 
ys — (Tho YToy/ 
(Y-1). If the D.U.T. has high gain, its equivalent noise temperature, Tpur, 1S 


explained in Chapter 17, the system temperature is given by 7; 


essentially equal to 7,,,. But if the D.U.T. has low gain, correction must be made 


ys: 
for the noise in the rest of the system, 1.e., the rest of the noise meter. Note that, 
by operating the switch that bypasses the D.U.T, the noise meter can measure its 


own noise temperature and then calculate the noise figure of the D.U.T. 


Problem 30.1. In testing a high-power transmitter with a water-cooled dummy load it 
is found that the water leaving the dummy load is hotter by 10 degrees Celsius than the 
water entering the load. If the flow rate is 10 liters/second, what is the output power of the 
transmitter? (1 calorie =4.18 joules.) 


Problem 30.2. Sketch a digital circuit to provide a numerical phase readout for the 
vector voltmeter of Figure 30.1. Hint: use a start/stop counter in place of the S/R 
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flipflop. Include provision to count multiple turns, 1.e., give the readout a range of 360 
degrees x n. 


Problem 30.3. Design a three-short vector network analyzer calibration kit for WR430 
waveguide (width =4.30 inches). Assume that the midband frequency is 2.38 GHz. 
Determine the lengths of the three shorts so that, at midband, their reflection coefficients 
are as different as they can be, in order to reduce systematic errors. 


Problem 30.4. After building the calibration kit of Problem 30.3, how would you 
measure the reflection coefficient of the waveguide-to-coax transition? 


Hewlett Packard Application Note 1287-1 “Understanding the fundamental principles 
of vector network analyzers.” 

Hewlett Packard Application Note 1287-2 “Exploring the architecture of vector network 
analyzers.” 

Hewlett Packard Application Note 1287-3 “Applying error corrections to vector net- 
work analyzer measurements.” 
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leakage inductance, 166 
magnetizing inductance, 166 
mechanical analogue, 169 
transmission line, 175 
transistor 
equivalent circuits, 214 
hybrid-1 model, 215 
noise in, 338 
transmission line, 101-116 
characteristic impedance, 101 
coaxial, 114 
microstrip, 101, 116 
modification of impedance by, 106 
phase velocity, 104 
vs. waveguide, 201 


vacuum tube, 293 

vector network analyzer (VNA), 428 
vector voltmeter, 424 

Venus, 370 

video compression, 251 

VSWR, 105 


waveguide, 195-203 
impedance, 201 
junctions, 202, 203 
loss, 204 
matching, 202 
phase velocity, 198 
rectangular, fundamental mode, 196 
wall currents, 200 
wavelength in, 199 
waves, electromagnetic, 1, 259 
Weaver, D. K. Jr., 82 


Y parameters, 148, 209 


Z parameters, 209 
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b FIG. 14. 
124 2/1 128 AAA 
AH 140 


Time/div control set 
to 50 usec/div 


Channel 1 set to Channel 1 vertical Channel 2 vertical Channel 2 set to 
0.5 volts/div position knob position knob 0.1 volts/div 


Your values should be close to those shown 
in the following table. 


174 


The measured values of AV are quite close 
to the calculated values of AV, well within 
variations that could be caused by the + 5 
percent tolerance specified for the resistor 
values. Also, the variation in transistor £6 had 
no effect on the measured values of AV. 

19 The AC voltage gain for the circuit 
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1 
RADIOMETER GENERATOR 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

The invention relates to a self-contained system for 
utilizing environmentally available radiant energy, spe- 
cifically infra-red energy, to provide a new source of 
electrical energy. 

2. Description of the Prior Art 

- Many proposals have been made in the prior art for 
the conversion of environmentally available radiant 
energy directly into electrical energy. Specifically, it 
has been proposed to use the thermoelectric, piezoelec- 
tric, and photovoltaic effects for this purpose. Typical 
U.S. patents showing such generators are U.S. Pat. Nos. 
3,757,146 granted Sept. 4, 1973, 3,198,969 granted Aug. 
3, 1965, and 3,296,469 granted Jan. 3, 1967. While the 
underlying principles of such generators have been 
known for many years, attempts at the utilization of 
these principles have been beset with problems that 
have impeded the development of such pan as 
practical sources of electrical power. 

Other proposals for the conversion of infra-red en- 
ergy into electrical energy have utilized the principle of 
the decrease in magnetism of bodies, particularly iron 
and certain other metals, alloys and their compositions 
as their temperature is increased. Generators embody- 
ing this principle are disclosed in U.S. Pat. Nos. 476,093, 
granted June 14, 1892 and 2,016,100 granted Oct. 1, 
1935. Here, again, notwithstanding the apparent poten- 
tial of such generators, the art has been unable to de- 
velop the technology as a practical electrical energy 
source. Among the problems involved with such gener- 
ators is the complex and consequently expensive mag- 
netic field structure that is required. 

a phenomenon that has long been known as providing 
an output of kinetic energy from an input of radiant 
energy is the radiometer. The radiometer is an instru- 
ment that was devised by Sir William Crookes to mea- 
sure the intensity of incident radiation. It operates on 
the principle that a body delicately suspended in a vac- 
uum is apparently repelled by radiation. The instru- 
ment, in a commonly known form, includes a system of 
four spaced light-weight vanes of poor heat conductiv- 
ity which are blackened on one side, the other side 
being bright, and so suspended in a highly exhausted 
bulb that they are free to rotate about a common verti- 
cal axis with the black surfaces all facing in the same 
direction. Incident radiation from the sun or an adjacent 
warm body is absorbed and emitted by the black sur- 
faces of the vanes more than the bright surfaces, and as 
a result, gas molecules near the black surfaces are ener- 
gized and press more on the black than the bright sur- 
faces causing the vanes to rotate about their axis. The 
more intense the incident radiation, the more rapid is 
the rate of rotation. Actually, an outside source of 
lower temperature such as ice, dry ice, evaporating 
ether, or other cold material will draw radiant energy 
from the molecules causing them to move in the direc- 
- tion of the cold material, also driving the vanes. The 
container enclosing the vanes is necessary to maintain 
the high vacuum and to provide a barrier to rebound 
activated molecules back to the vanes, driving them 
- further. 

The radiometer is described i in a series of papers that 
= were published in the Philosophical Transactions of the 
Royal Society of London (1873-1881). Reference is 
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made particularly to Paragraphs 145-148. The publica- 
tion entitled “RADIANT MATTER’, A Resume of 
the Principal Lectures and Papers by Prof. William 
Crookes on the Fourth State of Matter”, published by 
James W. Queen & Co., No. 924 Chestnut Street, Phila- 
delphia Pennsylvania also is concerned with the phe- 
nomenon. 

In another form of radiation responsive instrument 
which he called the otheoscope and that is described 
also in the aforementioned Philosophical Transactions, 
particularly in Paragraphs 450-454, Crookes provided a 
larger radiant energy absorbing and emitting surface 
consisting of a large stationary plate of good heat con- 
ductivity having a blackened surface. Thus, in the othe- 
oscope the surface that generates the molecular distur- 
bance is not the one that rotates. The blackened surface 
of the plate, however, is placed close to the movable 
vanes. Because of the larger surface area and closer 
proximity, the blackened stationary plate activates a 
greater number of molecules and directs them more 
accurately to the movable vanes resulting in a greater 
speed or rotation than is achievable by the radiometer 
with the same intensity of incident radiation. Another 
advantage of the otheoscope is that an enclosure is not 
necessary when a vacuum such as outer space is already 


present. The small space between the stationary black- 


ened surface and movable vanes provide a rebounding 
space within which molecular rebound can occur and 
rebound off a container wall is not necessary to provide 
the moving force of the vanes. Another form of the 
otheoscope involved a stationary blackened disc above 
which light-weight blades radiating from a common 
center were positioned giving the appearance of a tur- 
bine. 

Although the inventions of the radiometer and the 
otheoscope were made more than a hundred years ago, 
the only use proposed heretofore for the instruments 
and their inherent property of converting radiant en- 
ergy into kinetic energy has been the measurement of 
the intensity of radiation falling upon them. That this 
available kinetic energy might be utilized to provide a 
useful electrical energy source has gone unnoticed. This 
notwithstanding the need for new energy sources and 
the intensive search for such new energy sources that 
has long been underway. Significant in this connection 
is the highly developed technology that has been avail- 
able for the effective utilization of such kinetic energy, 
specifically the production of an output of electrical 
energy by the mechanical relative rotative motion of 
the magnetic field and the electrical conductors of the 
dynamoelectric machine. 


SUMMARY OF THE INVENTION 


An object of the invention is to bring together in a 
self-contained system apparatus embodying the princi- 
ples of the radiometer, the otheoscope, and the dynamo- 
electric machine thereby to derive, as a new source of 
energy, an output of electrical energy from the dynamo- 
electric machine directly from an input of radiant en- 
ergy to the system from the surrounding environment. 

Another object of the invention is to provide such a 
self-contained system that is characterized by light- 
weight, thereby rendering it suitable for airborne and 
space as well as terrestrial applications. 

A further object of the invention is to include in 
combination with such an electrical generating system a 
voltage amplifying device such as an induction coil. 
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A further object of the invention is to provide a series 
of such electrical generating systems each including a 
voltage amplifying device the output of which is uti- 
lized to provide a driving force for the succeeding 
stage. 

Another object of the invention is to include in com- 
bination with such an electrical generating system and 
amplifying device self-contained photon-emitting de- 
vices, for example, solid materials such as gemstones 
and specially enclosed liquids and gases thereby to pro- 
vide a self-contained photon-emitting device. 

Still another object of the invention is to provide ina 
self-contained system, combination and cluster arrange- 
ments of such electrical generating systems and ampli- 
fying devices. thereby to increase the electrical power 
output. ( 

In accomplishing the foregoing abject: and other 
objectives of the present invention, there are provided 
selfcontained radiometer and otheoscope generating 
systems for generating electrical energy from impinging 
or incident external environmental sources of radiant 
energy such as heat from the sun or any source of infra- 
red radiant energy such as a heat pipe attached to a solar 
energy heat collector, an atomic pile, an airplane en- 
gine, or in general from heat derived in way from space, 
the air, land or water. The system will function as well 
if it is giving up radiant energy to a source much colder 
than it such as ice, dry i ice, liquid nitrogen or evaporat- 
ing fluids. 

The system, In its specific aspects, includes an energy 
source such as a heat pipe, means for concentrating and 
directing the energy from the heat pipe including a 
collimator for directing and making parallel the rays of 
radiant energy to a fresnel lens and thereby to a radiant 
energy absorbing/emitting surface. There is also pro- 
vided a parabolic, hyperbolic, or elliptical mirror for 
the further reflection of rays of radiant energy and then 
focusing them on the absorbing/emitting surface. The 


system further includes a dynamoelectric machine and 


torque converter. which cooperates with the absor- 
bing/emitting surface and nearby molecules to drive the 
dynamoelectric machine. Thus the incident radiant 
energy on the absorbing/emitting surface is converted 
to kinetic molecular energy and then to kinetic mechan- 
ical energy, specifically a moment to produce the rela- 
tive rotative motion of the magnetic field and electrical 
conductors of the dynamoelectric machine. The dyna- 
moelectric machine may comprise a machine of either 
the direct or alternating current generating type. The 
rotative moment at the output of the torque converter 
provides in cooperation with the dynamoelectric ma- 
chine a capability for high electrical energy output in 
the form of high voltage or high electrical current. The 
system of the present invention is distinguished in this 
important respect from the prior art. 

In accordance with one form of the invention, the 
radiant energy absorbing/emitting surface, torque con- 
verter and dynamoelectric machine are suitably 
mounted in a highly evacuated container. The collima- 
tor, fresnel lens and mirror may be located external of 
the container. The electrical output produced by the 
system may be employed to energize electrical compo- 
nents that may be located internally or externally of the 
container, as desired, or if desired, stored in batteries for 
future use. When utilized in outer space, the container 
may be omitted since no special provision is then re- 
quired to provide the evacuated internal environment of 
the system. In this latter use, structures employing the 
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principles of the otheoscope would be most effective, 
the close disposition of the stationary blackened surface 
and movable vanes providing the necessary space 
within which molecular rebound can occur. That is to 
say, a container wall is not necessary to provide the 
moving force of the vanes, as.in the radiometer. 

In another aspect of the invention advantage is taken — 
of a special property of the highly evacuated internal 
environment of the system that solid materials such as 
gemstones, and specially enclosed liquids and gases, in 
such an environment may be caused to emit photons by 
virtue of the interaction of high-energy molecules and a — 


spanning high voltage electrical field, thus providing a | 
self-contained photon-emitting device. Such a device ` 


emits light rays useful as a beacon or for lighting living 
areas as a long term lamp that need not be turned off. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a perspective view of an embodiment of the 
system of the present invention utilizing an eee en 
generator; 

FIG. 2 is a side elevation illustrating the canna 
absorber/emitter, the torque converter, and Sy Rane 
electric machine of FIG. 1; 

FIG. 3 is an exploded perspective view of the appara- 
tus of FIG. 2; | 

FIG. 4 is a side elevation illustrating the action of 
heated molecules emitted from the radiation absor- 
ber/emitter on a vane of the torque converter after 
absorption of radiant energy by the absorber/emitter; 

FIG. 5 is a perspective view illustrating another form 
of otheoscopic generator that may be nee in the 
system of FIG. 1; 

FIGS. 6 through 11 are perspective views illustrating 
different forms of radiometer generators that may be 
employed in the system of FIG. 1; ` 

_ FIG. 12 is a perspective view illustrating a battery 


- charging system according to the present invention; 


40 


FIG. 13 is a perspective view of a self-contained 
photon-emitting ayan according to the present inven- 
tion; 

FIG. 14 is a wiring diagram illustrating a typical form 


- of induction coil that may be used in the system of FIG. 


45 


13; 

FIG. 15 is a perspective view illustrating another 
embodiment of the system of the present invention uti- 
lizing a dual otheoscopic generator and having párticu- 


lar application in outer space. 


FIGS. 16 and 17 show top plan and side elevational 
views, respectively, of the system of FIG. 15; 
FIGS. 18 through 25 illustrate top plan views of 


- combination and cluster arrangements of the system of 


55 


FIG. 15; 

FIG. 26 illustrates a perspective view of a cluster 
arrangement of the basic FIG. 15 system; 

FIG. 27 illustrates an embodiment of a dual radiome- 


ter generator for outerspace use that is enclosed in a- 


60 


65 


glass or other heat conducting container; | 
FIG. 28 illustrates an embodiment of the radiometer | 
generator and induction coil as a power amplifier; i 
FIG. 29 shows a diode rectifier circuit for use with- 
the apparatus embodiment of FIG. 28; 
FIG. 30 illustrates an embodiment linking dual otheo- 
scopic generator power amplifiers into.a chain thereby a 


providing increasingly more powerful generators; 


FIG. 31 illustrates another embodiment of a power _ 
amplification system using’ dual otheoscopic and also 
radiometric forms of generators in outer space; 
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FIG. 32 illustrates an embodiment of the invention 
employed as a lighthouse in outer space; 

FIG. 33 illustrates an embodiment of the invention 
employed as a propulsive mechanism in outer space; 
and 

FIG. 34 illustrates an embodiment of the invention 
for providing a source of coherent light. 


DESCRIPTION OF THE PREFERRED 
- EMBODIMENT | 


THE EMBODIMENTS OF FIGS. 1-11 


Referring now to the drawings, and in particular to 
FIG. 1, there is shown an otheoscopic generator com- 
prising a self-contained system indicated at 10. This 
system requires no external power for its operation, 
other than environmental incident radiation, for con- 
verting such incident radiation into useful electrical 
energy and other desired forms of radiant energy. The 
system includes a dynamoelectric machine or generator 
12 having a drive shaft 14. The output electrical current 
from the generator 12 can be alternating or direct, as 
desired. In FIG. 1, the generator 12 is shown as a minia- 
ture direct current generator having minimal inertial 
turning resistance of the shaft, minimum armature resis- 


tance, and an output voltage of 1.8 volts per 1000 RPM. 


A permanent magnet not shown provides an internal 
magnetic field. Where subsidiary current to maintain an 
internal magnetic field is required, a suitable additional 
otheoscopic generator of the type herein illustrated in 
FIG. 1 would be added to provide such current. 

The system of FIG. 1 further includes a torque con- 
verter indicated at 16 comprising a light-weight circular 


aluminum fan having a bank or plurality of light-weight 


vanes 18 each approximately 1/32” thick radiating from 


a center disc 20 attached perpendicularly to the verti- 


cally positioned drive shaft 14 of generator 12, as for 
example, with epoxy glue. 

A radiant energy absorber/emitter surface indicated 
generally by the reference numeral 22 may consist of 
lampblack painted on the upper side or surface of a plate 
23 facing the torque converter 16. The plate 23 prefera- 
bly is made of a good heat conductor such as silver, 
gold, copper or aluminum. A desired property. of the 
blackened surface is high absorbancy and emission of 
infra-red radiant energy. Material other than lampblack 
may be employed to provide the desired high absorbant 
black surface 22 for the plate 23, as is known in the art. 

The generator 12, torque converter 16 and plate 23 
with its absorber/emitter surface 22 are positioned 
within a Bell jar 24, being suitably mounted therein. 
The internal environment 26 of the Bell jar 24 consists 
of molecules representative, for example, of normal sea 
level air or other gas mixtures by design evacuated to a 
high vacuum of 15 to 100 microns of mercury pressure. 
(Note that at 1 micron of mercury pressure there are 
still 400 billion molecules per cubic centimeter of vac- 
uum space.) To this end, in FIG. 1, there is provided a 
vacuum pump 28 that is attached to the Bell jar 24 by 
way Of a suitable platform or base plate 30 on which the 
Bell jar 24 is mounted, and also by way of a vacuum 
hose 32 and high vacuum stop cock 34. -— 

The environment external of the Bell jar 24 is the 
normal sea level air for the region in which the Bell jar 
24 is located under the influence of various climatologi- 
cal and geophysical factors such as temperature, humid- 
ity, pressure, gravitational, electrical, and magnetic 
field gradients. This environment.contains many natural 
sources of radiant energy indicated generally at 38, 
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including the sun. The energy source 38 chosen for 
purposes of illustration in FIG. 1 is a 12” heat pipe 40 
that is arranged to transfer heat energy from heated 
water stored in an insulated container indicated at 42. 
The environment shown also includes a short collima- 
tor 44 that is provided to direct and make parallel the 
rays of radiant energy from the close source of radiant 
energy, the heat pipe 40. The collimator 44 directs the 
radiant energy to a fresnel lens 46 having plane dimen- 
sions of approximately 12” on a side and 3” thick. The 
fresnel lens 46 concentrates the radiant energy as it is 
directed toward the absorber/emitter surface 22 and 
focuses the energy thereon. A parabolic mirror 48 pro- 
vided on the other side of the Bell jar 24 also reflects 
radiant energy impinging upon it from the source 40 
and focuses it directly on the absorber/emitter surface 
22. Hyperbolic or elliptical mirrors may also be em- 
ployed. 

In FIG. 1 a suitable electrical meter 50 connected to . 
the output of the generator 12 provides a measure of the. 
output of the generator 12. This output is in the form of. 
a voltage or amperage, as desired. Additionally, a pen- 
light lamp 52, rated at 5 volts and 60 microamperes, is 
shown as being energized by the output from the gener- , 
ator 12. 

As those skilled in the art will understand, the absor- 
ber/emitter surface 22 and torque converter 16 provide 
in combination with the generator 12 a capability, in an 
installation in outer space, for substantial electrical en-. 
ergy output in the form of voltage or electrical current 
depending upon the electrical design parameters of the 
generator 12. Thus, while in FIGS. 1-3 the generator 12 
is described as a miniature direct current generator, this 
is because of physical limitations imposed by housing 
the structure of the absorber/emitter surface 22 and 
torque converter 16 within the Bell jar 24. If housed in 
a larger container and thus freed of its physical con- 
straints, or located in outer space wherein no housing or 
container would be required to provide the evacuated 
space, the torque converter 16, vanes 18 and absor- 
ber/emitter surface 22 may be made of such size as to 
provide a substantially larger turning moment on the 
center disc 20. In this case the absorber/emitter surface 
22 would be separate but close to vanes 18 and center 
disc 20. Accordingly, the drive shaft 14 and generator 
12 may then be increased proportionately in size to 
provide a a enhanced output of electri- 
cal energy. 

The otheoscopic torque converter of FIGS. 1 
through 4 is characterized in that the vanes 18 may be 
transparent so as to allow a substantially unimpeded | 
impingement of radiation on the surface 22 of plate 23 
and is further characterized in that the surface 22 that 
generates the molecular activity in response to incident 
radiation is stationary, and therefore, is not restricted as 
to material, weight, shape, size and area of surface. 
Accordingly, the most suitable heat conducting mate- 
rial and the most efficient size, shape, weight and means 
of support for the plate 23 can be employed to the end 
of utilizing the incident radiation to best advantage. The 
vanes 18 of the torque converter 16, moreover, can be 
located very close to the surface 22, preferably within a 
millimeter or two, and the angular position of the vanes 
18 with respect to the surface so chosen as to take the 
most efficient mechanical advantage of the radiation 
produced “molecular wind”, as it was termed by 
Crookes, and as illustrated by way of example in FIG. 4. 
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In FIGS. 1 through 3 the stationary plate 23 on which 
surface 22 is provided is shown as supported on vertical 
ports that rest on the base plate 30, and the vanes 18 of 
the torque converter 16 are disposed in a fan shaped 
- configuration close to the surface 22, each vane present- 
_ ing itself to that surface as illustrated in FIG. 4. 

Another form of otheoscopic torque converter that 
may be employed in the system of FIG. 1 is illustrated 
in FIG. 5 wherein the surface that generates the molec- 
ular activity in response to incident radiation, indicated 
at 54, is provided on a metal sheet or plate 56 that is 
= curved to provide a semi-circular cylindrical portion 
- having as its axis the shaft of a dynamoelectric machine 


or generator 58 having a vertically positioned drive 


_ shaft 60. Generator 58 and shaft 60 may be identical to 
the generator 12 and shaft 14, respectively, of FIGS. 1 

through 3. 

_ The arrangement of FIG. 5 further includes a torque 
- converter indicated at 62 comprising four light-weight, 
transparent diamond-shaped vanes 64 each approxi- 
mately 1/32” thick, that are attached to the end of a 
respectively associated rod 66. The rods 66 radiate from 
a center disc 68 that is attached perpendicularly to the 
end of drive shaft 60 in any suitable manner. Each vane 
64, as shown, is vertically positioned on the end of its 
associated rod 66, being disposed at an angle displaced 
from normal with respect thereto, and in each revolu- 
tion about the axis of shaft 60, passes close, within a 
millimeter or two, to the molecular generating surface 
54. The angle of each vane 64 with respect to surface 54 
is similar to that between vane 18 and surface 22, as 
illustrated in FIG. 4, and thus molecular activity at the 
surface 54 produces a moment that causes the vane 64 to 
move with respect to the surface 54, thus producing 
rotation of shaft 60. The direction of rotation of the 
shaft 60 depends upon the direction from normal of the 
angle of the vane 64 with respect to its supporting radial 
rod 66, the angle preferably Rens, the same for each of 
the vanes 64. 

If employed in an environment such as outer space 
where vacuum conditions exist naturally, it is not neces- 
sary to enclose the otheoscopic torque converter 62 
within an evacuated container such as Bell jar 24 of 


FIG. 1. When not so employed, the converter 62 would 


be positioned in an environment such as that provided 

by. Bell jar 24 with the generator 58 and the curved 

plate 56 suitably supported on the base plate 30. 
FIGS. 6 through 11 illustrate alternative radiometric 


O 
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moving vane system and dynamoelectric machine are 
placed, which container, in turn, would be placed inside 
a Bell jar such as the Bell jar 24 of FIG. 1 and evacu- 
ated, also, together with the bell jar. | 

As illustrated, the torque converter 70 of FIG. 6 is 
enclosed in a glass container 72 and includes four light- 
weight vanes 74 each approximately 1/32” thick radiat- 
ing from a center disc 76 attached perpendicularly to a 
vertically positioned drive shaft 60 of a generator 58 
that may be identical to the correspondingly numbered 
components of FIG. 5. One side 78 of each of the vanes 


- 74 is blackened, as with lampblack, the black surfaces all 


pb 
un 


facing in the same direction around the torque con- 
verter. The other sides of the vanes are bright. Prefera- 
bly the material of which the vanes 74. of FIG. 6 are- 
made, and the vanes of the torque converters described 
in connection with FIGS. 7 through 11 are made, is a 
poor heat conductor to the end that the high absorbance 
of infra-red radiant energy on the black side has little or 
no effect on the temperature of the bright side. | 
Radiant energy, and in particular, infra-red energy is 
differentially absorbed and emitted by the blackened 
surfaces of the torque converter vanes imparting kinetic 
energy to adjacent gas molecules. The lack of a similar 


energy exchange between the obverse bright surface a? 


and its adjacent gas molecules results in a pressure dif- 
ferential whereby the more energetic gas molecules 
close to the blackened surface of the vanes give rise to 
a resultant driving force turning or. rotating the center 
disc 76. 

FIG. 7 illustrates a torque converter 80 that is similar 
to that of FIG. 6, but includes vanes that consist of 
semicircular metal foils, as indicated at 82. The foils 82 
are each blackened on one side indicated at 84, the 
blackened sides all facing the same direction as in torque 
converter 70 of FIG. 6 and also in the torque converters 
illustrated in FIGS. 8 through 10. . 

The vanes of the torque converter 86 of FIG. 8 con- 
sists of hemispheric cups 88 each of which is blackened 


_ on the inside indicated at t %0, all facing the same direc- 


forms of torque converters that may be employed in. 


place of the otheoscopic torque converter in the system 
of FIG. 1. The radiometer generators of FIGS. 6 
through 11 differ significantly from the otheoscopic 


torque converter in that the absorber/emitter surface is- 


- embodied on the moving members or vanes of the gen- © 


erator instead of on the stationary member, and differs 
further, as will become apparent, in the requirement for 
an enclosing wall of the evacuated space to be close to 
- the path of the moving vanes. That is to say, where the 
absorber/emitter surface is on the moving vanes of the 
torque converter, an enclosure or wall of the evacuated 
- Space must be placed close to the vanes for the latter to 
_ be driven when exposed to radiant energy. As noted in 
connection with the otheoscopic torque converter of 
FIG. 1, when the absorber/emitter is provided on a 
surface separate from the movable vanes, the vanes 
need not have any lampblack coating. 

Each of the apparatus embodiments of FIGS. 6 
through 11 includes a glass container within which the 
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tion. 

The vanes of the torque converter 92 of FIG. 9 com- 
prise hemispheric cups indicated at 94. Each cup 94 is 
provided with a blackened screen 96 that covers the 
outer half of each cup 94. 

The FIG. 10 form of torque converter 98 is a “tur- 
bine” form and includes elliptically shaped vanes or 
plates 100 that present a substantially circular outline in 
the primary direction of the radiation source. The plates 
100 are blackened on the outer faces indicated at 102, 


-and are oriented at 45° from the vertical, and also from | 


the rods 104 on the ends of which plates 100 are © 


‘mounted. The apparatus embodiment of FIG. 10 allows. 


for continuous exposure of the absorber/emitter sur- 
faces 102 of the vanes 100 to incident light and does not 
require the spacing of the vanes illustrated in connec- 
tion with the apparatus embodiments of FIGS. 6 
through 9. 

The torque converter 106 of FIG. 11 includes a single 
elongated vane 108 of spiral form that is exposed to _ 
incident radiant energy emanating from almost any 
direction. In FIG. 11, generator 58 is provided with an 
elongated shaft 110 to the remote end of which one end 
of of vane 108 is attached, the other end of the spiral of 
vane 108 being connected to the shaft 110 adjacent the 
generator 58. As illustrated, the glass container, indi- 
cated at 112, for torque converter 106, is elongated and 
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shaped to conform to the general outline of the spiral 
vane 108. 


THE EMBODIMENTS OF FIGS. 12 THROUGH 14 


In FIG. 12 there is illustrated another embodiment of 5 


the invention in which a glass container 114 that may be 
similar in size to an ordinary household light bulb is 
employed, and which embodies the otheoscopic form of 
torque converter illustrated in FIG. 1. The glass con- 
tainer 114 is hermetically sealed after placement of the 
generator system therein and evacuation of the internal 
environment to 1 to 100 microns of mercury pressure 
(preferably one micron). The output terminals of gener- 
ator 12, in FIG. 12, are shown connected to an electrical 
storage device or battery 116 for charging the latter, the 
electrical charge stored in battery 116 being available 
for later use. 

FIG. 13 illustrates a further embodiment of the inven- 
tion employing a container 114 of FIG. 12 and the 
otheoscopic form of torque converter of FIG. 1 
wherein a gemstone 118 is positioned between two 
spaced plate electrodes 120. The electrodes 120 are 
connected to the high voltage output of an induction 
coil indicated at 122 and actuated by the output of the 
generator 12. 

A typical electrical circuit for the induction coil 122 
of FIG. 13 is illustrated in FIG. 14. As shown, the in- 
duction coil 122 includes a primary winding 124, con- 


— 
© 
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un 


25 


sisting of only a few turns, wound on an iron core 126. _ 


A secondary winding 128, wound over the primary 
winding, consists of a large number of turns. The pri- 
mary winding 124 is connected to the output terminals 
130 of the generator 12 in series with an electrical ca- 
pacitor 132. An electrical switch 134 actuated by an 
armature 136 is connected across the capacitor 132. The 
armature 136 is positioned in cooperative relation with 
the iron core 126, being normally biased in upward 
direction to close the switch but is attracted by the iron 
core 126, upon magnetization of the latter, to open the 
switch 134 and thereby break the circuit to primary coil 
124. As a result the armature 136 is returned to its initial 
position by a spring, not shown, and closes switch 134, 
again restoring the circuit to the primary coil. The cycle 
is rapidly repeated. 


In the operation of the induction coil, the flow of 45 


electrical current in the primary winding 124 produces 
a magnetic field in the iron core 126. Opening of switch 
134 results in a collapse of the magnetic field that in- 
duces a high voltage in the secondary winding 128. The 
capacitor 132 is placed across the switch 134 to reduce 
the voltage across the switch as it is opened to minimize 
sparking. 

The output terminals 138 and 140 of the secondary 
winding are each connected electrically to one of the 
electrodes 120. Hence, there is established between the 
electrodes 120 an electrical field in accordance with the 
A.C. high voltage output of the induction coil 122. The 
gemstone 118, although a solid material, has the prop- 
erty of emitting photons in the environment described 
and thus provides a self-contained photon- -emitting de- 
vice. | 


THE EMBODIMENT OF FIGS. 15 THROUGH 26 


When positioned in outer space, it is noted that unless 
the generator 12 is mounted on a stable platform 30 that 
is able to resist the turning or rotative moment resulting 
from radiation impinging on the absorber/emitter sur- 

face 22, there i is a tendency for the rotative moment to 
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be applied to the generator 12 itself as well as to the 
drive shaft 14 thereof. Consequently, after a time the 
absorber/emitter surface 22, torque converter 16, drive 
shaft 14 and generator 12 will all effectively be rotating 
as a unit. As a result, there will first be a depletion and 
then, after a time, no generation at all of electrical 
power. This undesirable situation may be corrected, as 
indicated, by. mounting the generator 12 on a stable 
platform that effectively resists such turning or rotative 
moments, and hence, holds the body of generator 12 
stationary with respect to the relatively rotating shaft 
14, torque converter 16 and absorber/emitter surface 
22. In outer space, when the blackened absorber/emit- 
ter surface remains part of the system of movable vanes 
18, an enclosure or shroud must be provided to return 
high energy molecules to further drive the vanes 18 in a 
rotary motion. Such an enclosure is not required with 
the otheoscopic form of generator in which the absor- 
ber/emitter surface is part of the stationary system. 

The embodiment of the invention illustrated in the 
perspective view of FIG. 15 and in top and side views, 
respectively, of FIGS. 16 and 17, shows another way in 
which to arrange a radiation generator system so as to 
avoid the need for a platform to hold the body of the 
generator stable with respect to the associated drive 
shaft torque converter and absorber/emitter. The radia- 
tion generator system 142 of FIG. 15 includes a dyna- 
moelectric machine or generator 144 having a pair of 
drive shafts 146 and 148, a pair of torque converters 150 
and 152, and a pair of apro en citen surfaces 154 and 
156. 

The generator 144 can provide an output of alternat- 
ing or direct current as desired. Desirably, in the appa- 
ratus embodiment of FIG. 15, the generator 144 com- 
prises two separate generators, each having its own 
rotatable armature, the magnetic field sections thereof 
being fastened together and arranged within and fas- 
tened to the same external, common casing. The drive 
shaft 146 is attached to the rotatable armature of one 
generator. The drive shaft 148 is attached to the rotat- 
able armature of the other generator, being axially in 
alighnment with the drive shaft 146. The common cas- 
ing of the generators is supported by brace members 
indicated at 155 and 157, between the ends of a curved 
absorber/emitter surface 158, at the center of curvature 
thereof. | 
_ The torque converter, indicated at 150, comprises a 
plurality of vanes 160 extending from the ends of rods 
162 radiating from a center disc 164 that is attached 
perpendicularly to the end of drive shaft 146 in any 
suitable manner. The vanes 160, as shown, are posi- 
tioned parallel to the shaft 146 and are so arranged as to 
have an edge pass close, within a millimeter or two, in 
each revolution about shaft 146, to the curved absor- 
ber/emitter surface 158 that may be similar to the sur- 
face 54 of FIG. 5. The angle of each vane 160 with 
surface 158 in such that molecular disturbance at the 
surface 158 produces a turning on the drive shaft 146, in 
the counter-clockwise direction, for example. Addition- 
ally, one side of each vane 160 is blacked to provide 
absorber/emitter surface 154. This provides a supple- 
mental turning movement in the counterclockwise di- 
rection on the drive shaft 146. 

Similarly, the torque converter, indicated at 152, 
comprises a plurality of vanes 168 extending parallel to 
drive shaft 148 from the ends of rods 170. The rods 170 
radiate from a center disc 172 that is attached, in any 
suitable manner, perpendicularly to the end of drive 
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shaft 148. The vanes 168 are positioned parallel to drive 


shaft 148 and arranged to have an edge pass close, 
= within a millimeter or two, to the curved absorber/e- 
mitter surface 158. The angle presented by each of the 
- vanes 168 to the surface 158, however, is opposite to 
that of the vanes 160 of the upper torque converter 150, 
whereby incident radiation tends to produce clockwise 
rotation of drive shaft 148. Additionally, if desired, one 
side of each of the vanes 168 is blackened to supplement 
the turning moment of drive shaft 146, the blackened 
sides being oppositely disposed with respect to black- 
ened sides of vanes 160 of torque converter 150. 

With this construction, it is evident that any tendency 


of the rotative moment introduced by one of the torque- 


converters 150 and 152 to rotate the common casing of 
dual generator 144 is offset or counterbalanced by the 
rotative moment on the generator casing by the other 
torque converter thereby proving a substantially bal- 
anced system. | 

. The arrangement of FIG. 15 is further advantageous 
in that the generator 144 effectively comprises two 
separate generators the outputs of which may be com- 
- bined whereby a correspondingly larger electrical out- 


12 


FIG. 15, except for the inclusion on each system unit of 
a device 174. FIG. 26 shows a perspective view of 
constructions linking four whole system units into | 
chains. Other numbers of whole system units may be 
provided, the chains may be of any length for outer 


- space use. If desired, such chains may be deployed in a 


— 
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20 


put is obtained. The output of the generator 144 may be | 


utilized, for example, to energize a device 174 suitably 
mounted on the body of the generator 144, externally 
thereof, as indicated. The device 174 may comprise a 
lamp providing a beacon, for example, a microwave 
generator transmitting generated power to receiving 
antenna or earth, or a radio transmitter transmitting 


23 


30 


intelligence concerning space environmental factors © 


sensed by detecting devices not shown but supported 
and electrically powered by the otheoscopic generator 


142. Alternatively, or in addition thereto, the electrical ' 


output of the generator 144 may be taken via suitable 
slip rings provided on the appropriate shaft 146 or 148. 

Another way in which the radiation generating sys- 
tem of FIG. 15 may be arranged so as to be balanced, 
thereby avoiding the depletion, after a time, of genera- 
tion of electrical power is to employ but a single genera- 
tor 144 having two drive shafts 146 and 148 that are 
axially aligned but extend in opposite directions. With 
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this structure the brace members 155 and 157 for sup- - 


porting the generator 144 would be carried by a band 
(not shown) encircling the casing of the generator and 
disposed, for example, in a groove to preclude vertical 
displacement but to allow rotation of the casing of the 
generator relatively to the band and the brace members. 
One drive shaft 146 of the generator 144 would serve, 
for example, as the drive shaft 146 of upper torque 
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star configuration thereby providing desired structural 
strength as well as contributing to a further increase in 
electrical power output. 

As illustrated in FIG. 26, it is contemplated that the 
curved absorber/emitter surfaces would extend, suit- 
ably supported, the entire length of each chain. Addi- 
tionally, more than one set of vanes 160 may be associ- - 


ated with each drive shaft 146 and more than one set of | | 


vanes 168 may be associated with the drive shaft 148. 
With this arrangement, there is made available a signifi- 
cant increase in the energy for driving each of the gen- 
erators making up the dual generator 144. It will further 
be understood that the kinetic energy outputs of the 
entire four and if desired, five or more whole system 
chains that could be provided, may be utilized in paral- 
lel, by the provision of suitable gearing, to provide an 
even more powerful total output. __ 

FIG. 27 illustrates an embodiment of the radiometer 
generator system of the present invention for outer 
space use. This system is enclosed in a container 176 
that is transparent to infra-red radiation, which con- 
tainer may be glass and may be provided with an open- 
ing 178 in the wall to facilitate evacuation to the level of 


outer space. The system includes two torque converters 


180 and 182 that are arranged to rotate oppositely dis- 
posed drive shafts 184 and 186 of a generator 188. The 
body of generator 188 is directly connected to drive 
shaft 184, while the armature of the generator is con- 
nected to the drive shaft 186. | B 

The radiometer generator system of FIG. 27 i is rota- 
tively suspended in the container 176 by upper and 
lower suspension members 190 and 192, respectively. 
Thus, as shown, upper suspension member 190 extends - 
between the upper end of drive shaft 184 and a disc 194 
that is attached to the wall of container 176. Lower 
suspension member 192 extends between the lower end 
of drive shaft 186 and a disc 196 that is attached to the 
opposite wall of container 176. 

The torque converters 180 and 182 are shown as Of 
the type illustrated in FIG. 6, and include four light- 
weight vanes indicated at 198 and 200, respectively. 


- One side of each of the vanes is blackened and the other 
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converter 150 and would be attached to the rotatable — 


armature of the generator. The other drive shaft 148 


would be attached to the lower torque converter 152 — 


and also to the body or casing of the generator 144. It is 
evident that since the turning moments on the two 
‘shafts would be in opposite directions that the system 
would be balanced and would continue to provide an 
- electrical output irrespective of whether one turning 
moment were greater than the other. The electrical 
outputs of the two generators could be connected in 
parallel or series, as desired. 

In accordance with the invention, it 1s ‘contemplated 
that otheoscopic generating systems of the kind illus- 
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trated in FIGS. 15 through 17 may be arranged in 


groups or clusters to increase the electrical power out- 
put. Thus, FIGS. 18 through 25 illustrate top plan views 
of combinations of whole system units, from two to 
nine, each of which may be identical to the structure of 
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is bright, the black sides of vanes 198 all facing in the 
same direction, the clockwise direction, as shown, and. 
the bright sides of vanes 200 all facing in the counter- 
clockwise direction. As a result, radiant energy differ- 
entially absorbed and emitted by the blackened surfaces 
of the vanes 198 and 200 impart kinetic energy to adja- . 
cent molecules to provide a turning moment on the 
drive shafts 184 and 186 of generator 188 in the counter- 
clockwise and clockwise directions, respectively. A 
device 201 that may be similar to the device 174 of FIG. 
15 may be provided for utilizing the electrical output of | 
generator 188. | 

It will be understood’ that combinations of whole — 


systems units, each identical to the structure of FIG. 27, 


may be provided. Such combinations may:be similar to 
those illustrated in FIGS. 18 through 25. Additionally, 
similarly’ to the constructions of FIG. 26, the structure 


of FIG. 27 may be embodied in constructions linking 


two and more whole system units into elongated chains. 


discussed in problem 18 was 15. Earlier, you 


learned that the maximum practical gain of 
the amplifier circuit shown in Figure 8.9 is 
approximately 50. 

However, in problem 10, you learned that 


AC voltage gains of up to 500 are possible 
for the amplifier circuit shown in Figure 8.4 
Therefore, by ensuring the stability of the DC 
bias point, the amplifier has much lower gain 
than is possible with the transistor amplifier 
circuit shown in Figure 8.4 . 

You can make = an amplifier with stable bias 
points without giving up high AC voltage gain 
by placing a capacitor in parallel with the 
emitter resistor, as shown in Figure 8.18 . 
Figure 8.18 o 


If the reactance of this capacitor for an AC 
Signal is significantly smaller than RE, the AC 
Signal passes through the capacitor rather 
than the resistor. Therefore, the capacitor IS 
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FIG. 28 illustrates a power amplifier embodiment of 
ihe present invention in which the output voltage of a 
radiometer generator system 202, which may be similar 
to that illustrated in FIG. 6 is amplified by an arrange- 
ment consisting of an induction coil 204, a pair of spaced 
electrodes 206 and 207, and a second radiometer gener- 
ator system 208, the entire system being mounted on a 
base plate 210 and enclosed in a glass container 212 that 
has been appropriately evacuated, as previously de- 
scribed. 

The output terminals of radiometer generator system 
202 are connected to the input terminals of the induc- 
tion coil 204 and the high voltage output terminals of 
the latter are connected through a suitable diode recti- 
fier 214 to the terminals of a high voltage capacitor 216 
as shown in FIG. 29, the terminals of capacitor 216 
being connected to the electrodes 206 and 207. While 
shown as of the solid state variety, the rectifier 214 may 
be of the vacuum type. The induction coil 204 may be 
similar in construction to the induction coil 122 that has 
been described by reference to FIGS. 13 and 14. The 
high voltage alternating current output of induction coil 
204, however, is converted to direct voltage by rectifier 
214 and capacitor 216. 

The radiometer generator system 208 may be similar 
in construction to the generator system of FIG. 6, but 
preferably includes a torque converter 218 in which 
vanes 220 are somewhat larger, and moreover, are sup- 
ported on the ends of rods 222 at a greater radial dis- 
tance from a center plate 224 that is attached perpendic- 
ularly to the end of a drive shaft 226 of a dynamoelec- 
tric machine 228 having a greater output than generator 
of system 202. 

As illustrated the electrodes 206 and 207 are so 
spaced and so positioned with respect to the circular 
path transversed by the vanes 220 as to intercept a sub- 
stantial portion of that path without, however, provid- 
ing any physical obstruction to the movement. of the 
vanes 220. The polarity of the high voltage applied to 


electrodes 206 and 207 is such as to make electrode 207 


positive with respect to electrode 206 whereby a high 
voltage molecular stream is established in the direction 
indicated by the arrow in FIG. 28. This molecular 
stream or flow of electrons between the electrodes 
impinges upon each of the vanes 220 as they succes- 
sively traverse an arcuate path between the electrodes, 
thereby to produce a turning moment on the drive shaft 
226 in the counterclockwise direction, as illustrated. 
This turning moment supplements the turning moment 
produced on the drive shaft 226 by the effect of radia- 
tion impingement upon the blackened surfaces of the 
vanes 220, one side of each vane 220 being blackened 
and the other being bright and with the blackened sur- 
faces all facing in the same direction, that required to 
produce a counterclockwise turning moment. Hence, 
the high voltage molecular stream enables the turning 
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of the generator 228 to provide an electrical output — 


greater than that obtainable from the generator of radi- 
ometer generator system 202. The amplified power 
output from generator 228 is available from terminals 
230 thereof. 

FIG. 30 illustrates an embodiment of the otheoscopic 
form of radiation generator for use in outer space 
wherein dual othescopic generators are utilized with 
associated induction coils to provide power amplifiers, 
and wherein the power amplifiers are linked into a chain 
or brigade to produce increasingly higher electrical 
fields to drive increasingly more powerful generators. 
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Specifically, there is provided in FIG. 30 a first dual 
otheoscopic generator indicated at 232 consisting of 
respective upper and lower radiant energy absorber/e- 
mitter surfaces 234 and 236, respective upper and lower 
torque converters 238 and 240, respective upper and 
lower drive shafts 242 and 244, and a common dynamo- 
electric machine 246. Each of the otheoscopic genera- 
tors may be similar to that illustrated and described by 
reference to FIG. 1. Thus, the absorber/emitter sur- 
faces 234 and 236 may each consist of a blackened sur- 
face provided on a respectively associated plate 248 and 
250 which are disposed in parallel relation to each 
other, rigidly supported by suitable rods 252. The sur- 
faces 234 and 236 are respectively associated with 
torque converters 238 and 240, each of the latter com- 
prising a fan shaped bank or plurality of light weight 
vanes radiating from a center disc which, in turn, is 
attached perpendicularly to a respectively associated 
drive shaft 242 and 244. The upper drive shaft 242, 
similarly to the arrangement of FIG. 15, is attached to 
the armature of a first generator, while the lower drive 
shaft is attached to the armature of a second generator, 
the magnetic field sections of the generators being con- 
nected together and attached to the outer case. As de- 
scribed in connection with FIG. 15, the torque convert- 
ers 238 and 240 are so arranged with respect to their 
associated absorber/emitter surfaces as to drive their 
associated shafts 242 and 244 in opposite directions. As 
a result, the otheoscopic generator 232 is dynamically 
balanced. 

The output terminals of generator 246 are connected 
to the input terminals of an induction coil 254 that may 
be similar to that illustrated in FIG. 14. Additionally, as 
in the apparatus embodiment of FIG. 28, a diode rectifi- 
er-capacitor circuit desirably is provided to convert the 
high voltage alternating current output of the induction 
coil to a high voltage direct current potential. A circuit. 


similar to that shown in FIG. 29 is suitable for this 


purpose. 

The high voltage direct current potential so obtained 
from the dual otheoscopic generator is applied, in paral- 
lel, to a first or upper air of spaced electrodes 256 and to 


a second or lower pair of spaced electrodes 258, as seen 


in FIG. 30. The spaced electrodes 256 are associated 
with a fan shaped bank of vanes of an upper torque 
converter of a second dual otheoscopic generator 260, 
being so polarized as to supplement the turning moment 
on the drive shaft connected to the torque converter 
that is provided by the associated absorber/emitter 
surface. The spaced electrodes 258 are similarly associ- 
ated with the vanes of the lower torque converter of the 
otheoscopic generator 260, the electrodes 258 being 


polarized oppositely to that of the electrodes 256 since 


the turning moment produced by lower torque con- 
verter is opposite to that of the upper torque converter. 
The otheoscopic generator 260 may be similar to the 
otheoscopic generator 232, the output thereof being 
applied to an induction coil similar to the induction coil 
254 and similarly rectified to provide a high voltage 
unidirectional potential output. Each successive otheo- 
scopic generator may be somewhat larger than the pre- 
ceding one, four such generators being shown in FIG. 
30, thereby to provide a brigade creating increasingly 
higher voltage fields to drive increasingly more power- 
ful dual otheoscopic generators, as indicated at 262 and 
264. 

FIG. 31 illustrates another embodiment of a power 
amplification system, according to the invention, that 
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utilizes a combination of a plurality of otheoscopic gen- 
-erators and a plurality of radiometric generators. Thus, 
there is provided a platform 266 on which are mounted 
two otheoscopic generators 268 and 270, each of which 
may be similar to the otheoscopic generator illustrated 
in FIG. 15, and two radiometric generators 272 and 274, 
each of which may be similar to the generator illus- 
trated in FIG. 27. Desirably, each of the radiometric 
generators 272 and 274 is enclosed in a glass or heat 
conducting container that is not shown to avoid undue 
complication of the drawing. 

-As illustrated, induction coils 276 and 278 are pro- 


vided, being respectively associated with the otheo- 


scopic generators and each including a suitable rectifier 
and capacitor as described in connection with FIGS. 28 
and 29. As in the arrangement of FIG. 30, two pairs of 
electrodes 280 and 282, and 284,286 are provided in 
respective association with the outputs of each of the 
induction coils 276 and 278, and the circular path of the 
vanes of the radiometric generators 272 and 274. The 
polarities of the electrodes are so arranged that the 
molecular streams between electrodes supplements the 


turning moments provided by the absorber/emitter 


surfaces of the vanes of the respective radiometric gen- 


erators, © thereby providing increased power output 


therefrom. 

FIG. 12 illustrates another modification of the inven- 
tion comprisiing an otheoscopic form of radiation gen- 
erator for use in outer space linked to an induction coil 
and spaced electrodes to produce photon emission from 
a gem stone. The light from the gem stone may be trans- 
mitted in substantially all coordinate directions through 


fresnel lenses. Thus, there is provided a self-contained 


bei 
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un 


arrangement that aptly may be termed a lighthouse in 


outer space. 

The otheoscopic generator and induction coil of 
FIG. 12 may be similar to the dual otheoscopic genera- 
tor 232 and the induction coil 254 of FIG. 30, and ac- 
cordingly, have been designated by the same reference 


numbers. The output terminals of the induction coil 254 


are connected through a diode rectifier and capacitor 
(not shown) to a pair of spaced electrodes 288 and 290, 
the latter having a positive potential. A gem stone 292 is 
positioned between the electrodes 288 and 290, being 
mounted on a pedestal 294. The pedestal 294, induction 
coil 254 and generator 232 are all supported on a base 
plate 296. The gem stone 292 is positioned centrally of 
a box-like container 298 that is also supported on the 
base plate 296. Each wall of container 298 includes a 
- fresnel lens 300 in that side of container 298. 

FIG. 33 illustrates an otheoscopic form of radiation 
generator linked to an induction coil for producing a 
molecular stream of high velocity in a given direction 
thereby to provide means of propulsion in outer space, 
specifically a form of rocket engine, for a space craft 
indicated by the reference numeral 302. Since it is 
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terminals of induction coil 254 are connected through a 
suitable diode rectifier and capacitor, not shown, to a 
pair of spaced electrodes, indicated at 304 and 306, the 
latter being the positive electrode. Electrode 306 has 
the form of a plate with a centrally located opening 
indicated at 308 and is positioned on the end of a rudder 
310. Rudder 310 is carried at the rear of a platform 312, 
being mounted on a suitable universal joint. Otheo- 
scopic generator 232 and induction coil 254 are shown 


mounted on the platform 312, forwardly thereof. Also | | 


mounted on. platform 312, by means not shown, are a 
plurality of spaced magnetic coils, indicated at 314, that 
are positioned about and along a portion of the length of 
the path of the high velocity electrical stream between 
the negative electrode and 304 and the positive elec- 
trode 306. As those skilled in the art understand, reac- 
tion between the magnetic fields established by the 
magnetic coils 314 and the magnetic field established by 
the high velocity electrical stream about itself is effec- 
tive to deflect the stream laterally and vertically in 
accordance with the relative directions and intensities 
of the magnetic fields produced by the spaced coils 314. 
It will be understood that electrical current for energiz- 
ing the coils 314 may be obtained from another or even 
several otheoscopic generators of a type similar to the 
generator 232, 

In FIG. 33 it is tea: that a portion of the 
high velocity molecular stream directed toward the 
positive electrode or plte 306 escapes through the open- 
ing 308 providing a force on the negative electrode 304 
that is unopposed, and accordingly, that is useful to 


propel the space craft 302 in the opposite direction, that 


indicated by the arrow designated by the numeral 316. 

Since the shape and direction of the high-voltage, high 
velocity stream can be influenced by a magnetic field, 
advantage is taken of this to direct the stream by chang- 
ing the relative magnetic field strengths, longitudinally 
of the stream, in each of the four quadrants about the 
stream. Thus, for example, deflection of the stream 
effected to the left rear or port side, as seen in FIG. 33, 
will result in the craft turning its bow to starboard. It is 
contemplated that the strength and spatial intensity of 
the magnetic fields established by coils 314 would be 
activated by navigational and computer equipment of 
conventional or known type, not shown. — 

Without a magnetic field as produced by magnetic 
coils 314 present, it will be understood that control of 
the direction of the craft could be obtained by mechani- 
cal movement of the position of the positive electrode 
or plate 306, as by mechanical deflection of the rudder 
310 about its universal mounting, thereby.enabling man- 


val adjustment of the direction in which space craft 302- 


known that the shape and direction of a high-voltage, . 


high velocity stream can be influenced by a magnetic 
field, advantage is taken of this in the arrangement of 


FIG. 33 to direct the electrical field by changing the 


magnetic field strength. | 

The otheoscopic radiation generator and induction 
coil of FIG. 33 may be similar to the dual otheoscopic 
generator 232 and induction coil 254 of FIG. 30, and in 
FIG. 33, have been designated by those numerals. In 
practice, it is contemplated that several such otheo- 
scopic generator and induction coil arrangements as 
illustrated in FIG. 30, would be utilized. The output 


is propelled. l 
FIG. 34 illustrates an sbadimlent of the venton 


that provides a self contained source of coherent light. 


Thus, there is provided in FIG. 34 a self-contained laser 
system indicated at 318 comprising an otheoscopic gen- 
erator 320, a dynamoelectric machine or electric gener- 
ator 322, an induction coil 324, spaced electrodes 326, a 
gem stone 328, a base 330 and a glass enclosure 332. 
The otheoscopic generator 320 may be of the type 
illustrated in FIG. 1 and includes a fan shaped torque 
converter 334 that is connected to the drive shaft of 


generator 322. The induction coil 324, which may be of 


the type illustrated in FIG. 14, has its input connected 
to the output terminals of generator 322. The output 
terminals of induction coil 324 has its output terminals — 
connected through a suitable rectifier and capacitor, not 
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shown, for converting the high-voltage alternating cur- 
rent output to a high voltage unidirectional voltage 
output, as described in connection with FIG. 29. The 
negative output terminal of induction coil 324 is applied 
to one of the spaced electrodes 326, and the positive 
terminal is applied to the other one of the electrodes 
326. Gem stone 328, desirably a ruby rod, having a half 
silvered mirrored surface at one end, is placed between 
the spaced electrodes 326 for bombardment by the elec- 
_ trical field established by the electrodes in a direction 
perpendicular to the long axis of the ruby rod. The 
various otheoscopic generator laser components are 
suitably mounted on the base 330 and located within 
glass container 332 which is suitably evacuated. _ 

In the operation of the laser system, the high-voltage 
electrical field established between the electrodes 326 
stimulates the ruby rod 328 to the emission of light. 
Stimulated emission of light occurs, as is known in the 
art, as radiant energy travelling back and forth between 
the mirrored surfaces at the ends of the long axis of the 
ruby rod 328 builds up to a level of magnitude enabling 
it to escape through the escape half-silvered morror 
surface indicated at 336 as a spaced frequency distribu- 
tion of coherent light. In FIG. 34 a lens 338 is provided 
in the wall of container 332 for diverging or converging 
the radiation emitted by the ruby rod 328, as needs vary. 
Other kinds of lenses may be employed, if desired. 

_ There has thus been provided, according to the pres- 
ent invention self-contained radiometric and otheo- 
scopic generator system and several variations, combi- 
nations and cluster arrangements thereof for generating 
electrical energy from incident radiation emanating 
from external environmental sources including the sun 
or any source of infra-red energy whether derived from 
space, the air, land or water. 

Where the development of an increased electrical 
output, voltage or current, from the available environ- 
mental radiation is desired or required, it has been 
shown that the electrical outputs of a plurality of otheo- 
scopic and/or radiometric generators may be connected 
in series or parallel, the series connection providing an 
increased voltage output and the parallel connection an 
increased current output. | 

Additionally, for the development of increased ki- 
netic energy from the incident radiation and corre- 
spondingly increased electrical energy from each 
otheoscopic or radiometric generator, it has been 
shown that several torque converters each having its 
own bank or plurality of vanes may be associated with 
the drive shaft of the generator, arranged either in tan- 
dem or in parallel, appropriate gearing being provided 
for the parallel arrangement, and that further increase in 
the electrical energy output may be provided by arrang- 
ing the generator combinations in clusters, particularly, 
for use in outer space. 

Embodiments of the invention involving dual otheo- 
scopic generators linking power amplifiers in a chain or 
brigade thereby to provide more powerful generators 
have also been provided. The use of the invention for 

Space ship propulsion also is illustrated. 
Embodiments of the invention have also been pro- 
vided for self-contained photon-emitting devices, pro- 
viding for example, beacons or lighthouses in space and 
for providing coherent source of light. 
I claim: 
1. An electric generator comprising a dynamoelectric 
machine having an input drive shaft and output electri- 
cal. terminals, a torque converter having an output 
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member connected to rotate said drive shaft and energy 
receiving means for driving said drive shaft, and means 
including a radiation absorber/emitter surface opera- 
tively associated with said torque converter for absorb- 
ing radiation and transmitting it to nearby gas molecules 
and imparting energy to them to cause them to travel 
and impart energy to said energy receiving means, said 
absorber/emitter surface and nearby gas molecules im- 
parting kinetic energy to said torque converter respon- 
sively to incident radiation. 

2. A generator as specified in claim 1 wherein said 
torque converter energy receiving means includes a 
plurality of movable vanes that radiate from said output 
member about an axis coincident with said drive shaft. 

3. A generator as specified in claim 2 wherein said 
absorber/emitter surface means includes a black surface 
formed on a plate that has good heat conductivity and is 
positioned adjacent the path of movement of said mov- 
able vanes. | 

4. A generator as specified in claim 3 wherein said 
plate is flat and said movable vanes comprise the vanes 
of a circular fan. 

5. A generator as specified in claim 3 wherein said 
output member includes a center disc that is attached to 
the end of said drive shaft, and wherein said plate is 
curved to provide a semicircular cylindrical portion, 
and wherein each of said movable vanes is attached to 


the end of an associated rod that is attached to and 


radiates from said center disc, the angle subtended by 
each vane with respect to said curved plate being such 
that molecular disturbance emanating from the absor- 
ber/emitter surface of said curved plate produces a 
turning moment on said vane. 

6. A generator as specified in claim 2 including an 
evacuated container, said torque converter and said 
absorber/emitter surface being positioned within said 
container, and wherein said absorber/emitter surface 
comprises a blackened radiant energy absorbant surface 
that is provided on one face of each of said vanes, the 
other face being bright, with the blackened surfaces all 
facing in the same direction around said output member, 
and with each of said vanes so positioned as to have at 
least a component of the blackened surface thereof 
parallel to the shaft of said dynamoelectric machine. 

7. A generator as specified in claim 2 wherein a sur- 
face of each said vanes is so positioned as to be substan- 
tially parallel to the drive shaft of said dynamoelectric 
machine. 

8. A generator as specified in claim 2 including an 
evacuated container and a base plate for said container, 
and wherein said dynamoelectric machine, torque con- 
verter and absorber/emitter surface are supported on 
said base plate within said container. 

9. A generator as specified in claim 8 including a 
fresnel lens and a parabolic lens, said lenses being posi- 


tioned externally of said container, one on one side 
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thereof and one on the other, and each directing envi- 
ronmental radiation toward said absorber/emitter sur- 
face. 

10. A generator as specified in claim 9 including a 
heat pipe comprising a radiant energy source and a 
collimator positioned between said heat pipe and said 
fresnel lens for directing rays of radiant energy to said 
fresnel lens and for making them parallel whereby said 
rays of radiant energy are concentrated by said fresnel 
lens on said absorber/emitter surface. 

11. A generator as specified in claim 10 including at 
least one actuatable electrical device supported on said 
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base plate within said container, said electrical device 
being connected to the output electrical terminals of 
said dynamoelectric machine. © 

12. A generator as specified in claim 11 wherein said 
actuatable electrical device comprises an electric lamp, 
and further including a meter within said container 
connected to the output electrical terminals of said 
. dynamoelectric machine. 

13. A generator as specified in claim 8 wherein said 
dynamoelectric machine produces direct electrical cur- 
rent and wherein said evacuated container includes a 


pair of terminals positioned in a wall thereof, said pair of | 
terminals being connected to the output terminals of 


said dynamoelectric machine. | 


14. A generator as specified 1 in claim 8 including an 


induction coil having a pair of input terminals and a pair 
of output terminals, a pair of electrodes, and a gem 


stone positioned within said container between said 


electrodes, the input terminals of said induction coil 
being connected to the output terminals of said dyna- 


moelectric machine, the output terminals of said induc- 
tion coil being connected to said electrodes, and said 


gem stone being positioned between said electrodes so 
that it is activated by the emissions from the electrodes. 


15. A generator as specified in claim 1 wherein said 


dynamoelectric machine includes a second input drive 
shaft disposed in axial alignment with said first men- 


tioned input drive shaft, and further including a second. 


torque converter having an output member connected 
to rotate said second drive shaft, said second torque 
converter being so arranged with respect to said radia- 
tion absorber/emitter surface that the latter and nearby 
gas molecules impart kinetic energy to said second 
torque converter, responsively to incident radiation, in 
a sense opposite to the kinetic energy imparted to said 
first mentioned torque converter. 

16. A generator as specified in claim 15 wherein said 
first and second input drive shafts are positioned at the 


opposite ends of said dynamoelectric machine, and said. 


absorber/emitter surface is provided on a plate that is 
curved to provide a semi-circular cylindrical portion, 
and wherein each of said torque converters includes a 
center disc attached to the end of each of said input 
drive shafts, a plurality of rods radiating from each of 
said centers discs, and a vane carried on the end of each 
of said rods for movement in a path closely adjacent 
said semi-circular cylindrical portion of said plate. 

17. A generator as specified in claim 15 wherein each 
of said torque converters includes a plurality of mov- 
able vanes, wherein the vanes associated with each of 
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said vanes being so positioned as to be substantially 
parallel to said aligned drive shafts, and wherein said 
first and second radiation absorber/emitter surfaces 
respectively associated with said first and second torque 
converters each comprise a blackened radiant energy 
absorbant and emitting surface provided on one face of 
each the vanes of the associated torque converter, the © 
other face being bright; with the blackened surfaces of 
the vanes of said first torque converter all facing in one 
direction around the shaft of said dynamoelectric ma- 
chine and the blackened surfaces of the vanes of said 
second torque converter facing in the opposite ques : 
tion. | 

19. A generator as specified in claim 1 including at 
least one additional torque converter having an output 
member connected to said drive shaft of said dynamo- 
electric machine, and a radiation absorber/emitter sur- 
face associated with each such additional torque con- | 
verter, each such additional radiation absorber/emitter 
surface and nearby gas molecules imparting kinetic | 
energy to the associated additional torque converter in 
the same sense as the kinetic energy imparted to said 


_ first mentioned torque converter by said first mentioned — 


35 


absorber/emitter surface and nearby gas molecules re- 
sponsively to incident radiant energy. 

20. A generator as specified in claim 19 wherein said 
torque converters are connected in tandem to said drive 


shaft of said dynamoelectric machine. 


21. A generator as specified in claim 19 wherein said 
torque converters are connected in parallel to said drive 
shaft of said dynamoelectric machine. 

22. A generator as specified in claim 2 wherein said 
dynamoelectric machine provides direct electrical cur- 
rent at its output electric terminals and including at least 
another torque converter having movable vanes and 
associated absorber/emitter surface that are similar to 
the first mentioned torque converter and absorber/e- 


- —mitter surface, an induction coil having a pair of input 
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45 


said torque converters comprise the vanes of an individ- 


ual circular fan, and wherein said radiation/emitter 
surface is formed on one surface of each of a pair of 
oppositely disposed parallel plates, said one surface of 
each of said plates being positioned adjacent the path of 


movement of the vanes of an associated one of said 


circular fans. 

18. A generator as specified in claim 15 wherein a 
second radiation absorber/emitter surface is associated 
with said second torque converter, said second absor- 


ber/emitter surface and nearby gas molecules imparting 


kinetic energy to said second torque converter respon- 


sively to incident radiation, said first and second torque ` 


converters each including a plurality of movable vanes 
that radiate respectively from the associated output 
member of said first and second torque converters about 
an axis coincident with said aligned first and second 
input drive shafts of said dynamoelectric machine, all of 
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electrical terminals and a pair of output electrical termi- 
nals, electrical rectifying means, and a pair of spaced 
electrodes, said input terminals of said induction coil 
being connected to said output electrical terminals of 
said dynamoelectric machine, said output terminals of 
said induction coil being connected through said recti- 
fying means to said spaced electrodes whereby an alter- 


. nating electrical current output of said induction coil is 


converted to a direct current potential output that is 
applied to said spaced electrodes, said spaced electrodes 
being positioned to intercept a portion of the path of the 
movable vanes of said another torque converter 

whereby a molecular stream established between said __ 
electrodes by said direct current potential output im- 


.pinge upon said last mentioned movable vanes to sup- 


plement the kinetic energy output of said second torque 
converter. 
23. An electric generator comprising 
a dynamoelectric machine having an input drive shaft 
and output electrical terminals, 
a torque converter connected to said shaft, 
said torque converter including a plurality of light- 
weight vanes radially connected to said shaft, 
radiation absorber/emitter means for driving said 
vanes and rotating said shaft, 
said absorber/emitter means including surface means 
for absorbing radiant energy and heating up and 
_ emitting heat to agitate nearby gas molecules and © 
thereby create a molecular wind that rotates said 
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vanes to rotate said input drive shaft of said dyna- 

_ moelectric machine and generate electricity. 

24. A power amplifier comprising a plurality of dual 
otheoscopic generators and individually associated dy- 
namoelectric machines linked into a chain to produce 
increasingly more powerful generators, said otheo- 
scopic generators each including a plurality of movable 
vanes, said amplifier further including a plurality of 
pairs of spaced electrodes, a plurality of rectifying 
means, and a plurality of induction coils each having an 
input associated with the output and an individual one 
of said dynamoelectric machines and an output associ- 
ated with one of said rectifying means, the output of 
each of said rectifying means being applied between the 
spaced electrodes of an associated one of said pairs of 
spaced electrodes, successive ones of said pairs of 
spaced electrodes being positioned to intercept a por- 
tion of the path of the movable vanes of the successive 
otheoscopic generator in the chain whereby a molecu- 
lar stream established between pairs of said electrodes 
impinge upon said movable vanes to supplement the 
kinetic energy output of said successive generator. 

25. A power amplifier as specified in claim 24 
wherein each of said dynamoelectric machines includes 
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a pair of oppositely disposed rotary drive shafts, and an 
otheoscopic generator of each of said dual otheoscopic 
generators being associated with an individual one of 


each of said shafts, the direction of rotation of each of 


said shafts being in opposite directions whereby each of 
said dynamoelectric machines are dynamically bal- 
anced. 

26. A power amplifier as specified in claim 25 
wherein the electrodes of each of the pairs of spaced 
electrodes associated with the otheoscopic generators 
of each dual otheoscopic generator are oppositely po- 
larized whereby the individual molecular streams estab- 
lished between the pairs of electrodes and impinging 
upon the movable vanes of the associated otheoscopic 
generator of each dual otheoscopic generator are oppo- 
sitely directed and have a minimal effect on the dy- 
namic balance of the associated dynamoelectric ma- 
chine. 

27. An electric generator as specified in claim 1 fur- 
ther including means providing an evacuated space, said 
dynamoelectric machine, torque converter and absor- 
ber/emitter surface being wholly contained within said 


evacuated space. 
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[57] ABSTRACT 


An electromagnetic ramjet propulsion system is pro- 
vided for accelerating high mass payloads through the 
upper atomsphere at orbital velocities. The propulsion 
system comprises a plurality of coplaner self-supporting 
superconducting dipole coils several hundred meters in 
diameter that is initially accelerated to high altitude and 
supersonic speed by magnetic repulsive forces gener- 
ated by a plurality of superconducting field coils several 
kilometers in diameter embeded beneath the earth's 


_ surface. The ramjet is accelerated to orbital velocities 


by a multigigawatt microwave beam that is transmitted 
from the earth’s surface. A reflecting grid of conducting 
wires is mounted inside the inner dipole which shock 
ionizes the low dentisy atmospheric gas passing through 
it. The frequency of the microwave beam is adjusted to 
produce electron cyclotron resonance with the free 
electrons passing through the magnetic field of the 
dipoles thereby accelerating them away from the di- 
poles by magnetic repulsive forces, taking the positively 
charged ions with them. The system becomes a giant 
hypervelocity ionospheric ramjet propelled by mag- 
netic repulsive forces without any velocity limitations. 
By utilizing a plurality of microwave transmitters lo- 
cated along the ground track of the ramjet, it is possible 
to accelerate payloads of several thousand tons to orbit. 
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called an emitter bypass capacitor . The AC 
signal “sees” a different circuit from the DC, 
which is blocked by the capacitor and must 
flow through the resistor. Figure 8.19 shows 
the different circuits seen by AC and DC 
Signals. 

Figure 8.19 


AC 


The AC voltage gain is now close to that of 
the amplifier circuit discussed in problems 
1-10. 

Questions 

A. What effect does the emitter bypass 
capacitor have on an AC signal? — | 

B. What effect does the emitter bypass 
capacitor have on the AC voltage gain? 
C. What is the AC voltage gain formula with 
an emitter bypass capacitor included in the 
circuit? 

Answers 

A. It makes the emitter look like a ground 
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and effectively turns the circuit into the circuit 
shown in Figure 8.4 

B. It increases the gain. 

C. The same formula used in problem 10: 


20 You can use the circuit shown in Figure 
8.18 when you need as much AC voltage 


gain as possible. When high AC voltage gain 
is your priority, predicting the actual amount 
of gain is usually not important, so the fact 
that the equation is inexact is unimportant. If 
you need an accurate amount of gain, then 
you must use a different type of amplifier 
circuit that produces lower amounts of gain. 
You can find the value of the capacitor C E 
using the following steps: 

1. Determine the lowest frequency at which 
the amplifier must operate. 

2. Calculate X C with the following formula: 


Re 

i 

10 
3. Calculate CE with the following formula 
using the lowest frequency at which the 
amplifier must operate (determined in step 1): 

ol 

CT z 

2TfC 
For the following question, use the circuit 


shown in Figure 8.10 , with an emitter bypass 
capacitor added, as shown in Figure 8.20 . 
Figure 8.20 
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1 
ELECTROMAGNETIC RAMJET 


BACKGROUND 


The problem of launching payloads into orbit from 
the earth's surface involves the development of a thrust 
generating mechanism powerful enough to lift a pay- 
load off the earth’s surface and accelerate it to orbital 
velocities. In the prior art, this has been achieved with 
the development of high thrust rocket engines using the 
reaction principle. Unfortunately, rocket engines con- 
sume huge quantities of propellant that must be stored 
onboard the vehicle. Hence, in order to launch even 
relatively small payloads into orbit, the size of a rocket 
propelled launch vehicle must be enormous in order to 
contain all of the propellant. (The required propellant 
mass is over 100 times greater than the payload mass.) 

The “scramjet” designedfor the proposed ground-to- 
orbit aerospace plane, represents another type of pro- 
pulsion system for accelerating payloads to high veloci- 
ties. Basically, this engine is a ramjet in that it ingests air 
at some ingestion velocity (which is essentially equal to 
the engine’s forward velocity through the atmosphere), 
sprays it with fuel which ignites forcing the expanding 
combustion gases to leave the engine with a velocity 
greater than the ingestion velocity. Since the ingestion 
velocity is very high, the ignition time must be very 
short. Only hydrogen fuel can be used in these scramjet 
engines because of the very short ignition time. Unfor- 
tunately, liquefied hydrogen has a very low density 
which requires fuel tanks five times larger than conven- 
tional fuel tanks (which must be thermally insulated 


since liquefied hydrogen is a very low temperature . 


cryogenic fluid). This results in a high inert structural 
mass with a corresponding decrease in payload mass. 
See “Will the Aerospace Plane Work,” Technology Re- 
view, January 1987, pp. 42-51 by S. W. Korthals-Altres. 
This problem is compounded by the fact that since the 
kinetic energy which the vehicle must develop in order 
to reach orbital velocity is so high (4x 10? Joules/kg) 
the amount of hydrogen fuel that must be carried by the 
vehicle to achieve orbital velocity is about 56% of the 
total initial vehicle mass, even assuming optimal com- 
bustion efficiency. See “From Earth To Orbit In A 
Single Stage,” Aerospace America, August 1987, pp. 
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32-34, by R. A. Jones and C. D. Donaldson. Thus, there - 


-are inherent fundamental engineering problems with 
this propulsion concept that cannot be circumvented 
even if the scramjet propulsion system can be made to 
operate as envisioned at orbital velocity (which may be 
a physical impossibility). Moreover, another problem 
will be introduced involving a severe limitation on pay- 
load size because nearly all of the interior volume of the 
vehicle will have to be filled with liquefied hydrogen. 

Since the scramjet propelled reusable aerospace plane 
is currently believed to represent the cheapest method 
for achieving orbit (with an estimated cost of $200/1b 
compared to $2,000/1b for the Space Shuttle) the pros- 
pects for commercial space travel by private individuals 
in the 21st century appear to be very remote. (For ex- 
ample, it would cost a 200 lb passenger without luggage 
$40,000 to be transported to orbit on a one-way flight 
with the scramjet propelled vehicle.) 

By utilizing the concept of beamed energy transmis- 
sion where a vehicle’s propulsive energy is generated 
off the vehicle at some remote power generating plant 
and transmitted to it via microwave or laser beams, it is 
possible to construct a ramjet which does not require 


60 
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the vehicle to carry any fuel. A microwave propelled 
ramjet was proposed as early as 1959 by William 
Brown. (See his U.S. Pat. No. 3,083,528 entitled “Mi- 
crowave Engines” filed May 12, 1959.) This microwave 
propelled ramjet concept was later developed by Schad 
and Moriarty to propel payloads from the earth’s sur- 
face directly into orbit. (See “Microwave Rocket Con- 
cept,” International Astronautical Congress, Vol. 16, 
Athens, 1965, pp. 175-199.) Unfortunately, the problem 


‘of designing a sufficiently large receiving antenna for 


capturing the beamed microwave power and focusing it 
into the ramjet engine required for long range power 
transmission rendered the concept impractical. Since 
the wavelength of optical radiation is much smaller than 
micro wave radiation, it is possible to achieve signifi- 
cantly greater power transmission distances using a 
laser beam as the energy transmitting medium. A laser 
propelled ramjet was invented in 1972 by Kantrowitz 
and Rose. (See U.S. Pat. No. 3,818,700 entitled “Ram 
Jet Powered By A Laser Beam”.) However, all of these 
prior art beamed energy ramjet propulsion concepts 
generate propulsive thrust by using the incoming beam 
energy to heat the ingested air to high temperatures so 
that it can be expelled through a conventional exhaust 
system with a velocity greater than the ingestion veloc-: 
ity. Thus, the incoming beam energy is not converted 
directly into propulsive thrust. These systems require 
the intermediate step of heating. Since all thermal 
rocket engines require a relatively small heating region, 
there is a practical upper limit on the amount of beam 
power that can be converted into propulsive thrust in 
thermal rocket engines that is set by power density . 
limitations and by the thermal limitations of the sur- 
rounding structure. This intermediate heating step also 
results in a considerable reduction of efficiency. (More 
than 50% of the beam energy is wasted by radiative 
heat losses.) Since laser generators are not very efficient- 
to begin with, prior art beamed power propulsion sys- 
tems using laser beams will consume large amounts of 
input energy in the conversion to vehicle kinetic en- 
ergy. 

In theory, the most efficient method for propelling 
payloads into orbit is by means of an electromagnetic. 
accelerator because the cost essentially reduces to the 
cost of generating an amount of electrical energy equal 
to the kinetic and potential energy of the total mass that 
is accelerated to orbit. For example, if the cost of gener- 
ating electrical energy is 10¢/K W-hr, this cost is 90¢/kg 
or 41e/1b for a 200 km high circular orbit. This is 5,000 
times cheaper than the U.S. Space Shuttle and about 
500 times cheaper than the proposed aerospace plane. 
Although there are several different types of prior art 


electromagnetic accelerators (which are also called 


mass drivers) that have been designed to accelerate 
bodies to high velocities (i.e., orbital velocities) from 
the earth’s surface, they all have one common and very 
undesirable characteristic: they all require an evacuated 
launch tube through which the payload is accelerated. 
Therefore, unless an evacuated tube of several hundred 
kilometers is provided, the acceleration of prior art 
electromagnetic ground to orbit launchers are inher- 
ently high, and the mass and physical dimensions of the 
payload are too small to be of any significant practical 
value. See “Electromagnetic Launchers,” JEEE Trans- 
actions On Magnetics, Vol. MAG-16, No. 5, Sept. 1980, 
pp. 719-721 by H. Kolm et al. 
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Large objects, such as completely assembled space 
based interplanetary transfer vehicles (ITVs) with di- 
ameters exceeding 25 m and lengths exceeding 100 m 
would be completely impossible to accelerate to orbit 
from the earth's surface by any prior art electromag- 
netic accelerator. In fact, completely assembled pay- 
loads with these dimensions could not be accelerated 
into orbit by any prior art ground to orbit transportation 
system (or any such system proposed for the future) 
because they would simply be too large to fit inside any 
launch vehicle. It is assumed without question and taken 
for granted that large objects designed for operating in 
earth orbit will have to be transported there piece by 
piece, in relatively small sections, and assembled in 
orbit. 

The high cost and payload limitations of prior art 
launch vehicles is a result of the basic thrust generating 
principles used for their propulsion. For all practical 
purposes, these prior art propulsion principles are be- 
lieved to be essentially unchangeable because they in- 
volve basic laws of physics. However, the discovery of 
a fundamentally new physical phenomenon or principle 
be applied to develop a completely new thrust generat- 
ing propulsion concept. The electromagnetic ramjet 
propulsion concept disclosed herein is based upon one 
such discovery—superconducting materials with high 
critical temperatures. It will be shown that this propul- 
sion concept will enable payloads to be orbited with 
mass and physical dimensions far beyond that which 
were previously believed to be possible. Moreover, 
since this propulsion concept is basically electromag- 
netic, it also enables payloads to be transported to orbit 
with minimum cost. The vacuum environment usually 
required for electromagnetic accelerators is provided 
by operating the ramjet in the ionosphere at very high 
altitude—instead of on the earth’s surface inside a vac- 
uum tube. 


BRIEF SUMMARY OF THE INVENTION 


With the foregoing in mind, the present invention 
provides an ultra high thrust electromagnetic ramjet 
propulsion system for accelerating high mass payloads 
with very large dimensions from the earth’s surface 
directly into orbit. The propulsion system comprises a 
plurality of coplanar self-supporting superconducting 
dipole coils several hundred meters in diameter with 
very high aspect ratios that is initially accelerated to 
supersonic speed by magnetic repulsive forces gener- 
ated by a plurality of giant superconducting field coils 
several kilometers in diameter mounted coaxially in 
circular underground tunnels located in a remote re- 
gion. All of the superconducting coils are constructed 
with superconducting material having a critical temper- 
ature above liquid nitrogen thereby eliminating the need 
for expensive liquefied helium cryogenic refrigeration 
systems. The electromagnetic ramjet, along with the 
attached payload, is launched vertically and initially 
accelerated along a line of magnetic induction gener- 
ated by the field coils. 

The propulsion coils of the ramjet are mounted inside 
circular hypersonic wing-like airfoils equipped with 
movable aerodynamic control surfaces for guidance. 
The surfaces are moved by a plor.lity of electric servo 
motors controlled by a high accuracy inertial guidance 
system. The propulsion system can also be controlled 
from the ground, or from an orbiting satellite via radio 
signals. The individual superconducting dipole coils 
and their surrounding circular airfoils are maintained in 
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a rigid concentric spaced-apart relationship by a plural- 
ity of radial airfoils that are mounted between adjacent 
circular airfoils. This system of circular airfoils contain- 
ing the superconducting dipole propulsion coils and the 
radial airfoils mounted between them comprise the elec- 
tromagnetic ramjet propulsion system. It is a self-con- 
tained automated reusable launch vehicle which is able 
to traverse through the atmosphere in controlled flight 
and land back at the launch site. 

The payload ts mounted inside a long cylindrical 
central body (fuselage) extending along the perpendicu- 
lar longitudinal axis of the dipoles that is connected to 
the ramjet by a plurality of detachable cables. A reflect- 
ing grid of conducting wires is mounted across the inner 
dipole such that after the system is initially accelerated 
to supersonic speed at high altitude by the field coils, 
the low density atmospheric gas passing through the 
inner dipole is shock ionized via collision processes. 

After the electromagnetic ramjet is launched from 
the earth’s surface and accelerated to a relatively high 
initial altitude by the field coils, it is accelerated to 
orbital velocity by means of an ultra high power micro- 
wave beam. The frequency of the microwave beam is 
adjusted to produce electron cyclotron resonance with 
free electrons of the shock ionized gas moving away 
from the magnetic field of the dipoles. When the free 
electrons move into this resonance region they are rap- 
idly accelerated in circular transverse paths that are 
perpendicular to the lines of magnetic induction of the 
dipoles. The electrons are thus pumped into very high 
energy cyclotron orbits by the microwave beam. A 
strong coupling between the electrons and the micro- 
wave beam is created resulting in the absorption of 
essentially all of the beam energy by the electrons. But 
this absorption is not thermalization. Almost all of this 
energy is pumped into extremely high energy electron 
cyclotron orbits. The high energy orbiting electrons 
become strong magnetic dipoles by virtue of their circu- 
lar motion. Their magnetic moments are essentially 
aligned antiparallel to the coil’s magnetic field. The 
magnetic field of the dipole coils decreases with increas- 
ing distance from its center giving rise to a magnetic 
gradient. This gradient is felt by the electron dipoles as 
a strong magnetic repulsive force which rapidly accel- 
erates them away from the dipole coils. Although the 
remaining positively charged ions are not affected by 
the microwave beam, or by the magnetic field, the re- 
sulting charge separation accelerates them after the 
receding electrons. This generates a retarding force on 
the electrons. However, the electrons keep accelerating 
ahead of the ions propelled by magnetic repulsive 
forces. A strong magnetic repulsive recoil force is then 
exerted on the dipole coils propelling them forward. 
Basically, the orbiting electrons, in their aggregate, 
create a huge magnetic field behind the ramjet propel- 
ling it forward by magnetic repulsive forces. The pro- 
cess is purely electromagnetic so that in principal, the 
microwave beam can be converted into propulsive 
thrust with an efficiency approaching 100%. The dipole 
coils become a giant electromagnetic ionospheric ram- 
jet several hundred meters in diameter that is propelled 
by enormous magnetic repulsive forces. 

By constructing the microwave transmitter on the 
earth’s surface as a close-packed, electronically steered, 
phased array with several million active elements each 
radiating microwave power on the order of one mega- 
watt, it is possible to obtain CW beam powers of thou- 
sands of gigawatts for accelerating extremely large 
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payloads of several thousand tons. The DC electric 
current used to operate the microwave transmitter can 
be obtained from the field coils which are utilized as a 
glant inductive superconducting energy storage system. 
By employing several microwave transmitters located 
along a prescribed ground track, the acceleration pro- 
cess can be extended over distances of several thousand 
kilometers thereby reducing the peak acceleration loads 
to relatively low levels that can be easily tolerated by 
human passengers. The propulsion system is so power- 
ful that 1t will be possible to transfer huge payloads of 
thousands of tons directly from the earth's surface to 
lunar orbit. 

Since the magnetic field strength directly over the 
field coils at orbital altitudes is inversely proportional to 
the cube of the altitude, the field at orbital altitudes 
directly over the coils is negligibly small (smaller than 
the earth's natural magnetic field) and decreases very 
rapidly with increasing altitude. Likewise, the magnetic 
field generated by the coils on the earth’s surface in a 
region surrounding the outer perimeter of the coils (in 
the plane of the coils) also decreases very rapidly with 
distance. Thus, the magnetic fields generated by the 
field coils resulting from fundamental principles of elec- 
tromagnetism are ideally suited for the propulsion con- 
cept proposed herein because these fields are suffi- 
ciently strong locally to generate enormous propulsive 
thrust, but decrease very rapidly with increasing dis- 
tance so as to not affect the surrounding region at any 
significant distance. 

A system of annular arrays of photovoltaic solar cells 
are mounted around the outer periphery of the field 
coils for generating electrical: energy. This electrical 
energy is used for initially charging up the supercon- 
ducting field coils and maintaining them with a desired 
inductive energy. The amount of inductive energy in 
the fully charged field coils is several orders of magni- 
tude greater than the amount of energy used to launch 
a payload. Thus, the system will enable multiple 
launches to take place nearly simultaneously with mas- 
sive payloads without any significant decrease in the 
magnetic field. By constructing large solar arrays with 
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diameters of many kilometers, the system will generate 


significantly more electrical energy than is used for 
launching payloads. Thus, the cost of the electrical en- 
ergy used in launching payloads is zero and the excess 
electrical energy generated by the arrays can be sold to 
utility companies for generating income revenue that is 
significantly greater than the total cost of operating the 
system. 

Since the solar arrays can only generate electric 
power during daylight hours, the field coils are also 
utilized for accumulating a portion of the electrical 
energy generated during daylight hours so that it can be 
released into a power distribution system to various 
utility companies during the non-daylight hours. Thus, 
the field coils also serve as a giant load-leveling system 
that allows electric power to be fed info the distribution 
system at a nearly uniform rate 24 hours per day. 

A large fleet of automated electromagnetic ramjet 
accelerators are provided operating from a large central 
launching/landing region using the same field coils and 
microwave transmitters ranging in size from a few 
dozen meters in diameter for accelerating small pay- 
loads of a few thousand kilograms to a diameter exceed- 
ing one kilometer for launching. payloads exceeding 
5x 105 kg. The ground-to-orbit transportation system is 
envisioned as a vast circular complex with an outer 
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diameter exceeding 80 km and an inner launching/land- 
ing region 10 km in diameter for providing very low 
cost transportation to orbit. It is also envisioned as a 
giant electric power generating plant. 


DRAWINGS 


These and other advantages and features of the inven- 
tion will be apparent from the disclosure, which in- 
cludes the specification with the foregoing and ongoing 
description, the claims, and the accompanying drawings 
wherein: 

FIG. 1 is a schematic longitudinal cross section of an 
electromagnetic ramjet having a single superconduc- 
ting dipole propulsion coil illustrating its basic operat- 
ing principles; 

FIG. 2 is a schematic transverse cross section of a 
single coil electromagnetic ramjet illustrating its basic 
design features; 

FIG. 3 is a schematic longitudinal perspective view 
illustrating a microwave transmitter on the earth’s sur- 
face accelerating an electromagnetic ramjet by a high 
power microwave beam; 

FIG. 4 is a graph of magnetic field strength B versus © 
the electron cyclotron resonant frequency of a micro- 
wave beam propelling an electromagnetic ramjet; 

FIG. 5 is a parametric system of graphs illustrating 
the atmospheric breakdown power density for a micro- 
wave beam versus ambient atmospheric pressure and 
corresponding altitude for various frequencies; 

FIG. 61s a graph illustrating the percentage of micro- 
wave power that is transmitted through the atmosphere 
corresponding to a beam elevation angle of 30° as a 
function of frequency on a rainy day with a precipita- 
tion rate of 2 mm/hr. 

FIG. 7 is a graph of propulsive thrust F versus veloc- 
ity V generated by an electromagnetic ramjet powered 
by a 300 GW microwave beam and operating with an 
efficiency of 100%; 

FIG. 8 is a schematic transverse cross section of a 
superconducting propulsion dipole mounted inside a 
tubular cryogenic Dewar system that is mounted inside 
a ramjet's circular airfoil illustrating the design and 
construction; 

FIG. 9 is a schematic longitudinal cross section fur- 
ther illustrating the design and construction of a cryo- 
genic Dewar system for a superconducting dipole coil 
that is mounted inside a circular airfoil of an electro- 
magnetic ramjet; 

FIG. 10 is an enlarged transverse cross section 
through the minor axis a propulsion coil illustrating the 
design and construction of a circular hypersonic wing- 
like airfoil mounted around the propulsion coil with 
movable aerodynamic control] surfaces; 

FIG. 11 is a perpendicular cross section of FIG. 10; 

FIG. 12 is a longitudinal cross section of a portion of 
the airfoil shown in FIG. 10 further illustrating its de- 
sign and construction; 

FIG. 13 is a schematic longitudinal cross section of a 
giant multigigawatt phased array microwave transmit- 
ter; 

FIG. 14 is a schematic transverse cross section of 
FIG. 13 further illustrating the design and construction 
of a phased array microwave transmitter 

FIG. 15 is a schematic plan view of a giant mul- 
tigigawatt phased array microwave transmitter further 
illustrating its design and construction; 

FIG. 16 is an enlarged longitudinal cross section of a 
portion of the phased array microwave transmitter illus- 
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trating the design and construction of the individual 
beam launching horns and the connecting waveguides; 

FIG. 17 is a graph of the minimum beam diameter d, 
versus transmission distance D corresponding to a 
phased array microwave transmitter with an effective 
transmitting aperture diameter of 600 m operating at a 
frequency of 10 GHz; 

FIG. 18 is a schematic longitudinal cross section 
illustrating the design and construction of a multiple- 
coil electromagnetic ramjet with a cylindrical central 
body containing the payload; 

FIG. 19 is a transverse view of the multiple-coil elec- 
tromagnetic ramjet shown in FIG. 18; 

FIG. 20 is an enlarged schematic longitudinal cross 
section of the electromagnetic ramjet's rotatable central 
body which contains the payload and which is acceler- 
ated to orbital velocity by the ramjet; 

FIG. 21 is an enlarged schematic transverse cross 
section through the rear of a central body illustrating its 
high thrust propulsion system; 

FIG. 22 is a schematic perspective view showing a 
superconducting dipole coil of an electromagnetic ram- 
jet accelerating away from a plurality of coaxial field 
coils buried beneath the earth’s surface by magnetic 
repulsive forces; 

FIG. 23 is a schematic perspective view showing a 
superconducting dipole coil of an electromagnetic ram- 
jet being decelerated during its return to the launching 
site via magnetic repulsive forces generated by the field 
coils; 

FIG. 24 is a schematic perspective view illustrating 
the magnetic repulsive force between two parallel coax- 
ial current carrying coils; 

FIG. 25 is a perspective view of half of a dipole coil 
showing its relative geometrical relationships; 

FIG. 26 is a graph of a propulsion coil's shape factor 
versus its aspect ratio; 

FIG. 27 is a schematic plan view illustrating the field 
coils in the preferred embodiment and a plurality of 
annular arrays of photovoltaic solar cells for generating 
electrical energy; 

FIG. 28 is a schematic transverse cross section illus- 
trating a superconducting field coil mounted inside an 
underground tunnel; 

FIG. 29 describes the initial ascent trajectory of an 
electromagnetic ramjet after a vertical launch from the 
center of the field coils; 

FIG. 30 shows the electromagnetic ramjet being 
sequentially accelerated along a 100 km high circular 
trajectory by a series of microwave transmitters posi- 
tioned at 400 km intervals along the trajectory’s ground 
track; 

FIG. 31 is a graph of an electromagnetic ramjet’s 
angle of inclination relative to its flight path versus 
velocity while accelerating a mass of 28,000,000 kg with 
a 1,200 GW microwave beam; 

FIG. 32 is a graph of acceleration versus altitude of 
an electromagnetic ramjet’s initial ascent trajectory to 
an altitude of 60 km propelled by magnetic repulsive 
forces generated by the field coils; 

FIG. 33 is a graph of velocity versus acceleration 
distance for an electromagnetic ramjet accelerating a 
mass of 28,000,000 kg with a 1,200 GW microwave 
beam; 

FIG. 34 is a graph of velocity versus time for an 
electromagnetic ramjet accelerating a mass of 
28,000,000 kg with a 1,200 GW microwave beam; 
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FIG. 35 is a schematic longitudinal cross section of a 
fully assembled and manned 660 m diameter 25,000 ton 
toroidal space station attached to a 700 diameter elec- 
tromagnetic ramjet that lifts the space station off the 
earth’s surface and accelerates it to orbital velocity; 

FIG. 36 is a transverse cross section of FIG. 35; 

FIG. 37 is a schematic longitudinal cross section 
illustrating how the space station shown in FIG. 35 is 
launched from the earth’s surface by the electromag- 
netic ramjet and initially accelerated to an altitude of 60 
km by magnetic repulsive forces generated by the sur- 
rounding field coils; 

FIG. 38 is a graph showing the magnetic field 
strength on the earth’s surface generated by the field 
coils at various distances from the center; 

FIG. 39 is a graph showing the magnetic field 
strength in space directly above the center of the field 
coils at various altitudes; and 

FIG. 40 is a schematic plan view of the central laun- 
ching/landing complex inside the inner field coil with a 
plurality of individual circular launching/landing termi- 
nals for accommodating various electromagnetic ram- 
jets with different diameters. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


The ramjet propulsion system disclosed herein is 
radically different from prior art ramjet propulsion 
systems in that it does not involve any thermodynamic - 
processes and operates at very high altitudes. It uses 
electromagnetic energy to generate propulsive thrust 
instead of chemical energy obtained by burning fuel. 
Moreover, since this electromagnetic energy is con- 
verted directly into propulsive thrust without any inter- 
mediate thermalization stage, the input electromagnetic 
energy is converted into kinetic energy with nearly 
100% efficiency. Since the ramjet operates in the iono- 
sphere, aerodynamic drag is essentially zero. The elec- 
tromagnetic energy is generated at a remote power 
generating plant and transmitted to the vehicle by a 
microwave beam. Consequently, it does not have any 
energy limitations. Since it does not have to accelerate 
any dead inertial mass such as an energy generating 
source or fuel load, it is capable of very high perfor- 
mance. The thrust generating mechanism involves con- 
verting the microwave power directly into magnetic 
repulsive forces generated by very low density atmo- 
spheric gas passing through the ramjet at high velocity. 
Consequently, unlike all prior art ramjet propulsion 
systems designed for operation within the earth’s atmo- 
sphere, this electromagnetic ramjet propulsion system 
has no inherent velocity limitations. It is basically a 
giant electromagnetic accelerator that does not require 
a vacuum tube. Although it does require a partial vac- 
uum environment, this environment is not provided 
artificially within a tube. Rather, it is obtained by oper- 
ating the system at very high altitudes. Therefore, this 
accelerator has no size or payload mass limitations. 

The underlying propulsion principles upon which the 
invention is based are made possible by the recent dis- 
coveries of superconducting material with critical tem- 
peratures, critical fields, and current densities signifi- 
cantly greater than previously believed possible. This 
fundamentally important technological breakthrough 
enables current carrying superconductors to be oper- 
ated at liquid nitrogen temperature instead of much 
colder liquid. helium temperature. Since liquid hydro- 
gen is colder than liquid nitrogen and can be easily 
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stored and maintained aboard space vehicles, it is possi- 
ble to maintain extremely large superconducting coils in 
orbit that are capable of generating very large and in- 
tense magnetic fields indefinitely. 

FIGS. 1 and 2 are schematic longitudinal and trans- 
verse cross sections of an electromagnetic ramjet with a 
single dipole coil illustrating its basic design and operat- 
ing principles. As is illustrated in these figures, the ram- 
jet is extremely simple and comprises a superconducting 
self-supporting dipole coil 10 several hundred meters in 
diameter. The dipole 10 moves through the rarified 
upper atmosphere at supersonic speed such that the 
plane of the dipole is nearly perpendicular to its veloc- 
ity vector. A grid 12 of conducting wires 14 is mounted 
as a screen across the inside periphery of the dipole. 
This screen has two functions. It provides a means for 
ionizing the low density atmospheric gas passing 
through it at supersonic speed by generating small 
shock waves via collision processes; and it also serves as 
a microwave reflector which prevents the microwave 
beam from passing through the dipole. The wires 14 are 
mounted inside small stress bearing tubular filaments of 
fused silica glass (or some other suitable high tempera- 
ture material) as thermal protection for the wire screen. 

As is shown in FIG. 1, the superconducting dipole 
coil 10 is charged with electric current which generates 
a very large magnetic field 16. An ultra high power 
microwave beam 18, is transmitted to the dipole 10 into 
the magnetic field 16 from a ground based transmitter 
20 located several hundred kilometers directly behind 
the dipole and on its ground track, FIG. 3. (In some 
embodiments, the microwave transmitter may be lo- 
cated in orbit.) The microwave beam 18 is plane polar- 
ized such that its electric field vector is perpendicular to 
the dipole’s central magnetic field. When the low den- 
sity atmospheric gas 22 passes through the screen 12 
inside the dipole coil 10, a plurality of small shock 
waves are generated behind the screen 12. This system 
of multiple shock waves. intersect a short distance be- 
hind the screen 12 and forms a low density cloud of 
ionized gas 24 moving away from the dipole 10 with a 
velocity approximately equal to the dipole’s forward 
velocity through the atmosphere 

(i.e., the ramjet’s intake velocity ) In order for the 
ramjet to generate forward propulsive thrust, the ion- 
ized gas cloud 24 must be accelerated away from the 
dipole with a relative velocity significantly greater than 
the intake velocity. This acceleration will be accom- 
plished by the principle of electron cyclotron reso- 
nance. The electromagnetic acceleration mechanics of 
this principle can be understood by referring to FIG. 1. 

The frequency of the microwave beam 18 is adjusted 
to produce electron cyclotron resonance with the free 
electrons 25 passing into a region 26 of the magnetic 
field of the dipole 10 located several meters behind the 
shock screen 12. This resonance frequence is given by 
the equation 

f=(B/211Xe/m) (1) 
where the term e/m denotes the charge to mass ratio of 
the electron which is 1.7592 x 10!! coloumb per kg and 


where B denotes the field strength. When the free elec- 


trons 25 of the ionized gas 24 move into this region 26 
they are rapidly accelerated in circular transverse path; 
28 that are perpendicular to the magnetic field lines of 
induction 16. The free electrons are thus pumped into 
very high energy cyclotron orbits by the transverse 
electric field vector of the microwave beam that is 
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oscillating at a frequency f. A strong coupling’ between 
the low density plasma cloud and the microwave beam 
is created resulting in the absorption of essentially all of 
the beam energy by the plasma cloud 24. But this ab- 
sorption is not thermalization. Most of the energy is 
pumped into extremely high energy electron cyclotron 
orbits. Any gas passing through the dipole screen 12 
that remains unionized, is ionized when it enters the 
resonance region 26. 

The high energy orbiting electrons become strong 
magnetic dipoles by virtue of their circular motion. 
However, because of “Lenz’s Law”, their magnetic 
moments are aligned anti-parallel with the magnetic 
field. The magnetic field strength decreases with in- 
creasing distance from the dipole 10 giving rise to a 
strong magnetic gradient VB. This gradient is felt by 
the electron dipoles j as a magnetic repulsive force 
which rapidly accelerates them away from the dipole 
10. Although the remaining positively charged ions are 
not affected by the magnetic gradient VB, the resulting 
charge separation accelerates them after the accelerat- 
ing electrons. A magnetic repulsive recoil effect is then 
exerted on the dipole coil 10 thereby creating a propul- 
sive reaction force. Eventually, the orbital energies of 
the electrons decay to relatively low levels thus con- 
verting their kinetic energy from transverse circular 
motion to directed linear motion. Basically, the orbiting 
electrons, in their aggregate, create a huge magnetic 
field behind the dipole coil 10 propelling the coil for- 
ward by magnetic repulsive forces. The inertia of the 
positively charged ions enables the repulsive forces 
generated on the dipole coil 10 to be very strong. With 
this underlying accelerating principle, it is possible to 
convert essentially 100% of the microwave beam 
power directly into magnetic propulsive thrust that is 
exerted on the superconducting dipole coil 10 by the 
accelerating gas cloud 24. | 

FIG. 4 is a graph of magnetic field strength B versus 
the electron cyclotron resonant frequency f of a micro- 
wave beam propelling an electromagnetic ramjet given 
by equation (1). 

Since the superconducting dipole coil which repre- 
sents the ramjet is several hundred meters in diameter, 
the total mass flow rate of low density atmospheric gas 
passing through the coil is fairly high. Since the diame- 
ter of the microwave beam is equal to the diameter of 
the dipole coil, the beam power can reach levels of 
thousands of gigawatts. Consequently, this high altitude 
electromagnetic ramjet concept can generate propul- 
sive thrust far beyond any prior art ramjet, rocket en- 
gine or any other propulsion system. 

The technique of accelerating a low density plasma to 
high velocities by the principle of electron cyclotron 
resonance using microwave power as the energy source 
is usually applied in high energy physics laboratories 
concerned' with the investigation of nuclear processes. 
The principle has also been studied as a means for accel- 
erating and expelling propellant stored onboard a space 
vehicle for generating small amounts of propulsive 
thrust the microwave power is only on the order of a 
few kilowatts and generated onboard the vehicle. (See 
the article “Cyclotron Resonance Thruster Design 
Techniques,” AZAA Journal, Vol. 4, No. 5, May 1966, 
pp. 835-840.) However, the principle of electron cyclo- 
tron resonance has never been considered as a means for 
accelerating atmospheric gas passing outside a vehicle 
in the form of a ramjet using microwave power trans- 
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mitted to the vehicle from a remote power generating 
station. 
The propulsive thrust F generated by the electromag- 
netic ramjet can be expressed as 


F (2) 


— 


where P is equal to the beam power and V is equal to 
the dipole velocity. Assuming that the diameter of the 
microwave beam is equal to the diameter of the propul- 
sion dipole 10, the beam power P can be expressed as 

P=7R2p (3) 
where R is equal to the dipole radius and p is equal to 
the power density. The maximum power density pmax of 
the microwave beam that can be transmitted to the 
dipole is limited by the breakdown limitations of the 
atmosphere. This maximum power density can be ex- 
pressed as 

Pmax=Cp?[1 +75.3 X 109p)? (4) 
where p is equal to the ambient atmospheric pressure in 
Torr, and C is a constant equal to 119.38 W/(cm?Torr2). 
FIG. 5 is a parametric system of graphs of Pmax versus 
atmospheric pressure p corresponding to several micro- 
wave frequencies f. (The altitude corresponding to vari- 
ous values of atmospheric pressure is also shown in 
FIG. 5.) For a more detailed technical description of 
microwave breakdown in air at various pressures see 
“Breakdown Limitations on the Transmission of Micro- 
wave Power Through the Atmosphere,” IEEE Trans- 
actions On Antennas And Propagation, Vol. 12, Nov. 
1964, pp. 709-717, by W. E. Scharfman et al. FIG. 5 
indicates that in order to obtain high power densities, 
the frequency f of the microwave beam should be as 
high as possible. 

If the frequency of the microwave beam is too high, 
atmospheric attenuation begins to reduce the transmis- 
sion efficiency of microwave power through the atmo- 
sphere. This is due to the absorption of microwave 
power by water vapor, oxygen, and various scattering 
processes. FIG. 6 is a graph showing the percentage of 
microwave power that is transmitted through the atmo- 
sphere with a beam elevation angle of 30° as a function 
of frequency during a cloud covered rainy day with a 
precipitation rate of 2 mm/hr. Thus, for example, at a 
frequency of 10 GHz, the microwave power transmis- 
sion through the atmosphere with a beam elevation 
angle of 30° exceeds 95% even when it is raining with a 
precipitation rate of 2 mm/hr and total cloud cover. A 
laser beam operating at optical frequencies would be 
completely absorbed by the atmosphere under these 
conditions. A detailed technical description of atmo- 
spheric attenuation of microwave power can be found 
in the article, Atmospheric Attenuation of Microwave 
Power,” The Journal of Microwaye Power, Vol. 5, No. 4, 
Dec. 1970, pp. 269-278 by V. Falcone. 

FIGS. $ and 6 are important for determining the 
optimum operating frequency for the microwave beam. 
In order to be able to obtain a high power density p, the 
frequency should be as high as possible. However, if the 
frequency is too high, atmospheric attenuation will 
reduce the power transmission efficiency. Since it will 
be shown herein that the transmitter will be able to 
provide almost unlimited beam power, power losses due 
to atmospheric attenuation will be of secondary impor- 
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tance. Thus, the frequency selected for the preferred 
embodiment will be relatively high in order to obtain a 
high power density. A frequency f=10 GHz will pro- 
vide a power density of 425 W/cm? and is selected for 
the preferred embodiment. It should be noted however, 
that this frequency will still provide very high transmis- 
sion efficiencies which, on a clear day, will approach 
98% for beam elevation angles on the order of 30°. 

In order to comprehend the very high performance 
capabilities of the electromagnetic ramjet suppose 
R=150 m and f=10 GHz (f=1010). The maximum 
power density pmax of the microwave beam operating at 
this frequency is 425 watts/cm?. Hence, the maximum 
effective beam power that can be used to propel the 
ramjet will be 300 GW. This power is many orders of 
magnitude greater than any prior art beamed power 
propulsion concept—and this power is converted di- 
rectly into propulsive thrust by electromagnetic pro- 
cesses with an efficiency of nearly 100%. FIG. 7 is a 


- graph of propulsive thrust F versus velocity V that 
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could be generated by the ramjet using 300 GW of 
propulsive power. 

The reason why it is possible to operate the ramjet at 
these very high power levels is because of its huge 
dimensions—and these dimensions are possible because 
the superconducting propulsion coil can create and 
sustain enormous magnetic fields with a relatively small 
amount of material. 

The most efficient operating altitudes of the electro- 
magnetic ramjet (where the beam power to propulsive 
thrust conversion efficiency approaches 100%) is be- 
tween 100 km and 120 km. At an altitude of 100 km the 
particle density of the atmosphere is about 1013 molecu- 
les/cm? and the ramjet operation will be very nearly 
collisionless. Thus, there will be essentially zero ther- 
malization and the ramjet operation will involve purely 
electromagnetic processes. Since altitudes on the order 
of 100 km are well within the ionosphere the ramjet can 
be viewed as “ionospheric ramjet.” 

It should be pointed out that the shock screen 12 used 
to ionize the molecules passing through the dipole coil 
10 is not necessary at 100 km altitudes. The ionosphere 
at 100 km altitudes contains some fraction of the mole- 
cules that are already ionized by natural solar radiation. 
When: the superconducting dipole coil 10 sweeps 
through this region with its large magnetic field, it acts 
as a giant ion scoop several kilometers in diameter 
which collects the ionized molecules and free electrons 
from all directions. Thus, the fraction of ionized mole- 
cules passing through the dipole is several orders of 
magnitude greater than the natural fraction at this alti- 
tude. When the free electrons pass into the electron 
cyclotron resonance region 26 (FIG. 1) behind the mov- 
ing dipole coil and rapidly accelerated into expanding 
circular cyclotron orbits they will, in themselves, form 
an ionizing region, which will ionize most of the re- 
maining unionized gas molecules passing through it in 
an avalanche effect. Although this process will reduce 
the overall beam power to propulsive thrust conversion 
efficiency of the ramjet, this reduction will only on the 
order of 2 or 3%. 

At low altitudes below the ionosphere tic fraction of 
ionized gas molecules is not large enough to start an 
ionizing process. The shock screen 12 therefore pro- 
vides a means for generating a plasma source when the 
ramjet is moving at relatively low altitudes. 
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It should also be pointed out that the microwave 
generators could easily be designed to change fre- 
quency. This capability would allow the electromag- 
netic ramjet to be “fine tuned” from the ground while it 
is accelerating a payload to optimize its propulsive effi- 
ciency. It follows from equation (1) that by varying the 
frequency f of the microwave beam, it will be possible 
to move the resonance region of the orbiting electrons 
to give optimum performance. Consequently, in view of 
the large dimensions of the resonance region and the 
nearly perfect beam quality, it will be possible to oper- 
ate the electromagnetic ramjet close to its theoretical 
performance limits. 

One of the most important technical aspects of the 
invention 1s the fact that the superconducting dipole 
coil 10 is constructed with superconducting material 
having a relatively high critical temperature such that it 
can be maintained at liquid hydrogen temperature (18° 
K) instead of very low liquid helium temperature (4° 


5 


10 


15 


K). FIGS. 8 and 9 illustrate the design and construction 20 


of a cryogenic Dewar system 30 that is designed to 
maintain the coil 10 at liquid hydrogen temperature. 
The system 30 comprises a double walled tube 32 that 
completely encloses the coil 10. A plurality of stand-off 
mounting struts 34 keep coil centered inside the tube 32. 
The tube 32 is filled with liquid hydrogen 36 such that 
the coil 10 is completely immersed in this cryogenic 
fluid at 18° K. The tube 32 and mounting struts 34 are 
constructed with material having very low thermal 
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36-42, by W. F. De Mario.) This protective high-speed 
airfoil 46 gives the ramjet propulsion system a fairly 
high lift to drag ratio which enables it to glide arid 
maneuver a considerable distance through the lower 
atmosphere without any propulsive forces. 

As is shown in FIGS. 10, 11, and 12, the airfoil 46 is 
designed with a small transverse cross section with a 
chord to thickness ratio of about 8 to 1. This design 
enables the total structural mass of the airfoil 46, includ- 
ing all of its internal components except the dipole coil 
10, to have a total mass approximately equal to 25% of 
the coil mass. Thick blankets of evacuated multilayer 
cryogenic thermal insulation 62 are mounted along the 
inside walls 64 of the airfoil 46. Essentially all of the 
structure surrounding the coil 10 is constructed with 
material having very low magnetic susceptibility. Small 
superconducting magnetic shielding coils 66 are pro- 
vided to shield various electron command and control 
systems from the magnetic field of the dipole 10. 

The circular airfoil 46, all of its internal structure and 


- operating systems, and the superconducting propulsion 


25 


conductivity. The space 38 between the double walls of 30 


the tube 32 is filled with multiple layers of cryogenic 
thermal insulation 40. A plurality of larger mounting 
struts 42 are attached to the outer tube wall 44 and used 
for supporting an outer circular wing-like, high-speed 
airfoil 46 that completely encloses the Dewar 30. 
FIGS. 10, 11, and 12 describe the detail design and 
construction of a high-speed airfoil 46 that is mounted 
around the coil 10 and its Dewar 30. As described 
above, the airfoil 46 is attached to the Dewar 30 by a 


35 


plurality of supporting struts 42. Some portions of the 40 


airfoil 46 are equipped with movable aerodymamic 
control surfaces 48 that enable the ramjet propulsion 
system to be steered while traversing through the lower 
atmosphere at high velocity. The control surfaces 48 


are moved by electrically driven servo motors 50 that 45 


are controlled by a guidance computer 52 and an iner-. 


tial guidance system 54. A back-up radio control system 
56 is provided to enable the control surfaces 48 to be 
controlled via radio signals transmitted from the launch 
site or from an orbiting satellite. A plurality of small 
orbiting maneuvering thrusters 58 (which could be high 
pressure vessels of compressed gas) are also provided 
for generating small amounts of propulsive thrust while 
traversing through the ionosphere (or while in orbit 
above the atmosphere). These thrusters 58 are con- 
trolled by the guidance system 54 and can also be used 
for providing lateral guidance when the propulsion 
system is moving at low velocities near the earth’s sur- 
face. The airfoil 46 is also equipped with a plurality of 
high speed dive brakes 60 for providing additional de- 
celerating propulsive thrust while traversing through 
the lower portions of the atmosphere. The dive brakes 
60 are also controlled by the guidance system 54. 

The airfoil 46 and the movable control surfaces 48 are 
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60 


constructed with high strength, high temperature com- 65 


posite material such as graphite fiber with negligible 
magnetic susceptibility. (See, “New World for Aero- 
space Composites,” Aerospace America, Oct. 1985, pp. 


dipole 10 (along with its cryogenic Dewar system ) 
comprise a single-coil electromagnetic ramjet. It is a 
self-contained, automated reusable launch vehicle (i.e., 


accelerator) which is able to maneuver in space and 


traverse through the atmosphere in controlled flight. 
and land vertically back at the launch site. For simplic- 
ity, FIGS. 1, 2, 3, 10, 11, and 12 illustrating the design 
and construction of the electromagnetic ramjet do not 
show the payload in order to keep the discussion fo- 
cused on its operating principles. 

Although the construction of a CW beamed power 
transmitter capable of generating a 300 GW laser beam 
at optical frequencies is well beyond the state of the art, ' 
it can be easily achieved at microwave frequencies. 
FIGS. 13 and 14 illustrate the design and construction 
of a giant phased array microwave transmitter 20. As is 
shown in FIG. 13, the transmitter 20 is ngidly mounted 
in a housing 68 with multiple radiating elements 70 
having a broadside beam elevation angle of 30°. The 
beamed power electromagnetic ramjet propulsion sys- 
tem envisioned herein will require a plurality of micro- 
wave power transmitters. The first transmitter, located 
closest to the launch point, will have a broadside beam 
elevation angle of 45° . All other transmitters will be 
designed with a broadside beam elevation angle of 30°. 
In the preferred embodiment, the array 72 is circular 
(FIG. 14) with a diameter of 600 m. Each radiating 
element 70 (which comprises a beam launching horn) is 
fed CW microwave power via a waveguide 74. As is 
shown in FIG. 13 and in FIG. 15 (which is a plan vie of 
the transmitter) the waveguides 74 extend outward 
from the back of the array 72 in diverging directions for 
several hundred meters so as to provide some space 
between adjacent waveguide 74 that is large enough for 
access by technicians. These are where the phase shift- 
ers 76 are mounted. The microwave beam 18 is steered 
electronically by these phase shifters 76 which control 
the phase of the microwave power that is fed to the 
beam launching horns 70. FIG. 16 shows an enlarged 
longitudinal cross section of some of the beam launch- 
ing horns 70 and the waveguides 74 that are connected 
to them. It is possible to design this microwave feed 
system with low loss waveguides such that over 99.9% 
of the microwave power fed into the system is transmit- 
ted. 

In the preferred embodiment, the transmitting horns 
70 and waveguides.74 have square transverse cross 
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sections. The transmitting end of the horns 70 have 
aperture dimensions 4A by 4A where A denotes the 
wavelength of the microwave beam. For the preferred 
frequency of 10 GHz, A=3 cm. Hence, the end of each 
transmitting horn 70 has inside dimensions of 12 cm by 
12 cm. The mounting of the array 72 is such that the 
spacing 78 between the inner walls of adjacent horns 70 
is A/2=1.5 cm so as to form a close-packed array with 
negligible sidelobes. This close-packing design of the 
array will enable essentially 100% of the radiated power 
to be contained in the main lobe which forms the micro- 
wave beam. With these dimensions, the array 72 will be 
composed of 15,514,038 separate beam launching horns 
70 and a like number of waveguides 74 and phase shift- 
ers 76. Since the technology of microwave power trans- 
mission enables relatively small waveguides to convey 
very high levels of microwave power (because the 
power density can be as high as 1.2 MW/cm2) over long 
distances with virtually zero loss, it is possible to 
achieve a total beam power of essentially any desired 
value by simply feeding a sufficient amount of micro- 
wave power into each individual waveguide. This is an 
important operating feature of the invention as it ena- 
bles the electromagnetic ramjet to be designed to oper- 
ate with essentially any desired level of microwave 
power. In the preferred embodiment of the invention, 
the microwave transmitters will be designed to transmit 
a maximum beam power of 10,000 GY (1013 watts). In 
order to obtain a maximum beam power of 10,000 GW, 
it is only necessary to feed 645 KW of microwave 
power into each individual waveguide 74. Since 645 
KW microwave generators operating at 10 GHz are 
readily available as commercial “off the shelf items”, 
the possibility of achieving a beam power of 10,000 GW 
(and much greater power) is very easy. It is just a matter 
of numbers. For example, since 1 MW amplitron micro- 
wave generators operating at 10 GHz (with an overall 
electric-to-microwave efficiency of 95%) are readily 
available and could be used to feed each waveguide 74, 
a beam power of over 15,500 GW could be achieved. 
(See, “High Power Microwave Generators of the 
Crossed-Field Type,” Journal of Microwave Power, Vol. 
5, No. 4, December 1970, pp. 245-259, by William 
Brown.) The reason why the waveguides 74 diverge 
and extend in back of the array for several hundred 
meters is to separate them to allow individual access 
and to enable the heat that is generated by the very 
small inefficiency losses to be carried off by various 
cooling systems. 

The particular method adopted for generating the 
microwave power and feeding it into each waveguide 
will depend upon economics which is beyond the in- 
tended scope of this disclosure. However, it is instruc- 
tive to identify a few of the possibilities. The first 
method involves connecting each waveguide 74 to its 
own separate microwave generator as described above. 
However, since the number of waveguides is so enor- 
mous, this method may be too expensive. Another 
method would be to generate several gigawatts of mi- 
crowave power in single unit microwave generators 
and use the output to feed several thousand waveguides. 
In particular, a single microwave generator operating 
with an efficiency of 90% in the form of a 1.22 m long, 
2.75 m diameter cylinder with a mass of only 5,400 kg 
would be capable of generating 10 GW of microwave 
power at 10 GHz. (See pages 176-180 of the paper, 
“Microwave Rocket Concept,” International Astronauti- 
cal Congress Vol. 16, Athens, 1965 by J. Schad and J. 
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Moriarity.) It would only require 1,000 of these units 
(each of which feeding 15,504 waveguides) to obtain 
the desired maximum 10,000 GW beam power. For 
definiteness, this is the method adopted herein. Thus, as 
shown in FIGS. 13 and 15, the 10 GW microwave 
generating units 80 are positioned at various locations, 
each of which are connected to 15,504 waveguides 74. 

In order to dissipate the waste heat, a large cooling 
system 82 is provided. This cooling system 82 takes 
large quantities of water 84 from a nearby reservoir 86 
and circulates it via conduits 88 around the microwave 
generators 80, phase shifters 76, and large portions of 
the waveguides 74 and beam launching horns 70. Since 
the transmitter will have to operate for only few min- 
utes, the heat build up will not overwhelm the cooling 
system. 

The electrical energy used to power the 1,000 micro- 
wave generators 80 is obtained from a large under- 
ground superconducting energy storage system 90. 
Such energy storage systems will be easily capable of 
supplying over 10,000 GW of DC electric current for 
the microwave generators 80 since superconducting 
inductor coils can be discharged at very high power 
levels. The electric current is fed to the generators 80 
via superconducting power transmission lines 92 that 
are connected to the inductor 90 via superconducting 
on/off control switches 93. A large cryogenic cooling 
system 94 is provided for the inductor 90 and for the 
various superconducting transmission lines 92 and 


_ switches 93. Since an electromagnetic ramjet receiving 


propulsive power from a particular transmitter will 
usually be within range of the transmitter for less than 2 
minutes, the total amount of inductive energy stored in 
the superconducting energy storage system could be 
easily achieved. It would require a storage capacity of 
about 350 GW-hr to provide 10,000 GW for 2 minutes. 
Such systems are well within engineering feasibility. 
(See for example, “Superconductive Energy Storage 
For Diurnal Use By Electric Utilities,” IEEE Transac- 
tions On Magnetics, Vol. MAG-17, No. 1, January 1981, 
pp. 340-343 by R. Boom.) After the superconducting 
energy storage system is discharged by feeding current 
to the microwave generators 80 at very high power 
levels, it is recharged with current via other supercon- 
ducting power transmission lines 96 at a much lower 
power level, but over a much longer time period. These 
recharging transmission lines could be connected to the 
field coils that are used to launch the ramjet vertically 
off the earth’s surface. However, since some of the 
transmitters will be located several thousand kilometers 
from the launch point, it may be more practical to re- 
charge the superconducting energy storage systems 90 
by specially designed “stand-alone” power plants. A 
large superconducting MHD power plant would be 
ideal for this purpose because this type of power plant is 
very efficient and could be easily designed to operate on 
an intermittent basis with the capability of generating 
very large amounts of power. (See Investigation of MHD 
Power Generation, Vol. II Integration With Cross-Field 
Microwave Devices, RADC-TDR-62-464, Contract AF 
30 (602)-2487, by W. C. Brown.) For example, such a 
power plant could be designed to generate 100 GW of 
power for 34 hours which would be sufficient to re- 
charge a completely discharged superconducting en- 
ergy storage system 90. However, since the first trans- 
mitter will be located near the field coils, the electric 
current it uses to power its microwave generators will 
be taken directly from the superconducting field coils. 
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In this case, the inductive energy storage system for the 
transmitter would be the field coils themselves and thus 
there would be no need for a separate system 90. 

There is another method for operating the micro- 
wave power generation and transmission system that 
may be the most economical. This method is based upon 
taking maximum advantage of the enormous micro- 
wave power that can be efficiently transmitted through 
circular large-diameter pressurized gas high frequency 
waveguides. For example, if d (meters) denotes the 
diameter of such a waveguide, the microwave power P 
(gigawatts) that could be transmitted through it is given 
approximately by 


P=(5dy GW 


(See, “Economic Feasibility of Microwave Power 
Transmission in Circular Waveguide,” Ch. 3.6, pp. 
256-269, D. Dunn and W. Loewenstern, Jr., Microwave 
Power Engineering, Vol. 1, Academic Press, 1968, E. 
Okress, ed.) Consequently, a waveguide of this type 
having a diameter of only 14.14 m (46.39 ft) would be 
capable of transmitting 5,000 GW. Two such wave- 
guides would be capable of transmitting the maximum 
desired microwave power. Thus, instead of having to 
generate 10,000 GW of microwave power at each trans- 
mitter, it could be generated at the first transmitter (via 
the generators 80) and fed to the other transmitters 
sequentially by a pair of these giant waveguides 
mounted in underground tunnels that are connected to 
all of the transmitters located within the continental 
United States. The process of turning off the micro- 
wave power at one transmitter and turning it on at the 
next transmitter would simply involve switching the 
power flowing through the waveguides from one trans- 
mitter to the next transmitter. Consequently, with this 
method, there would be no need for any microwave 
generators 80 or superconducting energy storage sys- 
tems 90 at these transmitters. The microwave power 
would be fed directly into the small waveguides 74 that 
feed it past the phase shifters 76 to the beam launching 
horns 70 at each phased array transmitter. 

Although the phased array microwave transmitter 
may appear to be a very complex structure and operat- 
ing system, it is, in reality, a simple bee-hive type hous- 
ing with millions of waveguides. Since there are no 
moving parts, there is nothing to ware out. It would not 
require very much maintenance and it would be essen- 
tially 100% reliable. The economics of automated mass 
production techniques could be employed to reduce the 
total cost of the array. 

As pointed out above, the microwave beam 18 is 
steered electronically by controlling the phase of each 
radiating element 70 in the array by the phase shifters 
76. Each of these phase shifters 76 are controlled by a 
beam steering computer 98 via electric conduits 100. 
This computer 98 generates the steering commands 
such that the beam is automatically pointed at the elec- 
tromagnetic ramjet as it traverses through the iono- 
sphere several hundred kilometers away. The phase 
shifters 76 also enable the beam to be focused on the 
dipole such that the beam diameter is always maintained 
exactly equal to the dipole diameter as it moves away 
from the transmitter. An excellent technical exposition 
on the design and operating principals of electronically 
steered phased array microwave transmitters is given in 
the book: Theory And Analysis Of Phased Array Anten- 
nas, John Wiley & Sons, Inc., 1972 by N. Amitay et al. 
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The focused minimum possible diameter d; of the 
microwave beam at a distance D is given by the formula 


ds=2.44 D (A/d)) (5) 
where d; is equal to the diameter of the transmitting 
antenna, which is, in the preferred embodiment, equal 
to 600 m. Since A=0.03 m, the minimum possible beam 
diameter ds at a distance D=2,459 km (2.5 Xx 106 m) is 
300 m. Consequently, the effective operational range of 
this transmitter when beaming propulsive power to an 
electromagnetic ramjet with a diameter of 300 m is 
2,459 km. FIG. is a graph of ds versus D corresponding 
to this transmitter where A=0.03 m, an dt=600 m. 
Since the maximum required distance will only be about 
500 km (which corresponds to a ramjet altitude of 100 
km, and a beam elevation angle of 10°) this 2,459 km 
range is much more than is actually required. The mini- 
mum beam diameter d; for this transmitter at the maxi- 
mum 500 km range ts 61 m. Consequently, in order to 
operate this transmitter at maximum power transmission 
efficiency (where the beam diameter is always equal to 
the smallest dipole diameter) the dipole diameter must 
be equal to or greater than 61 m. In order not to exceed 
the maximum power density of 425 W/cm? (so as to - 
avoid atmospheric breakdown) the maximum beam 
power that could be transmitted to an electromagnetic 
ramjet with this diameter is 12.42 GW (which is only 
0.12% of the transmitter’s maximum power generating 
capability of 10,000 GW). 

As pointed above, the actual design of the electro- 
magnetic ramjet will comprise not one but several su- 
perconducting dipole coils. This enables the effective 
magnetic field of the central region (i.e., the electron 
cyclotron resonance region) to be increased by the 
superposition of the magnetic fields generated by all the 
dipoles, thereby significantly increasing the propulsive 
thrust. The diameter of the microwave beam is continu- 
ously focused so as to be equal to that of the inner most 
dipole coil. FIGS. 18 and 19 are schematic longitudinal 
and transverse cross sections of a typical electromag- 
netic ramjet 102 with six concentric coplanar supercon- 
ducting dipole coils 10 mounted inside circular concen- 
tric airfoils 104. (These airfoils 104 are essentially identi- 
cal to the airfoil 46 described in FIGS. 10, 11 and 12.) 
The concentric circular dipole airfoils 104 are main- 
tained in rigid, spaced apart positions relative to each 
other by a secondary system of straight radial airfoils 
106 that are mounted between adjacent dipole airfoils 
104. 

A cylindrical central body 108, (i.e., fuselage), which 
represents the ramjet’s payload, is mounted along the 
central longitudinal axis of the dipole via a plurality of 
cables 110 made of very high strength, high tempera- 
ture material (such as fused silica glass fibers). The cen- 
tral body 108 has a length less than the diameter of the 
inner airfoil 115 and contains several large in dependent 
cargo bays for the payload. It is mounted such that its 
center of mass 111 coincides with the center of mass of 
the ramjet 102 (which is at the geometrical center of the 
dipole coils). As is shown in FIG. 19, the transverse 
cross sectional area 112 of the central body 108 is a 
small fraction of the area 114 of the inner airfoil 115. 
Therefore, its presence inside the center of the electro- 
magnetic ramjet does not restrict the air flowing 
through it and does not reduce its thrust generating 
capabilities. The electron cyclotron resonance region 
116 of the ramjet is designed to be behind the end 118 of 
the central body 108 such that the central body 108 is 
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outside the accelerating region 120 of the ionized atmo- 
spheric gas.passing through the ramjet and does not 
interfere with it. Unlike prior art ramjet propulsion 
systems that are mounted inside a fuselage or attached 
to wings (such as the “scramjets” proposed for the 
ground-to-orbit aerospace plane), the electromagnetic 
ramjet proposed herein is so huge that the entire fuse- 
lage of the vehicle is mounted inside the ramjet and the 
“wings” become the external structure of the ramjet 
itself. 

FIG. 20 is an enlarged schematic longitudinal view of 
the central body 108 illustrating a plurality of large 
aerodynamic dive brakes 122 that are used to assist in 
decelerating the ramjet as it traverses back through the 
atmosphere while returning to the launch site on the 
earth’s surface. The rear of the central body 108 is fitted 
with large hemispherical doors 124 made of high tem- 
perature material that provides thermal protection dur- 
ing the high-speed descent through the atmosphere 
back to the launch site. The front 126 of the central 
body 108 has a streamlined shape to reduce aerody- 
namic drag while accelerating to orbit through the 
atmosphere. Large portions of the inside walls of the 
central body 108 are fitted with superconducting shield- 
ing coils 127 to prevent the magnetic field generated by 
the ramjet’s dipole coils from entering the central body. 

FIG. 21 is a schematic transverse cross section of the 
rear of the central body directly behind the hemispheri- 
cal thermal doors 124 illustrating the exhaust duct 128 
of a very large multigigawatt electron cyclotron reso- 
nance (ECR) accelerator 130, surrounded by the ex- 
haust nozzles 131 of twelve high thrust chemical rocket 
engines 133 using propellant 135 stored inside the cen- 
tral body 108. These engines 130, 133 provide the vehi- 
cle with a considerable amount of orbiting maneuvering 
propulsion that is used after the primary ramjet propul- 
sion system accelerates the vehicle to a desired launch 
velocity. For example, this auxiliary propulsion system 
can be used for plane changing maneuvers and for cir- 
cularizing the vehicle in a desired circular orbit. Since 
the electromagnetic ramjet propulsion system is capable 
of accelerating the vehicle through the ionosphere to 
lunar transfer velocities, this self-contained propulsion 
system enables the vehicle to decelerate into lunar orbit, 
unload cargo, and accelerate back to earth. By con- 
structing a plurality of superconducting field coils on 
the moon’s surface, the ramjet (and its payload) will be 
able to land on its surface and be catapulted back to 
earth via magnetic repulsive forces, thereby providing 
direct surface-to-surface transportation between the 
earth and the moon for passengers and/or cargo. But 
before this magnetic propulsion system could be con- 
structed on the moon, it will be necessary to perform 
lunar propulsive maneuvers using the conventional 
reaction principle of rocket propulsion. 

The electrical energy used to operate the ECR engine 
will be obtained from the ramjet’s superconducting 
dipole coils 109 which are utilized as a large inductive 
energy storage system. Since these dipole coils 109 will 
have to be nearly completely discharged before the 
ramjet can be returned back to the launch site in order 
to be properly decelerated by the magnetic repulsive 
forces of the field coils, the utilization of this stored 
inductive energy for maneuvering propuision is very 
convenient. (Since the total mass of the returning vehi- 
cle will be significantly lower than the launch mass, it is 
necessary to reduce the magnetic field of the returning 
ramjet so as to reduce the magnetic repulsive forces 
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generated by the field coils and allow the ramjet to 
land.) For a detailed technical description of the ECR 
engine see my paper “Generalized Theory of Rocket 
Propulsion for Future Space Travel,” AIAA Journal of 
Propulsion and Power, Vol. 3, No. 4, July-August 1987, 
pp. 320-328. 

When the electromagnetic ramjet is being accelerated 
by the microwave beam, the intensity of the repulsive 
magnetic field generated by the free electrons moving 
in their resonant cyclotron orbits behind the ramjet will 
be several orders of magnitude greater than the inten- 
sity of the earth’s natural magnetic field. Consequently, 
during this time, the earth’s natural magnetic field will 
have no effect on the ramjet. However, when the mi- 
crowave propulsion is terminated, the earth’s natural 
magnetic field will exert a magnetic torque on the di- 
pole coils that will force the dipole plane of the ramjet 
to remain oriented perpendicular to the earth’s mag- 
netic field. Therefore, the central body 108 is mounted 
on the ramjet 102 such that after the microwave propul- 
sion is terminated and the vehicle is in orbit, the central 
body 108 will be free to rotate 360° around a rotation 
axis 137 that passes through its center, perpendicular to 
its longitudinal axis 103 which extends along the diame- 
ter of the circular airfoils 104. This central rotation axis 
137 is a tubular beam 137 mounted inside co-linear ra- 
dial airfoils 139 that are attached to the circular airfoils 
104. A plurality of co-planer supporting cables 141 
(FIG. 18) extending from the central body 108 are at- 
tached to the rotation axis 137 thereby providing addi- 
tional support for the central body 108 while the central 
body 108 rotates around the rotation axis 137. A plural- 
ity of superconducting cables 143 are mounted inside 
the central beam 137 and enable electric current taken 
from the dipole coils 109 to pass into the central body 
108 and fed into the ECR engine 130. 

When the ramjet is being accelerated by the field 
coils, and then by the microwave beams, the thrust 
forces generated by the dipole coils 109 will be very 
great. In order to transmit these thrust forces to the 
central body 10 without causing any significant coil 
deformations, a large number of supporting cables 145 
are mounted at close intervals around each circular 
airfoil 104 (FIG. 19) that are attached to various bulk- 
heads 147 (FIG. 18) on the central body 108. After the 
microwave propulsion is terminated, those supporting 
cables 149 that are not attached to the rotation axis 137 
are detached from the airfoils 104 and withdrawn into 
the central body 108 thereby allowing the central body 
to rotate freely around the rotation axis 137. The reflec- 
tor grid 12 is also disconnected from the inner airfoil 
115 and withdrawn into the central body 108. Although 
the dipole plane must always remain perpendicular to 
the earth’s magnetic field, the longitudinal axis 103 of 
the central body 108 can be pointed in any direction by 
rolling the vehicle around the longitudinal axis 103 and 
by rotating the central body 108 around the rotation 
axis 137. Consequently, the propulsion system of the 
central body 108 can generate propulsive thrust in any 
desired direction while the coil plane remains perpen- 
dicular to the earth’s magnetic field and such that the 
thrust vector always passes through the vehicle’s center 
of mass. A large attitude control moment gyro system 
151 is mounted at the center of mass 111 inside the 
central body 108 (FIG. 20) in order to carry out these 
rolling and rotating movements. 

When the vehicle is preparing to return to the earth’s 
surface prior to reentering the atmosphere, the central 
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Questions 

Follow the previous steps to calculate the 
value of C E required if the lowest operating 
frequency of the amplifier is 50 Hz. 

1. 50Hz is the lowest frequency at which the 
amplifier must operate. 


2 XC = 
3. CE = č 
Answers 


XC = 10 ohms 
CE = 320 uF (approximately) 

The AC voltage gain formula for an amplifier 
with an emitter bypass capacitor (Circuit 2 in 
Figure 8.21 ) is the same as the AC voltage 
gain formula for the amplifiers discussed in 
problems 1-10, where the emitter is directly 
connected to ground (Circuit 1 in Figure 8.21 
). 

Figure 8.21 
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body 108 is rotated around the rotation axis 137 such 
that the longitudinal central axis 103 of the central body 
108 is aligned with the longitudinal central axis of the 
ramjet 102. The alignment is such that the hemispheri- 


cal doors 124 on the rear of the central body 108 are 


heading into the direction of motion. Since the dipole 
coils 109 are nearly discharged (which will be required 
when returning to earth) the magnetic torque exerted 
by the earth’s natural magnetic field will be relatively 
weak and could be cancelled by the attitude control 
system. However, when the ramjet approaches to 
within a few hundred kilometers of the launch site, the 
magnetic field generated by the field coils will become 
stronger than the earth’s natural magnetic field. This 
will create a new and stronger magnetic torque that will 
keep the dipole plane perpendicular to the magnet field 
of the field coils and this is precisely what is required 
during the final descent to the landing area. 

As described above, the electromagnetic ramjet, 
along with its payload, is launched vertically from the 
earth’s surface and accelerated to supersonic speed at 
high altitude by magnetic repulsive forces generated by 
a plurality of coaxial superconducting field coils several 
kilometers in diameter embedded beneath the earth’s 
surface. Since the superconducting dipole coils of the 
electromagnetic ramjet generate such a huge magnetic 
field (when fully charged), this field is utilized to ini- 
tially lift the vehicle off the earth’s surface and to accel- 
erate it to an altitude where the ramjet can begin operat- 
ing by the microwave beam. Thus, after the vehicle 
reaches a sufficiently high altitude, the electromagnetic 
ramjet propulsion system is started using microwave 
power transmitted from the earth’s surface which accel- 
erates the vehicle to orbital velocity. After the payload 
is removed from the central body, the vehicle is decel- 
erated back to the launch site by continuous aerody- 
namic braking while gliding through the upper atmo- 
sphere at high altitudes over extended distances gradu- 
ally descending to lower altitudes and landing vertically 
at the launch site with final decelerating thrust provided 
by magnetic repulsive forces generated by the same 
field coils used to launch the vehicle. These launching 
and landing methods are illustrated in FIGS. 22 and 23 
respectively. For simplicity, the ramjet appears as one 
dipole propulsion coil in these figures and the central 
body is omitted. 

As is illustrated in FIG. 22, the dipole coil 10 of an 
electromagnetic ramjet accelerated vertically from an 
annular launching platform 132 by magnetic repulsive 
forces generated by a plurality of superconducting field 
coils 134 (which are also dipoles) mounted inside circu- 
lar coaxial underground tunnels 136 in a remote region. 
These field coils 134 generate a resultant magnetic field 
138 (represented by the vector summation or “superpo- 
sition” of the individual magnetic fields) which opposes 
the magnetic field 140 generated by the propulsion 
dipole 10 which has opposite polarity. This results in a 
magnetic repulsive force exerted on the propulsion coil 
10, and magnetic repulsive forces exerted on the field 
coils 134. Multiple arrays 142 of photovoltaic solar cells 
are mounted around the outer perimeter of the field 
coils for generating electrical energy. This electrical 
energy is used to charge up the superconducting field 
coils. As described above, the field coils are also utilized 
as a giant superconducting inductive energy storage 
system for supplying current to the microwave genera- 
tors at the first transmitter. A plurality of underground 
superconducting power transmission lines 144 are pro- 


22 
vided for transferring excess electrical enérgy not 
needed to operate the propulsion system to the national 
intertie power grid for distribution across the United 
States. 
FIG. 23 is a schematic perspective view showing 
how a superconducting propulsion coil 10 is deceler- 


`- ated back to the launch site by the stationary field coils 
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134 embedded beneath the earth’s surface 146. The 
inductive coupling between the field coils 134 and the 
magnetically decelerated propulsion coil 10 enable a 
portion of the potential and kinetic energy of the coil 10 
to be reconverted into electrical energy when the coil 
10 is brought to rest back on the launching platform 
132. This inductive coupling appears as an increasing 
repulsive magnetic field generated by the dipole coil 10 . 
when approaching the field coils that generate strong 
magnetic repulsive forces decelerating the coil and 
enabling it to lose all of its velocity at the moment of 
contact with the earth’s surface in the center of the field 
coils. This is a beautiful situation as it allows the propul- 
sion dipole 10 to be automatically partially recharged 
with current that is used to launch the next payload. 
However, a great deal of additional current must be fed 
into the dipole coil because the launch mass will be 
many times greater than the return mass. But the cost of 
this additional inductive energy that must be added to 
the propulsion coil will be zero since the solar arrays are 
conducted to be an integral part of the entire system. 

. Payloads are brought to the launch site via an under- 
ground access tunnel 148. The surrounding walls of this 
tunnel 148 are fitted with superconducting shielding 
coils 150 to prevent the magnetic field 138 generated by 
the field coils 134 from entering the access tunnel 148. 

In order to demonstrate the basic engineering feasibil- 
ity of lifting the electromagnetic ramjet off the earth’s 
surface (along with its payload) and accelerating it to 
very high altitude via magnetic repulsive forces gener- 
ated by a plurality of superconducting field coils em- 
bedded beneath the earth’s surface, it is necessary to 
conduct a mathematical investigation. FIG. 24 illus- 
trates two parallel coaxial circular coils 152, 154 with 
radii R; and R2 separated by a distance h and carrying 
currents i; and i2 in opposite directions respectively. 
Hence, the corresponding magnetic fields 156, 158 gen- 
erated by the currents i; and i2 have opposite directions, 
and the coils are therefore repelled by a magnetic repul- 
sive force F. The exact mathematical expression for this 
repulsive force is given by | 

(6) 


Ri? + R2 +R? ) | 

a ED -E 
it RNA) 
where E; and E> and the complete elliptic integrals of 
the first arid second kinds, respectively given by 


Mol tigh 


Nh? + (Ri + Ry)? 


F= 


dx 
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-continued 
4R¡R 


= 
h? + (Ry + Roy 

If R¡>>R, equation (6) can be expressed to a good 

approximation by the equation 


3muoR Riik (7) 


O AR? + Y 


where uo=4mr x10—? henry/m (MKS units are used). 
See, Introduction to Electromagnetic Fields And Waves, 
Addison-Wesley Publishing Company, 1968, pp. 
219-220, by E. V. Bohn. It is important to point out the 
fact that equation (7) demonstrates that the propulsive 
force F acting on the second coil 154 increases with the 
square of its radius Ra. 

Suppose that the first coil 152 (field coil) is at rest on 
the earth's surface and the second coil 154 (propulsion 
coil) is being repelled above it by the magnetic repulsive 
force F. The downward force of gravity W acting on 
the second coil 154 is equal to m2g where mz is equal to 
its mass and g=9.81 m/sec? is equal to the average 
gravitational acceleration at the earth's surface. If the 
second coil 154 has a mass density p and a current den- 
sity J, the thrust to weight ratio F/W for the magneti- 
cally repelled coil 154 can be expressed as 


F_ _ HoR Rath id 
Yo 4gp(Ry? + WP 


It is apparent from this equation that the thrust to 
weight ratio of the magnetically repelled coil 154 can be 
increased by increasing its radius Rz and its current 
density J. If the coils 152, 154 are superconducting, the 
values of i; and J can be made very large. Moreover, by 
utilizing superconducting coils, all internal electrical 
resistance vanishes, and the currents i; and iż do not 
have to be sustained by any external power source to 
make up for resistive losses. 

There exists the practical problem of charging the 
second coil 154 with current i2 without it being cata- 
pulted away from the first coil 152 (which is assumed to 
be fully charged with current i;) before the second coil 
154 can be fully charged. However, in view-of equation 
(8), there is no upward thrust exerted on the second coil 
when h=0. In order for the coil 154 to be magnetically 
repelled away from the field coil 152, it must have some 
relatively small initial altitude họ where F/W=1. Thus, 
the second coil 154 can be charged with its current iz 
while resting on the earth's surface (at h=0) in the 
center of the larger field coil 152. 

Let B; denote the magnetic field strength generated 
by the first coil 152 at its center. Hence 


(9) 


‘If A2 denotes the area of the second coil 154, its mag- 
‘etic dipole moment M2=i2A2. Therefore, since 
: ¿=TR2?, the magnetic dipole moment Ma of the sec- 
ond coil 154 can be expressed as 


M2 =i27R7* (10) 
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If the second coil 154 is charged with current i when it 
is on the earth's surface in the center of the field coil 
152, its magnetic potential energy Em, which is equal to 
B¡M2, can be expressed as 


poniji R? (11) 


Em = 2R1] 

This magnetic potential energy Em is converted into 
kinetic and potential energy by the second coil when it 
accelerates away from the first coil (which remains 
stationary). The mathematical expression of this energy 
represented by equation (11) clearly demonstrates that 
an enormous amount of magnetic potential energy Em 
can be fed into the second coil (by charging it with 
current i2) if the coil is constructed with a very large 
radius R2. This method of launching the ramjet by mag- 
netic repulsive forces involves the recognition (through 
equations 7, 8 and 11) that enormous amounts to stored 
propulsive energy Em and propulsive thrust F can be 
achieved with the principle of magnetic repulsion by 
utilizing superconducting coils and scaling up their 
physical dimensions many orders of magnitude—far 
beyond anything previously contemplated. By con- 
structing a superconducting field coil 152 with a radius 
of several kilometers and charging it with an enormous 
current ij, it is possible to construct the superconduc- 
ting propulsion coil 154 with a radius of hundreds of 
meters and charge it with current iz to obtain an initial 
magnetic launch energy E,, far greater than the initial 
chemical launch energy contained in the propellant of _ 
any prior art chemically propelled launch vehicle. In 
fact, equation (11) shows that, for all practical purposes, 
there is virtually no limit on the amount of launch en- 
ergy E,, than can be obtained for the magnetically pro- 
pelled coil—and this launch energy Em will be con- 
verted into kinetic and potential energy with an effi- 
ciency of nearly 100% compared to only about 2% for 
chemically propelled launch vehicles. (Almost all of the 
initial chemical launch energy of conventional rocket 
propelled launch vehicles is wasted by having to lift and 
accelerate the enormous propelled load.) 

In order to better understand this magnetic propul- 
sion concept, it may be helpful to consider a simple 
numerical example. Suppose the field coil 152 has a 
current i¡=1.5x 109 amp and a radius R¡=10,000 m. 
Suppose the current density of the second coil 154 is 
J=5 xX 108 amp/m? and has a radius R2= 1,000 m with a 
mass density p=3,000 kg/m. At an altitude h= 10,000 
m (32,800 ft) the thrust to weight ratio for the magneti- 
cally repelled coil 154 would be equal to 42.46. Thus, at 
this altitude, the coil 154 would be accelerating upward 
by the magnetic repulsive force with an acceleration of 
41.46 g and would be moving with a velocity of 3.156 
km/sec (7,059 MPH or Mach 10,2). 

The corresponding velocity V at any altitude h can 
be calculated from the equation 


V={C(R1?+ ho?) LS —(Ri24 h2)> 1.51 2G[(re+- 


ho)! —(Re+h)7 A (12) 


where 


RR 
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and G=3.981 x 1014 m3/sec? (earth’s gravitational con- 
stant) Rg=6,371,315 m (earth’s mean radius) and họ is 
equal to the launch altitude (which is equal to the initial 
height where F/W=1). For the above example 
ho=41.16 m and C=1.571x10!9 m3/sec?. The coil 
would be accelerated to a maximum altitude of 916 km. 
The altitude where the magnetic repulsive force is equal 
to the gravitational force (F/W=1) is 37.73 km 
(123,800 ft). This altitude could be sustained indefinitely 
by the propulsion coil without expending any energy. 

This simple example demonstrates the very powerful 
propulsive forces than can be generated by magnetic 
repulsion when large superconducting coils are used. 
These propulsive forces are significantly greater than 
that which can be generated by conventional rocket 
engines. The most important fact however, that has 
profound importance in the field of space travel, is that 
these powerful propulsive forces are generated without 
using any propellant or any power generating system on 
the propulsion coil. 

Before proceeding, it should be pointed out that al- 
though the construction of a 20 km diameter supercon- 
ducting field coil would be expensive, it would cost 
significantly less than the $3 billion cost of the Super- 
conducting Super Collider underground particle accel- 
erator, with a diameter of 60 km that is being designed 
and constructed for high energy physics research. (See 
“The SSC: A Machine For The Nineties,” Physics To- 
day, March 1985, pp. 28-37, by S. Gladshow and L. M. 
Lederman). Using mass production techniques for man- 


ufacturing the superconducter, the cost of installing a 20 . 


km diameter field coil could probably be kept to about 
$10 million per kilometer or $625 million. Thus, the 
concept of magnetic propulsion introduced herein is 
well within economic feasibility. 

It follows from equation (8) that the thrust to weight 
ratio F/W of the propulsion dipole 154 can be increased 
by maximizing the product R2J. But the radius R2 and 
current density J are not independent variables. They 
are related by the mechanical stress limitations gener- 
ated by magnetic forces. Any current carrying conduc- 
tor generates a magnetic field. This magnetic field gen- 
erates J x B Lorentz forces on the conductor which, in 
turn, generates various mechanical stresses that must be 
contained by some supporting mass. In the case of su- 
perconducting propulsion coils described herein, the 
conductor itself is designed to contain these forces. 
Thus, in order to minimize the mass of a propulsion coil 
it will be designed to be a self supporting superconduc- 
ting dipole. The stresses are contained by the supercon- 
ducting cable used to construct the dipole. 

The inductive energy E of a superconducting coil 
carrying a current i with self inductance L is given by 
the equation 

E=3Li? (13) 
The self inductance of a dipole coil with major radiums 
R and minor radius r (FIG. 25) is given by 

L=p>Rflog(8R/r)— 1.75] (14) 
Consequently, the total radial outward force F acting 
on the dipole is 
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where i denotes the total current flowing through the 
coil’s total cross sectional area A;. If F; denotes the total 
tension in the coil, its stress o =F,/A;,=F./7rr?. Conse- 


- quently, since F;=F/27, it follows that _ 


— = un pollog(8R/r) — .75] = nro . uo 


The magnetic filed B, at the center of the dipole is given 


(16) 


and the maximum magnetic filed B,, which occurs on 
the surface of the dipole closest to the center, is given 
by 


Hoi (17) 


Bm = 2rr 


Consequently, since the aspect ratio y==R/r, equation 
(15) can be expressed as 
Bo*y*log(8y) —0.75]=o77 22 (18) 


Since the current i is related to the current density J by 
i=JA;=Jzr2, it follows from equation (16) that 


2Byy? 
THo 


(19) 
JR = : 


Hence, in view of equation (18) it follows that 


JR=20/p0)*[y/(og(8y)—0.75)*] (20) 
This equation is of fundamental importance because it 
relates the product JR to the tensile strength o of the 
superconducting cable and the aspect ratio y of the 
propulsion dipole. 

The function F(y) in the brackets of equation (20) 
defined by 

Fly)=y/[log(8y)—0.75]8 (21) 

is dependent only on y and hence the shape of the di- 
pole (i.e., only on the relative thickness of its cross 
section). It will therefore be called the “shape factor”. 
A graph of this function is shown in FIG. 26. It is very 
nearly equal to a straight line with a slope of 0.3. Hence, 
the product JR can be expressed to a good approxima- 
tion by the equation 


(22) 


JR = .600 y N T/Ho ' 


This equation clearly demonstrates that the value of JR 
can be increased to large values by increasing the aspect 
ratio y of the dipole and by constructing the supercon- — 
ducting cable of ime dipole with a very high tensile 
strength o. 
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The aspect ratio y of a dipole coil can also be deter- 
mined to a good approximation by the equation 


(23) 
37 Nope 


Bo 


which follows from equation (18) using the approxi- 
mately F(y)=0.3y. However, it should be emphasized 
that the exact value of y corresponding to a central field 
Bo is obtained by solving equation (18). 

In view of equations (8) and (22) the thrust to weight 
ratio F/W of the dipole can be maximized by construct- 
ing the superconducting cable with a high strength to 
density ratio o/p. The fabrication of such a cable is 
disclosed in my U.S. Pat. No. 4,078,747 filed June 2, 
1975 entitled “Orbiting Solar Power Station.” Basically 
this fabrication method involves reinforcing high 
strength, low density, superconducting cable previously 
fabricated by vapor depositing a thin layer of supercon- 
ducting material onto high strength carbon fibers, with 
a tensile strength of 0.28 X 1010 N/m2, with super high 
strength fused silica glass fibers, with a tensil strength of 
1.4x 1010 N/m?. However, by using new high tempera- 
ture ceramic superconducting material, the supercon- 
ducting layer can be vapor deposited directly onto the 
fused silica glass fibers thereby eliminating the need for 
any carbon fibers. The technique of vapor depositing 
superconducting material onto high strength fibers is 
discussion in the article “Superconducting Properties of 
Thin Film Niobium Carbonitrides on Carbon Fibers,” 
IEEE Transactions on Magnetics, Vol. Mag-11, No. 2, 
March 1975, pp. 185-188 by G. E. Pilce et al. Since 
experiments involving high temperature ceramic super- 
conducting material indicate that such material is intrin- 
sically stable, there is no need for any stabilizer material 
such as copper or aluminum. The resulting tension bear- 
ing superconducting cable fabricated by this technique 
will have a tensil strength o=1.4x 1010 N/m2, and a 
mass density p=2,160 kg/m. This is the cable that will 
be used to construct the superconducting propulsion 
dipole. 

In view of equation (1), the magnetic field B, at the 
center of the dipole coil 10 is determined by the electron 
cyclotron resonance frequency f of the microwave 
beam. Hence 

Bo.=21Am/e) (24) 
Therefore, since f= 1010 (10 GHz) it follows this equa- 
tion that B=0.3572 T. Consequently, when this value 
is substituted into equation (18), with o-=1.4x 1010 
N/rm?, the resulting aspect ratio y =429,094. 

If the major radius R2 of the propulsion dipole were 
300 m, the minor radius r2(see FIG. 25) would be 
R2/y=0.6991 m. Since the density p of the coil is 2,160 
kg/m, the total coil mass would be equal to 6,252,000 
kg. This can be significantly reduced by employing 
multiple dipole coils. Thus, in the preferred embodi- 
ment of the electromagnetic ramjet, the magnetic field 
is generated by six dipole coils instead of one, and each 
coil generates an equal field strength at the center. 
Therefore, the magnetic field generated at the center of 
each coil will be equal to B,/6=: 0595 T. When this 
value is substituted into equation (18) the resulting as- 
pect ratio y is 2,324.1, which is a factor of 5.416 times 
greater than that of a single coil. Therefore, in view of 
equations (8) and (22) the thrust to weight ratio F/W of 
- each of the six dipole coils will be increased by a factor 
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of 5.416 over that of the single dipole. If the radii of 
these six dipole coils were 300 m, 310 m, 320 m, 330 m, 
340 m and 350 m, the total mass would be 1,629,300 kg 
which represents a reduction by a factor of 3.8 over the 
single dipole design. The minor radius rz of the inner 
dipole would be 300 m/2,324.1=0.129 m (12.9 cm or.5.1 
in) and the minor radius of the outer coil would be 350 
m/2,324.1=0.151 m. 

The general formula for calculating the total coil 
mass m¿of an electromagnetic ramjet with n dipole coils 
with equal aspect ratio is 


2m2p (25) 


Ry) 


n 
Me = 2 
j= 


=1 

The magnetic launch energy Em of the dipoles of an 
electromagnetic ramjet can be arbitrarily increased to 
any desired value without increasing its size or current 
by simply increasing the current i; in the field coils 
and/or by simply increasing the number of field coils. 
Since the field coils remain stationary on earth, their 
mass is of no consequence. Moreover, they do not have 
to be self-supporting as in the case of the propulsion 
dipoles. Since they will be embedded in underground 
tunnels the stresses could be supported by the surround- 
ing earth itself. 

In the preferred embodiment of the invention, there 
will be many (coaxial) field coils instead of only one. In 
view of the principle of field superposition where the 
effective propulsive field is equal to the vector sum of 
the individual fields, the propulsive thrust and energy 
can be increased to achieve unlimited values by simply 
increasing the number of field coils—which can be 
easily accomplished since the field coils remain fixed in 
underground tunnels. In this case, the thrust to weight 
ratio given by equation (8) becomes 


- 2 (26) 
F o ( 3uoR24h ) n iyRij 
W 4gp j=l ( Rij + 422.5 


where Riis equal to the radius of the j’th field coil and 
there are n field coils altogether. The current in each 
field coil is equal to ij. In view of equation (20) the 
product R2J will be equal for each individual dipole coil 
of a ramjet since the aspect ratio y is constant. There- 
fore, the thrust to weight ratio for each dipole will be 
equal regardless of their radii. 

The thrust to weight ratio of a multiple coil electro- 
magnetic ramjet with coil mass me propelled by multiple 
field coils is given by | 


i a (27) 
F El 3uoAM ) n  iyRi 
W 2gme J j=] (Rij + 4)2.5 


where Ma is equal to the total magnetic dipole moment 
of the ramjet. 

The total magnetic dipole moment M2 of a multiple 
coil electromagnetic ramjet is equal to the summation of 
the individual dipole moments M2; of each coil. Hence 
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The current iz; flowing through the j’th coil is equal to 
its density J; multiplied by its transverse cross sectional 
area Ay which is equal to rra? where r2jis equal to the 
coil’s minor radius. Since r2;=R2j/y, the current ij can 


be expressed as 
GR) Raj 
: y? 


However, in view of equation (20), the value of J;R2; 1s 
the same for each coil. Consequently, the total magnetic 
dipole moment of the ramjet can be expressed as 


1 (23) 


ant |i le | 
Y | Hollog(8y)— 75 | jaa 4 


The magnetic dipole moment M2 of the ramjet with six 
propulsion coils given in the example above with radii 
R equal to 300 m, 310 m, 320 m, 340 m, 350 m will be 
equal to 6.18179Xx 1013 amp m2. The magnetic dipole 
moment corresponding to the ramjet with a single coil 
with radius 300 m would be 4.82220 Xx 1013 amp m2. 

The velocity V of the ramjet at any altitude h can be 
calculated by 


M2 


Ar 
ra (co E añ ad, + not — 


l 3 
(Rij + k?)—1-5] — 2G[(Re — ho)! — (Re + h)— 3] > 


where 
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When using the formula for determining the ascent 
velocity of an electromagnetic ramjet carrying a pay- 
load, the density p has to be multiplied by the mass ratio 
mmc where m, the total vehicle mass and meis the total 
coil mass. 

The total magnetic potential energy Em of the propul- 
sion dipole is equal to 


Tuo 


oe log(8y) — .75 
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where Bijis equal to the magnetic field strength at the 
center of the j'th coil generated by the j’th coil, and 
where M2 is equal to the total magnetic dipole moment 
of the ramjet. 

Let B; denote the central magnetic field strength 
generated by the field coils at the launch altitude ho 
where the thrust to weight ratio F/w=1. This altitude 
ho represents the initial height above the plane of the 
field coils. Since the launch altitude above the earth’s 
surface is assumed to be o, the field coils are installed in 
underground tunnels at a depth equal to hy. Therefore, 
the strength of the magnetic field due to the field coils 
at the earth’s surface is given by 


ny, 29) 
Bi =}po 2 oo Ir 
J=1 (Rij + ho) 
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Consequently, the initial magnetic launch energy E», of 
the electromagnetic ramjet (which is equal to M2B1) 
can be expressed as 


Em=tyoM2S1 (30) 
where 
a a 6) 
A 2 al 
j=1 (RI + ho)! 


The magnetic inductive energy E, stored in a multi- 
ple coil electromagnetic ramjet is given by 


g 4 
E: = eat Lj 12; 


where L; denotes the self-inductance of the j’th dipole 
coil given by equation (14). Since 1y;=TTRo¿(JR2)/y?, it 
follows from equations (14) and (18) that the ramjet's 
inductive energy Eç can be expressed by 


(32) 
log(8y) — 1.75 


log(8y) — 0.75 
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As described above, this stored inductive energy will be 
used for maneuvering the vehicle outside the earth's 
atmosphere by the onboard ECR engine after the ram- 
jet propulsion system accelerates the vehicle to the 
required launch velocity. 

Since the superconducting field coils are stationary 
and embedded in underground tunnels, the mechanical 
stress generated by their magnetic fields can be con- 
tained by the surrounding structure and supported by 
the earth itself. Thus, by eliminating the stress limita- 
tions on the field coils, the field coils can be designed to 
carry significantly more current than the propulsion 
coils (i.e., the current density J of the field coils can be 
designed to be much greater than that of the propulsion 
coils). Although the actual current densities J, of the 
current carrying superconductor will be about the same 
for propulsion coils and field coils, the conductor to 
non-conductor cross sectional area ratio of the field 
coils will be much greater than that of the propulsion 
coils. 

In order to take advantage of the very favorable 
scaling laws that are inherent in the magnetic launching 
system disclosed herein, the preferred embodiment will 
be very large. In the preferred embodiment there will 
be ten superconducting field coils 160 (FIG. 27) 
mounted coaxially in underground tunnels 162 with 
increasing radii R; G=1,2,..., 10). 

In order to obtain a more uniform aċceleration for the 
initial ascent trajectory, these field coils 160 will be 
concentrated toward the outer coil with a gradually 
decreasing spacing between adjacent coils determined 
by the function 2x 10’/R. Consequently, the radii Ryof 
the ten field coils will be equal to 10,000 m, 12,000 m, 
13,667 m, 15,130 m, 16,452 m, 17,668 m, 18,800 m, 
19,864 m, 20,871 m, and 21,829 m. These field coils will 
all be designed to carry a current iy equal to 1.510? 
amp. Since the field coils will cover a circular region 44 
km (27 miles) in diameter, it will be constructed in some 
remote, and relatively flat area within the western part 
of continental United States. (One remote desert region 
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in the north west corner of the state of Nevada would 
be ideal.) A relatively flat circular central region 164 is 
provided with a diameter of 10 km, that serves as the 
launching and landing region The strength of the mag- 
netic field in this region will be 0.6 T (6,000 Gauss). 

By employing large scale production facilities, the 
cost of manufacturing the field coils will be relatively 
low. For example, studies by John Gilman, at the Law- 
rence Berkeley Laboratory in Berkeley, Calif. have 
shown that new ceramic oxide high temperature super- 
conducting material could be mass produced at a cost of 
only $20/ton if the rate of production were 500,000 ton 
per year. This cost could be reduced to $2/ton by pro- 
ducing 50,000,000 tons/year. See the article, “The 
Commercial Potential Of High-T, Superconductors,” 
Physics Today, March 1988, by J. J. Gilman. The cost of 
producing fused silica glass (which would represent 
most of the mass of the propulsion coils) could be manu- 
factured at a much lower cost. The underground tun- 
nels would have a maximum depth of about 500 m and 
could be rapidly excavated by employing ten high 
speed tunnel boring machines operating simultaneously. 
The required tunnel diameter would be about 12 or 13 
m. The construction of the coils could proceed by auto- 
mated winding machines that continuously travel 
around each tunnel with spools of superconducting 
cable that build up each coil to the required thickness. 

Since the local magnetic field on the earth's surface in 
an annual region 166 surrounding the outer field coil 
168 will be many times greater than the earth's natural 
magnetic field, it will be kept isolated from the more 
distant surrounding region 170 where the field is not as 
great. In order to make good use of this isolated region 
166, it will be used for generating electric energy via 
photovoltaic solar arrays. The presence of a magnetic 
field does not affect the operation of photovoltaic solar 
cells. Thus, in the preferred embodiment of the inven- 
tion, a huge annular array 172 of solar cells, 18 km wide 
with an inner radius of 22 km, and an outer radius of 40 
km, is constructed around the outer field coil 168 for 
generating bulk electric power. This array 172 will 
cover a total land area of about 3,500 km?. | 

The solar array 172 can be constructed from long 
continuous sheets of thin film amorphous silicon cells 
and mounted in rigid, 10 m long by 3 m wide modules 
produced in huge automated factories to reduce unit 
cost. The raw materials needed for the production, 
namely silicon, is the second-most abundant element on 
earth. Hence, by increasing the scale of the production 
facilities, it should be possible to construct the array 
with a unit cost of about $30/m2. (See “Photovoltaic 
Power,” Scientific American April 1987, pp. 87-92, by 
Y. Hamakawa.) Thus, the total cost of the array will be 
about $100 billion with an average operating efficiency 
of 15% the total amount of electric power that could be 
generated by the system is 526 GW. Since the solar 
array can only generate electric power during the day- 
light hours, the average daily power output of the sys- 
tem will be about 100 GW. This represents about 30% 
of the entire electric generating capacity of the United 
States and is much more than required to operate the 
transportation system. Thus, the complete ground to 
orbit transportation system envisioned herein also rep- 
resents a giant solar-electric power generating plant. 
Since this electric generating system does not burn any 
combustible or nuclear fuel, and has no moving parts, it 
would require very little maintenance and it could re- 
main operating indefinitely. The operating cost would 
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be nearly zero. A large portion of the excess power 
could be fed into the existing U.S. electric power inter- 
tie grid for distribution throughout the United States 
and Canada. Large portions could also be fed into Mex- 
ico and other countries via superconducting power 
transmission lines. This electric power generating capa- 
bility of the system would therefore enable many ther- 
mal electric power plants to be dismantled thereby 
eliminating atmospheric and thermal pollution caused 
by these plants. It would also have a substantial benefi- 
cial effect on the total U.S, economy since it would not 
only reduce the national balance of payments, but re- 
verse it on a colossal scale. 

The initial construction cost of $100 billion for the 
array could be recovered by the commercial sale of the 
electric power generated therefrom. For example, if the 
average output of the array is 50 GW per year, and if 
the average commercial sale of the electrical energy is 
10¢/KW-hr, the amount of income revenue that could 
be generated by the array over a one year time period 
would $44 billion. At this rate the entire cost of the 
array could be paid in less than 3 years time. 

Since the solar array 172 can only generate electric 
power during the daylight hours, the field coils 160 will 
be utilized as a giant underground superconducting 
inductive energy storage system for accumulating part 
of the electrical energy generated during the daylight 
hours so that it can be released into the power distribu- 
tion system during the non-daylight hours. Thus, the 
field coils serves as a giant inductive energy storage 
system and load leveling system that allows electric 
power to be fed into the distribution system at any de- 
sired rate, 24 hours per day. Since the total amount of 
inductive energy stored in the field coils is so great, the 
amount of additional energy put into the system (or 
withdrawn from the system) represented by the output 
of the array over five or six days operation is relatively 
small and will not cause any significant change in the 
magnetic field. A portion of the inductive energy of the 
field coils could also be used in national defense. In 
particular, it could be used for instantly energizing vari- 
ous directed energy weapon systems in a national emer- 
gency. This capability would be extremely valuable to 
our country’s critically important SDI program since 
the engineering feasibility of such beam weapon systems 
depends largely upon the availability of a sufficiently 
large power source 

FIG. 28 is a schematic transverse cross section of a 
superconducting field coil 160 mounted inside an under- 
ground tunnel 162 and supported by a surrounding 
structure 174. This structure 174 is itself supported by 
the tunnel walls 176 and the surrounding earth 178. A 
liquefied nitrogen cryogenic Dewar system 180 is pro- 
vided for maintaining the coil 160 at liquefied nitrogen 
temperatures. The coil’s minor radius r is designed to be 
5.0 m. Hence, it follows from equation (17) that the 
maximum magnetic field B,, on the surface of the coil 
will be 60 T. The coils current density 
J=i}/(7r2)= 1.9099 107 amp/m?, (Since the actual 
current Carrying superconducting material will repre- 
sent about 25% of the superconductor will be about 
7.6X 1C? amp/m?). Current is fed into and withdrawn 
drawn trorn the field coils 160 by a plurality of super- 
conducting power transmission mission lines 182 that 
are connected to the solar array 172; to the microwave 
power generators of the first transmitter; and to the 
national intertie power grid. 
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After the solar array is constructed, the electrical 
energy generated therefrom would first be used to 
charge up the ten field coils. If L; denotes the induc- 
tance of the j’th field coil which carries a current 
i1=1.5X 10° amp, the total electrical energy E. that 
would have to be fed into the field coils to charge up the 
system is given by 


Es = j i)? $ L 
| t mi 
j i J 
where 


Lj = poR; [log(8Rj/r) — 1.75] 


The radius r of each coil is equal to 5 m. Consequently, 
E.=1.98982x 1018 Joules. Assuming that the solar 
array generates an average output of 50 GW per day, it 
would require a total of 460.61 days (1.26 years) to 
charge up the field coils. Although this charging time is 
fairly long, it is reasonable. It would represent an enor- 
mous energy reservoir. After the charging up process is 
completed, almost all of the power generated by the 
array could be sold to commercial utility companies to 
generate vast amounts of revenue that could continue 
indefinitely with very little operating expense. 

The total specific energy E, of the electromagnetic 
ramjet at any velocity V and altitude h above the plane 
of the field coils is equal to the sum of its kinetic and 
gravitational potential energy which is given by 


1 l oa 
Eo =} + tt] 
The field coils 160 are designed to lift and magnetically 
accelerate the ramjet to high altitude at supersonic 
speed where the atmospheric pressure is sufficiently 
low to allow the electromagnetic ramjet propulsion 
system to begin operating with the microwave beam. 
This altitude will be about 60 km (200,000 ft) where the 
pressure is 0.2 Torr. Since sonic velocity (Mach 1.0) is 
about 320 m/sec at this altitude, a velocity of 1,200 
m/sec (Mach 3.75) will be sufficient to start the ramjet. 
Consequently, the specific energy Ês corresponding to 
this end point of the boost phase of the launch trajec- 
tory is 1.302928 x 106 Joules/kg (which is obtained from 
equation (33) with h=60,500 m and h,=500 m.) The 
altitude above the earth’s surface is equal to 
h = ho = 60,000 m. 

The total initial specific magnetic launch energy Em 
that the ramjet must have in order to lift the vehicle 
from the earth’s surface and accelerate it to the initial 
point for microwave propulsion is 

Em=Eo+ Âm (34) 
where Âm is equal to the specific magnetic potential 
energy at an altitude of 60 km. If this altitude is signifi- 
cantly greater than the diameter of the outer field coil, 
then A,,~0. However, since this is not the case for the 
preferred embodiment, A» cannot be ignored. If ihe 
total launch mass is ms, then Am can be expressed as 
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-continued 


a R$ (36) 


~ j=] (Rij + hi5 


The required magnetic launch energy Em =m: Êm. 
Consequently, in view of equation (30), the total launch 
mass mt can be expressed as 


_ _HoM2(S1 — S2) 
2Eo 


(37) 


For the field coils described in the preferred embodi- . 
ment h,=500 m and S;=9.54098x105 amp/m and 
S2== 1.41324 x 104 amp/m. The magnetic dipole moment 
M: corresponding to the six coil electromagnetic ramjet 
described above is 6.18179 1013 amp m2. When these 
values are substituted into equation (37) the total launch 
mass m; is equal to 27,928,651 kg (61,582,675 Ibs or 
30,791 tons). 

Since the total mass of the six dipole coils comprising 
the electromagnetic ramjet is only 1,639,300 kg, this 
total launch mass is 17.036 times greater than the total 
coil mass. Thus, the weight lifting capability of the 
ramjet’s superconducting dipole coils is truly enormous. 
This launch mass is many times greater than the largest 
mass ever launched from the earth’s surface. 

In order to understand how great this launch mass 
really is, it is helpful to make a comparison—it is actu- 
ally greater than an average World War II Battleship or 
an Essex class aircraft carrier. Moreover, all of this 
launch mass will be accelerated into orbit (or to the 
moon) by the electromagnetic processes system. Since 
this will be accomplished by electromagnetic processes 
by converting electric power into propulsive thrust 
(with an efficiency approaching 100%) using electrical 
energy generated by the solar array, the cost will be 
zero. (Since the electromagnetic ramjet operates in the 
ionosphere at very high altitudes, the drag forces are 
essentially zero.) 

The total amount of inductive energy that is taken out 
of the field coils to launch the vehicle will be equal to 
mE, = 3.6389 x 1013 Joules. Since this amount of induc- 
tive energy represents less than 0.002% of the total 
inductive energy stored in the field coils, the launch will 
have virtually no effect on its magnetic field. Moreover, 
if the solar array is used to replace this energy with a 
power of 100 GW, it would only require 364 seconds 
(6.06 minutes). 

By combining equations (25), (28), and (37), the “mass 
ratio” m;¿/m¿ of the electromagnetic ramjet that is 
launched by the field coils can be expressed as 


f (38) 
me _ Y(Si — $2) | HoT | à 
Me = 2Ep log(8y) — .75 


which, in view of equation (21) can be expressed to a 
good approximation by | 


mi  .15y(S¡ — S2) (poo)! 69) 


= OE, 


Me 
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Since the parameters o, p, and E, are fixed constants, 
the mass ratio of the ramjet depends only upon the 
aspect ratio y of its dipole coils. Thus, the mass ratio 
(weight lifting capability of the ramjet) can be arbitrar- 
ily increased to any desired value by increasing the 
aspect ratio. (For the magnetic propulsion concept in- 
troduced herein, the efficiency of the propulsion system 
increases with increasing mass ratio instead of decreas- 
ing with mass ratio as in prior art rocket propulsion 
systems.) 
The velocity V along the initial ascent trajectory at 
any altitude high above the plane of the field coils can 
be expressed by the equation 


(4) 
UoM2(S; — S2) 1 1 
y=( m -26| Re Re +h A) 1) 


The initial ascent trajectory 184 (FIG. 29) of the 
ramjet 186 into the ionosphere will be along a curve of 
magnetic induction generated by the field coils 188. 
This trajectory 184 is vertical at the launch point 190 
and becomes parallel to the earth's surface 192 at an 
altitude of 100 km. However, when the ramjet 186 
reaches an altitude of 60 km, the microwave beam from 
the first transmitter 194 is turned on and the vehicle is 
propelled by the combined thrust of the field coils 188 
and the microwave beam. As the vehicle is accelerated 
further away from the field coils 188, their propulsive 
effect gradually decreases. When the vehicle is ascend- 
ing from the launch point 190 along the ascent trajec- 
tory 184 propelled by the magnetic repulsive force of 
the field coils 188, the longitudinal central axis of the 
ramjet is maintained tangent to the ascent trajectory 
(i.e., tangent to the line of magnetic induction) so as to 
generate maximum repulsive thrust from the field coils. 

Omitting the mathematical details 1t can be shown 
that a line of magnetic induction generated by the field 
coils passing through its center will follow a curve that 
can be represented in polar coordinates by the equation 
r=C sin?@ 8 where C is a constant. The vertical line 
passing through the center 190 of the field coils 188 
represents the polar axis where 9=0. The condition that 
this curve be horizontal to the earth's surface 192 at an 
altitude of 100 km determines the value of C to be equal 
to 259.808 km. At this point 0 =54.736* and r= 173.207 


km. The curve defined by the equation r=259.808 sin?9. 


therefore defines the ascent trajectory from the launch 
point 190 to the point 196 where it reaches an altitude of 
100 km. After the vehicle reaches 100 km, its trajectory 
remains circular at this altitude until the microwave 
propulsion is terminated. 

When the altitude of the vehicle reaches 60 km, 
9 =31.330*, r=70.242 km and the ground track 198 is 
36.352 km east of the launch point 190. This is the loca- 
tion of the first microwave transmitter 194. Thus, as. is 
shown in FIG. 29, initially the microwave beam 200 
will be pointing vertically upward into the inner dipole 
coil. The tangent line to the ascent trajectory 184 when 
the vehicle is directly over the first transmitter makes an 
angle 6=48.258° with the verticle. In order to cancel 
out the gravitational force acting on the vehicle, the 
ramjet’s thrust vector will have to be inclined upward at 
an angle a=14.968° io this tangent line. Hence, the 
angle between the dipole axis and the incident micro- 
wave beam will be 6—a=33.290°. If the radius of the 
ramjet’s inner dipole coil is R21, the initial beam diame- 
ter ds will be equal to 2R2; cos (ġ —a)=2R21 X 0.8359 
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which is nearly equal to the dipole's diameter 2R21. 
However, it should be noted that since the electric field 
vector of the microwave beam 200 is polarized to oscil- 
late in a plane perpendicular to the central magnetic 
field lines of the ramjet, a strong coupling will result 
between the microwave beam and the free electrons 
passing through the resonance region which will pump 
them into very high energy electron cyclotron reso- 
nance orbits without requiring the beam to have a zero 
angle of incidence. Since the vehicle will be moving at 
a relatively slow initial velocity (1,200 m/sec) when the 
microwave propulsion begins, equation (2) shows that 
the initial beam power P does not have to be very high 
in order to achieve high propulsive thrust F. 

As the vehicle passes over and begins to recede from 
the first transmitter 194, (FIG. 29) the angle of inci- 
dence between the microwave beam and dipole axis 
begins to decrease thereby enabling the beam diameter 
to be larger for greater propulsive power. When the 
vehicle reaches an altitude of 100 km, the vehicle will be 
144.845 km from the first transmitter 194, and the beam 
elevation angle relative to the local horizon will be 
43.192”. At this point 196, the dipole axis is inclined to 
its circular flight path by an angle a~25° so as to pro- 
vide an upward component for the thrust vector. Thus, 
the beam diameter d, at this point 196 will be equal to 
2R21 cos (43,192 —a)=2R2; X0.95 which is essentially 
equal to the inner dipole diameter. Since the vehicle 
will be moving at suborbital velocities, this upward 
thrust component will be necessary to maintain the 
vehicle’s altitude. This vehicle flight attitude will also 
enable the microwave beam to have a nearly zero angle - 
of incidence with the dipole axis thereby allowing a 
maximum beam diameter and hence maximum power 
transmission. 

The first transmitter 194 continues to transmit prepul- 
sive power until the elevation angle e of the microwave 
beam 200 decreases to 10° relative to the local horizon. 
At this time, the first transmitter 194 is 477.398 km from 
the vehicle 202 (FIG. 30) and 463.288 km from its 
ground track 198. At this instant, the first transmitter 
194 is turned off and the second transmitter 204 is 
turned on such that there is no interruption of propul- 
sive power transmitted to the ramjet. In the preferred 
embodiment, the second transmitter 204 is located 400 
km from the first transmitter 194 such that the initial 


beam elevation angle e; of the second transmitter is 


57.184° and the range is 118.609 km. As in the case of 
the first transmitter 194, the second transmitter 204 
continues to transmit microwave power until its beam 
elevation angle €2 decreases to 10° and the range is 
477.398 km. At this instant, the second transmitter 204 is 
turned off and the third transmitter 206, located 400 km 
further along the vehicle’s ground track, is turned on. 
The vehicle is accelerated a distance of 406.278 km 
along its circular flight path 208 while being accelerated 
by the second microwave transmitter 204. All succeed- 
ing transmitters operate with these same characteristics 
(i.e., maximum power transmission, and initial and ter- 
minal beam elevation angles €1,€2 of 57.184” and 10° 
respectively; beginning and ending beam transmission 
distances D;,D2 of 118.609 km and 477.398 km respec- 
tively; and a vehicle acceleration distance s12 of 406.278 
km). 

When the second transmitter 204 stops transmitting 
its propulsive power, the third transmitter 206 takes 
over in a precisely synchronized power relay operation 
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such that the propulsive thrust generated by the electro- 
magnetic jet is a smooth and continuous process that 
may involve many transmitters over a very long accel- 
eration flight path 208, This process of transmitting the 
microwave power by utilizing a series of transmitters 
209 positioned at 400 km intervals along the vehicle's 
ground track 210 continues until the vehicle reaches the 
required orbital velocity. The ascent, magnetically pro- 
pelled trajectory, and the microwave propelled trajec- 
tory are always assumed to have the same azimuth so 
that the ground track 210 for each launch remains un- 
changed. (However, the altitudes may vary to obtain 
optimal propulsion efficiency.) 

In the case of very massive payloads as in the above 
numerical example, the electromagnet ramjet will re- 
quire a long acceleration time that extends over several 
thousand kilometers in order to reach orbital velocities. 
The flight path 208 (FIG..30) will take it directly over 
a large number of microwave power transmitters that 
are located at 400 km intervals along the ground track. 
Assuming that the launch point is located in the north 
east corner of Nevada, the ground track will follow a 
southeasterly great circle arc across the United States 
and across the state of Florida. Since the system will be 
capable of generating extremely high launch velocities 
if the acceleration path is extended over long distances, 
the preferred embodiment will be designed to take max- 
imum advantage of this operating feature. Conse- 
quently, in the preferred embodiment there will be 17 
microwave transmitters constructed along a 6,800 km 
long ground track that begins in the north east corner of 
Nevada and extends southeasterly across the United 
States and West Indies, with the last transmitter located 


on Barbados Island. Six of the transmitters will be lo- ` 


cated on a chain of small islands in the West Indies. 
Since the unit cost of each transmitter system will de- 
crease because of the economics of mass construction, 
the total cost of these transmitters should not exceed 
$30 billion. 

At this point it is necessary to digress a moment to 
demonstrate some important operating characteristics 
of the electromagnetic ramjet. As pointed out above, in 
order for the vehicle to maintain an altitude of 100 km 
while it being accelerated by the microwave beam, the 
thrust vector F, generated by the ramjet must be in- 
clined at some angle a relative to the vehicle’s circular 
flight path in order to cancel out the downward force of 
gravity. In particular, the vertical upward component 
Fup of the vehicle’s thrust vector F, together with the 
upward centrifugal force F¿ must be equal to the down- 
ward force of gravity Fy. These forces can be expressed 
as 


Fup = Fp sin a 


mV 
Fe = R 


where V is equal to the vehicle’s velocity along the 
circular flight path of radius R= Re+ 100,000 
m=6,471,315 m and where the gravitational constant at 
100 km altitude is equal to 9.5062 m/sec?. 

When the vehicle is moving along the 100 km high 


circular trajectory 208 propelled by the microwave. 


beam 200, the propulsive power P will always be as- 
sumed to be maximum Pmax. As described above 
Prmax=7R2\*Pmax Where Pmax is equal to the maximum 
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power density limit (425 watts/cm?) of the microwave 
beam set by atmospheric breakdown and where R21 is 
equal to the radius of the ramjet’s inner dipole coil. In 
view of equation (2) the ramjet’s propulsive force Fp 
along the thrust vector can be expressed as 


Pmax 
Fp == 
ETA 
where Vp is equal to the vehicle’s velocity component 
along the thrust vector given by 


Vo= Y cos a 


Therefore, the condition Fyp+PF¿=Fy results in the 
equation 


(41) 


which can be used to determine the angle of inclination 
a. FIG. 31 is a graph of a versus vehicle velocity V 
corresponding to the above numerical example where 
m1/Pmax= 2.32417 X 10-5 kg/watt. This inclination is 
important because it enables the microwave beam that is 
transmitted from the ground to intercept the coil plane 
of the ramjet at a nearly perpendicular angle (i.e., nearly 
broadside) for maximum power reception. Since circu- 
lar orbital velocity at an altitude of 100 km is 7,843.32 
m/sec, a becomes zero when V is equal to this value. 

Although the ramjet’s propulsive thrust vector F, is 
inclined to the vehicle’s circular trajectory in order to 
cancel out the downward force of gravity so that it can 
maintain its altitude, the tangental component F; of the 
thrust vector along the trajectory which accelerates the 
vehicle along the trajectory is not diminished by this 
fact and is independent of a. This can be demonstrated 
as follows: 

The component F, of the ramjet's thrust vector along 
the flight path is equal to Fp cos a. However, 
Fp=Pmax/Vp where Vp>=V cos a. Consequently, 
F;=[Pmax/(V cos a)]cos a=Pmax/V. Therefore, the 
propulsive force generated by the ramjet along the 
trajectory is independent of a and is equal to that gener- 
ated when there is no gravitational force and the thrust 
vector can be directed along the flight path with magni- 
tude given by equation (2). 

If a, denotes the vehicle’s acceleration along the cir- 
cular trajectory, the tangental propulsive force 
F =m ¢=Pmax/V. Since a.=dv/dt, this equation gives 
rise to a simple differential equation which can be 
solved to determine the time interval T required to 
achieve a velocity V while accelerating along the circu- 
lar trajectory under maximum propulsive power. This 
time is given by the equation 


3( y2 _ V,2) (42) 


a 2K 

where Vois equal to the initial vehicle velocity when it 
begins moving along 100 km high circular trajectory at 
point 196 (when T=0) and where K is a constant given 
by i 
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(43) 


The distance s¢ traversed by the vehicle accelerating 
along the circular trajectory can be expressed as 


yi y) (44) 


$e = K 
Consequently, the vehicle velocity can be expressed as 
a function of se by the expression 

V=[Ks-+ Vo (45) 
The values of V, and K will depend upon the particular 
situation. This will be illustrated by continuing the nu- 
merical example given above. 

Table 1 is a detailed computer simulation of the mag- 
netically propelled ascent trajectory from launch to an 
altitude of 60 km corresponding to the above example 
where the total launch mass m;=27,928,651 kg. The 
various flight paramaters described in the table are: 

H=altitude above earth’s surface (km) 

T =elapsed time from lift off (sec) 

$=flight path angle (from vertical, deg) 

s=distance traveled along ascent trajectory (km) 

F=propulsive thrust (106 N) 

P=propulsive power (GW) 

a= acceleration (g) 

V =velocity (m/sec) 

M = Mach number 


TABLE 1 
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such that it will lift the ramjet (along with the enormous 
payload mass) off the earth’s surface and accelerate it to 
supersonic speed at a high altitude very rapidly. For 
example, 28.21 seconds after launch, the vehicle will be 
at an altitude of 10 km (32,808 ft) and moving nearly 
vertically upward with a velocity of 995 m/sec (Mach 
3.22). At 37.44 seconds after launch, the vehicle will be 
at 20 km (65,618 ft) and moving at 1,288 m/sec (Mach 
4.42). The vehicle essentially leaves the sensible atmo- 
sphere 46.00 seconds after launch with a velocity of 
1,340 m/sec (Mach 4.39) at an altitude of 30 km (98,425 
ft). Relatively little initial magnetic launch energy is lost 
by aerodynamic drag while traversing through the at- 
mosphere. The system is therefore able to convert initial 
electrical energy into kinetic and potential energy with 
an efficieny of nearly 100%. FIG. 32 is a graph of accel- 
eration (g versus altitude H (km) corresponding to this 
example. 

Perhaps the most spectacular parameters in the table 
are propulsive thru F and propulsive power P. At any 
altitude of 6 km, the propulsive force is 1,994,000,000N 
which is more than 60 times greater than the maximum 
lift off thrust generated by the giant Saturn V Apollo 
launch vehicle. The corresponding propulsive power is 
1,419 GW. This enormous propulsive power is being 
generated by magnetic repulsive forces acting on the 
ramjet’s superconducting dipole coil by the field coils. 

It is important to point out and emphasize that the 
initial launch trajectory from the earth’s surface to an 
altitude of 60 km described in Table 1, where the ramjet 
is propelled by the magnetic repulsive forces generated 
by the field coils, will be the same for each vehicle 


Flight Parameters of A 700 m Diameter Electromagnetic Ramjet Accelerating 


a Launch Mass of 27,928,651 kg To An Altitude of 60 km at Mach 


3.75 By Magnetic Repulsive Forces Generated By 10 Underground Coaxial 
Superconducting Field Coils 


h T $ s F P a V 

0 0 0 0 0 0 0 0 

2 1484 7.570 2.009 1,248 338 3.563 270.67 
4 20.02 10.748 4.035 1,812 926 5.631 511.23 
6 23.37 13.216 6.080 1,994 1,419 6.305 711.39 
8 25.98 15.322 8.144 1,906 1,661 5.994 871.04 
10 28.21 17.202 10.228 1,695 1,688 5.233 995.31 
12 30.28 18.923 12.332 1,448 1,579 4.338 1090.67 
14 32.17 20.526 14.457 1,206 1,402 3.464 1163.12 
16 33.97 22.039 16.603 989 1,206 2.683 1217.68 
18 35.72 23.479 18.772 805 1,013 2.020 1258.30 
20 37.44 24.861 20.965 656 845 1.488 1288.06 
22 39.15 26.194 23.181 534 700 1.053 1309.35 
24 40.85 27.486 25.423 433 574 0.694 1323.98 
26 42.55 28.745 27.690 354 473 0.417 1333.35 
28 44.27 29.975 29.985 292 391 0.201 1338.54 
30 46.00 31.181 32.309 241 323 0.023 1340.38 
32 47.76 32.366 34.661 197 263 —0.127 1339.52 
34 49.54 33.535 37.045 163 218 —0.239 1336.45 
36 51.35 34.689 39460 140 186 —0.312 1331.56 
38 53.19 35.832 41910 117 155 —0.383 1325.17 
40 55.07 36.966 44,395 95 126 —0.451 1317.53 
42 5699 38.093 46.917 83 109 —0.483 1308.81 
44 58.95 39.215 49.478 72 94 —O.51i 1299.18 
46 60.96 40.335 52.080 60 78 —0.542 1288.76 
48 63.02 41.454 54.726 52 67 —0.558 1277.65 
5O 65.14 42.574 57.418 46 58 —0.570 1265.93 
52 67.32 43.697 60.159 39 48  —0.582 1253.66 
54 69.56 44.825 62.952 34 42 —0.585 1240.89 
56 7187 45.960 65.800 29 35  —0.591 1227.68 
58 74.25 47.103 68.707 25 30 —0.590 1214.04 
60 76.71 48.258 71.678 24 29 —0.578 1200.00 


M 


This table clearly demonstrates that the magnetic 
field generated by the field coils will exert a tremendous 
magnetic repulsive force on the electromagnetic ramjet 


regardless of the ramjet's size or total launch mass. This 
is because the velocity of a vehicle along this initial 
portion of the trajectory which is given by equation (40) 


(1) (2) 
The AC voltage gain formula for an amplifier 
is as follows: 


R- 
L 
Åy = B A 

Ri, + Re 
(R C is used instead of R L because the 
collector resistor is the total load on the 
amplifier.) 
Circuit 1 —Here, RE = zero, so the AC 
voltage gain formula is as follows: 

Re 

Ay = B x —. 

R in 

Circuit 2 —Here, RE = zero for an AC 


signal because the AC signal is grounded by 
the capacitor, and RE is out of the AC 
circuit. Thus, the AC voltage gain formula IS 
as follows: 
Åy = gx Bc. 
in 
21 To obtain even larger voltage gains, 
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41 
is determined only by the ratio of the ramjet's magnetic 
dipole moment divided by the total launch mass M2/m;. 
But in view of equation (37) this ratio is always the same 
and given by | 


M2 2E, (46) 
me — HASi — S2) 


Consequently, the acceleration along the initial launch 
trajectory is always the same regardless of launch mass 
and is given by Table 1 and described graphically in 
FIG. 32. 

When the vehicle reaches an altitude of 60 km and is 
moving at 1,200 m/s (Mach 3.75) the electromagnetic 
ramjet is started by transmitting microwave power 
from the first transmitter 194 (FIG. 29). The amount of 
gravitational potential energy represented by the vehi- 
cle climbing from 60 km to 100 km (which is equal to 
40,000 g) while being propelled by the ramjet will ap- 
pear as a velocity loss. A small fraction of this loss will 
be canceled by the remaining magnetic potential energy 
Am generated by the field coils given by equation (35) 
which is equal to 19,654.41 m2/sec?. This residual mag- 
netic potential energy is equivalent to a gravitational 
potential energy difference of 2,003.51 m (assuming 
g=9.81/m/sec?). Consequently, the gravity losses will 
be equal to that resulting from a climb of 37,996.40 m, 
which will be equal to a velocity loss of 863.42 m/sec. 
Therefore, by assuming that the vehicle’s initial velocity 
at the altitude of 60 km is (1,200.00— 863.42) 
m/sec = 336.58 m/sec instead of 1,200 m/sec, the com- 
bined effects of gravity and the residual magnetic field 
along the remaining portion of the trajectory can be 
ignored. | 

For simplicity, the microwave power will begin at a 
relatively low level and is gradually increased to give 
the vehicle a constant acceleration a, along the remain- 
ing portion of the ascent trajectory (from 60 km to 100 
km altitude) such that when the vehicle reaches an 
altitude of 100 km, the microwave power is at its maxi- 
mum possible level Pmax= 1.20166 x 1012 watts. Conse- 
quently, if As is equal to the distance the vehicle travels 
along the remaining portion of its ascent trajectory 
(from 60 km altitude to 100 km altitude) which is equal 
to 114,732.50 m, the vehicle’s velocity V ¿after reaching 
100 km altitude will be given by the equation 


Vo = 336.58 m/sec + W 2a, As 


The vehicle’s propulsive force Fo at the beginning of 
the circular 100 km high trajectory is given by 


Pmax 


Vo 


Fo 


However, at this point the vehicle’s acceleration is 
equal to ao. Consequently since Fy= map it follows that 


(47) 


By combining these two equations for Vo, the required 
acceleration a, can be determined by solving the equa- 
tion 
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42 
Pmax (48) 
pa = 336.58 m/sec + 2ayAs 
The result is aj=18.114 m/sec?. Consequently, 


Vo=2,375.32 m/sec. 

With the value Vo determined, it is now possible (via 
equation 44) to determine the required accelerating 
distance sc the vehicle must travel along the circular 
trajectory 208 in order to reach a desired launch veloc- 
ity V. For example, if the required launch velocity is 
8,000 m/sec, the required distance se= 3,862.76 km. In 
this case, the vehicle would be accelerated by only 11 of 
the 17 transmitters. As soon as the required launch 
velocity is reached, the microwave power transmission 
is terminated. The time T required to carry out this 
acceleration process can be determined by equation 
(42). This time is 678.17 sec (11.303 minutes). The peak 
acceleration is equal to ay (which is 1.85 g). After reach- 
ing the required launch velocity, the vehicle moves out 
of the atmosphere along a free-fall trajectory. In order 
to remain out of the atmosphere during the next orbit 


revolution, the vehicle has to execute a small propulsive ` 


maneuver using onboard propulsion of a few meters per 
second when passing through its apogee. 

FIG. 33 is a graph of velocity V versus acceleration 
distance se given by equation (45) corresponding to this 
numerical example where V¿=2,375.32 m/sec. FIG. 34 
is a graph of V versus time T given by equation (42) 
corresponding to this numerical example. 

In view of Table 1, the maximum overall acceleration 
will occur during the initial portion of the ascent trajec- 
tory when the vehicle is propelled by the repulsive 
magnetic field generated by the field coils. This maxi- 
mum will be about 6.5 g and will occur when the vehi- 
cle is at an altitude of about 6,300 m (20,670 ft) and 
moving at Mach 2.3. Since this acceleration decreases 
very rapidly, it could be easily tolerated by human 
passengers. (The passengers would be lying in a prone 
position on special acceleration couches designed to 
enable them to withstand very high acceleration.) 

In some situations it may not be possible to propel the 
vehicle to the required launch velocity during one pass 
over the transmitters. For example, suppose that the 
required launch velocity is not 8,000 m/sec, but 
11,035.72 m/sec which would be required for a direct 
flight to the moon. In order to achieve this launch ve- 
locity, an acceleration distance s¿== 10,309 km would be 
required. However, the system would still be able to 
give the vehicle the required launch velocity by carry- 
ing out two propulsive passes over the microwave 
power transmitters instead of only one pass. 

In order to enable the vehicle to make another pro- 
pulsive pass over the transmitters, the initial orbit must 
be such that it will take the vehicle back over the initial 
ground track over the transmitters at some future time. 
However, since the earth’s surface is moving relative to 
an earth centered inertial frame by virtue of its rotation, 
the initial ground track will not be under the vehicle 
after the vehicle makes one complete revolution in its 
orbit. The orbital mechanics of the situation are such 
that in order for the vehicle to pass over the initial 
ground track at some future time, it must have an orbital 
period that is a rational fraction of one sidereal day (i.e., 
its orbital period P, must be expressible as (n)/n2)P; 
where Psis one sidereal day and n; and na are integers). 
These orbits are called “synchronous orbits”. If n;¡=1, 
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the vehicle will pass over the launch site exactly one 
sidereal day after it is launched after making nz com- 
plete orbit revolutions. This is the shortest possible time 
interval between successive pass overs. Thus, the initial 
orbit of the vehicle will be designed such that its orbital 
period P,=Ps/n2 where ps=86,164.099 seconds and n2 
will be some integer =16. Since the period P, of an orbit 
is related to its semi-major axis a by the equation 


| 3 
P, = 27 vas 


each integer nz corresponds to a unique value of a syn- 
chronous orbit’s semi-major axis a, that is determined 
by the equation 


3 
| a 
y = 2772 -57 


Each of these values corresponds to a unique launch 
velocity V, given by 


2 1 
oda) 


where R¿=6,471,315 m, and each of these launch veloc- 
ities corresponds to a required acceleration distance s 
given by equation (44). 

For example, if n2=16, then a,=6,637,660.85 m, 
Vna =7,940.990 m/sec and s.=3,775.63 km. If n2=15, 
then a,=6,929,483.65 m, V,=8,098.463 m/s and 
Sc=4,011.03 km. If n2=2, then a,=26,550,643.40 m, 
V,=10,394.29 m/sec and s-=8,596.42 km. Since this 
distance exceeds the maximum acceleration distance of 
the electromagnetic ramjet, n2=2 is too small. If n¿=3, 
then a,=20,261,933.10 m, V,=10,167.97 m/sec and 
sc = 8,040.40 km. Hence this value of nis also too small. 
Values of 4 and 5 are also too small for n2. However, if 
n2=6, then a,=12,764,218.01 m, V,=9,583.66 m/sec 
and s-=6,715,49 km which is within the maximum 7,000 
km long acceleration distance. The best design strategy 
is to choose the initial synchronous orbit having the 
smallest eccentricity so that the ramjet will stay within 
the atmosphere over a long distance during its second 
pass over the transmitters. Therefore, the integer n2=16 
is selected. Since the earth's rotation will given the 
vehicle an additional 368.76 m/sec relative to an earth 
centered inertial frame, the actual launch velocity 
needed to achieve this synchronous orbit will be 
(7,940.99 — 368.76) m/sec=7,572.23 m/sec. The re- 
quired acceleration distance s,=3,259.88 km. 

After the vehicle is launched onto this n2=16 syn- 
chronous orbit (with an eccentricity e=0.02506) it will 
reach an apogee altitude (one-half revolution later) of 
432.69 km. It will then make another half revolution and 
pass through its perigee point at an altitude of 100 km. 
Atmospheric drag will be very small and probably 
could be disregarded. However, if experience shows 
that this drag cannot be neglected, its effect can be 
canceled by increasing the initial launch velocity a small 
amount such that after 16 complete revolutions, the 
vehicle passes directly over the initial ground track and 
over the microwave power transmitters. 


Vn 


20 


25 


30 


40 


45 


50 


60 


44 


The initial velocity Vo corresponding to the second 
ramjet propulsive maneuver will be equal to the initial 
launch velocity, which is 7,572.33 m/sec. Taking into 
consideration the effect of the earth’s rotation, the re- 
quired launch velocity for a direct trajectory to the 
moon is equal to (11,035.72 — 368.76) m/sec = 10,666.96 
m/sec. Consequently, the required acceleration dis- 
tance needed to reach this velocity corresponding to the 
second pass over the microwave power transmitters is 
6,039.35 km. It will be completed in 655.94 seconds 
(10.93 minutes). The vehicle acceleration at the begin- 
ning and end of this second propulsive maneuver is 
5.682 m/sec? (0.579 g) and 4.045 m/sec? (0.412 g) re- 
spectively. The trip to the moon would take 2.1 days. 

It is important to point out the fact that since the 
acceleration path over the microwave transmitters 
takes place in a fixed plane relative to the earth's sur- 
face, the launch trajectory to a particular target and 
intercept point will have to satisfy this condition. In 
particular, the latitude ġo and azimuth angle 8o of the 
launch point will depend upon the launch velocity. For 
example, low launch velocities will probably have a 
launch point over the United States, while high launch 
velocities may require a long accelerating distance that 
ends near Barbados Island with a latitude of only 11°. 

If yo] represents the free-fall transfer trajectory's 
sweep angle between the launch point and the target 
intercept point relative to an earth centered inertial 
frame, the declination angle ô; at the intercept point is | 
determined by the equation 

sin 6;=sin dgcos yo;+cos posin yo¡cosBo (49) 
In the case of the lunar transfer trajectory given in the 
above example, @dg=12° Bo=124° and yo¡=169.2". 
Consequently, the declination angle of the intercept 
point will be equal to —17.862”. Since the moon’s decli- 
nation angle is constrained by its orbital motion to lie 
within the range +28.5”, the above described transfer 
trajectory could be easily accomplished with the elec- 
tromagnetic ramjet accelerating system. (A detailed 
mathematical discussion of earth to moon free fall tra- 
jectories can be found in the book Fundamentals of 
Astrodynamics, Dover Publications, Inc. 1971, by Roger 
Bate.) À 

The vehicle would approach the moon with an as- 
ymptotic approach velocity of 1,198 m/sec. It could go 
into orbit around the moon by executing a retro propul- 
sive maneuver using its onboard chemical rocket en- 
gines. For example, if the desired orbital altitude is 100 
km, the vehicle would approach the moon along a hy- 
perbolic trajectory to within 100 km and execute a AV 
retro maneuver of 968.39 m/sec. Assuming that the 
onboard chemical rocket propulsion system has a spe- 
cific impulse of 490 sec (with an exhaust velocity of 
4,806.9 m/sec) the amount of rocket propellant con- 
sumed during this retro propulsive maneuver would be 
5,095,914 kg. Although this represents a very large 
amount of propellant, it is a relatively small fraction of 
the vehicle’s actual payload. This payload (which 
would be about 20,000 tons) could be transferred down 
to the moon’s surface by a fleet of relatively small lunar 
excursion molecules. (The propellant used to operate 
these vehicles could be manufactured from lunar mate- 
rial.) 

After the payload is removed from the vehicle, the 
vehicle could accelerate out of lunar orbit and return to 
earth by means of its ECR propulsion system using the 
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inductive energy stored in the ramjet's superconducting 
dipole coils. Since the ECR propulsion system will be 
capable of generating a much higher specific impulse 
than the chemical propulsion system, a significant sav- 
ing in propellant mass can be achieved by using the 
ECR engine. Moreover, since it will be desirable to 
discharge the ramjet's dipole coils before reentering the 
earth's atmosphere in order to eliminate magnetic 


torque generated by the earth’s magnetic field, it is very 


convenient to discharge the dipole coils by using the 
inductive energy to power the ECR engine. 
Let P. denote the propulsive power generated by the 


ECR system. If ue denotes the exhaust velocity, the rate | 


of propellant mass flow meis given b 


2Po 


ue? 


(30) 
Me = 


For any given propulsive power Pe, the rate of propel- 
lant mass flow me can be increased or decreased by 
decreasing or increasing the exhaust velocity Ue respec- 
tively. The amount of propellant mp used to carry out 
the propulsive maneuver is given by 
Mp=MeTe (51) 
where Teis equal to the time interval required to carry 
out the propulsive maneuver. Consequently, the re- 
quired velocity increase AV can be expressed as 


Mı 
Mi —. mele 


where M; is equal to the total vehicle mass before the 
propulsive maneuver. In view of equation (50) this 
equation can be expressed as 


The product P.T. in equation (53) is equal to the 
amount of propulsive energy used to carry out the ma- 
neuver. The exhaust velocity ue of the ECR propulsion 
system will be designed such that the ramjet’s dipole 
coils are completely discharged when the required 
AV=AV, is achieved. (For the lunar mission 
AV,=968.39 m/sec.) Consequently, if ne denotes the 
overall efficiency of the ECR engine, the required ex- 
haust velocity u¿can be determined by solving the equa- 
tion 


(52) 


Mı 
Mı — (2PeTe/te*) 


(53) 
AV = ue log ( 


(54) 


m7) 
AV, = ue log | ———_——_——_ 

M; — (2NeEc/ ue?) 

where E, is equal to the total inductive energy of the 
dipole coils given by equation (32). Suppose 
M¡=3,000,000 kg and ne=0.90. Therefore, since 
E,=9.455 X 1012 Joules, the exhaust velocity ue required 
to return the vehicle back to earth with AV,=968.39 
m/sec using all of the inductive energy stored in the 
dipole coils would be equal to 6,318.57 m/sec. (This 
corresponds to a specific impulse of 644 sec.) The ex- 
pelled propellant mass mp=426,281 kg. If the propul- 
sive power of the ECR engine were 3 GW, the corre- 
sponding rate of propellant mass flow m+=150.28 
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kg/sec, and the time Te required to carry out the maneu- 
ver would be equal to 2,836.50 sec (47.28 minutes). If 
chemical rocket propulsion were used to carry out the 
AV, maneuver, the required propellant mass would be 
547,387 kg. Consequently, by using the ECR propulsion 
system instead of the chemical propulsion system, a 
propellant mass saving of 121,106 kg will achieved. 

The vehicle returns to earth along an eccentric trajec- 
tory having a perigee altitude that dips into the earth's 
upper atmosphere. This altitude is designed to be suffi- 
ciently low to enable the vehicle to be decelerated to 
suborbital velocity by atmospheric breaking. Since the 
vehicle’s mass will be relatively low, this initial deceler- 
ation will be relatively easy. After the vehicle is decel- 
erated to suborbital velocity, the deceleration process 
can be very gradual, extending over several thousand ` 
kilometers so as to avoid excessive aerodynamic heat- 
ing. Guidance and control of the vehicle are accom- 
plished automatically via computerized navigation and 
flight control systems. After the vehicle is decelerated 
via aerodynamic breaking to a relatively low velocity, it 
executes a controlled glide to the landing area (i.e. 
launch site) and makes a final descent along a line of 
magnetic induction generated by the field coils. The 
resulting magnetic repulsive forces allow the vehicle to 
be decelerated such that its vertical velocity is exactly 
zero at the instant-it makes contact with the landing- 
/launching platform. The vehicles aerodynamic con- 
trol surfaces, dive brakes, attitude control gyros and 
reaction thrusters provide a high level of vehicle con-. 
trol to enable it to land automatically with very high 
precision. 

Although the dipole coils of the electromagnetic 
ramjet are discharged when it reenters the atmosphere, 
they are partially recharged by the inductive coupling 
with the field coils. This creates magnetic repulsive 
forces between the ramjet and the field coils that allows 
the vehicle to be magnetically decelerated as it ap- 
proaches the launch site, and descends for a vertical 
landing. 

Since the space transportation system made possible 
by the electromagnet ramjet propulsion concept dis- 
closed herein allows vast quantities of payload to be 
transported from the earth's surface directly to the 
moon, it will be possible to construct a system of super- 
conducting field coils, similar to that described for the 
earth, on the moon so that vehicles could be decelerated 
by magnetic repulsive forces and land directly on the 
moon’s surface. It is instructive to describe the required 
magnetic field that would have to be generated by the 
superconducting coils. 

If the vehicle on the above described lunar transfer | 
trajectory were allowed to free-fall onto the moon's 
surface without any retro propulsion, the impact veloc- 
ity Vm=2,658.63 m/sec. Consequently, if lunar field 
coils are uSed to decelerate the vehicle by magnetic 
repulsive forces such that its velocity is zero immedi- 
ately prior to making contact, the total amount of spe- 
cific kinetic and potential energy E, that must be con- 
verted into specific magnetic potential energy is given 
by 


Êm=Ê =} Vm? =3.5341469 x 106 Joules/kg 
The total magnetic potential energy E,=m:Em. If Bm 


represents the magnetic field strength at the center of 
the field coils, the magnetic potential energy 
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Em=M2Bm where M2 represents the magnetic dipole 
moment of the electromagnetic ramjet. Consequently, 
the central magnetic field strength of the field coils can 
be determined by 


mEo 
M2 


Assuming that the magnetic dipole moment of the elec- 
tromagnetic ramjet remains unchanged with a value of 
6.18179x 1013 amp m2, the required magnetic field 
strength of the lunar field coils will be 1.59669 T 
(15,966.9 Gauss). Thus, the superconducting coil system 
would have to be larger than the one described for the 
earth. However, if such a system were constructed and 
put into operation it would represent the ultimate in 
transportation efficiency. Since there is no atmosphere 
on the moon, nearly 100% of the total kinetic energy of 
a vehicle being decelerated to a gentle landing on 
moon's surface will be converted into electrical energy 
and stored inductively in the coils by the inductive 
coupling between the magnetically decelerated dipole 
coils of the ramjet and the field coils. This energy can 
therefore be used to launch the vehicle back to earth. 
However, since the mass of the vehicle returning to 
earth will be significantly lower than its arrival mass, 
the system will generate vast amounts of electrical en- 
ergy that could be used to launch many magnetically 
propelled vehicles with payloads taken from the moon 
for other destinations. Such a system would be very 
versatile because unlike prior art electromagnetic accel- 
erators designed for the moon’s surface that require a 
long accelerating track with a fixed launch azimuth, this 
electromagnetic accelerating system does not require 
any accelerating track and will provide any launch 
azimuth desired. It will also be much safer since the 
vehicle being accelerated does not have to move near 
any stationary body (such as a guide rail or drive coils) 
where any accidental contact could result in a cata- 
strophic disintegration of the entire system. 

In order to determine the actual payload mass mpay 
that could be delivered to the moon in the above exam- 
ple, the total mass of the ramjet propulsion system and 
connecting cables must be determined. Since the struc- 
tural mass of the airfoil surround the propulsion coils, 
including all internal components except the coils them- 
selves, will have a mass equal to about 25% of the total 
coil mass, this mass will be about 410,000 kg. The air- 
foils will have a chord of about 4.3 m and a thickness of 
about 60 cm (20 in). The total mass of the radial airfoils 
(FIG. 18) will be approximately 25,000 kg. Thus, the 
total mass of the electromagnetic ramjet m, will be 
equal to about 2,074,300 kg. Therefore, the total mass 
mo that will be accelerated by the ramjet will be about 
25,854,400 kg. Since the maximum acceleration a, (in- 
cluding 1.0 g from gravity) will be 7.6 g, the corre- 
sponding maximum accelerating force 
Fm=Mo4m=1.902x 10? N. Assuming that the total 
length of the central fuselage 108 is 400 m (1,312 ft) and 
is attached to the ramjet in a central position such that 
the fuselage extends 200 m on each side of the ramjet's 
coil plane, the supporting cables 110 attached to the 
‘nner airfoil and the rear of the fuselage 108 will make 
an angle of 56.3” with the central longitudinal axis of the 
ramjet. Consequently, the total tension F; acting on 
these cables 110 when the vehicle is under maximum 
acceleration am will be equal to F,,/cos 
56.3°=3.429 x 109 N. If A; denotes the total cross sec- 
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tional area of these cables and o denotes the tensil 
strength, then oA;=F;. Assuming that the supporting 
cables are constructed with high strength fused glass 
fibers where or=1.4x 1010 N/m2, the required cross- 
sectional area A1;= 3.429 x 109 N/1.4X 1010 
N/m2=0.2449 m2. The length of the cables will be 
[3002 + 2002]? =500 m. Therefore, since the density 
p=2,160 kg/m}, the total mass of these cables will be 
500 A ¡p = 264,514 kg. Thus, the total mass mca of all the 
supporting cables attached to the fuselage will be about 
300,000 kg. 

If the fuselage 108 is cylindrical with a maximum 
diameter of 30 m (98 ft) and is constructed with high 
strength composite material with a mass density of 
3,000 kg/ms, the total empty mass mfof the fuselage 108 
will be about 700,000 kg. Consequently, if the total 
propellant mass mp= 5,600,000 kg, the total payload 
mass Mpay that could be delivered to the moon in the 
above numerical example would be mpgy=m:—m,—- 
Mcab— Mf—Mp= 19,254,400 kg (42,456,000 Ibs or 21,300 
tons). 

It is estimated that in the future, the lowest cost of 
transporting payloads to the moon from the earth’s 
surface will be about $25,000/1b using the most efficient 
prior art propulsion systems. Hence, it would cost over 
one trillion dollars ($1012) to deliver the same amount of 
payload mass mp as described in the example. Using the 
electromagnetic ramjet propulsion system disclosed 
herein, this cost would be essentially zero. The electro- 
magnetic ramjet propulsion system would also be much 
more reliable than any prior art propulsion system be- 
cause the engine has no moving parts and burns no > 
combustible fuel. ) 

There is another economic aspect which will have a 
profound impact on the SDI Program. The current 
planning for SDI payloads calls for 50 million pounds to 
be orbited at a total launch cost of $130 billion. The 
electromagnetic propulsion system envisioned herein 
will be easily capable of delivering all of this payload in 
a single launch at zero cost. Moreover, the propulsion 
system will also be capable of transporting extremely 
large and bulky SDI payloads that could be completely 
assembled and tested on the ground before being trans- 
ported to orbit as a single unit. This would eliminate the 
very tedious, costly, and time consuming process of 
having to assemble large SDI systems in orbit by trans- 
porting small components piece by piece. 

The electromagnetic ramjet propulsion system could 
easily launch a huge fully assembled space station that is 
even larger and more elaborate than the giant toroidal 
design illustrated in Arthur C. Clarke’s famous science 
fiction novel “2001 Space Odyssey”—fully manned 
with a crew of several hundred. In these ultra large 
payloads, an outer ablative protective jacket could be 
mounted around the hull that is designed to protect it 
while traversing through the atmosphere at high speed. 
(It could be enclosed in a detachable structure while 
being transported to orbit.) FIGS. 35 and 36 are sche- 
matic longitudinal and transverse verse cross sections 
illustrating how a fully assembled 25,000 ton toroidal 
space station 212 with a major and minor radius of 325 
m and 20 m respectively, is attached to an electromag- 
netic ramjet 214 via detachable cables 216. This toroidal 
space station 212 is equipped with two, 250 m long, 30 
m diameter, central column cylinders 218 that are con- 
nected to the central hub 220 of the space station via 
swivel joints so as to remain stationary while the toroi- 
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dal hull is rotating to provide an artificial earth-like 
gravitational field for the inhabitants by centrifugal 
force. Three relatively small 4 m diameter spoke cylin- 
ders 222 connect the hub 220 with the toroidal hull. 
When the ramjet transports the space station to a certain 
altitude, the calbes 216 are detached from the ramjet, 
and the ramjet returns to the launch site without any 
central structure. The space station is equipped with a 
plurality of ECR propulsion systems that maneuver the 
station to a desired final orbit. The design of the space 
station could be similar to the one disclosed in my U.S. 
Pat. No. 4,730,797, entitled “Inflatable Core Orbital 
Construction Method and Space station,” filed Aug. 12, 
1985. 

FIG. 37 is a schematic longitudinal cross section of 
the electromagnetic ramjet 214 attached to a fully as- 
sembled toroidal space station 212 prior to launch. The 
space station 212 is assembied inside a large subsurface 
cylindric cavity 224 that is 220 m deep with a diameter 
of 700 m. The electromagnetic ramjet 214 is positioned 
around the rim 226 of the cavity 224 on a plurality of 
movable launching/landing platforms 228. The main 
connecting cables 230 are positioned between the plat- 
forms 228. When the space station is launched vertically 
upward, the platforms 228 simultaneously swing away 
from the rim 226 of the cavity 224 so that the ramjet can 
lift the space station upward by magnetic repulsive 
forces acting between its superconducting dipole coils 
and the surrounding superconducting field coils. The 
platforms 228 are fitted with superconducting current 
carrying cables 232 that charge up the ramjet coils prior 
to launch and discharge the coils after a landing. The 
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toroidal hull 234 of the space station 212 can be con- | 


structed inside the cavity 224 using the method de- 
scribed in my U.S. Pat. No. 4,730,797. The two column 
cylinders 236,238 and all of their internal structures and 
systems can be constructed outside the cavity 224 and 
transported into it via large diameter underground ac- 
cess tunnels 240. A plurality of large underground sub- 
assembly workrooms 242 are provided around the cav- 
ity 224. All of the walls of the tunnels, workrooms, and 
cavity are fitted with superconducting shielding coils 
244 which prevent the magnetic field of the surround- 
ing field coils from entering the work areas. 

It should be noted that although magnetic shielding is 


provided to prevent the surrounding magnetic field~ 


generated by the field coils from entering the under- 
ground facilities of the launch complex, there is no 
medical evidence indicating that exposure to 6,000 
Gauss magnetic fields is biologically harmful. See 
“Human Tolerance to Magnetic Fields,” Astronautics, 
March 1962 by D. E. Beischer. However, in order to 
minimize the risk of such exposure, some personnel 
working inside the underground launch complex can be 
provided with flexible suits that are designed to keep 
out a magnetic field. 

A superconducting dipole coil 246 is mounted inside 
a tunnel 248 near the rim 226 of the cavity. This coil 246 
is designed to generate a relatively weak local magnetic 
field with variable strength so as to assist in guiding the 
ramjet 214 to a precise landing on the landing/launch- 
ing platforms 228. 

Large toroidal space stations represent ideal payloads 
for the electromagnetic ramjet because the area inside 
the circular periphery of a toroidal space station pro- 
vides a large, relatively unobstructed central region 249 
(FIG. 36) for low density atmospheric gas to pass 
through the ramjet. Other payloads such as the 400 m 
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long cylindrical central body 108 (FIGS. 18,19,20) can 
also be introduced into the cavity 224 and attached to 
the electromagnetic ramjet 214 via detachable connect- 
ing cables. In this case, the central body would be 
brought into the cavity in two completely assembled 
sections, (loaded with payloads) and joined together 
inside the cavity 224 in a vertical position. This central 
body may contain two completely assembled self-ref- 
ueling interplanetary transfer vehicles for carrying out 


ultra high speed interplanetary voyages around the 


entire solar system. Since these vehicles generate their 
own propellant while undergoing decelerating propul- 
sive maneuvers, they never have to be refueled with 
propellant from external sources. The ability to launch 
fully assembled self-refueling interplanetary transfer 
vehicles would open up the entire solar system for 
manned exploration and eventual colonization. (See “A 
Generalized Theory of Classical Rocket Propulsion For 
Future Space Travel,” Journal of the British Interplane- 


| tary Society, Vol. 40, No. 8, August 1987, pp. 341-352.) 


In the practical application of the proposed ground to 
orbit space transportation system using the electromag- 
netic ramjet, it is important to consider the strength of 
the magnetic field generated by the field coils at various 
distances on the earth’s surface. The field strength in- 
side the central region 164 (FIG. 27) will be nearly 
constant and (for the preferred embodiment) equal to 
0.6 T (6,000 Gauss). For distances D from the center 
that are outside the outer field coil 168, the magnetic 
field strength is given by 


B = 2 yy Rij 


E 
For the particular field coils in the preferred embodi- 
ment 


_ _1367.8 (T km?) 
D 


B 
where D is the distance in kilometers. Thus, the field 
strength in the region surrounding the field coils de- 
creases very rapidly, inversely with the cube of the 
distance from the center. For example, at a distance 
D=30 km (3.17 km from the outer field coil 168) the 
ground field is 0.0507 T (507 Gauss). At a distance 
D=50 km (28.17 km from the outer field coil) the 
ground field 0.0103 T (103 Gauss). At a distance of 100 
km from the outer field coil, the ground field would 
only be 8 Gauss. These correspond to very weak mag- 
netic fields and would be essentially imperceptible. At 
distances greater than about 400 km, the ground field 
would be less than the earth's natural magnetic field. 
The annular region close to the outer field coil where 
the magnetic field strength is high is occupied by the 
solar array 172 which is unaffected by the field. FIG. 38 
is a graph of the magnetic field strength (Gauss) gener- 
ated by the field coils on the earth's surface versus dis- 
tance from the center D (km) for the preferred embodi- 
ment. 

The strength of the magnetic field at various altitudes 
h above the center of the field coils is given by 


Ho ft iy Ri, 
2 j=i [Rij + p2]1:5 
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In the preferred embodiment of the field coils, the mag- 
netic field strength at an altitude of 100 km directly over 
the center of the field coils would be 26 Gauss. At an 
altitude of 200 km, the field would only be 3 Gauss, and 
at an altitude of 500 km, it would only be 0.2 Gauss 
(which is approximately equal to the earth's natural 
magnetic field at this altitude). Thus, the region in space 
directly above the field coils 134 would be very weak at 
orbital altitudes. Consequently the field coils will not 
affect any artificial satellites moving in orbit above 
them. This is a beautiful situation as it allows the field to 
be relatively strong in a region where it is needed to lift 
the electromagnetic ramjet off the earth's surface and 
accelerate it to supersonic speed at a sufficiently high 


altitude to enable it to be accelerated by the microwave - 


beam, but it decreases very rapidly beyond this region 
where it is no longer needed. FIG. 39 is a graph of the 
magnetic field strength in space directly above the field 
coils versus altitude. 

Since the microwave power generating and transmit- 
ting stations are designed to transmit a maximum beam 
power of 10,000 GW (1013 watts), it is possible to con- 
struct a much larger electromagnetic ramjet to take full 
advantage of this enormous power capability. It will be 
instructive to carry out this calculation as it will provide 
additional teaching as to how the various equations 
developed herein are applied in the actual design of an 
electromagnetic ramjet. The radius R2; of the inner 
dipole coil of a multicoil electromagnetic ramjet de- 
signed to operate with the maximum 10!3 watt micro- 
wave beam is determined by the equation 


R?) Pmax = 1013 y 


where Pmax is equal to the beam's power density at the 
onset of atmospheric max breakdown, which is 425 
w/cm?. Hence, R21 =865.4 m. Suppose that the ramjet 
has ten coaxial superconducting dipole coils with 10 m 
spacing between adjacent dipoles and that the magnetic 
field strength at the center generated by each coil is 
equal. Consequently, since the total strength of the 
magnetic field inside the inner dipole coil must be equa! 
to 0.3572 T in order to generate electron cyclotron 
resonance with the 10 GHz microwave beam (as deter- 
mined by equation 1) the central field of each dipole coil 
is equal to 0.03572 T. Upon substituting this value for 
Bo into equation (18), the aspect ratio y of each coil in 
the ramjet will be equal to 3,772.0. The total magnetic 
dipole moment M2 of the electromagnetic ramjet can 
now be calculated by equation (28). The result is 
M2= 1.35167 1015, The total launch mass m; can now 
be calculated from equation (37). The result is 
m;= 611,023,607 kg. Since the total mass me of the di- 
pole coils is 22,679,413 kg, this launch mass is a factor of 
26.9 times greater than the coil mass. In the previous 
example, this “mass ratio” was 17.0. It is greater in this 
example because the aspect ratio y of the dipole coils is 
greater than in the previous example (3,772.0 instead of 
2,324,1). As is demonstrated by equation (38), the 
greater the aspect ratio, the greater the mass ratio (i.e., 
welght lifting efficiency). 

Assuming that this mass is boosted to the 100 km high 
circular accelerating orbit along the same ascent trajec- 
tory as in the previous example, the initial velocity Vo, 
determined from equation (47) anc (48) will be 1,786.46 
m/sec The initial acceleration a, along the circular ac- 
celerating orbit will be equal to 9.1611 m/sec*(0.934 g). 
In order to reach orbital velocity (7,843 m/sec), the 
ramjet would have to accelerate the vehicle a distance 
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of 8,419 km, which is obtained from equation (44). Since 
the maximum acceleration distance in the preferred 
embodiment is 7,000 km, it will not be possible to accel- 
erate the launch mass to orbital velocity. The maximum 
mass that could be accelerated to orbit velocity with the 
preferred embodiment can be calculated by determining 
the value of K in equation (44) where se=7X 106 m, 
V =(7,843 —370) m/sec=7,473 m/sec and V,=1,786 
m/sec. The result is K=58.805 w/kg. Consequently, it 
follows from equation (43) that the maximum possible 
vehicle mass m;=3 Pmax/K =510,156,788 kg. Since the 
total mass of the ramjet’s 10 dipole coils is 22,679,413 
kg, and since the total mass of the ramjet’s airfoils and 
all internal systems is assumed to be equal to 25% of the 
total coil mass, the total mass of the ramjet would be 
28,349,266 kg. Hence, the total mass that could be trans- 
ported to low earth orbit with this system would be 
equal to 481,807,522 kg (1,062,385,586 lbs or 531,193 
tons). Since the ground to orbit transportation cost for 
the Space Shuttle is $2,000/lb, it would cost $2.125 
trillion to orbit this amount of payload in that prior art 
system—and it would be in the form of 16,000 small 
pieces! Moreover, at a rate of one Shuttle launch every 
week, it would require over 300 years to deliver it. (By 
using the proposed scramjet propelled aerospace plane 
the cost could be reduced by one order of magnitude, 
but it would still require over a hundred years to deliver 
it—piece by piece.) 

Although the capability of orbiting huge payloads 
with a mass of this magnitude may appear to be beyond 
any conceivable practical application, I do not believe 
this is the case. A ground-to-orbit transportation system 
with this capability would enable giant sized, com- 
pletely assembled, toroidal habitats to be transported 
into orbit along with all of its inhabitants that may num- 
ber in the tens of thousands. 

The possibility of developing a ground-to-orbit trans- 
portation system having this capability is so remote in 
the prior art of astronautics that it is not even discussed 
in science fiction novels. However, the present disclo- 
sure introduces such a system that is well within present 
engineering feasibility. It is made possible by the elec- 
tromagnetic ramjet propulsion concept and the recent 
developments in high temperature superconducting 
material which makes it possible. (Superconducting 
cable constructed with new ceramic high temperature 
superconducting material with critical temperature 
above liquid nitrogen is already being manufactured on 
a commercial basis. See “Superconducting Wire,” Popu- 
lar Science, March 1989, p. 17.) 

The above example describes the performance capa- 
bilities of the most powerful electromagnetic ramjet 
that could be used in the preferred embodiment of the 
invention. It is therefore instructive to consider the 
performance capability of a ramjet having the smallest 
inner dipole diameter. This diameter is 61 m and is set 
by the minimum beam diameter at an assumed maxi- 
mum range of 500 km. In this case R21 =30.5 m. Conse- 
quently, the ramjet’s maximum propulsive power 
Pmax== 7 R21?Pmax= 1.242 X 1010 w (12.42 GW). It will 
be assumed that this ramjet has 3 dipole coils separated 
by 2 m intervals with equal aspect ratio y. Hence, 
R22= 32.5 m and R23=34.5 m. In order to generate the 
0.3572 T central magnetic field that is required for elec- 
tron cyclotron resonance with 10 GHz microwave 
beam, each of the three coils must generate a central 
magnetic field B¿=0.11907 T. Hence, the aspect ratio of 
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each coil will be 1,205.7 which is obtained by equation 
(18). The ramjet's total magnetic dipole moment 
M2=6.17777 X 1010 amp m? (which is obtained by equa- 
tion 28). The total launch mass m;=28,003 kg (which is 
obtained from equation 37). Since the total coil mass 
Me = 3,043 kg, the mass ratio m./me=9.20. This mass 
ratio can also be obtained directly from equation (38). 
The total ramjet mass will be about m,+0.25 m,= 3,804 
kg. Hence, the non-ramjet payload mass will be 24,199 
kg. 

Assuming, as in the previous examples, that the vehi- 
cle is accelerated to the 100 km high circular accelerat- 
ing trajectory along the same ascent trajectory, the 
initial velocity Vo>=4,895.90 m/sec and the initial accel- 
eration ay=90.59 m/sec? (9.23 g} which is obtained 
from equations (47) and (48). In order to reach an orbi- 
tal velocity of 7,843 m/sec (which would require a 
launch velocity of 7,493 m/sec because of the earth's 
rotation) the ramjet would only have to accelerate the 
vehicle a distance of 228 km along the circular flight 
path, which is obtained from equation (44). Hence, only 
the first microwave transmitter would be used in this 
case. (More than half of the required orbital velocity 
would be obtained while climbing along the initial as- 
cent trajectory). Since the initial launch trajectory be- 
tween lift-off and 60 km altitude is the same for every 
vehicle regardless of its mass (because the ratio M2/m, 
which determines the launch trajectory given by equa- 
tion (46) is unchanged) the vehicle’s maximum accelera- 
tion will be 9.23 g. Although this acceleration is rather 
high, it is still within the limits of human toleration. (It 
could be easily lowered by reducing the propulsive 
power.) Consequently, since this smallest ramjet pro- 
pelled vehicle would have the highest acceleration, 
every ramjet propelled vehicle in the preferred embodi- 
ment of the invention would be capable of transporting 
human passengers. However, these very small ramjet 
propelled vehicles would be ideal as automated un- 
manned ground to orbit supply vehicles. 

Since any number of electromagnetic ramjets could 
be used to accelerate payloads into orbit (one at a time) 
by the same field coils and microwave transmitters, the 
ground-to-orbit transportation system envisioned herein 
is very large and includes many individual ramjets of 
various sizes. FIG. 40 is an enlarged schematic plan 
view of the central 10 km diameter launching/landing 
region 250. The center of this region contains 7 laun- 
ching/landing terminals 252 designed for the largest 
ramjets with inner and outer dipole diameters of 1,731 
m and 1,911 m respectively. These terminals are sur- 
rounded with other launching/landing terminals 254 
using smaller ramjets. The smallest ramjets have an 
inner dipole diameter of 61 m and use the smallest outer 
launching/land terminals 256. A network of under- 
ground access tunnels 258 connect the various termi- 
nals. Passengers could be transported to and from vari- 
ous launching/landing terminals via high speed trains 
operating in some of the underground tunnels 258. 

The field coils 160 (FIG. 27) may also have many 
other embodiments. For example, if it is possible to 
initiate the microwave propelled ramjet propulsion 
system at relatively low altitudes instead of at an alti- 
tude of 60 km, only one field coil would have to be 
constructed. In fact, in some embodiments of the inven- 
tion, a vehicle propelled by an electromagnetic ramjet 
propulsion system could be boosted to some initial alti- 
tude and speed by a conventional chemical rocket sys- 
tem without requiring any field coils. After reaching 
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this initial altitude, the rocket booster could be sepa- 
rated from the vehicle and the vehicle could be pro- 
pelled by the electromagnetic ramjet receiving propul- 
sive power from a microwave beam. However, as de- 
scribed herein, the preferred embodiment of the inven- 
tion uses a plurality of large superconducting field coils 
to initially lift the vehicle off the earth’s surface and to 
propel it to some initial altitude because this will enable 
the system to launch much greater payloads into orbit. 

It should also be pointed out that the magnetic field 
generated by the field coils used in the preferred em- 
bodiment of the invention, may be increased by the 
presence of underground deposits of iron ore or other 
natural ferromagnetic substances in the earth near the 
field coils. This would be very desirable as it would 
reduce the number of field coils required to establish a 
desired magnetic field in the vicinity of the launch site. 

In another embodiment of the invention, an orbiting 
microwave transmitter could be used to power the 
electromagnetic ramjet instead of a plurality of ground 
based transmitters. This would enable the accelerating 
distance s¿ of the ramjet to be essentially unlimited. It 
would also enable the maximum power density pmax of 
the microwave beam to be increased because atmo- ` 
spheric breakdown at very high altitudes requires much 
higher power densities. 

In still other embodiments, the frequency of the mi- 
crowave beam may be other than 10 GHz. This is a 
design detail that would be determined after a more 
detailed study of the invention involving optimization 
analysis. 

It should also be pointed out and emphasized that the 
construction of the self-supporting dipole propulsion 
coils described above, where thin layers of ceramic 
superconducting material is vapor deposited directly 
onto fused silica glass fibers, is not a necessary construc- 
tion feature in the practice of this invention. The super- 
conducting material can be deposited on some interme- 
diate fiber substrate having high tensil-strength o and 
low density p such as carbon fibers. The superconduc- 
ting tension bearing cable could then be fabricated by 
embedding the carbon filaments in a matrix of fused 
silica glass fibers as described in my previously men- 
tioned U.S. Pat. No. 4,078,747. 

Although constructing the ramjet’s superconducting 
dipole coils with new high temperature superconduc- 
ting material is an important construction feature of the 
invention, this feature is not a necessary construction 
feature in the practice of this invention. The dipole coils 
could be constructed with ordinary superconducting 
material that is vapor deposited onto the stress bearing 
fibers as disclosed in my U.S. Pat. No. 4,078,747. How- 
ever, in this case the liquid hydrogen cryogenic refrig- 
erant 36 (FIGS. 8,9) used for maintaining the ramjet’s 
superconducting dipole coils 10 at cryogenic tempera- 
ture would have to be replaced with liquid helium. 

It should be emphasized that the ground to orbit 
electromagnetic propulsion concept and operating sys- 
tem disclosed herein is radically different from prior art 
electromagnetic propulsion concepts that also use mag- 
netic forces generated by current carrying coils to gen- 
erate propulsive thrust. In prior art electromagnetic 
propulsion systems, (which are called “Mass drivers” or 
“coaxial electromagnetic accelerators”) the moving 
propulsion coil (which is mounted around the payload) 
is very small, usually only a few centimeters in diame- 
ter, and moves through an evacuated tube surrounded 
by a plurality of identical coaxial drive coils mounted at 
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various intervals along the tube. The drive coils are 
exited (i.e., pulsed with a current surge) in a sequence 
timed with the moving coil to generate a travelling 
magnetic field. Thus, the moving coil is accelerated by 
series of relatively small incremental steps as it passes 
through each drive coil. These prior art systems are 
very complicated electronically (because of the re- 
quired timing circuits) and can only accelerate very 


small payloads that are restricted in size by the diameter 


of the evacuated accelerating tube. Moreover, if the 
moving coil makes accidental contact with the inside 
walls of the tube, it could cause the system to disinte- 
grate because of the very high speeds involved Since 
the tube must be several kilometers long in order to 
reduce acceleration loads, its construction will be very 
expensive and prone to catastrophic failure. These are 
fundamental problems inherent in prior art electromag- 
netic propulsion systems that cannot be circumvented. 
Thus, the practical utility of prior art ground-to-orbit 
launch systems using electromagnetic forces is severely 


20 


limited. A good technical description of this prior art 


can be found in the following papers: “Basic Principles 
Of Coaxial Launch Technology,” JEEE Transactions 
On Magnetics, Vol. MAG-20, No. 2, March 1984, pp. 
227-230, by H. Kolm and P. Mongeau; and “An Alter- 
native Launching Medium,” IEEE Spectrum, April 
1982, pp. 30-36, by H. Kolm and P. Mongeau. 

The electromagnetic propulsion concept disclosed 
herein generates its magnetic propulsive force by creat- 
ing a moving repulsive magnetic field behind supercon- 
ducting dipole propulsion coils by utilizing low density 
ionized gas in the earth’s upper atmosphere. This is 
achieved by directing a microwave beam at the propul- 
sion dipoles having a frequency designed to produce 
electron cyclotron resonance with free electrons mov- 
ing through the coils. When free electrons move into 
this resonance region they are rapidly accelerated into 
circular cyclotron orbits perpendicular to the lines of 
magnetic induction of the coils. The electrons are thus 
pumped into very high energy cyclotron orbits by the 
microwave beam. A strong coupling between the elec- 
trons and the microwave wave beam is created resulting 
in the absorption of essentially all of the beam energy by 
the electrons. The electrons become strong magnetic 
dipoles which, in their aggregate, generate a strong 
repulsive magnetic field behind the propulsion coils that 
accelerates the coils forward by magnetic repulsive 
forces. The unique relationship between the magnetic 
field of the propulsion coils and the frequency of the 
microwave beam required to produce electron cyclo- 
tron resonance is such that very large coil diameters are 
possible so that thousands of gigawatts of beam power 
could be used for accelerating giant size payloads with 
dimensions and mass many orders of magnitude greater 
than could be accelerated by any prior art propulsion 
concept. This is at the heart of the invention. 

Unlike prior art beamed power propulsion concepts, 
where a beam is used to heat a working fluid in a rela- 
tively small heating region, so that it can be expelled at 
high velocity to generate propulsive thrust, the beam in 
the present invention is not absorbed by thermalization 
processes. Almost all of the beam energy is used to 
pump free electrons into high energy cyclotron orbits in 
a very large region. Thus, the microwave beam is con- 
verted directly into propulsive thrust with an efficiency 
that could, in principle, approach 100%. Consequently, 
the cost of transporting payloads into orbit with this 
system is essentially equal to the cost of generating an 
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amount of electrical energy equal to the orbital energy. 
Since the system generates its own electrical energy, 
this cost is essentially zero. 

Although the propulsion system is basically a high 
altitude ramjet, it is fundamentally different from all 
prior art ramjets in that it does not require any fuel, and 
does not involve any heating or combustion processes. 
Consequently, it has no inherent velocity limitations 
and, since it generates its propulsive power from a mi- 
crowave beam, it has no energy limitations. Since the 
electromagnetic ramjet propulsion system does not 
have any moving parts and operates by electrical pro- 
cesses, it would be extremely reliable. 

Perhaps the most striking operating feature of the 
electromagnetic ramjet propulsion system disclosed 
herein is the fact that it can be operated as a reusable 
self-contained payload acceleration system whereby 
pre-assembled payloads with very large dimensions and 
virtually unlimited mass can be lifted off the earth’s 
surface and accelerated into orbit at essentially zero 
cost. This is a fundamental physical impossibility within 
the prior art of space travel and will have truly revolu- 
tionary implications. For example, it will enable huge 
completely assembled and fully equipped space stations, 
manned with hundreds (or thousands) of occupants 
with a mass of tens of thousands of tons to be trans- 
ported into essentially any orbit around the earth or the 
moon at zero cost. Hundreds (of even thousands) of 
such stations, in the form of orbiting self-contained 
cities, could be transported into space on such a vast 
scale that a significant fraction of the total world popu- 
lation could be living in them before the end of the next 
century. It could also be used to transport huge, com- 
pletely assembled self-refueling space based interor- 
bital/interplanetary vehicles operating under the gener- 
alized theory of rocket propulsion to transport hun- 
dreds of passengers at very low cost on high speed 
interplanetary trajectories throughout the entire solar 
system. This could lead to the colonization of the solar 
system. 

From the foregoing description, it will thus be evi- 
dent that the present invention provides a vastly im- 
proved method for propelling payloads from the earth’s 
surface into orbit for achieving economical space trans- 
portation. As various changes and modifications can be 
made in the above system and operating method with- 
out departing from the spirit or scope of the invention, 
it is intended that all matter contained in the above 
description or shown in the accompanying drawings, 
should be interpreted as illustrative and not in a limiting 
sense. 

What is claimed is: 

1. A method for generating propulsive thrust com- 
prising the steps of: 

charging a superconducting coil with electric current 

to generate a magnetic field; 

providing a source of ionized gas moving through a 

portion of said magnetic field; and 

directing a beam of electromagnetic radiation into 

said magnetic field with a frequency designed to 
produce electron cyclotron resonance with free 
ei=ctrons of said ionized gas moving through said 
mi. gnetic field thereby accelerating said ionized gas 
away from said coil and generating propulsive 
thrust. 

2. A method as set forth in claim 1 wherein said gas is 
atmospheric air that is moving through said coil. 
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3. A method as set forth in claim 1 further comprising 
the step of mounting said superconducting coil inside a 
circular wing-like airfoil having an open duct-like cen- 
tral region. 
4. A method as set forth in claim 3 further comprising 
the step of maintaining said coil at cryogenic tempera- 
ture by cryogenic cooling means mounted inside said 
airfoil. 
5. A method as set forth in claim 3 wherein said ion- 
ized gas is atmospheric air and further comprising the 
step of moving said airfoil through the atmosphere so as 
to provide a continuous source of gas moving through 
said coil | 
6. A method as set forth in claim 5 wherein said beam 
of electromagnetic radiation is transmitted from a trans- 
mitter located on the earth's surface. 
7. A method as set forth in claim 5 further comprising 
the step of mounting movable aerodynamic control 
surfaces on said airfoil adapted for guiding said airfoil 
through the atmosphere. 
8. A method as set forth in claim 5 wherein a portion 
of said ionized air is generated by the step of moving 
said airfoil at supersonic speed thereby generating su- 
personic shock waves and creating lonized gas. 
9. A method as set forth in claim 5 wherein said airfoil 
establishes a central longitudinal axis passing through 
the center of said coil and perpendicular to the plane of 
said coil and furhter comprising the step of mounting a 
payload carrying central body in the center of said 
airfoil extending along said longitudinal axis. 
10. A method as set forth in claim 9 further compris- 
ing the step of rotating said central body about an axis 
perpendicular to said longitudinal axis when said airfoil 
is moving outside the earth's atmosphere. 
11. A method as set forth in claim 10 further compris- 
ing the step of mounting secondary thrust generating 
means inside said airfoil and inside said central body for 
controlling the attitude of said airfoil and for providing 
maneuvering thrust when said airfoil is moving outside 
said atmosphere. 
12. A method as set forth in claim 5 further compris- 
ing the steps of: 
creating a static magnetic field on the earth’s surface 
that extends upward into the atmosphere; 

launching said airfoil from the earth's surface to some 
initial altitude at some initial velocity by magnetic 
repulsive forces exerted on said coil by said static 
magnetic field; and 

accelerating said airfoil to higher velocity by direct- 

ing said beam or electromagnetic radiation into 
said magnetic field generated by said superconduc- 
ting coil when said airfoil reaches said initial alti- 
tude, l 

13. A method as set forth in claim 5 further compris- 
ing the steps of: 

mounting aerodynamic breaking means on said air- 

foil; and 

decelerating said airfoil by said aerodynamic break- 

ing means so that said airfoil means can be returned 
to the earth’s surface. 

14. A method as set forth in claim 3 wherein said step 
of providing a source of ionized gas comprises the step 
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of moving said airfoil through the earth’s ionosph:re . 


and utilizing said ionosphere as a source for said ionized 
gas. 
15. A method as set forth in claim 1 wherein said 
superconducting coil is self-supporting dipole with an 
aspect ratio exceeding 100. ; 
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16. A method for generating propulsive thrust com- 
prising the steps of: 

moving a current carrying superconducting coll 

means generating a magnetic field through the 
atmosphere such that atmospheric air flows 
through said coil means; and 

creating a secondary repulsive magnetic field behind 

said coil means by free electrons in said atmo- 
spheric air moving in circular electron cyclotron 
orbits in the magnetic field of said coil means ener- 
gized by a microwave beam tuned to the electron 
cyclotron resonant frequency of said orbiting elec- 
trons. 

17. A method as set forth in claim 16 wherein said 
microwave beam is transmitted from a transmitter lo- . 
cated on the earth's surface. 

18. A method as set forth in claim 16 furhter compris- 
ing the step Of mounting said superconducting coil 
means inside circular wing-like airfoil means having an 
open duct-like central region. 

19. A method as set forth in claim 16 wherein said 
superconducting coil means comprises a plurality of 
superconducting coils further comprising the steps of 

mounting said coils inside a like plurality of circular 

wing-like airfoils having an open duct-like central 
region; and ps 

maintaining said airfoils in a co-axial spaced-apart 

relationship with a plurality of radial supporting 
_ airfoils mounted between adjacent circular airfoils. 

20. A method as set forth in claim 18 further compris- 
ing the step of maintaining said coil means at cryogenic 
temperature by cryogenic cooling means mounted in- 
side said airfoil means. 

21. A method as set forth in claim 18 further compris- 
ing the step of mounting movable aerodynamic control 
surfaces on said airfoil means adapted for guiding said 
airfoil means through the atmosphere. 

22. A method as set forth in claim 18 further compris- 
ing the step of generating free electrons in the atmo- 
sphere by moving said airfoil means at supersonic speed 
thereby shock ionizing a portion of said air flowing 
through said airfoil means. 

23. A method as set forth in claim 18 further compris- 
ing the step of moving said airfoil means through the 
earth’s ionosphere thereby utilizing natural ionized gas 
present in the ionosphere as a source for free electrons. 

24. A method as set forth in claim 18 wherein said 
airfoil means establishes a longitudinal central axis pass- 
ing through the center of said airfoil means and further 
comprising the step of mounting a payload carrying 
central body in the center of said airfoil means extend- 
ing along said longitudinal axis. 

25. A method as set forth in claim 24 further compris- 
ing the step of rotating said central body about an axis 
perpendicular to said longitudinal axis when said airfoil 
is moving outside the earth’s atmosphere thereby allow- 
ing said central body to be aligned along any desired 
direction while said coil means is constrained by mag- 
netic torque exerted by the earth’s natural magnetic 
field. 

26. A method as set forth in claim 25 further compris- 
ing the step of mounting secondary thrust generating 
means inside said airfoil means and inside said central 
body adapted for controlling the attitude of said airfoil 
means and for providing maneuvering thrust when said 
airfoil means is moving outside said atmosphere. 

27. A method as set forth in claim 18 further compris- 
ing the steps of: 
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creating a static magnetic field on the earth's surface 
that extends upward into the atmosphere; 

launching said airfoil means from the earth’s surface 
to some initial altitude at some initial velocity by 
magnetic repulsive forces exerted on said coil 
means by said static magnetic field; and 

accelerating said airfoil means to higher velocity 
when said airfoil mean reaches said initial altitude 
by directing said microwave beam into said mag- 
netic field generated by said coil means thereby 
creating said secondary repulsive magnetic field 
behind said coil means. 

28. A method as set forth in claim 18 further compris- 

ing the steps of: 

mounting aerodynamic breaking means on said airfoil 
means; and 

decelerating said airfoil means by said aerodynamic 
breaking so that airfoil means can be returned to 
the earth’s surface. 

29. A method as set forth in claim 16 wherein said 


20 


superconducting coil means comprises a plurality of | 


self-supporting dipoles having aspect ratios exceeding 
100. 
30. A method for generating propulsive thrust com- 
prising the steps of: 
charging a superconducting coil means with electric 
current thereby generating a magnetic field; and 

accelerating ionized gas away from said coil means 
by a microwave beam having a frequency tuned to 
produce electron cyclotron resonance with free 
electrons of said ionized gas moving in said mag- 
netic field. 

31. A method as set forth in claim 30 wherein said 
ionized gas is atmospheric air moving through said coil 
means. 

32. A method as set forth in claim 30 further compris- 
ing the steps of: 

mounting said superconducting coil means inside 

circular wing-like air-foil means having an open 
duct-like central region; and 

moving said airfoil means through the atmosphere 

such that said gas is atmospheric air moving 
through said duct-like central region. 

33. A method as set forth in claim 32 further compris- 
ing the step of ionizing a portion of said atmospheric air 
moving through said airfoil means. 

34. A method as set forth in claim 32 further compris- 
ing the step of maintaining said coil means at cryogenic 
temperature by cryogenic cooling means mounted in- 
side said airfoil means. 

35. A method as set forth in claim 32 wherein said 
microwave beam is transmitted from a transmitter lo- 
cated on the earth’s surface. 

36. A method as set forth in claim 32 further compris- 
ing the step of mounting movable aerodynamic control 
surfaces on said airfoil means for guiding said airfoil 
means through the atmosphere in controlled flight. 

37. A method as set forth in claim 32 wherein said 
circular airfoil means establishes a central longitudinal 
axis passing through the center of said airfoil means 
further comprising the step of mounting a payload car- 
rying central body in the center of said airfoil means 
extending along said longitudinal axis. 

38. A method as set forth in claim 37 further compris- 
ing the step of rotating said central body about an axis 
perpendicular to said longitudinal axis when said airfoil 
means is moving outside the earth’s atmosphere thereby 
allowing said central body to be aligned along any de- 
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sired direction while said coil means is constrained by 
magnetic torque exerted by the earth’s natural magnetic 
field. 
39. A method as set forth in claim 38 further compris- 
ing the step of mounting secondary thrust generating 
means inside said airfoil means and inside said central 
body for controlling the attitude of said airfoil means 
and for providing maneuvering thrust when said airfoil 
means is moving outside said atmosphere. 
40. A method as set forth in claim 32 further compris- 
ing the step of moving said airfoil means through the 
atmosphere at supersonic speed thereby generating 
shock waves and ionizing a portion of said atmospheric 
air moving through said airfoil means. 
41. A method as set forth in claim 32 further compris- 
ing the steps of: 
creating a static magnetic field on the earth's surface 
that extends upward into the atmosphere; 

launching said airfoil means from the earth's surface 
to some initial altitude at some initial velocity by 
magnetic repulsive forces exerted on said coil 
-means by said static magnetic field; and 

propelling said airfoil means to higher velocity when 
said airfoil means reaches said initial altitude by 
accelerating ionized gas away from said airfoil 
means by transmitting said microwave beam tuned 
to said electron cyclotron resonant frequency. 

42. A method as set forth in claim 32 further compris- 
ing the steps of: 

mounting aerodynamic breaking means on said airfoil 

means; and 

decelerating said airfoil means by said aerodynamic - 

breaking means so that said airfoil means can be 
returned to the earth’s surface. 

43. A method as set forth in claim 32 further compris- 
ing the steps of: 

moving said airfoil means through the earth’s iono- 

sphere while generating said propulsive thrust; and 
utilizing said ionosphere as a source for ionized gas. 

44. A method as set forth in claim 30 wherein said 
superconducting coil means comprises a plurality of 
circular superconducting coils further comprising the 
steps of: l 

mounting said coils inside a like plurality of circular 

wing-like airfoils with an open duct-like central 
region; and 

maintaining said airfoils in a co-axial, spaced-apart 

relationship with a plurality of radial supporting 
airfoils mounted between adjacent circular airfoils. 

45. A method as set forth in claim 30 wherein said 
superconducting coil means comprises a plurality of 
self-supporting dipoles having aspect ratios exceeding 
100. 

46. A method for accelerating a body to high velocity 
comprising the steps of 

charging a superconducting coil means with electric 

current so as to create a magnetic field; 

mounting said superconducting coil means inside an 

airfoil means adapted for flight through the atmo- 
sphere; 

attaching said body to said airfoil means; and 

creating a travelling repulsive magn<tic field behind 
said airfoil means by inducing free “ectrons in the 
atmosphere to move in circular electron cyclotron 
resonance orbits by a microwave beam thereby 
accelerating said airfoil means by magnetic repul- 
sive forces. 


two transistor amplifiers can be cascaded 
That is, you can feed the output of the first 
amplifier into the input of the second amplifier. 
Figure 8.22 shows a two-transistor amplifier 
circuit, also called a two-stage amplifier 

Figure 8.22 


You find the total AC voltage gain by 
multiplying the individual gains. For example, if 
the first amplifier has an AC voltage gain of 
10, and the second has an AC voltage gain 
of 10, then the overall AC voltage gain is 
100. 

Questions 

A. Suppose you cascade an amplifier with a 
gain of 15 with one that has aé gain of 25. 
What is the overall gain? | 

B. What is the overall gain if the individual 
gains are 13 and 1/7? 


Answers 
A. 375 
B. 221 


22 Two-stage amplifiers can achieve large 
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47. A method as set forth in claim 46 wherein said 
microwave beam is transmitted from a transmitter 
means located on the earth's surface. 

48. A method as set forth in claim 46 further compris- 
ing the step of maintaining said superconducting coil 5 
means at cryogenic temperature by cryogenic cooling 
means mounted inside said airfoil means. 

49. A method as set forth in claim 46 further compris- 
ing the step of ionizing a portion of atmospheric air for 
generating free electrons. 

50. A method as set forth in claim 46 wherein said 
airfoil means has a circular wing-like shape with an 
open circular duct-like central region that is surrounded 
by said coil means and further comprising the step of 
moving said airfoil means so that atmospheric air passes 15 
through said open duct-like region. 

51. A method as set forth in claim 50 further compris- 
ing the step of mounting mevable aerodynamic control 
surfaces on said airfoil means for guiding said airfoil 
means through the atmosphere in controlled flight. 

52. A method as set forth in claim 50 further compris- 
ing the step of mounting secondary thrust generating 
means inside said airfoil means for controlling the atti- 
tude of said airfoil means and for providing maneuver- 
ing thrust when said airfoil means is moving outside the 25 
earth’s atmosphere. 

53. A method as set forth in claim 50 further compris- 
ing the step of moving said airfoil means through the 
atmosphere at supersonic speed thereby generating 
shock waves and ionizing a portion of said.atmospheric 30 
air moving through said open duck-like airfoil means. 

54. A method as set forth in claim 50 wherein said 
body has a length less than the diameter of said open . 
duct-like region further comprising the step of mount- 
ing said body inside said duct-like region on a beam 35 
extending along a diameter of said duct-like region and 
such that said body can be rotated around said beam. 

55. A method as set forth in claim 54 wherein said 
body defines a longitudinal central axis that is perpen- 
dicular to said beam further comprising the steps of: 

rolling said body about said longitudinal axis; and 

rotating said body around said beam so that said lon- 
gitudinal axis can be pointed in any direction inde- 
pendent of the orientation of said airfoil means. 

56. A method as set forth in claim 47 further compris- 45 
ing the steps of: l È 

creating a static magnetic field on the earth’s surface 

that extends upward into the atmosphere; 

launching said airfoil means from the earth’s surface 

to some initial altitude at some initial speed by 50 
magnetic repulsive forces exerted on said coil 
means by said static magnetic field; and 

accelerating said airfoil means to higher velocity 

when said airfoil means reaches said initial altitude 
by creating said travelling repulsive magnetic field 55 
by said microwave beam transmitted from said 
transmitter means. 

57. A method as set forth in claim 50 further compris- 
ing the steps of: 

mounting aerodynamic breaking means on said airfoil 60 

means; and 

decelerating said airfoil means by said aerodynamic 

breaking means so that said airfoil means can be 
returned to the earth’s surface. 

58. A method as set forth in claim 46 further compris- 65 
ing the steps of: — | 

moving said airfoil means through the earth's iono- 

sphere; and 
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utilizing the ionosphere as a source for ionized gas for 

creating said travelling repulsive magnetic field.. 

59. A method as set forth in claim 46 wherein said 
superconducting coil means comprises a plurality of 
circular superconducting coils and further comprising 
the steps of: 
mounting said coils inside a like plurality of circular 

wing-like airfoils with an open duct-like central 

region; and 
maintaining said airfoils in a co-axial, spaced-apart 
relationship with a plurality of radial supporting 
airfoils mounted between adjacent circular airfoils. 
60. A method as set forth in claim 46 wherein said 
superconducting coil means comprises a plurality of 
self-supporting dipoles having aspect ratios exceeding 
100 

61. An apparatus for generating propulsive thrust 
comprising: 

superconducting coil means for generating a mag- 

netic field; 

means for passing ionized gas through a portion of 

said magnetic field; and 

means for transmitting a microwave beam into said 

magnetic field with a frequency designed to pro- 
duce electron cyclotron resonance with free elec- 
trons of said ionized gas moving through said mag- 
netic field thereby accelerating said ionized gas 
away from said coil means and generating propul- 
sive thrust. 

62. An apparatus as set forth in claim 61 wherein said 
ionized gas is atmospheric air. 

63. An apparatus as set forth in claim 61 further com- 
prising: 
circular wing-like airfoil means having a duct-like 

central region; and 

means for mounting said superconducting coil means 

inside said airfoil means. 

64. An apparatus as set forth in claim 63 further com-. 
prising cryogenic cooling means mounted inside said 
airfoil means for maintaining said superconducting coil 
means at cryogenic temperature. 

65. An apparatus as set forth in claim 63 wherein said 
circular airfoil means is moved through the atmosphere 
such that atmospheric air flows through said duct-like 
central region and through said magnetic field. 

66. An apparatus as set forth in claim 65 wherein said 
means for transmitting said microwave beam comprises 
a phased array microwave transmitter located on the 
earth’s surface. | | 

67. An apparatus as set forth in claim 65 further com- 
prising: 

movable aerodynamic control surfaces mounted on 

said wing-like airfoil means; 

actuator means for moving said movable control 

surfaces mounted inside said airfoil means; 
guidance and navigation computer means mounted 
inside said airfoil means; and 

electrical conduit means connecting said computer 

means with said actuator means enabling said air- 
foil means to be guided automatically through the 
atmosphere along a pre-calculated flight path. 

68. An apparatus as set forth in claim 65 further com- 
prising means for generating supersonic shock waves 
mounted inside said duct-like central region of said 
airfoil means such that when said airfoil means is mov- 
ing at supersonic speed, a portion of said atmospheric 
air flowing through said duct-like central region is ion- 
ized by said shock waves. 
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69. An apparatus as set forth in claim 65 wherein said 
duct-like region establishes a longitudinal central axis 
further comprising means for mounting a payload car- 
rying central body in the center of said airfoil means 
extending along said longitudinal axis wherein the trans- 
verse cross sectional area of said central body is signifi- 
cantly less than the transverse cross sectional area of 
said open duct-like central region so as to not restrict 
the atmospheric air flowing through said central region. 
70. An apparatus as set forth in claim 69 wherein said 
central body has a length less than the diameter of said 
airfoil means and further comprising means for rotating 
said central body about an axis perpendicular to said 
longitudinal axis when said airfoil means is moving 
outside the earth's atmosphere thereby allowing said 
central body to be aligned along any desired direction 
while said coil means is constrained by magnetic torque 
exerted by the earth's natural magnetic field. 
71. An apparatus as set forth in claim 70 further com- 
prising attitude control and maneuvering propulsion 
means mounted inside said airfoil means and inside said 
central body for providing attitude control and maneu- 
vering propulsion when said airfoil means is moving 
outside the earth's atmosphere. 
72. An apparatus as set forth in claim 65 further com- 
prising: 
means for creating a static magnetic field on the 
earth's surface that extends upward into the atmo- 
. sphere; and 

means for launching said airfoil means from the 
earth’s surface to some initial altitude at some initial 
velocity by magnetic repulsive forces exerted on 
said coil means by said static magnetic field such 
that when said airfoil means reaches said initial 
altitude, said microwave beam is turned on from a 
microwave transmitter located on the earth’s sur- 
face thereby accelerating said airfoil means to 
higher velocity. 

73. An apparatus as set forth in claim 72 further com- 
prising a plurality of spaced-apart microwave transmit- 
ters located on the earth’s surface such that when said 
airfoil means moves out of range of one transmitter, the 
next transmitter is turned on in a precisely synthronized 
manner so as to enable said airfoil means to be continu- 
ously accelerated sequentially through the atmosphere 
by a series of transmitters until said airfoil means 
reaches a desired terminal velocity. 

74. An apparatus as set forth in claim 65 further com- 
prising aerodynamic breaking means mounted on said 
airfoil means for decelerating said airfoil means when 
said airfoil means is traversing through the atmosphere 
so that said airfoil means can be returned to the earth’s 
surface. 

75. An apparatus as set forth in claim 61 wherein said 
superconducting coil means is a self-supporting dipole 
with an aspect ratio exceeding 100. 

76. An apparatus for generating propulsive thrust 
comprising: 

superconducting current carrying coil means gener- 

ating a magnetic field; 

means for moving said coil means through the atmo- 

sphere such that atmospheric air flows through 
said coil means; and 

means for creating a secondary repulsive magnetic 

field behind said moving coil means by free elec- 
trons in said atmospheric air moving in circular 
electron cyclotron orbits in the magnetic field of 
said coil means energized by a microwave beam 


20 


25 


30 


35 


45 


50 


55 


60 


65 


64 


tuned to the electron cyclotron resonant frequency 
of said orbiting electrons. 

77. An apparatus as set forth in claim 76 wherein said 
microwave beam is transmitted from a phased array 
transmitter located on the earth’s surface. 

78. An apparatus as set forth in claim 76 further com- 
prising: 

circular wing-like airfoil means having a duct-like 

central region; and 

means for mounting said superconducting coil means 

inside said airfoil means. 

79. An apparatus as set forth in claim 78 wherein said 
circular airfoil means is moved through the atmosphere 
such that atmospheric air flows through said duct-like 
central region and through said magnetic field gener- 
ated by said coil means. 

80. An apparatus as set forth in claim 76 wherein said 
superconducting coil means comprises a plurality of 
superconducting coils further comprising: 

a like plurality of circular wing-like airfoils having a 

duct-like central region; 

means for mounting said coils inside said airfoils; and 

means for maintaining said circular airfoils in a co- 

axial, spaced-apart relationship by a plurality of 
radial supporting airfoils mounted between adja- 
cent circular airfoils. 

81. An apparatus as set forth in claim 79 further com- 
prising: 

cryogenic cooling means; and 

means for mounting said cryogenic cooling means 

inside said airfoil means for maintaining said super- 
conducting coil means at cryogenic temperature. 

82. An apparatus as set forth in claim 79 further com- 
prising: 

movable aerodynamic control surfaces mounted on 

said circular airfoil means; 

actuator means for moving said movable control 

surfaces mounted inside said airfoil means: 
guidance and navigation computer means mounted 
inside said airfoil means; and 

electrical conduit means connecting said computer 

means and said actuator means enabling said airfoil 
means to be guided automatically through the at- 
mosphere along a pre-calculated flight path. 

83. An apparatus as set forth in claim 79 further com- 
prising means for generating supersonic shock waves 
mounted inside said duct-like central region of said 
airfoil means such that when said airfoil means is mov- 
ing at supersonic speed, a portion of said atmospheric 
air flowing through said duct-like central region is ion- 
ized by said shock waves. 

84. An apparatus as set forth in claim 79 wherein said 
duct-like central region establishes a longitudinal cen- 
tral axis further comprising means for mounting a pay- 
load carrying central body in the center of said airfoil 
means extending along said longitudinal axis wherein 
the transverse cross sectional area of said central body is 
significantly less than the transverse cross sectional area 
of said airfoil duct so as to not restrict the atmospheric 
air flowing through said duct. 

85. An apparatus as set forth in claim 84 wherein said 
central body has a length less than the diameter of said 
airfoil means and further comprising means for rotating 
said central body about an axis perpendicular to said 
longitudinal axis when said airfoil means is moving 
outside the earth’s atmosphere thereby allowing said 
central body to be aligned along any desired direction 
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while said coil means is constrained by magnetic torque 
exerted by the earth’s natural magnetic field. 

- 86. An apparatus as set forth in claim 85 further com- 
prising attitude control and maneuvering propulsion 
means mounted inside said airfoil means and said central 
body for providing attitude control and maneuvering 
propulsion when said airfoil means is moving outside 
the earth's atmosphere. 

87. An apparatus as set forth in claim 79 further com- 
prising: 

means for creating a static magnetic field on the 

earth's surface that extends upward into the atmo- 
sphere; and 

means for launching said airfoil means from the 

earth's surface to some initial altitude at some initial 
velocity by magnetic repulsive forces exerted on 
said coil means mounted inside said airfoil means 
by said static magnetic field such that when said 
airfoil means reaches said initial altitude, said mi- 
crowave beam is turned on from a microwave 
transmitter located on the earth’s surface thereby 
accelerating said airfoil means to higher velocity. 

88. An apparatus as set forth in claim 87 furhter com- 
prising a plurality of spaced-apart microwave transmit- 
ters located on the earth’s surface such that when said 
airfoil means moves out of range of one transmitter, the 
next transmitter is turned on in a precisely synchronized 
manner so as to enable said airfoil means to be continu- 
ously accelerated sequentially through the upper atmo- 
sphere by a series of transmitters until said airfoil means 
reaches a desired terminal velocity. 

89. An apparatus as set forth in claim 84 further com- 
prising aerodynamic breaking means mounted on said 
airfoil means and on said central body for decelerating 
said airfoil means when said airfoil means is traversing 
through the atmosphere so that said airfoil means can be 
returned to the earth’s surface. 

90. An apparatus as set forth in claim 76 wherein said 
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superconducting coil means comprises a plurality of ¿gy 


self-supporting dipoles having aspect ratios exceeding 
100 


91. An apparatus for generating propulsive thrust. 


comprising: 
superconducting coil means for generating a mag- 
netic field; 
means for passing ionized gas through said magnetic 
field; 
a microwave transmitter located on the earth’s sur- 
face; 
means for transmitting a microwave beam from said 
microwave transmitter into said magnetic field 
with a frequency tuned to produce electron cyclo- 
tron resonance with free electrons of said ionized 
gas moving in said magnetic field thereby acceler- 
ating said ionized gas away from said coil means 
and generating propulsive thrust. 
92. An apparatus as set forth in claim 91 wherein said 
ionized gas is atmospheric air. 
93. An apparatus as set forth in claim 91 further com- 
prising: 
circular wing-like airfoil means having a duct-like 
central region; and 
means for mounting said superconducting coil means 
inside said airfoil means. . 
94. An apparatus as set forth in claim 93 further com- 
prising: 
cryogenic cooling means; and 
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means for mounting said cryogenic cooling means 
inside said airfoil means for maintaining said super- 
conducting coil means at cryogenic temperature. 

95. An apparatus as set forth in claim 93 wherein said 
circular airfoil means is moved through the atmosphere 
such that atmospheric air flows through said duct-like 
central region and through said magnetic field. 

96. An apparatus as set forth in claim 95 wherein said 
superconducting coil means comprises a plurality of 
superconducting coils further comprising: 

A like plurality of circular wing-like airfoils having a 

duct-like central region; 

means for mounting said coils inside said airfoils; and 

means for maintaining said circular airfoils in a co- 

axial spaced-apart relationship by a plurality of 
radial airfoils mounted between adjacent circular 
airfoils. 

97. An apparatus as set forth in claim 95 further com- 
prising means for ionizing a portion of said atmospheric 
air flowing through said duct-like central region. 

98. An apparatus as set forth in claim 95 wherein said 
microwave transmitter is an electrically steered phased. 
array. 

99. An apparatus as set forth in claim 95 further com- 
prising: 

movable aerodynamic control surfaces mounted on 

said wing-like airfoil means; 

actuator means for moving said movable control 

surfaces mounted inside said airfoil means; 
guidance and navigation computer means mounted 
inside said airfoil means; and 

electrical conduit means connecting said computer 

means with said actuator means enabling said air- 
foil means to be guided automatically through the . 
atmosphere along a pre-calculated flight path. 

100. An apparatus as set forth in claim 95 wherein 
said duct-like region establishes a longitudinal central 
axis further comprising means for mounting a payload 
carrying central body in the center of said airfoil means 
extending along said longitudinal axis wherein the trans- 
verse cross sectional area of said central body is signfi- 
cantly less than the transverse cross sectional area of 
said airfoil duct so as to not restrict the atmospheric air 
flowing through said duct. 

101. An apparatus as set forth in claim 100 wherein 
said central body has a length less than the diameter of 
said airfoil means and further comprises means for rotat- 
ing said central body about an axis perpendicular to said 
longitudinal axis when said airfoil means is moving 
outside the earth’s atmosphere thereby allowing said 
central body to be aligned along any desired direction 
while said coil means is constrained by magnetic torque 
exerted by the earth’s natural magnetic field. 

102. An apparatus as set forth in claim 101 further 
comprising attitude control and maneuvering propul- 
sion means mounted inside said airfoil means and inside 
said central body for providing attitude control and 
maneuvering propulsion when said airfoil means is 
moving outside the earth’s atmosphere. 

103. An apparatus as set forth in claim 95 further 
comprising means for generating supersonic shock 
waves mounted inside said duct-like central region of 
said airfoil means such that when said airfoil means is 
moving at supersonic speed, a portion of said atmo- 
spheric air flowing through said duct-like central region 
is ionized by said shock waves. 

104. An apparatus as set forth in claim 95 further 
comprising: 
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means for creating a static magnetic field on the 
earth's. surface that extends upward into the atmo- 
sphere; and 

means for launching said airfoil means from the 
earth's surface to some initial altitude at some initial 
velocity by magnetic repulsive forces exerted on 
said coil means mounted inside said airfoil means 
by said static magnetic field such that when said 
airfoil means reaches said initial altitude said micro- 
wave beam is turned on from a microwave trans- 
mitter located on the earth's surface thereby accel- 
erating said airfoil means to higher velocity. 


105. An apparatus as set forth in claim 104 further. 


comprising a plurality of spaced-apart microwave trans- 
mitters located on the earth's surface such that when 
said airfoil means moves out of range of one transmitter, 
the next transmitter is turned on in a precisely synchro- 
nized manner so as to enable said airfoil means to be 
continuously accelerated sequentially through the 
upper atmosphere by a series of microwave transmitters 
until said airfoil means reaches a desired terminal veloc- 
ity. 

106. An apparatus as set forth in claim 105 wherein 
said central duct-like region of said airfoil means has a 
radius exceeding 100 m and wherein said microwave 
beams transmitted by said transmitters have beam pow- 
ers exceeding 100 GW and further comprising cable 
means attached to said airfoil means adapted for accel- 
erating a toroidal space station having a maor radius 
greater than said duct radius, from the earth’s surface 
into orbit. 

107. An apparatus as set forth in claim 95 further 
comprising aerodynamic breaking means mounted on 
said airfoil means for decelerating said airfoil means 
when said airfoil means is traversing through the atmo- 
sphere. 

108. An apparatus as set forth in claim 91 wherein 
said superconducting coil means comprises a plurality 
of self-supporting dipoles having aspect ratios exceed- 
ing 100. 

109. A high altitude ramjet propulsion system com- 
prising: 

superconducting coil means for generating a primar 

magnetic field; ? 
circular duct-like airfoil means; 

means for mounting said superconducting coil means 

inside said duct-like airfoil means; 

a microwave transmitter located on the earth's sur- 

face; and 

means for transmitting a microwave beam from said 

transmitter into said primary magnetic field with a 
frequency designed to produce electron cyclotron 
resonance with free electrons moving in said pri- 
mary magnetic field thereby creating a secondary 
repulsive magnetic field behind said primary mag- 
netic field and generating propulsive thrust. 

110. An electromagnetic accelerator for accelerating 
a body to high velocity comprising: 

movable superconducting coil means for generating a 

primary magnetic field; 

means for attaching said body to said movable super- 

conducting coil means; 

microwave transmitter means mounted on the earth's 

surface; and 

means for creating a travelling repulsive magnetic 

field behind said superconducting coil means 
within the earth's atmosphere by a microwave 
beam transmitted from said transmitter means 
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thereby accelerating said coil means by magnetic 
repulsive forces. 

111. An electromagnetic accelerator as set forth in 
claim 110 wherein said means for creating said travel- 
ling repulsive magnetic field behind said movable super- 
conducting coil means comprises transmitting said mi- 
crowave beam into said primary magnetic field with an 
electron cyclotron resonant frequency, such that free 
electrons from the atmosphere moving through said 
primary magnetic field are pumped into high energy 
electron cyclotron resonant orbits which, by virtue of 
their circular paths, become magnetic dipoles creating 
said travelling repulsive magnetic field. 

112. An electromagnetic accelerator set forth in claim 
111 further comprising: 

circular wing-like airfoil means having an open circu- 
lar central duct-like region; and 

means for mounting said movable superconducting 
coil means inside said airfoil means such that said 
coil means surrounds said open central duct-like 
region and such that said primary magnetic field 
passes through said duct-like region. 

113. An electromagnetic accelerator as set forth in 
claim 112 wherein said circular airfoil means is moved 
through the atmosphere such that atmospheric air flows 
through said central duct-like region and through said 
primary magnetic field. 

114. An electromagnetic accelerator as set forth in © 
claim 113 further comprising cryogenic cooling means 
mounted inside said airfoil means for maintaining said 
superconducting coil means at cryogenic temperature. 

115. An electromagnetic accelerator as set forth in 
claim 113 further comprising: 

movable aerodynamic control surfaces mounted on 
said airfoil means; 

actuator means for moving said movable control 
surfaces mounted inside said airfoil means; 

guidance and navigation computer means mounted 
inside said airfoil means; and 

electrical conduit means connecting said computer 
means with said actuator means enabling said air- 
foil means to be guided automatically through the 
atmosphere along a pre-calculated flight path: 

116. An electromagnetic accelerator as set forth in 
claim 113 wherein said open circular central duct-like 
region defines a central longitudinal axis and wherein 
said body has a length less than the diameter of said 
duct-like central region and a transverse cross sectional 
area less than 10% of the transverse cross sectional area 
of said duct-like region and wherein said mounting 
means comprises: 

a beam extending along a diameter of said open cen- 
tral duct-like region perpendicular to said longitu- 
dinal axis connected to said airfoil means; and 

means for mounting said body on said beam such that 
the center of mass of said body passes through said 
beam. 

117. An electromagnetic accelerator as set forth in 
claim 116 wherein said body defines a longitudinal cen- 
tral axis that is perpendicular to said beam further com- 
prising: 

means for rolling said bedy around its longitudinal 
central axis; and 

means for rotating said body around said beam such 
that said longitudinal axis of said body can be 
pointed in any direction independent of the orienta- 
tion of said airfoil means. 
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118. An electromagnetic accelerator as set forth in 
claim 117 further comprising attitude control and ma- 
neuvering propulsion means mounted inside said airfoil 
means and inside said central body for providing atti- 
tude control and maneuvering propulsion when said 
airfoil means is moving outside the earth’s atmosphere. 

119. An electromagnetic accelerator as set forth in 
claim 113 further comprising means for generating su- 
personic shock waves mounted inside said duct-like 
central region of said airfoil means such that when said 
airfoil means is moving at supersonic speed, a portion of 
said atmospheric air flowing through said duct-like 
region is ionized by said shock waves. 

120. An electromagnetic accelerator as set forth in 
claim 113 further comprising: 

means for creating a static mienené field on the 

earth’s surface that extends upward into the atmo- 
sphere; and 

means for launching said airfoil means from the 

earth’s surface to some initial altitude at some initial 
velocity by magnetic repulsive forces exerted on 
said coil means mounted inside said airfoil means 
by said static magnetic field such that when said 
airfoil means reaches said initial altitude, said mi- 
crowave beam is turned on thereby creating said 
travelling repulsive magnetic field behind said air- 
foil means accelerating said airfoil means to higher 
velocity. 

121. An electromagnetic accelerator as set forth in 
claim 120 further comprising a plurality of spaced-apart 
microwave transmitters mounted on the earth surface 
such that when said airfoil means moves out of range of 
one transmitter, the next transmitter is turned on in a 
precisely synchronized manner so as to enable said 
airfoil means to be accelerated sequentially through the 
upper atmosphere by a series of microwave transmitters 
until said airfoil means reaches a desired terminal veloc- 
ity. 

122. An electromagnetic accelerator as set forth in 
claim 113 further comprising aerodynamic breaking 
means mounted on said airfoil means for decelerating 
said airfoil means when said airfoil means is traversing 
through the atmosphere. 

123. An electromagnetic accelerator as set forth in 
claim 113 wherein said superconducting coil means 
comprises a plurality of superconducting coils further 
comprising: 

a like plurality of circular wing-like airfoils having a 

circular duct-like central region; 

means for mounting said coils inside said circular 

airfoils such that said coils surround said open cen- 
tral duct-like region; and 

means for maintaining said circular airfoils in a co- 

axial spaced-apart relationship by a plurality of 
radial airfoils mounted between adjacent circular 
airfoils. 

124. An electromagnetic accelerator as set forth in 
claim 110 wherein said superconducting coil means 
comprises a plurality of self-supporting dipoles having 
aspect ratios exceeding 100. 
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125. An electromagnetic accelerator as set forth in 
claim 118 further comprising: 


secondary electromagnetic propulsion means 
mounted inside said body energized by electric 
current; and 


means for utilizing electric current stored inside said 
superconducting coil means as an energy source to 
power said secondary propulsion means. 

126. An electromagnetic accelerator as set forth in 
claim' 120 further comprising control and guidance 
means for landing said airfoil means back on the earth’s 
surface while decelerating said airfoil means by mag- 
netic repulsive forces generated by said static magnetic 
field. 

127. An electromagnetic accelerator for accelerating . 
a body to high velocity above the earth’s surface com- 
prising: 

movable superconducting coil means for generating a 

primary magnetic field; 

means for attaching said body to said movable super- 

conducting coil means; 

microwave transmitter means mounted on the earth’s 

surface; and 

means for generatig a travelling secondary repulsive 

magnetic field behind said superconducting coil 
means by a microwave beam transmitted from said 
transmitter means. 

128. An electromatnetic accelerator as set forth in 
claim 127 wherein said means for generating said travel- 
ling repulsive magnetic field comprises accelerating 
free electrons from ionized gas moving in said primary 
magnetic field into circular cyclotron orbits by said 
microwave beam operating with an electron cyclotron 
resonant frequency. 

129. An electromagnetic accelerator as set forth in 
claim 128 wherein said ionized gas is ionized atmo- 
spheric air. 

130. An electromagnetic accelerator as set forth in 
claim 129 wherein said microwave transmitter means 
comprises a series of spaced-apart microwave transmit- 
ters mounted on the earth’s surface further comprising 
switching means such that when said coil means moves 
out of range of one transmitter, said energizing micro- 
wave beam is transmitted from the next transmitter in 
the series so that said coil means can be accelerated over 
a long accelerating distance. 

131. An apparatus for generating propulsive thrust 
comprising: 

superconducting coil means for generating a primary 

magnetic field; and 

means for generating a secondary repulsive magnetic 

field behind said superconducting coil means by a 
microwave beam. 

132. An apparatus as set forth in claim 131 wherein 
said means for generating said secondary repulsive mag- 
netic field. comprises accelerating free electrons from 
ionized gas moving in said primary magnetic field into 
circular cyclotron orbits by said microwave beam oper- 
ating with an electron cyclotron resonant frequency. 

133. An apparatus as set forth in claim 132 wherein 


said ionized gas is ionized atmospheric air. 
* * * * * 
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AC voltage gains if each amplifier uses an 
emitter bypass capacitor. 

Question 

What is the total AC voltage gain if each 
stage of a two-transistor amplifier has a gain 
of 100? 

Answer 

10,000 


The Emitter Follower 


23 Figure 8.23 shows another type of 
amplifier circuit. 
Figure 8.23 


Question 

How is the circuit shown in Figure 8.23 
different from the amplifier circuit discussed In 
problems 11-18? ——___ 

Answer 


There is no collector resistor, and the output 
Signal is taken from the emitter. 

24 The circuit shown in Figure 8.23 IS 
called an emitter follower amplifier. (In some 
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| ocks, like airplane flight:recordersí- 


an, | b >. z 
E ~ store in their interior very useful 


dy ; -information about what has 
happened in the past. Whether forming 
caves in the middle of mountains, mixed 


among folds, or lying at the bottom of 


lakes and oceans, stones are everywhere, 
and they hold clues to the past. By 
studying rocks, we can reconstruct the 
history of the Earth. Even the most 
insignificant rocks can tell stories about 
other times, because rocks have been 
around since the beginning of the universe. 
They were part of the cloud of dust and 
gases that revolved around the Sun over 
four billion years ago. Rocks have been 
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silent witnesses to the cataclysms our 
planet'has experienced. They know-the 
cold of the glacial era, the intense heat of 
the-Earth's interior, and the fury of the 
oceans. They store much information 
about how external agents, such as wind, 
rain, ice, and temperature changes, have 
been altering the planet's surface for 
millions of years. 


or ancient civilizations, stones 

symbolized eternity. This idea has 

persisted throughout time because 
stones endure, but they are recycled time 
and again. Fifty million years from now, 
nothing will be as we now know it—not 
the Andes, nor the Himalayas, nor the ice 
of Antarctica, nor the Sahara Desert. 
Weathering and erosion, though slow, will 
never stop. This should free us from any 
illusion of the immortality of the Earth's 
features. What will everything be like in 
the future? We don't know. The only sure 


THE MONK'S HOUSE 
This orthodox monk lives in a 
volcanic cave, very close to the 
11 Christian churches located in 
the Ethiopian town of Lalibela. oe 
Iw 


hing is that there will be rocks. Only 


» stones will remain, and their chemical ` 
-+ composition, shape, and texture will 


provide clues about previous geological 


| events and about what the Earth's surface 


was like in the past. In the pages of this 
book, illustrated with stunning images, you 
will find invaluable information about the 
language of rocks and natural forces in 
general. You will also learn to identify the 
most important minerals, know their 
physical and chemical properties, and 
discover the environments in which they 
form. 


id you know that the Earth's crust 

and its oceans are sources of useful 

and essential minerals for human 
beings? Coal, petroleum, and natural gas 
found in the crust allow us to travel and to 
heat our homes. Furthermore, practically all 
the products that surround us have 
elements provided by rocks and minerals. 
For example, aluminum is used to produce 
beverage cans; copper is used in electric 
cables; and titanium, mixed with other 
durable metals, is used in the construction 
of spacecraft. We invite you to enjoy this _ 
book. It is full of interesting and worthwhile 
information. Don't miss out on it! 


A. 


Dynamics of the Earth's Crust 


he Earth is like a blender in 
which rocks are moved around, 
broken, and crumbled. The 
fragments are deposited, 
forming different layers. Then 


weathering and erosion by wind and rain 
wear down and transform the rock. This 
produces mountains, cliffs, and sand 
dunes, among other features. The 
deposited material settles into layers of 


MOUNTAINS OF SAND 
Corkscrew Canyon in Arizona 
contains an array of shapes, colors, 
and textures. The sand varies from 
pink to yellow to red depending on 
the sunlight it receives. 


sediment that eventually become 
sedimentary rock. This rock cycle never 
stops. In 50 million years, no single 
mountain we know will exist in the same 
condition as it does today. 


TRAVERSING TIME 
UNDER CONSTRUCTION 

A CHANGING SURFACE 
BEFORE ROCK, MINERAL 
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aversing Time 


eologists and paleontologists use many sources to reconstruct 

the Earth's history. The analysis of rocks, minerals, and fossils 

found on the Earth's surface provides data about the 
deepest layers of the planet's crust and reveals both climatic and 
atmospheric changes that are often associated with 
catastrophes. Craters caused by the impact of meteorites and 
other bodies on the surface of the Earth also reveal valuable 
information about the history of the planet. e 


Complex 
Structure 


FU THE FORMATION OF THE INTERIOR 
Lei Cosmic materials began to 
accumulate, forming a growing celestial 
body, the precursor of the Earth. High 
temperatures combined with gravity 
caused the heaviest elements to 
migrate to the center of the planet 

and the lighter ones to move toward 


Small bodies and 
dust accumulate 
to become the size 
of an asteroid. 


the surface. Under a rain of meteors, The oldest 
the external layers began to minerals, such as 
consolidate and form the Earth's crust. zircon, form. 


In the center, metals such as iron 


concentrated into a red-hot nucleus. The oldest rocks 


metamorphose, 
forming gneiss. 


2,500 


Proterozoic 


Age in millions A 600 
of years 9 


ERA 


Hadean 


PERIOD P Pregeologic | > Precambrian 
EPOCH | 
Climate y 

Consolidation The Earth cools A ` 

begins under a and the first f 


rain of meteors. ocean is formed. 


ELEMENTS PRESENT ACCORDING TO THE TABLE 


Existing in different combinations, the crust of the Earth 0 
contains the same elements today as those that were 46.6% 
present when the planet was formed. The most abundant 


Ea Metals 
Es Transition metals 
fea Nonmetals 


element in the crust is oxygen, which bonds with metals Sj 
and nonmetals to form different compounds. 277% 


Life Es Noble gases 
Ca Mg E Lanthanide series 
N 3.6% sare fl Actinide series 
a 
K 28% | i 


2.6% 


DA COLLISION 
L AND FUSION 
== Heavy elements 


D 


— 1,100 


Rodinia, an early 
supercontinent, 
| forms. 


A meteorite falls in 
Sudbury, Ontario, 
Canada. 


2,500 


Glaciations: White Earth 

The Earth undergoes the first of its 
massive global cooling events 
(glaciations). 


800 Second glaciation 


600 Last massive glaciation 


THE FIRST ANIMALS 

Among the most mysterious fossils of the 
Precambrian Period are the remains of the 
Ediacaran fauna, the Earth's first-known 
animals. They lived at the bottom of the 
ocean. Many were round and reminiscent of 
jellyfish, while others were flat and sheetlike. 


THE CORE 
The Earth's core is 
extremely hot and 
is made mostly of 
iron and nickel. 


542 


The supercontinent 
Panotia forms, containing 
portions of present-day 
continents. North America 
separates from Panotia. 


542 
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“> METALLIC CORE 
©) The light elements 
=œ form the mantle. 


The region that will 
become North America 
moves toward the 
Equator, thus initiating 
the development of the 
most important 
carboniferous formations. 
Gondwana moves slowly; 
the ocean floor spread 
at a SIM la e 


Laurentia and aa 5 


OROGENIES 

Geological history recognizes long periods (lasting 
millions of years) of intense mountain formation 
called orogenies. Each orogeny is characterized by 
its own particular materials and location. 


The first major 


orogeny Baltica converge, Y ~ 4 
(Caledonian creating the / 

folding) begins. Caledonian range. | 

Gondwana moves Gneiss forms on 

toward the South the coastof j 

Pole. Scotland. 


488.3 Ads 


Paleozoic THE ERA OF PRIMITIVE LIFE 


> Cambrian 


Temperatures fall. 
The level of carbon 
dioxide (CO>) in the 
atmosphere is 16 
times higher than it 
is today. 


THE CAMBRIAN EXPLOSION 


Fossils from this time attest to #4 


the great diversity of marine 
animals and the emergence 
of different types of 
skeletal structures, such 

as those found in sponges 
and trilobites. 


TRILOBITES 
Marine arthropods 
with mineralized 
exoskeletons 


> Ordovic » Silurian » Devoniar » Carbonif 


Hot, humid climates 
produce exuberant 
forests in 
swamplands. 


It is thought that the 
Earth's atmosphere 
contained far less carbon 
dioxide during the 
Ordovician than today. 
Temperatures fluctuate 
within a range similar to 
what we experience 
today. N 


By this period, 
vertebrates with 
mandibles, such 

as the placoderms, 
osteichthyans 
(bony fish), and 
acanthodians, 
have already 
emerged. 


Temperatures were 
typically warmer than 
today, and oxygen 
(02) levels attained 
their maximum. 


y 


N 


Amphibians diversify 
and reptiles originate 
from one amphibian 
group to become the 
first amniotes. Winged 
insects such as 
dragonflies emerge. 


SILURIAN 

One of the first 
pisciform vertebrates, 
an armored fish 
without mandibles 


The rocks of this period 
contain an abundance 
of fish fossils. 


Areas of solid ground 
are populated by 
gigantic ferns. 


The fragments of 
continents combine to 
form a single continent 
called Pangea. 


Mio unt a 


J" 


> Permian 


The largest carbon 
deposits we observe 
today form where 
forests previously 
existed. 


Palm trees and 
conifers replace the 
vegetation from the 
Carboniferous Period. 


MASS EXTINCTION 

Near the end of the 
Permian Period, an 
estimated 95 percent of 
marine organisms and over 
two thirds of terrestrial 
ones perish in the greatest 
known mass extinction. 
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IMPACT FROM THE OUTSIDE The heat caused by the 
It is believed that a large meteor fell on expansion of fragments 
Chicxulub, on the Yucatán Peninsula from the impact together CRUST 
(Mexico), about 65 million years ago. The with the greenhouse effect The Earth's crust can reach 
impact caused an explosion that created a brought about by the a thickness of up to 6 miles i 
cloud of ash mixed with carbon rocks. When spreading of ashes in the Oen os ana a 
: ocean and up to 30 miles a. N i 
the debris fell back to Earth, some experts stratosphere provoked a (50 km) on the continents. AIGA a9 
believe it caused a great global fire. series of climatic changes. IR . 
It is believed that this Ñ 
process resulted in the NM i va 


extinction of the dinosaurs. 


North America and LITHOSPHERE 
Europe drift apart. The solid rock coating 
North and South of the Earth, which 


i ap includes the exterior of 
America are joined at 


Aci the mantle 
the end of this time 
period. The formation of MANTLE 
Patagonia concludes, The mantle is 1,800 miles 
and an important (2,900 km) thick and is 


composed mainly of solid 
rock. Its temperature 
increases with depth. A 
notable component of the 
upper mantle is the 
asthenosphere, which is 
semisolid. In the asthenosphere, 
superficial rock layers that will 
eventually form the Earth's 
crust are melted. 


overthrust raises the 
Andes mountain range. 


Gondwana = 
reappears. = ~~ T 3 


— 


Africa separates s l te i . IN The African Rift Zone and 
from South America, the Red Sea open up. The 
and the South Atlantic 4 Indian protocontinent 
Ocean appears. f ides with Eurasia. 


251 199.6 


Mesozoic THE ERA OF REPTILES > Cenozoic THE AGE OF MAMMALS 
; A 


- i | CORE 

Carbon dioxide The level of oxygen At the end of the Cretaceous Period, The global Temperatures drop e h i Y F E si 400 
levels increase. (0>) in the the first angiosperms—plants with average to levels similar to : s a a Par i miles (2,270 km) thick 
Average atmosphere is much protected seeds, flowers, and temperature is those of today. The onn me T ee nee ce and contains melted iron, 
temperatures lower than today. fruits—appear. at least 62° F lower temperatures el Q iM ee ES at H n nickel, and other minor 
are higher than (17° C). The ice cause forests to E i a a ee ote 4 at a Spano. 
today. layer covering shrink and grasslands i eg TO à pe a Inner Core 

Antarctica later to expand. pue Kor o po The inner core has a diameter of 

thickens covered in ice. 756 miles (1,216 km). It is made of 


iron and nickel, which are solidified 
due to their exposure to high 
pressure and temperature conditions. 


Vast development 
of feathered bird 


HIIR 


ANOTHER MASS EXTINCTION Hl 
Alth 


ough the oldest hominid fossils E 


Proliferation of Birds emerge. Toward the end of the Cretaceous species and 
insects Period, about 50 percent of existing mammals covered (Sahelanthropus) date back to seven million 
The dinosaurs species disappear. The dinosaurs, the with long fur years ago, it is believed that modern humans 

Appearance of undergo adaptive large marine reptiles (such as the emerged in Africa at the end of the 

dinosaurs radiation. Plesiosaurs), the flying creatures of that Pleistocene. Humans migrated to Europe 
period (such as the Pterosaurs), and the æ œ 100,000 years ago, although settling there 
ammonites (cephalopod mollusks) P was difficult because of the glacial climate. 

The first mammals ALLOSAURUS disappear from the Earth. At the MAMMOTHS 1155) According to one hypothesis, our ancestors 

evolve from a group ahicicarnivore beginning of the Cenozoic Era, most of Mammoths lived in Siberia. UF reached the American continent about 

of reptiles called measured 39 feet the habitats of these extinct species The cause of their extinction 0 10,000 years ago by traveling across the 

Therapsida. (12 m) long. begin to be occupied by mammals. is still under debate. "> area now known as the Bering Strait. 
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Under Construction 


ur planet is not a dead body, complete and unchanging. It is an ever-changing system whose 
activity we experience all the time: volcanoes erupt, earthquakes occur, and new rocks 
emerge on the Earth's surface. All these phenomena, which originate in the interior of the 
planet, are studied in a branch of geology called internal geodynamics. This science analyzes 
processes, such as continental drift and isostatic movement, which originate with the 
movement of the crust and result in the raising and sinking of large areas. The 
movement of the Earth's crust also generates the conditions that form new rocks. 
This movement affects magmatism (the melting of materials that solidify 
to become igneous rocks) and metamorphism (the series of 
transformations occurring in solid materials that give rise to 
metamorphic rocks). | 


Magmatism Metamorphism 


| Folding ae 


Magma is produced when the temperature in the mantle or crust reaches a level at 

which minerals with the lowest fusion point begin to melt. Because magma is less 
dense than the solid material surrounding it, it rises, and in so doing it cools and begins to 
crystallize. When this process occurs in the interior of the crust, plutonic or intrusive 
rocks, such as granite, are produced. If this process takes place on the outside, volcanic 
or effusive rocks, such as basalt, are formed. 


OUTER 
CRUST 
Volcanic 
rocks 


INNER 
CRUST 
Plutonic 
Rocks 


-4 


124 miles 
(200 km) 


An increase in pressure and/or temperature causes 

rocks to become plastic and their minerals to 
become unstable. These rocks then chemically react with 
the substances surrounding them,creating different 
chemical combinations and thus causing new rocks to 
form. These rocks are called metamorphic rocks. Examples 
of this type of rock are marble, quartzite, and gneiss. 


PRESSURE TEMPERATURE 

This force gives rise to new High temperatures make 
metamorphic rocks, as older the rocks plastic and 
rocks fuse with the minerals their minerals unstable. 
that surround them. 


62 miles 
(100 km) 


>» Trem £ 
“35 m: 


Although solid, the materials forming the Earth's i 

crust are elastic. The powerful forces of the Earth 
place stress upon the materials and create folds in the 
rock. When this happens, the ground rises and sinks. When 
this activity occurs on a large scale, it can create mountain 
ranges or chains. This activity typically occurs in the 
subduction zones. 


FOLDS 

For folds to form, rocks 
must be relatively 
plastic and be acted 
upon by a force. 


KILAUEA CRATER 
Hawaii 


Latitude 19° N 
Longitude 155° W 


hen the forces acting upon rocks become too intense, 
the rocks lose their plasticity and break, creating two 
pes of fractures: joints and faults. When this process happens 
too abruptly, earthquakes occur. Joints are fissures and cracks, 
whereas faults are fractures in which blocks are displaced 

po parallel to a fracture plane. 


RUPTURE 

When rocks 
rupture quickly, an 
earthquake occurs. 


i ZIN 
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A Changing Surface 


he molding of the Earth's crust is the product of two great destructive forces: weathering and 
erosion. Through the combination of these processes, rocks merge, disintegrate, and join 
again. Living organisms, especially plant roots and digging animals, cooperate with 
these geologic processes. Once the structure of the minerals 
that make up a rock is disrupted, the minerals 
disintegrate and fall to the mercy of the 
rain and wind, which erode them. 


CORKSCREW 
CANYON 
Arizona 


Latitude 36° 30° N 
Longitude 111° 24° W 


Water 
current 


Erosion Weathering CHEMICAL 


External agents, such as water, wind, air, and living | Mechanical agents can disintegrate rocks, and PROCESSES 

beings, either acting separately or together, wear 4 > chemical agents can decompose them. Disintegration he ee seen 
down, and their loose fragments may be transported. e and decomposition can result from the actions of plant They either become new 
This process is known as erosion. In dry regions, the roots, heat, cold, wind, and acid rain. The breaking down of minerals or are released 
wind transports grains of sand that strike and rock is a slow but inexorable process. in solution. 


polish exposed rocks. On the coast, wave 
action slowly eats away at the rocks. 


Limestone 


MECHANICAL PROCESSES 


A variety of forces can cause rock 
fragments to break into smaller 
pieces, either by acting on the rocks 
directly or by transporting rock 
fragments that chip away at the rock 
surface. 


- EOLIAN >, = EA HYDROLOGIC PROCESSES 

o de OCESSES : 8 All types of moving water slowly wear 
os small parice. s down rock surfaces and carry loose 
oke Ihis wears them e particles away. The size of the particles that WATER 
NC OS NEW deposits | are carried away from the rock surface In a liquid or frozen state, 
of either loess or sand depending ~ Ur ienalyme and speed of the water penetrates into the 
on the size of the particle. ad flowing water. High-volume and high- rock fissures, causing them 

velocity water can move larger particles. ~~ to expand and shatter. 


TEMPERATURE 
When the temperature of the 
air changes significantly over a 
few hours, it causes rocks to 
expand and contract abruptly 
The daily repetition of thi: 
phenomenon can cause rock 
to rupture. , 


Transportation and 
Sedimentation 


In this process, materials 
eroded by the wind or water 
are carried away and 
deposited at lower elevations, 
and these new deposits can 
later turn into other rocks. 


ji 


Composed of silica, 
quartz gives rock a 
white color. 


s A, 
~t E E 
Po 
Composed of $ 
thin, shiny oe 
sheets of silicon, 
aluminum, potassium, 
and other minerals, mica 


can be black or colorless. 


Rock composed of © A light-colored 
feldspar, quartz, and a 


h silicate, feldspar 
mica 


makes up a large 
y - a part of the crust. 


TORRES DEL PAINE 
Chilean Patagonia 


Latitude 52° 20° S 
Longitude 71° 55° W 


Composition Granite 
Highest summit ~ i and 


Surface - 598a cre (242 ha) > 
— d > emperature and pressure play a prominent part in rock 


transformation. Inside the Earth, liquid magma is produced. 
When it reaches the surface, it solidifies. A similar process 
happens to water when it freezes upon reaching 32° F (0° C). 


Torres del Paine National Park is located in Chile 
between the massif of the Andes and the Patagonian 
steppes. 


Minerals 


allol is basically a desert of 
minerals whose ivory- 
colored crust is scattered 
with green ponds and 
towers of sulfur salts in 


ca E Ani E) 


shades of orange. Some minerals 
belong to a very special class. 
Known as gems, they are sought and 
hoarded for their great beauty. The 
most valuable gems are diamonds. 


DALLOL VOLCANO 

Located in Ethiopia, Dallol is the only non- 
oceanic volcano on Earth below sea level, 
making it one of the hottest places on the 
planet. Sulfur and other minerals that spring 
from this volcano create very vivid colors. 


Did you know it took human beings 
thousands of years to separate metal 
from rock? Did you also know that 
certain nonmetallic minerals are 
valued for their usefulness? 


YOU ARE WHAT YOU HAVE CRYSTALLINE SYMMETRY 

A QUESTION OF STYLE PRECIOUS CRYSTALS 

HOW TO RECOGNIZE MINERALS DIAMONDS IN HISTORY 

A DESERT OF MINERALS THE MOST COMMON MINERALS 
THE ESSENCE OF CRYSTALS THE NONSILICATES 


if 
$ fs 


Graphite, for instance, is used to 
make pencils; gypsum is used in 
construction; and halite, also known 
as salt, is used in cooking. 
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T 
You Are What You Have g 


inerals are the “bricks” of materials that make up the 

Earth and all other solid bodies in the universe. They are 

usually defined both by their chemical composition and by 
their orderly internal structure. Most are solid crystalline 
substances. However, some minerals have a disordered internal 
structure and are simply amorphous solids similar to glass. 
Studying minerals helps us to understand the origin of the Earth. 
Minerals are classified according to their composition and 
internal structure, as well as by the properties of hardness, 
weight, color, luster, and transparency. Although more than 
4,000 minerals have been discovered, only about 30 are 
common on the Earth's surface. 


Polymorphism 


A phenomenon in which the same 

chemical composition can create 
multiple structures and, consequently, 
result in the creation of several different 
minerals. The transition of one 
polymorphous variant into another, 
facilitated by temperature or pressure 
conditions, can be fast or slow and either 
reversible or irreversible. 


Chemical Crystallization Mineral 
Composition System 


CaCO, T Trigonal Calcite 


Caco, | Rhombic Aragonite 


FeS, $ Cubic Pyrite 


Components MIN 


COM 


FeS, | Rhombic Marcasite 


C | Cubic Diamond 


C Hexagonal | Graphite 


The basic components of minerals are the 

chemical elements listed on the periodic 
table. Minerals are classified as native if they are 
found in isolation, contain only one element, and 
occur in their purest state. On the other hand, they CACAO, 
are classified as compound if they are composed of listed in the 
two or more elements. Most minerals fall into the periodic table. 
compound category. 


DIAMOND AND GRAPHITE 

A mineral's internal structure influences its hardness. Both 
graphite and diamond are composed only of carbon; however, 
they have different degrees of hardness. 


NATIV NINERALS 
These minerals are classified into: 


A- METALS AND INTERMETALS 
Native minerals have high thermal and electrical 
conductivity, a typically metallic luster, low 
hardness, ductility, and malleability. They are easy 


to identify and include gold, copper, and lead. 


Diamond Graphite 


An excellent thermal and electrical conductor. The close-up 
Acids have little or no effect on it. image shows the 


dendrites formed by 
the stacking of 
octahedrons, sometimes in 
an elongated form. 


Microphotograph of 


En COMI Isotypic Minerals y . 
| 3 i a nfl! . = . = = ? 
Compound minerals Isomorphism happens when minerals with the same structure, such as halite and galena, d i b. e a 
are created when exchange cations. The structure remains the same, but the resulting substance is different, > L AA tatr t 
E e e Sate chemical bonds form A because one ion has been exchanged for another. An example of this process is siderite (rhombic i i i 
B- SEMIMETALS C- NONMETALS bet t f HALITE ae ee 
Nena lab rimore An important group of etween atoms o is composed of FeCO3), which gradually changes to magnesite (MgCO3) when it trades its iron (Fe) for similarly- | pats b i ad 
A fragile than metals and have minerals, which includes more than one element. chlorine and sodium. sized magnesium (Mg). Because the ions are the same size, the structure remains unchanged. Model demonstrating _ E PA da 
>" i a lower conductivity. sulfur The PoR of a - how one atom bonds : in 
ims o Examples are arsenic compound mineral drtrer to the other four 
va T 
‘Pn, = antimony, and bismuth. from those of its HALITE AND GALENA | 
eS constituent e ement- Halite NaCl Galena PbS Each atom is joined to four other Atoms form hexagons that 
aja Cl Na S Pb atoms of the same type. The are strongly interconnected 
BISMUTH SULFUR | d P | b ə carbon network extends in three in parallel sheets. This 
O riadas : dimensions by means of strong. structure allows the sheets 
A a ə 2 covalent bonds. This provides the to slide over one another. 
mineral with an almost i 
E $ y unbreakable hardness. 
? am Aa Cubic Internal -8 P Hardness of 10 _ Hardness of 1 
2 Structure l ə on the Mohs scale on the Mohs scale 
> i P = A = 
3 3 $ 3 


cases, it is also called the common collector 


amplifier.) 

The output signal has some interesting 
features: 

The peak-to-peak value of the output signal 
is almost the same as the input signal. In 
other words, the circuit gain is slightly less 
than 1; although in practice it is often 


considered to be 1. 
The output signal has the same phase as 
the input signal. It is not inverted; the 
output is simply considered to be the same 
as the input. 

The amplifier has a high input resistance. 
Therefore, it draws little current from the 
signal source. 

The amplifier has a low output resistance. 
Therefore, the signal at the emitter appears 
to be emanating from a battery or signal 
generator with a low internal resistance. 
Questions 

A. What is the voltage gain of an emitter 
follower amplifier? > 

B. Is the output signal inverted? _—— ć — — 

C. What is the input resistance of the emitter 
follower amplifier? | 

D. What is its output resistance? 


Answers 
A. 1 
B. No 


C. High 


EXOTIC COLOR 


A mineral can have several 
shades, depending on its 
impurities or inclusions. 


QUARTZ 


ROCK CRYSTAL 
Colorless; the purest 
state of quartz 


Other secondary minerals, 
known as exotic minerals, 
are responsible for giving 
quartz its color; when it 
lacks exotic minerals, 
quartz is colorless. 


Color 


E - is one of the most striking properties of 


minerals. However, in determining the 


i 
a 


COLOR 


identity of a mineral, color is not always useful. 


Some minerals never change color; they are called 
idiochromatic. Others whose colors are variable are 
called allochromatic. A mineral's color changes can 
be related, among other things, to the presence of 
impurities or inclusions (solid bodies) inside of it. 


ROSE 
The presence of manganese 
results in a pink color. 


Some minerals 
always have the 
same color; one 
example is 
malachite. 


CITRINE 
The presence of iron produces 
a very pale yellow color. 


INHERENT | 


SMOKY 
Dark, brown, or gray minerals 


AMETHYST 

The presence of iron in a 
ferric state results in a 
purple color. 


Streak Color: 
Reddish Brown 
AGATE 
A type of chalcedony, a 
cryptocrystalline variety of 
quartz, of nonuniform coloring 
= Agates crystallize in banded 
Luminescence patterns because of the 


environments in which they 
form. They fill the cavities of 
rocks by precipitating out of 
aqueous solutions at low 
temperatures. Their colors 
reflect the porosity of the stone, 
its degree of inclusions, and the 
crystallization process. 


sj Certain minerals emit light when 
they are exposed to particular 
sources of energy. A mineral is fluorescent 
if it lights up when exposed to ultraviolet 
rays or X-rays. It is phosphorescent if it 
keeps glowing after the energy source is 
removed. Some minerals will also respond 
to cathode rays, ordinary light, heat, or 
other electric currents. 


METALLIC 

Minerals in this class are 
completely opaque, a 
characteristic typical of native 
elements, such as copper, and 
sulfides, such as galena. 


Refraction 


and Luster 


pe Refraction is related to the speed 
with which light moves through a 
crystal. Depending on how light propagates 
through them, minerals can be classified as 
monorefringent or birefringent. Luster 
results from reflection and refraction of 
light on the surface of a mineral. In general, 
it depends on the index of refraction of a 
mineral's surface, the absorption of incident 
light, and other factors, such as concrete 
characteristics of the observed surface (for 
instance, degree of smoothness and polish). 
Based on their luster, minerals can be 
divided into three categories. 


SUBMETALLIC 
Minerals in this class have 
a luster that is neither 

metallic nor nonmetallic. 


NONMETALLIC 

Minerals in this class 
transmit light when cut 
into very thin sheets. They 
can have several types of 
luster: vitreous (quartz), 
pearlescent, silky (talc), 
resinous, or earthy. 


streak 


is the color of a mineral's 
fine powder, which can be 
used to identify it. 


` 


{ 
> 
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When a mineral tendsto break along the 
planes of weak bonds jn its crystalline 
structure, it separates into flat sheets parallel to 
its are This is called exfoliation. Minerals that 
do not exfoliate when they break are said to 
exhibit fracture, which typically occurs in irregular 
patterns. 


TYPES OF EXFOLIATION ` 


Dodecahedral 


=z 


Rhombohedral Prismatic and Pinacoidal 


y (Basal) 
s va l 
, ya 


TALC GYPSUM 
is the softest can be scratched 
-e mineral. e by a fingernail. 


perty is hardness. One mineral is harder than another when the 
ratch the latter. A mineral's degree of hardness is based ona 
to 10, that was created by German mineralogist Friedrich 


can he irregular, 
conchoidal, smooth, 
splintery, or earthy. 


IRREGULAR FRACTURE 
An uneven, splintery 


CALCITE 


r FLUORITE att APATITE ORTHOCLASE QUARTZ 
is as hard asa = canbe scratched | can be scratched can be scratched can be scratched 
bronze coin. e byaknife. — y e by apiece of glass. © bya drill bit. e by tempered steel. 
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ze Minerals 


Electricity PIEZOELECTRICITY g 


The generation of electric currents 


b Generation that can occur when mechanical T 
tension redistributes the negative N Positive 
| z 2%. i Z Piezoelectricity and and positive charges in a crystal. 
as are very important for recognizing it at first glance. pyroclentelimeses Tourmaline is an example. 
phenomena exhibited by certain PRESSURE => ¡q 
crystals, such as quartz, which > 
acquire a polarized charge Cf 
because exposure to temperature charge 
change or mechanical tension 
creates a difference in electrical f 


potential at their ends. 
PYROELECTRICITY 
The generation of electric currents 
that can occur when a crystal is 


= subjected to changes in Ba citive 
temperature and, consequently, 
changes in volume. charge 
TOURMALINE 


is'a mineral of the 
silicate group. 


Negative 


COLOR charge 


Some tourmaline 
crystals can have 
two or more colors. 


one = —_ 
— ane - pl” 


DENSITY 

reflects the structure and 
chemical composition of a 
mineral. Gold and platinum 
are among the most dense 
minerals. l 


T to 7.5 


IS THE HARDNESS OF THE | 
TOURMALINE ON THE MOHS SCALE. 


7 
W 
a: 


La 


TOPAZ 
can be scratched © 
with a steel file. ` 


DIAMOND 
is the hardest 
e mineral. 


y 
y H 
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A Desert of Minerals / 7 Salt Deposits 


Hydrothermal activity occurs when 
- YA > e? ee ai d wat in contact 
he Dallol region is part of the Afar depression in Ethiopia. It is known as “the = ~@ ví val Meche hk cases the, 
devil's kitchen” because it.has the highest average temperature i in the world, - ri water td rise at high pressure through layers 
o o of salt and sulfur. The water then dissolves 
93° F (34° C). Dallol is-basically a desert of minerals with’an ivory- colored’) / pees a iké saltna sihir, which precipitate out 28 
crust, sprinkled with green ponds and-towers of sulfurous salt, in shades of orange, ( IRA “fa the Water cools at the surface As a result, 
ý HORNITŐ _ > ere ponds and hornitos are created. The richness 
called hornitos (8 to 10'feet S= 5-3 mJ] high), many. of which are active and spi out - of their coloring may be explained by their 
boiling water. ea > gate f sulfurous composition and by the presence 
> ¡a ot E aE En E — of certain bacteria. 
a 
3 +. > TYPES OF HORNITO 
' 4 =a Shere are two types of 


active ones, which forcefully ob 


Hot water 


ETHIOPIA expel boiling water, and inactive me 
Latitude IN ones, which simply contain salt. 
Longitude 39° E CROSS SECTION 
ACTIVE INACTIVE 
Afar It expels boiling Composed of salt, the hornito 
Depression water, and it is no longer expels water. Tt was 
DALLOL VOLCANO constantly growing. active. in the past. 
Location Afar Depression Builing 
Type of volcano Explosion Crater water 
See’ "ae u —— When its exterior 
Elevation -125 feet (-48 m) AA - is dark, a hornito is 
Last eruption 1926 Dallol is located at 125 feet several months old: 
Pi. m) below sea level. == 
Annual salt extraction 135,000 tons pS nae : 


3.3 billion tons 


(3 billion metric tons) 


dq en 
TOTAL RESERVE OF ROCK SALT aan? 
IN THE AFAR DEPRESSION 
r an ag 
af 4 d 
a” YOUNG DEPOSIT 
po \ E Newer deposits have a 
r w j white color, which 
MINERALIZATION PROCESS B A le becomes darker over time. 
Water expelled from its magmatic p 
spring erupts, surfacing as thermal 7 £ a L @ 
water. When the water evaporates, DF a a i e P POND : 
salt deposits are formed. 4 = DL Boiling water emerges 
od y from the hornitos and 
forms small ponds on f 
he Surface. OLD DEPOSIT - 
¿iaa Jka The dark coloring Manual Extraction 
3 HEAT us indicates that this deposit ' ce à 
The heat causes the is several months old. p Salt is extracted without machinery. Defying the arid climate, Y 
par ve | ee : - - aw inhabitants.of the Borena region'in southern Ethidpia.extract f 
af e a. nt l : , is à the mineral by hand for a living. They wear turbans protect - Mh: 
o : t DN themselves from the harmful effects of the Sun:.Camels then carry ~ 
ASCENT 2 the day's load to the nearest village. 3 
2 Water rises to the > x. 


i aay > 
surface through j ~R 
layers of salt ahd AI Sar e 

» ee. | 


sulfur deposits. s f f l dA EE. "tila | 


HEAT 
1 Volcanic heat 


warms the water 
underground. 


per year 


p149, 300 tons Borena 


A Black, Muslim, Afar- 


135, 000 metric tons) speaking ethnic group, 


whose members extract 
salt in the Dallol. The 
Borena represent 4 


- Amount of salt obtained manually percent of the Ethiopian 
in the Afar (or Danakil) depression population. 


n “<2 > en > A 
mA: mab 4 Sat My are 22% ¿toa a y i 


y? 
sv 
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Se ae oF 


a 
~ 


EXIT meo” e 

- The hot water is - 

E J expelled through 
> A the hornito. 


w 


~ 


HEAT 
Contact with hot rock 
maintains the water's 
temperature. 


8 to 10 feet 
(2.5-3 m) 4 
high k 
yem 
ASCENT 


The hot water starts 
to rise underground. 


YOUNG, 
ACTIVE 
HORNITO 


TURBAN 

This piece of clothing 
protects workers from the 
Sm } extreme temperatures of 
4 Mie desert and the 
intensity of the Sun while 
Rem they extract salt. 


OTHER MINERALS 

In addition to sulfurs and 
sulfates, potassium 
chloride, an excellent soil 
fertilizer, is also extracted 
from the Dallol. 


yr” 
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INTERNAL CRYSTALLINE NETWORK 


A crystal's structure is repeated on the inside, even in the 
arrangement of its smallest parts: chlorine and sodium ions. In this 
case, the electrical forces (attraction among opposite ions and 
repulsion among similar ones) form cubes, which creates stability. 
However, different mineral compositions can take many other 
possible forms. 


The Essence of Crystals 


Il minerals take on a crystalline structure as they form. 
Most crystals originate when molten rock from inside 
the Earth cools and hardens. Crystallography is the 
branch of science that studies the growth, shape, and 
geometric characteristics of crystals. The arrangement of 
atoms in a crystal can be determined using X-ray 
diffraction. The relationship between chemical 
composition of the crystal, arrangement of atoms, and 
bond strengths among atoms is studied in crystallographic 
chemistry. @ 


LEGEND 


Chlorine Anion Sodium Cation 
This nonmetal can : This metal can 
only acquire a only acquire a 
maximum negative : maximum positive 
charge of 1. : charge of 1. 


The combination of two 


( Cryst alline ions results in a cubic 


form. When there are 
S more than two ions, other 
yst e m S structures are formed. 


IONIC BOND 


Typical of metallic elements that tend to lose electrons 
in the presence of other atoms with a negative charge. 
When a chlorine atom captures an electron from a 
sodium atom (metallic), both become electrically 
charged and mutually attract each other. The sodium 
atom shares an electron (negative charge) and 
becomes positively charged, whereas the chlorine 


BEFORE: AFTER 
BONDING : BONDING 


BASIC FORMS OF ATOMIC BONDING 
This graphic represents an atom's internal 
crystalline network. 


The chlorine atom gains an electron 
(negative charge) and becomes a 


negatively charged ion (anion). ° 
completes its outer shell, becoming negative. 
= 
Sodium 
Atom 
-5 
The sodium atom loses 
an electron and becomes e CUBE TETRAHEDRON 
positively charged. : : a 
=E Chlorine dy” Salt (Halite) Silica 
Sodium Atom 1 chlorine atom + 1 silicon atom + 
Atom 1 sodium atom 4 oxygen atoms 


The anion and the cation (positive 
ion) are electrically attracted to 

one another. They bond, forming a 
new, stable compound. ; 


Example: Chlorine 


Halite (salt) Atom " 


DIFFERENCES BETWEEN CRYSTAL AND GLASS 
Glass is an amorphous solid. Because it solidifies quickly, the 
particles lose mobility before organizing themselves. 


BEES 


COVALENT BOND 


This type of bond occurs between two nonmetallic 
elements, such as nitrogen and oxygen. The atoms are 
geometrically organized to share electrons from their outer 
shells. This way, the whole structure becomes more stable. 


The nitrogen atom 
needs three electrons 
to stabilize its outer 


Nitrogen 


CUBIC STRUCTURE ATOMIC MODEL OF A ATOMIC MODEL OF GLASS 
shell; the hydrogen is created through the CRYSTAL Solidification prevents the 
atom needs only one CRYSTALS OF COMMON SALT spatial equilibrium between The varticlec combin ee E seat 

i ; When salt forms larger crystals, different ions, which attract oP . PAE E PO ee x goag 
Ean The union of all four their shape can be seen under a each other, and similar ions, slowly in regular, stable themselves. This makes the 
Ammonia atoms creates a stable microscope. which repel each other. shapes. structure irregular. 


state.así la logran. 
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Crystalline Symmetry 


here are more than 4,000 minerals on Earth. They appear in nature in two ways: without an 

identifiable form or with a definite arrangement of atoms. The external expressions of these 

arrangements are called crystals, of which there are 32 classes. Crystals are characterized by 
their organized atomic structure, called a crystalline network, built from a fundamental unit (unit 
cell). These networks can be categorized into the seven crystalline systems according to the crystal's 
arrangement. They can also be organized into 14 three-dimensional networks, known as the Bravais 


lattices. e 


Typical Characteristics 


A crystal is a homogeneous 


whose chemical elements exhibit an 
organized internal structure. A unit cell 


refers to the distribution of atoms 


molecules whose repetition in three 


dimensions makes up the 
crystalline structure. The 
existence of elements with 
shared symmetry allows the 32 
crystal classes to be categorized 
into seven groups. These groups 


are based on pure geometric shapes, 
such as cubes, prisms, and pyramids. 


THE MOST COMMON 


solid 


or 


d 


SHAPES 


LEGEND 


CRYSTALLINE 
SYSTEM 


BRAVAIS 
LATTICES 


Bravais Lattices 


In 1850, Auguste Bravais 

demonstrated theoretically 
that atoms can be organized into 
only 14 types of three-dimensional 
networks. These network types 
are therefore named after him. 


Cube 
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Simple Cubic 
Network 


Body-centered 
Cubic Network 


Face-centered 
Cubic Network 


Cubic 


Three crystallographic axes 
meet at 90° angles. 


Diamond 


Hexagonal 


prisms have six sides, with 120% 
angles. From one end, the cross 
section is hexagonal. 


Hexagonal 
Prism 


Hexagonal AWN 
Bipyramid \\7 


Hexagonal AN 
Prism Combine 


er 
A 
= 
=z 


with Hexagonal “y // 

Bipyramid 
Hexagonal 
Prism 
Combined with 


Only 14 network 


Vanadinite 


Basal Pinacoid 


Monoclinic 
Prisms look like tetragonal 
crystals cut at an angle. 
Their axes do not meet at 
902 angles. 


Brazilianite 


“y 
Prisms ES) 
Combined (4, 
with Pinacoids 


Prism 


Simple 
Monoclinic 
Network 


Monoclinic 
Network 
Centered on 
its Bases 


combinations are possible. 


THESE COMBINATIONS ARE CALLED BRAVAIS LATTICES. 


HOW MINERALS 
CRYSTALLIZE 


MONOCLINIC 
32% 


TRICLINIC 
1% 


HEXAGONAL TRIGONAL 


8% 


Tetragonal 


9% 


These crystals are shaped like 
cubes, but one of their facets is 
longer than the others. All three 
axes meet at 902 angles, but one 
axis is longer than the other two. 


Tetragonal 

Prism and 
Ditetragonal => 
Prism 


Tetragonal 
Bipyramid 


S 


Prism and 
Bipyramid 


Y 
E 


Scheelite 


Simple 
Tetragonal 


Centered 
Tetragonal 


RHOMBIC 
22% 


CUBIC 
12% 


TETRAGONAL 


Triclinic 


These crystals have very odd 


There are seven 
crystalline systems. 


The 32 existing crystal classes are 
grouped into these crystalline systems. 


Trigonal 


This system includes the most 
characteristic rhombohedrons, 
as well as hexagonal prisms 
and pyramids. Three equal 

axes meet at 120°, 


with one axis 
meeting at 90° 
to the center. 
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Rhombic 


Three nonequivalent 
crystallographic axes 
meet at 902 angles. 


Topaz 


into two equal, symmetrical parts. Its 
three crystallographic axes pass through 
its center. A crystal's longest vertical 
axis is called “c,” its transverse axis “b,” 
and its shortest (from front to back) “a.” 
The angle between c and b is called 
alpha; the one between a and c, beta; 
and the one between a and b, gamma. 


shapes. They are not Pinacoids 
symmetrical from one end to Rhodochrosite 
the other. None of their three : 
axes meet at 902 angles. Prism and 
Basal 
= Labradorite Pinacoid 
Bipyramid 
Prism and 
Domes 
Prisms, 
Domes, and 
Trigonal or Two — 
Rhombohedral Pinacoids 
Shapes at pe 
EI Simple 
Rhombus 
Trigonal US 
Base- 
Trapezohedron Y O 
Triclinic SMT 
Shapes 
Ditrigonal UN Centered 
Scalenohedron \/ Rhombus 
Face- 
Triclinic Triclinic Sie 
Network Network ale 
Vertical Axis 
CRYSTAL 
SYMMETRY CRYSTALLOGRAPHIC 
A crystals ideal plane of symmetry OR COORDINATE AXES Frontal 
passes through its center and divides it Plane 


Transverse Axis 


Horizontal Anteroposterior Axis 
Halls Sagittal 
Plane 
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Precious Crystals 


recious stones are characterized by their beauty, color, transparency, and rarity. Examples are 

diamonds, emeralds, rubies, and sapphires. Compared to other gems, semiprecious stones are 

composed of minerals of lesser value. Today diamonds are the most prized gem for their “fire,” luster, 
and extreme hardness. The origin of diamonds goes back millions of years, but people began to cut them 
only in the 14th century. Most diamond deposits are located in South Africa, Namibia, and Australia. e 


CUTTING AND CARVING 
The diamond will be cut by another diamond e 
to reach final perfection. This task is carried E 
out by expert cutters. € shaped. 


Diamond 


FU Mineral composed of crystallized carbon in a 
Ie cubic system. The beauty of its glow is due to a 
very high refraction index and the great dispersion of 
light in its interior, which creates an array of colors. It 
is the hardest of all minerals, and it originates 
underground at great depths. 


CARVING: With a 
chisel, hammer, 


CUTTING: Using 
a fine steel blade, 
the diamond is 
hit with a sharp 
blow to split it. 


EXTRACTION 

Diamonds are obtained from kimberlite 
pipes left over from old volcanic 
eruptions, which brought the diamonds 


INSPECTION: 
up from great depths. Exfoliation is 
KIMBERLEY determined in order 
MINE to cut the diamond. 


ERODED LAVA 


RING OF WASTE 
MATERIAL 


e 
| 
ae 
MOUTH 


0.3 mi — 


(0.5 km) 
COOLED 
LAVA 
0.6 mi — 
(1.0 km) = 
o9mi— | 
(1.5 km) T 
= i 
8 CARATS — 
XENOLITHS 
1.2 mi — 
(2.0 km) 
= of mineral must be removed to 6.5 CARATS 
O E z 
O obtain a 1 carat diamond. e, 
1.5 mi ne œ « - 
0.03 CARAT 
(2.5 km) : 
LO Pe 
E LI ES 
PRESSURE 7 ss 
ZONE 0.3 inch 0.08 inch 
(6.5 mm) (2 mm) 


PRECIOUS STONES 


aia, 
a 


DIAMOND 


The presence of any color is 
due to chemical impurities. 


Gems 


ru Mineral, rock, or petrified material that, 
La after being cut and polished, is used in 
making jewelry. The cut and number of pieces that 
can be obtained is determined based on the 
particular mineral and its crystalline structure. 


EMERALD OPAL RUBY 


Chromium gives it its This amorphous silica Its red color comes 
characteristic green color. substance has many colors. from chromium. 


POLISHING 
The shaping of the facets of the finished gem 


a BEZEL 
1553 | 43, | crown N 
19 = < = GIRDLE — STAR 
409° 
43.3 — TABLE 
PAVILLION 
IDEAL DIAMOND 
STRUCTURE 


SAPPHIRE 
Blue to colorless corundum. 
They can also be yellow. 


AMETHYST 
Quartz whose color is determined 
by manganese and iron 


A gem of variable color, composed A mix of iron, aluminum, 
of silicon, aluminum, and fluorine 
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enters the diamond. 


BRILLIANCE LIGHT 

The internal faces of the — The facets of the 
diamond act as mirrors pavilion reflect the light 
because they are cut at exact among themselves. 
angles and proportions. 


“= The light is reflected 


back to the crown in 
the opposite direction. 


FIRE LIGHT 

Flashes of color from a well- // The rays divide 
cut diamond. Each ray of light l into their 

is refracted into the colors of components. 
the rainbow. 


Each color reflects 
separately in the 
crown. 


MEASURED VERTICALLY 


THE CHEMISTRY OF DIAMONDS 
Strongly bonded carbon atoms crystallize in a cubic 
structure. Impurities or structural flaws can cause 
diamonds to show a hint of various colors, such as 
yellow, pink, green, and bluish white. 


COMMON BRILLIANT EMERALD PRINCESS TRILLION 


CUTS 

A diamond can 

have many shapes, 

as long as its 

facets are carefully PEAR HEART OVAL MARQUISE 
calculated to 

maximize its 

brilliance. 


SEMIPRECIOUS STONES 


O Y 


GARNET 


TURQUOISE 


Aluminum phosphate and 
greenish blue copper 


magnesium, and vanadium 
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Diamonds in History 


m 100 — 


iamonds are a sign of status, and their monetary value is determined 1353 | > 
by the law of supply and demand. First discovered by Hindus in 500 Se 
BC, diamonds gained fame in the early 20th century when they were **? NOK 
advertised in the United States as the traditional gift from husbands to 
their wives. Some diamonds became famous, however, not only for their aoe 


economic value but also for the tales and myths surrounding them. e 


The Great Koh-i-noor Diamond 


wg This diamond, which originated in India, now belongs to the British 
Læ royal family. The raja of Malwa owned it for two centuries, until 
1304, when it was stolen by the Mongols. In 1739 the Persians took 
possession of it. It witnessed bloody battles until finding its way back 

to India in 1813, after which point it reached the queen. 


ORIGINAL CUT 

It formerly weighed 186 
carats with 30 facets that 
merged into six facets, 
which, in turn, became 
one. This explains its 
name: Mountain of Light. 


Coronation 
of the Queen 


Mother 


The Queen 
Mother's Crown 


History ES 


In 1856 this diamond was offered to 
Queen Victoria as compensation for the 
Sikh wars. She then had it recut. The 
Koh-i-noor was diminished to 109 carats. 


ONLY FOR WOMEN 
Because this diamond was 
believed to bring unhappiness to ¿NA 
men, the superstitious Queen 
Victoria added a clause to her 
will stating that the diamond 
should only be handed down to 
the wives of future kings. 


THE TAYLOR-BURTON DIAMOND 

This diamond, with a weight of 69.42 
carats, was auctioned in 1969. The day 
after buying it, Cartier sold it to the 
actor Richard Burton for $1.1 million. His 
wife Elizabeth Taylor tripled 
its value when she sold it 
after divorcing him. 


Elizabeth 
Taylor 


The Misfortune of Possessing Hope 


FU The Hope Diamond is legendary for the harm it brought to its owners 
Lai since being stolen from the temple of the goddess Sita in India. According 
to the legend, its curse took lives and devoured fortunes. In 1949 diamond 
expert Harry Winston bought it and in 1958 donated it to the Smithsonian 
Institution, in Washington, D.C., where it can be viewed by the public. 


Legen 


Over the years, belief in the curse of the Hope Diamond 
was reinforced as its owners fell into ruin. Evalyn Walsh 
McLean, the last private owner of the diamond, did not 
sell it even after several tragedies befell her family. 


1669 
1830 


1918 


Louis XIV acquires the gem. He 
died in agony of gangrene. 


Henry Hope buys the diamond 
and suffers under the curse; he 


soon sells it. Evalyn 


Walsh 


While the stone is in the hands McLean 


of members of the McLean 
family, the patriarch and two of 
his daughters die. 


ORIGINAL CUT The 
purest of blue from the 
presence of boronic 
impurities, the diamond's 
color is also influenced 
by the presence of 
nitrogen, which adds a 
pale yellow shade. 
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THE LEGEND OF THE VALLEY OF DIAMONDS 
Alexander the Great introduced the legend of the Valley of Diamonds 
to Europe. According to this ancient account, later incorporated into 
the book The Thousand and One Nights, there was an inaccessible 
valley located in the mountains of northern India. The bed of 

this valley was covered with diamonds. To obtain them, raw 

meat was thrown in the valley and then fetched by trained 
birds, which would return it encrusted with diamonds. 


Cullinan, the Greatest Find 


FU Discovered in 1905 in South Africa, this diamond is the biggest ever 
Lai found. It was sold to the government of Transvaal two years after its 
discovery for $300,000 (£150,000). It was then given to Edward VIT on the 
occasion of his 66th birthday. The king entrusted the cutting of the diamond 
to Joseph Asscher of The Netherlands, who divided it into 105 pieces. 


9 LARGE AND 

96 SMALL PIECES 
Joseph Asscher studied 
the huge stone for six 
months to decide how to 
cut it; he then divided it 
into nine primary stones 
and 96 smaller diamonds. 


THE GREAT 
STAR OF AFRICA 

This gem is the second 
largest cut diamond in the 
world, weighing 530 
carats. Because it belongs 
to the British Crown, it is 
on display in the Tower 

of London. 


FINAL CUT 


DS 


530 carats he 


is the weight of the Cullinan I, the largest 
stone obtained from the original Cullinan find. 
It is followed by Cullinan IT, which weighs 
317 carats and is set in the imperial crown. 
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The Most 


ommon Minerals 


ilicates, which form 95 percent of the Earth's crust, are the most 
abundant type of mineral. Units of their tetrahedral structure, formed by 
the bonding of one silicon and four oxygen ions, combine to create 


several types of configurations, from isolated simple tetrahedrons to simple and 


double chains to sheets and three-dimensional complex networks. They can be 
light or dark; the latter have iron and magnesium in their chemical structures. 


Structures 


clipes The basic unit of silicates consists of four oxygen ions 

located at the vertices of a tetrahedron, surrounding a 
silicon ion. Tetrahedrons can form by sharing oxygen ions, 
forming simple chains, laminar structures, or complex three- 
dimensional structures. The structural configuration also 
determines the type of exfoliation or fracture the silicate will 
exhibit: mica, which is composed of layers, exfoliates into flat 
sheets, whereas quartz fractures. 


All silicates have the same basic 
component: a silicon-oxygen tetrahedron. 
This structure consists of four oxygen ions 
that surround a much smaller silicon ion. 
Because this tetrahedron does not share 
oxygen ions with other tetrahedrons, it 
keeps its simple structure. 


UNCOMBINED 
SILICATES 


This group includes all 
silicates composed of 
independent 

tetrahedrons of silicon Ml 


and oxygen. Example: Se As = 
olivine. ad. © 


OXYGEN 


SILICON 


OLIVINE 


PEO PATE Mae 


This structure occurs when the tetrahedrons 
share three of their four oxygen ions with 
neighboring tetrahedrons, spreading out to form 
a wide sheet. Because the strongest bonds are 
formed between silicon and oxygen, exfoliation 
runs in the direction of the other bonds, parallel 
to the sheets. There are several examples of this 
type of structure, but the most common ones 
are micas and clays. The latter can retain water 
within its sheets, which makes its size vary with 
hydration. 


COMPACTED 


KAOLINITE 


SILICATE 
MOLECULES 


WATER 
MOLECULES 


SILICATE 
MOLECULES 


+ 
ua! 


A > Ironis 
MINERAL COMBINATIONS kos \ added tosits 
a composition... 
a. y i 
de ME EN 
IRON AND MAGNESIUM oe E TN FE) ES 
EXAMPLE: BIOTITE As ES 
i The color and heaviness of this mineral are caused A 
i Three fourths of the Earth's crust is composed by ihe pe enca orron anelmagnesiuia ions: “os 


Known as a ferromagnesian mineral, biotite's 
specific gravity varies between 3.2 and 3.6. 


of silicates with complex structures. Silicas, 
feldspars, feldspathoids, scapolites, and zeolites 
all have this type of structure. Their main 
characteristic is that their tetrahedrons share 
all their oxygen ions, forming a three- 


Calcium is added to_ HERA 


AUGITE dimensional network with the same unitary MAGNESIUM its composition. (¿AMA a 
This mineral contains variable amounts of CA AA 


calcium, aluminum, sodium, and potassium. 


THREE- Its specific gravity is, on average, 2.7—much 
DIMENSIONAL lower than that of ferromagnesian minerals. 
STRUCTURE 


Quartz has a complex 
three-dimensional 
structure composed 
only of silicon and 
oxygen. 


VIEW FROM 


f\ ABOVE 


va 


CHAINS 


Clays are complex 
minerals with a very 
fine grain and a 

sheetlike structure. 


The quartz crystal 
maintains a hexagonal shape 
with its six sides converging 
to a tip (pyramid). 


For a quartz crystal to 
acquire large 


dimensions, it needs a 
great deal of silicon 
and oxygen, much 
time, and ample space. 


extracted from other minerals by means of industrial chemical A er a 
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ld > 
ME 


=== In Alloys and Compounds 


ulfurs, oxides, sulfates, pure eS carbon: o M p As was the cas pilas E dr fing 
> e aad composed of pure nonsilicate elements—elements 
and phosphates are less abundant than, only one type. The constituent elements of nature, 
crust. They make up eight percent of Q retal and non a nd to join together and form compounds 
ana alloys. From a c 
important economically. They are also importan . iS al@biripountkof hydrogen Shall atoms; Some compe | ji 


w =: 4. are used as ores, meaning that they are ined for their 
Pen elements. For example, pure aluminun is obtained 
_ from bau ite. Omer compound minerals, howeve are used 


Since ancient times, some have been i tengo 
simply for their: beauty. acen are still being vé 
industrial uses. 0 


onstit ¡ent elements. This is the case wit 
ite, , which isa ani ron oxide. 


a. . 


Very Few in a Pure State - ae tip? 


It is rare for native chemical elements to be found in the ~ 
Earth's crust in a pure state. In general, they must be 


Fi 


In addition to carbon—which h for 


A . copper, gol s i A, DE S Sag: da : 

processes. However, they can occasionally be found in rocks in a i et a Go A E Ko S 
ce ; pin » minerals ¿a a Mtive elements. = TR rY | A a E Mina n E 

pure-state. Diamonds, for instance, are pure carbon. e : | A > paso es a A” 


ae 


m 


MALACHITE 


Carbonates 


Simpler than silicates, minerals in this 
group are composed of a complex 
anion associated with a positive ion. 
Calcium carbonate (calcite, the main 
to component of limestone) and calcium 

` magnesium carbonate (dolomite) are 
the most common carbonates. 


ASSOCIATION 


The greenish color 
indicates the 
formation of 
copper sulfate. 


DENDRITES - «GYPSUM ROSETTE | N Ny ae R 
Microscopic forms á: 4 o, Yew 
that appear when S fe ix 
copper solidifies and . i u £ as 
e Ej 4 2 Gypsum, widely ised in e | E EN ee Ge 
construction, is a calcium sulfate = a * 
$ “that forms in the sea and contains y 
- water in its structure. Without ~ l . rel . m 
| + water, calcium sulfate forms... > EN x} -- ~ ENCR D E FOOL'S GOLD 
oe a COPPER ` another mineral, anhydrite, whichis +2 IN ROCK a was an early name 
alsa, E also used in construction.Barytine- = = a ae a a Se oa A P for pyrite because 
+ > aa we ee > | | is a sulfate from which the metal ee, A E AD. A of its glitter. 
nn, | ú a tl ; | A barium i is extracted. Sas e ee a A A BRE iia, 
G cm) s i e, . oc i H D “A A 
Copper nuggets qe x E ; A > <= 
can reach a high Phosphates Se. a e AE: 
degree of purity. ; > pl E cg ie = Te So E i 7 
+ pa > Both apatite, used as fertilizer, and = = = ~ Fas YR ' A e RR RRS a a y 
i = : + y the semiprecious stone turquoise are Po ? o are fot und. in metal ores and are ~- Ye 
< LIMONITE phosphates. These materials havea ~ > a os ‘associated with sulfur. Barnes y 
" . complex structure based'on an ion Se Cees. A “ol of sulfides are pyrite (iron), s A 0.04 inch “Y 
P ae composed of one phosphorus and four o a. chalcopyrite (iron and copper), AA (1 mm) | 
i 1s Hydróxides oxygen atoms. These ions, in turn, are - mn Er. 20 y ye os argentite (silver), cinnabar es ; ; 
eh : i “< i associated with compound ions of a O E (mercury), galena fan. 
== Known in chemical terms asa base, other elements. ee A A sphaler ite AnS. ¿ae > PYRITE 
; - — 7 t,- MAGNETITE ..  thesetypes of minerals appear through. ~ ae e iA ko ae s A ees am — 
. he : 3 - the association of oxide with water. ° a o ots E 
>= ©yx1des Limonite, an iron ore used as pigment ` i Pa UE ee ny Ss STRUCTURE a 
a AR or : ! a AA > PYRITE A 
"eg i because of its reddish color, and-bauxite + = coos AN Si eae - OF F 
5 Metal associations with oxygen atoms. (or aluminum hydroxide) are among the ~= a Se | The cubic shape of 
— Ilmenite, hematite, and chromite are ores most abundant hydroxides. Bauxite is poh Te te VL “Se sep ean, from — 
from which titanium, iron, and chrome the ore from which aluminum, a metal | , od the ba iced location 
are extracted. Rubies and sapphires are that is becoming more and more widely 3 Wyre - A Tao S r 
extracted from corundum. used, is extracted. ) a N 
~~. = =" 


Formation and 
Transformation of Rocks 


atural forces create an 
incredible variety of 
landscapes, such as deserts, 
beaches, elevated peaks, 
ravines, canyons, and 


underground caves. Settings like the one 
in the picture amaze us and arouse our 
interest in finding out what is hidden in 
the cave's depths. Rocks subjected to 
high pressure and temperatures can 


SUBTERRANEAN WORLD 
This awe-inspiring limestone 
cave in Neversink Pit 
(Alabama) looks like no other 
place on Earth. 


y 


undergo remarkable changes. An 
initially igneous rock can become 
sedimentary and later metamorphic. 
There are experts who overcome every 
type of obstacle to reach inhospitable 


ROCKS OF FIRE IF STONES COULD SPEAK 
SCULPTED VALLEY METAMORPHIC PROCESSES 
EVERYTHING CHANGES THE BASIS OF LIFE 

DARK AND DEEP DIVINE AND WORSHIPED 


places, even in the bowels of the Earth, 
in search of strange or precious 
materials, such as gold and silver. They 
also look for fossils to learn about life- 
forms and environments of the past. 


D. Low 


25 The example In this problem 
demonstrates the importance of the emitter 
follower circuit. The circuit shown in Figure 
8.24 contains a small AC motor with 
100 ohms resistance that is driven by a 10 V 
pp signal from a generator. The 50-ohm 
resistor labeled RG is the internal resistance 
of the generator. In this circuit, only 6.7 V pp 
is applied to the motor; the rest of the 
voltage is dropped across RG. 

Figure 8.24 
Re = SOD . 
A | 6.7 Vop 


(M) 100 02 


| 
Figure 8.25 shows the same circuit, with a 


transistor connected between the generator 
and the motor In an emitter follower 


configuration. 
Figure 8.25 
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© 
ON THE SURFACE 
ocks of Fire a er 


Volcanic, or extrusive, rocks are those that reach BASALT ROCK EQ, SILICA CONTENT 
E i the surface as lava because of volcanic activity. originates from highly IU ZU According to the 
gneous (from Latin /gnis, “fire”) rocks form when magma coming from the rocky mantle (underneath my ay ey aon a at du Hedi that type of lava 
the crust) rises, cools, and solidifies. When magma comes to the surface as lava and solidifies aee E E A Dad id 
relatively quickly, it creates extrusive rocks, such as basalt or rhyolite. On the other hand, when its viscosity, caused by the low silica content and = a 
z ic : : a dissolved gas at the moment of eruption, which of the volcano itself 
magma seeps into caves or between rock layers and slowly solidifies, intrusive igneous rocks, such as tera e Gd 
gabbro and granite, are formed. These rocks usually have thicker grains and are less dense than the O m A ie ry rt aa Sere eee eee 
extrusive ones. They are arranged in structures called dikes, sills, and batholiths beneath the surface. ee a superficial layers. 
remaining fluid underground. Formed by magma that 
Igneous rocks make up most of the Earth's crust. intruded into a vertical 


fracture 


BRANCHING 
LACCOLITH - 


Composed of rhyolitic 
volcanic lava (rich in silicon) A 


A Complex Process 


VOLCANIC 


eee =< OUTCROPPING 

The Earth's crust is 44 miles (70 km) Rigid, outermost on a tag 
deep at most. Farther down, rocks are layer | «Qi Md” CR e eno 

molten or semimolten, forming magma that Collapsed volcanic dió ció a | oe T € 

rises through the crust and opens paths through ROCKY MANTLE crater covered with "oar S A ie la 

cracks, cavities, or volcanoes. Magma can 1,800 miles Rock fragments water > ' 

solidify when it is moving or still or when (2,900 km) thick and ash that 

underground or expelled to the surface. All spread out over 

these characteristics together with different CORE miles 


mineral compositions create a wide variety of 


: The outer core 
igneous rocks. 


is made of solid 
iron and melted 
nickel. 


BENEATH THE S 
PLUTONIC ROCK 
Most magma is underground in the form 

of plutons, which undergo a solidification 

process. This forms intrusive (or plutonic) 
rocks. When magma intrudes into vertical 
fissures, the resulting rock formations are 


Ea 


called dikes; those between sedimentary a) Ge tenes 

layers are sills; and batholiths are masses COLT CTU O_o ee re | ll m 

hundreds of miles long. In general, intrusive LAVA IN THE CRUST 

rocks crystallize slowly, and their minerals 

form thick grains. But the solidification o ee ze 

process will determine the structure; the occupy the spaces between MAGMA TEMPERATURE AT A 
rock will be different depending on whether overlying layers of rocks. DEPTH OF 125 MILES (200 KM) 


solidification is slow (over millions of years) 
or fast and whether it loses or gains 
materials along the way. 


Bowen's Reaction Series 


Different magma materials solidify at different 

temperatures. Minerals with calcium, iron, and 
magnesium crystallize first, giving them a dark coloring 
(olivine, pyroxene). But sodium, potassium, and aluminum 
crystallize at lower temperatures, remaining in the residual 
magma until the end of the process. They are present only in 
pale-colored rock, which crystallizes 
later. Sometimes different 
stages of the process can 
are massive be seen in the same rock. 
plutons smaller AATE 
than batholiths. AS 


receives magma 


GRANITE material from the 
Composed of feldspar and mantle. 


quartz crystals, it is rich in 
sodium, potassium, and silica. 


DIKES 

The structure of the rock 
depends on its formation 
process. Thus, a rock 
resulting from magma 
intrusion into a dike will 
have a structure and INTRUSIVE 
coloring different from the ROCK 
rock around it because of 

having crystallized faster. 


SURROUNDING 
ROCK 


LAST LAYER 
can be an old magma TO CRYSTALLIZE 


chamber that has 
solidified over thousands 
of years. 


because of the melted 


' : FIRST LAYER 
rock's low density. 


TO CRYSTALLIZE 
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sculpted Valley 


osemite National Park is located 200 miles (320 km) east of San 
Francisco, California. This park is known worldwide for its granite 


YOSEMITE 
NATIONAL 
PARK 

United States 
Latitude 37° N 
Longitude 119° W 


cliffs, waterfalls, crystalline rivers, and forests of giant sequoias. It o! ee 
covers an area of 1,190 square miles (3,081 sq km) and extends along 1 () 2 Surface 1,190 square miles (3,081 sq km) 
the eastern slopes of the Sierra Nevada range. Yosemite National Visitors in 2005 3,380,038 
Park has over three million visitors every year. > Million a E ld” 
Administered by National Park Service 
Years Ago 
CASCADES 


One of the main rock 
formations, with 
compacted and 


Some rock formations in the park serve as platforms 
for waterfalls, especially in April, May, and June when 
scratched granite walls the snow melts upstream. The valley has nine 
waterfalls, five of which are over 1,000 feet (300 m) 
1 03 Q7 6 1 6 feet high; Yosemite Falls is 2,600 feet (800 m) high. This 


is the highest waterfall in North America and the 


Million Million (183 m) third highest in the world. 
Years Years Ago FREE FALL 


300-foot-high (1,000 m) Granite monolith of This huge waterfall An ~~ “4 aj 
granite cliff used for unique beauty. It is lower formed as a consequence As ea 
mountain climbing than El Capitan, being of glacial thaw in a F- ? 


2,160 feet (660 m) high. “hanging” valley. 


> This park has an average > 
elevation of 1,300 to 2,000 feet 
(400-600 m) above sea level. The geology 
of the area is mostly composed offa granitic 
batholith, but five percent of the park is © 
composed of formations from the > e 
metamorphism of volcanic and sedimentary. +4 } 
rocks. Erosion at different elevations and fracture 
systems created valleys, canyons, hills, and other 
current geological formations. The wide 
separation between fractures and joints is caused, 
by the amount of silica present in the granite and 
in the metamorphic rocks. { 2 


e "4 
L X > > 
y 
E NES 
FORMATION OF THE LANDSCAPE” LA i 
Erosion in the joints resulted in eae canyons, The: 


A 


strongest erosive forces of the last se million years Have i «E ~ - 4 ua > : ; > an E > y i 
been glaciers, which changed the V-shapeùwalleys create l Ro S | ve | ra 
rivers into U-shaped glacial valleys... =- "° 3. de > y ye > > A P’ - FOREST į + 
y -" | Ñ A 
. ? n’ Pix The park has three 7, 
"a o”. i groves of giant sequoias, 
UE AA La JH j i i ; O among other species. 
BATHOLITH FORMATION “a Ta Ni Tal EROSION INTE MIA IA k YE A ee ás p H= 4 , 
Almost all rocky formations ~ ~ +- ¿2 Ten milli ears ago, the Sierra One million years ago, Das Ad q GLPS EA" é ' UY et Ñ 
at Yosemite Park are composed. X . ` Nevada underwent a tectonic the descending flow of AA 
of granite; they belong fo the "~ ~ 5 nl “elevation that caused the glacial ice gave the 


+ ee 
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by erosion at 

rock joints 
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Everything Changes 


ind, ice, and water. These natural elements cause great changes in the Earth's landscape. 

Erosion and transportation are processes that produce and spread rock materials. Then, 

when these materials settle and become compacted, new rocks are created, which in turn 
will revert to sediment. These are sedimentary rocks: the most widely known rocks, they cover 70 
percent of the Earth's surface. By observing sedimentary rocks of different ages, scientists can 
estimate how the climate and the environment have changed. e 


COLUMNS 
Formed by the action 


ALLUVIAL CONE 


Has O Sediments are deposited EROSION 

ti p The wear and movement of materials on the 
at the mouth of canyons. ; : 

DESERT surface through the action of water, wind, or 

PLATEAU ice. It can start when rocks are broken down 


by physical or chemical forces. 


CANYON 

Typical result of strong 
temperature variations 
between night and day 


PEDESTALS 
Cracks created by 
the wind and 
watercourses 


DEPOSITS 
Sand accumulates 
in low areas. 


MUSHROOM 
FORMATION 
Sand transported by the wind molds 
stratified shapes such as mushrooms. 
INSELBERG 

A solitary mound 
less eroded than 
the flat ground 
over which it rises 


WIND 

The wind and 
constant sand 
abrasion erode 
the base of a 
stone peak. 


DUNES 


\ 


E 


\ 


ES 
Lo 


Deserts 


DUNE 

EROSION 

By transporting sand grains 
from the crest of the ridge, 

the wind moves the dunes. 
The grains can be transported 
up to 100 feet (30 m) per year. 


FU The largest environments sculpted by wind are the deserts. Because 
of the scarcity of water and the widely varying temperatures, the rock 
is broken down by physical forces. Rocks fragment and are swept to low-lying 
areas by occasional water currents. Then sand and mud will be swept away 
by the wind in a process called deflation. Through this process particles can 
be transported into semiarid regions. 


A 


ff 


ACCUMULATED 
SEDIMENTS 


TRANSPORT OF SEDIMENTS 


DESERT 

TINY GRAINS 

In the desert, the wind 
moves particles in three 
ways: suspension (very 
fine grains and dust), 
transport (the most 
basic way), and sliding 
along the surface. 


7 3 INCHES 
(10 CM) 


GLACIAL CIRQUE 
At the upper end 
of the valley, the 
walls erode in a 
semicircular form. 


CRACKS 


TRANSPORTED 
ROCK 

will be deposited 
on the moraines. 


LATERAL 


MORAINE 
Formed by the 
fragments accumulated 
along the sides of the glacier 


U-SHAPED 
VALLEYS 
Glaciers erode 
valleys, forming 

a U shape because 
erosion is greatest 
at the bottom. 


GLACIER 
Mass of ice that 


a landmass. 


Glaciers 


ru These huge ice masses form on the ground, slowly moving downward 
Læ through the action of gravity. As they advance, they carry away rocks in 
their path. At the head of a glacier valley, the walls erode in a semicircle, forming 
what is called a glacial cirque. The simultaneous, progressive erosion of the walls 
creates a pyramidal horn, or peak. The valleys through which a glacier has passed 
are U-shaped instead of the V shape typical of the erosion of river valleys. 


flows down over 


GLACIER 

FINE AND HETEROGENEOUS 
Glaciers transport rock 
fragments, which accumulate in 
moraines. They are made up of a 
heterogeneous material called 
till, which, together with rocks, is 
carried along by the glacier. 


TERMINAL 
MORAINE 

Rocks that fall onto the 
glacier, along with the 

rock it was already carrying, 
accumulate at the front of 
the glacier and form what is 
called a terminal moraine. 
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160 FEET 
(50 M) 


TRANSPORT 

After erosion, fragments are transported to an area 
where they will be deposited. In deserts, the wind 
transports the sand grains, forming dunes; with 
glaciers, the debris forms frontal and lateral moraines. 


SLOPES 

Rocks fall from slopes onto 
glaciers. They are included 
in the material that makes 
up the moraine. 


T 


CENTRAL MORAINE 


-forms when two 
¿Es e rA valley glaciers meet, 
—, EF A 
= creating only one 


mass of ice. 


ERRATICS 
are large rock 
fragments that 


the glacier 
FINE SEDIMENT transports and 


is deposited under the d it 
glacier and at its front oe 
end. The deposited 

material is called till. 


GLACIER 


ACCUMULATED 
SEDIMENTS 
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TRANSPORT OF SEDIMENTS 


A river can transport 
sediments over great 
distances. Rivers originate in 
elevated areas, from which 
they flow to lower areas and 
then to the sea. When the 
current gathers speed, it 
transports big boulders. When 
the energy is less, the current 
carries only smaller rocks. 


River valleys are 

steep because they 
are composed of layers 
of hard rock. 


A product of lateral 
undermining 


FORMATION OF 
V-SHAPED VALLEYS 
Unlike glacial valleys, which are 
eroded in the shape of a U, river 
valleys are V-shaped. 


Rivers 


Close to their source, rivers flow through areas of high elevation. 

The water descends there with great force and energy, which 
enables the current to transport large boulders. At low elevations, 
rivers flow more smoothly over sediments, forming meanders and 
eroding laterally. On reaching the coast, rivers deposit sediments and 


form estuaries or deltas. 


BEACH 


BOULDER 
After each wave breaks, 


the undertow descends the 
beach slope, creating an 
accumulation of sand that 
has been transported by the 
waves in a process called a 
coastal current. Sand is also 
transported by rivers, which 
deposit sediments in their 
deltas. 


SAND —— L 
OR PEBBLES 


Softer rock erodes, forming a 
cave with a rocky ceiling that 


ell When the currents that transport 


sediment lose energy, the sediment is 
deposited in layers and distributed over 
extensive areas. 


7 In these geographic features, 
ea a high volume of matter is 
. transported by river erosion. 


The outside of the curve is 
where the most sediment is 
. deposited. 


Composed 
of sediments 


INITIAL PHASE 


Close to the river's 

source, the current is 
very strong, and it erodes 
and digs into the riverbed 
to form V-shaped valleys. 


The sediment deposited 
at the river's mouth 
creates a delta, an area 
with sandbars through 
which the river flows in 
various directions. 
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MINERAL 
DEPOSITS 


CEMENTATION PROCESS 

This is the most important process that transforms 
sediment into rock. Cementation occurs when particles 
join with the materials precipitated from the water ©. ae! 
currents. Sedimentary rocks are formed through the by To 
union of different minerals that have been dissolved in a 
water. When the water evaporates or cools, the A 
dissolved minerals can precipitate and form deposits A pa =~, E. A 
that accumulate with other sediments, or they can form A FEA — SEPARATION 
rocks on their own. Salts and sandstone are common Ta BY WEIGHT 
examples of cemented rocks. 


SEDIMENT 
BANKS 


Interrupts the 
shoreline and delivers 
continental sediments. 


The successive layers of sedimentary deposits 
compact the lower ones by exerting pressure 
on them. This gives rise to diagenesis and 
lithification, processes that will form new rock. 


COASTAL PLAIN- 
.. Aplain that usually. 
-Aies inward from beach 


Flat surface created 
by a receding cliff 


Caves are cut into the 
See rock through abrasion. 
~~ \ ESTUARY i 
“= Former river valley that isnow 
| flooded. It offers the necessary 
5 conditions for depositing much: `- i 
sedimento a 


CLIFFS 


"I 
TT. 

m 
MERI fil ld) 
e AR 


SEDIMENTARY 
DEPOSIT 


UNDERWATER 

SLOPE 

Along the coast, the effects of 
erosion caused by waves are easy 
to spot. Cliffs are created through 
the erosive action of the waves against 

the base of coastal terrain. As the erosion 
progresses, the undermining of the cliff's base 

leaves higher rock layers jutting outward, which 
then collapse. The cliff recedes, leaving a flat surface 
in the form of a bank called an abrasion platform. 


Different layers 
of lithified 
sediments 


Coasts 


an 
à Mi 
pu. 


Sm 


Ocean coasts are the most changing landscapes in the Earth's * 
geography thanks to a process called coastal drift. The elements Beaches are formed from the h 
that build up the coastline—wind, rain, and waves—also erode and mold gradual deposits of waves in AN 
it. Thus, the waves that bring the sediments that form beaches and carry ~a 
them away are the same waves that can create or knock down a cliff or 
cave. Its remnants will be the building material for another beach, along 
with the sediment that comes from rivers and their deltas. 


b 


low-energy coastal zones. They 
can be made of fine sediment, ~~ 
such as mud and sand, or of larger ACCUMULATED 3 
materials, such as boulders. SEDIMENTS 
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E 


Dark and Deep 


cave is a hollow space created essentially through the chemical action of water 


on a soluble, usually chalky, material. Caves have three structures: stalactites 
(conical structures that hang from the cave ceiling), stalagmites (structures 


that jut from the cave floor), and columns (created when stalactites and stalagmites join). 


The cycle of cave formation is called the karst eycle, which lasts a total of around one 
million years. For this reason, young, active caves have noisy streams and cascades, 


whereas old caves are silent wonders decorated with stalagmites, stalactites, and columns. 


The Karst Cycle 


When water dissolves high calcium content abrasive action of pebbles and other insoluble 
p rock through the corrosive effect of carbonic elements: Water is filtered until it res ches lower 


UMN 


A a 


grow until they 


acid, it forms networks of conduits and galleries. levels, leaving in its yake openings arrang din f 
The initial fissures widen not only through this levels ånd aay vertical its and passages | ~“ a and stalagmites 
chemical process but also mechanically through the that connect th j! erent levels. | iS > + 


i) wr => 


f | STRUCTURE OF THE 

i STRATUM OF A CAVE — f 
f The ground's original j 

structure is composed of | J 

permeable limestone. It 

has fissures through 

which river or rainwater 


FLAT , 
GROUND ¿e 


+ 


erosive process. 


IMPERMEABLE 
ROCK 


INITIAL CAVE 
Water, following the 
contour of the terrain, ee s WAA a A Ser E, 
forms an underground river. ¡E s ao EPA, 3 ne. ee UNDERGROUND 
The first calcite or calcium 3 ' z SEQUENCE 
carbonate deposits start 
to form in the shape of 
stalactites. 


CALCITE 
DEPOSITS 


SINKHOLE VAULT 


3 EXTENDED CAVE 
SYSTEM 
Formed when several 
tunnels are joined 
together. Sometimes the 
surface of the soil starts 
to sink, creating 
sinkholes. If the cave 
extends below the water 
table, tunnels are formed. 


DRY GALLERY 


TUNNEL 


join together, 
they become 


_ e, 4 columns. 


is filtered. This starts the THE HIGHEST COLUMN 


IN THE WORLD 


STALAGMITE 

Water droplets containing 
dissolved carbonate 
create stalagmites as they 
drip down. 


100 feet 
(30 m) 


THE TALLEST STALAGMITE 
IN THE WORLD 


Y 
AN pl 


+ Stalactite 
ormation 
ie 


“a Limestone is a rock composed 


almost exclusively of calcium 

nate, which dissolves in naturally acid 

Y. a inwalel absorbs carbon dioxide from the 
nd microorga gies from the ground, becoming 
a a well acid. When ‘ed, it can oo e lin 

over time. If this water Hits into a cav 
dioxide to the air and deposits the excess 


1 WATER DROPLET 
Every stalactite starts from 
a simple water droplet 


equilibrium. Stalactites are excellent examples of Ae containing dissolved salts. 


sedimentary rocks. 


2 CALCITE 
When the droplet falls, it 
leaves behind a narrow 
calcite trail. 


p P 


65 F 
(AS C) | 7 


THE PRECIPITATION OF 
i CARBONATE 
|| 


" 


3 MORE LAYERS 
Each successive droplet 
that falls deposits another 
fine calcite layer. 


4 INTERIOR TUBE 
The layers form around a 
narrow pipe (0.02 inch [0.5 
mm]) through which the 
water seeps. 


ah 
41 


5 STALACTITE 
If many droplets are 
deposited over this pipe, 
stalactites are formed. 


STALACTITES 
can form on ceilings and cement 


floors, although they form much CANGO 
faster in a cave's natural CAVES 
environment that contains SOUTH AFRICA 


carbon-rich solutions. 


23 feet 


Latitude 3325 
Longitude 18° E 


(7 m) 
THE BIGGEST STALACTITE Length 3.3 miles (5.3 km) 
IN THE WORLD Depth 200 feet (60 m) 


Location East of Cape Town 


Other Formations 


A passing underground current forms two types CANGO CAVES 
> of landscape: canyons and tunnels. Underground Isolated in a narrow strip of limestone from the 
rivers and waterfalls above the water table create Precambrian, in the highlands of Oudtshoorn, the Cango 
deep, undulating canyons by eroding and dissolving Caves are remarkable for their abundant deposits of 
limestone and by abrading the rock layers with sediment. calcite. They are left over from a larger channel below 
Below the water table, caves are full of water that moves the water table. This channel dried up when the 
slowly, dissolving walls, floors, and ceilings of carbonate neighboring surface valleys were worn down to lower 
rock to create tunnels. levels. The impressive stalagmites were then formed.. 
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If Stones Could Speak 


ock strata form from sediments deposited 
over time in successive layers. Sometimes 
these sediments bury remains of organisms 
that can later become fossils, which provide key 
data about the environment and prehistoric life on 
Earth. The geologic age of rocks and the 
processes they have undergone can be 
discovered through different methods 
that combine analyses of 
successive layers and the 
fossils they contain. € 


are extinct arthropods. They 
were solitary marine creatures, 
and they had a segmented 
body and an exoskeleton of 
the protein chitin, with pairs 
of jointed limbs. Together 
with graptolites they are 
one of the most 
characteristic fossils 
from Paleozoic marine 
sediments. 


EUROAMERICA 


GONDWANA 


GRAND CANYON 
Colorado River 
Arizona 

Latitude 36° N 

Length 112° W 


The Grand Canyon tells the history 
of the Earth in colorful layers on its 
walls. The Colorado River has been 
carving its way through the plateau 
for six million years. The layers 
along the river provide an 
uninterrupted account of 
geological history. 


Zoroaster 
Granite 


PRINCIPLE OF SUCCESSION 


Fossils succeeded one another ina 
definite order, which makes it 
possible to date past events. The 
existence of identical fossils on 
different continents helps establish 
correlations and assigns the same age 
to widely separated geographic areas. 
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A Fossil's Age 


When it dies, an animal can 


be submerged on a riverbed, Fossils are remains of organisms that lived in the past. Today scientists 

protected from oxygen. The use several procedures, including carbon-14 dating, to estimate their age. 

body begins to decompose. The skeleton is completely This method makes it possible to date organic remains with precision from as 
covered with sediments. long ago as 60,000 years. If organisms are older, there are other methods for 
Over the years, new layers are absolute dating. However, within a known area, a fossil's location in a given 
added, burying the earlier layers. sedimentary layer enables scientists to place it on an efficient, relative time scale. 


Following principles of original horizontality and of succession, it is possible to 
find out when an organism lived. 


Once the water disappears, the 

fossil is already formed and 

crystallized. The crust's 

movements raise the layers, 

bringing the fossil to the surface. Erosion exposes the fossil 
to full view. With carbon-14 
dating, scientists can 
determine if it is less than 
60,000 years old. 


During fossilization, molecules 
of the original tissue are 
replaced precisely with 
minerals that petrify it. 


Rock Layers and 
the Passage of Time 


Period Rock layers are essential for time measurement — R o an 
because they retain information not only about the = = SUPAIGROUP 

geologic past but also about past life-forms, climate, and E 
more. The principle of original horizontality establishes 
that the layers of sediment are deposited horizontally 
and parallel to the surface and that they are defined 
by two planes that show lateral continuity. If layers 
are folded or bent, they must have been altered 
by some geologic process. These ruptures are 

CARBONIFEROUS called unconformities. If the continuity 
between layers is interrupted, it means 
that there was an interval of time and, 
consequently, erosion in the layer 
below. This also is called 


pl 


Limestone | 


Brany Angel unconformity, since it interrupts 
aSa the horizontality 
DEVONIAN principle. m 
CAMBRIAN d 


PRECAMBRIAN Po 


h 
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“= 1,000 feet 
(310 m) 


| 
he 
| 
H 
j 
le 
di 


Unconformity between AE n da vo T 

the Tonto Group and the } A A a ae ~ OFr 

Redwall Limesto IN Colorado River A AA a Mp, UNKAR GROUP 
a temporal hiatus. Between A j — : 

the Redwall Limestone and 
the Supai Group, there is 
temporal continuity. 
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o _— | 570 3 - p i 
Metamorphic Processes E O, ya 


hen rocks are subjected to certain conditions (high bik SATE (500° C) 
pressure and temperature or exposure to fluids with | | A Metamorphic rock of low grade 


dissolved chemicals), they can undergo remarkable Nes = id SCHIST 
: a 3 pe > yi at about 390° F (200° C). Very flaky rock produced by 
changes in both their mineral composition and their structure. yr = Tt becomes more compact e ikewnediate 


This very slow process, called metamorphism, is a veritable Pie tere eae all 1 200° F =z 
transformation of the rock. This phenomenon originates a 6 A ie A a 3 
inside the Earth's crust as well as on the surface. The jar : (650° C) 


type of metamorphism depends on the nature of the _— 
oo ~ A GNEISS 


energy that triggers the change. This energy can be | LP et PTT ty metamorohic 
heat or pressure. © — | e pi» A processes more than 12 miles (20 km) 
T pa E | beneath the surface, it involves 
| z extremely powerful tectonic forces 
and temperatures near the 
melting point of rock. 


1,470° F 
(800° C) 


e» FUSION 
At this temperature, most rocks 
start to melt until they 
become liquid. 


d 
i Ti - E PA 


Regional Metamorphism 


™ As mountains form, aJarge.amount of rock is deformed 
and transformed. Rocks buried close to the surface 
descend to greater depths and are modified by higher 
~_temperatures and pressures. This metamorphism covers 
thousands of Square miles and is classified according to the 


Contact Metamorphism 


-J Magmatic rocks transmit heat, so a body of magma 
can heat rocks on contact. The affected area, located 
around an igneous intrusion or lava flow, is called an aureole. 

Its size depends on the intrusion and on the magma's 
temperature. The minerals of the surrounding rock turn 
into other minerals, and the rock metamorphoses. 


> | ai ASN a temperature and pressure reached. Slate is an example of 
A E ™ rock affected by this type of process. 


y E a k m 4 > 
až F de ga ¡E a. . =~ 
; £ 4 rf 1 
E n = 
e- F 
. 


~ a >> a” Sandstone 
— E o = P j 
k ” ro , Schist 
= ne Intermediate Crust 
, Schist Limestone 
+: j r Lower Crust 
= pe > -~ =z "7 r 
Dynamic Metamorphism- < .. e 2 
SCOTLAND, IM PELO | s3 
United Kingdom The least common type of metamorphism, 
Latitude 57°N dynamic metamorphism happens when Quarzite TEMPERATURE 
Longitude 04° W the large-scale movement of the crust PRESSURE The closer the rock is to 
along fault systems causes the rocks to As the pressure Hornfels the heat source and the 
be compressed. Great rock masses thrust fh <2 lee a increases on the rocks, greater the temperature, 
Scotland was raised in the Caledonian over others. Where they come in contact Eion tegiperatug the mineralogical the higher the degree of 
orogeny 400 million years ago. This pressure new metamorphic rocks, called and pressure, slates will structure of rocks is Marble metamorphism that 
produced the gneiss shown in the photo. cataclasites and mylonites, are formed. become phyllites. reorganized, which takes place. 


reduces their size. 
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The Basis of Life 


rganisms are born, live, reproduce, and die on a natural layer of soil. 

From this layer, crops are harvested, livestock are raised, and 

construction materials are obtained. It establishes the link between 
life and the mineral part of the planet. Through the action of climate and 
biological agents, soil forms where rocks are broken down. 


Types of Soil SER 
In the soil we find bedrock materials that have been develops on top of slightly altered 
greatly altered by air and water, living organisms, and bedrock. It is typical in high mountains, 
decomposed organic materials. The many physical and especially if it forms on granite or other 
chemical transformations that it undergoes produce different acidic rocks. 


types of soil, some richer in humus, other with more clay, and 
so on. The soil's basic texture depends to a great extent on 
the type of bedrock from which the soil is formed. 


Areas near the poles 
The soil is saturated 
with frozen water. In 
the parts that thaw, 
big puddles are 
formed. Because of its 
characteristics, many 
animals cannot live there. 


DESERTIC 

Arid soil 

Containing very little humus, it 
rests directly on mineral deposits 
and rock fragments. 


LATERITE 
Typical tropical soil 
With abundant rains and humidity in these zones, the soil is 
well drained. The rain leaves a mix of oxides and hydroxides 
of aluminum, iron, manganese, nickel, and other minerals in 
the soil. This represents 70 percent of the world's iron 
reserves. 


worl 


su 


The glacier The bare Moss and Small trees Animals and plants that 
drags rock and dwarf manage to die help to enrich the 
Much of the Earth's crust is covered with a layer of sediments. gravel shrubs take root. soil. 
sediment and decomposing organic matter. This layer, e a en om 
called soil, covers everything except very steep slopes. y \ 
Although it is created from decomposing plant and ` 


animal remains, the soil is a living and changing 

system. Its tiniest cavities, home to thousands of | 
bacteria, algae, and fungi, are filled with water or air. h ho = 
These microorganisms speed up the decomposition A 
process, turning the soil into a habitat favorable to aa 
plant roots as well as small animals and insects. ES 


=S ai: Years passed since glaciation. Eon ES 
0 50 100 150 200 250 300 
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Different Characteristics Living Organisms in the Soil 
Observing the soil profile makes it possible to Many bacteria and fungi live in the soil; their biomass usually surpasses that of 
distinguish layers called horizons. Each layer has all animals living on the surface. Algae (mainly diatoms) also live closest to the 
different characteristics and properties, hence the surface, where there is most light. Mites, springtails, cochineal insects, 


importance of identifying the layers to study 
and describe them. The surface layer is rich in 


organic matter. Beneath is the subsoil, 
where nutrients accumulate and some 
roots penetrate. Deeper down is a 

layer of rocks and pebbles. 


residues. 


insect larvae, earthworms, and others are also found there. 
Earthworms build tunnels that make the growth of roots 
easier. Their droppings retain water and contain 

important nutrients. 


It takes approximately 
6,000 earthworms to 
produce 3,000 pounds 
(1,350 kg) of humus. 


HUMUS 


is the substance composed of 
organic materials, usually found 
in the upper layers of soil. It is 
produced by microorganisms, 
mainly acting on fallen branches 
0 and animal droppings. The dark 
color of this highly fertile layer 
comes from its high carbon 


content. 
UPPER LAYER 
This layer is dark and rich in 
nutrients. It contains a 3 ft 
network of plant roots along ‘(1 m) Rock Cycle 


with humus, which is formed 


from plant and animal Some rocks go through the rock cycle to form soil. Under the 


action of erosive agents, rocks from the Earth's crust take on 
characteristic shapes. These shapes are a consequence partly of the 
rock's own composition and partly of several effects caused by erosive 
agents (meteorological and biological) responsible for breaking down 
rocky material. 


Clouds of dust and ash are released to the atmosphere. Ash and 


7 ft other 
cm) | Ss 
| | PS are 
a and BA Igneous deposited 
lasti EP rock cools in layers. 
— fo a 
' erodes. pe 
— 
10 ft Some sedimentary These 
(3 m) i and metamorphic layers 
Extrusive rocks rocks erode, compress 
form as the lava forming new and harden. 
cools. strata. 
Magma rises to the 
S PEE surface and comes 
po SS MA E out as lava through 
` BEDROCK | the volcano. 
¿The continuous breakdown 
and erosion of the bedrock Igneous and plutonic Heat and pressure can 
helps increase the thickness rocks form as e | recrystallize the rock 
of the soil..Soil texture also | magma cools and without melting it, 
depends to a great extent on solidifies below the turning it into another 
-the type of bedrock on which Earth's surface. OPE OTTE 
it for, E ae AE The rock melts to 
ae TA e If it is hot 
sree enough, the rock 
ae can turn into 
ALA, magma again. 
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Divine and Worshiped 


ormed millions of years ago, some rocks enjoy the privilege of being considered 


deities. Pagans, Christians, Muslims, and Aborigines of Australia base part of their Uluru 


E : Each crack, protuberance, or Sacred place for Australian Aborigines for thousands of years, 
beliefs on the myths, properties, or legends of a rock. Among the best known are groove of a Reel AEA Uluru (Ayers Rocio îs fourmiles (Gek i a 
Uluru (Ayers Rock), the Black Stone located in the cube-shaped sepulcher of the Ka`bah, eeu fe amin a os rises 1,100 feet (340 m) above the Australian desert. Uluru was 
. = : PLE z - = oritices symbolize the eyes ora discovered by Caucasians in 1872 and renamed Ayers Rock in honor 
and the rocks of Externsteine, a destination of Christian pilgrimages and a sacred site died cnet of the Australian Prime Minister Hear a a mete 
for many ancient pagan religions. Their origins are described and studied in theology as sandstone mass, dozens of dream paths traversed by the Aborigines 
. . . . . and the paths already traveled by their ancestors in the past 
well as in geology. Resistant to the passing of time, they are transformed into myths converge through a series of mythen tie PRPC Testa 
that remain to the present. places are connected. On the rock are forms such as Kuniya women 
p 
re 2 . — and the wounded head of the Liru warrior, among others. 
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You can use the following formula to 
calculate the approximate input resistance of 
the transistor: 

Ri, = B X Re= 100 X 100Q = 10,0002 (assuming that 8 = 100) 

The 10 V pp from the generator is divided 


between the 10,000-ohm input resistance of 
the transistor and the 50-ohm internal 
resistance of the generator. Therefore, there 


is no significant voltage drop across RG, and 
the full 10 V pp is applied to the base of the 
transistor. The emitter voltage remains at 10 
V pp. 

Also, the current through the motor is now 
produced by the power supply and not the 
generator, and the transistor looks like a 
generator with a low internal resistance. 

This internal resistance (RO) ts called the 
output impedance of the emitter follower. You 
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How to Identify Rocks Colo Eih 


The color of a rock is determined by the color of If the rock is a marble 


the minerals that compose it. Some colors are o maa e i IGS Ceka y: 


rise to different shades 
in the marble. 


ocks can be classified as igneous, metamorphic, or sedimentary generate by the purity of the pe whereas othe are dolomite, it is usually white. 
according to the manner in which they were formed. Their specific | a A BLACK 
characteristics depend on the minerals that constitute them. Based on impurities. Maricusiirpyrities give 


this information, it is possible to know how rocks gained their color, texture, 
and crystalline structure. With a little experience and knowledge, people can 
¿sam to iggognize and identify some gl the, rocks that they often see: 


b 


Shapes 


The final shape that a rock acquires Fracture WHITE Texture 
depends to a great extent on its MARBLE 
resistance to outside forces. The cooling When a rock breaks, its surface displays refers to the size and arrangement of grains that 
process and subsequent erosion also fractures. If the fracture results in a flat IMPURITY | form a rock. The grains can be thick, fine, or even 
influence the formation of rocks. Despite surface breaking off, it is called exfoliation. imperceptible. There are also rocks, such as conglomerates, 
the changes caused by these processes, it Being able to accurately determine Rocks usually break in locations where their WHITE whose grains are formed by the fragments of other rocks. 
ANCULAR is possible to infer information about a the age of a rock is very useful in mineral structure changes. MARBLE If the fragments are rounded, there is less compaction, and 
ei rock's history from its shape. the study of geology. the rock is therefore more porous. In the case of 
D lao i E PECMATITE sedimentary rocks in which the sedimentary cement 
ie prevails, the grain is finer. 
worn down. A ai Is, th f 


WHITE -ihi pr 
MARBLE | : 04inch — s 
— Sa cm) 
ROUNDED 


The wear caused by S Ea EF - pea 

erosion and transport 4 -— DAA Y GRAIN 
gives rocks a smooth i, aa | tf A i . Os r i ist ad 
shape. El : - + - s : "4 - >” A 


Mineral Composition 


Rocks are natural combinations of two or more minerals.” | ; 

The properties of rocks will change in accordance with E e. ee ee bof S a eS s > * ‘ ¿ form when a melted rock cools 
their mineralogical composition. For instance, granite contains go fhor de Ree. =i > A = A E ame and its chemical elements 
quartz, feldspar, and mica; the absence of any of these . i ES TE $ «De e AENA. A dde organize themselves. Minerals 
elements would result in a different rock. À El | o A ee 4 then take the shape of crystals. 


CRYSTALS 
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Igne OUS Ro Cks Dikes and Sills: Rocks Formed in Seams 


Some types of igneous rocks are formed from ascending magma that 
solidifies in seams or fissures. The resulting sheetlike body of rock is called a 


ormed from magma or lava igneous rocks can be classified according to their dike if it has a vertical orientation or a sill if it has a horizontal orientation. The 
E - T - . ; = . £ composition of these rocks is similar to those of intrusive and extrusive rocks. In CRYSTAL JOINED BY 
composition. This classification specially takes into account: the relative proportion o E a E F TTC VITREOUS MASS 
silica, magnesium, and iron minerals found in these type of rocks; their grain size M i manner in drun materials in a sill or dike solidify causes them to 
: ` z ae . talline struct i t t thei i toni 
(which reveals how fast they cooled); and their color. Rocks that contain silica, along with A a A A PORPHYRITICS 


These rocks solidify in 
two phases. In the first, 
slower phase, thick 
phenocrystals form. 
Then in the second 


much quartz and feldspar, tend to have pale colors; those with low silica content have dark 
colors created by iron and magnesium-containing minerals, such as olivine, pyroxene, and 
amphiboles. A rock's texture is determined by the configuration of its crystal grains. 


PEGMATITE IS phase, the phenocrystals 

NATURALLY SMOOTH. are dragged along by 

Underground: Plutonic or Intrusive Rocks ia eS 
the formation of smaller, 

Rocks of this type formed through the solidification of magma masses deep vitreous crystals. The 
within other rocks. In general, they have undergone a slow cooling process in PEGMATITE name porphyritic alludes 


the Earth's crust, which has permitted the formation of pure mineral crystals large to the color purple. 
enough to be seen with the unaided eye. Usually they display a compact structure 
and have low porosity. Depending on the composition of the magma, there are acidic 
plutonic rocks (rich in silicon) or basic rocks (with low silicon content). Granite is 


the most common type of intrusive rock. 


This very abundant, acidic 
rock has a mineral 
composition identical to that nn 
of granite. However, its LIiLU 


hd SSN aE PEGMATITE IS ASSOCIATED 
very slow, thus enabling its 


tals t t . f WITH THE PRESENCE OF 
eee aay GEMS AND RARE METALS. 
several feet. 


Extrusive Rocks, Products of Volcanoes 


MACROPHOTOGRAPHY Extrusive rocks form through the fast cooling of magma on or near the BASALT 
A OF PINK GRANITE Earth's surface. Their structure and composition are closely related to the This rock forms most of the oceanic 
4 volcanic activity in the areas where they emerge. Because they are typically crust. Its low silicon content gives it 
products of a fast solidification process, they usually have a very fine grain. When its characteristic dark color (between 
CRANITE CABBRO they are expelled from a volcano, they do not have a chance to crystallize before blue and black). Its rapid cooling and 
i ' they cool, so they acquire a vitreous (glasslike) texture. solidification gives it a very fine grain. 
This rock is formed by big grains of This rock contains ferromagnesian A ers t aft 
feldspar, quartz, and mica. Its light- minerals, such as olivine, pyroxene, and aie oe ar Ta It IS Use i 
colored components indicate an augite, which form dark-colored R T A O neato 
abundance of silicon and that the crystallizations, and feldspars, which give a make paving stones because 
rock is acidic. Because of its great white coloring to some of its parts. Gabbro PUMICE it is too slippery. 
resistance to wear, granite is often generally solidifies slowly, leaving it with This rock is produced from lava with a 
used as a construction material. thick grains. high silicon and gas content, which 


gives it a foamy texture. This explains 
its porous consistency—acquired 
during rapid solidification—which 
enables it to float in water. 
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THE MINIMUM DEPTH AT 
WHICH GRANITE FORMS 


PERIDOTITE 
This rock is mainly composed of 
olivine (which gives it a greenish 
color) and pyroxene. It is less 
than 45 percent silicon and is 
rich in magnesium, a very light 
metal. It is abundant in the 


GEOMETRIC PRISMS i 
These prisms were formed in ————=—0) 
the Giant's Causeway S 
(Northern Ireland) through 3 
contraction, expansion, and 
rupture of basaltic lava flows 


upper layers of the mantle (at a that crystallized gradually. 

depth of about 40 miles [60 GRANODIORITE OBSIDIAN | | 

km]) as a residue of old crust This rock is black; its shades vary in = 

| This rock is often confused with granite, but it accordance with its impurities. Because it Aava cA a 

is grayer since it contains larger numbers of undergoes rapid cooling, its structure is LICAS y DI | 
quartz and sodic plagioclase crystals than it vitreous, not crystalline; thus, it is A 

MACROPHOTOGRAPHY does feldspar. It has thick grains and contains commonly called volcanic glass. Strictly AO rio 

OF GRANODIORITE dark crystals called nodules. speaking, obsidian is a mineraloid. It was Ape 


often used to make arrowheads. 
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yoo 


ia. are rocky Str an to the action of waves and BARRIER REEF l 
E to the No of the water. They are formed and/or PARALLEL TO | 
edim entar rocl «s can also fork ~~ colonized by photosynthetic organisms and marine animals, PA 
y el re> 2 „some of which have calcareous skeletons, as in the case of 
of organic remains. The most cc Le a 2 *coral polyps. These soft organisms, related’to anemones and 
SP yp a A - jellyfish, live in colonies. When their solid calcareous skeletons 
underwater, surrounding the coas | PF "T e oe oe sediment, they turn into calcite. They live in symbiosis with 
limestone rocks also originate this way; they are | nade of ca a ve eS inglécelled algae known as zooxanthellae. 


(calcite) or calcium and magnesium (dolomite). Bec. EOS neir porous: => MPERATURE NEEDED 90% A SA o 


consistency, they often serve as repositories for fossil fuels, which; re alsc = For ee o REEF 
A p LA N 
organic origin. Other rocks, like coquina, form through the accumul atio on Of > . g 
fragments of marine shells, lithified over time as materials filled and“ teo > WIDEN ” - - 
. ; e 
their interstices. — fa as 
8 Living 
Am” Polyp 
~ "E ie 
E: Y CONTINENTAL a 
FROM SEDIMENT TO ROCK a iets 
Under pressure from overlying layers, p n - 
sediments are compacted and lithified, x, 
reducing their volume by 40 percent. D “~~ a» >» : 
Other substances dissolved in water Cd y” OA y 
(calcite, silica, and iron oxide) fill up the 0s air y A: e ~ l Pearl, Jewel of the Sea 
interstices between the particles of D ya N "de e Foo = k > A r 
i Apn PEPA | ~ pee i In order to protect themselves from the intrusion 
sediments, and when the water mn. e A oo ~~ 2 ` Eran bod h rain th 
comenta TON echue ` s - e han Pate “a f = of a foreign body—such as a san grain t at 
ada > ET a r É (>F AE. BA becomes lodged between their mantle and shell —bivalve 


mollusks cover the intruding object with alternating 
concentric layers of protein (conchiolin) and calcite. This 
process ultimately yields a pearl. Fine pearls are produced 
by pearl oysters (Pinctada) in the warm, clear waters of 
tropical seas. 


- BRANCH CORAL 


CORALS IN ARIZONA LAYERS OF 
In the first phase of the Paleozoic Era MOTHER-OF-PEARL Oyster 
(500 million years ago), the ere +. Combination of 

o calcite and a protein 


mountainous region of the A 
West ' was a coastal area with de 
activity. This is how the abundant + 
calcareous formations that can l 
be seen today in Arizona's 

Grand Canyon originated. 

These formations also l 
coexist with much Tor - 3 
younger rocks. ; 


+ ~ Called conchiolin 
y 
x 


-a 
. 
Ma a 


+ 


Old Reefs 


FLAT CORAL 
Corals typically grow 
in colonies and create 
reefs, layer by layer. 


Current—— 
State 
Boundary 


Current 
Coastal 
Boundary 


Paleozoic 
Coastal 
Area 
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Collection of Detrital Rocks 


lutite and limestone, sandstone, and conglomerates. The analysis of their components, 


mong the sedimentary rocks, detrital rocks are the most abundant. They form 


through the agglomeration of rounded fragments (clasts) of older rocks. Depending 


on the size of the clasts, they are classified as (from smallest to largest) pelite, 


cementation matrix, and arrangement in layers makes it possible to reconstruct the 


geologic history both of the rocks and of the areas in which they are found. 
Some break off easily and are used in industrial processes and 
construction as rock granules, whereas others are 
appreciated for their toughness and hardness. 


Clay, Lime, and Ash 


These materials form the less porous, fine-grained detritic rocks. Lutites are 
rocks of clay, composed of particles whose diameter does not exceed 
0.0002 inch (0.004 mm). In general, they are compacted and cemented through 
chemical precipitation. Limestone rocks are also called limolites, named after lime, 
a sedimentary material with a somewhat thicker grain (up to 0.0025 inch [0.06 
mm]). Some rocks composed of volcanic ash have a similar granulation. These 
rocks are very important in construction. 


When hydrated, 
it increases in size. 


COMPACTED ASH 
It is possible to find one or more 
layers of fine-grained pyroclastic 
material (volcanic ash) in many 
sedimentary rocks. Rocks formed 
from larger pyroclasts, which 
solidified in the air during an 
eruption before they touched the 
ground, are rarer. Their origin is 
igneous, but their formation is 
sedimentary. 


THE REDUCTION IN THE VOLUME 
OF CLAY AS IT IS COMPACTED 


TUFF 


is rock that is formed from deposits of 
volcanic ash that has been cemented together. 
There are several types: crystalline tuff, which 
is largely composed of igneous glass; lithic 
tuff, which contains rock fragments; and 
hybrid tuff, which is formed from fragmented 


a volcanic material combined with some clay. 


CLAY 

The substance commonly 
known as clay is an 
unconsolidated rock, made 
of hydrated aluminum 
silicates and typically full of 
impurities. Kaolin is the 
name for pure granular 
clay; it is soft and white 
and keeps its color even 
after it has been fired in a 
kiln. It has scale-shaped 
microcrystals and generally 
contains impurities. 


-ig 


ES 
mr 


CHALK 


Composed of calcite debris of 


biochemical origin, this 
mineral originates in the sea 
near the coast. After being 
eroded and transported, it 
accumulates on slopes where 
it becomes compacted. The 
chalk we use on blackboards 
is, in reality, gypsum. 


Very fine sediment 


A Variety of Sandstones 


Sandstone is rock composed of grains that are mostly between 0.003 and 

0.08 inch (0.06 and 2 mm) in size. Sandstones are classified according to 
their mineral composition, their level of complexity (or geologic history), and the 
proportion of cementation material they contain. Quartzarenite (which is more 
than 95 percent quartz), arkose (which is mostly feldspar), red sandstone (which 
is cemented by iron compounds), and graywacke belong to this class of rocks. 


SANDSTONE 
is made up of small grains of 
sand that are here stratified 
by color and texture. This 
type of sandstone indicates 
that an alternating 

process of sedimentation 
involving two types of 
particles has occurred. 


GRAYWACKE 

has a defined proportion of calcium 
carbonate, quartz, feldspar, and mica. It 
differs from common sandstone because it 
contains a higher amount of cementation 
materials (more than 15 percent), which 
form its grain matrix. This makes it more 
compacted. 


Conglomerates 


Most of the grains that compose these rocks are larger than 0.08 
inch (2 mm). In some cases, it is possible to identify with the 
unaided eye the primary rocks from which a conglomerate is formed. As 

a result, it is possible to determine the areas where the sediments 
originated. Accumulations of gravel and cementation material can 
indicate either slopes in the rocks where the conglomerates formed or 
the action of fluvial currents. All this information makes it possible to 


reconstruct the geologic history of a rock. 


MICROPHOTOGRAPH 
OF BRECCIA 
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ARKOSE 

possesses a varied composition, 
although it contains up to 25 
percent quartz and feldspar. 
Generally, it has a porous 
consistency, and less than one 
percent of its interstices are 
empty. In this specimen, the 
pinkish section is composed of 
feldspar, and the white portion 
is quartz. 


NTARY 
ROCKS ARE 
SANDSTONES. 


CONGLOMERATE 
Formed by large fragments, they are 

good examples of sediments that have been 
compacted after landslides. The irregularity 
of this specimen's clasts points to a chaotic 
origin, which could be alluvial in nature or 
associated with a glacial moraine. 


GE OF 
CLASTS LARGER THAN 


BRECCIA 0.08 INCH (2 MM) 


Its grains are thick but with straight angles 
and edges. This shows that the sediments 
have not traveled far and that cementation 
has taken place near the area from which 
the materials originated. 
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In an anaerobic 


o 
O Y anil 6 R O C ks FORMATION PETROLEUM TRAPS 
OF PETROLEUM caprock Storage 


0 environment at a 
rganic rocks are composed of the remains of 20 Y depth of about 1 
e : mile (2 km), organic 
living organisms that have undergone OF THE PRIMARY ENERGY sediments that 
processes of decomposition and compaction, ES OO developed in 
sues y i environments with 
millions of years ago. In these processes, the Po o:  ‘litteoxeentum 
greater the depth and heat, the greater the ' i E j into rocks that — 
: š n i ' ya produce crude oil. 
caloric power and thermal transformation of A F re 


the rock. The change experienced by these \ 
substances is called carbonization. e 


NA ero STRATIGRAPHIC SALINE DOME 
Water a TRAP 
Coal Formation LOCATION INSIDE The movements of the 


THE EARTH ; Earth's crust subjected 


the strata rich in 
organic remains to 
great pressure and 


weg Plant materials, such as leaves, woods, barks, and 
Læ spores, accumulated in marine or continental basins 
285 million years ago. Submerged in water and protected 


from oxygen in the air, this material slowly became enriched Vegetation transformed them into 
with carbon through the action of anaerobic bacteria. that will hard coal over the 
form peat course of 300 million 
after dying years. 
: ih 
Transformation of | 
. i SURROUNDING 
Vegetation into Hard Coal TEMPERATURE 
1 . Vegetation 
Organic compounds on the surface 
became covered by oxygen-poor water ` 
found in a peat bog, which effectively Se f > LEGEND 
shielded them from oxidation. rra | a Exerted 
Pressure. 
) Peat is DEPTH 
atis _ | 
e P e at compacted up to 1,000 feet 
Through partial putrefaction and and (300 m) 
carbonization in the acidic water of the transformed. TEMPERATURE 
peat bog, the organic matter changes ô 
into coal. ` up to TP F 
: (25° C) 
ins 00% 
Contains 0 carbon 
3. Lignite PETH 
is formed from the compression of peat that 
is converted into a brown and flaky 1,000 to 
substance. Some primary plant structures | 5,000 feet 
can still be recognized in it. Coal rich —M (300 to 1,500 m) 
. ( 0% in humic b 
Contains 0 carbon acids TEMPERATURE 
up to 104° F 
(40° C) 
4 . Coal 
has a content of less than 40 percent DEPTH 
dat qeda ate i of nie 5,000 to 
material. It has a matte luster, is similar to eal 20,000 feet 


charcoal, and is dirty to the touch. 


Contains 80% carbon 


gas and (1,500 to 6,000 m) 


fuel is 


obtained TEMPERATURE 
up to 347° F 
(175° C) 
O . Anthracite 

is the type of coal with the greatest concentration DEPTH 

of carbon. Its high heat value is mostly due to this 

type of coal's high carbon content and low l 20,000 to 

concentration of volatile material. It is harder and ar Big 25,000 feet 

denser than ordinary coal. ld pod (6,000 to 7,600 m) 

and oils are 
: OK released 

Contains 95% carbon TEMPERATURE 
up to 572° F 
(300° C) 


WORLD PETROLEUM RESERVES 


Billions of barrels 


WORLD COAL RESERVES 


Billions of tons g 


North Europe and ANTHRACITE S an E: io North | | Europe and 
America ae dl Eurasia ROCK A PA America an 1 Eurasia 
254.4 . 287.1 59.5 din; < 140.5 
My At times, the 
ey Se face of anthracit = : 
Central and e Asia a o N io j Central and iddle —— Asia 
South America ==" Africa East + z Pacific traces of plant South America Africa East Pacific 


199 % 50.3 296.9 fossils. 103.5 114.3 742.7 
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Common 


> LA A E A 
Metamorphic Rocks GARNETIFEROUS SCHIST 
r= Pty The dark red crystals of  * _ 
A ARAS Te P Y Dirt a - | | garnet formed during” > 
he classification of metamorphic rocks is not simple because the SED", ¿O TAE A pl 
same conditions of temperature and pressure do not always produce ¿E TRES ei ARA a >> Li? SE le > Rs E 
the same final rock. In the face of this difficulty, these rocks are e PELEA GR DR an sap =, 


divided into two large groups, taking into account that some exhibit 
foliation and others do not. During the transformation process, the density 
of rock increases, and recrystallization can induce the formation of bigger 
crystals. This process reorganizes the mineral grains, resulting in laminar or 
banded textures. Most rocks derive their color from the minerals of which 
they are composed, but their texture depends on more than just their 
composition. 


Schist 


This rock is more prone to foliation, and it QUARTZITE 

can break off in small sheets. It is more 
than 20 percent composed of flat, elongated 
minerals, which normally include mica and 
amphiboles. For schist to be formed, a more 
intense metamorphism is needed. The different 
schistose rocks' names and characteristics . 
depend on the predominant mineral that \ 


GARNETIFEROUS SCHIST 


This rock's name comes from its 
components. Schist determines 
its texture and garnet its color 
and distinctive features. 


It is hard and tough; it is 
compacted because the 
quartz grains entwine. 


composes them or on the one that produces 
exfoliation. Among the most important schistose 
rocks are mica, hornblende, and talc. Because 
this type of rock has different layers, it has been 
used in sculpture. 


SLATE) > 
- MICROGRAPHY 


A À Y. 
=e Composed of foliated or 
E Aj laminated clay minetals 


A fr A > 
Its black color comes from ( A | | [| / N B fe 
the carbon in organic matter HORNBLENDE ULUS PIIN OA) 
EE MICACEOUS SCHIST we AAN MARBLE 
SCHIST It contains some sodium ( | mm y It is hichl b 
Its characteristic coloring is as well as considerable VA ALLL J F iP a 
£ determined by colorless or amounts of iron and l | pi do i 
Slates and Phyllites white muscovite crystals. aluminum. OR MORE. THE SIZE OF MICA GRAINS IN erat i 
These foliated rocks recrystallized under o ia in sculpture and 
THE UNAIDED EYE. 


architecture. 


Gneiss 


Striped rock that usually contains long and granular 


moderate pressure and temperature 
conditions. Slate has very fine grains made of small 
mica crystals. It is very useful in the production of 


roof tiles, floor tiles, blackboards, and billiard tables. PHYLLITE minerals. The most common types are quartz, potash 
It almost always is formed through low-grade Similar to slate, it is feldspar, and plagioclase. It can also have smaller amounts 
metamorphism in sediments and, less often, from notable for its silky luster. of muscovite, biotite, and hornblende. Its characteristic 


stripes are due to a segregation of light and dark silicates. 
Gneiss rock, which has a mineral composition similar to that 
of granite, is formed through sedimentary processes or 
derived from igneous rocks. However, it can also form 
through high-grade metamorphism of schists. It is the last 
rock of the metamorphic sequence. 


volcanic ash. Phyllite represents a gradation in 
metamorphism between slate and schist; it is 
composed of very fine mica crystals, such as 
muscovite or chlorite. 


DA | 4 | | | 
A Wilke L JA GNEISS 
LAMINATED OR STRIPED TEXTURE, SLATE MAKE IT POSSIBLE TO DETERMINE Heat and pressure 
RESULTING FROM THE PRESSURE TO Because of exfoliation, it tends THE DIRECTION IN WHICH PRESSURE can change granite 
WHICH THE ROCK WAS SUBJECTED to break into flat sheets. WAS EXERTED ON THE ROCK. into gneiss. 
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Marble and Quartzite 


These rocks are compacted and 

nonfoliated. Marble is a thick-grained 
crystalline rock, derived from limestone or 
dolostone. Because of its color and 
toughness, marble is used in the 
construction of large buildings. Quartzite is a 
very hard rock, usually made of sandstone 
rich in quartz, which, under elevated 
metamorphic conditions, melts like pieces of 
glass. Quartzite is normally white, but iron 
oxide can give it a reddish or pinkish tone. 


"7 18 THE LEVEL OF 
| HARDNESS OF 
G  QUARTZITE. 


+ MARBLE MICROGRAPH 


Impurities and accessory 
minerals color the marble. 
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Incredible Petra 


trade. The city, carved in sandstone, Knew times of splendor, 
but it eventually fell into ruin. 


Temples and Tombs 


clio The only way to reach Petra is by foot 
through a narrow passage among the 
rocks. The passage is 1 mile (1.5 km) long and, at 
some points, less.than 3.3 feet (Lm) wide. The 
Treasury (Khasneh) is the first seen upon 
entering the city, followed by a Roman 
amphitheater. The buildings are carved into 
cliffs,and more than 3,000 old tombs have been 
excavated. The city also has fortifications. 


CHRISTIAN * 


AMPHITHEATER , 
TREASURY 


BYZANTINE 
WALLS EL KUBHTA 


GREAT l i 
e e ces . 
MAIN y (5 KM) 

STREET 


HABIS 


CASTLE Tourist Attraction 


The stone buildings were 
erected at different.times 
over a period of 1,000 years. 


The Ireasury 


IT WAS BELIEVED THAT THIS BUILDING HOUSED A PHARAOH'S 
TREASURE. ITS CUBE-SHAPED INTERIOR HAS SMOOTH WALLS 
AND IS LINED WITH MORTUARY CHAMBERS. 


A Door Between Worlds 


clio The statue represents the god Serapis, whose 
cult was established in the 4th century BC in 
both Greece and Egypt. Serapis is of Greek origin, but 
obelisks and cubic stones, typical Egyptian monuments, 
also abound in Petra. For a long time, it was believed 
that Petra was the biblical town of Edom. Its strategic 
location made it a transit area for Indians and 
Africans. The Roman and Byzantine empires had a 
profound influence: Petra was their gateway to the F: fs 
East. Beginning in the 7th century, though, Nabataean K 
culture began to merge.with Islamic culture, and it j 
ultimately disappeared. 


- God of prosperity and 
concealed mysteries. 
In Egyptian 
iconography, Serapis 
has horns. 
- * Als | 


|e > ' fy 


ho 


ae 
ed 


SERAPIS Y 


ORIGINAL TOMBS P 
WALLS | E 
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istorians from ancient Rome used to talk-about a mysterious city of stone. In 1812 Johann 
Ludwig Burckhardt of Switzerland rediscovered it. Traces of Neolithic civilizations 
were found in Petra; however, its foundation in the 4th century BC is 

attributed to the Nabataeans, a nomadic people. The Nabataeans were 

merchants and raiders who became prosperous by controlling the spice 


SANDSTONE 

A sedimentary rock 
with medium-sized 
grains (less than 0.08 
inch [2 mm)), with 
great toughness and 
hardness. Its 
mineralogical 
composition can vary. 
In the Jordanian. 
desert, it forms cliffs. 
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Ma ll 


HIDDEN IN THE DESERT 


Petra is hidden in the mountains 155 miles 
(250 km) south of Amman, the capital of 
Jordan, and north of the Red Sea and the 
Great Rift Valley in Africa. 


IERT On the Rift 
aa ITS CLIFFS 
ARE PART OF 
THIS 
FRACTURE; IN 
THE YEAR 363, 
IT WAS 
DAMAGED BY 
AN 
EARTHQUAKE. 


Uncertain Origins 


Spe Petra's architecture is dominated by 
Greek, Egyptian, and Roman features; 
however, their symbiosis with Eastern 
elements is so great that to this day experts 
find it difficult to establish Petra's origin and 
dates of construction? The city's exterior 
adornments contrast with the. interior 
sobriety of its temples. It contained 
sumptuous public baths that date from a time 
of splendor (dst century BC). However, most 
of Petra's population, which reached a peak of 
20,000 inhabitants, lived in adobe houses. 


ELEPHANTS (Interpretation) 

Native to Africa or India, elephants were 
not represented in classic culture. Here, 
however, they are seen adorning Greek- 
style capitals. This particular merging of 
cultures created expressions found nowhere 
else in.the ancient world. Archaeologists 
find it difficult to date the pieces of art 
found in Petra. 


CORINTHIAN CAPITAL (Interpretation) 
One of the most classic capitals of-Greek 
architecture, along with the Ionic and Doric 


WINGED LIONS (Interpretation) 
These carvings were located in the temple 
of Atargatis, goddess of fertility in the 
Nabataean culture. 


Carved in Stone 


= The construction over sandstone 
respects and takes advantage of the 
characteristics of the landscape. To create 
openings, builders used the cracks and 
fissures that already, existed in the rock. 

The sandstone in Petra is composed of at 
least.two original types of sediments of —q 


* different colors. Some peoplesbelieve they ~w 


are from different geologic phases, but it is 
more likely that the original sand was made 
of different grains. 


Use of Rocks and Minerals 


uman beings have been 
extracting coal since ancient 
times, and mining generally 
takes place underground 
because most veins are 


hundreds of feet down. Human beings 
have to make incursions into the bowels 
of the Earth to extract its wealth. The 
materials extracted from the Earth are 
the basis of modern civilization, the raw 


FOUND ALL OVER THE WORLD 
Coal is found in almost all regions 
of the world, but today the only 
deposits of commercial importance 
are located in Europe, Asia, 
Australia, and the Americas. 


LF 


' 


material from which many products 
people use are made. Unfortunately, the 
Earth's reserves of coal, oil, and gas are 
being depleted. For this reason, other 
sources of energy to replace them are 


BLACK AS COAL 
BLACK GOLD 
RADIOACTIVE MINERALS 


IN DAILY LIFE 

MOUNTAINS OF GOLD AND SILVER 
AN OPEN-AIR MINE 

BLINDED BY BRILLIANCE 


being sought. One of these alternative 
sources is nuclear energy. It requires 
uranium, an element found in certain 
rocks. 
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o o M 
In D ally Life hii of a car is made of iron (present in both 


LÆ steel and magnetite), aluminum, and magnesium. 


aye è è . E - Oth tal dt d ts that istant ENGINE BLOCK 
t is impossible to conceive of modern life without the constant use of objects and a e O AREE E 
materials made of rocks and minerals, metallic or nonmetallic. To illustrate this, e Ue el andar od oat a te in ane me ACK 
ng o» = = used IN very specific parts, and otner metals are used In A - 
it is enough simply to consider the elements that make up a car, trace them BODYWORK — Sa eee URE EES GE of magnetite, an ae 
back to their origins, and consider the processes that shaped them. In some cases, UCM STS 


the texture and characteristics of each material can be easily seen. Other 
materials, especially nonmetals such as coal and sulfur, are less noticeable, but 


magnesium, and steel SPRINGS 
20% i 


= MORE ALUMINUM IS 
they are a part of the production process as well. EOE cbr ellis SYSTEM 
This process tends to emphasize and improve the FOR THE SAME 
WEIGHT OF STEEL. 


physical, chemical, and electric characteristics 
of each material. @ 


Hydrocarbons, the Source of Energy 


muy The combustion of petroleum derivatives provides energy for 

Lag propulsion. The combustion pathway begins with the storage of gas 
in the tank and ends with the expulsion of waste gases through the 
exhaust pipe. There a catalyst with thousands of cells filters the most 
toxic gases: carbon monoxide and nitrogen oxide. 


O————— ALUMINUM 


FUEL 
TANK Light and durable 
ENGINE 
Aluminum 
Magnesium 
EXHAUST o 
4 o 
Cobalt 
PIPE IRON | | n Y 
Strong and resistant > ` = ; 
Ne ` " ~~. y 7 lp 
Electric Properties: Conductors, _ 
Insulators, and Semiconductors - 
FU Metals, which tend to lose electrons, are the soul of electric cables o 
Læ and circuits. Nonmetals (and their polymeric derivatives) hinder the MAGNESIUM 
flow of electrons and are used as insulators. Other minerals, such as silicon, Adds flexibility 
have intermediate properties: electronic components are manufactured by 
adding impurities to modify their properties. ¢ () 1 
A Nonmetals 
CONTROL PANEL pound Fu Silicon and its derivatives (silicone, silica, and silicates such as WHEELS 
In smaller contact areas, more expensive (0 03 k ) Læ asbestos) are omnipresent materials in car manufacturing. They Titanium is often 
metals are used (gold is the best conductor). ° 5 appear in crystallized form, such as quartz, and in noncrystallized—or used in alloys and in 
Chips and other electronic components PER CUBIC INCH glass—form. Other nonmetals aid in the strengthening of metals—for the car's finish. 
contain silicon. Phosphorescent displays MAGNESIUM IS THE LOCKS example, carbon in the production of steel and sulfur in the 
have strontium paint. LIGHTEST METAL USED FOR Covered with zinc vulcanization of rubber. 
INDUSTRIAL PURPOSES. » 
L 
CIRCUITS DISTRIBUTOR 
Gold, silver, Platinum IGNITION | f MIRRORS Ra 
palladium COIL (N Glass and lead 6 5 
Barium IN XD 
OS 
HEADLIGHTS — A 
DISPLAYS Tungsten +» O WINDOWS STEERING ENGINE JOINTS SPARK PLUGS TIRES 
Strontium Glass (silica) WHEEL Asbestos Porcelain Vulcanized 


Silicon coating (kaolin) steel mesh 
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Mountains of Gold and Silver E 


With capacity to 


COST: $547 MILLION store big vehicles 
oe : : : E Once th d cost 
rom the decision to exploit an area where valuable minerals are suspected to exist to obtaining E e TE 
these minerals in major amounts, large-scale mining operations require complex work that lasts E a a 9 tet 
= = = > = = = environmental impact o e operation. 
for years. For instance, the exploitation of Veladero, an open-air gold-and-silver mine located in Soe aoe apa E TST eee 


included paths, houses, and river 
diversions. 


the province of San Juan in the Argentinean Andes and exploited by the Canadian company 
Barrick Gold, required more than a decade of research and development before the first 
ingots were obtained in October 2005. To reach the deposits, roads and housing were 

built for the workers. The potential environmental impact of the mine was 
analyzed since explosives had to be used and toxic substances, such 
as cyanide, were needed for extracting and separating the | 
rock from other metals. = i aS 


VELADERO 
HILL 


VELADERO, Areas that do not 
ARGENTINA yield satisfactory 
; o mining results 
ane eae Sturdy buildings 
ongitude 70° at 12,470 feet 
Opened by means (3,800 m) above 
Total baad area 1,158 square miles of perforations and sea level 
(3,000 sq km) explosions OPEN CUT II 
Employed builders (peak) 5,000 AMC Bue 
Gold reserves (1st estimate) 900 tons During prospecting, field GOLD IS NOT FOUND IN 
Estimated life span 17 years samples are collected for METALLIC FORM BUT 
analysis. s | IM D WITH 
NERALS Used to extract rocks 
located deep within 
HUGE OPEN-AIR MINE the Earth 


Veladero—located in the Argentinean province of 
San Juan, as shown on the map—required 2,300 
tons of metallic structures and consumes 2,520 


: Ñ : 164 FEET 
tons of sodium cyanide per year for extracting gold. 


(50 M) 


VELADERO 
MINE 


| wS re} = Leaching Ground 
¿ = Q A a . ha 


(Potrerillos Ravine) 
HERE GOLD IS SEPARATED 


SAN JUAN FROM THE ROCKS. 


ABOVE SEA LEVEL 
The elevation of the mine 


EXPLORATORY 
PERFORATION _ 
A 


1 TO 3 YEARS 

COST: $10 MILLION 
Prospecting began in 1994. During this 
ES the possible existence of a deposit once De 
covering a vast area was analyzed. It was geologic maps of the 
necessary to draw maps, conduct studies, area are drawn. 
make satellite images, and undertake field 

trips to analyze superficial rocks. 


2 TO 5 YEARS 
COST: $90 MILLION 
The first phases are involved with field prospecting. During this 
process, preliminary research is confirmed or revised. Once the 
Geologists visit the area existence of the deposit is confirmed, the next step is to 

and take rock samples. establish its dimensions, reserves, yield, and extraction costs. 


is evaluated by 
taking samples from 
deep in the Earth. 


can calculate it using this formula: 
internal resistance of generator 


OQ B 

For the circuit shown in Figure 8.25 , if R G 
= 50 ohms and B = 100, RO = 0.5 ohms. 
Therefore, the circuit shown in Figure 8.25 is 
effectively a generator with an internal 
resistance of only 0.5 ohms driving a motor 
with a resistance of 100 ohms. Therefore, the 
output voltage of 10 V pp is maintained 
across the motor. 

Questions 

A. What is the emitter follower circuit used for 
in this example? | 
B. Which two properties of the emitter follower 
are useful in circuits? 
Answers 
A. To drive a load that could not be driven 
directly by a generator 

B. High input resistance and its low output 


resistance 
26 The questions in this problem apply to 
the emitter follower circuit discussed In 


problems 23-25. 

Questions 

A. What is the approximate gain of an emitter 
follower circuit? > 

B. What is the phase of the output signal 
compared to the phase of the input signal? 


C. Which has the higher value, the input 


alt 
Of mines. Sone he depths of 
10W their contents at its,surface. | 
Canyon, a copper mine located in Utah, 1s lot only one € 
most important open-air mines but also one of the largest; e: 
in the world. It is so large,that it can be seen from spe 
operation since 1903, and ithas been ex avated in the fo 
like those,used in agriculture. V ever stopsycontit 
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not only the use of machinery of, ordina 

use of a hydro-metallurgi chemica orocess Called lixiviation 

Thanks to this process Lisp ble to obtain 999 percen 

pure state from a coppe 
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A «a e 
How the Met > tracted, 
S » Ty =~ 

Thousands of pounds of ex éspirucs and shovels a ed to grit 

large as a house, and massive grinding machines that car | 
reduce hard rocks to dust are involved in the extraction process, ri er 
and rock temperatures are raised to 4,500? F (2,500° C). In this. called or ‘iviation is a hya 
way, copper is extracted from one of the largest open-air mines treatment that makes it | e to obtain cor 
on the planet. The raw material excavated from the terraces in oxidized minerals. The treated material begins t 


the mine contains oxidized copper minerals. This material is sulfatation of copper contained in the oxidized minet als. 
Ta ‘ 


HOW MATERIAL 
IS OBTAINED 


The process begins with rock perforation 
and blasting. The rock is removed from the 


pit and loaded by large shovels onto trucks. D ARRANGEMENT OF 


TRANSMISSION PULLEYS 


LOADERS/CHARGERS 


Then it is unloaded onto a mobile grinder. 

The ground rock is removed from the mine THE STACK 

on conveyor belts and then sprayed with a When on the conveyor belts, the material 

solution of water and sulfuric acid. is taken to a place where it will form a 
lixiviation pile or stack, and a trickle 


0) irrigation system is installed on top of this 
e O pile. Sprinklers cover the entire exposed 


COPPER RECOVERY 


The resulting copper solution is collected in conduits 
and then undergoes a process of electrolytic refining. 


area. The material will spend 45 days here. During this process, electricity passes between two 
COPPER CONCENTRATION copper plates suspended in the solution; copper from 
IN THE RAW MATERIAL 6 the solution adheres to the sheets as it is separated 
through electrolysis. 
ounces/ sw 


SPRINKLERS SEWER ACID Souto A gallon (45 g/l) 00.9 % TERRACES 


OF COPPER IN THE SOLUTION 
AT THE END OF THE COPPER IN A PURE STATE BOTTOM OF THE MINE 
LIXIVIATION PROCESS 


RAW MATERIAL 

The material extracted 
from the pit is loaded 
on a mobile grinder. 


MAXIMUM PHREATIC LEVEL 


on 
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foe 
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26 FEET . 
2.5 MILES ——— 
a” (KM) — —— 
COPPER 
LIXIVIATION SHEETS FORMATION OF THE MINE 


The hydro-metallurgic process that makes 
it possible to obtain copper from the 
oxidized minerals by applying a solution of 
sulfuric acid and water. Oxidized minerals 
are sensitive to attack by acid solutions. 


Surface mines take the shape of large terraced 
pits, which grow ever deeper and wider. Viewed 
from above, an enormous spiraling hollow can be 
seen. This is a relatively inexpensive and simple 
method to extract high-purity materials. 


ELECTROLYTIC POOL 


COLECTOR 
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Blinded by Brilliance 


he discovery of gold in the Sacramento River in California in the mid-19th century started one of 

the largest migrations of its time. Fortune hunters came from the Americas as well as from Asia, 

but few were able to achieve their goal of striking it rich. Each year, obtaining gold required a 
larger investment of time and equipment, and equipment suppliers 
were the ones who ultimately earned the highest profits. Gold 
was the key force in settling California, now the 
wealthiest state in the United States. At its peak, 
immigration overwhelmed the state's social and 
municipal services as up to 30 houses were 
being built each day. 


Bad living conditions 

led to the death of 

many workers; 

many were also DRAGGING 

killed by epidemics ; : > ; Mules dragged large stones, used 

and illnesses. F i to break-other quartz stones, 
thus releasing the gold within. 


WASHED 
PARTICLES 


WASHING 
CONTAINERS 


PAN CHINESE 


aa The swirling movement of Chinese immigrants, 
==> the pan allowed for the attracted by the 
—— separation of sediments, and prospect of wealth, 
BY HAND the gold could be identified constituted most of 
Resources and tools were by a difference in weight. the labor force. 
scarce. Almost everything was 
done by hand. 
On the morning of January 24, while California became the 31st state of the Union. Slavery was 
James Marshall was building a sawmill abolished because of the large influx of immigrants and the 
for his employer John Sutter, he fear that it would reduce workers' salaries. However, the 
discovered gold on the banks of the WAS THE PRICE OF A PLOT Fugitive Slave Act was sanctioned by the state. According 
Sacramento River. This irrevocably OF LAND; 18 MONTHS LATER, to this law, every fugitive slave that entered California had 


changed the history of California. IT WAS PRICED AT $45,000. to be returned to his or her owner. 


FLOW OF 
IMMIGRANTS 

In 1848, California had a 
population of 14,000. 
However, within four years 
and with the gold fever at 
its peak, the population 
rose to 223,856. 


CHANNELED 
RIVER 


HOPPER 


The gravel was placed in the 


hopper and the deposited 
material was moved with a 
lever. When water was 
added, the dirt could be 
carried away, leaving the 
gold at the barrier since the 
density of gold is greater 
than that of water. 


MILLION IN GOLD WAS 
EXCHANGED DURING 
THE ENTIRE DECADE. 


From the United States 
30,000 


Through Mexico 
00 


LÁ 


By Boat 
40,000* 
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Key 
*Number of 


UNITED 
STATES 


California 


Sacramento River 


arrived in 1849. SLUICE BOX 
Water flowed through the artificial 
canal, where riffles (barriers) along 
the bottom of the sluice box caught 
the gold and let the other material 
pass through. 


The water flowed 
and deposited 
gold at the 
serrated bottom. 


In 1853, $3 million was 
invested to change the 
course of the Yuba River, 
which merged with the 
Sacramento River. The 
water of the new canal 
was used to wash the gold. 


When the surface gold was exhausted, more 
complex technology was required to extract 
it from the ground. Hydraulic mining, which 
used water jets, was a technique used for 
this purpose. Miners then became 
employees, enduring long workdays. 


ORIGINAL 
RIVERBED 


SLUICE BOXES COULD BE 
USED IN THE CONSTRUCTION 
OF JUST ONE WASHER. 


Once the water had been 
used to pan for gold, it was 
channeled back into the 
river from which it came. 
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Black as Coal 


n gallery or subterranean mines people must enter the bowels of the Earth to be able to extract 
the planet's mineral wealth. Some mines for extracting coal—the legendary driving force of the MAIN PRODUCERS 
Industrial Revolution—are a clear example of this type of exploitation. Although these mines Eo ES los 


imply higher costs and labor risks, they have a lower environmental impact. © pla IN 1,635 
United States 1,070 


India 503 
Russia 294 


How Coal Is Extracted i | | i oe South Africa 264 


OF EXPLOITATION IS 
CARRIED OUT UNDERGROUND. 


MAIN CONSUMERS 
Year 2003. In millions of tons. 


DISTRIBUTION 


Mine trains transport the coal from the y - e | NN ie Pe Ina] A AS 
mine to the point of consumption. a | RIN | TEM t CM China ee 1,531 
mí ST if AN United States 1094 


WASHING AND CLASSIFICATION A | . Bis l fi II HH ENEE SIS India 430 
Coal that leaves the mine is mixed with mud h YÅ \ sf TNT AE a ea Germany 273 
and rocks. It must be washed and classified t EA | EXTRACTION ES ANN titit, a Hd South Africa 264 
according to quality and size. o BOBO A a TOWER INN Qt a fh 


Coal with Coal is separated 
impurities from other materials 
Water through decantation. 


re aa le 
i 


l VENTILATION 
Without good 
ventilation, methane, 
an explosive gas, 

condenses in the 

"galleries and creates 


| | i= o pit the risk of explosions. 
Coal Coal i f | ; k ER 
dust pellets 


Coal gravel Impurities «| 


WASHING AND 
CLASSIFICATION E Ta 
BUILDING 


-FRESH-AIR 


i ER te 
—— ENTRANCE + TEE 


LE Ho 
e OS ee e bee en ae a 
oe A ; Pin Hs =. = : — 

PR ~ eLevaTiON - Se | 
a ALL the main shaft, Sew betes ~~ EXIT FOR 
O ~ the CGAl Bere fo ee meeps on | 
ped to ae ie th re ee ia ka CONTAMINATED AIR 
SRE dei -transferred to cargo u ean nay o A A ; 
oom E] E : Ey i “elevators that. tes z +2 i = w er E TER e aa pu : 

A EARE de transport it to the ~ ee SRN Ee ape CON Sag ne 
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o` MINER'S MOVEMENT IN 
TRANSPORT THE GALLERIES 
The miners travel 
on foot or by train 
to the coal vein. 


© GALLERY ~~~ 79 
Tunnel that is used for 
communication i in the mine 


| O j 
MIT TT 
I} MM 


TRANSPORTATION 
The extracted coal is placed on 
the conveyor belts that take it 
to the main shaft, and from ` 
_. there it.is taken to the surface. 


| 5 
4 ih 


EXTRACTION ! 

The method that is widely 
used is that of continuous =- 
mining. A machine extracts 
the coal mechanically. 


Mobile 
ge Am 
i: > THE SHAFTS CAN REACH 


Coal Vein —— ss ESEN 


Y me : E 
A Me | TRANSPORTER 
“ed | Me BELT 
PERFORATION nv | do 
A vertical shaft is 
perforated, 
allowing access to 
the coal vein. 
IS THE AMOUNT OF 
COAL THE PERFORATOR e CARGO 


ELEVATOR 
EXTRACTS IN AN HOUR. 
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lack Gold 


ecause of its economic importance as a source of energy, petroleum, or 

oil, is called black gold. Searching for it requires large amounts of money 

and years of investigation and exploration, all with no guarantees. Once 
discovered, petroleum extraction entails the use of expensive machinery, which 
includes everything from oil pumps to refineries that convert oil into many 


EXTRACTION 

If the well is productive, 
the drilling towers are 
removed and extraction 
systems are installed. 


NATURAL WAYS TO 
PUMP PETROLEUM 


The driving 
force is the 
gas dissolved 
in a petroleum 


derivative products. The oil trade is one of the most lucrative businesses deposit. Fan 
worldwide, and a change in its price can affect national economies and put The ges 
whole countries on guard. Petroleum is a nonrenewable source of energy. acne 
hes th 
sole 
as outward. 
Drilling Later as water 
E Column or is pumped in, 
How Petroleum Is Obtained String a 
This pipe will underneath 
SEARCH EXPLORATION be lowered into the petroleum 
Indirect methods are used Once a deposit is detected, the ground. and pushes it 


the soil is drilled to verify 
that there is petroleum 
with economic potential. 


to detect the presence of 
hydrocarbons. However, the 
information obtained is not 


conclusive. 
Pipe for 
SEISMIC TRUCK ere £ 
These machines are located Delivering Dem 
at different points within 
the research area. Electric Motors 


Pool for — 
Recovering Drill 
Mud 


Vibrating —— — 
Sheet 


Seismic 
Waves 
penetrate the 
layers of the 
Earth's crust 
and bounce 
back to the 
surface when 


the type of ea all 

3 ho : ‘ a. =... Once oil is detected, 
rock they pass > Bounced Wave the drilling proceeds 
>a E Geophones i more slowly, and 
changes. register these: valves are closed to 


waves. A prevent the oil from 
seismic section > gushing to the surface 


is generated = under high pressure. 
based on the 


data obtained. 


Detail of 
the Drill Bit 


upward. 


PUMP ENGINE 


EXPLORATORY 


DRILL MUD 


| flows down 

through the 
pipe and exits 
through the 
drill orifices. 


As the mud 
rises, it carries 
rock that 
reveals which 
strata have 
been perforated. 


CONTINENTAL, 


CRUST 


LUTITE 


GAS 


TRANSPORTATION 
Tankers transport 
crude oil to the 
refinery, where 
various products can 
be derived from it. 


TANKER 


| 


| 


REFINING 

The components of 
crude oil are 
separated, making 
use of the fact that 
each component 
boils at a different 
temperature. 
Refining is carried 
out by means of two 
main processes: 
fractional distillation 
and cracking. 


Crude-Oil 
Deposit 


Cargo space divided 
into compartments 


FRACTIONAL rear 
DISTILLATION a g 
[ Molecules 
E Molecules of 
olumn Intermediate 
gf Weight 
Crude i 
Oil "F 
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Big molecules are broken 
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MAIN EXTRACTORS 
Year: 2004 
Middle Europe 
East and Eurasia 
— A A 22.1% 
Central North 
and South America 
America 18.2 % 
92% — N 
Pacific-Asia Africa 
10.2% 10.8% 


Approximate 
Boiling Point Gas 


Gasoline 


392° F 
(2002 C) 


Kerosene 


Diesel Oil 
5722 F 


(3002 C) È 
Fuel Oil 


Residue 
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MAIN CONSUMERS 
Year: 2004 


North l Pacific- 
America Asia 
— Á —~— 28.8% 


Africa eee 
3.3% Eurasia 

259% 
Middle East Central and South America 
59% 6.0% 


North America and Pacific-Asia account 
for 90 percent of the increase in petroleum 
consumption over the last 10 years. 
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Radioactive Minerals 


ranium and plutonium were used for the first time—for military 

purposes—in the 1940s. Once World War IT ended, nuclear 

reactors and their fuels began to be used as sources of energy. To 
process these minerals, nuclear plants are necessary. They must be built 
following many safety guidelines, since nuclear energy is considered to be 
very risky. Accidents like the one in Chernobyl and, more recently, in 
Tokaimura, Japan, are clear examples of what can happen when control of 
this form of energy is lost. These images show the structure and heart of 
a nuclear reactor, the way uranium is processed, and the peaceful uses of 
this type of energy. 


Pressure Vessel THE NUCLEUS OF THE REACTOR 


is in the lower part of the safety vessel, in which 


The nuclear reactor is inserted into a vessel formed by there are about 200 groups of fuel sheaths sized 0.4 
steel that is approximately 16 feet (0.5 m) thick. The fuel, inch (1 cm) in diameter and 13 feet (4 m) in height. 


which is encapsulated in zirconium alloy sheaths, is located inside 

the hollow space of the vessel. This design helps to meet one of E Na 
the first goals in nuclear safety: to prevent radioactive products |- i y A 
from leaking into the surrounding environment, >) | 


URANIUM HANDLING O 
Uranium 235 is the only isotope that is found in a natural THE TEMPERATURE OF 
state, easily fissionable. For this reason, it is the main fuel THE WATER PELLET 
used in nuclear power plants. Even though it is rare to find 
it in the Earth's crust, it can be found in enriching deposits 
in watercourse beds. 
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Carbon 14 


is a method for dating organic fossil 

samples based on the exponential decay 
law of radioactive isotopes. After a living 
organism has been dead for 5,730 years, the 
amount of 14C present in its body has 
decreased by half. Thus, when the amount of 
latent 14C is measured in organic materials, it 
is possible to calculate the amount remaining 
in the material and, therefore, to calculate 
when the organism died. 


MAMMOTH 
CUB 


USE OF URANIUM IN MEDICINE 

The application of nuclear energy helps with the 
diagnosis and treatment of diseases such as cancer. 
It can detect alterations long before symptoms 
develop clinically, which allows for more effective 
early treatment. 


THYROID TAKES IN 
99MTC-PERTECNETATE.\ A 


THYROID 
SCINTILLOGRAPHY 
USING POSITRON 
EMISSION TOMOGRAPHY 


SAFETY SUIT 
To handle radioactive material, such as spent fuel 
bars, workers must wear a special suit because 
of the high levels of radiation. 


THE SUIT IS HERMETIC. IT —| 
MUST ISOLATE THE WORKER b 
FROM THE OUTSIDE. 


THE WORKER CARRIES 
AN OXYGEN TANK. A 
HOSE IS CONNECTED 
TO THE TANK SO THE | 
WORKER CAN BREATHE. Al 


THE HANDS MUST BE — | 


PROTECTED WITH 
INSULATING GLOVES. 


~ Human 
“1 Scale 


re | 
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Alkalines 


Minerals that have a high content of potassium, 
sodium, lithium, rubidium, and calcium. 


Amorphous 


Mineral with fractured surfaces instead of 
crystalline faces. Noncrystalline. 


Anticline 


A fold of sedimentary strata sloping upwards 
like an arch. 


Asthenosphere 


Layer inside the Earth, below the lithosphere. It 
is part of the upper mantle and is composed of 
easily deformable rock. 


Atom 


The smallest unit of matter. 


Bacteria 


Microscopic and unicellular life-form found in 
air, water, plants, animals, and on the Earth's 
crust. 


Batholith 


Great mass (larger than 60 square miles [100 
sq km] of surface) of intrusive igneous rocks. 


Bravais Lattices 


Three-dimensional crystal systems, based on 
certain mathematical principles, that represent 
the 14 types of cell units. 


Butte 


Hill with a flat top and sloping sides, found in 
areas that have undergone intense erosion. 


Canyon 


Deep, narrow valley formed by fluvial erosion. 


Carat 


Unit of weight used in jewelry, variable in time 
and place, equivalent to 0.007 ounce (0.2 g). 


Cave 


Subterranean cavity formed through the 
chemical action of water on soluble, generally 
calcareous, ground. 


Cementation 


Process by which sediment both loses porosity 
and is lithified through the chemical 
precipitation of material in the spaces between 
the grains. 


Cementation Zone 


Place where lithification occurs. Water 
infiltrates the area, fills up the spaces between 
the grains of sediment, and transforms loose 
sediment into a solid mass. 


Chasm, or Rift 


Wide valley formed as a consequence of the 
extension of the crust at the boundaries of 
diverging tectonic plates. 


Chemical Compound 


Substance formed by more than one element. 


Chemical Element 


Substance that contains only one type of atom. 


Clay 


Fine-grained sediments formed by the chemical 
decomposition of some rocks. It is malleable 
when wet and hardens as it dries. 


Coal 


Combustible black rock of organic origin. It is 
produced through the decomposition of plant 
materials that accumulate in swamps or 
shallow marine waters. 


Concretion 


Hard mass of mineral material that usually holds 
a fossil inside. 


Contact Metamorphism 


Large-scale transformation of a rock into 
another type of rock. This happens mostly as a 


consequence of a sudden temperature increase. 


Convection Currents 


Moving pathways of material that occur inside 
the mantle as a consequence of the transfer of 
heat coming from the Earth's core. The hottest 
zones of the mantle rise, and the coldest ones 
sink. These movements are probably responsible 
for the movement of tectonic plates. 


Crack 


Fissure or cavity in the rock that results from 
tension. It can be completely or partially filled 
with minerals. 


Crust 


External layer of the Earth. There are two types 
of crust: continental crust forms large terrestrial 
masses, and oceanic crust forms the bottoms of 
the oceans. 


Crystal 


Organized, regular, and periodically repeated 
arrangement of atoms. 


Crystalline System 


It includes all crystals that can be related to the 
same set of symmetric elements. 


Density 


Amount of mass of a mineral per unit of volume. 


Deposit 


A natural accumulation of a rock or mineral. If it 
is located at the site where it formed, the 


deposit is called primary. Otherwise, it is called 
secondary. 


Diatomite 


Light, porous rock. It has a light color, and it is 
consolidated. Composed exclusively (or almost) 
of diatoms. 


Dolostone 


Carbonated sedimentary rock that contains at 
least 50 percent or more carbonate, of which at 
least half appears as dolomite. 


Earthquake 


The sudden and violent release of energy and 
vibrations in the Earth that generally occurs 
along the edges of tectonic plates. 


Elasticity 


Tendency of a mineral to recover its shape after 
being subjected to flexion or torsion. 


Era 


Division of time in the Earth's history. Geologists 
divide eras into periods. 


Erosion 


Removal and transport of sediment through the 
action of water, ice, and wind. 


Evaporation 


Process through which a liquid becomes gas 
without boiling. 


Exfoliation 


The tendency for certain minerals to fracture 
along regular planes within their crystalline 
structure. 


Fault 


Fracture involving the shifting of one rock mass 
with respect to another. 


Flexibility 


Ability of minerals to bend without fracturing. 


Fluorescence 


Property of some minerals that enables them to 
emit a certain level of light when exposed to 
ultraviolet rays. The fluorescent properties 
present in a metal can make it look as if it were 
truly fluorescent. 


Fold 


Bending and deformation of rock strata due to 
the compression caused by the movements of 
tectonic plates. 


Fossil 


Any trace of an old life-form. It can be the 
petrified remains of an organism or an 
impression of an organism left in rock. 


Fossil Fuel 


Fuel formed from the partially decomposed 
remains of deceased organisms. These 
mixtures of organic compounds are extracted 
from the subsoil with the goal of producing 
energy through combustion. They are coal, oil, 
and natural gas. 


Fracture 


Break of a mineral along an irregular surface. It 
can be conchoidal, hooked, smooth, or earthy. 


Gem 


Mineral or other natural material that is valued 
for its beauty and rarity. It can be polished and 
cut to produce jewels. 


Geode 


Spherical, rocky cavity covered with well- 
formed crystals. 


Geology 


Study of the Earth, its shape, and its composition. 
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Rocks, minerals, and fossils offer information that 
helps us reconstruct the history of the planet. 


Glacier 


A large mass of ice formed through the 
accumulation of recrystallized and compacted 
snow occurring either on a mountain or over a 
large area on a landmass. Ice moves slowly and 
both excavates rock and carries debris. 


Granite 


Intrusive igneous rock composed mainly of quartz 
and feldspar. It can be polished and used in 
decoration. 


Habit 


External aspect of a crystal that reflects its 
predominant shape. 


Hardness 


Resistance offered by a mineral to scratching 
and abrasion. One mineral is said to be harder 
than another if the former can scratch the 
latter. 


Hot Spot 


Place within a tectonic plate where active 
volcanoes form. 


Hydrothermal 


Process involving the physical and chemical 
transformations suffered by rocks or minerals 
through the action of hot fluids (water and 
gases) associated with a magma body. 


Igneous Rocks 


Rocks formed directly from the cooling of 
magma. If they solidify inside the crust, they are 
said to be plutonic (or intrusive); if they solidify 
on the surface, they are said to be volcanic (or 
extrusive). 


Impermeable Rock 
Rock through which liquids cannot be filtered. 
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Intrusion 


A large mass of rock that forms in empty 
spaces underground when magma infiltrates 
strata, cools, and solidifies. 


Jade 


White or green metamorphic rock formed by a 
compact and tenacious filter of very fine needles 
of tremolite. It is a rare rock used in art objects. 


Karst Cycle 


Formation cycle of caves that lasts a total of 
about one million years. 


Kimberlite 


Type of rock usually associated with diamonds 
and other minerals coming from the depths of 
the Earth. 


Lava 


Magma expelled on the surface of the Earth. 


Limestone 


Rock containing at least 50% calcite. It can also 
have dolomite, aragonite, and siderite. 


Lithosphere 


Exterior, rigid layer of the Earth formed by the 
crust and upper mantle. 


Lode 


Sub-superficial rock intrusion of tabular-shaped 
rock. 


Luster 


Level of light reflection on the surface of a 
crystal. 


Magma 


Hot, rocky material from the crust and upper 
mantle in liquid state that forms crystals as it 
cools. When magma is expelled at the Earth's 
surface, it is called lava. 


Magmatic Rock 


Rock that forms when magma cools off and 
solidifies. Magmatic intrusive rocks solidify 
underground, while the extrusive ones solidify 
on the surface. 


Magnetism 


Property of some minerals that allows them to 
be attracted by a magnet and to change the 
direction of a compass needle. 


Malleability 


Mechanical property of a mineral that makes it 
possible for the mineral to be molded and 
formed into a sheet through repeated blows 
without breaking. 


Mantle 


The layer between the crust and external core. 
It includes the upper mantle and lower mantle. 


Marble 


Metamorphosed limestone rock composed of 
compacted calcite and dolomite. It can be 
polished. 


Massive 


One of the possible habits of a consistent 
mineral that refers to the tendency for certain 
crystals to intertwine and form a solid mass 
rather than independent crystals. 


Metal 


Any element that shines, conducts electricity, 
and is malleable. 


Metamorphic Rock 


Type of rock resulting from the application of 
high pressure and temperature on igneous and 
sedimentary rocks. 


Mineral 


Inorganic solid of natural origin that has an 
organized atomic structure. 


Mohs Scale 


A tool designed to test the hardness of a given 
mineral by comparing it to 10 known minerals, 
trom the softest to the hardest. Each mineral 
can be scratched by those following it. 


Molecule 


Chemical compound formed when one or several 
types of atoms are joined together. 


Native Element 


An element that occurs in nature that is not 
combined with other elements. Sulfur and gold 
are examples of native elements. 


Oceanic Trench 


Narrow and deep submarine depression formed 
when the oceanic crust of one tectonic plate 
moves beneath another. 


Ornamental Stone 


It is not a precious stone, but it can be used in 
jewelry or for other ornamental purposes. 


Outcrop 


Part of a rock formation devoid of vegetation or 
soil that stands out from the Earth's surface. 


Oxidation Zone 


Deposit of minerals with oxidizing properties, 
formed through the effect of meteorization or 
weathering. 


Petrifaction 


Cell-by-cell replacement of organic matter, such 
as bones or wood, with minerals of the 
surrounding solutions. 


Piezoelectric 


Property that some minerals have to produce a 
difference in potential when subjected to 
compression, traction, or torsion. 


Placer 


Mineral concentrations as deposits of placer 
during time lapses that vary from a few decades 
up to millions of years. 


Pyroelectric 


Property that some nonconductor minerals have 
to create difference in power transmissions 
from differences in temperature. 


(Juartzite 


Metamorphic rock formed by the consolidation 
of quartz sandstone. It is extremely hard. 
Quartzite can also be a sedimentary rock, which 
is sandstone with a very high content of quartz; 
it is very hard and it has light color. 


Regional Metamorphism 


Metamorphism occurring in rock over large 
areas. 


Rock 


Natural aggregate of one or more minerals 
(sometimes including noncrystalline substances) 
that constitute an independent geologic unit. 


Sedimentary Rock 


Rock that forms through accumulation of 
sediments that, when subjected to physical and 
chemical processes, result in a compacted and 
consolidated material. Sediment can form on 
river banks, at the bottom of precipices, in 
valleys, lakes, and seas. Sedimentary rock 
accumulates in successive layers, or strata. 


Sediments 


Rock fragments or remains of plants or animals 
deposited at the bottom of rivers, lakes, or 
oceans by water, wind, or ice. 


Seismic Waves 


Elastic waves that travel through the Earth 
after an earthquake. They can also be produced 
artificially through explosions. 


Silicates 


They make up about 95 percent of the Earth's 
crust. Their tetrahedral structure, with one 
silicon and four oxygen ions, creates different 
types of configurations through the union of the 
ions. According to their composition, members 
of this mineral group are differentiated into 
light and dark. 


Slate 


Bluish black, fine-grained metamorphic rock. It 
can be easily divided into sheets. 


Solution 


Mixture of two or more chemical substances. It 
can be liquid, solid, or gaseous. 


Stalactite 


Internal structure of a cave. It is conical and 
hangs from the cave ceiling. 


Stalagmite 


Internal structure of a cave. It is conical and 
rises from the cave floor. 


Streak 


Characteristic color of the fine dust obtained 
from a mineral by rubbing it over an unglazed 
porcelain plate. 


Streak Test 


A test that involves rubbing a mineral against 
an unglazed white porcelain sheet to obtain 
dust. The color of the dust left on the tile can 
help identify the mineral. 


Symmetry Axes 


Symmetry element that enables the repetition 
of crystalline faces to form different shapes. 


Syncline 


Concave fold of sedimentary rock strata. The 
younger rocks are located at the center of the 
concave. 
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Talus Slope 


Accumulation of fragments resulting from the 
mechanical weathering of rocks. The sediment 
deposit forms more or less in situ as the result 
of the transport of materials through gravity 
over a small distance. 


Tectonic Elevation 


Rising of rocks as a consequence of the 
movements of tectonic plates. 


Tectonic Plates 


Rigid fragments of the lithosphere that move on 
the asthenosphere. 


Tenacity 


The level of toughness that a mineral offers to 
fracture, deformation, crushing, bending, or 
pulverization. 


Transparent 


It is said that a mineral is clear when light goes 
through it without weakening. When only some 
light passes through, the mineral is called 
translucent. If no light passes through, it is 
called opaque. 


Vein 


Fracture that cuts through rocks and is filled by 
some mineral. 


Volcanic Outcropping 


Isolated pile of hard magmatic rocks that 
remain after the disappearance of the rest of 
the volcano due to erosion. 


Weathering 


The breaking down of a material by sustained 
physical or chemical processes. 
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abrasion platform, 49 
agate, 23 
crystallizing pattern, 43 
Alexander the Great, Valley of Diamonds, 35 
allochromatic mineral, 22 
Allosaurus, 10 
alloy, 39 
Alps, formation, 10 
aluminum, 79 
amethyst, 22 
color, 33 
ammonia, covalent bond, 28 
ammonite, extinction, 10 
Andes mountain range, formation, 11 
angiosperm, 10 
anhydrite, 39 
anion, 28 
anthracite, 71 
apatite, 38 
hardness, 24 
Appalachian Mountains, formation, 9 
aragonite, chemical crystallization, 21 
Argentina, Veladero mine, 80-81 
arkose (sandstone), 69 
ash cone, 43 
Asscher, Joseph, 35 
asthenosphere (Earth's mantle), 11 
atom, crystalline structures, 28, 29 
augite, 36 
aureole, 55 
Australia, Uluru-Kata Tjuta National Park, 
58-59 
automobile: See car 
Ayers, Henry, 59 
Ayers Rock (Australia): See Uluru-Kata Tjuta 
National Park 


Baltica, Ural Mountains formation, 9 


barytine, 39 
basalt, 43 
eruptions, 9 
formation, 12, 65 
batholith, 16, 42, 43 
Yosemite National Park, 44 
bauxite, 38 
beach, formation, 49 
bedrock, 57 
Bering Strait, modern humans, 11 
Bingham Canyon (Utah, United States), 82-83 
biotite, 37 
birefringent mineral, 23 
bismuth, 20 
Black Stone of the Ka'bah (Mecca, Saudi 
Arabia), 59 
blackboard chalk, 68 
Borena (ethnic group), 27 
Bowen's reaction series, 43 
Bravais, Auguste, 30 
Bravais lattices, 30 
brazilianite, crystalline system, 30 
breccia, 69 
Bridal Veil Falls (Yosemite National Park, 
United States), 45 
Burkhardt, Jean L., 74 


calcite, 66 
chemical crystallization, 21 
hardness, 24 
calcium sulfate, 39 
caldera, 43 
Caledonian range, 9 
California (United States), gold rush, 84-85 
Cambrian explosion, 9 
Cambrian Period, 9 
Cango Caves (South Africa), 50-51 
canyon 
Bingham Canyon, 82-83 
formation, 46, 51 


Grand Canyon, 52-53, 66 
car, elements, 78-79 
carbon, mineral structure, 21 
carbon-14 dating, 53, 91 
carbonate, 39 
Carboniferous Period, 9 
carbonization, 70 
cascades, 45 
cataclasite, formation, 54 
Cathedral Rocks (Yosemite National Park, 
United States), 45 
cation, 28 
cave, 50-51 
Australian Aborigine paintings, 59 
formation, 49 
Neversink Pit, 40-41 
cementation (sedimentary rock), 49, 69 
Cenozoic Era, 10-11 
Central Rocky Mountains (United States), 
formation, 10 
chalcopyrite, 38 
chalk, 68 
chemical element, 8, 16, 20 
chemical weathering process, 15 
Chicxulub (Mexico), meteor impact, 10 
Chile, Torres del Paine National Park, 16-17 
citrine, 22 
clast, detrital rocks, 68 
clay 
kaoline, 68 
lutite, 68 
structure, 36 
cliff, formation, 49 
coal 
deposits, 71, 77 
formation, 70-71 
mining, 76-77, 86-87 
coastal drift, 4 
coastal plain, 49 
color 
mineral, 22: See also streak color 
rock, 63 
column (cave structure), 50 
compaction (sedimentary rock), 49 
compound mineral, 20 


conglomerate (sedimentary rock), 69 
contact metamorphism, 55 
See also metamorphism 
copper, 38 
mining, 82-83 
coquina, 66 
coral reef, 66-67 
Corkscrew Canyon (Arizona, United States), 
6-7, 14-15 
corundum, hardness, 25 
covalent bond, 28 
Cretaceous Period, 10 
crystal 
atomic model, 29 
Bravais lattices, 30 
characterization, 30 
crystallographic axes, 31 
crystallographic chemistry, 28 
formation, 63 
internal network, 29 
precious stones, 32 
crystalline network, categorization, 30 
crystalline system, 30-31 
crystallization system, 21 
crystallographic axis, 31 
crystallographic chemistry, 28 
crystallography, 28 
cubic crystalline system, 30 
Cullinan diamond, 35 


Dallol volcano (Ethiopia), 18-19, 26-27 
deflation, geologic processes, 46 
delta, formation, 48 

dendrite, 38 

density (mineral), 25 

desert, 46 

desertic soil, 56 

detrital rock, 68-69 

Devonian Period, 9 

diamond, 19, 32-33 


cuts, 23 
hardness, 21, 25 
history, 34-35 
structure, 21, 30, 33 
dike, 42, 43, 65 
dinosaur, mass extinctions, 10 
dolomite, 66 
dune, erosion, 46 
dynamic metamorphism, 54 
See also metamorphism 


Earth 

history, 4-5, 8-9 

layers, 11 
earthquake, causes, 13 
Earth's core, 9, 11, 42 
Earth's crust, 8, 11, 42 
Earth's mantle, 11, 42 
earthworm, humus production, 57 
Ediacaran fauna, 8 
effusive rock, formation, 12 
Egyptian iconography, 75 


El Capitan (Yosemite National Park, United 


States), 44 
electric current, 25 
element, chemical, 8, 16, 20 
emerald, color, 32 
Eocene Epoch, 10 
eolian process (erosion), 14 
erosion, 14, 46 


rock formation: See sedimentary rock 


soil formation, 57 
erratics, glaciers, 47 
estuary, 49 
Ethiopia 
Borena ethnic group, 27 
Dallol volcano, 18-19, 26-27 
volcanic cave house, 4-5 
exfoliation, 24, 63 
exotic mineral, quartz color, 22 
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extended cave system, 50 
Externsteine rock formation (Germany), 58 
extinction: See mass extinction 
extrusive rock (volcanic rock), 65 
formation, 12, 42, 43 
rock cycle, 57 


fault (rock fracture), 13 
feldspar, 17 
fissure, granite rock, 45 
flowering plant, Cretaceous Period, 10 
fluorite, 39 
hardness, 24 
foliation, 72 
fool's gold: See pyrite 
fossil 
Cambrian explosion, 9 
dating, 53, 91 
formation, 53 
hominid, 11 
succession, 52, 53 
fractional distillation, 89 
fracture, 13, 24, 63 
temperature effects, 15 
Fugitive Slave Law, 84 
fusion (rock), 55 


gabbro (rock), 64 

galena, structure, 21 

garnet, color, 33 

garnetiferous schist, 72-73 

gas: See petroleum 

gem (precious stone), 18-19, 32-33 

geode, 60, 61 

geologic process: See erosion; weathering 
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geologic time scale, 8-11 

rock layers, 53 
geology, branches, 16 
Germany, Externsteine rock formation, 58 
Giant's Causeway (Northern Ireland), 65 
glacial cirque, 47 
glaciation 

Precambrian Period, 8 

Quaternary Period, 11 
glacier, 44, 47, 56 
glass, atomic model, 29 
gneiss, 72 

formation, 9, 55 

metamorphism, 73 
gold 

gold rush, 84-85 

metals, 20 

mining, 80-81 
Gondwana (continent), 9 
grain (rock), 63 
Grand Canyon (United States), 52-53, 66 
granite, 12, 17, 42, 44, 45, 64 
granodiorite, 64 
graphite 

chemical crystallization, 21 

hardness, 21 

use, 19 

Yosemite National Park, 44-45 
graywacke, 69 
Great Koh-I-Noor diamond, 34 
Great Star of Africa diamond, 35 
Greece, ancient, architecture in Petra, 75 
gypsum, 39 

hardness, 24 

use, 19 


Hadean Era, 8 


Half Dome (Yosemite National Park, United 


States), 45 
halide, 39 


halite: See salt 
hardness (mineral) 

diamond, 21 

graphite, 21 

Mohs scale, 21, 24 

quartzite, 73 
hematite, 23 
hexagonal crystalline system, 30 
Himalayas (Asia), formation, 10 
Holocene Epoch, 11 
Hope Diamond, 35 
hopper (mining equipment), 85 
hornblende schist, 72 
hornito (salt formation), 26, 27 
human being, emergence, 11 
humus, 57 
hydraulic mining, 85 
hydrocarbon, 78 
hydrologic process, erosion, 14 
hydroxide, 38 


idiochromatic mineral, 22 
igneous rock, 64-65 
formation, 42-43 
rock cycle, 57 
immigrant labor, gold mining, 84 
India, diamond history, 34, 35 
inselberg, 46 
internal geodynamics, 12 
intrusive rock (plutonic rock), 64 
formation, 12, 42 
rock cycle, 57 
ionic bond, 28 
iron, 79 
isomorphism, 21 


joint (rock fracture), 13 
Jordan, Petra, 74-75 
Jurassic Period, 10 
kaoline, 68 
See also clay 
kaolinite, 36 
karst cycle, 50 
Kilauea Crater (Hawaii, United States), 12-13 
Kimberley mine, 32 
Koh-I-Noor diamond, Great, 34 


labradorite, 31 

laccolith, 43 

laterite soil, 56 

lava, 43 

leaching (lixiviation), 82 

lignite, 71 

limestone, 68 
Externsteine formation, 58 
formation, 66 
karst cycle, 50 
Neversink Pit, 40-41 
stalactite formation, 51 

limolite: See limestone 

limonite, 38 

lithosphere, 11 

lixiviation (leaching), 82 

luminescence, 23 

luster, 23 
pearl, 67 

lutite, 68 


magma, rock formation, 42, 43 
See also igneous rock; volcanic rock 
magmatism, 12 
magnesite, structure, 21 
magnesium, 78, 79 
magnetite, 38 
malachite, 22, 39 
mammal, Cenozoic Era, 10-11 
mammoth, 11, 91 
marble, 73 
colors, 63 
marcasite, chemical crystallization, 21 
mass extinction 
Cretaceous Period, 10 
Permian Period, 9 


Mauna Loa volcano (Hawaii, United States), 


12-13 
McLean, Evelyn Walsh, 35 
Mecca (Saudi Arabia), Black Stone of the 
Ka'bah, 59 
mechanical weathering process, 15 
Mesozoic Era, 10 
metal 
car parts, 78-79 
luster, 23 
native minerals, 21, 22 
metamorphic rock, 12 
classification, 72 
rock cycle, 57 
metamorphism, 12, 54-55 
meteor, Yucatán Peninsula, 10 
Mexico, Yucatán Peninsula meteor, 10 
mica, 17 
micaceous schist, 72 
mineral, 18-39 
chemical perspective, 17 
classification, 20-23 
optical property, 22-23 
physical properties, 24-25 
radioactive, 90-91 
sources, 5 
structure, 21 


mineralization process, Dallol volcano, 26 
mining 
coal, 76-77, 86-87 
copper, 82-83 
gold, 80-81, 84-85 
hydraulic, 85 
open-air mine, 82-83 
silver, 80-81 
types, 82 
Miocene Epoch, 11 
Mohs, Friedrich, 24 
Mohs scale of hardness, 24-25 
diamonds, 21 
graphite, 21 
monoclinic crystalline system, 30 
monorefringent mineral, 23 
moraine, 47 
mother-of-pearl, 67 
mountain 
formation, 9, 10, 11, 13 
See also specific names, for example Sierra 
Nevada range 
Mountain of Light (diamond): See Great 
Koh-I-Noor diamond 
mylonite, formation, 54 


Nabataean people, Petra, 74-75 
native mineral, 20 
Neversink Pit (Alabama, United States), 40-41 
nonmetal mineral, 20, 38 
car parts, 79 
luster, 23 
nonsilicate mineral, 38-39 
Northern Ireland, Giant's Causeway, 65 
nuclear energy, 77, 90-91 
nuclear reactor, 90-91 
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obsidian, 43, 65 
ocean 
first, 8 
marine sediments, 66-67 
Oligocene Epoch, 11 
olivine, 36 
opal, 32 
open-air mine, 82-83 
optical property (mineral), 22-23 
Ordovician Period, 9 
organic rock, 61, 70 
original horizontality principle, 53 
orogeny, 9 
orthoclase, hardness, 25 
oxide, 38 


Paleocene Epoch, 10 
Paleozoic Era, 9 

calcareous formations, 66 
Pangea (continent), 9 
Panotia (supercontinent), 9 
Patagonia, formation, 11 
pearl, formation, 67 
peat bog, coal formation, 70 
pegmatite, 65 
peridotite, 64 
permafrost, 56 
Permian Period, 9 
Petra (Jordan), 74-75 
petrographic microscope, 22 
petroleum (gas) 

combustion, 78 

formation and reserves, 70-71 

production process, 88-89 
phosphate, 38 
phraetic layer, mining, 83 
phyllite, formation, 54, 72 
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piezoelectricity, 25 
Pleistocene Epoch, 11 
Pliocene Epoch, 11 
plutonic rock (intrusive rock), 64 
formation, 12, 42 
rock cycle, 57 
polymorphism, 21 
porphyritic rock, 65 
positron emission tomography, 91 
Precambrian Period, 8 
precious stone, colors, 32-33 
See also specific types, for example diamond 
pressure, effect on rock structure, 55 
prism, 30 
Giant's Causeway, 65 
Proterozoic Era, 8 
pumice, 65 
pyrite (fool's gold) 
chemical crystallization, 21 
structure, 39 
pyroclastic material: See volcanic ash 
pyroelectricity, 25 
Quaternary Period, 11 
quartz 
agate, 23 
color, 22 
composition, 17 
hardness, 25 
structure, 37 
quartzite, 73 


radioactive mineral, 90-91 

ranker (soil type), 56 

rapids, 48 

refining, petroleum, 89 

refraction, 23 

regional metamorphism, 55 
See a/so metamorphism 


reptile 
Cretaceous Period extinction, 10 
Mesozoic Era, 10 
rhodochrosite, 31 
rhombic crystalline system, 31 
river, sediment transportation, 48-49 
rock, 60-75 
color, 62 
formation, 16-17, 62 
identification, 62-63 
mineralogical composition, 62 
shape, 62 
transformation: See metamorphism 
See also specific types, for example granite 
rock crystal, 22 
rock cycle, 6-7, 57 
Rocky Mountains (North America), 
formation, 10 
Rodinia (early supercontinent), 8 
rose quartz, 22 
ruby, color, 32 


safety measure, radioactive material, 90, 91 
salt (halite), 19, 20 

extraction, 27 

ionic bond, 28 

structure, 21, 28-29 
salt deposit, hornito formation, 27 
sandstone 

classification, 69 

Petra, /4-/5 

Uluru, 58-59 
sapphire, color, 33 
Saudi Arabia, Black Stone of the Ka'bah, 59 
scheelite, 31 
schist, 55 

types, 72-73 
Scotland, gneiss formation, 9, 54-55 
sediment 

soil formation, 56 


water transportation, 48-49 

wind transportation, 47 
sedimentary rock 

detrital rock, 68-69 

formation, 46-49, 57 

marine organic remains, 66-67 

See also stalactite; stalagmite 
sedimentation, 15, 48 
semimetal mineral, 20 
semiprecious stone 

color, 33 

See also precious stone 
Serapis (Egyptian god), 75 
Siberia, Ural Mountains formation, 9 
siderite, structure, 21 
Sierra Nevada range (United States), 44-45 
silicate, structures, 29, 36-37 
silicon, 79 
sill (rock formation), 42, 65 
Silurian Period, 9 
silver 

crystal dendrite, 20 

mining, 80-81 
sinkhole, 50 
slate, 39, 72 

formation, 9 

micrography, 72 

phyllite formation, 54, 72 
sluice box, 85 
Smithsonian Institution, Hope Diamond, 35 
smoky quartz, 22 
soil 

formation, 56 

humus, 57 

profile, 57 

types, 56 
South Africa 

Cango Caves, 50-51 

diamonds, 35 
stalactite, 50 

formation, 51 
stalagmite, 50 
stock (rock formation), 43 
streak color, 23 

See also color 


stripe (rock), 72 
subsoil, 57 

sulfate, 39 

sulfide, 39 

sulfur, 19, 20, 22 
supercontinent, 8, 9 


talc, 37 

hardness, 24 
Taylor, Elizabeth, 35 
Taylor-Burton diamond, 35 
temperature, degree of metamorphism, 55 
terminal moraine, 47 
Tertiary Period, 10-11 
tetragonal crystalline system, 31 
texture (rock), 63 
thyroid, scintillography, 91 
till, glaciers, 47 
topaz, 31 

color, 33 

hardness, 25 
Torres del Paine National Park (Chile), 16-17 
tourmaline, 24-25 
transportation, eroded materials, 15 
Triassic Period, 10 
triclinic crystalline system, 31 
trigonal crystalline system, 31 
trilobite, 9, 52 
tropics, laterite soil, 56 
tuff, detrital rocks, 68 
tunnel, formation, 51 
turquoise, color, 33 


Uluru-Kata Tjuta National Park (Australia), 
58-59 

unconformity, rock layers, 53 
United Kingdom 

Giant's Causeway, 65 

royal family's diamond ownership, 34, 35 
United States of America 

Bingham Canyon, 82-83 

Corkscrew Canyon, 6-7, 14-15 

gold mining, 84-85 

Grand Canyon, 52-53, 66 

Mauna Loa volcano, 12-13 

Neversink Pit, 40-41 

Yosemite National Park, 44-45 
Ural Mountains (Eurasia), formation, 9 
uranium, 77 

handling, 90 

medical uses, 91 


Valley of Diamonds (legend), 35 
vanadinite, 30 
Veladero mine (Argentina), 80-81 
Victoria, Queen, Great Koh-I-Noor diamond, 34 
volcanic ash, 68 
ash cone, 43 
volcanic rock (extrusive rock), 65 
formation, 12, 42, 43 
rock cycle, 57 
volcano 
caldera, 43 
Dallol, 18-19, 26-27 
Mauna Loa 12-13 
rock formation, 42, 65 
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water 
cave formation, 50-51 
erosion, 14 
hornitos, 26, 27 
sediment transportation, 48-49 
weathering, 15 
waterfall 
formation, 48 
Yosemite National Park, 45 
weathering, 14, 15 
wind 
deserts, 46 
erosion, 14 
sediment transportation, 47 
Winston, Harry, 35 


X-ray diffraction, 22 

crystal structure identification, 28 
Yosemite National Park (United States), 44-45 
Yucatan Peninsula (Mexico), meteor, 10 
zooxanthellae, coral reefs, 67 


resistance or the output resistance? — —ć 
D. Is the emitter follower more effective at 
amplifying signals or at isolating loads? 
Answers 

A. 1 


B. The same phase 
C. The input resistance 
D. Isolating loads 

27 You can design an emitter follower 
circuit using the following steps: 
1. Specify VE. This is a DC voltage level, 
which is usually specified as half the supply 
voltage. 
2. Find VB. Use VB = VE + 0.7 volt. 
3. Specify RE. Often this is a given _ factor, 
especially if it is a motor or other load that is 
being driven. 
4. Find | E by using the following formula: 


VE 
== 
Re 
5. Find | B by using the following formula: 
I; 
p = 


6. Find | 2 by using 12 = 10l B. 
7. Find R 2 by using the following formula: 


Va 
R, = — 
l; 
8. Find R 1 by using the following formula: 
Vs — V 
5 E 
R; = 
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INTRODUCTION 


In an age of rockets and missiles, the study of rocks and minerals is 
no less important—and in this colourful How and Why Wonder Book, we 
see why it is so important. We learn that our modern age of rockets would 
not even be possible without minerals from the earth’s crust. We learn the 
answers to dozens of important questions about the earth’s surface and the 
changes that take place in it. 

Anyone who has ever picked up a rounded pebble, a curiously shaped 
rock or a sparkling gem and handled it with wonder knows the urge to col- 
lect. The chances are that almost everyone who has walked in a field, along 
a stream or in a park has pocketed a sample of rock or mineral to examine 
and enjoy later. What is it? How was it made? Is it valuable? This How and 
Why Wonder Book about rocks and minerals is useful because it helps to 
answer these and other questions. In addition, it tells how to start and how to 
organize a rock collection. It is a helpful guide for parents and children 
who want to study rocks together. 

Scientists who study the earth’s surface are called geologists, and this 
book will help children explore the big questions which geologists are study- 
ing. It surely should take its place with the other How and Why Wonder 
Books on the library shelves of all science-minded young readers. 


Paul E. Blackwood 


Dr. Blackwood is a professional employee in the U.S. Office of Education. 
This book was edited by him in his private capacity and no official 


support or endorsement by the Office of Education is intended or should 
be inferred. 
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in Great Britain. 
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THE WORLD OF ROCKS 
AND MINERALS - 


ALMOST all of 
A the earth — 
the hills, the moun- 
tains, the ground 
itself—is made of minerals and rocks 
which contain minerals. 

There are many different kinds, and 
it would take a long time just to write 
down all their names. Yet, most of the 
rocks and minerals on earth are very 
common. 

Sand is a common mineral. It is com- 
mon because it is found everywhere. 

Water is another common mineral. 


What is our 
earth made of ? 
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We find it in the streams and in the 
rivers. It fills the lakes and the seas. 
Most of the earth is covered with water. 
The great oceans of the world, together 
with the streams, rivers and lakes, cover 
about three-fourths of the surface of the 
world. 

Mixed up in these waters are other 
minerals. We cannot see them by look- 
ing into the water, but they are there 
just the same. 

Water is very important because we 
cannot live without it. It helps to make 
up an important part of our earth. 


Why do we E LIVE in 
phat clad a wonderful 
minerals? world. It is full of 


interesting things 
and it is fun to learn about things. 

Almost all of our world—even the 
inside of the world—is made of rocks 
and minerals. We study them to learn 
about our world. 

Every day we use something made of 
rocks or minerals. But often they have 
been changed. They do not look the 
same. 

Glass does not look like sand. Yet 
glass is made from sand. The ink that 


printed the letters on this page was 
made from minerals. We study about 
rocks and minerals to learn about the 
things we use every day. 

Many people earn their living by 
working with rocks and minerals, mak- 
ing them into many different things we 
use. Some people have fun just looking 
for and finding rocks. It is important to 
learn about rocks and minerals so we 
can learn to live better. 

We study about rocks and minerals 
to learn about our world, to learn about 
the things we use, and to learn to earn 
a livelihood. 


ROCKS 


OCKS are 

made of min- 
erals. A few are 
made of just one mineral, but most of 
them are made of many minerals. There 
are many kinds of rocks. 

Very small rocks are called sand. 
Very small sand is like sugar or salt. 
The individual grains are so small that 
they are hard to see. 

Rocks bigger than sand have other 
names, like pebbles, or stones. Big 
rocks are called boulders. Some of them 
may be as big as a house. 

Rocks are big and little. They have 
different shapes and sizes. Rocks are 
sometimes round like a ball, or square 
like a block. 

Rocks are of many colours. You can 
find red rocks, blue rocks and yellow 
rocks. Often rocks are made of mixed 
colours. When you look, you can find 
them of almost every colour. 


What is 
a rock? 


THE SEASHORE, AT LOW TIDE, SHOWING SAND, 
ROCKS OF DIFFERENT SIZES, AND ROCK CLIFFS 
INTHE BACKGROUND 


A STREAM SHOWING ROCKS WHICH HAVE BEEN 
SMOOTHED AND ROUNDED BY WATER FLOW 


Are rocks found OCKS are 
everywhere ? found almost 


everywhere. The 
most common place is outdoors on the 
ground. Most of the ground is made up 
of big and little rocks. 

Rocks are found at the _ seashore. 
Even the tiny pieces of sand are count- 
less little rocks that make up the beach. 
The waves of the ocean wash and roll 
the sand around. 

Outdoors you can find many rocks. 
You can find rocks in the hills, in the 
valleys and in rivers and streams. 

The rocks in the rivers and streams 
are smooth and round. The water 
moves along and pushes them around. 
The rocks then become smooth and 
round by rubbing and bumping against 
each other. 

In this way sharp rocks are broken 
into smaller rocks and in time are made 
smooth and round. Rocks are being 
changed all the time by moving water. 


Usually, |B is small enough to be dropped 
from this formula. 

9. Choose the nearest standard values for R 
land R2.. 

10. Check that these standard values give a 
voltage close to VB. Use the voltage divider 
formula. 

A simple design example illustrates this 
procedure. Use the values shown in the 
circuit in Figure 8.26 for this problem. 

Figure 8.26  — 


Va =10 V 


Questions 
Work through Steps 1-10 to find the values 
of the two bias resistors. 


L VEs —_—_—_— 
2 VB = _— 
3. RE = č 
4,16 = | 
5 IB =s _—_ č 
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MINERALS ARE ALL AROUND US—AT HOME, IN SCHOOL AND OUTDOORS. THE 


KITCHEN IN YOUR HOME USUALLY HAS MANY THINGS MADE OF MINERALS. 


MINERALS 


MINERAL 
is a chem- 

ical element or a 
combination of chemical elements. Min- 
erals are all around us and they are 
easily found almost everywhere. In 
fact, it may be said that anything that 
is not an animal or a vegetable is a 
mineral. 

You should be able to look around 
as you read this book and see some of 
these minerals. Can you see a window? 
Its components are minerals. Can you see 
a dish? Can you see any kitchen pots and 
pans? These and other household arti- 


What is 
a mineral ? 


8 i 


cles are made out of minerals, too. 

A good part of your wooden pencil 
is made of minerals. The lead consists of 
graphite which is a mineral in its natural 
form. The metal part that holds the eraser 
is made up of minerals, too, as is the paint 
on the pencil. 

Almost all minerals are solids, but 
water is a liquid mineral. It is made up 
of two chemical elements—oxygen 
and hydrogen. 

Some other minerals are clay, chalk 
and oil. Metals, such as iron, silver and 
gold are minerals, too. Scientists have 
found about 2;000 different specimens. 


Where can you 
find minerals ? 


OME miner- 
So are found 
on top of the 
ground. Others are dug up from under 
the ground. 

Many people go around looking for 
minerals. Prospectors are men who look 
for valuable minerals. In many places 
they have found large deposits. Then 
a mine may be started, if enough is 
found in one place. The mineral is then 
taken out of the mine and sold. 

A mine where iron is found is called 
an iron mine and the mineral taken out 


cc 3° 


is named iron ore. The word “ore 
usually refers to any natural material 
which contains a valuable metal. A gold 
mine has gold ore and a lead mine has 
lead ore. 

In many cases, more than one kind 
of ore is found together. Often, for 
example, silver and lead ores are close 
together. 

All minerals do not come from mines. 
Some of our important minerals come 
from the sea. Salt is an important min- 
eral. You use salt in your food. Salt is 
found both in the sea and on the land. 


OPEN PIT IRON MINE 


THE BEGINNING OF A VOLCANO 


N ACTIVE 

volcano is 
one that is said to 
be “erupting.” It shoots out steam, ash, 
and both solid and molten rocks. Such a 
volcano is working and it is active. 

Millions of years ago there were 
many active volcanoes. They were work- 
ing in many places. Some were working 
here in Britain. 

A volcano begins deep down in the 
earth, where it is very hot. It is so hot 
that the rock becomes molten. This molten 
rock is called magma. 

Deep in the earth there is much hot 


What is an 
active volcano ? 
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THE START OF A LITTLE VOLCANO 


magma, which is sometimes pushed up- 
ward by pressure from the heavy rocks 
all around it. Finally the hot magma 
reaches the top of the ground. Here it 
breaks a little crack or hole in the earth. 
Steam, ashes and hot rocks come out. 
Loud noises come from it as the 
rocks are blown out. The rocks pile up 
around the hole and the pile begins to 
form a cone about the crack in the 
earth. The cone is made up of rock, 
ashes and material thrown out of the 
volcano. 
This is the beginning of a little vol- 
cano. Day after day 1t works and grows. 


The rocks and ashes grow into a big 
hill. More ashes and hot rocks come out 
of the hole at the top of it. Another 
name for this hill is a volcano. 

Sometimes, the volcano pours out 
lava. Lava is very hot and is made of 
hot melted rock, which is also called 
molten rock. 

The old volcano has worked for 
many years. It has built a large moun- 
tain and made some smaller hills close 
by. The volcano has turned the flat 
land into hills and mountains. 


Other volcanoes have been working, 
too, helping to build up the land. 

Volcanoes that worked many millions 
of years ago are no longer active. Only 
the hills and mountains they built long 
ago remain to tell us that they once 
existed. 

When a volcano has not erupted for 
a long time, it is said to be dormant. This 
means that the volcano is sleeping. If 
it is inactive for a very long time, it may 
be considered dead. Then the volcano 
is said to be extinct. 
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A DORMANT VOLCANO 


IGNEOUS ROCKS—ONE OF 


What is an IGNEOUS is the 
igneous rock ? name of one of 


the three big BASALT CLIFF 
groups of rocks. Igneous rocks were 


made in a special way. 

The word igneous means made from 
fire or heat. Therefore, all igneous rocks 
have been formed by heat. 

Deep down in the earth it is very hot. 
The rocks and minerals there are very 
hot. The heat has helped to change 
these rocks and minerals into molten 
rock, called magma. 
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When the magma comes up to the 
surface of the earth, it cools off and 
becomes hard. The cold magma, hard- 
ened into rock, is called igneous rock. 
There are many different kinds of igne- 
ous rocks, but all of them have come 
from the magma found deep in the 
earth. 

Sometimes the magma does not get 
all the way up to the earth’s surface. It 
cools underneath the ground, turning 
into rock before it gets to the surface. 
Granite is one kind of igneous rock. 

Huge rocks are formed under the 
ground in this manner. Sometimes the 
rocks made in this way are several miles 
long and almost as wide and deep. 


GRANITE 


THE THREE BIG GROUPS OF 


Where do GOOD place 

igneous rocks to find ig- 

come from? | E 
neous rocks is 


near old volcanoes. 
These rocks were made when the vol- 
canoes were still active. Today you can 
still find the rocks they made. 

Many different kinds of rocks are 
found near the old volcanoes. Lava is 
one. It is a common igneous rock. 

Lava in the form of molten rock 
pours out of a crack in the side of a 
volcano. It runs steaming down the side 
of the volcano and over everything in 
its path. 


RIGHT: AN ERUPTING VOLCANO SHOWING 
MOLTEN ROCK AND LAVA FLOWING DOWN 
ITS SIDE. BELOW: IGNEOUS DUMP ROCK 
FROM VOLCANOES. y 


y ganan” sae, 
; gn, E a 
s” + y 


aa net 


In time, the molten lava cools and 
hardens, turning into igneous rock. The 
name, lava, can mean the molten rock 
or even the cold hard rock. 

Millions of years ago, there were vol- 
canoes to be found in some parts of 
the British Isles. They were active for 
many years, throwing out ashes, cinders, 
rocks and dust. Year after year they 
worked, building the land higher and 
higher. 

The higher central area of the Lake 
District is a typical example of landscape 
built up in this way. Today there are only 
dissected remnants of rocks which once 
included volcanoes. 
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Are there Gr is 
many kinds of ca? oft 
igneous rocks ? 

most common 1g- 
neous rocks, made 
deep under the ground. 

Granite is made up of quartz, feldspar, 
muscovite and several types of mica. These 
are all minerals. Quartz and feldspar are 
light-coloured. They make granite a light- 
coloured rock. The little bits of biolite 
mica in granite make the dark spots. 

Granite may be coloured red, pink, 
yellow or brown. Often it is a mixture 


of colours in between. 


DIORITE is an igneous rock. It is 
made like granite, but is much darker 
in colour. It is darker than granite be- 
cause it has no white quartz in it. 

Diorite is made up of feldspar and horn- 
blende. Together they give the rock a 
speckled appearance. 


FELSITE E 
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GRANITE 


DIORITE 


FELSITE rocks are made from fast- 
cooling lava. The lava cools too fast 
to turn into granite. The lava cools too 
slowly to make obsidian, another kind 
of igneous rock. It cools just right and turns 
into felsite. 

Felsite rocks are usually made from 
light-coloured lavas. These rocks are 
often coloured light grey, green, yellow 
or even red. 


BASALT is a rock that comes from 
volcanoes. Sometimes the lava from a 
volcano is a very dark colour. As this 
dark lava slowly cools, it turns into a 
black rock called basalt. 

Basalt is a very useful igneous rock. 
It is crushed and sold to make many 
useful things. Basalt is used in pave- 
ments, buildings and roads, just like 
granite. 

This kind of rock was formed in 
glant sheets when the ancient volcanoes 
poured out huge flows of lava that 
cooled faster than the granite-forming 
magmas. 


INDIANS MADE THE TIPS OF THEIR SPEARS 
AND ARROWS OUT OF OBSIDIAN. 


BASALT.. 


OBSIDIAN is another igneous rock 
made by volcanoes. When lava flows 
out of the volcano, it often cools very 
fast and forms a rock called obsidian. 
This rock is really natural glass. In thin 
pieces it is found in shades of green and 
brown. 

Indians found obsidian very useful. 
They made the tips of their arrows and 
spears out of it. The way in which this 
rock breaks apart makes it easy to 
shape arrow and spear points. 

Can you tell how the igneous rocks 
you have just read about were made? 

Granite and diorite were formed 
when the magma did not reach the sur- 
face of the earth. This magma cooled 
very slowly deep under the earth’s 
surface. 

Basalt was made when the magma 
reached the surface. This magma came 
out of the earth and we call it lava. 
The lava cooled into basalt. 

The fastest cooling lava ofall turned into 
glass. This natural glass we call obsidian. 
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HEAVY CRANES ARE USED BY WORKERS IN QUARRIES TO LIFT BIG ROCKS. IN THIS GRANITE 
QUARRY, A MAN GUIDES THE MOVEMENT OF A ROCK WHICH HAS BEEN RAISED UP BY A CRANE. 


OCK QUARRIES 


What is 
a quarry? 


QUARRY is 

a large open 
hole in the ground 
or the side of a hill. It is a place where 
rocks and stones are dug out. 

There are many kinds of rock quar- 
ries. One kind will have granite rocks. 
Another will have sandstone and there 
are some quarries of marble, too. 

Big machines help the workers take 
the rock out of a granite quarry. The 
big rocks are used to build many things, 


ut most of the time the builders need 
more small rocks than big rocks. 

Rock-crushing machines take the 
big rocks and break them into smaller 
pieces. These small pieces of broken 
rock are called crushed rock or gravel, 
which is used to build new roads. 

Rock is heavy and expensive to move 
a long way. Therefore, we find rock 
quarries close to big cities or new roads 
where lots of crushed rock is used for 
construction purposes. 


EROSION 


Does the \ / OLCANOES 
earth V are land build- 
wear out? 


ers. They help to 

make the land 
higher. But the land does not stay built 
up. It keeps wearing away. Day after 
day and year after year, the wind and 
the water help to wear away the land. 

The wind may blow dirt, sand and 
soil into a nearby stream. The stream 
carries the dirt, sand and soil to the 
sea. Day after day the earth is washed 
away by running water. 

You may have seen a muddy stream 
or river. It was carrying the earth 
toward the sea. This is the way the wind 
and the water are taking away the 
earth. 

Not all streams lead to the sea. Some 
end in lakes or other streams. These 
streams carry material into the lakes. 
In time the lake fills up with mud, dirt, 
sand and the like. When this happens, 
the lake turns into a shallow marsh. In 
time the marsh may dry up. This is an- 
other place from which the wind and 
water'may take away the land. 

When the land 1s being moved by the 
wind or water, we say 1t has eroded. The 
process of erosion is going on all of the 
time. It may be helpful, but more often 
it is harmful in destroying much valu- 
able land. 


ON SEACOASTS, OCEAN WAVES ERODE 
THE LAND. THE WAVES CARRY LOOSE BITS 
OF ROCK. THESE BITS OF ROCK, PLUS THE 
FORCE OF THE WAVES AGAINST THE LAND, 
WEAR AWAY THE EARTH. 


7. R 2 
8. R 1 
9. The nearest standard values are as 
follows: 

R 1 


Answers 

Your answers should be close to the following 
values: 

1. 5 volts (This was given in Figure 8.26 .) 
2. 5.7 volts o 
3. 1 kQ (This was given in Figure 8.26 .) 
4. 5 mA 
5. 0.05 mA 
6. 0.5 mA 

7. 11.4 KQ 

8. 7.8 kQ 

9. The nearest standard values are 8.2 kQ 


10. The standard resistor values result in V B 
= 5.94 volts. This is a little higher than the V 
B calculated in Step 2, but it is acceptable. 

VE IS set by the biasing resistors. 
Therefore, it is not dependent upon the value 
of RE. Almost any value of RE can be used 
in this circuit. The minimum value for RE is 
obtained by using this simple equation: 


— 10R; 
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SEDIMENTARY ROCKS 


| BODIES OF WATER HOLD MUD, SAND AND 
ROCKS, AS WELL AS LIVING THINGS, IN- 
CLUDING PLANTS AND SEA ANIMALS. 
MANY OBJECTS SINK IN THE WATER— 
SOME TO THE VERY BOTTOM, OTHERS 
ONLY PARTWAY. IN TIME, THERE ARE 
LAYERS OF ROCK, SAND AND MUD IN THE 
WATER. 


MUD 


Are there rocks TIR up a 
under the water? hada af 

dirt in a glass of 
water. At first the water will be cloudy. 
But if the water is left alone, the dirt 
will settle to the bottom of the glass. In 
time the water will be clear again. 

The dirt that has settled to the bot- 
tom of the glass is called sediment. 
From this word comes the name sedi- 
mentary, the name for the second big 
group of rocks. 

This kind of rock was formed by 
sediment from rivers and streams. 
Every day the streams and rivers bring 
more and more mud, sand and rock to 
the seas. These settle to the bottom 
and are called sediment. 

The big rocks settle first. They sink 
first because they are bigger and heavier. 
Next the sand and then the mud sinks 
to the bottom of the sea. In this way 
different layers are built up. The lay- 
ers build up on the sea bottom year 
after year until they are very thick. 


VOLCANIC TUFF IS SEDIMENTARY ROCK. TUFF IS COM- 
POSED OFMANY LAYERS OF VOLCANIC ASHES ANDDUST. 
THESE LAYERS BUILT UP AROUND ACTIVE VOLCANOES. 


The weight of the layers of sand and 
water above press down on the bottom 
layer of sand. This bottom layer begins 
to change. 

Each tiny grain of sand begins to 
stick to another one. The sand grains 
change into stone. Because the stone 
is made from sand, we call it sandstone. 
Sandstone is a sedimentary rock. 

Most sedimentary rock is made un- 
der the water in lakes or seas and in the 
oceans. But sometimes sedimentary 
rock is made on dry land! 

For instance, long ago, many vol- 
canoes blew out ashes and volcanic dust 
which settled around them. Year after 
year the layers built up. In time another 
kind of rock was made—sedimentary 
rock called volcanic tuff. 

This kind of rock is not to be found 
in large quantities in this country but 
can be found in the islands off the 
N.W. coast of Scotland. 


How are OT ALL sed- 
rocks made ? imentary 


rocks were made 

from dirt and sand 
that came down the river. Some were 
made from the shells of sea animals and 
plants. | 

Millions of animals live in the sea. 
Some of them build a hard shell which 
is made of lime, and this protects the 
animal living inside. Cockles, mussels, 
whelks, and snails live in shells. 

Some plants have shells, too. A dia- 
tom is a tiny plant that lives in a shell. 
Millions and millions of tiny shelled 
diatoms live in the sea. 

When a plant or animal dies, its shell 
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sinks to the bottom of the sea. After 


_many years, millions of dead shells pile 


up on the bottom of the sea. Again, the 
top layer pushes down on the bottom 
layers. The shells in the bottom layer 
are pushed close together. 

The weight of the shells on top 
changes the bottom layer of shells. The 
shell layer at the bottom turns into 
stone. The name of this stone is lime- 
stone, which is another kind of sedi- 
mentary rock. 

Look again at the word limestone. Do 
you see that the first part of the word 
says lime? This tells us what the rock is 
made of. The last part of the word tells 
us the lime has turned into stone. 


LIMESTONE 


Where are EDIMEN- 
sedimentary TARY rocks 
rocks found ? 


were formed under 

the seas and 
oceans. The sedimentary rocks built up 
higher and higher in some places. This 
made the sea bottom rise higher and 
higher. 

Millions of years went by. In some 
places the sea bottom rose slowly. If it 
rose high enough, it came out of the 
water. 

The land that came out of the water 
was made of sediment. Below the top 
layers of sediment were sedimentary 
rocks. You can see these rocks today 
near the seashore. 


SEDIMENTARY ROCK THAT CAME OUT OF 
THE WATER OFTEN ROSE TO GREAT HEIGHT. 
YOU CAN SEE HOW LAYERS OF SEDIMENT 
WERE BUILT UPAS YOU DRIVE ALONG HIGH- 
WAYS WHICH CUT THROUGH HILLS MADE 
OF SEDIMENTARY ROCK. 


NEAR THE SEASHORE, YOU CAN SEE SEDI- 
MENTARY ROCK. LAYERS OF SEDIMENT DE- 
POSITS IN THE WATER ROSE HIGHER AND 
HIGHER. AFTER MANY YEARS, SEDIMEN- 
TARY ROCK EMERGED FROM THE WATER. 


Wherever you find land that was 
once under water, you are almost sure 
to find sedimentary rock. 

Roads are often cut through hills. 
If the hill is made of sedimentary rock, 
it will show the layers. You can usually 
find sedimentary rocks in hills that are 
layered. 

Sedimentary rocks are very common. 
Almost all of England and Wales and 
large areas of Southern Ireland are cov- 
ered with sedimentary rocks. Scotland 
also has its share of sedimentary de- 
posited rock but only in small quan- 
tities on the East coast. 
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Are there FU ONGLOM- 
manykindsof — WO ERATE is a 
sedimentary 

rocks ? sedimentary rock. 


It is made of a mix- 
ture of smooth round stones and 
pebbles. The larger stones in a con- 
glomerate rock are held together by 
another kind of stone, either limestone 
or sandstone. 

Conglomerate rock is made in old 
streams and river beds. The large stones 
are washed down the stream. Then, in 
a quiet pool, the rocks sink to the bot- 
tom and pile up. 

More rocks and sand continue to pile 
up in the old stream bed. In time the 
big and little rocks become changed 
into conglomerate rock. 


SANDSTONE 
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CONGLOMERATE 


SANDSTONE is a very useful sedi- 
mentary rock. It is used in walls and 
buildings, because it 1s strong and easy 
to quarry. After 1t has been taken from 
the quarry, 1t is cut into blocks and used 
in the building of things. 

There are many different colours of 
sandstone. Brown is common. In some 
places so much sandstone is coloured 
brown it is called brownstone. You can 
also find yellow-coloured, grey-coloured 
and red-coloured sandstones. 


SHALE Ar 


SHALE is made from fine silt and 
mud. Sometimes it is so soft, it is not like 
a stone at all. 

Most rocks do not have any odour, 
but wet shale does. It smells like damp 
earth. a 

You can find shales of many differ- 
ent colours. Red, brown and grey are 
common colours of shale. The colour, 
of course, depends upon the colour of 
the mud or fine silt from which the 
shale was made. | 
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LIMESTONE is a sedimentary rock 
that forms only under water. It takes 
millions of years to make a lot of lime- 
stone. Some deposits of limestone are 
thousands of feet thick! 

Pure limestone is clean and white. 
But often other things get mixed into 
the limestone that may change its colour. 
When a little bit of iron gets mixed 
into it, the white limestone changes to 
yellow or brown. Other materials can 
change the colour of limestone to green, 
grey, black and many other colours. 


DOLOMITE 


DOLOMITE is another kind of lime- 
stone made under the sea. It is usually 
white or light-coloured. 
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METAMORPHIC ROCKS 


LIMESTONE 


Why do rocks “g= HE NAME 

have different `. ; 

shapes and metamorphic 
«¡colours ? means “changed.” 


This name is used to tell about rocks 
that have been changed in some way. 
This is the third and last big group of 
rocks. 

Metamorphic rocks began as one 
kind of rock and later were changed 
into another kind. All of them. began 
once as igneous or sedimentary rocks. 
The new rocks do not look the same, 
for in becoming metamorphic rocks 
their structure and often their colour 
change. 
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Sedimentary rocks are formed deep 
under the seas. After they have been 
formed, they may become very hot. 
Heat helps to change sedimentary rocks. 

The weight of the rocks and water on 
top of the sedimentary rocks is very 
great. The heavy weight or pressure 
also helps to change the sedimentary 
rocks. Heat and pressure together 
change the sedimentary rocks into meta- 
morphic rocks. 

When limestone is changed, it turns 
into marble. If shale is changed, it turns 
into slate. Both marble and -slate are 
metamorphic rocks. 


THE HEAT AND HEAVY WEIGHT, OR PRESSURE, ON SEDIMENTARY 
AND IGNEOUS ROCKS HELP TO CHANGE THEM INTO METAMOR- 
PHIC ROCKS. AS A VOLCANO PUSHES ITS WAY UP THROUGH 
THE EARTH, GREAT HEAT IS CREATED. AS THE VOLCANO PASSES 
THROUGH A SEDIMENTARY LAYER, THE HEAT CHANGES THE 
SEDIMENTARY ROCK INTO METAMORPHIC ROCK. 


Where do EDIMEN- 
metamorphic J TARY rocks 
rockscome from? 


are made deep un- ~ r ii 
der the seas and OP oe prr ~ LIMESTONE 
ocean bottoms. Sometimes a sea goes di T 
dry. The land moves up and the sedi- 
mentary rocks are exposed. 

In time the wind and rain wear down 
the top layers of rock. Then another 
kind of rock is exposed. The rock ex- 
posed is metamorphic rock. 

To find metamorphic rock, you must 
visit a place where the land has been | 
wearing down for many years. There are a A SCHIST 
large areas in the North of Scotland and 
parts of Northern Ireland where one can 
see this kind of rock. Small quantities are 
also present in Anglesey and Cornwall. 

Sometimes metamorphic rocks can 
be found where old volcanoes once 
stood. The red hot lava from them often 
changed other rocks into metamorphic 
rocks. 

This type of metamorphic rock could 
occur where the volcano pushed its way 
up through the earth, passing through 
a sediment layer on the way. Here the | ee! 
heat helped to change the sedimentary | GABBRO 
rock into metamorphic rock. encina 


Are there LATE is a 


many kinds of etanat: 
metamorphic i 
rocks? phic rock made 


from the sedimen- 
tary rock shale. When shale is changed 
by heat and pressure, it turns into slate. 

Although slate and shale have the same 
colours there are important distinctions 
between the two. Slate is harder and 
stronger than shale. The way they break 
also helps to tell them apart. 

Slate breaks into smooth flat sheets 
of rock. You can split 1t into' very thin 
pieces, which make fine steppingstones. 

The finest blackboards are made of: 
slate that has been split into thin sheets. 
One side is then polished very smooth 
before it is used for a blackboard. 

Shale will not break into smooth flat 
sheets of rock. It breaks only into odd 
shapes. This stone has little use because 


of the way in which it breaks. 


-CHLORITE SCHIST 
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SCHIST is a metamorphic rock made 
from mudstone or shale. Rock must be 
changed many times in order to make 
schist. 

As schist is made, some of the min- 
erals in it change. These minerals then 
become mica and all are turned the 
same way. The little bits of mica make 
the schist shine and sparkle. 


SERPENTINE 


SERPENTINE is a metamorphic 
rock often coloured green. Most serpentine 
rocks are dark green and many are red in 
colour. Serpentines are largely used as 
ornamental stones. Their beauty and 
variety are due to the mottling and veining 
of the serpentine by talc, magnesite and 
iron oxide. 


In the British Isles the largest masses of 
serpentine occur at the Lizard in Cornwall 
and in the Shetland Isles. 


QUARTZITE 


QUARTZITE is a very hard 
morphic rock made from hard 
stone. 

Pressure and heat changed the sand- 
stone into hard quartzite. Some quartz- 
ite is coloured like sandstone. These 
colours are yellow, brown, pink and red. 


meta- 
sand- 


BLACK MARBLE 


WHITE MARBLE 


MARBLE is a metamorphic rock. 
It comes from limestone that has been 
changed by heat and pressure. Marble 
is made-over limestone. 

Marble is often many different col- 
ours. You can find white marble or black 
marble or just about any colour in be- 
tween. Often the marble is striped or 
marked with several colours. Minerals, 
or impurities, in the marble change its 
colour. 

This stone is used in some of the 
great public buildings in our country. 
Many beautiful monuments are made 
with this useful stone. 
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Analyzing an Amplifier 


28 Up to now, the emphasis has been on 
designing a simple amplifier and an emitter 
follower. This section shows how to “analyze” 
a circuit that has already been designed. In 
this case, to “analyze” means to calculate the 
collector DC voltage (the bias point) and find 
the AC gain. This procedure is basically the 
reverse of the design procedure. 

Start with the circuit shown in Figure 8.27 . 
Figure 8.27 o 


Following are the steps you use to analyze 


a circuit: 
1. Find VB by using the following equation: 
R- 
Va = V; X ; 
R, +R; 


2. Find VE by using VE = VB — 0.7 volt. 


EPIDOTE 
SULPHUR 


AMAZONITE (or Amazon stone) 


Orthorhombic System 


Triclinic System 


Monoclinic System 
CALCITE 


CRYSTALS 


What is HERE are 
a crystal? T non-living 

substances which 
grow into bodies of various shapes. 
They grow by adding on more layers 
of the same substance, keeping the same Hexagonal System 
shape at all times. These bodies of 
various shapes are called crystals. Most 
solid substances, like minerals, are crys- 
talline; that is, they are made up of 
crystals. So a crystal is really another 
form of rocks and minerals, except that 
the word “crystal” tells us that that 
particular rock or mineral is of a certain 
shape. 

These different crystal shapes, which 
help us to tell the minerals apart, are 
grouped into six main kinds or systems: 
Cubic System, Tetragonal System, Hex- 
agonal System, Orthorhombic System, 
Monoclinic System and Triclinic Sys- 
tem. Examples of the six different 
shapes may be seen in the crystal forms 
shown on this page. 

When minerals are first formed, they 
often turn into crystals. It takes a long 
time to make big crystals, but some little , 
crystals can be made in two days. Cubic System 


RUTILE 


Tetragonal System 


HALITE (salt) 
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RERE is a way 

to make some 

crystals of your 
own. Salt crystals are easy to make. 

Stir three tablespoons full of salt into 
a cup of warm water. As you stir the 
water, the salt will disappear. In a few 
minutes you will not be able to see the 
salt crystals. They have disappeared 
into the water. 

Next pour the salty water into a flat 
pan. Set the pan where it will be warm. 
Salt crystals will grow faster in a warm 
place. 


How can you 
make a crystal? 


Now you must wait for the water to 
evaporate. This may take a few days. 
Little by little the water will disappear. 

Every day look at the pan of salt 
water. Soon white crystals will begin 
to form around the edge of the pan. 
The white crystals are made of salt. 

Sugar crystals can be made in the 
same way. Even bigger crystals than 
sugar or salt can be made by dissolving 
alum crystals. When they turn back into 
crystals again, you will be surprised at 
their size. You can buy alum at any 
chemist shop for a few pence. 
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MINERAL FOODS 


Where does the UCH OF 

salt we eat the salt in 
? 

come from: _ England is obtained 


from mining rock- 
salt. The beds of rock-salt are mined or 
quarried by the usual excavation methods, 
depending on the depths and thicknesses 
of the deposits and upon local conditions. 

Another method of exploitation is by 
drilling wells into the salt strata, pumping 
water down them to dissolve the salt and 
treating the returning brine in a manner 
similar to the treatment of natural brines 
obtained from sea water. 

The salt is obtained by slowly evaporat- 
ing the water, leaving the salt crystals in 
special crystallizing pans. The salt 1s raked 
into rows and allowed to drain for several 
days. It is then collected into heaps, 
drained again, lifted from the pans and 
finally dried. The mineral name for rock- 
salt is halite, but it is usually just called 
salt. 

Salt for industrial use is usually obtained 
from rock-salt deposits. Cheshire is one 
of the centres for salt mining in this 
country. 

Many years ago salt was difficult to get 
in some countries. Workmen have even 
been paid wages with salt, instead of 
money. 


SALT MINING 


Can we eat MYOU MAY be 
minerals ? T surprised to 
learn that every 
day you eat many 
different minerals besides salt. These 
minerals are very helpful to you. 

Water is a very common mineral. It 
is the most important mineral you use. 
Some of it is in the food you eat. Other 
water is in the milk you drink. Your 
body needs some water every day. 

You only need to eat very tiny 
amounts of the other minerals which 
are found in foods. They cannot be 
seen because there are only tiny bits of 
them. But they are very important. 

Iron is an important mineral used to 
make cars and other things. It is also a 
mineral you need to eat. It is found in 
eggs and liver. Calcium is a mineral 
found in cheese, and it helps to make 
strong bones. Iodine is a mineral needed 
to keep your body healthy. Iodine is 
often mixed with the salt you eat. 

All of these minerals and many more 
are found in the food you eat. You need 
to eat many different kinds of food be- 
cause each kind has different minerals. 
They help you to build a healthy body. 


Po CAPA A e cn ean RR a, 
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SALT (iodine) 


Li at ee 


FISH (phosphorus) 


BEANS AND PEAS (copper and manganese) 
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ROCK-FORMING MINERALS 


Whataresomeof F™OCKS are 
the rock-forming made from 
minerals ? ; 
one or more kinds 
of minerals. Gran- 
ite is a rock made from three kinds of 
minerals—quartz, feldspar and mica. 
Quartz, feldspar and mica are rock- 
forming minerals. They are called that 
because they make rocks, like granite. 
QUARTZ is one of the most com- 
mon rock-forming minerals and is found 
in all the big groups of rocks— igneous, 
sedimentary and metamorphic rocks. 
Some quartz is colourless, like ice. 
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SMOKY QUARTZ 


sos 


Other colours are white, pink, violet 
and grey. Sometimes the dark-col- 
oured quartz is called smoky quartz. 
It looks like the colour of dark smoke. 

You can find quartz very easily. The 
small sand grains in dirt are often 
quartz. Beach sand is usually full of 
quartz grains. It is found in most igne- 
ous rocks, often in the form of crystals. 

In fact, the names of many minerals 
and rocks depend upon whether or not 
quartz is present in the sample. You 
should consider quartz to be one of the 
most important rock-forming minerals. 


AMETHYST QUARTZ 
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HW-R & M-C 


FELDSPAR is a very common rock- 
forming mineral, like quartz. But the 
name feldspar is really a family name. 
That is, it is a name used for six or 
seven different feldspar minerals. 

All of these feldspar minerals are 
much alike, sometimes so much so that 
it is hard to tell them apart. It is easier 
to just call them feldspar. So feldspar is 
the family name given to all of them. 

Feldspar minerals occur in almost 
all of the igneous rocks. Often the col- 
our of the rock depends upon the colour 
of the feldspar mixed into it. 


GRANITE WITH WHITE FELDSPAR 


MICROCLINE FELDSPAR 


Feldspar may be coloured white, 
light pink or even green. The white and 
pink colours are the ones you will see 
most often. 

Granite with pink feldspar will look 
pink. If the feldspar is white, the gran- 
ite will look white. The quartz in the 
granite helps to change the colour, too. 

As granite grows old and is exposed 
to the weather, it begins to fall apart. 
We say that it is beginning to decom- 
pose. Actually, it is the feldspar in the 
granite that is breaking apart. In time 
the wind and water help to change the 
feldspar into clay. 
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IDENTIFICATION OF ROCKS 


AND MINERALS 


How do we begin HERE ARE 
to identify rocks several ways 


and minerals ? 
to identify rocks 


and minerals. First 
you will have to make some tests. These 
tests are easy to do and will help you to 
know more about rocks and minerals. 

Each test you make will tell you 
more about your new rock, until at last 
you will be able to tell the rock’s name. 

You must not expect to be able to 
name every new rock or mineral at first. 
In the beginning you will be able to 
name only a few. It takes a long time 
to learn most of the names of the rocks 
and minerals. 

One of the first tests you will make 
is to ask yourself, “Where did this rock 
come from?” Is it an igneous rock? Or 
does it look more like a sedimentary 
rock? It might be even a metamorphic 
rock! 

You would first like to know what 
general kind of rock it is. When you 
know where it came from, you can often 
tell what general kind it is. 

Once you know if it is an igneous, 


sedimentary or metamorphic rock, you 


can make some other tests. 


GRANITE IS AN IGNEOUS ROCK COLOURED 
RED, PINK, YELLOW OR BROWN. IT IS USED 
OFTEN IN CONSTRUCTION WORK. 


CONGLOMERATE IS A SEDIMENTARY ROCK 
MADE OF STONES AND PEBBLES, HELD TO- 
GETHER BY LIMESTONE OR SANDSTONE. 


LIMESTONE IS OFTEN WHITE AND SAND- 
STOWE IS USUALLY BROWN. 


MARBLE IS A METAMORPHIC ROCK 
USUALLY STRIPED OR MARKED WITH 
SEVERAL COLOURS. IT COMES FROM LIME- 
STONE. MARBLE IS WIDELY USED IN 
MONUMENTS. 


IN THE FIELD, THERE ARE SOME SIMPLE 
WAYS TO TEST THE HARDNESS OF ROCKS 
AND MINERALS. 


á 3 > 
a ai POLA Pace O “$ 


ten 


YOUR FINGERNAIL CAN SCRATCH TWO 
MINERALS — TALC AND GYPSUM. 


—_ tin 
Reeds mets 


A PENNY IS HARDER THAN YOUR FINGER- 


NAIL AND CAN SCRATCH CALCITE, AS 
WELL AS TALC AND GYPSUM. en 


THE BLADE OF A SMALL POCKET KNIFE IS 
HARDER THAN A PENNY. IT CAN SCRATCH 
FLUORITE AND APATITE, AS WELL AS THE 
MINERALS BELOW THEM ON THE SCALE. 


HARDER MINERALS CAN SCRATCH THE 
SOFTER ONES, AND EACH MINERAL CAN 
SCRATCH ANOTHER OF ITS KIND. 


How can you tell NE of the 
how hard a rock most impor- 


or mineral is ? | 
tant tests you can 
make on a speci- 
men is to find out how hard it is. Hard- 
ness tells you how easy it is to scratch 
one mineral with another. Some miner- 
als are very soft. Others are very hard. 

If you know how hard or soft a 
specimen is, it will help you to tell 1t 
apart from other minerals. 

Geologists, for a long time, have used 
ten minerals to test for hardness. These 
ten minerals are called the Scale of 
Hardness minerals. 

Each mineral on the scale has a num- 
ber as well as a name. You have already 
read about the names of some, and 
others will be new to you. 

There are also some common things 
that will help you to test for hardness. 
One of these testers you have with you 
all of the time—your _ fingernail— 
which will scratch at least two minerals. 
A -penny can also be used to scratch 
certain minerals, and a small pocket 
knife is another common tester. Its blade 
will scratch still other minerals. Each 
mineral can also scratch itself. You will 
read about these and others in the dis- 
cussion about the “Scale of Hardness” 
minerals, beginning on the next page. 

These minerals have been arranged 
in order. The softest mineral is number 
one and the: hardest is number ten. 
Those minerals in between will vary, 
each higher-numbered mineral being 
harder than the one before. 
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THE SCALE OF 


HARDNESS MINERALS 


What are the UMBER 1. 
hardness TALC: Talc 
minerals ? 


is a metamorphic 
mineral. It is the softest of the minerals 
in the scale. You can scratch talc with 
your fingernail. 
Talcum powder is made from ground- 
up talc. Of course, the nice smell is put 
in after the talcis ground up. 


GYPSUM 


Number 2. GYPSUM: Gypsum is a 
sedimentary mineral. It is harder than 
talc, but you can still scratch it with 
your fingernail. 

Gypsum may be colourless or white. 
It is found in huge beds in the ground 
where it is dug out. Gypsum is an im- 
portant mineral. Plaster of Paris is 
made from it. Plaster wallboard is also 
made from gypsum. Did you know that 
the blackboard chalk you use in school 
was made from gypsum? 
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Number 3. CALCITE: Calcite is third 
in the hardness scale. It scratches talc 
and gypsum. You can scratch calcite 
with a penny. 

Calcite is a colourless or white min- 
eral. You will find it in many places 
and with all groups of rocks. 

A special form of calcite is Iceland 
Spar. When you look through a clear 
crystal of Iceland Spar, everything sud- 
denly looks double! 


FLUORITE 


Number 4. FLUORITE: This mineral 
is one of the most colourful of the hard- 
ness minerals. Crystals of fluorite may 
be white, grey, black and many other 
colours. They may also be colourless. 

Fluorite is four on the hardness scale, 
but you can scratch it with a small 
pocket knife. 


APATITE 


Number 5. APATITE: Apatite is another 
mineral that forms beautiful crystals of 
many different colours. Some of these 
colours are white, brown, green, violet, 
blue and yellow. Yellow is the most 
common colour. 

You can scratch apatite with a knife, 
too. Apatite in turn will scratch any of 
the hardness minerals below it. Apatite, 
like each of the other minerals, is able to 
scratch itself. 


Number 6. FELDSPAR: Feldspar is 
about the most common mineral on the 
earth. When this mineral breaks up and 
rots, it turns into clay. Clay is found 
almost everywhere. 

Your knife will not scratch feldspar, 
but the feldspar will scratch your knife! 
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QUARTZ 


Number 7. QUARTZ: Quartz is a com- 
mon mineral you have already read about. 
It comes in many colours. A beautiful 
kind of quartz is named Tiger’s Eye 
and is used in jewellery. 

Quartz sand is melted and turned 
into clear glass. Radios and gramophones 
very often have special quartz crystals 
in them. Quartz is very useful. It is the 
hardest mineral you are apt to find 
easily. 
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3. Find I C by using the following equation: 


Note that IC = IE. 

4. Find VR by using VR = RC x IC. 

5. Find V C by using VC = VS 2VR. This is 
the bias point. 

6. Find A V by using the following equation: 


Åy = Rec or Ay = B A Re 
Re Rin 
When you use the second formula, you 
must find the value of R in (or hie) on the 
data Sheets for the transistor from the 
manufacturer. 


Use the circuit shown in Figure 8.28 for the 
following questions. For these questions, use B 
= 100, Rin = 2 kQ and the values given in 
the circuit drawing. 

Figure 8.28 


10 Y 


2 10kQ 


160 kQ « 


50 uF 


TOPAZ 


Number 8. TOPAZ: Topaz is a very 
hard stone. It will scratch quartz or any 
of the other minerals below quartz. 
Topaz is prized as a gem stone because 
it is very beautiful. This stone is com- 
monly yellow. 


CORUNDUM (ruby) 


Number 9. CORUNDUM: Corundum 
is next to the hardest mineral. Some 
crystals of this mineral are also gem 
stones. Ruby is a clear red corundum 
crystal. Such a crystal is quite valuable. 
Ordinary corundum is crushed into 
small bits and made into sandpaper. 


& of 
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Number 10. DIAMOND: This is the 
hardest mineral known on earth. Nothing 
is harder than diamond. It is many times 
as hard as corundum. Clear crystals are 
made into jewels. Dark-coloured dia- 
monds are used to polish and cut other 
hard stones, as well as other diamonds, 
too. Diamonds are valuable because they 
are very hard, beautiful and rare. 


These are the hardness minerals. They 
are all used for many things. Testing 
the hardness of other minerals is just 
one of the things for which they are 
used. 

As you become more interested in 
rocks and minerals, you will want to 
have a set of hardness testing minerals. 
A set is not expensive, for most sets do 
not contain a diamond. Since a diamond 
could only test another diamond, there 
is little need for one in the set. 

Even before you have such a set, 
many tests can be made with your finger- 
nail, a penny, a pocket knife and a 
piece of quartz. 


DIAMOND 


SIMPLE TESTS 


RUB THE ROCK OR THE MIN- 
ERAL ON A STREAK PLATE. 


How can you OU CAN test 
tell what kind for the name 
of rock itis? 

of a rock or min- 
eral with a streak plate. A streak plate 
is made of unglazed tile. 

Many specimens leave a coloured streak 
when they are rubbed on the streak plate. 
The colour of the streak helps to name 
the rock. You can make red, blue, black 
and many other coloured streaks. Some 


samples will not even make a streak! 


THE STREAKS MADE BY THE HARDNESS MINERALS VARY FROM 
WHITE TO GREY, WHILE SOME OF THE MINERALS MAKE NO 
STREAKS OR ARE COLOURLESS. GENERALLY, NON-METALLIC 
MINERALS MAKE COLOURLESS TO LIGHT GREY STREAKS, AND 
METALLIC MINERALS MAKE DARK GREY TO BLACK STREAKS. 


A SIMPLE WAY TO TEST ROCKS AND MIN- 
ERALS FOR WEIGHT IS TO HOLD A DIFFER- 
ENT SPECIMEN IN EACH HAND. EVEN 
THOUGH BOTH ROCKS ARE OF THE SAME 
SIZE, ONE WILL WEIGH MORE THAN THE 
OTHER. 


How can you ye CAN- 
testa rock 

or mineral NOT look at 
for weight ? a rock or mineral 


and tell how heavy 
it is. Yet, some minerals or rocks are 
much heavier than others. When you 
pick up a sample rock, you can tell if 
it seems heavy or light. 

When you try this with a different 
rock in each hand, you can tell which is 
the heavier. Both samples must be about 
the same size, of course. You will be 
surprised to see how easily you can tell 
the difference in weight between two 
rocks. Whether the rock is heavy or 
light may help to tell its name. 

More advanced books will show you 
other ways of finding the weight of a 
rock or mineral. 


39 


FOSSILS 


What is A. FOSSIL is the 
a fossil ? remains of 

some animal or 
plant which is no longer living. It has 
been dead for many years and only part 
of the animal or plant is left today. This 


part is called a fossil. 
Mussels often turn into fossils. Here 


is how this can happen. 

When a mussel dies, the soft parts of 
1ts body soon rot away. But the shell 
of the mussel is very hard. It is made of 
calcium, like our bones, and cannot rot 
away. The shell sinks to the sand at the 
bottomof the sea. 

Many years pass and other shells join 
the first shell. Fine sand washes over 
the shells and buries them. In time the 
sand changes into sandstone. But the 
shells are still there, buried with the 
sandstone. Not all sandstone contains 
fossils. 

Millions of years go by and the sea 
bottom becomes dry land. The sand- 
stone can now be seen. 

If you should dig down into the sand- 
stone, you would find the old mussel shells. 
Y ou would call them fossils now. They are 
called that because fossils. are hardened 
traces of animals or plants which have been 
preserved in the earth. 


HERE ARE SEA SHELL FOSSILS WHICH 
HAVE BEEN PRESERVED IN SAND- 
STONE. 


THE WORD FOSS/L COMES FROM A LATIN WORD MEANING “DUG UP.” THE DISCOVERY OF 
FOSSIL REMAINS OF ANIMALS ON LAND AND IN THE SEA HAS GIVEN SCIENTISTS MUCH 
INFORMATION ABOUT THE WORLD AS IT WAS MILLIONS OF YEARS AGO. 


Why do we OME day 
study fossils ? S you may find 
a fossil. You will 
want to know its name. You may ask 
yourself, “Where did this come from? 
Is it an animal or is it a rock? How did 
it get here? Is it valuable?” These and 
many other questions may occur to you. 
You will want to know the answers. 

We study things we find interesting. 
Fossils are interesting and we study 
and read about them. When we read 
about rocks and minerals, we cannot 


overlook fossils, because they are found 
in so many rocks. 

When a fossil is found, it often tells 
something about the animal it came 
from. It may tell us how big the animal 
was, or if the animal lived in the sea. 
Fossils help us to learn about animals 
and plants that lived long ago. 

Many large fossil bones have been 
found. The animals these bones came 
from were very large. Some stood higher 
than a house! It is fun to imagine what 
they might have looked like! 
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NE of the best 

places to look 
for fossils is in sedi- 
mentary rocks. Soft shale and sandstone 
often have fossils in them. These are 
both sedimentary rocks. 

Limestone is a sedimentary rock made 
up of millions of tiny shells of sea animals. 
Sometimes the shells of the animals can 
be seen in the limestone. You could think 
of this kind of limestone as “‘fossil stone.” 


Where are 
fossils found ? 


EXAMPLES OF PETRIFIED WOOD MAY BE 
SEEN ON THE ISLAND OF PORTLAND OFF 
THE COAST OF DORSET. 


THESHELLS OF SEA ANIMALS CONTRIBUTE 
TO THE FORMATION OF LIMESTONE. LIME- 
STONE IS, THEREFORE, A GOOD SOURCE OF 
FOSSILS. NOTE THE SHELES IN THIS STONE. 


Trees and plants that are near lakes 
and streams often fall into the water. 
Sometimes they sink to the bottom and 
are buried in the soft mud. The years 
pass by. More mud covers the old trees. 
Slowly the trees change into fossils. 

This takes many years to occur. But 
finally the tree has been changed from 
wood into a mineral. It is no longer 
made of wood, but of stone. We call 
this kind of stone petrified wood. 

There are places all over the British 
Isles where fossils can be found. 
Charnwood Forest in Leicestershire 
contains the oldest British fossils but 
fossils of almost equal age are present 
in the North West of Scotland and 
Longmynd in Shropshire. 


RARE STONES 


What makes ‘Cm stones are 
me O rare and more 

difficult to find 

than ordinary 
rocks. They are harder to find because 
there are not so many of them. If a 
stone is hard to find, if it is beautiful, 
and if it can be cut and polished, it then 
becomes valuable. This kind of stone is 
named a gem stone. 

For hundreds of years men have 
looked for valuable gem stones and 
minerals. Today other men are still 
hunting for new places to find gem 
stones. 

A ruby is a beautiful red-coloured 
gem stone. When a ruby is polished, it 
sparkles and shines. The colour of the 
ruby helps to make it valuable. 

Other gem stones are opals, pearls, 
emeralds and diamonds. Emeralds and 
diamonds are the most expensive and 
rarest gem stones. All gem stones are 
beautiful. Gem stones are used in jewellery. 
They are often cut into different shapes 
and set in rings. 


PEARLS 


STAR SAPPHIRE 


EMERALD 


- SAPPHIRE 


OPAL 


DIAMOND 


PUMICE 


What is UMICE is an 
pumice? Pacos rock. 

It is made by vol- 

canoes. Sometimes 
the volcano throws out gobs of molten 
rock. Little holes grow in the rock be- 
fore it cools. These holes are caused by 
steam or gas trapped in the molten rock. 
The holes in pumice look just like the 
holes in a loaf of bread! 

Pumice is a stone that can float on 
water! It floats on water because it 1s so 
very light. 

This stone is used to polish fine fur- 
niture and to make building materials. 


PUMICE 


What is 
coal ? 


OAL IS A 
C sedimentary 
rock that will burn. 
Coal burns just as wood does. It 1s used 
to build warm fires. 

Coal was made millions of years ago. 
This rock is made from plants, and trees 
or ferns that lived long ago. 

These trees and plants became buried 
just like fossils. In time they turned into 
coal. Coal is really the remains of many 
trees and plants. You can think of coal 
as “fossil wood.” 

Coal deposits are found in many parts 
of the British Isles, the largest deposits 
being present in the Northern Midlands 
and S. Wales. 


ICE 


ASBESTOS 


SBESTOS is 
A a mineral that 
does not burn! It 
is useful around stoves and hot places, 
for it will keep things near the stove 
from burning. 

Asbestos is a light-coloured mineral 
that comes from a kind of serpentine. It 
is made into asbestos cloth, asbestos 
paper and other helpful things. If you 
wore a pair of asbestos gloves, you could 
touch and handle hot things without 
getting burned! 


What is 
asbestos? 


ICE 


What is ; CE IS THE col- 
Ice? ourless mineral 
that floats in 


water! Ice is really 
a water crystal. 

When water becomes very cold — 
reaching the freezing point —it turns 
into ice. We say that the water has 
frozen. 

As water turns to ice it expands. For 
example, a gallon of water, when frozen, 
will make over a gallon of ice. Because 
of this, the ice is slightly lighter than an 
equal amount of water. When a block 
of ice is in the water, it then floats or 
stays at the top. Most of it is under the 
water, but some always sticks out. 

Icebergs are huge blocks of ice. But 
no matter how much of the berg is above 
water, most of it is under the water. 


ASBESTOS 
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START A ROCK AND MINERAL 


collection. 
to collect by looking near your home. 

If you have a garden, you may find a 
rock there. If there is an open field close 
by, it should contain some rocks you will 
want to have in your collection. 

Are workmen building a new house 
near your home? They may have dug 
up some rocks or minerals you do not 
have. Sometimes the builders bring in 
new kinds of rocks. Look them over. 


Begin 


COLLECTION 


How do you OU will find it 
mae ee | easy to start a 
collection? rock and mineral 


There might be some you will want to 
collect, but ask permission first. 

If you go into the country, watch for 
other new rocks or minerals. Look at 
new road cuts. This is often a good place 
to collect rocks. A dry creek or stream 
is another excellent place to look. 

One of the ‘finest places will be in a 
rock quarry. Here you are sure to find 
some worthwhile specimens. Of course, 
you must be careful to watch out for 
overhanging rocks or loose stones. It 
is well to collect with a partner — and 
more fun, too! 


What will you OU WILL 
need to collect Y need some 
minerals? thing to put your 


specimens in when 
you find them. If you are collecting near 
home, a heavy paper bag will do. But 
put in only. a few small rocks at a time. 

Most collectors use a collecting bag 
made of strong cloth. It has a strap that 
goes over your shoulder to help carry 
heavy loads. Surplus goods stores usually 
have a bag of this kind. 

You will often need to break off rocks 
and break open new ones. A hammer 
or even another stone will sometimes help. 
With a hammer, or a prospector’s pick, 
you can chip off a small piece of rock from 
a larger one. 

Rock and mineral collectors like to 
take home only one or two of each kind 
of rock they find. It does not help to take 
too many of each. You would soon run 
out of room in which to keep them. 


How can you OU WILL 

keep your rocks 

and minerals ? ci ee 
your best rocks 


and minerals. It 
will help if you keep each kind together. 
The igneous rocks can go into one box. 
All of the sedimentary and the meta- 
morphic rocks should be put into other 
boxes. 

Shoe boxes or wooden cigar boxes 
make good containers. A label on the 
outside of the box will help you to locate 
specimens quickly. 

Each rock should be labelled separately 
before you put it into your collection 
bag. A good system is to put a piece 


of adhesive tape with a number on it 
on the sample. In your collecting note- 
book write the name of the specimen 
and where you found it. Later on, at 
home, paint a small round white spot 
on your specimen with white paint. Indian 
ink numbers over the white paint will 
show up fine. 

Start your numbers with one, two, 
three, and so on. This will help you to 
keep your collection organized. Do not 
carelessly try to collect everything and 
put off labelling your rocks until later. 
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Questions 
Calculate VB, VE, IC, VR, VC, and AV 
using Steps 126 of this problem. 

VB = 


DAN A Oe ol 
< 
JO 
| 


AV = 


1. 22 kQ 
Va =10 X = 1.2 volts 
160k(0) + 22k() 
2 VE = 12 2 0.7 = 0.5 volt 


3 0.5V | 
4. = = 05 mA 
LkQ) 
4 VR = 10 KQ x 0.5 mA = 5 volts 
5. VC = 10 volts 2 5 volts = 5 volts (This is 


the bias point.) 
6. With the capacitor: 


Ay =100 X ete 500(al in) 
p = = Hdaldaree gan 
i 2kO eee 


7. Without the capacitor: 


10k( 
wi = 10 (asmall gain) 
LkQ) 
29 You can determine the lowest 
frequency the amplifier will satisfactorily pass 


by following these simple steps: 
1. Determine the value of RE. 
2. Calculate the frequency at which XC = RE 
/10. Use the capacitor reactance formula. 
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o TOW AND WHY... 


This new How and Why collector's binder holds twelve titles: 
a wonderful way to build your own reference library! 
Itis available from the publishers of How and Why books for £2.00 
Supplies are limited so send for yours now. 


Transworld Publishers Limited, Cash Sales Dept., P.O. Box 11 
Falmouth, Cornwall. Plus 50p Postage and Packing. 
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A PICTORIAL GUIDE To MINERALOGY 


Hardness Streak 
Color 


Mineral 


Specific Other Properties 


red, purple, iridescent, brittle, soft 
yellow, brittle, conchoidal fracture 
silver, black, weakly magnetic 
silver, cubic cleavage 

brown to black 

black, greasy, writes 

silver, reddish, no cleavage 
brown, amorphous 

black, magnetic 

yellow/gold, brittle, no cleavage 
copper, brown, malleable 

fool's gold, cubic crystals 

brown, dodecahedral cleavage, transparent 


Bornite black/gray 
Chalcopyrite dark gray 
Chromite E brown 

Galena i gray 

Goethite brown/yellow 
Graphite dark gray 
Hematite reddish 
Limonite brown/yellow 
Magnetite dark gray 
Marcasite dark gray 
Native Copper í copper 

Pyrite . dark gray 
Sphalerite white/yellow 


Non- METALLIC LUSTER 


Quartz (Rose) 


Fluorite 


Mineral 


Agate (Quartz) 
Apatite 5 


Augite 5.5 
Azurite 3.5-4 
Barite 3 
Biotite Mica 2.5-3 
Calcite 3 
Chalcedony (Quartz) 7 
Chert (Quartz) 7 
Chlorite 2 
Chrysocolla 2-4 


Corundum 9 
Diamond 


Dolomite 


Epidote 

Flint (Quartz) 

Fluorite 

Garnet 

Glauconite 

Gypsum 

Halite 

Hematite 

Hornblende 

Jasper (Quartz) 
Kaolinite 1-2 
Limonite 1.5-5.5 


Malachite 3.5-4 
Muscovite Mica 2-2.5 


Native Sulfur 1.5-2.5 
Olivine 7 

Opal 6 
Plagioclase Feldspar 6 
Potassium Feldspar 6 
Quartz 7 
Serpentine 2-5 


Talc 
Topaz 
Tourmaline 


Turquoise 


Hardness Streak 


Color 


white 


white 


white 


light blue 


white 


gray-brown 


white 
white 
white 
white 


light blue 


white 
white 


white 


white 
white 
white 
white 
green 
white 
white 


red/brown 


green 
white 
white 


yellow/brown 


green 
white 


yellow 
white 
white 
white 
white 
white 
white 


white 
white 
white 


pale blue 


Specific 
Gravit 


2.5-2.8 
3.1 


3.3-3.5 
3.7 
4.5 
2.7-3.1 
2.7 
2.5-2.8 
2.5-2.8 
2.6-3.0 
2.0-2.4 


4.0 
3.52 


Luster 


vitreous 
vitreous 


vitreous 
earthy 
vitreous 
pearly 
vitreous 
waxy 
waxy 
vitreous 
vitreous 


adamantine 
adamantine 


vitreous 


vitreous 
waxy 
vitreous 
vitreous 
greasy 
silky 
vitreous 
earthy 
vitreous 
waxy 
earthy 
vitreous 
to dull 
silky 
pearly 


resinous 
vitreous 
greasy 
vitreous 
vitreous 
vitreous 
silky or 
waxy 
pearly or 
greasy 
vitreous 


vitreous 


waxy 


Other Properties 


varying banded colors, 

no cleavage 

brown, yellow, green, 
conchoidal fracture 

green, 2 cleavage@90° 

blue, reacts w/HCl 

crystals, 3 cleavage not@90° 
brown, one cleavage 

colorless, rhombohedral cleavage 
white, cryptocrystalline 

gray, cryptocrystalline 

green, one cleavage 

blue, amorphous, conchoidal 
fracture 

brown, red, blue, purple, hard 
colorless, hardest, conchoidal 
fracture, octahedral cleavage 
white, gray, pink, rhombohedral 
cleavage 

green-yellow, one cleavage 
black, cryptocrystalline 

violet, blue, octahedral cleavage 
dark red, no cleavage 

green, marine origin 

colorless, white, one cleavage 
colorless, cubic cleavage 

red, no cleavage 

green, brown, cleavage@60°-120° 
red, cryptocrystalline 

white, gray, brown, one cleavage 
yellow-brown, amorphous 


green, will react with HCl 
colorless or silvery-white, 

one cleavage 

yellow, conchoidal fracture 
green-yellow, conchoidal fracture 
colorless, white, amorphous 
black, white, gray, 2 cleaavage@90° 
pink, white, 2 cleavage @ 90° 
many colors, conchoidal fracture 
green, gray, brown, fibrous 


white, greenish-white, gray 


yellow, brown, blue, green, 
basal cleavage 

yellow, green, brown, 

no cleavage, conchoidal fracture 
light blue green, microcystalline, 
conchoidal fracture 


MINERALS 


A mineral is a naturally occurring, inorgan- 
ic, solid material with a defined chemical 
composition and crystalline structure 


Atoms and Crystal Form: 


Atom: The smallest particle of an element 


that maintains the element’s properties 


Atoms are composed of neutrons, protons, and 


electrons 


Atomic Structure: The arrangement of 


protons, neutrons and electrons 


Atomic Number: Number of protons in a 


nucleus 


Atomic Weight: Average weight of an atom 
Isotope: Forms of an element with identi- 
cal atomic numbers, but different numbers 
of neutrons in the nucleus 


AulelsStudw 


Silica tetrahedron: Silicon forms a pyra- 
mid-shaped structure with oxygen, basic 
building block for silicate minerals 
Silicate structures and examples: 

Isolated (single) olivine 

Single Chain  augite (pyroxene) 

Double Chain hornblende (amphibole) 
Sheet biotite (mica) 

3-D Framework feldspars, quartz 


2. Non-Silicates 


a. 


Carbonates: Minerals with carbon and 
oxygen, including calcite, from which we 
procure limestone (roads) and marble 
(decorative slabs) 

Oxides: Oxygen-based solids; example: 
magnetite 

Sulfides: Contain sulfur; example: pyrite 
Sulfates: Contain sulfur and oxygen; 
example: gypsum 


4. Streak: Color of mineral in powdered form 


a. 


Created by scratching mineral on streak 
plate or unglazed porcelain (applies to 
minerals with a hardness of 6 or less; if 
greater than 6, the powdered form of the 
mineral is the streak color) 

Color of streak may differ from surface 

color; example: hematite is metallic 

silver while the streak is red-brown 


5. Cleavage: Tendency to break or separate 


along a flat surface due to a lack of or 
weakness in atomic structure; example: 
muscovite, biotite (mica) 


Cleavage plane: Flat surface created from 
cleavage breakage 

Striation: Thin, straight cuts on the cleav- 
age plane 

Fracture: Surface created from breakage 


not related to atomic structure 
1. Uneven: Irregular, rough 
11. Conchoidal: Curved, 


3. Crystalline Structure: The specific and 
repeated arrangement of atoms 
4. Crystal Form: The geometric shape of a 
crystal, determined by crystalline struc- 
ture, can usually be observed at the sur- 
face of the mineral 
Crystal Face: Each flat surface of a mineral 
Cryptocrystalline: Crystals too small to 
see with the bare eye 
Amorphous: Noncrystalline, or lacking 
atomic structure due to rapid cooling, 
glassy appearance; example: opal 
There are 64 crystal forms separated into 6 
classes: 
i. Isometric class: Equal measure 
11. Tetragonal class: Square cross sections, 
rectangular faces 
111. Hexagonal/Triagonal class: Six-sided 
iv. Orthorhombic class: Rectangular profile, 
rectangular faces 
v. Monoclinic class: Rectangular faces and 
trapezoid faces 
vi. Triclinic class: Trapezoid faces 


Halides: Contain a halogen element and a 
metal, halite 
Native metals: Iron, zinc, gold, silver, 
nickel, copper 
Properties of Minerals 
Luster: Appearance or quality of light reflect- 
ed from the surface 
Metallic: Resembles metal; example: 
gold, silver, pyrite 
Nonmetallic: Unlike metal 
i. Adamantine: Resembles 
brightest luster 
11. Resinous: Resembles resin; example: sulfur 
ili. Vitreous: Resembles glass, most common; 
example: quartz and fluorite 
iv. Pearly: Resembles Mother of Pearl; example: 
muscovite, biotite (mica) 
v. Silky: Mineral with fine fibers; example: 
gypsum 
vi. Waxy: Resembles wax; example: chalcedony 
vil Earthy: Resembles earthy materials like 
dirt, having no reflection; example: baux- 
ite, clay, diatomaceous earth 
. Color: The surface color of a mineral 
a. Most minerals have a variety of colors; 
example: quartz 
b. Some minerals have a unique color that may 
help identify it; example: sulfur is yellow 
3. Hardness: The ability to withstand 
scratching 
Tested using an object or mineral of known 
hardness on a mineral of unknown hard- 
ness or vice versa 
Moh’s hardness scale relates 10 common 
minerals from hardest to softest 
Scratch Test: Higher-numbered materials 
can scratch lower-numbered materials 


smooth surface; 


example: obsidian 


NUMBER OF CLEAVAGE 


Planes & Directions Drawing Example 


1 (basal cleavage) micas, chlorite 


a diamond, 2 at 90° feldspar 


2 not at 90° amphibole 
3 at 90° (cubic cleavage) 


galena 


3 not at 90° 
(rhombohedral cleavage) 


dolomite, 
calcite 


4 (octahedral cleavage) fluorite 


EXAMPLES OF CRYSTAL FORMS: 


Cube (Isometric class): 


Galena 6 (dodecahedral cleavage) 


sphalerite 


Octahedron (Isometric class): 


Magnetite 6. Specific Gravity 


a. The ratio of the weight of a mineral to the 
weight of an equal volume of water 

b. Density of water = lgm/cm3=1gm/ml 
i.e., lead = 7.7, or is 7.7 times heavier than 
an equal volume of water 
Useful in comparing relative weights 
between minerals 

7. Tenacity: Ability to withstand breakage 

a. Brittle: Will shatter when struck 

b. Malleable: Can be shaped 

c. Elastic: Returns to initial form 

d. Flexible: Pliable 

e. Splintery: Similar to wood 

8. Special Properties 

a. Taste: Some minerals can be identified by 
taste; example: halite (salty) 
Smell: May help identify a mineral; 
example: kaolinite smells moldy when 
moist; sulfur has a unique smell 
Feel: Texture can be determined 
Reaction to Acid: Carbonate minerals 
will react to hydrochloric acid or vinegar 
Magnetic: Will be drawn to a magnet; 
example: magnetite 


Hexagonal pyramid (Hexagonal class): 
Nepheline a. 


Rhombohedron (Hexagonal class): 
Dolomite 


Scalenohedron (Tetragonal class): 
Chalcopyrite 


B. Mining 
1. Ore: Useful metallic mineral found in large 
enough quantities to be profitable in mining 
2. Variables in mining ores: 
a. Amount of metal present compared to 


Mou's SCALE 


Hardness Mineral Object of known hardness 


Diamond 
Corundum 
Topaz 
Quartz 
Feldspar 


(æ) 


total amount in Earth’s crust; small 
amounts may not be worth mining 

Cost to mine or accessibility to ore, 1.e., 
an ore deep in the oceanic crust is more 
difficult and costly to mine than in the 
continental crust 

Value of the ore: Depends on the demand; 
a more precious metal may be mined in 
smaller quantities if in demand 


C. Mineral Groups 
1. Silicates: Minerals with silicon and oxygen 


oO 


Glass, knife 
Apatite 
Fluorite 


ul 


Penny (copper) 
Calcite 


ul 


Finger nail 
Gypsum 
Talc 
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MlckStudy, 
b. Pyroclasts: Lava projected from volcanic explosions that quickly cools 


ROCK CYCL E | 1. Ash, less en 2 mm in size 


11. Lapilli, between 2 and 64 mm in size 


11. Blocks, greater than 64 mm in size 
C. Properties of Igneous Rocks 
oat 1. Texture: Determined by rate of cooling; faster cooling results in smaller crystals 
a. Pegmatitic: Grains larger than 1 cm, very coarse, very slow-cooling; 


7 i Melting example: diorite-pegmatite 
b. Phaneritic: Grains between 1 and 10 cm, coarse; example: granite 


f À 
Pe ting c. Porphyritic: Large crystals embedded in small crystals; example: 


basalt porphory 
i. Phenocrysts: Large crystals, due to slow cooling 
11. Groundmass: Small crystals, due to rapid cooling 
ES Heat & pressure . Aphanitic: Grains less than 1 mm, very fine, very fast-cooling; exam- 
ple: rhyolite 
. Glassy: No crystals, amorphous; example: obsidian 


Weathering, 2 ; i : E 
2 Vesicular: Contains varying sizes of gas pockets that remain in the lava, 


erosion 
& deposition Weathering, Heat & pressure leaving the rock with voids; example: pumice 
P . Frothy: Formed from gas pockets, porous texture; example: scoria 


erosion 
WA & oo . Pyroclastic: Made of pyroclasts; example: tuff 
f i 2. Mineral Composition: Determined by evaluating the percent present of 
the following common minerals: 
a. Plagioclase feldspar e. Quartz 
b. Olivine f. Amphibole 
c. Potassium feldspar g. Biotite 
l ! d. Pyroxene h. Muscovite 
a eects 3. Color: Helps determine the mineral composition 
(lithification) a o 
a. Felsic: Light-colored, made of feldspars and silicates 
i. Quartz 
11. Plagioclase feldspar 
iii. Potassium feldspar 
iv. Muscovite 
Igneous Rocks: Molten rock from deep within the Earth that has cooled : CANE pte One es un ata Loner te) 
. Magma: Molten rock inside the Earth il, ASE 
a. Produces intrusive igneous rocks iii. Amphibole 
b. Consists mainly of silicate materials w BOLE 
c. Contains gases, such as water vapor Ultramafic: Very dark-colored 
d. Differs in rate of cooling, composition of chemicals, and amount of Intermediate: Between light- and dark-colored 
gases . Bowen” Reaction Series 
2. Lava: Molten rock on the surface of the Earth If a mineral, which has already formed, remains in the magma, it will react with 
a. Produces extrusive igneous rocks the remaining magma to produce the next mineral in the sequence; for example, 
b. Most gaseous elements have escaped olivine forms first; olivine then reacts with remaining magma to form pyroxene 


IGNEOUS Rock FORMATIONS Bowen's REACTION SERIES 


Discontinuous Reaction Continuous Reaction Rock 


Series Series 
(Mafic Minerals) (Felsic Minerals) eS 


(Caleium-rich 


Volcanic Plug High y 
(early crystallization) Olivine 


Pyroxene Basalt 


E 
AY S a 
& Diorite 
Amphibole / a or 
y Andesite 
DA Biotite 
Laccolith — -a A i Nv (Sodium-rich) Granite 
con Potassium feldspar 


(late crystallization) Muscovite 
Quartz 


or 
Rhyolite 


Batholith = \_ 1. Continuous Reaction Series (Right side of the Bowen Series) 
a. Calcium-rich parts of the magma form small crystals of feldspar 
b. These react with sodium in the magma to become more and more 


sodium rich 


B. Formations c. Crystal structure does not change 
| 2. Discontinuous Reaction Series (Left side of the Bowen Series) 


1. Intrusive Igneous Rock: Formed inside the Earth’s crust in varying rock bodies 
a. Batholith: Largest intrusive igneous rock body, greater than 100 a. Minerals that form react with remaining magma to form new mineral 
square miles, widens with depth (plutonic, very deep) b. New mineral is the result of a structural change of previous mineral 

. Stock: Similar to but smaller than batholith, less than 100 square miles 3. End of Cooling 

. Laccolith: Bulge of magma parallel to bedding plane a. When everything is almost cool, remaining magma will have high sili- 

. Sill: Thin sheet, runs parallel to bedding plane cone content, and quartz will form 

. Dike: Cuts through formations, usually in fractures b. When cooling is complete, minerals that cooled at the same time will usu- 
2. Extrusive Igneous Rock: Formed on the surface of the Earth (volcanic) ally be close to one another (feldspar, micas and quartz cool near one 

a. Lava flows: Lava seeping out of volcanoes another to make granite) 
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TABLE OF IGNEOUS ROCK 


Color Index & 
Graphic Ue 


Basalt Granite `; 


damen 


60 


Mineralogical 


Composition 
as Percent 
of Volume 


Obsidian 


Olivine 
4 Potassium 


Feldspar 
(K-Spar) 


Origin] Texture | 


Volcanic Rock 
with Obsidian 


Sediments: Pieces or fragments from existing rock that 


accumulate on the Earth’s surface 


Weathering: Physical or chemical breakdown of rock that 


creates sediments at or near the surface of the Earth 
Mechanical weathering and erosion 

i. Frost wedging 

11. Unloading 

i11.Biological activity: Roots, burrows 
Chemical weathering 

i. Water to rust (oxidation) 

11. CO, and water make carbonic acid 


111. Granite reacts with water and gas to make clay minerals + potassium 


and silica 
2. Transport: Method of moving sediments 
a. Running water, rivers c. Wind e. Ground water 
b. Glaciers d. Gravity f. Wave currents 
3. Depositional environment: Places where the sediment is 
deposited 
a. Continental - deserts, lakes, river beds, swamps, caves 
b. Continental and Marine - deltas, sand bars, lagunes, estuaries 
c. Marine - the ocean floor 
4. Lithification: Method of sediments becoming consolidated 
sedimentary rocks 
a. Compaction: Weight compresses deeper sediments 
b. Cementation: Materials are “cemented” together from precipita- 
tion of a mineral in spaces between sediment 
c. Crystallization: Sedimentary rock created from a solution 
B. Sedimentary rocks: Rocks formed from existing sediments 
through lithification 


Intrusive 


Extrusive 


ieee GRANITE- DIORITE- GABBRO- 
Batre orained| PEGMATITE | PEGMATITE PEGMATITE 
aa ¿[| GRANITE DIORITE GABBRO PERIDOTITE 
RHYOLITE/ | PORPHYRITIC/ PORPHYRITIC/ 
GRANITE | ANDESITE/DIORITE | BASALT/GABBRO 
He dah 4 | RHYOLITE | — ANDESITE BASALT 


SCORIA 
Frothy PUMICE (VESICULAR 
Pyroclastic or [VOLCANIC TUFF (fragments < 2 mm) 
fragmental VOLCANIC BRECCIA (fragments > 2 mm) 


BASALT) 

1. Clastic rocks: (detrital) 

a. Accumulated debris from weathering and transport 

b. Made up of mostly clay minerals and quartz 

c. Conglomerate: Made up of gravel-sized particles 
2. Chemical rocks: Created from chemical precipitation 

a. Formed from materials in solution in bodies of water 

b. Most abundant form is limestone 

Organic (Biochemical) rocks: Created from biological remnants, 


such as plants, shells, bones, or other organic matter 


Shapes, Sizes and Sorting of 
Sediments 
fault 


Rarely 
Encountered 


edges 

b. Rounded: Sediment has undergone abra- 
sion and has rounded, smoothed edges 

2. Sizes 

Clay: </ssmm, creates mudstone 
Silt: Between ss and Ys mm, creates silt- 
stone 
Sand: Between Ys and 2 mm, creates 
sandstone 
Pebble: Between 2 and 64 mm, creates a 
conglomerate 
Cobble: Between 64 and 256 mm, creates 
a conglomerate 

. Boulder: >256 mm, creates a conglomerate 

3. Sorting 

a. Poorly-sorted: Particles of different sizes 
together, 1.e., a glacier does not sort sedi- 
ments 
Well-sorted: Particles of the same size together, i.e., a river sorts 
rocks from heaviest (upstream) to lightest (downstream) 


. Shapes 
a. Angular: Sediment has sharp corners and 


Well- -Rounded | 


edimentary Rocks continued 


D. 


l 


a. 


2: 


a. 


b. 


Properties of Sedimentary A 
Rocks A = : EF 
Texture Name Texture (of sediments) General Description 


Clastic: Made of transported y | Arkose coarse sand, angular feldspar and quartz present 
sediments and deposition; ; Breccia pebble-sized, angular in matrix of cemented sand 
observe particle size, shape of ME m. "3 , Calcarenite sand size calcite present 

grain and how well-sorted ay? | Claystone clay size minerals not visible, smooth 
Bioclastic: Remains of organic E Conglomerate  pebble-sized, round in matrix of cemented sand 
material Graywacke sand and clay size quartz/sand mixed with clay 


Crystalline: Interlocking crystals Lithic sandstone sand size rock fragments 
of different sizes, considered Quartz sandstone sand size, rounded quartz present 


dense if crystals are less than ' 5) Shale clay and silt size claystone or siltstone that has layers 


Y mm Siltstone silt size minerals not visible, earthy 


Amorphous: Dense, having no 


crystal structure aj CHEMICAL SEDIMENTARY ROCKS 
Oolitic: Made of oolites, small si f 


round particles made of calcium Texture (of sediments) General Description 


carbonate oa os h Chemical Limestone visible crystals has calcite, will react w/HCI 
Composition: Possible matter Chert dense conchoidal fracture 
found in sedimentary rocks Dolomite crystalline, dense powder will react w/HCI 
Carbonate, test with HCl; Ironstone dense iron present, dark-colored 
examples: calcite and dolomite S Rock Gypsum visible crystals gypsum present 
Silica, examples: quartz and pr e Rock Salt visible crystals halite present, salty 


chert | Tx a A Travertine dense will react w/HCI, dark bands 
Clay minerals; examples: kaoli- A 


nite, silicate AG ORGANIC (BIOCHEMICAL) SEDIMENTARY ROCKS 
Organic matter; examples: | 


plants, shells, bones Texture (of sediments) General Description 


Evaporites, minerals created Bituminous coal bioclastic, dense black, like soot 

from a solution; example: A le Chalk bioclastic white, will react w/HCI 
gypsum . | Coquina bioclastic cemented shells 

Rock Particles; example: Sera Diatomite bioclastic like chalk, no HCI reaction 
conglomerates : Peat bioclastic plant material 

Heavy Minerals; example: garnet . Skeletal Limestone  bioclastic Shells, will react w/HCI 


Feldspar, known as arkosic 
Sedimentary Structures: 
Structural features resulting 
from sediment transportation 
and deposition 
Stratification: Distinct layers 
(strata or bed) formed from mov- 
ing and depositing sediments 
Cross Bedding: Stratification at 
an angle 
Graded Bedding: Each bed is 
comprised of sediments that 
increase in size as the depth of a EL 
bottom); common tor deep | MAN | | 2, Pressure and Stresses 
marine environments DA rey i a. Confining pressure . 

an E ACA i. Equal pressure on all Temperature C 
Surface Impressions: Impres- 400 600 800 
sions preserved in the bed 

Ripple Marks: Marks preserved 

from flow in one direction 

(asymmetrical) 

Oscillation Marks: Marks pre- 

served from flow back and forth 

(symmetrical) 

Mud Cracks (Desiccation marks): 

Marks preserved from exposure to air 

Raindrop Impressions: Marks 

preserved from rain 
Trace Fossils: Marks preserved 
from the movement of animals 


Metamorphism: To change form within the Earth from existing 
rocks through heat, pressure and chemical activity, not a result of 
weathering or sedimentation 
Heat 
Most important agent 
Provides energy for chemical reactions 
Created from igneous rock bodies movement through the existing rock 
Created from geothermal gradient, 25°C increase in temperature with 
each kilometer increase in depth (geothermal gradient) 
For example, clay recrystallizes into feldspar and mica at high temperatures 


sides due to deep burial 
11. Depth determines 
amount of pressure 
11.For example, an 
object in the water 
has equal amounts of 
pressure on all sides 
Directed Stress: 
Specific pressure to 
a rock, not uniform, 
such as in the form- 
ing of a mountain 
i. Differential stress: 
Stresses in different 
directions, not equal 
1: Compressive 
stress: Stress that causes the object to be squeezed 
111.Shear stress: Stresses in opposite directions that cause the object to move 
parallel to the stress 
3. Chemical Activity 
a. Change in atomic composition due to heat and/or pressure may cause 
crystal to recrystallize 


Limestone hs b. Water is the most common chemical agent 


Depth in kilometers 
Pressure in Kb 


Metamorphic Rocks continuea @uiekStudy. 


B. Types of Metamorphism 
l. Contact metamorphism: Changes caused by proximity to 
magma or deep, hot rock 
2. Regional metamorphism: Changes caused by intense stress 
and high temperatures 
3. Hydrothermal metamorphism: Changes caused by hot liquids 
4. Fault Zone metamorphism: Changes caused by fault movement 
C. Degrees of Metamorphism 
1. Metamorphic grade: Degree of metamorphism applied to rock 
a. High-grade: Very high amounts of heat and pressure; example: gneiss 
b. Intermediate-grade: Medium amounts of heat and pressure; 
example: schist 
c. Low-grade: Lower amounts of heat and pressure, more dense and 
compact; example: slate 
2. Metamorphic facies: Minerals present in metamorphic rock 
correlate to amount of heat and pressure 
a. Low pressure, high temperature; hornfels facies 
b. High pressure, high temperature; granulite facies, amphibolite 
facies, and greenschist facies 
c. High pressure, low temperature; blueschist facies and eclogite facies 
D. Changes in Mineralogy: Changes in texture or composition 
of the mineral due to heat and pressure 
1. Recrystallization: Changed by smaller crystals joining to cre- 
ate larger crystals of the same mineral; common 
2. Neomorphism: New minerals created from existing mineralog- 
ical compositions 
3. Metamorphism: New minerals created through gaining or los- 
ing chemicals 
E. Properties of Metamorphic Rocks 
1. Texture 
a. Foliated texture: Contains foliations, minerals brought into line 
or with one another; layers, due to heat and pressure, common for 
regional metamorphism; type of foliation can identify rock 
i. Slaty: Caused by low-grade metamorphism; dense rock containing 
very fine-grained mica minerals, separates in sheets, texture of slate 


Texture 
Metamorphism 


Anthracite Coal nonfoliated, glassy regional metamorphism 
Gneiss foliated, gneissic regional metamorphism 


Greenstone nonfoliated, granular regional metamorphism 
Hornfels nonfoliated, microgranular contact metamorphism 
Marble nonfoliated, granular contact metamorphism 
Migmatite foliated, migmatitic regional metamorphism 
Phyllite foliated, phyllitic regional metamorphism 
Quartzite nonfoliated, granular contact metamorphism 
Schist foliated, schistose regional metamorphism 
Serpentine nonfoliated, granular regional metamorphism 
Skarn nonfoliated, granular contact metamorphism 
Slate foliated, slaty regional metamorphism 
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11. Phyllitic: Caused by low-grade to 
intermediate-grade metamorphism; 
rock containing very fine-grained 
mica and chlorite minerals that form 
in a wave-like manner; glossy luster; 
looks wrinkled; texture of phyllite 
.Schistose: Caused by intermediate- 
grade metamorphism; medium- to 
coarse-grained platy minerals such as 
micas, chlorite, and quartz present, tex- 
ture of schist 
iv. Gneissic: Caused by intermediate- 
grade to high-grade metamorphism; 
rock containing layers of varying medi- 
um to coarse minerals, light and dark 
layers alternating, texture of gneiss 
v. Migmatitic: Caused by extreme heat and pressure, melting; rock containing 
igneous (granite) and metamorphic rock, texture of migmatite 
b. Nonfoliated texture: Lacks foliations, or layers, of minerals; granular, 
common for contact metamorphism 
i. Cataclastic: Made of fragments or angular pieces of existing rocks created by 
grinding, often near faults, hydrothermal veins 
11. Granular: Rocks containing minerals of similar size crystals that can be seen 
with the bare eye, such as quartzite 
111. Microgranular: Rock containing minerals of similar size that cannot be seen 
with the bare eye, such as hornfels 
iv. Glassy: No crystals can be seen, smooth, has conchoidal fracture; example: 
anthracite coal 
v. Porphyroblastic: Rock containing large crystals (porphyroblasts) in a matrix 
of finer crystals, schist 
2. Composition: Assists in identification of nonfoliated rocks; some prop- 
erties of the metamorphosed rock (sedimentary, igneous or metamorphic) 
can remain in the new rock 
Sandstone: Can create quartzite 
Limestone: Can create marble 
Basalt: Can create schist or amphibolite 
Shale: Can create slate 
Granite: Can create schist 
Rhyolite: Can create schist 
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Preexisting Rock Description 


bituminous coal shiny, black, conchoidal fracture 

schist coarse grains, undergoes neomorphism, 
contains layers of light and dark bands, 
quartz and micas present 

gabbro or basalt undergoes metasomatism 

many rocks conchoidal fracture, dense, dark gray to black 

limestone or dolomite recrystallized, white, gray, pink 

gneiss and granite alternating metamorphic and igneous rock 

slate wrinkly, contains micas, crystals not visible, shiny 

quartz sandstone hard, recrystallized, white, brownish 

phyllite wrinkly, porphyroblasts, crystals visible 

basalt or gabbro undergoes metasomatism 

limestone or dolomite undergoes metasomatism 

shale or mudstone breaks along flat surface, black to dark gray, dense 
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An Invention of Free Energy : 100 Years Ago! 


Roy Meyers' Absorber -- "Free Energy" 
by Robert A. Nelson 


As planet Earth suffers under the relentless onslaught of ever increasing human 
consumption, we are becoming increasingly desperate for sources of energy with which to 
power our pretensions of civilization. There is not enough oil or coal available to sustain 
the present rate of growth, and the apparently inevitable result will be endless wars over 
dwindling resources. There are, however, numerous marvelous alternative energy 
technologies that have been suppressed by the powers that be. 
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We could easily be enjoying the benefits of clean, cheap (and even free) energy in various 
forms, were it not for the insatiable greed of our corporate masters, who rule the world 
without regard for humanity or the environment. 


Learn About the. = 


Ancient Alphabet various types of so-called "free energy" or "over-unity" generators that tap what scientists 


There are dozens of stories that can be told of inventors who presented wonderful 
liberating technologies, only to be ruined for their efforts. Many people have heard of 
ió call Zero Point Energy (and other names, such as the aether) without need for fuel and 
Bethe without producing any pollution. Detractors like to label such devices as impossible 

= 2 "perpetual motion machines", even though some of them are solid state electronic 
co ek systems that have been built and shown to work. Readers who are interested in such 
Oe possibilities need search no farther than the impeccable history of Thomas Henry Moray, 
which is widely published on the internet (e.g., 

http ://www.rexresearch.com/moray.moray.htm). 


If that is too much bother for you, then just continue reading here. This is the little-known 
story of Roy Jerome Meyers, who invented an "Absorber" that produced limitless 
electrical power from the terrestrial magnetic field. 


Almost 100 years ago, Meyers served a 3-1/2 year sentence in the Arizona state prison at 
Florence. Before his incarceration, he had already invented an improved trolley wheel 
head that prevented it from jumping off the wire. While he was imprisoned, he was 
inspired to invent a device that would draw electricity from the atmosphere. He conferred 
with Superintendent Sims and Parole Clerk Sanders, and convinced them to give him the 
opportunity to develop his idea in a wooden shed on the grounds of the penitentiary. 
Within a few weeks, using easily available materials (chrome steel magnets and iron 
wire), he constructed the first crude working model, and used it to spark the gas engines 
of the prison's pump house. His second model developed 8 volts. 


Miss Kate Barnard, who was State Commissioner of Charities and Corrections of 
Oklahoma, was a guest of Superintendent Sims at the time, and she saw the machine in 
operation. Miss Barnard was so impressed by it and by Meyers’ essential integrity (despite 
the lapse that had gotten him imprisoned) that she told the story of Roy Meyers when 
later she appeared before the Arizona legislature to address them concerning prison 
reform. The legislature and Governor Hunt were convinced to grant Meyers an 
unsupervised leave of absence for 30 days to travel to Washington DC in order to apply 
for a patent. 


Meyers gave this account of his trip: 


"When I arrived in Washington and laid my plans before the patent 

office experts, they merely smiled and told me that I would have to 

build a model and demonstrate my claims --- that it seemed strange 
that I, unknown as I am in the electrical world, should have 
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(This is one of those “rules of thumb” that 
can be mathematically justified and gives 
reasonably accurate results in practice.) 
Questions 

For the circuit shown in Figure 8.28 , find the 


following. 
A RE = _ 
B, f= — č 
Answers 
A. RE = 1 kQ (given in the circuit diagram) 
B. So, you set XC = 100 ohms, and use 
this formula: 
> l 
L o 
2T11C 
100ohms = ee since 0.16 = a, 
f xX 50uF 27 
So, the following is the result: 
f = = = 32Hz 


~ 100 X 50 X 107% 


30 For the circuit shown in Figure 8.29 , 
follow the steps given in problems 28 and 29 
to answer the following questions. 

Figure 8.29 
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accomplished the things for which Edison, Tesla and other experts have 
been striving for years. 


D SQUARESPACES 


"They could not grasp the meaning of my drawings nor the explanation 

Make I tried to make to them. There was little time to spare, as I had only 20 
days left of my leave, but I set to work in a few days was able to take a 

your crude model around to the patent office to make a demonstration. 


website "Arriving at the patent office I telephoned to a friend who had been so 
today kind as to introduce me and aid me in reaching the proper officials. The 
Sear Now absorber was hoisted on two short poles and made to work. While they 
—— were as yet unable to understand the principles involved and hardly 
willing to believe their eyes, they were forced to admit that I had 
something new and different, and they told me that there would be no 
further objection; that I might file my application without further delay. 


"I hope to construct my first large machine right here in Phoenix. I feel 
grateful; to Governor Hunt and others for what they have done for me 
and to the help they have given in securing protection I might not 
otherwise have had, and I am desirous of demonstrating this gratitude. 
I am going back to Florence today to resume the serving of my 
sentence, which will expire in 10 months. Then, here in Phoenix, I will 
Me begin the work of making my machines.” (Technology World Magazine, 


FOR YOUR 19 12) 


HOME 


Meyers planned to build a 200 foot tower upon which to place an "Absorber" (as he called 
it) with sufficient power to light the city of Phoenix. According to him, it comprised "a 
series of magnetized steel plates set in a circle and this mechanism attracts the electricity 
from the atmosphere. This is carried by wires to a transformer in the engine house below 
and thence is applied to produce either power or light after the usual manner. 


"The flow of electricity is constant. When it emerges into the transformer it is in 
the form of a direct current. It will absorb the electricity day and night and will 
work whenever the wireless will work. I can put up a plant to supply such a 


Are you interested in 70- building as the Adams Hotel for about $1500, and one of the principal items of 
448? Get our self paced the expense is the cost of the towers, the wires, the magnetizing of one set of 
MB5-858 and 1Y0-A15 plates, which is part of the secret of the treatment which makes it respond to 


packages to pass your 
exam 70-667 exam 

without any difficulty in 
cisco 642-647 guides. "For use in the case of an electrical storm I have made what I call a modified 


form of circuit breaker, such as is commonly used as a lightning arrester on 
telegraph lines. In case of a storm the accumulator would suddenly become 
overcharged, possibly, and as the electricity would not of itself flow back into 
the air, the result might be disastrous. So I send it down into the ground, 
whenever the voltage rises above a certain amount." 


the accumulations of the atmosphere. 


And the story ends there. It is not known what became of Roy J. Meyers. No "Absorber" 
was built to power Phoenix, and it appears that a US Patent was not granted. This writer 
first learned of Meyers' Absorber in 1986, and repeatedly searched for it in the US Patent 
Gazette, to no avail. It was not until 2006 that Meyers" British patent for "Improvements 
in and Relating to Apparatus for Producing Electricity" was located after several periodic 
advanced searches of the European Patent Office online (http://ep.espacenet.com). The 
patent has long since expired and entered the public domain. It is reprinted below for your 
edification. 


It should be obvious from this brief but indisputable account, and the description given 
in the patent, that "free energy" is a reality. Anyone who thinks otherwise is merely 
ignorant or in denial. 
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Roy J. Meyers & the "Absorber" 
References 
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p. 279-281 (1912)Electronic World (November 1912) 


(2) Roy Jerome Meyers: British Patent # 1098 (January 14, 1913); Improvements in and 
Relating to Apparatus for Producing Electricity 


British Patent + 1098 
(January 14, 1913) 
Improvements in and Relating to Apparatus for Producing Electricity 


Roy Jerome Meyers 


This invention relates to improvements in apparatus for the production of electrical currents, and the 
primary object in view is the production of a commercially serviceable electrical current without the 
employment of mechanical or chemical action. To this end the invention comprises means for producing 
what I believe to be dynamic electricity from the earth and its ambient elements. 


I am, of course aware that it has been proposed to obtain static charges from upper strata of the 
atmosphere, but such charges are recognized as of widely variant potential and have thus far proved of 
no practical commercial value, and the present invention is distinguished from all such apparatus as has 
heretofore been employed for attracting static charges by the fact that this improved apparatus is not 
designed or employed to produce or generate irregular, fluctuating or other electrical charges which lack 
constancy, but on the other hand I have by actual test been able to produce from a very small apparatus 
at comparatively low elevation, say about 50 or 60 feet above the earth's surface, a substantially 
constant current at a commercially usable voltage and amperage. This current I ascertained by repeated 
tests is capable of being readily increased by additions of the unit elements in the apparatus hereinafter 
set forth, and I am convinced from the constancy of the current obtained and its comparatively low 
potential that the current is dynamic and not static, although, of course, it is not impossible that certain 
static discharges occur and, in fact, I have found occasion to provide against the damage which might 
result from such discharge by the provision of lightning arresters and cut-out apparatus which assist in 
rendering the obtained current stable by eliminating sudden fluctuations which sometimes occur during 
conditions of high humidity from what I consider static discharges. The nature of my invention is 
obviously such that I have been unable to establish authoritatively all of the principles involved, and 
some of the theories herein expressed may possibly prove erroneous, but I do know and am able to 
demonstrate that the apparatus which I have discovered does produce, generate, or otherwise acquire a 
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difference of potential representing a current amperage above stated, or varied therefrom at the will of 
the operator according to the uses which the current is to be subjected. 


The invention comprises generically means for producing electrical currents of serviceable potential 
substantially without the employment of mechanical or chemical action, and in this connection I have 
been able to observe no chemical action whatever on the parts utilized although deterioration may 
possibly occur in some of the parts, but so far as I am able to determine such deterioration does not 
add to the current supply but is merely incidental to the effect of climatic action. 


The invention more specifically comprises the employment of a magnet or magnets and a co-operating 
element, such as zinc disposed adjacent to the magnet or magnets and connected in such manner and 
arranged relative to the earth so as to produce current, my observation being that current is produced 
only when such magnets have their poles facing substantially to the north and south and the zincs are 
disposed substantially along the magnets. 


The invention also comprehends other details of construction, combinations and arrangements of parts 
as will hereinafter be fully set forth and claimed. 


In the accompanying drawings: 


Figure 1 is a top plan view of an apparatus embodying the features of the present invention, the arrow 
accompanying the figure indicating substantially the geographical north, parts of the figure being 
diagrammatic for condensing the showing. 
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Figure 2 is a view is side elevation of the parts seen in plan in Figure 1. 
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Figure 3 is a vertical section taken on the plane indicated by the line 3-3 of Figure 2 and looking in the 
direction indicated by the arrow. 
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Figure 4 is a detail view partly in elevation and partly in section showing the detail connections of the 
converter and intensifier. 
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Figure 5 is a transverse section taken on the planes indicated by line 5-5 of Figure 4 and looking 


downwardly. 


Figure 6 is an enlarged detail fragmentary section illustrating the parts at the juncture of the conductors 


and one of the intensifiers. 
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Figure 7 is an enlarged detail view partly in elevation and partly in section of one of the automatic cut- 
outs and 


Figure 8 is a diagrammatic view of one of the simplest forms of embodiment of the invention. 
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Referring to the drawing by numerals, 1,1 indicates magnets connected by a magnetic substance 2, 
preferably an iron wire. The magnets 1 are arranged in pairs, one pair being spaced beneath the other, 
and interposed between the magnets are zinc plates 3,3 connected by an iron wire conductor 4. Suitable 
insulating supports 5 are arranged for sustaining the respective magnets 1 and plates 3,3. Each plate 3 
is preferably bent substantially into V form, as clearly seen in Figure 1, and the V1 of one of the plates 
opens or faces toward the north and the V of the other plate to the South. I have determined by 
experimentation that it is essential that the plates 3 be disposed substantially north and south with their 
flat faces approximately parallel to the adjacent faces of the co-operating magnets, although by 
experience I have not discovered any material difference in the current obtained when the plates are 
disposed slightly to one side of north and south, as for instance when the plates are disposed slightly to 
one side of north and south, as for instance when disposed in the line of the magnetic polarity of the 
earth. The same is true with respect to the magnets 1, the said magnets being disposed substantially 
north and south for operative purposes, although I find that it is immaterial whether the north pole of 
one of the magnets is disposed to the north and the south pole to the south, or vice versa, and it is my 
conviction from experience that it is essential to have the magnets of each pair connected by magnetic 
material so that the magnets substantially become one with a pole exposed to the north and a pole 
exposed to the north. In Figure 1, I have indicated in full lines by the letters 8 and N the respective 
polarities of the magnets 1, and have indicated in dotted lines the other pole of those magnets when the 
connection 2 is severed. I have found that the magnets and zinc plates operate to produce, whether by 
collection or generation I am not certain, electrical currents when disposed substantially north and south, 
but when disposed substantially east and west no such currents are produced. I also find that the 
question of elevation is by no means vital, but it is true that more efficient results are obtained by 
placing the zincs and magnets on elevated supports. I furthermore find from tests that it is possible to 
obtain currents from the apparatus with the zincs and magnets disposed in a building or otherwise 
enclosed, although more efficient results are obtained by having the said elements arranged in the open. 


While in Figures 1, 2, and 3, I have shown the magnets and the zinc plates as superimposed, it will be 
apparent, as hereinafter fully set forth, that these elements may be juxtaposed in horizontal planes, and 
substantially the same results will be secured. Furthermore, the magnets 1 with the interposed zincs 3, 
as shown in Figures 1, 2 and 3 merely represent a unit which may be repeated either horizontally or 
vertically for increasing the current supply, and when the unit is repeated the zinc plates are arranged 
alternating with the magnets throughout the entire series as hereinafter indicated. 
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A conductor 6 is connected in multiple with the conductors 2 and a conductor 7 is connected with 
conductor 4, the conductor 6 extending to one terminal of a rectifier which 1 have indicated by the 
general reference character 8, and the conductor 7 extending to the other terminal of said rectifier. The 
rectifier as seen in diagram in Figure 1 may assume any of several well known embodiments of the 
electrical valve type and may consist of four asymmetric cells or Cooper-Hewitt mercury vapor lamps 
connected as indicated in Figure 1 for permitting communication of the positive impulses from the 
conductor 6 only to the line conductor 9 and the negative impulses from conductor 6 on only to the line 
conductor 10. The current from this rectifier may be delivered through the conductors 9 and 10 to any 
suitable source for consumption. 


While the said rectifier 8 may consist of any of the known types, as above outlined, it preferably consists 
of a specially constructed rectifier which also has the capacity of intensifying the current and comprises 
specifically the elements shown in detail in Figures 4, 5, and 6 wherein I have disclosed the detail wiring 
of the rectifier when composed of four of the rectifying and intensify in elements instead of asymmetric 
cells or simple mercury vapor valves. As each of these structures is an exact embodiment of all the 
others, one only will be described, and the description will apply to all. The rectifying element of each 
construction consists of a mercury tube 11 which is preferably formed of glass or other suitable material, 
and comprises a cylinder having its end portions tapered and each terminating in an insulating plug or 
stopper 12. Through the upper stopper 12 is extended the electrode 13 which extends well into the tube 
and preferably substantially one-half the length thereof to a point adjacent the inner end of an opposing 
electrode 14 which latter electrode extends thence downwardly through the insulation 12 at the lower 
end of the tube. The tube 11 is supplied with mercury and is adapted to operate on the principle of the 
mercury vapor lamp, serving to rectify current by checking back impulses of one sign and permitting 
passage of impulses of the other. To avoid the necessity for utilizing a starter, as is common with the 
lamp type of electrical valve, the supply of mercury within the tube may be sufficient to contact with the 
lower end of the electrode 13 when current is not being supplied, so that as soon as current is passed 
from one electrode to the other sufficiently for volatilizing that portion of the mercury immediately 
adjacent the lower end of electrode 13, the structure begins its operation as a rectifier. The tube 11 is 
Surrounded by a tube 15 which is preferably spaced from tube 11 sufficiently for allowing atmospheric or 
other cooling circulation to pass the tube 11. In some instances, it may be desirable to cool the tube 11 
by a surrounding body of liquid, as hereinafter indicated. The tube 15 may be of insulating material but I 
find efficient results attained by the employment of a steel tube, and fixed to the ends of the of the tube 
are insulating disks 16, 16 forming a spool on which are wound twin wires 6% 1 and 7^1, the wire 67 1 
being connected at the inner helix of the coil with the outer end of the electrode 14, the lower portion of 
said electrode being extended to one side of the tube 11 and passed through an insulating sleeve 17 
extending through the tube 15, and at its outer end merging into the adjacent end of the wire 6 1. The 
wire 7^1 extends directly from the outer portion of the spool through the several helices to a point 
adjacent the juncture of the electrode 14 with wire 6^1 and thence extends in mechanical parallelism 
with the wire throughout the coil, the wire 6^1 ending in a terminal 18 and the wire 7^1 ending in a 
terminal 19. For the sake of convenience of description and of tracing the circuits, each of the apparatus 
just above described and herein known as an intensifier and rectifier will be mentioned as A, B, C and D, 
respectively. Conductor 6 is formed with branches 20 and 21 and conductor 7 is formed with similar 
branches 22 and 23. Branch 20 from conductor 6 connects with conductor 7^1 of intensifier B and 
branch 21 of conductor 6 connects with the conductor 7^1 of intensifier C, while branch 22 of conductor 
7 of intensifier C, while branch 22 of conductor 7 connects with conductor 7^1 of intensifier D. A 
conductor 27 is connected with terminal 19 of intensifier A and extends to and is connected with the 
terminal 18 of intensifier C, and a conductor 7 connects with conductor 7% 1 of intensifier D. A conductor 
27 is connected with terminal 19 of intensifier A. and extends to and is connected with terminal 18 of 
intensifier C, and a conductor 28 is connected with the terminal 19 of intensifier C and extends from the 
terminal 19 of intensifier B to the terminal 18 of intensifier D to electrode 13 of intensifier B. Each 
electrode 13 is supported on a spider 131 resting on the upper disk 16 of the respective intensifier. 
Conductors 31 and 32 are connected with the terminals 18 of intensifiers A and B and are united to form 
the positive line wire 9 which co-operates with the negative line wire 10 and extends to any suitable 
point of consumption. The line wire 10 is provided with branches 35 and 36 extending to the electrodes 
13 of intensifiers C and D for completing the negative side of the circuit. 


Thus it will be seen that alternating currents produced in the wires 6 and 7 will be rectified and 
delivered in the form of a direct current through the line wires 9 and 10, and I find by experiment that 
the wires 6 and 7 should be of iron, preferably soft, and may of course be insulated, the other wiring not 
specified as iron being of copper or other suitable material. 


In carrying out the operation as stated, the circuits may be traced as follows: A positive impulse starting 
at the zincs 3 is directed along conductor 7 to branch 23 to conductor 7^1 and the winding of the 
rectifier of intensifier B through said rectifier to the conductor 61, through the winding thereof to the 
contact 18, conductor 32 and to the line wire 9. The next or negative impulse directed along conductor 7 
cannot find its way along branch 23 and the circuit just above traced because it cannot pass across the 
rectifier of intensifier B but instead the negative impulse passes along conductor 22 to conductor 7 of 
intensifier A and the winding thereof to the contact 19 and to conductor 27 to contact 18 of intensifier C, 
to the winding of the wire 6% 1 thereof to the electrode 14 through the rectifier to the of the electrode 13 
and conductor of intensifier A, electrode 14 thereof and conductor 611 to contact 18 and wire 31 to line 
wire 9. Obviously the positive impulse cannot pass along the wire 20 because of its inverse approach to 
the rectifier of intensifier B. The next impulse or negative impulse delivered to conductor 6 cannot pass 
along conductor 21 because of its connection with electrode 13 of the rectifier of intensifier A, but 
instead passes along conductor 20 to the wire 7^1 and its winding forming part of intensifier B to the 
contact 19 and conductor 29 to contact 18 and the winding of wire 6 1 of intensifier D to the electrode 
14 and through the rectifier to the electrode 13 and conductor 35 to line wire 10. Thus the current is 
rectified and all positive impulses directed along one line and all negative impulses along the other lie s 
that the potential difference between the two lines will be maximum for the given current of the 
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alternating circuit. It is, of course, apparent that a less number of intensifiers with their accompanying 
rectifier elements may be employed with a sacrifice of the impulses which are checked back from a lack 
of ability to pass the respective rectifier elements, and in fact I have secured efficient results by the use 
of a single intensifier with its rectifier elements, as hereinafter set forth. 


Grounding conductors 37 and 38 are connected respectively with the conductors 6 and 7 and are 
provided with the ordinary lightning arresters 39 and 40 respectively for protecting the circuit against 
high tension static charges. 


Conductors 41 and 42 are connected respectively with the conductors 6 and 7 and each connects with an 
automatic cutout 43 which is grounded as at 4. Each of said automatic cutouts is exactly like the other 
and one of the same is shown in detail in Figure 7 and comprises the inductive resistance 45 provided 
with an insulated binding post 46 wit which the respective conductor 6 or 7 is connected, said post also 
Supporting a spring 48 which sustains an armature 49 adjacent to the core of the resistance 45. The 
helix of resistance 45 is connected preferably through the spring to the binding post at one end and at 
the other end is grounded on the core of the resistance, the said core being grounded by ground 
conductor 44 which extends to the metallic plate 52 embedded in moist carbon or other inductive 
material buried in the earth. Each of the conductors 41, 42 and 44 is of iron, and in this connection I 
wish it understood that where I state the specific substance I am able to verify the accuracy of the 
statement by the results of tests which I have made, but of course I wish to include along with such 
substances al equivalents, as for instance, where iron is mentioned its byproducts, such as steel, and its 
equivalents such as nickel and other magnetic substances are intended to be comprehended. The cutout 
apparatus seen in detail in Figure 7 is employed particularly for insuring against high tension currents, it 
being obvious from the structure shown that when potential rises beyond the limit established by the 
tension of the spring sustaining the armature 40, the armature will be moved to a position contacting 
with the core of the cutout device and thereby directly close the ground connection for line wire 41 with 
conductor 44, eliminating the resistance of winding 45 and allowing the high tension current to be 
discharged to the ground. Immediately upon such discharge the winding 45 losing its current will allow 
the core to become demagnetized and release the armature 49 whereby the ground connection is 
substantially broken leaving only the connection through the winding 45 the resistance of which is 
sufficient for insuring against loss of low tension current. 


In Figure 8 I have illustrated an apparatus which though apparently primitive in construction and 
arrangement comprehends the first successful embodiment which I produced in the course of discovery 
of the present invention, and it will be observed that the essential features of the invention are therein 
disclosed. The structure delineated in said figure consists of horseshoe magnets 54, 55, one facing north 
and the other south, that is, each opening in the respective directions indicated and the two being 
connected by an iron wire 55 which is uninsulated and wrapped about the respective magnets each end 
portion of the wire 55 being extended from the respective magnets to and connected with, as by being 
soldered to, a zinc plate 56, there being a plate 56 for each magnet and each plate being arranged 
longitudinally substantially parallel with the legs of the magnet and with the faces of the plate exposed 
toward the respective legs of the magnet, the plate being thus arranged endwise toward the north and 
south. An iron wire 57 connects the plates 56, the ends of the wire being preferably connected adjacent 
the outer ends of the plates but from experiment I find that the wire may be connected at practically any 
point to the plate. Lead wires 58 and 59 are connected respectively with the wires 55 and 57 and supply 
an alternating current at a comparatively low tension, and to control such current the wires 58 and 59 
may be extended to a rectifier or combined rectifier and intensifier, as above set forth. 


The tests which I have found successful with the apparatus seen in Figure 8 were carried out by the 
employment first of horseshoe magnets approximately 4 inches in length, the bar comprising the 
horseshoe being about one inch square, the zincs being dimensioned proportionately and from this 
apparatus with the employment of a single intensifier and rectifier, as above stated, I was able to obtain 
a constant current of 8 volts. 


It should be obvious that the magnets forming one of the electrodes of this apparatus may be permanent 
or may be electromagnets, or a combination of the two. 


While the magnets mentioned throughout the above may be formed of any magnetic substance, I find 
the best results obtained by the employment of the nickel chrome steel. 


While the successful operation of the various devices which I have constructed embodying the present 
invention have not enabled me to arrive definitely and positively at fixed conclusion relative to the 
principles and theories of operation and the source from which current is supplied, I wish it to be 
understood that I consider myself as the first inventor of the general type hereinbefore described 
capable of producing commercially serviceable electricity, for which reason my claims hereinafter 
appended contemplate that I may utilize a wide range of equivalents so far as concerns details of 
construction suggested as preferably employed. 


The current which I am able to obtain is dynamic in the sense that it is not static and its production is 
accomplished without chemical or mechanical action either incident to the actual chemical or mechanical 
motion or incident to changing caloric conditions so that the elimination of necessity for the use of 
chemical or mechanical action is to be considered as including the elimination of the necessity for the use 
of heat or varying degrees thereof. 
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1.18 volts 
0.48 volts 
1 mA 

4.7 volts 
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COMMENTS: 


The Meyers invention is a simple antenna. The magnets attract and concentrate the 
electro-magnetic field and the tin horns collect it. 


In Meyers' day he only had the natural magnetic field of the earth to harvest. Today we 
have filled the E-M spectrum with radio, TV and cell phones. If you were to build this 
device today it would interfere with all of the above. This would make a lot of people upset 
with you and probably get you in trouble with the government agencies which regulate 
these utilities. 


If you want to harvest free range electricity, 1 would recommend using a ground antenna 
like Nathan Stubblefield or a metallic pyramid like Les Brown. 


Robert 


This alternate energy source is much like a static energy collector designed and patented 
by Nikola Tesla in 1901. Patent numbers: 685957 and 685958. However, Tesla didn't find 
it necessary to use magnets, so there is that difference. There are many inventors on 
YouTube that mimic his design and show great results. I've seen one with a 40' antennae 
pole with a wire that generates 135 volts. 


I'm currently researching the subject and when I saw your blog concerning Meyers I 


thought I'd give you the knowledge about Tesla's invention that was years prior to 
Meyers. Scott 
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Device for energy generation from electric field of atmosphere 


Abstract 


FIELD: electrical engineering. 

SUBSTANCE: proposed device designed for generating electrical energy 
of desired amount from electric field of atmosphere and for no-break 
power supply to off-line electrical equipment, such as computerized 
weather stations and space probes, has electrodes, bearing structure, 
and atmospheric gas ionizers. Electrodes are spaced along electric field 
lines of force. Electrodes surrounded by atmosphere are disposed on 
bearing structure. Outer surface of these electrodes is aligned with 
atmospheric gas analyzers. Bottom electrode functions as grounding 
conductor. Load is connected between electrodes spaced along lines of 
force of atmospheric electric field. In absence of contact between device 
and the Earth external surface of all electrodes surrounded by 
atmosphere is physically aligned with atmospheric gas analyzers. 
Energized current-carrying parts of device are electrically isolated from 
bearing surface. 

EFFECT: reduced mass of device dispensing with moving parts, 
simplified design and easy shipment of its components. 
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translated from Russian 


1. An apparatus for recovering energy from the atmospheric electric field, comprising electrodes spaced along the field lines, the 
bottom of which is the earth electrode, the supporting structure with encircled atmosphere electrodes ionizers atmospheric 
gas, structurally combined with the outer surface of these electrodes, characterized in that between spaced along field line 
electrodes included a load in the absence of the device in contact with the outer surface of the planet atmosphere surrounded 
electrodes constructive about aligned with the ionization of atmospheric gas, the conductive portion of the device under 


voltage, electrically insulated from the supporting structure. 


Description 


translated from Russian 


The invention relates to electrical engineering and is intended to ensure uninterrupted autonomous electrical energy, such as 
automatic weather station or space probes on the Earth and other planets with the atmospheric electric field. 


Aware of the difficulties associated with the uninterrupted supply of energy autonomous electrical equipment. Internal power 
sources (batteries, accumulators, fuel cells) require periodic replacement, recharging or refueling, i.e. qualified service manual. 
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External sources of energy (flowing water, wind, sunlight) require the use of massive large-sized structures, transmitters with 
moving parts and are not always available. 


To solve the problem let low-power needs, but reliable anytime, anywhere uninterrupted power source. Subject to the 
conditions of autonomous electrical operation it should be easy, structurally simple and easy to transport to any distance. 


Known devices for indirect energy from the atmosphere by water wheels, hydroelectric turbines and other installations, and 
also to direct energy from the atmosphere by means of wind turbines, wind turbines and other installations. In these devices, 
atmospheric energy is converted into heat, work or electricity. 


Uninterrupted flow generated with their help it is impossible to provide energy. It depends on the state of the atmosphere, 
climate and time of year. (. Chaly G. Energy yesterday, today and tomorrow - Chisinau: Map Moldovennske, 1977. - 202, IL, pp 
44-64,...). 


For the prototype adopted diverter, which is designed to neutralize the atmospheric electric field energy. A lightning arrester 
comprising a vertically oriented supporting structure rising above the terrain, and spaced along the lines of the field 
electrodes, the collector interconnected. At the top structure is surrounded by an electrode mounted atmosphere - lightning 
arrester in the form of a massive metal rod. It can be combined with the atmospheric gas ionizer. The lower electrode is an 
earth electrode and provides an electrical device contact with a surface of the planet (V.V.Bazutkin and other high voltage 
equipment -.. M .: Energoatomizdat, Textbook for high schools, 1986. - 464 p, yl, pp 219-220... ). The design of a lightning 
conductor does not include a payload. lightning energy is used almost entirely outside for heating the soil surrounding the 
earthing switch, heating and ionization of the air. 


Signs prototype match the essential features of the invention are as follows. A lightning arrester comprising electrodes, a 
supporting structure and the atmospheric gas ionizers. Electrodes spaced along the electric field lines. Surrounded 
atmosphere electrodes are arranged on the supporting structure. The outer surface of these electrodes structurally combined 
with the atmospheric gas ionizers. The lower electrode is an earth electrode. 


The reasons impeding obtaining a desired technical result, the prototype, are as follows. Lightning conductor provides air flow 
through the electric current only in the form of intermittent spark discharge. the passage of this current time is unpredictable, 
and the value is random and can not be adjusted. Lightning conductor contains no payload. It is designed to work in an 
abnormally strong electric field, and most of the time useless idle. Lightning conductor does not work in places where there 
are no storm clouds. A lightning arrester does not work in the absence of contact with the planet. Lightning conductor parts 
have electrical isolation from the supporting structure. 


The technical result - uninterrupted energy from the electric field of the atmosphere in the required amount and for this 
purpose create the proposed device. 


Apparatus favorably with ease, lack of moving parts, ease of required components and their ease of transportation. It is more 
reliable than all hitherto known independent power supply devices, including wind turbines and solar panels, since the electric 
field of the atmosphere is weakly dependent on the time of year, there is round the clock and is available anywhere in the 
world. 


The technical result is achieved as follows. Between the electrodes spaced along the lines of the atmospheric electric field is 
turned on load. In the absence of the device in contact with the outer surface of the planet surrounded electrodes atmosphere 
structurally combined with the atmospheric gas ionizers. The conductive portion of the device under voltage, electrically 
insulated from the supporting structure. 


The essential features of the claimed invention as follows. An apparatus for recovering energy from the atmospheric electric 
field comprises electrodes spaced along the electric field lines, the lower electrode is an earth electrode. The electrodes are 
surrounded by the atmosphere, it is placed on the supporting structure. lonizers atmospheric gas structurally aligned with the 
outer surface surrounded by electrodes atmosphere. 


Unlike the prototype between spaced along the electric field lines included electrodes load. In the absence of the device in 
contact with the outer surface of the planet electrodes structurally combined with the atmospheric gas ionizers. Energized live 
parts of the device are electrically isolated from the supporting structure. 


The farther apart the electrodes are spaced, the higher the electric field strength near the surface and more spreading velocity 
of free charge carriers in the surrounding gas. Surrounded by an atmosphere favorable to place electrodes in the most remote 
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points of the vertical supporting structure. Spreading of charge carriers in the atmosphere promotes free movement of gas at 
the electrodes and around the device no other stress raisers. 


In the presence of the device in contact with the planet earth electrode is a lower electrode. This provides a low electric 
resistance to the passage of atmospheric electric current through the soil. In the absence of the device in contact with the 
planet atmospheric electrical current generated by them can pass only through the gas discharge channel. In this case, all the 
electrodes are surrounded by an atmosphere (both upper and lower) structurally combined with the atmospheric gas ionizers. 
Thus, a smooth transformation of the atmospheric electric field energy into the energy of electric current flowing through the 
load. Further useful conversion of this energy into heat, work or electricity by selecting the type of load (heater, motor or other 
electrical equipment). 


Influence of essential features of the claimed technical effect obtained in the following. The supporting structure provides a 
proper orientation device in the atmospheric electric field coincides with the direction of its lines of force. It keeps spaced 
along the field lines of the electrodes at the required distance for operation, the device provides mechanical strength and its 
separate parts united into a whole. Electrodes should move apart from each other by a technically maximum possible 
distance. Proportional to the distance increases, the electric field at their outer surface, which increases mobility of charge 
carriers in the atmosphere surrounding the electrodes and facilitates the flow of electrical current therethrough. Mutually 
remote position of the electrodes eliminates obstacles to free movement of the atmospheric gas streams. 


In the presence of the device in contact with the planet earth electrode is a lower electrode. It is the most simple, cheap and 
reliable way to ensure low resistance to flow through it into the ground electric current. Surrounded atmosphere electrodes are 
mounted on the supporting structure. This ensures the stability of their spatial position in an external electric field. lonizers 
atmospheric gas structurally aligned with the outer surface surrounded by electrodes atmosphere. This ensures the constant 
presence of a sufficient number of free charge carriers in the space adjacent to the electrodes and the free movement of 
these charges along the electric field lines. Thus, electrical contact is provided with a low resistance between the solid 
electrodes and the atmospheric gas. The force transmitted through such contact current over a wide range does not depend 
on the external electric field and the capacity is determined only by the ¡onizers. This ensures continuity of energy, regardless 
of external factors, minimizes power consumption for maintaining the non-self-electric discharge channel through the neutral 
atmosphere and prevents current surges through the device in a thunderstorm activity. 


In the absence of the device in contact with the planet atmospheric gas ionizers structurally aligned with the outer surface of 
the electrode surrounded by the atmosphere, both upper and lower. This is the only method available to ensure the flow of 
electric current through the atmosphere on either side of the deployed device along the lines of the field. 


The load is connected between the spaced apart along the field lines of the electric field electrodes. This provides serial 
connection it (together with the electrodes) in a circuit current passing through the electric discharge atmosphere nonself. 
The product of the voltage drop across the load and the amount of current passing through it determines the useful power 
received from a device outside the electric field. useful devices coefficient determined by the balance between the load 
resistance and the transfer resistance of the electrodes with the surrounding space (ionizers capacity). The lower the contact 
resistance of the electrodes, the greater part of the energy released in the load. 


Insulation of live parts of the device from the bearing structure ensures optimal arrangement of the electric field lines in the 
surrounding area and to prevent the flow of electric current through the conductive parts of the device, unrelated to its 
circuitry. 


Uninterrupted power supply provided by the fact that the electric field of the atmosphere is not dependent on the time of year, 
there is a clock in all weather, anywhere in the description of the troposphere. This energy resource atmosphere is constantly 
fueled by all the power of the planetary mechanism of separation of electrical charges. 


The reliability of energy supply is provided by the simplicity of the device, in the absence of its most important elements of 
moving parts. Energy from the atmospheric electric field does not require large structures (dams, towers high altitude) and 
complex technological methods. Maintenance of such a device is much easier than in prior art. 


Simplicity of design elements of the device for obtaining energy from the electric field of the atmosphere arises from the fact 
that it comprises only standard electrical components without moving parts, requiring no setting adjustment and regular 
maintenance. Details of apparatus and parts of the supporting structure does not require careful manufacture. 


Easy to transport device is achieved in that it is made with a minimum margin of safety, since it is not experiencing dynamic 
loads and, therefore, for its production does not require massive, large parts and assemblies. Apparatus performed foldable or 
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collapsible. 


1 is a perspective view of an apparatus for recovering energy from the electric field of the atmosphere in the absence of 
contact with the planet. 


The apparatus comprises a vertically oriented support structure, such as balloon 1, electrodes 2, 3, the air ionizers 4 and 5, the 
insulators 6 and 7, the cables 8 and 9, the voltage converter 10 and the load, e.g. radiosonde balloon 11. The surrounding 
space tested Power outside the electric field lines E. The electrodes are structurally combined with air ionizers are fixed on 
insulators. The balloon holds the electrodes at a sufficient distance from each other and the cables connecting them to the 
voltage converter. voltage converter associated with a payload and electrically integrated common housing. 


The apparatus operates as follows. After switching on the ionizer 4, 5 saturate the air surrounding the electrodes 2, 3, the free 
charge carriers. They begin to drift through the neutral air moving along the lines of force of the atmospheric electric field E, is 
further amplified spaced position electrodes on the balloon 1. Leakage of charge carriers from the electrodes is compensated 
for constant work ionizers. By nonself gas discharge channels 12 and 13 from the electrodes through the atmosphere there is 
a constant electric current. Between spaced electrodes a potential difference. They retain its through insulators 6 and 7. When 
the electrodes at the working potential difference (=5 kV) voltage switched converter 10. Atmospheric electrical current 
therethrough closes through cables 8 and 9. The converter transforms the input current into high voltage DC output voltage 
feeding payload 11. The process continues until there is an atmospheric electric field and act ionizer electrodes. 


Determine the electrical power necessary for independent uninterruptible power payload. For example, modern equipment for 
radiosonde balloon suspended to sufficiently constant electric power of 10 watts. Determine limiting the electrical power 
required for operation of accessories and air ionizers. For example, in an amount of not more than 150% of the usable, i.e. 15 
watts. Considering the operating conditions of current collectors define limiting the potential difference between the exposed 
conductive parts of the installation. For example, it is recommended to 10 kV and 5 kV actually selected. Calculate the 
maximum current in the discharge channel. In this case, not more than (10 W+ 15 W) / 5 mA = 5 kV. This value specifies 
ionizers performance, structurally combined with the electrodes. Determine the conduction current density, and the vertical 
field strength in the troposphere to the calculated flying height. For example, the conduction current is not more than 1.5 mA / 


m È the electric field intensity 2,2-3,5 V / m. Calculate the distance between the electrodes, their shape and structure to ensure 
effective spreading of charge carriers generated by the ionization of the atmosphere. For example, the distance 50 m, the 


shape of the receiving electrodes - the ball, the area of each of at least 0.5 m 2: A balloon attached and suspension system 
with insulators electrodes, lay the cable, are mounted in the container with the equipment voltage power converter. 


FIG. 2 is a perspective view of an apparatus for recovering energy from the electric field of the atmosphere in contact with the 
planet apparatus. 


The apparatus comprises an electrode 1, ionizer 2, an insulator 3, a supporting structure (rack) 4, the cable 5, the voltage 
converter 6, the ground connection 7, the connection cable 8 and a payload (weather station) surrounding space 9. tested to 
the ground surface outside power line electric field E. The electrode is structurally combined with the air ionizer is fixed on the 
insulator. Stand holds the electrode at a sufficient height, and the cable connecting it to the voltage converter. The voltage 
converter is electrically connected with the ground through the grounding and the payload via a connection cable. 


The apparatus operates as follows: 


After switching on the ionizer 2 saturates the air surrounding the electrode 1, free charge carriers. They begin to drift through 
the neutral air moving along the lines of force of the atmospheric electric field E, is further amplified elevated position on the 
counter electrode 4. Leakage of charge carriers from the receiving electrode is compensated by regular job ionizer. Via 
nonself-gas discharge from the electrode 10 through the atmosphere there is a constant electric current. Electrode acquires 
the electric potential relative to the ground surface and stores it through the insulator 3. When the potential of the working 
electrode (+25 kV) is switched voltage converter 6. Atmospheric electrical current therethrough is closed via the cable 5 on 
the ground 7. The converter transforms the input current at high voltage constant output voltage 27 V, supplied through the 
connection cable 8 to the power payload 9. The process continues until there is an atmospheric electric field and acts ionizer 
electrode. 


Determine the electrical power necessary for independent uninterruptible power payload. For example, for modern automatic 
weather station fairly constant electric power of 100 W at rated voltage of 27 V. Determine limiting the electrical power 
required for operation of accessories and air ionizers. For example, in an amount not more than 50% of the useful, i.e. 50 
watts. From the climatic conditions and characteristics of the susceptor structure is determined limiting the potential 
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difference between the exposed conductive parts of the installation. For example, it is recommended not more than 30 kV, and 
25 kV actually selected. Calculate the maximum current in the discharge channel. In this case, not more than (100 W + 50 W) / 
6 = 25 kV mA. This value sets the performance of the ionizer, structurally combined with the electrode. Measured or found 
from tables of the electrical activity of the atmosphere (vertical conduction current density and field strength) in the locality. 


For example, the conduction current is not more than 0.1 mA / m ? the electric fields 110-250 V / m. Calculate the electrode 
lifting height above the terrain, its shape and surface working, sufficient for effective spreading of charge carriers generated in 


the ionizer the surface atmosphere. For example, the height of not less than 10 m, the shape - sphere, area of at least 1 m 2: In 
the calculations take into account the wind speed, the presence of other stress raisers, the geological structure of the soil and 
other relevant factors. Install the required height rack with an electrode on the insulator, organize ground, mounted auxiliary 
electric power and voltage converter. 


This ensures an uninterrupted supply of electrical energy due to autonomous gratuitous force of the atmospheric electric field. 
The apparatus advantageously distinguished by the absence of moving parts, ease of required components and their ease of 
transportation. It is more reliable than all hitherto known independent power supply devices, including wind turbines and solar 
panels, since the electric field of the atmosphere is weakly dependent on the time of year, there is round the clock and is 
available at any point of the globe. 
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Gregory Hodowanec : "Do Intense Scalar Fields Affect Life Processes?" 


http://en.wikipedia.org/wiki/Scalar field 
Scalar Field 


In mathematics and physics, a scalar field associates a scalar value, which can be either mathematical in 
definition, or physical, to every point in space. Scalar fields are often used in physics, for instance to 
indicate the temperature distribution throughout space, or the air pressure. In mathematics, or more 
specifically, differential geometry, the set of functions defined on a manifold define the commutative ring 
of functions. 


Just as the concept of a scalar in mathematics is identical to the concept of a scalar in physics, so also the 
scalar field defined in differential geometry is identical to, in the abstract, to the (unquantized) scalar 
fields of physics. 


Definition 


A scalar field is a function from Rn to R. That is, it is a function defined on the n-dimensional Euclidean 
space with real values. Often it is required to be continuous, or one or more times differentiable, that is, a 
function of class Ck. 


The scalar field can be visualized as a n-dimensional space with a real or complex number attached to 
each point in the space. 


The derivative of a scalar field results in a vector field called the gradient. 
Differential geometry 


A scalar field on a Ck-manifold is a Ck function to the real numbers. Taking Rn as manifold gives back 
the special case of vector calculus. 


A scalar field is also a 0-form. The set of all scalar fields on a manifold forms a commutative ring, under 
the natural operations of multiplication and addition, point by point. 


Uses in physics 


In physics, scalar fields can be used to ascribe forces (which are usually vector fields) to a more general 
scalar field, the gradient of which describes the force. 


* Potential fields, such as the Newtonian gravitational potential field for gravitation, or the electric 
potential in electrostatics, are scalar fields which describes the more familiar forces. 


* A temperature, humidity or pressure field, such as those used in meteorology. Note that when modeling 
weather on a global basis, the surface of the Earth is not flat, and thus the general language of curvature in 
differential geometry plays a role. Dopplerized weather radar generates a projection of a vector field onto 
a scalar field. 


Examples in quantum theory and relativity 


* In quantum field theory, a scalar field 1s associated with spin 0 particles, such as mesons or bosons. The 
scalar field may be real or complex valued (depending on whether it will associate a real or complex 
number to every point of space-time). Complex scalar fields represent charged particles. These include 
the Higgs field of the Standard Model, as well as the pion field mediating the strong nuclear interaction. 


* In the Standard Model of elementary particles, a scalar field 1s used to give the leptons their mass, via a 
combination of the Yukawa interaction and the spontaneous symmetry breaking. This mechanism is 
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known as the Higgs mechanism [1]. This supposes the existence of a (still hypothetical) spin 0 particle 
called Higgs boson. 


* In scalar theories of gravitation scalar fields are used to describe the gravitational field. 


* scalar-tensor theories represent the gravitational interaction through both a tensor and a scalar. Such 
attempts are for example the Jordan theory [2] as a generalization of the Kaluza-Klein theory and the 
Brans-Dicke theory [3]. 


* Scalar fields like the Higgs field can be found within scalar-tensor theories, using as scalar field the 
Higgs field of the Standard Model [4], [5]. This field interacts gravitatively and Yukawa-like (short- 
ranged) with the particles that get mass through it [6]. 


* Scalar fields are found within superstring theories as dilaton fields, breaking the conformal symmetry of 
the string, though balancing the quantum anomalies of this tensor [7]. 


* Scalar fields are supposed to cause the accelerated expansion of the universe (inflation [8]), helping to 
solve the horizon problem and giving an hypothetical reason for the non-vanishing cosmological constant 
of cosmology. Massless (1.e. long-ranged) scalar fields in this context are known are inflatons. Massive 
(i.e. short-ranged) scalar fields are proposed, too, using for example Higgs-like fields (e.g. [9]). 


Other kinds of fields 


* Vector fields, which associate a vector to every point in space. Some examples of vector fields include 
the electromagnetic field and the Newtonian gravitational field. 


* Tensor fields, which associate a tensor to every point in space. For example, in general relativity 
gravitation is associated with a tensor field (in particular, with the Riemann curvature tensor). In Kaluza- 
Klein theory, spacetime 1s extended to five dimensions and its Riemann curvature tensor can be separated 
out into ordinary four-dimensional gravitation plus an extra set, which 1s equivalent to Maxwell's 
equations for the electromagnetic field, plus an extra scalar field known as the "dilaton". 
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Scalar Field Theory 


In theoretical physics, scalar field theory can refer to a classical or quantum theory of scalar fields. Such a 
field is distinguished by its invariance under a Lorentz transformation, hence the name "scalar", in 
contrast to a vector or tensor field. The quanta of the quantized scalar field are spin-zero particles, and as 
such are bosons. 


No fundamental scalar fields have been observed in nature, though the Higgs boson may yet prove the 
first example. However, scalar fields certainly do appear in the effective field theory descriptions of many 
physical phenomena. Because of the relative simplicity of the mathematics involved, scalar fields are 
often the first field introduced to a student of classical or quantum field theory. 
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5. 5.3 volts (bias point) 
6. With capacitor: 376 
Without capacitor: 10 
7. 57 Hz (approximately) 


The JFET as an Amplifier 


31 Chapter 3 discussed the JFET In 
problems 28231, and Chapter 4 discussed the 
JFET in problems 37241. You may want to 


review these problems before answering the 
questions in this problem. Figure 8.30 shows 
a typical biasing circuit for a JFET. 

Figure 8.30 
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Questions 
A. What type of JFET is depicted in the 
circuit? | 

B. What value of V GS would you need to 
turn the JFET completely ON? —— 

C. What drain current flows when the JFET is 
completely ON? 
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Although scalar fields are Lorentz scalars, they may transform nontrivially under other symmetries, such 
as flavour or isospin. For example, the pion is invariant under the restricted Lorentz group, but is an 
isospin triplet (meaning it transforms like a three component vector under the SU(2) isospin symmetry). 
Furthermore, it picks up a negative phase under parity inversion, so 1t transforms nontrivially under the 
full Lorentz group; such particles are called pseudoscalar rather than scalar. Most mesons are 
pseudoscalar particles. 


In this article, the repeated index notation indicates the Einstein summation convention for summation 
over repeated indices. The theories described are defined in flat, D-dimensional Minkowski space, with 
(D-1) spatial dimension and one time dimension and are, by construction, relativistically covariant. The 
Minkowski space metric, has a particularly simple form: it is diagonal, and here we use the + ? ? ? sign 
convention. 


http://en.wikipedia.org/wiki/Scalar_field_theory_(pseudoscience) 
Scalar field theory (pseudoscience) 


For the quantum mechanical "scalar field theory" which is a field theory of spinless particles, see "Scalar 
field theory" 


Scalar field theory (SFT) is a set of theories in a model which posits that there is a basic mechanism that 
produces the electric field and the magnetic field. Proponents of this theory claim that 1t advances the 
standard electromagnetic theory. 


Scalar waves in these theories (as opposed to a scalar field in mainstream physics) are hypothetical 
waves, which differ from the conventional electromagnetic transverse waves by having one oscillation 
level parallel to the direction of propagation; they thus have characteristics of longitudinal waves. Their 
existence however, as presupposed in numerous theories, has not been supported by experiment. Scalar 
waves are called also "electromagnetic longitudinal waves", "Maxwellian waves", or "Teslawellen" (tr., 
"Tesla waves"). Variants of the theory claim that Scalar electromagnetics (also known as scalar energy) 1s 
the background quantum mechanical fluctuations and associated zero-point energies (in contrast to 
"vector energies" which sum to zero).[citation needed] 


Description 
Terminology 


The basic understanding of scalar field theory begins with several definition of terms within the theory, 
which are also used in academic physics, but assigns them other meanings. A "scalar field" is a set of 
assigned observable magnitudes at every point in n-dimensional space (compare this with the standard 
definition; n 1s also 4 or greater). [1] An "electric field" 1s composed of the spinning charged mass, in 
motion through a finite change in electrostatic scalar potential (compare this with the current academic 
definition). A "potential" is pure energy and, is any ordering (static or dynamic) in the vacuum (eg., the 
position of the object relative to other objects). A "scalar potential" is the stationary ordering in the virtual 
particle flux of the vacuum (compare this with the current academic definition). A "vector potential" 1s 
any nonstationary ordering in the virtual particle flux of vacuum (compare this with the current academic 
definition). Scalar potentials and vector potentials are thus defined as: "contained" inside the energy 
domain.[citation needed] 


Magnetic fields interaction 


SFT is based on "non-symmetrical regauging" potentials, demonstrated by the interaction of two 
magnetic fields. 


When the field lines oppose each other, the magnets are pulled together. When the fields are aligned in the 
same direction, the magnets push apart. When two magnets strongly oppose each other but are not 
permitted to move apart, the force between them is said to create a "scalar bubble" between the magnets. 
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The greater the repulsive force, the larger this scalar bubble becomes. As the magnets move away and the 
pushing force decreases, the scalar bubble shrinks in size and strength. 


In a similar manner, two magnets that are strongly attracted create a "scalar void" between them that 
grows larger the closer the two magnets become. Two magnets powerfully attracted to one another create 
a very large scalar void, that decreases as the attracting magnets are moved apart. 


Despite the claims of 1ts proponents, no repeatable experiments were able to show the existence of the 
scalar field. All observed effects were shown to comply to the standard physical laws of electrodynamics. 
The observations are in spectacular agreement not only with classical electromagnetics, but also with 
quantum electrodynamics, both of which are fields of physics. 


Field effects of scalar energy 


SFT suggests that scalar energy can move through space much like an electromagnetic wave. However, 
the operating principles are different. The regular expansion and contraction of a scalar bubble/void is 
like rhythmicly splashing water on a pond. It sends out ripples through the general scalar field that can 
subtly affect the size and strength of distant scalar bubbles/voids. 


This means that a pair of magnets that are rhythmically opposing/attracting each other are sending out 
scalar ripples through space that will slightly perturb the scalar bubble/void between a second pair 
magnets nearby. The net effect 1s that the attraction and/or repulsion between the second pair of magnets 
exhibits a change in strength, even though the magnets and fields themselves are motionless. 


According to skeptics, the following description given for an application to a communication system 
reportedly failed to give reproduceable results. 


A basic scalar communications system 


A scalar communications broadcast antenna does not make any sense according to normal 
electromagnetic theory. The goal of a scalar broadcast antenna is to create powerful repulsion/attraction 
between two magnetic fields, to create large scalar bubbles/voids. This is done by using a broadcast 
antenna with two opposing electromagnetic coils that effectively cancel out as much of each other's 
magnetic field as possible. An ideal scalar broadcast antenna will emit no electromagnetic field (or as 
little as possible), since all power is being focused into the repulsion/attraction between the two opposing 
magnetic fields. Normal electromagnetic theory suggests that since such a device emits no measurable 
electromagnetic field, it is useless and will only heat up. For a scalar broadcast antenna, any normal RF 
emission is wasted energy. 


A scalar reception antenna similarly excludes normal electromagnetic waves and only measures changes 
in magnetic field attraction and repulsion. This will typically be a two-coil powered antenna that sets up a 
static opposing or attracting magnetic field between the coils. The coils are counter-wound so that any 
normal RF signal will be picked up by both coils simultaneously and effectively cancel itself out, leaving 
only the scalar component. 


Scalar field detection by normal RF antennas 


Even though a scalar wave train does not contain the regular EM components that are used by radio 
frequency communications, it can still be detected by a normal RF antenna, if that antenna is in the 
presence of some other static magnetic field. When the scalar wave train passes through, it will create a 
disturbance in the field surrounding that magnet and make the field lines move, which will impart a small 
electrical current in the standard RF antenna, as if the magnet itself were moved. 


Since all normal RF antennas are immersed in the magnetic field of the planet, they can serve as crude 
scalar detectors, though the reception will be extremely weak and washed out by any normal RF in the 
vicinity. Detection ability is greatly increased by enclosing the antenna and circuitry in a faraday cage, 
and by placing a very strong magnet near the antenna inside the cage. 
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Scalar antennas and detectors 


Various proponents have claimed to have developed instruments with characteristics and specifications 
for different designs. Scalar antenna and detector examples include: 


Types [2] 


* Magnetostatic Detectors 
* Electrostatic Detectors 
* Barkhausen Detector 


Windings [3] 


* single-wire bifilar 
* dual-wire bifilar 
* pancake bifilar 

* cone bifiliar 


Proponents of the theory have constructed bifiliar test antennas as isolation transformers. These have 
taken the form of a ferrite rod, ferrite ring, an air core, or the common square transformer shape. 


References 


1. ^ T. E. Bearden, "Scalar field". A partial glossary for scalar electromagnetics and subtle phenomena, 
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http: //www.rense.com/general84/ben.htm 
Benjamin Fulford's 'Creature' (?) 


From Brad Steiger 
1-26-9 


Absolutely Bizarre 'Creature' In Benjamin Fulford'’s Spine 


On Friday, January 23rd, Benjamin Fulford shocked the audience of the Jeff Rense Program by emailing 
the claim, accompanied by a photograph, that surgeons had removed a bizarre life form, very much 
resembling a salamander, from his spine. Those who could view the strange creature were shocked and 
horrified. Immediately, everyone who saw the "thing" wondered what 1t was--and 1f 1t were real. 


Whether the creature was real or whether it was an ill-advised hoax, I wanted to find out if it was possible 
to place or to inject such a life form into an unsuspecting victim. One of the experts that I queried was a 
top-research scientist and inventor, who quickly responded that not only was it possible to inject the 
embryo of a parasite into a targeted victim without his or her knowledge, but that in the world of deep 
black operations, Russian scientists had already perfected such grotesque methodology. 


I asked the scientist to come on the Rense Program and discuss the science of bioenergetics being 
developed for Black Ops projects, but he informed me that he had been placed under "Very strict 
warnings" not to make any appearances on any radio or television program. What he did do was to write a 
very informative email on the incredible world of bioenergetics and psychoenergetics which I reproduce 
below with his special permission. At the present time, he prefers to remain anonymous. 


Yes, Brad, the "embryo" for such a "new living parasite critter" could indeed be developed and inserted 
into a targeted victim, including at a great distance, but only by the highly "clandestine" world of the off- 
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budget deep black operations -- particularly those in Russia, which are still far ahead of anything in the 
West. 


The Russian science of "energetics" -- developed shortly after WW II by a tremendously massive Soviet 
effort of some of the best nonlinear scientists on earth -- did solve some of the perplexities of our modern 
physics, of psychology and biology, etc. And under Stalin's iron boot, the new and spectacular Russian 
scientific developments were immediately placed into extended weapons development. 


To this day, our own more-materialistic scientists still do not really comprehend Soviet energetics. (And 
they also still do not even know what a mind actually is, what a "dead" (separated) mind is, or what a 
"mind and body linked living system" really 15). 


Soviet energetics had three branches: (1) the science of inert matter, called by the same name 
"energetics". (2) the science of living biological systems, where a mind is linked to a living body. This 
branch is called "bioenergetics". (3) the science of the mind and mental phenomena, which is called 
"psychoenergetics". 


Western science, being so materialistic, has not yet comprehended the most important thing about "mind": 
that is, that the mind and mental things exist in time, but not in 3-space. 


If one turns to modern quantum field theory, then there are now FOUR photons available, not the two 
transverse photons so well known to classical electrodynamicists etc. In the following discussion, the 
travel direction of the photon in 3-space is assumed along the Z axis. The "regions of vibration" of the 
photon -- 1.e., the type and direction of its oscillation -- may occur in four ways. These are (1, 2) the two 
"orthogonal" oscillation polarizations, one along the X-axis and the other along the Y-axis. Then there is 
(3) the longitudinal (1.e., longitudinally-polarized) photon, which oscillates along the Z-direction of travel 
itself. And finally there 1s (4) the time-polarized or "scalar" photon, which oscillates along the time axis. 
These four photons are all in standard quantum field theory, even in the West. 


Now note that only the two transverse-polarized photons (1) and (2) are observable by our instruments. 
The longitudinal (3) photon is nonobservable, as is the time-polarized (4) photon. 


Here's the first "magic": 


A combination of a longitudinal photon (3) and a time-polarized photon (4) is OBSERVABLE AS A 
SPIKE OF VOLTAGE -- more precisely, a spike of electrostatic scalar potential. 


Now suppose you have a hidden (nonobservable) electromagnetic "system" you have built in the time- 
domain, so that it is built only of time-polarized photons. The system is not observable, nor is any part of 
it observable. 


But then suppose you also build a corresponding set of operations (a "system") in 3-space matter so that 
this new EM system consists only of longitudinal photons. And suppose you have made this 
"longitudinal" photon system's operations so that they exactly parallel the time-domain system's 
operations. In short, you now can superpose your longitudinally-polarized EM wave system and the time- 
polarized EM wave system. And your instruments will now observe the combination -- 1.e., the actual 
ongoing linkage system's operation -- as a very strange but highly organized system of voltage spikes! 


The West has totally missed the fundamental characteristic of mind: Mind occupies time but not 3-space. 
Hence, mind is a totally "electromagnetic" system, but it is comprised of only non-observable time- 
polarized photon operations! 


Well, how could you possibly couple that mind to a biological (3-space) material body? 


You would have to have a parallel longitudinally-polarized set of electromagnetic operations ongoing in 
that 3-space body. 


http://www.rexresearch.com/scalar/scalar.htm 7/17 


1/27/2019 Scalar Fields & Waves -- Collected articles & patents 


And the direct coupling of those two "operational systems" would be the mechanism of the coupling of 
the mind to the body -- and 1t would and could be directly observed by our instruments as a correlated 
system of voltage spikes! 


And that is why the dendrite cells of the body all have so many endings and "continual and incredible 
voltage spikings"! In looking at the entire set of spiking, you are looking at the "coupling mechanism" 
(that couples the mind to the body) in action! That set of spikings is what links or couples (coherently) the 
living temporal mind to the living biological body! 


Now if you place great scientific effort on that area and in that fashion, for some decades, you will 
eventually be able to (1) directly produce an operating living mind 1n the laboratory, including a human 
mind and any version of it, and (2) link it to a properly designed biological body (to a proper set of 
longitudinal operations therein), and this will give you a living biological system created directly in the 
laboratory. 


In about 1990, the Russian hidden psychoenergetics science had progressed to the point that living minds 
were being designed and produced in the laboratory, including various "versions" (personalities) of a 
given mind. 


If one knows where to look, there is and has been quite a bit of external "testing" by the Soviets to 
stimulate the West and see if we recognize what is being done (in short, to see whether the West also has 
developed such science). Sadly, the provocative tests have clearly shown the Soviets that we do not have 
such capabilities or such scientific development. Indeed, we still do not even recognize that "testing" 1s 
even going on! 


One of the New Energy scientists -- Tom Bearden -- stumbled onto a portion of this Soviet energetic 
work. In his 2005 book, Oblivion: America at the Brink, Bearden gave an abbreviated presentation of the 
development of the energetics weaponry and some of the actual "evocative testing" examples. There are 
many more weapons and examples that he did not run across. 


Presently, the Russians can clandestinely duplicate the mind of a targeted individual, in the duplicate 
mind they can "alter" portions to produce "different behavior" if that alternate mind 1s inserted into the 
targeted individual in the West, and then they can do several things. (1) they can just leave it in that 
individual as an extra "multiple personality," so they have the 'perfect spy" that hears everything the 
person's ears hear, sees everything his eyes see, and also receives all the thoughts that his true mind 
thinks. And they can put that on the TV screen in Moscow if they wish. With the portion for which he 
actually encountered evidence, Bearden gave examples of the military use of such capabilities in 
Oblivion. 


Sadly, the West still thinks that the human "mind" is just some electron wiggles in the brain, and that we 
are like a giant "nonliving" computer. 


There is also a way to directly engineer any physical observable system one wishes, in any part of it, 
living or nonliving. One can directly engineer and change inert matter or living matter, etc. I have learned 
that Bearden plans a future book (hopefully this year) dealing with this scientific methodology, which he 
calls "precursor engineering", but which the Soviets still have embedded in its term "energetics" with its 
associate science (and weapons). 


Once you understand something about this 3-fold secret weapons science of energetics that the Soviets 
have highly developed, then you can understand how -- with such developed technology -- one could 
directly build both the physical body system (its correlated longitudinal EM photon system) and the 
"mind system" of such a "living critter" one creates in the laboratory, and how one could then use such 
capability (such weird and artificially-created critters) by sudden surprise on an unsuspecting enemy to 
overwhelm and crush him almost instantly. 


As you can see, we are referring to a gigantic leap forward in what the West calls "biological weapons" 
and in "biological warfare". 
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Well, one should be looking for "very strange incidents" suggesting the development of such "critters" 
and parasites. And here is at least one "candidate" occurrence. 


This present "incredible tumor" discovery [| in Benjamin Fulford's spin] may be the discovery of one 
"provocative test" of these capabilities, just to see what our western science and biological warfare 
experts make of it. 


And if it is a "provocative test" to see what we know, of 1f we know anything of it at all, we have certainly 
once again assured them we have not the foggiest notion of the true reach of Soviet energetics science. 


WO2008092205 
METHOD AND APPARATUS FOR ANALYSING GEOLOGICAL FEATURES 


Inventor(s): DUNCAN ANDREW [AU] 

Classification: - international: G01V3/00; G01V3/15; G01V3/16; G01V3/17; G01V3/00; G01V3/15 - 
European: G01V3/165 

Abstract -- An apparatus (10) for analysing geological features comprises a receiver (20) for measuring a 
magnetic field received from adjacent geological features (18) excited by a periodic transmitted 
electromagnetic signal, wherein the measured magnetic field is a scalar amplitude of the magnetic field or 
a scalar amplitude of the magnetic field is derivable from the measured magnetic field, wherein the 
receiver generates a received signal from the measured magnetic field; and a processor (28) for filtering 
unwanted signal components which are substantially synchronous with the periodic transmitted 
electromagnetic signal from the scalar amplitude of the received signal or the scalar amplitude derived 
from the received signal, such that target geological features are able to be analysed using the filtered 
scalar amplitude. 


WO2008060213 
METHOD FOR PREDICTING WHERE THE NEXT MAJOR EARTHQUAKE WILL 
TAKE PLACE WITHIN AN AREA 


Inventor(s): SLUNGA RAGNAR [SE] 

Classification: - international: G01V1/28; G01V1/00; G01V1/28; GO1V1/00- European: G01V1/00E 
Also published as: WO2008060213 // SE0602417 (A) // SE530569 (C2) 

Abstract -- The present invention relates to a method of predicting where the next major earth- quake 
will occur within a area based on knowledge of the stress tensor field in the area, including determining 
stress tensors that have caused a shear slip in the form of an earthquake. It 1s first assumed that said first 
shear slip is the only one that is not stable according the Mohr-Coulomb slip criterion applied to 
contenplated fault planes with all conceivable orientations and calculating according to the Mohr- 
Coulomb slip criterion the principal stress directions as a function of the friction coefficient f. After that, 
it is established according to the Mohr-Coulomb slip criterion a relationship between two of the principal 
stresses.; Moreover the normal stress sv in a known direction Sv is determined and, according to the 
elasticity theory, a relationship between the normal stress sv and the principal stresses is established. Then 
expressions of the three principal stresses as a function of a scalar parameter is established, and a function 
of the elastic deformation energy per unit of volume relative to an isotropic reference stress state with the 
pressure sv based on the expressions of the principal stresses is established. Finally, the remaining degree 
of freedom is eliminated by determining the value of said scalar parameter which minimises the function 
of the elastic deformation energy and the value of the scalar parameter in the expressions of the principal 
stresses 1s inserted. 


W0O2008050137 
MAGNETIC SIGNATURE ASSESSMENT 


Inventor(s): TWELVETREES ROGER [GB]; COX EMILY [GB]; GANDERTON CARL [GB]; 
RAWLINS PAUL [GB]; WATSON STEPHEN MILES [GB] 
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Classification: - international: B63G9/06; B63G9/00 - European: B63G9/06 

Also published as: GB2443265 (A) 

Abstract -- Magnetic signature assessment apparatus for a vehicle comprising sensors for incorporation 
in the vehicle to measure the magnetic field normal to a closed surface at least approximately bounding 
the vessel and processing means for calculating from the normal field measurements a scalar magnetic 
potential outside the surface. Apparatus may be provided on the vehicle to generate a magnetic field to 
suppress the magnetic signature corresponding to the scalar potential. The invention also extends to 
corresponding methods and to programs for implementing those methods. 


RU2005105859 
LONGITUDINAL-SCALAR ELECTROMAGNETIC WAVE RADIATING DEVICE 


Applicant(s): KUZNETSOV JURIJ NIKOLAEVICH 

Classification: - international: H0O1Q13/02; H01Q13/00 

Also published as: RU2287212 

Abstract -- FIELD: radio communications and radiolocation, geological prospecting, and medicine. ^ 
SUBSTANCE: proposed radiating device is provided with second waveguide and second exciting 
component; exciting components are installed in waveguides which have different length and are brought 
to single plane through their open ends and further through return horn to equally shaped adding 
waveguide terminating in horn. Waveguides differ by half-length of common radiated electromagnetic 
wave. In planar-wave approximation strength vectors of electric and magnetic fields are oriented in 
longitudinal-scalar electromagnetic wave in open space collinearly to vector of electromagnetic energy 
flux density (S = Ei ¡H1, + Hi |E1)).Irrotational electric field of longitudinal electromagnetic wave builds 
up potential difference across open electric conductor longitudinally oriented to this field.; Magnetic field 
of longitudinal-scalar electromagnetic wave acts upon moving electric charges by force directed along 
their velocity vector. ^ EFFECT: enhanced reliability due to use of irrotational longitudinal-scalar 
electromagnetic waves apart from rotational cross-vector ones. 


US2005197808 
Method for determining electrical and magnetic field effects 


Inventor(s): KUO, AN-YU 

Classification: - international: G06F17/10; G06F17/10; (1PC1-7): GO6F17/10 

Abstract -- A method for determining electrical and magnetic field effects determines Lanczos matrices 
by performing a preconditioned conjugate gradient method using a nested multi-grid, vector and scalar 
potential preconditioner so that Pade via Lanczos frequency expansion may be used to determine the 
electrical and magnetic field effects over a frequency range without having to perform computationally 
slow and memory intensive matrix decomposition. 


US2004046553 
Vector Measurement of a Magnetic Field 


Inventor(s): LEGER JEAN-MICHEL [FR]; GRAVRAND OLIVIER [FR]; BERTRAND FRANCOIS 
Classification: - international: G01R33/24; G01R33/24; (IPC1-7): G01V3/00 - European: G01R33/24 
Also published as: US6844726 // FR2815416 // FR2815416 // WO0233434 // EP1344075 

Abstract -- A vectorial magnetometer (1), measures the components of a magnetic field in three 
directions (Oxyz) using a scalar magnetometer (2). The field is periodically modulated in each of the 
directions by generators (Gx, Gy, Gz) which have a specific frequency for each direction and that power 
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coils (Ex, Ey, Ez). Synchronous demodulation of the of the output signal of the scalar magnetometer (2) 
for each of the three frequencies permits the relative continuous component of each axis to be found.; The 
vectorial magnetometer (1) is characterised in that it has means (Dx D'x, Dy D'y, Dz D'z) that can carry 
out a double demodulation for phase and quadrature for each of the frequencies and processing means 
(70) that use the continuous component modules for phase and quadrature to calculate a transfer function 
of the scalar magnetometer at the frequency in question, and to apply this function to the correction of the 
components. 


EP0964260 
Device for Measuring Magnetic Field Components Comprising a Scalar Magnetometer 


LEGER, JEAN-MICHEL 

Classification: - international: G01R33/26; G01R33/24; (IPC1-7): GO1R33/26 - European: G01R33/26 
Also published as: FR2779530 // US6313628 // CA2274623 

Abstract -- The system uses a scalar magnetometer with additional fields applied by external coils, 
which are arranged with mutually orthogonal axes. The system for measuring the components of a 
magnetic field includes a scalar magnetometer (10,14,16,21,24,26,30,40,46,56). This magnetometer 
provides an output signal corresponding to the modulus of the applied magnetic field. There are also at 
least two conducting coils (Ex,Ey,Ez) disposed around the scalar magnetometer with mutually orthogonal 
axes. Each coil is supplied with a current at a given frequency. Processing circuits (Dx,Dy,Dz) receive the 
signal produced by the magnetometer and effect synchronous demodulation of the signal at the respective 
frequencies, to provide signals (Bx,By,Bz) corresponding to the components of the magnetic field which 
exists in this region. 


JP11306328 
METHOD AND DEVICE FOR GENERATING TWO-DIMENSIONAL SCALAR FIELD 


KAWAI, NAOKI 

Classification: - international: G03F1/00; GO6T1/00; GO3F 1/00; G06T1/00; (1PC1-7): GO6T 1/00; 
GO03F 1/00 

Abstract -- PROBLEM TO BE SOLVED: To extract flow of each conduit from a conduit picture to 
generate a two-dimensional scalar field. SOLUTION: Conduits are extracted from the conduit picture one 
by one (S2), and representative points and values of flow are defined for each conduit, and respective 
values of flow are registered in positions corresponding to these representative points in a separately 
prepared two-dimensional area, and values of flow in other positions of the two-dimensional area are 
interpolated based on registered values of flow and their positions (S5), thus generating a two- 
dimensional scalar field. 


US5845220 
Communication method and apparatus with signals comprising scalar and vector 
potentials without electromagnetic fields 


PUTHOFF, HAROLD 

Classification: - international: H010Q7/00; H04B5/00; H01Q7/00; H04B5/00; (1IPC1-7): H04B1/00 

- European: H01Q7/00; H04B5/00 

Abstract of US 5845220 (A) 

Information that changes as a function of time is communicated from a transmitting site to a receiving site 
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by transmitting a signal comprising scalar and vector potentials without including ay electromagnetic 
field. The potentials vary as a function of time in accordance with the information. 


US3924210 
Field Shaping Magnet Structure 


1975-12-02 

Inventor(s): DIONNE NORMAN J 

Classification: - international: HO1J31/50; HO1F7/02; H01F7/20; H01J29/64; H01J31/08; HO1F7/02; 
H01F7/20; H01J29/58; (IPC1-7): HO1F7/02- European: HO1F7/02C1; HO01F7/20 

Also published as: NL7512795 // NL7512795 // NL172496 // NL172496 // JP51067961 


Abstract -- A magnet structure having a pair of spaced pole pieces interconnected by a reluctor circuit 
comprising an operatively aligned array of soft magnetic members suitably spaced apart by interposed 
nonmagnetic material to provide between the pole pieces a preferred magnetic scalar potential and an 
associated magnetic flux distributed as desired over a relatively large volume adjacent the array. 


http://amasci.com/hum/adetect.txt 


Date: 10 Feb 97 18:50:04 EST 
From: "Sara T. Allen" 
To: Taos Hum list serve <taoshum-l@eskimo.com> 


Subject: Scalar fields - Honeywell Patent Numbers 


List of patents by Raymond C. Gelinas but assigned to Honeywell: 
(note that a Vector Potential 1s a scalar field) 


4,429,280 
31 Jan 1984 
Apparatus and Method for Demodulation of a Modulated Curl-Free Magnetic Vector Potential. 


4,429,288 
31 Jan 1984 
Apparatus and Method for Modulation of a Curl-Free Magnetic Vector Potential Field. 


4,432,098 

14 Feb 1984 

Apparatus and Method for Transfer of Information by Means of a Curl-Free Magnetic Vector Potential 
Field. 


4,447,779 

8 May 1984 

Apparatus and Method for Determination of a Receiving Device Utilizing a Curl-Free Magnetic Vector 
Potential Field. 


4,605,897 

12 Aug 1986 

Apparatus and Method for Distance Determination Between a Receiving Device and a Transmitting 
Device Utilizing a Curl-Free Magnetic Vector Potential Field. 


4,491,795 
1 Jan 1985 
Josephson Junction Interferometer Device for Detection of Curl-Free Magnetic Vector Potential Fields. 


http://www.rexresearch.com/scalar/scalar.htm 12/17 


1/27/2019 Scalar Fields & Waves -- Collected articles & patents 


Also, you can find a good article in Scientific American of April 1989, pp. 56-62, "Quantum Interference 
and the Aharonov-Bohm Effect" by Yoseph Imry & Richard Webb. 


Another one: 


US5845220: Communication method and apparatus with signals comprising 
scalar and vector potentials without electromagnetic fields , H. Puthoff 


http://www.unusualresearch.com/scalarbib/scalarbib.htm 


Y. Aharonov and D. Bohm, "Significance of Electromagnetic Potentials in in the Quantum 
Theory," The Physical Review, vol. 115, no. 3, Aug. 1959. 

Abstract: In this paper, we discuss some interesting properties of the electromagneticpotentials in the 
quantum domain. We shall show that, contrary to theconclusions of classical mechanics, there exists 
effects of potentials oncharged particles, even in the region where all the fields (and therefore theforces 
on the particles) vanish. We shall then discuss possible experiments totest these conclusions; and, finally, 
we shall suggest further possibledevelopments in the interpretation of the potentials. 


Yoseph Imry and Richard A. Webb, "Quantum Interference and the Aharonov-Bohm Effect," 
Scientific American, vol. 260, no. 4, Apr. 1989. 

Abstract: Can electrons be influenced by a nearby magnet so well shieldedthat its force field cannot be 
detected? The counterintuitive answer is yes:an energy emanation from the magnet known as the potential 
does indeed affectthe electrons' wave function. This quantum-mechanical effect is being brought tobear 
on the development of new microelectronic devices. 


Capt. Robert M. Collins (TQTR), "Soviet Research On The A-Vector Potential and Scalar Waves 
(U),” Unknown. 

Abstract: Active in the areas of the Aharonov-Bohm effect as applied to the A-vector potential and scalar 
fields as applied to solving force related problems. 


Capt. Robert M. Collins (TQTR), "Soviet Research On Unified Field Theories, False Vacuum 
States, and Antigravity (U),' Unknown. 

Abstract: Theoretical progress in dealing with unified field theories...new concepts in weapons, 
transportation, propulsion 


Dr. Jack Dea, "Fundamental Fields and Phase Information," P.A.C.E. Newsletter, vol. 4, no. 3 ( 
Planetary Assoc. f. Clean Energy ) 


K.J. van Vlaenderen, "Electrodynamics with the scalar field," Sep. 2001. 

Abstract: The expressions of the electric and magnetic fields, that can be derived from the Li'enard- 
Wiechert potentials, are in good agreement with experiments. Surprisingly the Li'enard-Wiechert 
potentials do not satisfy the Lorenz gauge condition, therefore they cannot be regarded as solutions of the 
Maxwell equations in the Lorenz gauge, but only as solutions of the inhomogeneous potential wave 
equations. Therefore, the inhomogeneous potential wave equations should be regarded as a separate set of 
differential equation that are unconnected with Maxwell's equations. In order to simplify this theory of 
classical electrodynamics we propose a generalization of Maxwell's equations, such that a gauge of the 
potentials is unnecessary in order to derive the Lorenz inhomogeneous potential wave equations. This 
generalization can be described as a conditional current regauge that does not violate the conservation of 
charge. This has several consequences: - the generalized Maxwell equations also contain scalar field 
terms. - the prediction of a longitudinal electro-scalar wave (LES wave) in vacuum. - a generalized 
Lorentz force expression that contains an extra scalar term. - generalized energy and momentum 
theorems, with an extra power flow term associated with LES waves. 


E. T. Whittaker in Cambridge, "On the partial differential equations of mathematical physics," 
vol. 57, pp. 333-355, Nov. 1903. 

Although as much care as possible was taken in its reproduction, no warranty 1s expressed or implied as 
to the suitability or accuracy of this document for any purpose whatsoever. 
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D. What value of V GS would you need to 
turn the JFET completely OFF? 


E. When a JFET is alternately turned 
completely ON and OFF in a circuit, what type 
of component are you using the JFET as? 
Answers 

A. N-channel JFET. 

B. V GS = O V to turn the JFET completely 
ON. 


C. Drain saturation current (I DSS ). 

D. V GS should be a negative voltage for the 
N-channel JFET to turn it completely OFF. The 
voltage must be larger than or equal to the 
cutoff voltage. 

E. The JFET is being used as a switch. 

32 You can use a JFET to amplify AC 
signals by biasing the JFET with a gate to 
source voltage about halfway between the ON 
and OFF states. You can find the drain 
current that flows in a JFET biased to a 
particular V GS by using the following equation 
for the transfer curve: 


bJ 


In = Imee ee _ Ves _ 
D DSS E 
'GS(off) 
In this equation, | DSS is the value of the 


drain saturation current, and V GS(off) is the 
gate to source voltage at cutoff. Both of 
these are indicated on the transfer curve 
shown in Figure 8.31 . 
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CAVEAT: There are what appear to be errors in the original. Those that are changed are noted here. 
Spelling and other obvious errors remain as in the original. 

On Page 346: The first double integral was missing the 'x' on the 'x sin u cos v' term of the first argument 
of f(). 

Frank Lofaro gives the 1903 paper this description: 1903 paper on potentials being composed of 
harmonic phase-conjugate scalar pairs. 

He also gives the 1904 paper this description: 1904 paper on EM waves being composed of two scalars. 


E. T. Whittaker in Cambridge, "The Electromagnetic Field Due to Electrons by Means of Two 
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Figure 8.31 
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For the transfer curve shown in Figure 8.31 
, T DSS = 12mA and V GS(off) = —4 volts. 
Setting the bias volage at V GS = -2 volts 
returns the following value for the drain 


current: 


7 


In =12mA X 1- = = 12mA = (0.5) = 3mA 


Questions 
Calculate the drain current for the following: 
A. V GS = 21.5 


B. V GS = 20.5 volts —__ 

Answers 

A. 4.7 mA 

B. 9.2 mA 

Note Data sheets give a wide range of 
possible | DSS and V GS(off) ) values for a 
given JFET. You may need to resort to 


actually measuring these with the method 
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FIG. 9A 


shown in Project 4-2. 

33 For the circuit shown in Figure 8.30 , 
you choose the value of the drain to source 
voltage, V DS , and then calculate the value of 
the load resistor, R D , by using the following 


o (Vop o Vos) 


D= 


equation: 


For this problem, use ID = 3 mA, and a 
drain supply voltage (VDD ) of 24 volts. 
Calculate the value of R D that results in the 
specified value of V DS ; this is also the DC 
output voltage of the amplifier. 


Question 
Calculate the value of R D that will result in V 
DS = 10 volts. —_ 
Answers 

Vop — Vos 24 volts = 10 volts 14 volts 
R= DD Ds) =, ) _ — 467kO 

Ip 3mA 3mA 
34 The circuit shown in Figure 8.32 (which 

is referred to as a JFET common source 


amplifier ) applies a 0.5 V pp sine wave to 
the gate of the JFET and produces an 
amplified sine wave output from the drain. 
Figure 8.32 
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1 
METHODS AND SYSTEMS FOR WIRELESS 
ENERGY AND DATA TRANSMISSION 


This application claims the benefit of provisional patent 
application Ser. No. 61/004,373, filed Nov. 27, 2007. This 
application hereby incorporates by reference the entire con- 
tents of each of U.S. non-provisional patent application Ser. 
No. 12/152,545 titled “System and Method for Forming and 
Controlling Electric Arcs,” filed May 15, 2008; U.S. non- 
provisional patent application Ser. No. 12/152,525 titled 
“System and Method for Controlling an Electromagnetic 
Field Generator,” filed May 15, 2008; and U.S. non-provi- 
sional patent application Ser. No. 12/214,655 titled “System 
and Method for Using a Vacuum Core High Temperature 
Superconducting Resonator,” filed Jun. 20, 2008. 


FIELD OF THE INVENTION 


The present invention relates to methods and systems for 
wireless energy and data transmission. 


BACKGROUND OF THE INVENTION 


It may be desirable to have a system and method for wire- 
less energy and data transmission, especially in fields includ- 
ing, but not limited to, manufacturing, robotics, and consumer 
devices. By powering devices through wireless transmission 
of energy, the requirement for batteries or other chemical 
energy storage means may be reduced. In turn this may reduce 
the need for copper or aluminum cabling manufacturing costs 
and battery waste, thereby resulting in more environmentally 
friendly products. 

The use of wireless transmission of energy may also sim- 
plify installation, as said devices may be moved without labor 
intensive rewiring. An additional benefit may be gained from 
the simultaneous transmission of data over the same carrier 
wave that transmits the energy for similar reasons of utility, 
device simplicity, and cost reduction through the use of fewer 
discrete devices in a given device design. Such use may also 
conserve bandwidth in other wireless pure data transmission 
regimes, which may lead to increased network efficiencies. 


SUMMARY OF THE INVENTION 


In certain aspects, the present invention may provide a 
system for wirelessly transmitting and receiving energy. In 
one aspect, the system may include an emitter and a receiver. 
The emitter may include a primary emitting winding wrapped 
around a first support and having first and second ends 
coupled to a driver and a secondary emitting winding 
wrapped around a second support and having a first end of the 
secondary emitting winding coupled to a first top load and a 
second end. The receiver may include a primary receiving 
winding wrapped around a third support and having first and 
second ends coupled to first and second inputs of a rectifying 
circuitry, respectively. The first output of the rectifying cir- 
cuitry may be coupled to a first terminal of one or more 
capacitors and a second output of the rectifying circuitry may 
be coupled a second terminal of the one or more capacitors. 
The receiver may further include a secondary receiving wind- 
ing wrapped around a fourth support and having a first end 
coupled to a second top load and a second end. 

In one aspect, the second support may be located within the 
first support and the fourth support may be located within the 
third support. In another aspect, the first support may be 
located with the second support and the third support may be 
located within the fourth support. 
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In one aspect, the emitter may include a primary emitting 
winding wrapped around a first support and having first and 
second ends coupled to a driver, a secondary emitting wind- 
ing wrapped around a second support and having first and 
second ends, and a tertiary emitting winding wrapped around 
a third support and having a first end of the tertiary emitting 
winding coupled to the first end of the secondary emitting 
winding and the second end of the tertiary emitting winding 
coupled to a first top load. In one aspect, the receiver may 
include a primary receiving winding wrapped around a fourth 
support and having first and second ends coupled to first and 
second inputs of a rectifying circuitry, respectively, where a 
first output of the rectifying circuitry is coupled to a first 
terminal of one or more capacitors and a second output of the 
rectifying circuitry 1s coupled to a second terminal of the one 
or more capacitors. The receiver may further include a sec- 
ondary receiving winding wrapped around a fifth support and 
having first and second ends and a tertiary receiving winding 
wrapped around a sixth support and having a first end of the 
tertiary receiving winding coupled to the first end of the 
secondary receiving winding and the second end of the ter- 
tiary receiving winding coupled to a second top load. 

In further aspects, the first support may be located within 
the second support, the fourth support may be located within 
the fifth support, the third support may be located above the 
first and second supports, and the sixth support may be 
located above the fourth and fifth supports. 

In another aspect, the second support may be located with 
the first support, the fifth support may be located within the 
fourth support, the third support may be located above the first 
and second supports, and the sixth support may be located 
above the fourth and fifth supports. 

In one aspect, the present invention may provide for a 
method of wirelessly transferring data and energy. The 
method may include inputting a data signal, inputting power 
to a driver, generating a carrier wave with the driver at a 
resonant frequency of an emitter, modulating the carrier wave 
based on the data signal to create a combined signal, driving 
the combined signal to an AC input on the emitter, electro- 
magnetically coupling the emitter to a receiver, reproducing 
the combined signal in an AC output of the receiver, rectifying 
the AC output into DC power, demodulating the combined 
signal into the data signal, and transmitting the data signal to 
a device. 

In one aspect, the present invention may provide for a 
method of wirelessly transmitting and receiving energy. The 
method may include transmitting an alternating current into a 
driver coupled to a primary emitting winding of an emitter, 
inducing the alternating current into a secondary emitting 
winding of the emitter, sensing a frequency of the alternating 
current on the secondary emitting winding, transmitting a 
feedback signal to the driver based on the frequency, driving 
the AC current into the primary emitting winding at the reso- 
nant frequency of the secondary emitting winding, electro- 
magnetically coupling the emitter to a receiver, inducing the 
alternating current into a secondary receiving winding of the 
receiver, inducing the alternating current into a primary 
receiving winding of the receiver, outputting the alternating 
current into a rectifying circuitry, rectifying the alternating 
current into a direct current; reducing ripples on the direct 
current, and transmitting the direct current to a device. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Features and other aspects of embodiments of the present 
invention are explained in the following description taken in 
conjunction with the accompanying drawings, wherein: 
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FIG. 1A illustrates a general system including a Tesla coil 
emitter and receiver according to one aspect of the system and 
method of the present disclosure; 

FIG. 1B illustrates a general system including a Tesla coil 
emitter and receiver in plan view according to one aspect of 
the system and method of the present disclosure; 

FIG. 1C illustrates a schematic representation of a Tesla 
coil emitter and receiver according to one aspect of the system 
and method of the present disclosure; 

FIG. 1D illustrates a general system including Tesla coil 
emitter and receiver each with tertiary windings and the pri- 
mary windings located within the secondary windings 
according to one aspect of the system and method of the 
present disclosure; 

FIG. 1E illustrates a receiver including materials of high 
magnetic permeability according to one aspect of the system 
and method of the present disclosure; 

FIG. 2 illustrates a driving circuit detail according to one 
aspect of the system and method of the present disclosure; 

FIG. 3 illustrates a magnetic field coupling of the coils 
according to one aspect of the system and method of the 
present disclosure; 

FIG. 4 illustrates a receiver rectification circuit detail with 
capacitor bank according to one aspect of the system and 
method of the present disclosure; 

FIG. 5 illustrates a variable tap implemented on Tesla coil 
according to one aspect of the system and method of the 
present disclosure; 

FIG. 6 illustrates an example of application of a system to 
provide power for utilization according to one aspect of the 
system and method of the present disclosure; 

FIG. 7 illustrates a coaxial orientation of emitter and 
receiver according to one aspect of the system and method of 
the present disclosure; 

FIG. 8 illustrates a Tesla coil emitter and receiver accord- 
ing to one aspect of the system and method of the present 
disclosure; 

FIG. 9A illustrates a reversible Tesla coil system where the 
function of emitter and receiver may alternate according to 
one aspect of the system and method of the present disclosure; 

FIG. 9B illustrates circuitry for a reversible Tesla coil sys- 
tem where the function of emitter and receiver may alternate 
according to one aspect of the system and method of the 
present disclosure 

FIG. 10 illustrates a representative example of a network of 
Tesla coil emitters and receivers according to one aspect of 
the system and method of the present disclosure; 

FIG. 11 illustrates a representative method of information 
and power transmission using a Tesla coil system according 
to one aspect of the system and method of the present disclo- 
sure; 

The drawings are exemplary, not limiting. It is intended for 
items that are labeled with the same number in multiple 
figures to refer to the same item throughout the figures. 


DETAILED DESCRIPTION 


Various embodiments of the present invention will now be 
described in greater detail with reference to the drawings. 

As shown in FIG. 1A, one aspect may include two Tesla 
resonators 101 and 102, which may be electromagnetically 
coupled through emitting a time-varying magnetic and/or 
electric field 9. Tesla resonators 101 and 102 may be oriented 
parallel to each other. The emitting Tesla resonator apparatus 
(“emitter”) 101 may emit the field, while the receiving Tesla 
coil apparatus (“receiver”) 102 may subtend the magnetic 
field from the emitter 101. Parallel orientation of emitter 101 
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and receiver 102 may ensure maximum flux coupling 
between them. Emitter 101 may include primary winding 1E, 
secondary winding 2E, support apparatus for primary wind- 
ing 10E, and support apparatus for secondary winding 20E; 
receiver 102 may include primary winding 1R, secondary 
winding 2R, support apparatus for primary winding 10R, and 
support apparatus for secondary winding 20R. Primary and 
secondary windings 1E, 1R, 2E, and 2R may be composed of 
any common wiring material used in the implementation or 
construction of coils and transformers. Other aspects may use 
other materials. Primary structural supports 10E and 10R and 
secondary structural supports 20E and 20R may be composed 
of ceramic, plastic, Plexiglas.R'TM., or any other insulating or 
nonconductive (e.g., dielectric) material. Primary winding 1E 
and 1R may be wrapped around primary structural supports 
10E and 10R, respectively, and secondary windings 2E and 
2R may be wrapped around secondary structural supports 
20E and 20R, respectively. Windings 1E, 1R, 2E, and 2R may 
be wrapped in a helically-coiled fashion, where each primary 
winding 1E and 1R is oriented similarly as its respective 
secondary winding 2E and 2R. In such aspects, the ends of 
each winding may not be helically-coiled, as, in various 
aspects, they may be coupled to other windings, circuitry, or 
to ground. Primary and secondary structural supports 10E, 
10R, 20E, and 20R may be cylindrical in shape. With respect 
to structural supports and windings, emitter 101 may be sub- 
stantially identical to, or identically arranged as, receiver 102. 

In one aspect, primary windings 1E and 1R may be 6 AWG 
wire; secondary windings 2E and 2R may be 24 AWG wire; 
and tertiary windings 3E and 3R may be 28 AWG wire. In 
another aspect, secondary windings 2E and 2R may have 
1,800 turns; tertiary windings 3E and 3R may have 2,400 
turns; primary receiver winding 1R may have 12 turns; and 
primary emitter winding 1E may have 28 turns. In other 
aspects, other wire and different number of turns may be used. 
The drawings of the windings in the figures are not intended 
to show the exact number of turns or ratio of turns used in 
aspects of the present invention. In one aspect, primary struc- 
tural supports 10E and 10R may be about 12 inches each in 
diameter; secondary structural supports 20E and 20R may be 
about 8 inches each in diameter; and tertiary structural sup- 
ports 40E and 40R may be each about 6 inches in diameter. In 
one aspect, top loads 30E and 30R may be each about 2.5 
inches thick, about 8 inches in outer diameter, and about 6 
inches in inner diameter. In one aspect having primary wind- 
ings 1E and 1R located within secondary windings 2E and 
2R, respectively (as shown in FIG. 1D according to one 
aspect), primary structural supports 10E and 10R may have a 
smaller diameter than secondary structural supports 20E and 
20R, for example, 6 inches in outer diameter. In one aspect 
having tertiary windings 3E and 3R, an end cap made of a 
nonconductive material may be used on the larger of the 
primary and secondary structural supports 10E, 10R, 20E, 
and 20R in order to provide a base for tertiary structural 
supports 40E and 40R. In other aspects, other sized supports 
and top loads may be used. 

In one aspect, top load 30E and/or 30R may be provided on 
the secondary winding 2E and/or 2R that may reduce eddy 
currents and corona and thereby may reduce electric leakage 
of the device through corona. Secondary top load 30E and 
30R may be comprised of a toroidal metal shape with a hole 
cut out of the center of the toroid that 1s penetrated by the inner 
diameter of secondary support 20E and/or 20R of secondary 
winding 2E and/or 2R. In these aspects, the final coil in the 
series (whether secondary or tertiary) may receive top load 
30E and/or 30R. Using top load 30E and/or 30R may reduce 
energy loss by about 5-10% by reducing eddy currents. In 
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another aspect, toroidal top load 30E and/or 30R may also use 
a vertical slit as opposed to the circular hole for similar 
purposes and effects. 

As shown in FIG. 1D, one aspect may include primary 
windings 1E and 1R wrapped around primary structural sup- 
ports 10E and 10R, respectively, and have primary structural 
supports 10E and 10R located within secondary structural 
supports 20E and 20R, respectively. In further aspects, one or 
more tertiary windings 3E and 3R may be wrapped around 
tertiary structural supports 40E and 40R, respectively, which 
sit on top of primary and secondary structural supports 10E, 
20E, 10R, and 20R. In further aspects, tertiary emitting wind- 
ing 3E having two ends wrapped around tertiary support 
structure 40E may be coupled to the end of secondary emit- 
ting winding 2E that 1s not connected to ground. The other end 
of the tertiary emitting winding 3E may be connected to top 
load 30E (or, in other aspects, to another emitting winding in 
the same pattern (not shown)). In further aspects, tertiary 
emitting winding 3E may have more windings than secondary 
emitting winding 2R in order to create more voltage if more 
voltage is desired. 

In further aspects, tertiary recetving winding 3R having 
two ends wrapped around tertiary support structure 40R may 
be connected to the end of secondary receiving winding 2R 
that is not connected to ground. The other end of tertiary 
receiving winding 3R may be connected to top load 30R (or, 
in other aspects, to another emitting winding in the same 
pattern (not shown)). In further aspects, tertiary receiving 
winding 3R may have more windings than secondary receiv- 
ing winding 2R in order to create more voltage if more voltage 
is desired. 

In further aspects, the system may include one or more 
tertiary Tesla resonators (not shown) or emitters (not shown). 
In further aspects, additional windings may be used; there- 
fore, aspects are not intended to be limited to merely two or 
three windings. 

In further aspects, AC voltage 4 may be presented through 
application ofa solid state driving system that drives primary 
emitting winding 1E at the resonant frequency of Tesla reso- 
nators’ 101 and 102. Receiver 102 may receive energy 
through electromagnetic coupling to emitter 101. 

In further aspects, the coil structure of emitter 101 and 
receiver 102 may be substantially identical, with one differ- 
ence being the driving circuitry of emitter 101 and the recti- 
fication circuitry of receiver 102. In further aspects, emitter 
101 and receiver 102 may be provided with the rectification 
and switching circuits along with circuitry to switch between 
the two, so that energy may be transferred back and forth 
between emitter 101 and receiver 102. In further aspects, an 
electromagnetic field couples emitter 101 to receiver 102. 
Current from primary winding emitter 1E ultimately may 
couple through the exchange of electromagnetic energy into 
receiver 102. That is, primary emitting winding 1E may 
induce AC voltage 99 on primary receiving winding 1R 
through electromagnetic coupling between emitter 101 and 
receiver 102. AC out 99 may be rectified by full bridge recti- 
fier 5 and may charge capacitor 6 with DC out 91 voltage. 

In aspects, emitter 101 and receiver 102 may be spatially 
distributed, either in fixed positions or mobile. These fixed 
positions may not be in set locations, so long as receiver 102 
is within a certain range of emitter 101 that may be deter- 
mined by the electromagnetic field intensity of a particular 
device. Likewise, a mobile receiver 102 may not be required 
to be constrained to a track or fixed path but so long as it 
remains within a certain range of one or more emitters 101. In 
further aspects, multiple emitters 101 and receivers 102 may 
be used, where several receivers 102 may draw energy from 
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one emitter 101 or a single receiver 102 may draw energy 
from multiple emitters 101 (and so forth). 

FIG. 1B displays emitter 101 and receiver 102 in plan view 
according to one aspect of the system of the present disclo- 
sure. 

FIG. 1C shows an electrical schematic according to one 
aspect The resonant frequency 1s given by equation Fr=1/(2 pi 
sqrt(LC)), where C is capacitive value of 13R and L is induc- 
tive value of lumped inductance 12R of secondary emitting 
winding 2E. 

As shown in FIG. 1C, further aspects may include second- 
ary emitting winding 2E and loading capacitor 13R, which 
may be attached to ground 8E and 8R. In further aspects, 
secondary emitting winding 2E may be floating, that is, not 
connected to electrical ground. In further aspects, loading 
capacitor 13R may be floating. 

As shown in FIG. 1E, one aspect may include cylinders of 
high permeability material (e.g., iron, Mu metal, HyMu80) 
50R and 60R in structural supports 30R and 40R, respec- 
tively. Use of cylinders of high permeability material 50R and 
60R in receiver 102 may make the power transfer more effi- 
cient between emitter 101 and receiver 102 by concentrating 
the magnetic flux within the windings surrounding the cylin- 
ders of high permeability material 50R and 60R. In one 
aspect, cylinders of high permeability material 50R and 60R 
may be solid. In another aspect, cylinders of high permeabil- 
ity material 50R and 60R may be hollow, such as, a sheet of 
such material wrapped into a cylindrical form. In other 
aspects, high permeability material 50R and 60R may be a 
form in shapes other than a cylinder. 

FIG. 2 shows the driving circuit of emitter 101 according to 
one aspect of the system of the present disclosure. Primary 
emitting winding IE may be driven by insulated gate bipolar 
transistors (“IGBT”s) 16, 17, 18, and 19 in an H-bridge con- 
figuration with a power source 3. The AC signal to primary 
emitting winding 1E may thereby induce a voltage in second- 
ary winding 2E, initiating the Tesla coil effect. 

Further aspects may include a feedback system that moni- 
tors the direction of current via current drive transformer 14. 
In one aspect, current drive transformer 14 is coupled to 
secondary emitting winding 20E. Current drive transformer 
14 may sense current on secondary emitting winding 20E, 
where current drive transformer 14 may provide voltage in 
response to oscillation at the resonant frequency of secondary 
emitting winding 20E. Digital feedback signal 15 may be a 
logic “1” signifying current flowing in one direction and a 
logic “O” signifying current flowing in the opposite direction. 
Feedback signal 15 may allow the H-bridge to determine 
when to switch its transistors such that induced current flows 
into emitter 101 from primary emitting winding 1E may 
constructively interfere to increase magnetic flux in emitter 
101. In further aspects, the feedback system drives primary 
emitting winding 1E at the resonant frequency of secondary 
emitting winding 2E. 

In further aspects, feedback signal 15, filtered with invert- 
ing 131 and non-inverting 13B IGBT gate drive system, may 
create logic signals 20a and 205. Logic signals 20a and 206 
may drive the H-bridge with the frequency, phase, and polar- 
ity for an AC 1n wave to flow to primary emitter winding 1 E 
to amplify the resonating field in emitter 101. Thus, the device 
may be self-correcting in phase and frequency. 

FIG. 3 shows a magnetic field coupling between emitter 
101 and receiver 102 according to one aspect. Magnetic flux 
lines 22 are intended to be drawn to show that secondary 
receiving winding 2R of receiver 102 is immersed in field 22. 
In further aspects, AC voltage 99 may result from the mag- 
netic field coupling and the effect of secondary receiving 
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winding 2R and primary receiving winding 1R. Because of 
the physical properties of Tesla coils, when an exciting volt- 
age 1s presented to 99, receiver 102 may be capable of acting 
as an emitter and transferring energy to emitter 101. 

Wireless energy transfer may allow the conversion of the 
AC signal 99 from primary receiving winding 1R into a useful 
form. As shown in FIG. 4, according to one aspect of the 
system of the present disclosure, the conversion ofAC voltage 
output 99 to DC voltage across capacitor 27 may occur from 
induced current in primary receiver winding 1R, which was 
demonstrated as induced by a coupled magnetic field between 
Tesla resonators 101 and 102. DC voltage exiting diode array 
24 may be imperfect because of possible ripples. Output 
current 99 may be rectified via high recovery speed diodes 
and diode array 24 and stored into, for example, capacitor 
bank 401, as shown according to one aspect. In further 
aspects, high recovery speed diodes and diode array 24 may 
be rated at, for example, 1200V, 60 A with a reverse recovery 
time of 30 ns and a speed for fast recovery =<500 ns and 
=>200 mA. In one aspect, adding diodes (not shown) to diode 
array 24 may allow the system to handle higher voltages. 

In further aspects, capacitor bank 401 may be a system of 
capacitors for the purpose of storing energy. The system may 
include low inductance polymeric capacitor 26 and snubber 
capacitor 25 acting as filters connected in parallel to electro- 
lytic capacitor 27 acting as a storage capacitor for fast charg- 
ing and discharging of capacitors 25, 26, and 27. Low internal 
and external stray inductance may be achieved by minimum 
length of wires interconnecting capacitors 25 and 26 and 
capacitor 27. Diode array 24 may be connected to inputs of 
capacitor bank 401 through leads 402 and 403 between the 
positive (+) and negative (—) outputs on diode array 24 and the 
positive (+) and negative (-) inputs on capacitor bank 401. In 
further aspects, minimizing and equalizing the inductance of 
leads 402 and 403 may be accomplished by ensuring leads 
402 and 403 are of equal length, and as short as possible. 

As shown in FIG. 5, further aspects may include variable 
tap 28 on primary receiving winding 1R of receiver 102. 
Variable tap 28 may be a moveable and changeable connec- 
tion on a transformer through which the voltage may be 
changed. Variable tap 28 may change the voltage output to the 
voltage input ratio, similar to the ways an iron core trans- 
former with multiple primary taps may change in voltage with 
relative voltage output to voltage input ratio change. Because 
in aspects, the system is reversible, variable tap 28 may be 
coupled to primary emitting winding 1E or emitter 101. 

As shown in FIG. 6, further aspects may include receiver 
102 with primary receiver winding 1R and variable pick-up 
tap 28. For example, if it is desired to have 12 VDC for a 
standard DC-to-AC (60 hz) inverter, primary receiver wind- 
ing 1R may be tapped by variable tap 28, such that the RF 
output may be about ~10 Vrms, which yields about ~14 Vdc, 
so up to about 2 Vdc may be lost by forward diode drops over 
rectifying diodes 24. DC rectifying array 24 and capacitors 
25, 26, and 27 may allow stable and constant DC power to 
inverter 31. In further aspects, this may be a particularly 
useful configuration due to the widespread use of 60 Hz 120 
VAC for power applications. However, many different DC 
and AC outputs could be synthesized from the signal gener- 
ated by primary receiving winding 1R. In one aspect, device 
602 may receive DC power from the system by being con- 
nected to positive (+) output 27 through wire 601, and device 
32 may receive AC power from DC inverter 31. 

As shown in FIG. 7 according to aspects, emitter 101 and 
receiver 102 may be oriented in a manner whereby the wind- 
ings could remain parallel but share a common coil axis. 
Alternatively, in further aspects, the coils may be oriented in 
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a similar configuration, for example, as shown in FIG. 1A, but 
without a common coil axis (not shown), for example, if two 
coils were placed on different floors of a building (like at the 
top-left corner of a second floor and bottom right corner of a 
first floor). In other aspects, emitter 101 and receiver 102 may 
be transposed such that top loads 30E and 30R are facing each 
other. 

As shown in FIG. 8 according to further aspects, because it 
is possible to achieve high voltages on secondary windings 
2E and 2R, an arc suppression system may be implemented 
on emitter 101. FIG. 8 is illustrated to show such an aspect, 
given the cylinders labeled 38 surrounding windings 1R, 2R, 
1E, and 2E are constructed as, for example, a gas tight enclo- 
sure. In another aspect, emitter 101 and/or receiver 102 may 
be immersed in an atmosphere of higher dielectric breakdown 
strength compared to air (for example, sulfur hexafluoride) to 
suppress corona and breakdown arcs. In one aspect, cylinders 
38 may be vacuums. 

In one aspect, emitter 101 and receiver 102 may be 
screened by a Faraday-cage type of enclosure 801 to reduce 
electric fields around the system. This aspect may operate as 
a transformer. Driving circuitry 4 may be inside or outside 
Faraday-cage type of enclosure 801, but the power supply to 
driving circuitry 4 is outside Faraday-cage type of enclosure 
801. Wire 601 may transfer DC power to device 602 outside 
Faraday-cage type of enclosure 801. In one aspect, Faraday- 
cage type of enclosure 801 is connected to ground 7. In one 
aspect, secondary windings 2E and 2R are floating and, there- 
fore, are not connected to grounds 8E and 8R. 

As shown in FIGS. 9A and 9B, according to one aspect of 
the present disclosure, Tesla resonators 1501 and 1502 may 
couple energy to each other and may be “reversible,” 1.e., each 
Tesla resonator 1501 and 1502 may emit and receive energy 
so either one may be used. In FIG. 9A, resonators 1501 and 
1502 are each coupled to driving circuits 901 and 902 so each 
may act as an emitter and/or a receiver. In one aspect, if IGBT 
35 of circuit 901 is set to closed by logic signal 200, then 
circuit 901 would function as downstream circuitry of 
receiver 102 and, therefore, would ultimately produce DC 
current at DC out 36 (as shown in FIG. 6). In one aspect, if 
IGBT 35 of circuit 901 is set to open by logic signal 20Q, then 
circuit 901 would function as emitter 101. 

As shown in FIG. 10, in one aspect, the system of the 
present disclosure may include receivers 1003R, 1005R, and 
1006R and emitters 1001E, 1002E, and 1004E may be 
arranged to relay energy. In one aspect, two emitters 1001 and 
1002 transmit energy wirelessly to a receiver 1003R that is 
connected through, for example, wires 1008 and 1009 to a 
third emitter 1004E. Emitter 1004E may then wirelessly 
power three separate receivers 1005R, 1006R, and 1007R. It 
should be noted that this illustration is provided as an example 
of a repeater winding network and not as a limiting design. 

As shown in FIG. 11, another aspect of the system of the 
present disclosure may include the use of imposing a modu- 
lation upon the basic carrier wave emitted from emitter 101. 
Any number of digital or analog modulation methods or 
schemes may be applied to a basic carrier wave. After recep- 
tion by receiver 102, the carrier wave may be demodulated to 
provide information transfer while using the same carrier 
wave for power transfer. This simultaneous transfer of infor- 
mation and power may be effectuated by using the same 
devices discussed in aspects of the present invention, e.g., 
emitter 101 and receiver 102. 

For example, in one aspect, the system may transmit 
energy along with an audio signal. The audio signal may be 
modulated, such as with pulse width modulation (PWM) or 
amplitude modulation (AM) onto, for example, an 80 kHz 
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power carrier signal from emitter 101E to receiver 102R 
embodied within a speaker assembly. One of ordinary skill in 
the art would understand that alternative modulation 
schemes, such as, frequency modulation (FM) or phase 
modulation, may be used with the system as described in 
aspects of the present disclosure. 

In one aspect, signal input 1702 is modulated using modu- 
lator 1703 and combined with power input 1701 through the 
driving circuit 4Q (as shown according in FIG. 2 according to 
one aspect of the present invention). In this aspect, the high- 
frequency side of the input signal becomes a mixer, imposing 
the data signal on AC input 99, which is the carrier wave 
frequency, generated by driving circuit 4Q. The speaker 
assembly with emitter 101 E may be placed anywhere within 
a range of receiver 102R and be self-powered by reception of 
power from emitter 101E to drive electronics to demodulate 
the carrier signal to reproduce the audio signal. 

In further aspects, demodulator 1704 may be placed to 
sense combined signal 99 reproduced at the output of the 
receiver 102R. The signal may be sensed by direct connection 
or by other means familiar to one of ordinary skill in the art. 
Data signal 1706 is then produced by demodulator 1704. The 
carrier component of signal 99 is fed into circuitry 1705, 
which may include diode array 24 (as shown in FIG. 4 accord- 
ing to one aspect), capacitor bank 401 (as shown in FIG. 4 
according to one aspect), and circuitry 603 (as shown in FIG. 
6 according to one aspect) as necessary to produce power. 

In one aspect, circuitry for performing driving circuitry 4Q 
and modulator 1703 are described in U.S. non-provisional 
patent application Ser. No. 12/152,525 titled “System and 
Method for Controlling an Electromagnetic Field Generator,” 
filed May 15, 2008. 

Although illustrative embodiments have been shown and 
described herein in detail, it should be noted and will be 
appreciated by those skilled in the art that there may be 
numerous variations and other embodiments that may be 
equivalent to those explicitly shown and described. For 
example, the scope of the present invention is not necessarily 
limited in all cases to execution of the aforementioned steps in 
the order discussed. Unless otherwise specifically stated, 
terms and expressions have been used herein as terms of 
description, not of limitation. Accordingly, the invention is 
not to be limited by the specific illustrated and described 
embodiments (or the terms or expressions used to describe 
them) but only by the scope of claims. 


The invention claimed is: 

1. A system for wirelessly transmitting and receiving 
energy, comprising: 

an emitter, comprising: 

a primary emitting winding wrapped around a first sup- 
port and having first and second ends coupled to a 
driver; and 

a secondary emitting winding wrapped around a second 
support and having a first end of the secondary emit- 
ting winding coupled to a first top load and a second 
end; and 

a receiver, comprising: 

a primary receiving winding wrapped around a third 
support and having first and second ends coupled to 
first and second inputs of a rectifying circuitry, 
respectively, where a first output of the rectifying 
circuitry is coupled to a first terminal of one or more 
capacitors and a second output of the rectifying cir- 
cuitry is coupled to a second terminal of the one or 
more capacitors; and 
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a secondary receiving winding wrapped around a fourth 
support and having a first end coupled to a second top 
load and a second end; 

wherein the second support is located within the first sup- 

port and the fourth support is located within the third 

support. 

2. The system of claim 1, wherein the second support is 
approximately concentric with the first support and the fourth 
support is approximately concentric with the third support. 

3. The system of claim 1, further comprising a Faraday 
cage containing the emitter and the receiver. 

4. The system of claim 1, wherein the rectifying circuitry 
includes a diode array. 

5. The system of claim 1, wherein the one or more capaci- 
tors includes one or more snubber capacitors, low inductance 
polymeric capacitors, and electrolytic capacitors. 

6. The system of claim 1, wherein a device is coupled to a 
positive output of the one or more capacitors. 

7. The system of claim 1, wherein the driver includes a 
feedback system and insulated gate bipolar transistors in an 
H-bridge configuration. 

8. The system of claim 1, further comprising a variable tap 
coupled to the primary receiving winding. 

9. The system of claim 1, further comprising a first gas- 
tight container surrounding the emitter and a second gas-tight 
container surrounding the receiver. 

10. The system of claim 9, wherein the first and second 
gas-tight containers include a gas with a high-dielectric atmo- 
sphere. 

11. The system of claim 9, wherein the first and second 
gas-tight containers are vacuums. 

12. The system of claim 1, wherein the first, second, third, 
and fourth supports are non-conductive tubes. 

13. The system of claim 1, wherein the second end of the 
secondary emitting winding is coupled to a first ground. 

14. The system of claim 1, wherein the second end of the 
secondary receiving winding is coupled to a first ground. 

15. The system of claim 13, wherein the second end of the 
secondary receiving winding is coupled to a second ground. 

16. The system of claim 1, wherein the one or more capaci- 
tors comprises a capacitor bank. 

17. A system for wirelessly transmitting and receiving 
energy, comprising: 

an emitter, comprising: 

a primary emitting winding wrapped around a first sup- 
port and having first and second ends coupled to a 
driver; 

a secondary emitting winding wrapped around a second 
support and having first and second ends; and 

a tertiary emitting winding wrapped around a third sup- 
port and having a first end of the tertiary emitting 
winding coupled to the first end of the secondary 
emitting winding and the second end of the tertiary 
emitting winding coupled to a first top load; and 

a receiver, comprising: 

a primary receiving winding wrapped around a fourth 
support and having first and second ends coupled to 
first and second inputs of a rectifying circuitry, 
respectively, where a first output of the rectifying 
circuitry is coupled to a first terminal of one or more 
capacitors and a second output of the rectifying cir- 
cuitry is coupled to a second terminal of the one or 
more capacitors; 

a secondary receiving winding wrapped around a fifth 
support and having first and second ends; and 

a tertiary receiving winding wrapped around a sixth 
support and having a first end of the tertiary receiving 
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winding coupled to the first end of the secondary 
receiving winding and the second end of the tertiary 
receiving winding coupled to a second top load; 

wherein the first support is located within the second 
support, the fourth support is located within the fifth 
support, the third support is located above the first and 
second supports, and the sixth support is located 
above the fourth and fifth supports. 

18. The system of claim 17, wherein the second end of the 
secondary emitting winding is coupled to a first ground. 

19. The system of claim 17, wherein the second end of the 
secondary receiving winding is coupled to a first ground. 

20. The system of claim 18, wherein the second end of the 
secondary emitting winding is coupled to a first ground. 

21. A method of wirelessly transferring data and energy, 
comprising: 

(a) inputting a data signal; 

(b) inputting power to a driver; 

(c) generating a carrier wave with the driver at a resonant 

frequency of an emitter; 

(d) modulating the carrier wave based on the data signal to 

create a combined signal; 

(e) driving the combined signal to an AC input on the 

emitter; 

(f) electromagnetically coupling the emitter to a receiver; 

(g) reproducing the combined signal in an AC output of the 

receiver; 

(h) rectifying the AC output into DC power; 

(1) demodulating the combined signal into the data signal; 

and 

(j) transmitting the data signal to a device. 

22. The method of claim 21, wherein the data signal is an 
audio signal. 

23. The method claim 21, wherein the data signal 1s modu- 
lated using one of amplitude modulation, pulse width modu- 
lation, frequency modulation, and phase modulation. 

24. The method of claim 21, wherein the device is an audio 
speaker. 

25. The method of claim 21, wherein the rectifying the AC 
output into DC power is done through a rectifying circuitry 
and a capacitor bank. 

26. The method claim 21, wherein the driver includes a 
feedback system and insulated gate bipolar transistors in an 
H-bridge configuration. 

27. The method of claim 21, wherein the modulating step 
further comprises modulating the amplitude of the carrier 
wave. 

28. The method of claim 21, wherein, 

the emitter comprises: 

a primary emitting winding wrapped around a first sup- 
port and having first and second ends coupled to a 
driver; 

a secondary emitting winding wrapped around a second 
support and having first and second ends; and 

a tertiary emitting winding wrapped around a third sup- 
port and having a first end of the tertiary emitting 
winding coupled to the first end of the secondary 
emitting winding and the second end of the tertiary 
emitting winding coupled to a first top load; and 

the receiver comprises: 

a primary receiving winding wrapped around a fourth 
support and having first and second ends coupled to 
first and second inputs of a rectifying circuitry, 
respectively, where a first output of the rectifying 
circuitry is coupled to a first terminal of one or more 
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capacitors and a second output of the rectifying cir- 
cuitry is coupled to a second terminal of the one or 
more capacitors; 

a secondary receiving winding wrapped around a fifth 
support and having first and second ends; and 

a tertiary receiving winding wrapped around a sixth 
support and having a first end of the tertiary receiving 
winding coupled to the first end of the secondary 
receiving winding and the second end of the tertiary 
receiving winding coupled to a second top load. 

29. The method of claim 21, wherein 
the emitter comprises: 

a primary emitting winding wrapped around a first sup- 
port and having first and second ends coupled to a 
driver; 

a secondary emitting winding wrapped around a second 
support and having a first end of the secondary emit- 
ting winding coupled to a first top load and a second 
end; and 

the receiver comprises: 

a primary receiving winding wrapped around a third 
support and having first and second ends coupled to 
first and second inputs of a rectifying circuitry, 
respectively, where a first output of the rectifying 
circuitry is coupled to a first terminal of one or more 
capacitors and a second output of the rectifying cir- 
cuitry is coupled to a second terminal of the one or 
more capacitors; and 

a secondary receiving winding wrapped around a fourth 
support and having a first end coupled to a second top 
load and a second end. 

30. A system for wirelessly transmitting and receiving 
energy, comprising: 
an emitter, comprising: 

a primary emitting winding wrapped around a first sup- 
port and having first and second ends coupled to a first 
driver, wherein the first driver is coupled to first and 
second inputs of a rectifying circuitry respectively, 
where a first output of the rectifying circuitry is 
coupled to one or more capacitors through a first 
terminal of the one or more capacitors and a second 
output of the rectifying circuitry is connected to the 
one or more capacitors through a second terminal of 
the one or more capacitors; and 

a secondary emitting winding wrapped around a second 
support and having a first end of the secondary emit- 
ting winding coupled to a first top load and a second 
end; and 

a receiver, comprising: 

a primary receiving winding wrapped around a third 
support and having first and second ends coupled to a 
second driver, wherein the second driver is coupled to 
first and second inputs ofa rectifying circuitry respec- 
tively, where a first output of the rectifying circuitry is 
coupled to one or more capacitors through a first 
terminal of the one or more capacitors and a second 
output of the rectifying circuitry is connected to the 
one or more capacitors through a second terminal of 
the one or more capacitors; and 

a secondary receiving winding wrapped around a fourth 
support and having a first end coupled to a second top 
load and a second end; 

wherein the first support is located within the second sup- 
port and the third support is located within the fourth 
support. 
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31. A method for wirelessly transmitting and receiving 

energy, comprising: 

(a) transmitting an alternating current into a driver coupled 
to a primary emitting winding of an emitter; 

(b) inducing the alternating current into a secondary emit- 
ting winding of the emitter; 

(c) sensing a frequency of the alternating current on the 
secondary emitting winding; 

(d) transmitting a feedback signal to the driver based on the 
frequency; 

(e) driving the AC current into the primary emitting wind- 
ing at the resonant frequency of the secondary emitting 
winding; 

(f) electromagnetically coupling the emitter to a receiver; 

(g) inducing the alternating current into a secondary receiv- 
ing winding of the receiver; 

(h) inducing the alternating current into a primary receiv- 
ing winding of the receiver; 

(1) outputting the alternating current into a rectifying cir- 
cultry; 

(j) rectifying the alternating current into a direct current; 

(k) reducing ripples on the direct current; and 

(1) transmitting the direct current to a device. 

32. A system for wirelessly transmitting and receiving 

energy, comprising: 

a reversible emitter, comprising: 

a primary emitting winding wrapped around a first sup- 
port and having first and second ends coupled to a first 
driver, wherein the first driver is coupled to a first 
rectifying circuitry, wherein the first rectifying cir- 
cuitry is coupled to a first one or more capacitors; 

a secondary emitting winding wrapped around a second 
support and having first and second ends; and 

a tertiary emitting winding wrapped around a third sup- 
port and having a first end of the tertiary emitting 
winding coupled to the first end of the secondary 
emitting winding and the second end of the tertiary 
emitting winding coupled to a first top load; and 

a reversible receiver, comprising: 

a primary receiving winding wrapped around a fourth 
support and having first and second ends coupled to a 
second driver, wherein the second driver is coupled to 
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a second rectifying circuitry, wherein the second rec- 
tifying circuitry is coupled to a second one or more 
capacitors; 

a secondary receiving winding wrapped around a fifth 
support and having first and second ends; and 

a tertiary receiving winding wrapped around a sixth 
support and having a first end of the tertiary receiving 
winding coupled to the first end of the secondary 
receiving winding and the second end of the tertiary 
receiving winding coupled to a second top load; 

wherein the second support is located within the first 
support, the fifth support is located within the fourth 
support, the third support is located above the first and 
second supports, and the sixth support is located 
above the fourth and fifth supports. 

33. The system of claim 32, wherein 

the first driver comprises: 

insulated gate bipolar transistors in an H-bridge configu- 
ration; and 

a switch for activating the first rectifying circuitry and 
the first one or more capacitors; and 

the second driver comprises: 

insulated gate bipolar transistors in an H-bridge configu- 
ration; and 

a switch for activating the second rectifying circuitry 
and the second one or more capacitors. 

34. The system of claim 1, wherein the fourth support 
surrounds a form including a high permeability material. 

35. The system of claim 17, wherein the fifth and sixth 
supports each surround forms including a high permeability 
material. 

36. The method of claim 28, wherein the fifth and sixth 
supports each surround forms including a high permeability 
material. 

37. The system of claim 29, wherein the fourth support 
surrounds a form including a high permeability material. 

38. The system of claim 30, wherein the fourth support 
surrounds a form including a high permeability material. 

39. The system of claim 32, wherein the fifth and sixth 
supports each surround forms including a high permeability 
material. 


The input sine wave is added to the -2 


volt bias applied to the gate of the JFET. 
Therefore, V GS varies from -1.75 to -2.25 
volts. 


Question 

Using the formula in problem 32, calculate | D 
for the maximum and minimum values of V 
GS 

Answer 

For V GS = 21.75 volts, I D = 3.8 mA 

For V GS = 22.25 volts, ID = 2.3 mA 


35 As the drain current changes, V RD 
(the voltage drop across resistor R D ) also 
changes. 

Question 

For the circuit shown in Figure 8.32 , calculate 
the values of V RD for the maximum and 
minimum values of IID you calculated in 
problem 34. 
Answer 


For Ip = 3.8 MA, Vrp = 3.8 mA X 4.67 kQ = 17.7 volts 


For Ip = 2.3 mA, Vgp = 2.3mA = 4.67 k(2 = 10.7 volts 


This corresponds to a 7 V pp sine wave. 
36 AS the voltage drop across R D 
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(57) ABSTRACT 


Scalar-longitudinal waves (SLWs) may be transmitted and/ 
or received. A first apparatus configured to transmit and/or 
receive SLWs may include a linear first conductor config- 
ured to operate as a linear monopole antenna at a first 
operating frequency. The first apparatus may include a 
tubular second conductor coaxially aligned with the first 
conductor and an annular balun configured to cancel most or 
all return current on an outer surface of the second conductor 
during operation such that the first conductor transmits or 
receives SLWs. A second apparatus configured to transmit 
and/or receive scalar-longitudinal waves may include a 
bifilar coil formed in an alternating fashion of a first con- 
ductor and a second conductor such that an electrical current 
in the coil will propagate in opposite directions in adjacent 
turns of the coil thereby cancelling any magnetic field so that 
during operation the coil transmits or receives SLWs. 
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FIG. 8 


changes, the output voltage also changes. 
Question 
For the circuit shown in Figure 8.32 , calculate 


the values of V out for the maximum and 
minimum values of V RD you calculated in 
problem 35. — | 

Answer 


For Vap = 17.7 volts, Vou = Vpp — Vrp = 24volts —17.7 volts = 6.3 volts 


For Vgp = 10.7 volts, Vou: = Vpp — Vro = 24 volts = 10.7 volts = 13.3 volts 
Therefore, the output signal is a 7 V pp sine 


wave. 

37 Table 8.1 shows the results of the 
calculations made in problems 34-36 including 
the DC bias point. 

Table 8.1 Calculation Results 


N va A 
T amn 
* = i 

| 


Vo 
La 


Bie. 


ile 


| 


3.8mA | ¡ 


-1.75 volts | 17.7 volts | 6.3 volts 
-—20volts | 3.0mA | 14.0 volts | 10.0 volts 


—2.25 volts | 2.3 mA i 10.7 volts 13.3 volts 


E A A AAA 


Question 

What are some characteristics of the AC 
output signal? | 

Answer 


The output signal is a 7 V pp sine wave with 
the same frequency as the input sine wave. 
As the input voltage on VGS increases 

(toward O volts), the output decreases. As 
the input voltage decreases (becomes more 
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SYSTEMS, APPARATUSES, AND METHODS 
FOR GENERATING AND/OR UTILIZING 
SCALAR-LONGITUDINAL WAVES 


FIELD OF THE DISCLOSURE 


[0001] This disclosure relates to systems, apparatuses, and 
methods for generating and/or utilizing scalar-longitudinal 
waves. 


BACKGROUND 


[0002] Classical electrodynamic theory may be regarded 
as central to physics. An electric field (E) arises from an 
electric charge density (p). Charge motion creates an elec- 
trical current density (J) that drives dynamical changes in E 
and the magnetic field, B. The classical electrodynamic 
model is based on a coupled set of partial-differential 
equations for the quantities (B, E, J, p). 

[0003] Classical electromagnetics predicts no wave cre- 
ation by radial motion of a charged sphere. More specifi- 
cally, spherical symmetry of the radial electric field on a 
charged, oscillating sphere implies a curl-free electric field 
(VxE=0), which in turn yields no variation in magnetic field 
from Faraday’s law (VxE=-2B/2t20), corresponding to no 
magnetic wave. Thus, the Poynting vector, ExB/u, is zero, 
resulting in no classical electromagnetic radiation. This 
statement applies more generally to no creation of electrical 
waves by radial motion of any extended charge distribution. 
An electrically equivalent antenna may include a classical 
linear monopole that is driven by a sinusoidal current to put 
charge onto and remove charge from the linear conductor 
(antenna). 


SUMMARY 


[0004] Exemplary implementations of the disclosure pro- 
vide and/or facilitate transmission and/or reception of scalar- 
longitudinal waves (SLW), together with technology and/or 
applications using those waves. More specifically, this dis- 
closure includes inter alia: (1) a more complete electrody- 
namics (MCE) model that may remove and/or lessen incom- 
pleteness and/or inconsistency in classical electrodynamics; 
(2) verification of a scalar-longitudinal wave (SLW) that 
arises from a gradient-driven current density; (3) SLW 
antenna apparatus designs; (4) experimental data demon- 
strating that the SLW exists and can be transmitted and 
received by SLW antenna apparatuses; (5) experimental data 
showing the SLW is not subject to the classical skin effect, 
as predicted by the MCE theory; (6) technology applications 
of the scalar-longitudinal waves; and (7) additional appli- 
cations that arise from MCE. 

[0005] One aspect of the disclosure relates to an apparatus 
configured to transmit or receive scalar-longitudinal waves. 
The apparatus may include a linear first conductor config- 
ured to operate as a linear monopole antenna at a first 
operating frequency. The apparatus may include a tubular 
second conductor coaxially aligned with the first conductor 
such that the first conductor extends out in a first direction 
from within the second conductor. The apparatus may 
include an annular skirt balun disposed at an end of the 
second conductor from which the first conductor extends. 
The balun may have a larger diameter than the second 
conductor. The balun may extend in a second direction 
opposite the first direction. The balun may be configured to 
cancel most or all return current on an outer surface of the 
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second conductor during operation such that the first con- 
ductor transmits or receives scalar-longitudinal waves. 
[0006] Another aspect of the disclosure relates to an 
apparatus configured to transmit or receive scalar-longitu- 
dinal waves. The apparatus may include a bifilar coil formed 
in an alternating fashion of a first conductor and a second 
conductor such that a given turn of the coil that is made of 
the first conductor is adjacent on either side to turns of the 
coil made of the second conductor. The first conductor and 
the second conductor may be conductively coupled such that 
an electrical current in the coil will propagate in opposite 
directions in adjacent turns of the coil thereby cancelling any 
magnetic field so that during operation the coil transmits or 
receives scalar-longitudinal waves. 

[0007] These and other features, and characteristics of the 
present technology, as well as the methods of operation and 
functions of the related elements of structure and the com- 
bination of parts and economies of manufacture, will 
become more apparent upon consideration of the following 
description and the appended claims with reference to the 
accompanying drawings, all of which form a part of this 
specification, wherein like reference numerals designate 
corresponding parts in the various figures. It is to be 
expressly understood, however, that the drawings are for the 
purpose of illustration and description only and are not 
intended as a definition of the limits of the invention. Also, 
it is to be expressly understood that permissive language 
(e.g., “may””) used in the specification to describe the present 
technology conveys a present understanding of the under- 
lying science, but any inadequacies in that understanding 
should not be used to limit the claims. As used in the 
specification and in the claims, the singular form of “a”, 
“an”, and “the” include plural referents unless the context 
clearly dictates otherwise. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0008] FIG. 1 illustrates a system configured to transmit 
and/or receive scalar-longitudinal waves, in accordance with 
one or more implementations. 

[0009] FIG. 2A illustrates a cross-sectional view of a 
linear monopole antenna apparatus 200 configured to trans- 
mit and/or receive scalar-longitudinal waves, in accordance 
with one or more implementations. 

[0010] FIG. 2B illustrates a cross-sectional view of con- 
stant electric field magnitude contours for a monopole 
antenna with a skirt balun, in accordance with one or more 
implementations. 

[0011] FIGS. 3, 4, 5, and 6 show experimental results for 
scalar-longitudinal wave attenuation under various condi- 
tions. 

[0012] FIG. 7 illustrates a bifilar coil apparatus configured 
to transmit and/or receive scalar-longitudinal waves, in 
accordance with one or more implementations. 

[0013] FIG. 8 illustrates a method for utilizing scalar- 
longitudinal waves, in accordance with one or more imple- 
mentations. 


DETAILED DESCRIPTION 


[0014] This disclosure may demonstrate measurement of 
scalar-longitudinal wave (SLW). The SLW may have 
C=V-A+EuoD/ot as a non-zero, dynamical, scalar field, 
together with a longitudinal E-field. A and ® may represent 
the vector and scalar electrical potentials, respectively. Here, 
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E and u may represent the electrical permittivity and per- 
meability (not necessarily vacuum values), respectively. The 
SLW may have no magnetic component. Exemplary imple- 
mentations may provide and/or facilitate transmission and/ 
or reception of the SLW via linear monopole antennas and/or 
tightly-wound, bifilar, helical coils. Exemplary implemen- 
tations may facilitate a 1S to 2S atomic transition (mS to nS 
transition in general). The measurements show that the SLW 
can be transmitted through a thick Faraday cage or box 
(thousands of classical skin depths thick) to a companion 
SLW receiver, either enclosed in a separate Faraday box or 
without a Faraday box. This result may not be explainable by 
radiation of classical transverse waves because such waves 
are eliminated via Faraday cage(s) around the transmitting 
and/or receiving antennas. 


[0015] The need for an additional (arbitrary) assumption 
to solve Maxwell’s equations was recognized in the late 
1800s. A word equivalent to “arbitrary” was chosen, analo- 
gous to the width variation (gauge) of railroad tracks at that 
time. The gauge function (A) comes from the vector-field 
solution for the magnetic field, B=VxA. Here, A may 
describe the vector potential with infinitely many choices, 
A—A+4VA, while B is unchanged. The electric field may be 
represented by E=-V®-oA/ct. Here, P may represent the 
electric potential with an arbitrariness for the same reason, 
@D—-@-dA/ct, while E is unchanged. An example may 
include V-A+a Eu d@/ot=0. The permittivity and permeabil- 
ity may be represented by E and u (not necessarily vacuum), 
respectively. The Lorenz gauge (a=1) may imply that the 
effect of a charge source propagates at the speed of light, c. 
The Coulomb gauge (a=0) may yield electrostatics with ® 
propagation at infinite speed. The velocity gauge (0<a<1) 
may imply ® propagation at a speed, c/a. The need for a 
gauge condition may imply that classical electrodynamics is 
incomplete. 


[0016] Insight into the incompleteness of classical elec- 
trodynamics may begin with the Helmholtz theorem, which 
states that a sufficiently smooth three-dimensional vector 
field (F) can be uniquely decomposed into two parts, 
F=-V®+VxA. A generalized theorem may exist for unique 
decomposition of a sufficiently smooth, Minkowski four- 
vector field (three spatial dimensions, plus time) into four- 
irrotational and four-solenoidal parts, together with the 
tangential and normal components on the bounding three- 
surface. With this background, a general electromagnetic 
Lagrangian density may be written as: 


2 2 242 1) 
EC ; yec ec*k ( 


E*” may represent the Maxwell field tensor; € may represent 
the medium’s permittivity (not necessarily vacuum); c may 
represent the speed of light with c?=1/€u (not necessarily 
vacuum); the four-current may be represented by J,=(pc,J); 
A, (D/c, A) may represent the four-potential; the Compton 
wave number for a photon with mass, m, may be k=21tmc/h; 
and h may represent Planck’s constant. For y=0 and m>0, 
EQN. 1 may yield the Maxwell-Proca theory, for which 
recent tests set an upper bound of ms10~>* kg, consistent 
with massless photons. For y=1 and m=0, EQN. 1 may be 
written in terms of the potentials: 
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(2) 


[0017] EQN. 2 may allow two potentially physical classes 
of four-vector fields. One class may have zero divergence, 
C=9,A 0, consistent with classical electrodynamics. The 
second class may have zero curl of A*:E"=3"A*- 
"APA "3 A=0 with a solution, A'=o'A, and a 
dynamical quantity, C=3,A'"=9,0"A. Here, A may represent 
a scalar function of space and time. A more complete 
electrodynamic model (MCE) may be derived from EQN. 2 
with C20: 


E=-VO- ae ©) 

Ot 
B=V XA; (4) 
190 (5) 

C=V-A zpr 
V xB ea VC =a; (6) 
xD- aan = KS; 

TEL D 

ðt € 
[0018] The homogeneous equations (V-B=0; WxE+09B/ 


ot=0) may be unchanged from the classical model. EQNS. 
3-7 may have the caveat that EQN. 2 is based on the 
least-action principle, requiring a finite, lower bound on the 
Lagrangian density. However, EQN. 2 has (—C*/2u), which 
may imply that an arbitrarily fast change in ® over time (or 
an arbitrarily rapid change in A over space) can make the 
action arbitrarily large and negative, in violation of the 
least-action principle. This issue may be resolved by noting 
that EQNS. 1-7 are based on partial derivatives, 1.e., infini- 
tesimal limits over time and space. However, the Planck 
scale may provide finite limits, where quantum effects of 
gravity become strong, corresponding to time and length 
scales of 5.4x10°** s and 1.6x107°° m, respectively. The 
Planck scales may be experimentally inaccessible and may 
be indistinguishable from infinitesimal, thus providing a 
finite lower bound for EQN. 2. Moreover, EQN. 2 without 
the new term still has -(VxA)?/2u=-B7/2u, to which a finite 
lower bound may apply for least action. Classical electro- 
dynamics has been well validated against experiments, so 
the presence of the new term, (-C?/2u, may not require any 
modification in the model of EQNS. 1-7. 


[0019] EQNS. 3-7 may lead to important predictions: (1) 
relativistic covariance; (2) classical fields (B and E) in terms 
of the usual classical potentials (A and ®); (3) classical wave 
equations for A, B, E, and ® without use of a gauge 
condition; and (4) a scalar-longitudinal wave (SLW), com- 
posed of the scalar and longitudinal-electric fields. Regard- 
ing item (3), the MCE theory may produce cancellation of 
oC/ot and -VC in the classical wave equations for ® and A, 
thus eliminating the need for a gauge condition (and its 
attendant incompleteness) in the classical electrodynamics. 
Anecessary and sufficient condition for the SLW may be that 
B=0. The wave equation for a null magnetic field may be 
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shown as *B=uVxJ=0, which may imply that J=Vk as a 
result of the vector calculus identity, VxV«=0. Here, K may 
be a scalar function of space and time. J for the SLW may 
be gradient driven and thus may be uniquely detectable, in 
contrast to classical waves that arise from a solenoidal 
current density (VxJ~0). Moreover, the gradient-driven cur- 
rent density may correspond to a longitudinal E-field in 
linearly conductive media, since E=J/o=V«k/o. 

[0020] A wave equation for C may arise by use of Eu(o/at) 
on EQN. 7, added to the divergence of EQN. 6: 


rc = (8) 


Acer 


dp 
C= aC = (£ +v); 
H ðt 


The D”Alembertian may be represented by *; Eu may be 
1/c” in the propagation medium (not necessarily vacuum). 
Use of C from EQN. 5 in EQN. 8 may yield an identity via 
the classical wave equations for ® and A, and the vector 
calculus identity for VxVxA=V(V-A)-V7A=0 to give 
V?V-A=V-V?A since B=0 for the SLW. Charge conservation 
may give zero on the right-hand side (RHS) of EQN. 8: 


C=O. (9) 


[0021] EQN. 9 may provide wave-like solutions, with the 
lowest-order form in a spherically symmetric geometry at a 
distance (r), C=C, exp|j(kr—wt)|/r. The boundary condition, 
C(r—=>0)=>0, may be trivially satisfied. The scalar field”s 
energy density may be (C?/2u), yielding a constant energy, 
Anr*(C7/2u), through a spherical boundary in arbitrary 
media. Classical electrodynamics may forbid a spherically 
symmetric, transverse wave. This constraint may be absent 
under the MCE theory, because the SLW may correspond to 
a gradient-driven current. The divergence theorem on EQN. 
8 may yield interface matching in the normal component 
En”) of VC/u: 


(Cl, A 


The subscripts in EQN. 10 may denote VC in medium 1 or 
medium 2, respectively. 

[0022] The wave equation for E may come from the curl 
of Faraday’s law, use of VxB from EQN. 6, and substitution 
for V-E from EQN. 7 with cancellation of the terms V(9C/ 
dt)-(d/at)VC: 


OPE — 32% ; ðJ Vo (11) 
an A 


EQN. 11 may represent the classical E-wave form. A time 
derivative of EQN. 11, and the use of classical charge 
conservation (9p/3t=-V-J) may yield ?E=-1J+W(V-Jy/E. 
Here, the over-dot(s) may indicate partial time derivative(s). 
B=0 for the SLW may imply *B=uVxJ=0, allowing use of 
the vector calculus identity, VxVxJ=0=V(V-J)-V7J, giving 
V(V-J)=V7J, which may imply * (E+J/€)0. Linear electri- 
cal conductivity (0), J=0E, then may give (E+oE/S)-0. A 
very rapidly decaying, transient solution may arise by set- 
ting the terms inside the parentheses to zero, giving E=E,exp 
(-Et/o). Here, E, may be the initial value of E. 
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[0023] A second solution may use the non-transient form, 
E=E,(r) exp(-jat), which yields: 


CFE. (12) 


The lowest order, outgoing, spherical wave may be, E=E, f 
exp [j(kr-wt)]/r, where rf represents the unit vector in the 
radial direction and r represents the radial distance. As 
before, the electric wave’s energy, 4mr(EE”/2), may be 
constant through a spherical boundary of arbitrary radius 
and E(r=0)-0. Substitution of J=E/0 into EQN. 12 may 
yield an equivalent form: *J=0. The SLW equations for E 
and, J may be remarkable for several reasons. First, the 
vector SLW equations for E and J may be fully captured in 
one wave-equation for the scalar function (K): *K=0. This 
form may be obtained from *J=0 by substitution of J=Vx 
into the above identity, V?I=V*Vx=V(V-D)=V(V*x). Sec- 
ond, these forms may be like *C=0 in EQN. 9. Third, these 
equations may have zero on the RHS for propagation in 
conductive media. This last result may arise from B=0 for 
the SLW, implying no back-electromagnetic field from B in 
Faraday’s law that in turn may give no (circulating) eddy 
currents. Consequently, the SLW may not be subject to the 
skin effect in media with linear electrical conductivity. 
[0024] C, E, and J may interact via EQN. 6, which can be 
rewritten using J=oE, and identifying the electrical conduc- 
tivity with the imaginary part of the complex permittivity € 
H o/E.o: 


H 1+ ja (13) 


C 
E, c\l+j/kr 


C 


Spherical waves may be assumed: E=E,r exp[j(kr—wt)]/r and 
C=C, exp[j(kr-ot)|/r, €, may represent the free space per- 
mittivity; f may represent the frequency; A, c, and €', may 
represent wavelength, speed of light, and real part of the 
dielectric constant in the propagation medium, respectively; 
k=27/à and w=2rf. EQN. 13 may predict that |C/E,|~E'/c in 
a low-conductivity medium (a=E/*E”<<1), with a phase 
shift of a between C and E, in the far field. This ratio may 
be IC/E,|-E*£'c in a good conductor (E€/*E”>>1) with a 
phase shift —1/2 in the far field. EQN. 13 may be consistent 
with the ratio for transverse magnetic and electric fields, 
IBI/IEl~1/c. C may have the same units as the magnetic field. 
The energy balance equation for the MCE theory may be 
shown as: 


ð [BR Č eE? ExB CE EF pc e (14) 
data)" i T +—}+ -E-— =0. 
[0025] Use of the spherical wave forms for E and C in 


EQN. 14 with B=0 and the ratio of (C/E,.) from EQN. 13 
may yield an identity, 00; the same result may arise for 
plane waves, thus explicitly verifying the no-skin-effect 
prediction. Table 1 shows the unique and testable features of 
the MCE theory, which predicts transmission and reception 
of the SLW. 

[0026] The radiated SLW power (Pour) may be obtained, 
e.g., as follows. The antenna may be short, linear monopole 
(length=L) along the z-axis with a gradient-driven current 
density (J) that is maximal at the feed point (z=0) and zero 
at the end (z=L). A and ® may be obtained from the retarded 
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potentials. E and C may be derived from EQNS. 3 and 5. The 
radiated power may come from the time-average of the 
radial component of CE/u in EQN. 14. 


TABLE 1 
Unique and Testable SLW Properties 


Item number and specific SLW property Equation(s) 


1) C is a dynamical quantity (scalar field). EQN. 3-7 

2) C is driven by gradients in J and OE/0t. EQN. 6 

3) SLW propagates in conductive media without EQNS. 8-12 
the skin effect. 

4) Interface matching involves continuity in (VC/u),,. EQN. 10 

5) A longitudinal E-field accompanies C, as an SLW. EQNS. 11-17 
6) C, E, and J exchange energy in conductive media. EQNS. 11-17 
7) ICI/IE| > 1/c in conductive media, allowing EQN. 13 


normal instrumentation. 


[0027] Here, the impedance of the propagation medium 
may be Z-(u/€)'?, which is 376.73Q in free space. Terms 
on the order of (kryt and higher may be neglected. The 
resultant form for Pour may be shown as: 


R u (15) 
Pour = re aes 
AÑ e 


[0028] EQN. 15 may be obtained from the classical, 
retarded potentials for a gradient-driven current. Then, a 
paradox arises, since C is a non-zero dynamical field, in 
contrast to the assumption under which the classical, 
retarded potentials were obtained via the Lorenz gauge 
(C=0). The paradox may be resolved by the MCE theory, 
which predicts explicitly that C is a dynamical field without 
a gauge assumption. 

[0029] FIG. 1 illustrates a system 100 configured to trans- 
mit and/or receive scalar-longitudinal waves, in accordance 
with one or more implementations. Some implementations 
may include an Agilent Technologies E5071C network ana- 
lyzer (300 kHz-20 GHz). The transmitting and receiving 
antennas may be identical, because the reciprocity theorem 
guarantees that the transmitter geometry can also act as a 
receiver. This simple layout is to facilitate experimental 
replication in any laboratory with the appropriate facilities 
and equipment. 

[0030] FIG. 2A illustrates a cross-sectional view of a 
linear monopole antenna apparatus 200 configured to trans- 
mit and/or receive scalar-longitudinal waves, in accordance 
with one or more implementations. The apparatus 200 may 
include a linear first conductor 202, a tubular second con- 
ductor 204, an annular skirt balun 206, and/or other com- 
ponents. The first conductor 202 may extend from a core of 
a coaxial cable. The second conductor 204 may extend from 
an outer conductor of a coaxial cable. The first conductor 
202 may be configured to operate as a linear monopole 
antenna at a first operating frequency. The second conductor 
204 may be coaxially aligned with the first conductor 202 
such that the first conductor 202 extends out in a first 
direction from within the second conductor 204. The skirt 
balun 206 may be disposed at an end of the second conduc- 
tor 204 from which the first conductor 202 extends. The 
balun 206 may have a larger diameter than the second 
conductor 204. The balun 206 may extend in a second 
direction opposite the first direction. The balun 206 may be 
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configured to cancel most or all return current on an outer 
surface of the second conductor during operation such that 
the first conductor transmits or receives scalar-longitudinal 
waves. Some implementations of apparatus 200 may include 
a tubular dielectric 208 coaxially disposed between the first 
conductor and the second conductor, the tubular dielectric 
extending out in the first direction from within the second 
conductor at least part way up the first conductor. 

[0031] The configuration of apparatus 200 is for illustra- 
tive purposes and should not be viewed as limiting as other 
configurations are contemplated and are within the scope of 
the disclosure. In some implementations, the length of the 
balun 206 extending in the second direction may be approxi- 
mately one fourth of a wavelength corresponding to the first 
operating frequency. During operation an electrical current 
wave on the balun 206 may be approximately 180 degrees 
out of phase relative to an electrical current wave on the 
outer surface of the second conductor 204 adjacent to the 
balun thereby cancelling most or all of the return current on 
the outer surface of the second conductor. 

[0032] Attenuation of scalar-longitudinal waves transmit- 
ted by the first conductor 202 may be inversely proportional 
to the square of a distance from a center of the first conductor 
202 in free space. Scalar-longitudinal waves transmitted by 
the first conductor propagate through a conductive medium 
with substantially lower attenuation relative to a classical 
skin-depth attenuation. The conductive medium may include 
a solid-copper Faraday box. Some implementations of appa- 
ratus 200 may include a solid-copper Faraday box (not 
shown) enclosing the first conductor 202, the second con- 
ductor 204, and the balun 206. The Faraday box may be 
configured to block most or all transverse electromagnetic 
waves impinging the on Faraday box. 

[0033] FIG. 2B shows contours of constant |El for an 
electrodynamic simulation of a linear monopole antenna 
apparatus (see, e.g., FIG. 2A). A three-A-diameter ground- 
plane disk at the feed-point may give essentially the same |El 
contours in the transmitter-to-receiver direction, thus con- 
firming the linear monopolar, counter-poise design of appa- 
ratus 200 in FIG. 2A. 

[0034] High frequency (8 GHz) experiments may allow 
the use of an indoor, controlled test environment. Electro- 
dynamic simulations predict that the skirt balun 206 in FIG. 
2A attenuates the return current on the outside of the coaxial 
cable (204) by -67.5 db, to make the antenna radiate like a 
monopole. Grounding to a single point may eliminate cur- 
rent loops. Digital instrumentation may allow accurate mea- 
surement of field amplitudes and polarizations. The trans- 
mitter-to-receiver distance may be accurately measured to 
<] mm. MCE theory may give radical predictions, requiring 
extraordinary evidence, as shown below. 

[0035] According to exemplary implementations, an 
antenna may be a linear, coaxial center conductor with the 
outer coaxial conductor electrically connected to the top of 
the skirt balun (see, e.g., FIGS. 2A and 2B). The currents on 
the coax center conductor and on the outside of the skirt 
balun may be both in +Z (positive vertical) direction, 
forming a monopole radiation pattern. The skirt balun length 
(A/4) may cause a phase shift in the current flow along the 
guided path from the bottom (inside surface) of the outer 
balun conductor (0°) to the top (inside surface) of the skirt 
balun (90°) and back down the outer surface of the coax 
outer conductor to the end of the balun (180°). This 180°- 
phase shift may cause cancellation of the return current flow 
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along the outside of the outer coax conductor. Return- 
current attenuation may allow the monopole antenna to draw 
charge from the ground plane (top of the skirt balun) and 
also may create a close match between the antenna-balun 
impedance (49.76-j0.24@) and the source (5092). The mea- 
sured return loss was -22 db for a single skirt balun (see, 
e.g., FIGS. 2A and 2B) and -42 db for a double balun (not 
shown). An exemplary monopole antenna may create an 
oscillating, gradient-driven current to create the SLW. Sec- 
ond, the skirt balun may dramatically reduce the return 
current to the source, so that essentially all of the electrical 
current goes into charging and discharging the antenna. The 
far-field contours of constant |El may be mostly spherical on 
the receiver side (top of the diagram). The RG-405/U 
coaxial cabling may use a solid, outer conductor to minimize 
stray fields. The presence or absence of an outer insulating 
jacket may make no difference in the results of the electro- 
dynamic simulation. 

[0036] The transmitting antenna may remain in a fixed 
location, while the receiving antenna may be moved to a 
transmitter-to-receiver distance (r) in the horizontal plane. 
The source frequency may be 8 GHz, corresponding to a 
free-space wavelength, A=3.75 cm. This choice may allow 
free space measurements for r over many wavelengths in a 
well-controlled, laboratory test. The measurements may 
include: the value of r; and the signal attenuation (dB) 
between the transmitter and receiver. Repetitions of the test 
provide an estimate of the statistical error. The measurement 
results are saved to a database. 


[0037] FIGS. 3, 4, 5, and 6 show experimental results for 
scalar-longitudinal wave attenuation under various condi- 
tions. FIG. 3 shows the attenuation versus separation dis- 
tance (r) for two, facing, collinear SLW antennas inside an 
anechoic, Faraday chamber. Both antennas were enclosed by 
a cylindrical copper pipe with both ends of the copper pipe 
soldered to hemispherical, copper end caps. The outer con- 
ductor of the antenna’s coaxial cable was soldered to a hole 
in one end cap. The attenuation-versus-distance plots show 
the SLW propagating through both Faraday cages at 8 GHz. 
The thickness of the two spherical caps corresponds to 2885 
skin depths, which should produce a classical attenuation of 
-25,064 db (down by a factor of 107'*°*). The test mea- 
surement yielded an attenuation between -115 db at r=2 cm 
separation to -137 db at r=30 cm. Extrapolating the straight- 
line fit to a separation of 2 mm (where the Faraday-caged 
antennas are barely separated) gives -79 db and -86 db 
(down by a factor of 107%). The difference between the 
measured values and the classical estimate is -24,985 db, 
corresponding to >1249 orders of magnitude between 
attenuation for classical waves and the measured attenuation 
for the SLW. 


[0038] FIG. 4 shows the attenuation versus separation 
distance (r) for two, facing, collinear SLW antennas. The 
SLW on port-1 was surrounded by a cylindrical copper pipe 
with hemispherical end caps as a Faraday cage; the SLW 
antenna on port-2 had no Faraday cage. Again, the attenu- 
ation-versus-distance plots show clear evidence for the SLW 
propagating through the transmitter’s Faraday cage to/from 
the port-2 SLW antenna at 8 GHz. 

[0039] The same attenuation-versus-distance test was per- 
formed outside the Faraday-shielded anechoic chamber, on 
the ground floor of an office building. One SLW antenna had 
had no Faraday cage; the other SLW had a Faraday cage, as 
described above. FIG. 5 shows representative results, which 
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varied widely from replicate to replicate, due to irreproduc- 
ible factors (e.g., image charges and image currents in 
surrounding conductors, consistent with classical electrody- 
namics). A key result is propagation of the SLW through the 
1442 skin depth of the Faraday box, which attenuates 
classical transverse waves to an undetectable level. 

[0040] FIG. 6 shows the attenuation versus separation 
distance (r) for two, vertical SLW antennas at 8 GHz. The 
SLW antennas were bare (no Faraday cage around either the 
transmitter or receiver), and both were oriented vertically for 
comparison with the attenuation measurements for double- 
and single-Faraday-boxed antennas. This test was performed 
outside the Faraday-shielded anechoic chamber, on the 
ground floor of an office building, and consequently displays 
much variability due to scattering and reflections from 
nearby conductors. The results in FIGS. 3-5 provide clear 
evidence for a non-classical wave that is not constrained by 
the classical skin effect. 

[0041] FIG. 7 illustrates a bifilar coil apparatus 700 con- 
figured to transmit and/or receive scalar-longitudinal waves, 
in accordance with one or more implementations. The 
apparatus 700 may include a bifilar coil formed in an 
alternating fashion of a first conductor 702 and a second 
conductor 704 such that a given turn of the coil that is made 
of the first conductor 702 is adjacent on either side to turns 
of the coil made of the second conductor 704. The first 
conductor 702 and the second conductor 704 may be con- 
ductively coupled such that an electrical current in the coil 
will propagate in opposite directions in adjacent turns of the 
coil thereby cancelling any magnetic field so that during 
operation the coil transmits or receives scalar-longitudinal 
waves. The coil may be configured to create a gradient 
driven current. There may be zero or approximately zero 
inductance associated with the coil as a result of magnetic- 
field cancellation by counter-going electrical currents in 
adjacent turns of the coil. There may be zero or approxi- 
mately zero capacitance associated with the coil as a result 
of adjacent turns of the coil having the same or approxi- 
mately the same electrical charge density. An electrical 
resistance of the coil approximately matches a source 
impedance for maximal transmission of scalar-longitudinal 
waves. 

[0042] The configuration of apparatus 700 is for illustra- 
tive purposes and should not be viewed as limiting as other 
configurations are contemplated and are within the scope of 
the disclosure. In some implementations, the first conductor 
702 and the second conductor 704 may be conductively 
coupled proximate to the center of the coil. In some imple- 
mentations, the first conductor 702 and the second conductor 
704 may be conductivity coupled proximate to an outer edge 
of the coil. Although shown in FIG. 7 as being spaced apart, 
in exemplary implementations the first conductor 702 and 
the second conductor 704 may be tightly wound together to 
form the coil. In some implementations, the coil may be 
substantially planar. In some implementations, the coil is 
formed in a volumetric shape (e.g., a sphere or toroid). The 
first conductor 702 and the second conductor 704 may 
include conducting wires, conducting ribbons, and/or other 
shapes of conducting materials. 

[0043] Attenuation of scalar-longitudinal waves transmit- 
ted by the coil shown in FIG. 7 may be inversely propor- 
tional to the square of a distance from the center of the coil 
in free space. Scalar-longitudinal waves transmitted by the 
coil may propagate through a conductive medium with 
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substantially lower attenuation relative to a classical skin- 
depth attenuation. The conductive medium may include a 
solid-copper Faraday box. In some implementations, appa- 
ratus 700 may include a solid copper Faraday box (not 
shown) enclosing the coil. The Faraday box may be con- 
figured to block most or all transverse electromagnetic 
waves impinging on the Faraday box. 

[0044] According to some implementations, the coil 
shown in FIG. 7 may represent (in cross sectional view) of 
a three-dimensional accumulator of charge, when each con- 
ductor is a flat, conductive sheet. The conductive sheet can 
be wound into a bifilar, helical pancake configuration, like a 
modern, cylindrical, super-capacitor. However, unlike a 
super-capacitor, the apparatus 700 of FIG. 7 may allow 
continuous current flow though the coil windings over a 
broad range of frequencies. As one normally skilled in the 
art will appreciate, other geometries are also possible for 
three-dimensional (volumetric), wire-wound, charge accu- 
mulation, such as a sphere and toroid. The apparatus 700 of 
FIG. 7 may be scaled to higher (or lower) frequencies by 
limiting the total length of the conductor to L<<A, or more 
specifically L<A/100. Table 2 shows examples of the con- 
ductor lengths (L) versus frequency for free-space propaga- 
tion. 

[0045] Note that macro-scale antennas (L=3 cm) may 
occur for frequencies less than or equal to 100 MHz, 
meaning that a person normally skilled in the art may build 
such an antenna with the unaided eye. Micro-scale antennas 
(3 umsLscm) may occur for frequencies in the range of 100 
MHz to 1 THz, meaning that a person normally skilled in the 
art may need a microscope to build such an antenna. 
Nano-scale antennas (Lsum) occur for frequencies of >1 
THz, meaning that a person normally skilled in the art may 
need an electron-microscope (or equivalent) to build such an 
antenna. High frequencies (>1 THz) may correspond, for 
example, to atomic transitions from a 1S to a 2S orbital, 
which are forbidden by classical quantum mechanics on the 
basis of classical electrodynamics, as discussed above. As 
one normally skilled in the art can appreciate, analogous 
molecular, nuclear, and sub-atomic transitions, also exist. 
Note further that essentially all transverse-wave transmis- 
sion or reception may be eliminated by enclosing a SLW 
antenna (e.g., apparatus 200 or apparatus 700) inside a 
Faraday cage or box (e.g., a copper or aluminum casing not 
unlike that for a modern super-capacitor). 


TABLE 2 


Wavelength and L versus frequency 


Frequency Wavelength L < 0.014 
(f in Hz) (A = 3 x 10%f in meters) (in meters) 
1 3 x 10% (300,000 km) 3,000 km 
10? 3 x 10% (3,000 km) 30 km 
10* 3 x 10% (30 km) 300 m 
10° 3 x 107 (300 m) 3 m 
108 3x 1 (3m) 3 cm 
1019 3 x 107? (3 cm) 0.3 mm 
10% 3 x 1074 (0.3 mm) 3 um 
10 3x 10% (3 um) 30 nm 
[0046] More complete electrodynamics (MCE) may be 


important for several reasons. First, the MCE theory may 
involve a radical revision of Maxwell’s equations with one 
new term oc/ot) in Gauss’ law and one new term (-VC) in 
Ampere’s law. These new terms may arise from (—C7/2u) 
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in the Stueckelberg Lagrangian. Second, the MCE theory 
may give relativistic covariance; preservation of the fields 
(B and E) in terms of the classical potentials (A and ®); and 
the classical wave equations for A and ® without a gauge 
condition. Third, the MCE theory may predict new force 
terms in the MCE momentum balance equation that might 
explain “dark matter” as a placeholder for unexplained 
cosmological attractive forces. Fourth, new terms in the 
MCE energy balance (EQN. 15) may explain “dark energy” 
as a placeholder for unexplained repulsive cosmological 
forces. Fifth, the MCE theory (along with classical theory) 
may predict that a gradient-driven current produces a scalar- 
longitudinal photon, consisting of both scalar (C) and lon- 
gitudinal E-field components. This last prediction may make 
the SLW wave uniquely detectable via a gradient-driven 
current density in the novel antenna, distinct from classical 
transverse photons that require a circulating current 
(VxJ20). The existence of dark matter and dark energy may 
signify that our physics understanding is incomplete, likely 
requiring a new idea as profound as general relativity. 
Scalar-longitudinal waves/photons may be that new idea, as 
validated by our experimental results. 


[0047] In some implementations, system 100 (see FIG. 1) 
may be configured for providing a computational simulator 
based on scalar-longitudinal waves. The system 100 may 
include one or more hardware processors (not depicted) 
configured by machine-readable instructions. The machine- 
readable instructions may include a simulation component, 
a Classical transverse electromagnetic wave component, a 
scalar-longitudinal wave component, an evaluation compo- 
nent, an optimization component, and/or other components. 
The simulation component may be configured to provide a 
computerized physical simulation environment in which 
electromagnetic simulations of an antenna or device are 
performed. In some implementations, the computerized 
physical simulation environment may include a reflector 
added to the antenna or device to form a directed beam for 
transmission and/or reception of scalar-longitudinal waves. 
The classical transverse electromagnetic wave component 
may be configured to provide simulated classical transverse 
electromagnetic waves that are received or transmitted in the 
electromagnetic simulation of the antenna or device. The 
scalar-longitudinal wave component may be configured to 
provide simulated scalar-longitudinal waves that are 
received or transmitted in the electromagnetic simulations of 
the antenna or device. The evaluation component may be 
configured to evaluate characteristics of the antenna or 
device based on information associated with simulated clas- 
sical transverse electromagnetic waves and/or simulated 
scalar-longitudinal waves. The optimization component may 
be configured to optimize one or more characteristics of the 
antenna or device based on the evaluation of the character- 
istics. 

[0048] A given processor may be configured to provide 
information processing capabilities in system 100. As such, 
the given processor may include one or more of a digital 
processor, an analog processor, a digital circuit designed to 
process information, an analog circuit designed to process 
information, a state machine, and/or other mechanisms for 
electronically processing information. In some implementa- 
tions, system 100 may include a plurality of processing 
units. These processing units may be physically located 
within the same device, or the given processor may represent 
processing functionality of a plurality of devices operating 
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in coordination. The given processor may be configured to 
execute machine-readable instructions include the simula- 
tion component, the classical transverse electromagnetic 
wave component, the scalar-longitudinal wave component, 
the evaluation component, the optimization component, 
and/or other components of machine-readable instructions. 
The given processor may execute machine-readable instruc- 
tions by software; hardware; firmware; some combination of 
software, hardware, and/or firmware; and/or other mecha- 
nisms for configuring processing capabilities on the given 
processor. 


[0049] It should be appreciated that the description of the 
functionality provided by the different machine-readable 
instruction components described herein is for illustrative 
purposes, and is not intended to be limiting, as any of the 
machine-readable instruction components may provide 
more or less functionality than is described. For example, 
one or more of the machine-readable instruction components 
may be eliminated, and some or all of its functionality may 
be provided by other ones of the machine-readable instruc- 
tion components. As another example, the given processor 
may be configured to execute one or more additional 
machine-readable instruction components that may perform 
some or all of the functionality attributed herein to one of the 
machine-readable instruction components. 


[0050] The system 100 may include electronic storage (not 
depicted). The electronic storage may store machine-read- 
able instructions and/or other information. Electronic stor- 
age may comprise non-transitory storage media that elec- 
tronically stores information. The electronic storage media 
of electronic storage may include one or both of system 
storage that is provided integrally (1.e., substantially non- 
removable) with a physical computing platform and/or 
removable storage that is removably connectable to a physi- 
cal computing platform via, for example, a port (e.g., a USB 
port, a firewire port, etc.) or a drive (e.g., a disk drive, etc.). 
Electronic storage may include one or more of optically 
readable storage media (e.g., optical disks, etc.), magneti- 
cally readable storage media (e.g., magnetic tape, magnetic 
hard drive, floppy drive, etc.), electrical charge-based stor- 
age media (e.g., EEPROM, RAM, etc.), solid-state storage 
media (e.g., flash drive, etc.), and/or other electronically 
readable storage media. Electronic storage may include one 
or more virtual storage resources (e.g., cloud storage, a 
virtual private network, and/or other virtual storage 
resources). Electronic storage may store software algo- 
rithms, information determined by processors, and/or other 
information that enables system 100 to function as described 
herein. 


[0051] FIG. 8 illustrates a method 800 for utilizing scalar- 
longitudinal waves, in accordance with one or more imple- 
mentations. The operations of method 800 presented below 
are intended to be illustrative. In some implementations, 
method 800 may be accomplished with one or more addi- 
tional operations not described, and/or without one or more 
of the operations discussed. Additionally, the order in which 
the operations of method 800 are illustrated in FIG. 8 and 
described below is not intended to be limiting. 

[0052] In some implementations, one or more operations 
of method 800 may be implemented in one or more pro- 
cessing devices (e.g., a digital processor, an analog proces- 
sor, a digital circuit designed to process information, an 
analog circuit designed to process information, a state 
machine, and/or other mechanisms for electronically pro- 
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cessing information). The one or more processing devices 
may include one or more devices executing some or all of 
the operations of method 800 in response to instructions 
stored electronically on an electronic storage medium. The 
one or more processing devices may include one or more 
devices configured through hardware, firmware, and/or soft- 
ware to be specifically designed for execution of one or more 
of the operations of method 800. 

[0053] At an operation 802, a first apparatus or a second 
apparatus configured to transmit and/or receive scalar-lon- 
gitudinal waves may be obtained. The first apparatus (see, 
e.g., apparatus 200 of FIG. 2A) may include a linear first 
conductor, a tubular second conductor, and an annular skirt 
balun. The first conductor may configured to operate as a 
linear monopole antenna at a first operating frequency. The 
second conductor may be coaxially aligned with the first 
conductor such that the first conductor extends out in a first 
direction from within the second conductor. The balun may 
disposed at an end of the second conductor from which the 
first conductor extends. The balun may have a larger diam- 
eter than the second conductor. The balun may extend in a 
second direction opposite the first direction. The balun may 
be configured to cancel most or all return current on an outer 
surface of the second conductor during operation such that 
the first conductor transmits or receives scalar-longitudinal 
waves. The second apparatus (see, e.g., apparatus 700 of 
FIG. 7) may include a bifilar coil formed in an alternating 
fashion of a first conductor and a second conductor such that 
a given turn of the coil that is made of the first conductor is 
adjacent on either side to turns of the coil made of the second 
conductor. The first conductor and the second conductor 
may be conductively coupled such that an electrical current 
in the coil will propagate in opposite directions in adjacent 
turns of the coil thereby cancelling any magnetic field so that 
during operation the coil transmits or receives scalar-longi- 
tudinal waves. 

[0054] At an operation 804, scalar-longitudinal waves 
may be transmitted and/or received using the first apparatus 
or the second apparatus in order to achieve a technical result. 
Exemplary technical results are described herein but should 
not be viewed as limiting as other technical results involving 
scalar-longitudinal waves are contemplated and are within 
the scope of the disclosure. 


[0055] In some implementations, the technical result of 
method 800 may include communicating and/or sensing 
information underwater. 


[0056] In some implementations, the technical result of 
method 800 may include communicating and/or sensing 
information underground. 


[0057] In some implementations, the technical result of 
method 800 may include enhancing (or de-enhancing) a 
decay rate of a radioactive material. (De)enhancement of 
radio-active decay rates may be achieved because the Stu- 
eckelberg Lagrangian density in EQN. 2 corresponds to new 
terms (involving C) in the electrodynamic Hamiltonian: 


dao -E o oa (16) 
EM = +—|+(p-eV-E)O-J-A+— + 
2 2p 2u ” 


[0058] This MCE Hamiltonian may modify the charged- 
particle interactions via the SLW (e.g., orbital electrons and 
nuclear protons in electron-capture decay, and bound elec- 
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trons and protons in beta decay of neutrons). These new 
terms may modulate the nuclear barrier potential, causing 
decay-rate variations in proportion to the SLW power. 
Indeed, time-variable radioactive-decay rates have been 
reported (typically +0.3%) in °H, Na, *°Cl, Ti, Mn, 
Co, Kr, Sr, 108m Ap- 133Ba, 137Cs, 152Eu, 15Eu, 22Rn, 
“Ra, and “”Pu. Typical periods in the decay rate may 
include: one day, 12.08/year (solar rotation rate), one year, 
and ~12 years (sun-spot cycle). Classical low-energy nuclear 
theory 1s a collection of ad hoc models whose predictions 
cannot explain these observations. The sun is a sphere of 
charged particles (plasma) that is well-known to oscillate 
radially (breathing mode) and in multi-pole modes. The 
oscillation amplitude of ions is much different from elec- 
trons, giving rise to a net radial current density that creates 
the SLW, which in turn may modulate the radioactive decay 
rate according to the new terms in EQN. 16. One specific 
application is use of SLW power to enhance decay of 
radioactive fission-waste products from a nuclear reactor, 
and isotopes of proliferation concern. 

[0059] In some implementations, the technical result of 
method 800 may include enhancing a fusion rate reaction to 
produce heat and/or electrical power. Classical methods and 
apparatus for controlled fusion typically involve maintain- 
ing a high enough fuel density (e.g., deuterium and tritium) 
at a sufficient temperature (e.g., 100 million degrees K) for 
a long enough time (e.g., many seconds). EQN. 16 predicts 
modulation of the nuclear barrier potential, allowing fusion 
reactions at room temperature. Nuclear reactions could be 
enhanced directly (e.g., 7D, +7D,+SLW—.,He*+energy) via 
cold fusion of D,O without intermediate steps (and corre- 
spondingly complex infrastructure). 

[0060] Existing electromagnetic/multi-physics simulators 
use the classical version of Maxwell’s equations. A specific 
application of the MCE theory (EQNS. 1-17) may be a more 
complete simulator for detailed design of antennas and other 
electrical/electronic devices that use SLW technology. 
[0061] A specific application of exemplary implementa- 
tions may include a focusing SLW antenna. The above tests 
showed scattering and reflections of the SLW. This obser- 
vation is consistent with classical electrodynamics, which 
predicts scattering of electric fields from conductors due to 
image-charges and image-currents. This observation implies 
that MCE modifications of electrodynamic simulators may 
be used for development of SLW antenna(s) for focused 
transmission (and reception). Such antennas may reduce 
power, weight, and cost in practical applications. 

[0062] In some implementations, the technical result of 
method 800 may include detecting scalar-longitudinal 
waves emitted from a chemical-bond-breaking process. The 
chemical-bond-breaking may be caused by seismic activity 
associated with an earthquake, a failure of a manmade 
structure, and/or other processes. Earthquake prediction has 
been sought for decades, and typically may depend on 
quantitative measurement of underground motion and/or 
slip-stick stress at tectonic plate boundaries. The seismic 
activity causes grinding of rock to powder, which may 
generate high voltages by molecular bond breaking. The 
voltage corresponds to an electric field, which drives a 
current gradient, as the SLW driver. These signals occur well 
in advance of the slip events, and may allow prediction of 
the time and location of events with suitable SLW detection/ 
imaging. “Earthquake clouds” and electromagnetic precur- 
sors of seismic events have been reported. Geophysicists 
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recently discovered low-frequency toroidal oscillations with 
a period of 2 to 5 minutes; these low-frequency waves may 
cause excited animal behavior prior to an earthquake. The 
peeling of tape is another example of bond breaking. The 
specific applications may include passive detection/predic- 
tion of structural failures of all kinds, such as bridges, 
buildings, critical equipment, and seismic activity. 

[0063] In some implementations, the technical result of 
method 800 may include passive imaging of a living organ- 
ism based on gradient-driven currents across cellular mem- 
branes. In some implementations, the technical result of 
method 800 may include transmission of scalar-longitudinal 
waves into a living organism to enhance health and/or treat 
a disease via gradient-driven currents across cellular mem- 
branes. Generally speaking, living processes are driven by 
charged ion transport across the cell membranes. The ion 
transport is driven, in turn by concentration gradients in the 
intra- and extra-cellular media. This gradient-driven trans- 
port of charged ions creates a gradient-driven electrical 
current, which is the basis for SLW creation. Consequently, 
all living organisms create SLWs, which can be imaged by 
a phased-array of receivers. This new imaging modality may 
allow passive imaging of living organisms (including 
people) for research and disease diagnosis and treatment. As 
one who is normally skilled in the art can appreciate, 
standard techniques may be used to convert variation in 
line-of-sight SLW amplitude into an image, not unlike a CT 
scan. One application is passive imaging of live animals and 
humans (e.g, brain, heart, lungs). Human electrophysiology 
has a typical frequency range of 0.5-1000 Hz, implying SLW 
might be efficacious in this frequency range. 


[0064] In some implementations, the technical result of 
method 800 may include imaging an object or a void. The 
method 800 may include providing a phased-array of scalar- 
longitudinal waves for the imaging. A phased array of SLW 
receivers may passively image objects of interest or voids 
(e.g., underground tunnels, facilities, and pipelines) using 
the background solar SLW flux for illumination. One spe- 
cific example is imaging of buildings’ interiors, which 
would be bathed in solar SLW. Detection of underground 
nuclear tests is part of the nuclear test-ban treaty verification. 
A nuclear explosion ejects concentric, radially-expanding 
shells of fast electrons (outer shell) and slower-moving 
positive-ions (inner shell). These charged shells form a 
spherical capacitor with a radial E-field (gradient-driven 
current), thus creating a SLW. The sun is a hot ball of ions 
and electrons (in the form of a plasma) that oscillates 
radially, thus creating the SLW that then image solar storms 
for prediction/mitigation of adverse events (e.g., power 
outages). More generally, the SLW may be used to create 
three-dimension images (e.g., via binocular image) that sees 
through fog, clouds, dust, rain, and building fires during the 
day or night. Another application is astronomical imaging in 
the across the entire frequency spectrum. 


[0065] In some implementations, the technical result of 
method 800 may include transmission and/or reception of 
scalar-longitudinal waves for radar imaging of an object 
and/or a void. The sun emits low-loss SLW, which may be 
used to form passive images of underwater objects via a 
phased array that looks upward from the ocean floor. An 
active, phased-array (or synthetic-aperture) SLW-RADAR 
from ships, aircraft, and satellites may detect and identify 
underwater objects, underwater vehicles, underground tun- 
nels, pipelines, underground facilities, stealth aircraft under 
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adverse weather conditions, and/or other objects. The SLW 
transmission may not need to be limited to one frequency. 
The SLW transmission may be hyper-spectral (e.g., MHz to 
THz). A space-based implementation may use satellite 
arrays to transmit the SLW signal at many frequencies, 
receive the reflections in synthetic-aperture mode, and pro- 
cess the results on-board for real-time imaging. SLW 
RADAR can be used for detection of improvised explosive 
devices (IEDs) on the battlefield. 


[0066] SLW propagation through conductive media may 
include ionized plasma around a space vehicle that re-enters 
the earth’s atmosphere. More specifically, SLW-RADAR 
may be used to characterize space vehicles that re-enter the 
earth’s atmosphere, while surrounded by a hot sheath of 
plasma. Classical (transverse) electromagnetic waves cannot 
penetrate the plasma sheath. 


[0067] In some implementations, the technical result of 
method 800 may include reception of solar-generated scalar- 
longitudinal waves to produce electrical power. The MCE 
theory may predict that a charged sphere, oscillating in a 
ballooning (monopolar) mode (expanding and contracting 
radially) will radiate the SLW. The MCE theory may predict 
that higher-order (multi-pole) oscillations will create the 
SLW. The sun is a very hot ball of charged particles 
(electrons and ions in the form of a plasma) that undergoes 
such oscillations. Consequently, SLW power reaches the 
earth, just as sunlight does. A specific application may 
include conversion of solar SLW power into electric power 
for (re)charging batteries and/or powering electrical device, 
such as electric vehicles could be replaced by power con- 
verters for the SLW, which is not limited by the skin effect. 
Harvesting of this solar power may be scalable via advanced 
photovoltaics that convert the variable-frequency SLW to 
direct current, then invert the DC power to stable 60 Hz 
alternating current (for example). An extension of this 
approach is wireless SLW power transmission that could 
then be converted to usable electrical power. 


[0068] A specific application of exemplary implementa- 
tions may involve electrical power generation from solar 
SLWs, on the basis of new terms in the MCE momentum 
balance equation: 


O(ExB CE MES (17) 
eugh — —)+JxB+pE-CI +V xBC =V -T + —. 

On H H H 
[0069] T may represent the Maxwell stress tensor. More 


specifically, electrical power may be generated by charging 
a flat-plate capacitor to give a large, directed E-field. SLW 
emission from the sun may generate force variations across 
the capacitor plates via the term, (EC/u) in EQN. 17, 
corresponding to a voltage to drive a power-producing 
current. This power may be proportional to E (and therefore 
the capacitor voltage) and/or may be proportional to the 
amplitude of the solar SLW emissions (C). The variable- 
frequency power may be rectified, and subsequently con- 
verted to alternating current via an alternator. More specifi- 
cally, the sun is an oscillating sphere (monopolar antenna) of 
charged matter (plasma) that will produce SLW under the 
MCE theory, because the oscillation distance for ions is 
different than for electrons for various plasma waves. Earth 
is a spherical conductor (monopole antenna) that would 
receive the solar SLW emissions, and would re-radiate them 
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(along with other planets, comets, asteroids). So, near-stellar 
regions are bathed in SLW emissions, day and night, allow- 
ing SLW power-conversion to operate day and night, rain or 
shine. 

[0070] The term (EC/u) in EQN. 17 may be an additional 
term that forms a generalized Poynting vector, correspond- 
ing to the magnitude and direction of power density trans- 
mission by the SLW. This new term may imply that SLW 
power can be transmitted wirelessly over large distances in 
a directed fashion, for example to power satellites or aircraft 
from the ground, electrical power transmission, and 
advanced forms of (directed) beams. 

[0071] MCE theory may predict new terms in electromag- 
netic momentum balance and power balance, EQNS. 14 and 
17. The term CE/u may correspond to an increase (or 
decrease) in longitudinal electrodynamic momentum in 
EQN. 17 along the direction of motion, with a concomitant 
decrease (increase) in electrical power per EQN. 14. This 
sign change may be important because longitudinal electro- 
dynamic power loss (or gain) may drive a corresponding 
kinetic energy gain (loss) in the physically massive object 
that is emitting these waves. Consequently, the MCE theory 
may predict a propulsion mechanism without the use of 
propellant mass, which is a severe constraint on all trans- 
portation systems. This mechanism may depend on adequate 
energy to create the SLW. The potential applications include 
all transportation modes on land, sea, air, and space for 
propellant-less propulsion. 

[0072] MCE theory may predict a new term, CJ, in EQN. 
17. Emission of the SLW from a physically massive object 
may have at least two components: the longitudinal electric 
field (E) and the scalar field (C). The electric field may 
induce an electrical current density (J) in any (distant) 
conductive object in its path, according to J=0E. The con- 
comitant presence of the scalar field (C) may interact with 
this current to product a force (CJ) on the distant object. By 
use of a phased array of SLW emitters, the relative of phase 
of E (and thus J) may be shifted relative to the phase of C. 
The resultant force, CJ, may be adjusted to have a positive 
(repulsive) force or a negative (attractive) force, commonly 
called a “tractor beam.” Potential applications may range 
from the nano- to macro-scales on any conductive object 
(e.g., sub-atomic particles, molecules, living cells, people, 
animals, vehicles, comets, asteroids, planets, stars, galaxies). 
[0073] Amathematical theorem states that nonlinear quan- 
tum systems can be used to solve the hardest, non-deter- 
ministic, polynomial-time (NP-hard) problems in determin- 
istic polynomial time. The Hamiltonian in EQN. 16 may be 
inherently nonlinear, and therefore may provide a path to 
construct such a computer, which would then enable the 
solution of grand-challenge class problems in a very finite 
time (minutes to hours, instead of years or more). 

[0074] High-temperature superconductivity was (HTS) 
discovered in 1986. The highest critical temperature for HTS 
is >150K. However, the physical mechanism for HTS is one 
of the major unsolved problems in theoretical condensed 
matter physics, in part because the materials are very com- 
plex, multi-layered crystals. Moreover, this theoretic effort 
uses Classical electrodynamic interactions in condensed mat- 
ter, while the MCE theory may provide an explanation on 
the basis of gradient-driven currents between (or among) the 
crystal layers. The well-known London model of supercon- 
ductivity is not gauge invariant. Specifically, the London 
model works only for the Coulomb gauge, V-A=0. Recent 
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experiments show evidence for a Higgs-like mode in two- 
dimensional superconductors, namely excess absorption of 
THz radiation. However, the Higgs-like mode may not be an 
actual particle, but a collective quantum mode. The new 
Hamiltonian of EQN. 16 may include the SLW due to 
gradient-driven currents among the crystalline layers, as an 
explanation of HTS. Many commercial and military appli- 
cations exist, including sensitive magnetometers based on 
SQUIDS, fast digit circuits, rapid single-flux quantum tech- 
nology, maglev trains, MRI imaging, magnetic confinement 
fusion, magnetics in particle accelerators, microware filters, 
high sensitivity particle detectors, nanowire single-photon 
detector, railguns and coilguns, electric motors and genera- 
tors, fault current limiters, and electrical power storage and 
transmission. 

[0075] Recent research has investigated a connection 
between the SLW, high-temperature superconductors, and 
gravity. Initial work placed a small, non-conducting, non- 
magnetic mass (5.48 g) over a levitating, rotating, super- 
conducting disk at <77 K; the mass weighed 0.05-0.3% less, 
depending on the disk’s rotation speed. Subsequent work 
used a rotating, toroidal, current-carrying, superconducting 
disk at <70 K; masses placed over the disk weighed 0.3-0. 
5% less initially and 1.9-2.1% less as the rotation speed was 
reduced. Further work used a superconducting electrode at 
40 K to generate discharges (10* amps at >1 MV with a 
trapped magnetic field of <1 T). The resultant focused beam 
propagated without noticeable attenuation through different 
materials and exerted a short repulsive force on small 
movable objects in proportion to their mass, independent of 
the sample’s composition. More recent work used a super- 
conducting cathode at 50-70 K and a copper anode to create 
discharges (10* amps at <2 MV) in low pressure gases. The 
discharge changed from a spark to a flat glowing plasma that 
originated from the superconducting cathode at >500 kV. A 
collimated, non-electromagnetic “radiation pulse” propa- 
gated from the cathode, toward and beyond the anode, 
apparently without attenuation. Recent work used this 
device to measure the scattering of laser light whose attenu- 
ation lasted 34-48 ns and increased with discharge voltage 
up to 7% at 2 MV. The radiation-pulse propagation speed 
was measured by two piezoelectric crystals over 1211 m 
with a time delay of 63+1 ns, corresponding to 64 times the 
speed of light. Different targets (ballistic pendulums, pho- 
tons, piezoelectric crystals) are affected differently by the 
radiation pulse, possibly reacting to beam components at 
different speeds. This approach may be the basis for a SLW 
laser. 

[0076] Spectrum allocation of the SLW may be important 
for greater data rates over less bandwidth. Examples for 
higher data rates may be applied to the SLW, such as 
frequency hopping/re-use, spread-spectrum technology, 
polarization, code division, and/or other examples. The SLW 
may be independent of TEM spectrum, effectively doubling 
the present transmission/reception capacity. 

[0077] Although the present technology has been 
described in detail for the purpose of illustration based on 
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what is currently considered to be the most practical and 
preferred implementations, it is to be understood that such 
detail is solely for that purpose and that the technology is not 
limited to the disclosed implementations, but, on the con- 
trary, is intended to cover modifications and equivalent 
arrangements that are within the spirit and scope of the 
appended claims. For example, it is to be understood that the 
present technology contemplates that, to the extent possible, 
one or more features of any implementation can be com- 
bined with one or more features of any other implementa- 
tion. 
1. A system for providing a computational simulator 
based on scalar-longitudinal waves, the system comprising: 
one or more hardware processors configured by machine- 
readable instruction to: 
provide a computerized physical simulation environ- 
ment in which electromagnetic simulations of an 
antenna or device are performed; 
provide simulated classical transverse electromagnetic 
waves that are received or transmitted in the elec- 
tromagnetic simulation of the antenna or device; 
provide simulated scalar-longitudinal waves that are 
received or transmitted in the electromagnetic simu- 
lations of the antenna or device; 
evaluate characteristics of the antenna or device based 
on information associated with simulated classical 
transverse electromagnetic waves and/or simulated 
scalar-longitudinal waves; and 
optimize one or more characteristics of the antenna or 
device based on the evaluation of the characteristics. 
2. The system of claim 1, wherein the computerized 
physical simulation environment includes a reflector added 
to the antenna or device to form a directed beam for 
transmission and/or reception of scalar-longitudinal waves. 
3. A process for allocating spectral frequencies of scalar- 
longitudinal waves, the process comprising: 
allocating bands of spectral frequencies of scalar-longi- 
tudinal waves to one or more entities according to rules 
comprising: 
no entity shall transmit at frequencies reserved for radio 
astronomy to avoid interference at radio telescopes; 
a given entity is allowed to transmit over open-spec- 
trum bands so long as the given entity adheres to 
restrictions on transmission power and any other 
relevant constraints; 
only licensed entities of a given spectral frequency 
band are allowed to transmit so long as individual 
ones of the licensed entities of the given spectral 
frequency transmit in non-overlapping geographic 
regions; and 
only licensed entities of spectral frequency bands cor- 
responding to amateur radio frequencies are allowed 
to transmit so long as the licensed entities of spectral 
frequency bands corresponding to amateur radio 
frequencies use a listen-before-talk contention-based 
protocol. 


negative), the output voltage increases. This 
means that the output is 180 degrees out of 
phase with the input. 

38 You can calculate the AC voltage gain 


for the amplifier discussed in problems 34-37 
by using the following formula: 
— V, 
our 
Ay = —— 
Vin 
The negative sign in this formula indicates 


that the output signal is 180 degrees out of 
phase from the input signal. 

Question 

Calculate the AC voltage gain for the amplifier 
discussed in problems 34-37. 
Answer 


MA? 
0.5 Vo, 


39 You can also calculate the AC voltage 
gain by using the following formula: 


Ay = —{ E a Rp) 


= -14 


Y 


In this equation, gm IS the 
transconductance and is a property of the 
JFET. It ts also called the forward transfer 
admittance . A typical value for gm is usually 
provided for JFETS in the data sheet from the 
manufacturers. You can also use the data in 


Table 8.1 to calculate gm using the following 
formula: 
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In this equation, A indicates the change or 


variation in V GS and the corresponding drain 
current. The unit for transconductance IS 
mhos. 
Questions 
A. Using the data from Table 8.1 , what is the 
value of gm for the JFET used in the 
amplifier? | 
B. What is the corresponding AC voltage 
gain? —_— 
Answers 
A. 1.5mA | 
gm = = 0.003 mhos 

05V 

B. Av =  2(0.003)(4670) = 214, the same 


result you found in problem 38 

40 Design a JFET common source amplifier 
using a JFET with | DSS = 14.8 mA and V 
GS (off) = 23.2 volts. The input signal is 40 
mV pp . The drain supply is 24 volts. 
Questions 
A. Determine the value of V GS that will bias 
the JFET at a voltage near the middle of the 
transfer curve. ———__ 
B. Calculate the drain current when V GS is 
at the value determined in step A, using the 
formula in problem 32. —___ 
C. Choose a value of V DS and calculate the 
value of R D using the formula in problem 33. 
D. Calculate the maximum and minimum 
values of V GS that result from the input 
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3,015,101 
SCIMITAR ANTENNA l 
Edwin M. Turner and William P. Turner, Dayton, Okio, 
assignors to the United States of America as repre- 
sented by the Secretary of the Air Force T i 
Filed Oct. 31, 1958, Ser. No. 77 1,168 
| | 5 Claims. (Cl. 343—8438) i 
_ (Granted under Title 35, U.S, Code (1952), sec. 266) 
The invention described herein may be manufactured 
and used by or for the United States Government for 
governmental purposes without payment to us of any 
royalty thereon, o E 
This invention relates to antennas operable in the 30 to 
30,000 mc./s. frequency range and is particularly con- 
cerned with the provision of an antenna for this frequency 
range having the desirable electrical 
stability, impedance stability and high efficiency over a 
bandwidth of the order of 10 to 1, and having physical 
properties such as ruggedness, simplicity, ease of mount- 
ing and low drag that make it particularly suited to use 
on aircraft. | AN A 
The antenna consists of one or More elements each 
essentially a coplanar equiangular stub antenna with a 
folded over shorted base, the general configuration being 
that of a scimitar blade having its broad end electrically 
and mechanically attached to the ground Plane, which 
may be the surface of the aircraft, and its point coupled 
to the feed line. | a: Al 
A more detailed description of the antenna will be given 


with reference to the specific embodiments thereof shown 


in the accompanying drawing in which 

FIGS. 1, 2 and 3 show various forms of the antenna 
with a coaxial feed line, r E a 

FIGS. 3a, 3b, 3c and 3d show waveguide feeds for an 
antenna element, | o 

FIGS. 4a and 4b show plan and elevation views, respec- 
tively, of a physical embodiment of the antenna, 

FIG. 5 illustrates the coordinate system used in portray- 
ing antenna patterns, a ay 

FIGS. 6, 7, 8, 9 and 10 show various field patterns of 
an antenna such as shown in FIGS. 4a—4b based on the 
coordinate system of FIG. 5, pte Pig ee 

FIG. 11 is a graph illustrating the relatively stable im- 
pedance of an antenna of the type described, | 

FIGS. 12a, 12b, 12c, 12d, 13a, 13b, 13c, 13d, 14a, 14b, 
i4c, 14d and 15a, 15b, 15c, 15d show forms of the an- 
fenna using more than one scimitar element, 
_ FIG. 16 shows the manner in which the antenna may 
_ be incorporated in a flat plate such as an aerodynamic con- 
trol element, | 

FIGS. 17a and 17b show other forms of the antenna 
using dual elements, — _ | ee 

FIGS. 18a, 18b and 18c show the characteristics of an- 
tenna 17a, and a 

FIG. 19 is form of the antenna in which the element 
has a circular cross section. | 

FIG. 1 shows the general configuration of the antenna 
element. The outer and inner boundaries of the antenna 
element, which may be cut from a sheet of suitable con- 
ductive material such as copper or brass, silverplated if 
desired, to increase surface conductivity, follow diverging 
Spiral paths Í and 2. These start at feed point F and end 
at a conductive ground plane G to which the broad end 
of the element is electrically connected. The curves i 
and 2 are logarithmic spirals having their origin at O 
which, in this case, lies in the ground plane G. The 
general equation of these curves is | | 


(i). 


Where p is the distance from origin to curve, « is the 
direction of p measured from the Starting point, in this 


poke 


10 


15 


properties of pattern | 


20 


25 


- the length of the antenna 


35 


40 


50 
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60 
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case the feed point F, e is the natural logarithm base, 
and k and a are constants which provide the parameters 
through which various forms of the antenna element may 
be derived. The constant k is the same for both inner 
and outer boundaries and determines the overall size of 
the antenna element. The constant a determines the rate 
at which the spiral moves outward from the origin O. As 
@ approaches zero, the spiral approaches a circle. In 
FIG. 1, the values of a for the outer boundary, designated 
a1, is 0.35 while that for the inner boundary, designated 
az is 0.08. A characteristic of the logarithmic spiral is that 
the angle ($, or £2) between the tangent io any point and 
the line from that point to the origin is constant for all 
points on the curve. | | | 

The difference between a, and ay determines the rate of 
divergence of the outer and inner boundaries of the an- 
tenna element. Decreasing the difference causes the rate 
of divergence to decrease as may be seen by comparing 
FIG, 2, where ag=.2, with FIG. 1. Increasing this differ- 


ence causes the rate of divergence to increase as may be 


seen by comparing the antenna element of FIG. 3, for | 
which «2=0.02, with FIG. 1. FIG. 3 also illustrates the 
effect of placing the origin for the outer and inner bound- 
aries above the ground plane rather than in the ground 
plane as in FIGS. 1 and 2. The effect is to increase both 
element and its height above the 
ground plane. ` o a | roar: 
The antenna may be fed by a coaxial transmission line 
having its outer conductor connected to the surface form- 
ing the ground plane and its inner conductor extending 
through a hole in this surface to the feed point F of 
the antenna element. This is illustrated in FIGS. 2 and 
3 where 3 and 4 are the outer and inner conductors, re- 
spectively, of the coaxial line. The antenna clement may 
also be fed from a waveguide as shown in FIGS. 3a, 3b, 
3c and 3d. ~ | nee? 
FIGS. 4a and 4b show a practical embodiment of a 
Scimitar antenna in which the antenna element has the 
same parameters as that in FIG. 3. The antenna element 
is shown as having a thickness of 0.0625” and has a base 


` plate 5 joined to its broad end for convenient attachment, 


by means of screws 6 and subplate 7, to the metallic 
aircraft skin 8 which serves as the ground plane. A 
suitable coaxial line fitting 9 is attached to the under 
side of skin 8 by screws 16 and serves to connect the outer 


conductor 3 of the coaxial line to the metallic surface 8... 


The center conductor 4 of the transmission line extends 
through a hole 11 in skin 8 for connection, as by solder- 
ing, to the feed point F of the antenna element. | 
The constants a@,, az and k, the position of origin O 
relative to the ground surface, and the shape of the ground | 
surface are all parameters affecting the electrical char- _- 
acteristics of the antenna. These may be varied experi- 
mentally to obtain the characteristics desired. FIGS. 6-10 
show field strength patterns, on a voltage basis, extend- 
ing over a frequency range of 1000 mc./s. to 8400 mce./s. 
for an antenna having substantially the same parameters 
as that shown in FIGS. 4a-4b and using a Hat 14” x 14” 
ground plane. These patterns are with respect to the co- 
ordinate system shown in FIG. 5, Ey and E, being the 
vertical and horizontal components, respectively, of the 


- electric vector. 


65 


70 


FIG. 11 shows the voltage Standing wave ratio 
(VSWR) measured on a transmission line feeding the 
typical scimitar antenna. These measurements are made 
Over a wide frequency band and show the relatively low 
value and relatively small variation of the VSWR of 
the greater portion of the band. e 

FIG. 12a shows an antenna made up of four basic 
scimitar elements. All or any number of these elements 
may be fed in order to achieve the desired directivity 
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3 
pattern. FIGS. 12c and 12d show patterns, based on 
the coordinate system of FIG. 12b, as specified for a 
single feed. | 

FIG. 13a shows a “butterfly” antenna arrangement 
- consisting of two scimitar antennas joined at their bases 
and feed points and making equal angles with the ground 
plane. FIGS. 13c and 13d show patterns as specified 
based on the coordinate system of FIG. 135. 

FIG. 14a shows a “cloverleaf” arrangement consist- 
ing of four basic scimitar elements equally spaced and 
equally inclined to the ground plane. Ali elements are 
fed from a common point. FIGS. 14c and i4d show 


patterns as specified based on the coordinate system of- 


FIG. 14b. 

FIG. 15a shows the manner in which the stabilizing 
fins of a missile may be shaped to perform the func- 
tions of radio antennas. Each fin constitutes a basic 
scimitar antenna fed through an opening in the missile 
body. FIGS. 15c and 15d show patterns as specified for 
a single antenna element based on the coordinate sys- 
tem of FIG. 150. | 

FIG. 16 shows various ways in which antennas of 
the scimitar type or similar thereto may be incorporated 
in a thin metallic member which may be, for exampie, an 
aerodynamic control element, on a missile or similar 
device. The method of feeding one of the antennas with 
a coaxial transmission line is shown. ‘The other ele- 
ments may be similarly fed. . | 

FIGS. 17a and 17b show two forms of a dual ele- 
ment antenna in which the two scimitar elements lie in 
the same plane. FIGS. 18b and 18c show patterns as 
specified for the antenna of FIG. 17a based on the co- 
ordinate system of FIG. 18a. | 

Although it is conventient and in many cases desir- 
able to make the scimitar element from a flat relatively 
thin piece of metal, it may also be given other than a 
thin rectangular cross section as shown in FIG. 19 in 
which the antenna element has a circular cross section. 

We claim: | 

1. An antenna comprising means forming a conduc- 
tive ground surface and a curved antenna element at- 
tached and electrically connected at one end to said 
ground surface and extending to a feed point situated 
substantially in the plane of said ground surface, the 
farther and nearer boundaries of said element relative 


4 


to said surface being two diverging co-planar logarithmic 


spirals starting at said feed point and ending at said 
surface. 

2. An antenna as claimed in claim 1 in which said 

5 logarithmic spirals have a common origin. 

3. An antenna comprising means forming a conductive 
ground surface and a curved antenna element attached 
to and electrically connected at one end to said ground 
surface and extending to a feed point situated substan- 


10 tially in the plane of said ground surface, said element 


having a uniform thickness and having farther and 
nearer boundaries relative to said surface that are di- 
verging logarithmic spirals starting at said feed point 
and ending at said surface. PEJE MES | 
15 4, An antenna comprising means forming a conduc- 
tive ground surface, a plurality of curved antenna ele- 
ments each attached to and electrically connected at 
one end to said ground surface and extending to a com- 
mon feed point situated substantially in the plane of 


20 said ground surface, each of said elements having a 


uniform thickness and having farther and nearer bound- 
aries relative to said ground surface that are two diverg- 
ing co-planar logarithmic spirals starting at said feed 
point and ending at said. ground surface, the plane of 


25 said spirals being at an acute angle to said ground sur- 


face, and a transmission line situated beneath said 
ground surface and coupled through a hole in said 


ground surface to said antenna elements at said feed ' 


point. — ae Re | 

30 5, Apparatus as claimed in claim 4 in which said ele- 
ments are of equal size and are equally spaced about 
said feed point. | a 
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Signal, and the corresponding values of drain 
current using the procedure in problem 34. 
E. Calculate the maximum and minimum 
values of V out that result from the input 


Signal using the procedures in problems 35 
and 36. |. 
F. Calculate the gain of the amplifier. — < 
Answers 
A. V GS = 21.6 volts 
B. ID = 3.7 mA 
C. For V DS = 10 volts, 

14 volts 

p = = 3780 ohms 
3.7 mA 


D. V GS will vary from 21.58 to 21.62 volts. 
Use the formula to calculate values of drain 
current. | D will vary from 3.79 to 3.61 mA. 
E. V RD will vary from 14.3 to 13.6 volts. 
Therefore, V out will vary from 9.7 to 10.4 
volts. 


¡IM eee 
0.04 


41 Use the results of problem 40, question 
D, to answer the following question. 
Questions 
Calculate the transconductance of the JFET 
and the AC voltage gain using the formulas 
discussed in problem 39. 
Answers 
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FIG. 13A 


A, = [gm MRp) = —(0.0045)(3780) = —17 
This is close to the value you found In 
problem 40, question F. 

42 Figure 8.33 shows a JFET amplifier 


circuit that uses one power supply, rather 
than separate power supplies for the drain 
and gate used in the amplifier discussed In 
problems 34-41. 
Figure 8.33 
O +24 ViVi. 
Ly pp 
> Rp 
| y 
(OO Vou: 
Vin O 
| Vas = 
E ES 
Rg 


The DC voltage level of the gate is zero 
because the gate is tied to ground through R 
G . Therefore, the voltage drop across R S 
becomes the gate to source voltage. To 
design the circuit, you must find values for 
both RS and RD. Use the same bias point 
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26 FIG. 24 


for this problem as you used for the amplifier 


discussed in problems 34-41: V GS = 22 
volts and ID = 3 mA. Follow these steps: 
1. Calculate R S , using the following formula, 
recognizing that V RS = VGS : 
Vrs _ Vas 
a 
lp Ip 
2. Calculate R D using the following formula, 
using V DS = 10 volts, the same value you 
used for the amplifier discussed in problems 
mae: E (Von — Vps — Vs) 
Lp = — 
lp 
3. Calculate X CS using the following formula: 
tt 
i 0. 
10 
Then, calculate CS using the following 
formula: 
=a | 
ES C O 
A fe. 
4. Calculate the peak-to-peak output voltage 
using the procedures shown in problems 
34-36. 
5. Calculate the AC voltage gain using this 
formula: 
F 
Åv = = Van 
V 
"in 
Note Choose the value of CS so that its 
reactance is less than 10 percent of RS at 


the lowest frequency you need to amplify. 
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The DC load for the JFET is RD plus RS 

The AC load is RD only because CS 
bypasses the AC signal around RS, which 
keeps the DC operating point stable. The use 
of C S reduces the gain slightly because you 
now use a smaller RD to calculate the AC 
voltage swings at the output. 

Questions 

A. What is the value of RS? 


B. What is the value of RD? 


C. What is the value of C S ? Assume re T 
kHz. 


D. Calculate the peak-to-peak V out for Vin = 
0.5 V pp. 


E. What is the voltage gain? 


Answers 
A. 2 volts 
Rs = = 667 ohms 
i 
B. Volts 
34m 


C. X CS = 66.7 ohms, CS = 2.4 UF 

D. The AC drain current will still vary from 
3.8 to 2.3 mA, as in problem 37. The voltage 
across RD is now 6 V pp because RD is 4 
kQ. The output voltage is also 6 V pp. 


E, a e gain is 12. 
0.5 


The Operational Amplifier 


43 The operational amplifier  (op-amp) in use 
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SYSTEM AND METHOD FOR STORING 
ENERGY 


STATEMENT REGARDING GOVERNMENT 
INTEREST 


This invention was made with United States Government 
support under Contract No. DE-AC07-05-ID14517 awarded 
by the United States Department of Energy. The United States 
Government has certain rights in the invention. 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

This disclosure generally relates to a system and method 
for storing energy and more particularly to a system and 
method for portably converting energy into an electrical cur- 
rent and storing the energy. 

2. Description of the Related Art 

Conventional portable energy storage devices, such as con- 
ventional batteries and storage capacitors, are either dispos- 
able or rechargeable by coupling the device to a remote source 
of electrical energy. Disposable devices inherently limit the 
amount of portable stored energy available to a user. Carrying 
extra disposable devices is expensive, and a user must accom- 
modate associated weight, storage space, and disposal 
requirements. They also are environmentally unfriendly. 
Conventional rechargeable devices are more environmentally 
friendly than non-rechargeable devices, but a remote source 
of energy is required to recharge the devices and the energy 
available between accesses to the remote source of energy 1s 
limited. In addition, recharging requires user intervention. 

Conventional shake-flashlights and similar shake-acti- 
vated devices provide for storing limited amounts of energy, 
enough to power, for example, an LED for a brief period of 
time, but typically do not produce enough energy to power a 
conventional flashlight light bulb, and other high current draw 
devices, for example, a cell-phone, a camera, a GPS system or 
a conventional flashlight. They also are bulky and require 
physical activity expressly directed to charging the device. In 
addition, conventional shake-activated devices are not readily 
deployable to power another portable device. They also pro- 
duce objectionable levels of magnetic fields that can poten- 
tially interfere with the operation of electronic devices, such 
as cell-phones and health-related devices, such as pacemak- 
ers. 

Conventional crank-powered devices have much more 
energy-storage capabilities than conventional shake-acti- 
vated devices, but similarly are bulky, require physical activ- 
ity expressly directed to recharging the device, are not readily 
deployable to power another portable device, and may gen- 
erate objectionable levels of magnetic fields. 

Electro-magnetic and electro-mechanical devices and 
applications, such as, for example, motors, generators and 
alternators, typically employ coils and/or magnets. Conven- 
tional magnetic structures employ a single magnet to generate 
a magnetic field, or a plurality of magnets arranged to gener- 
ate a magnetic field. The magnets are typically permanent 
magnets or electromagnets. The efficiency of many applica- 
tions is dependant on the gradient of the magnetic field gen- 
erated by the magnetic structure. 

When an increase in output or performance was desired, 
conventionally the size or number of coils was increased or 
the size or strength of the magnets would be increased. These 
approaches introduce weight, cost, size and durability issues. 
These approaches also are not practical for many applica- 
tions. Therefore it can be appreciated that there is a need for 
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improved coils and magnets for use in electro-magnetic and 
electromechanical devices and applications. 


BRIEF SUMMARY OF THE INVENTION 


In one embodiment, a coil comprises an electrical conduc- 
tive winding and a magnetic conductive winding configured 
to focus magnetic flux in the electrical conductive winding. In 
one embodiment, the coil further comprises a winding form. 
In one embodiment, a first layer on the winding form com- 
prises a layer of the electrical conductive winding. In one 
embodiment, a second layer of the electrical conductive 
winding is adjacent to the first layer on the winding form. In 
one embodiment, a layer of the magnetic conductive winding 
is adjacent to the second layer of the electrical conductive 
winding. In one embodiment, a layer ofthe magnetic conduc- 
tive winding is adjacent to the first layer on the winding form. 
In one embodiment, a last layer on the winding form com- 
prises a layer of the electrical conductive winding. In one 
embodiment, a last layer on the winding form comprises a 
layer of the electrical conductive winding. In one embodi- 
ment, a layer of the magnetic conductive winding is between 
two layers of the electric conductive winding. In one embodi- 
ment, a plurality of layers of the magnetic conductive winding 
is between two layers of the electric conductive winding. In 
one embodiment, the magnetic conductive winding forms a 
closed loop. In one embodiment, the coil has a trapezoidal- 
shaped portion. In one embodiment, the coil is wound around 
a core. In one embodiment, the electrical conductive winding 
and the magnetic conductive winding together comprise a 
dual-conductor winding. In one embodiment, the magnetic 
conductive winding comprises a silver/nickel alloy. In one 
embodiment, the coil further comprises a layer of insulating 
material, wherein the electrical conductive winding com- 
prises a trace formed on the layer of insulation material. 

In one embodiment, a winding comprises an electrical 
conductive wire and a magnetic conductive wire insulated 
from and secured to the electrical conductive wire and con- 
figured to focus magnetic flux in the electrical conductive 
wire. In one embodiment, the magnetic conductive wire 
forms a closed loop. In one embodiment, the magnetic con- 
ductive wire is secured to the magnetic conductive wire by an 
insulating material. In one embodiment, the magnetic con- 
ductive wire forms a core of the winding and is surrounded by 
an insulating layer and the electrical conductive wire sur- 
rounds the insulating layer. In one embodiment, the electrical 
conductive wire comprises a stranded wire. 

In one embodiment, a system comprises a magnetic struc- 
ture and a coil, the coil comprising an electrical conductive 
winding and a magnetic conductive winding configured to 
focus magnetic flux in the electrical conductive winding. In 
one embodiment, the system is configured to receive energy 
and to generate an electrical signal in response to the receipt 
of the energy. In one embodiment, the system further com- 
prises a mechanical transmission system configured to 
receive the energy. In one embodiment, the mechanical trans- 
mission system is coupled to the magnetic structure and con- 
figured to move the magnet structure with respect to the coil 
in response to the receipt of energy. In one embodiment, the 
mechanical transmission system is configured to move the 
magnetic structure in a linear manner. In one embodiment, the 
mechanical transmission system is configured to move the 
magnetic structure in a rotational manner. In one embodi- 
ment, the mechanical transmission system is configured to 
move the magnetic structure in a radial manner. In one 
embodiment, the mechanical transmission system is coupled 
to the coil and configured to move the coil with respect to the 
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magnetic structure in response to the receipt of energy. In one 
embodiment, the coil is configured to receive an electrical 
signal and the system is configured to generate mechanical 
force in response to the receipt of the electrical signal. In one 
embodiment, the system further comprises a mechanical 
transmission system. 

In one embodiment, a system comprises a coil comprising 
means for conducting an electric signal and means for focus- 
ing magnetic flux in the means for conducting an electrical 
signal, and a magnetic structure. In one embodiment, the 
means for focusing magnetic flux comprises a winding com- 
prising a silver/nickel alloy. In one embodiment, the means 
for conducting an electrical signal comprises a stranded cop- 
per wire. In one embodiment, the coil further comprises a first 
insulating substrate and the means for conducting an electri- 
cal signal comprises an electrical conductive trace formed on 
the first insulating substrate. In one embodiment, the means 
for focusing magnetic flux comprises a magnetic conductive 
trace formed on the first insulating substrate. In one embodi- 
ment, the electrical conductive trace is formed on a first 
surface of the first insulating substrate and the magnetic con- 
ductive trace is formed on the first surface of the first insulat- 
ing substrate. In one embodiment, the coil further comprises 
a plurality of insulating substrates, and the means for con- 
ducting an electric signal comprises a plurality of electrical 
conductive traces formed on selected substrates in the plural- 
ity of substrates and the means for focusing magnetic flux 
comprises a plurality of magnetic conductive traces formed 
on selected substrates in the plurality of substrates. 

In one embodiment, a method for generating an electrical 
signal comprises causing relative movement between a mag- 
netic structure and an electrical conductive winding and 
focusing magnetic flux generated by the magnetic structure in 
the electrical conductive winding using a magnetic conduc- 
tive winding. In one embodiment, the method further com- 
prises forming a closed loop with the magnetic conductive 
winding. 

In one embodiment, a coil comprises a plurality of insulat- 
ing substrates, a plurality of electrical conductive traces 
formed on a first set of selected substrates in the plurality of 
substrates and a plurality of magnetic conductive traces 
formed on a second set of selected substrates in the plurality 
of substrates. In one embodiment, the first set of selected 
substrates comprises every other insulating substrate in the 
plurality of insulating substrates and the plurality of electrical 
conductive traces consists of an electrical conductive trace 
formed on each of the plurality of insulating substrates in the 
first set of selected substrates. In one embodiment, the plu- 
rality of electrical conductive traces are electrically coupled 
in series. In one embodiment, the plurality of magnetic con- 
ductive traces are electrically coupled together to form a 
closed loop. 

In one embodiment, a method of generating mechanical 
force comprises generating a magnetic field, focusing the 
magnetic field in an electrical conductive element and con- 
ducting a current through the electrical conductive element. 
In one embodiment, the current is an alternating current. In 
one embodiment, the method further comprises applying the 
mechanical force so as to generate a linear movement in a 
transmission system. In one embodiment, the method further 
comprises applying the mechanical force so as to generate a 
rotational movement in a transmission system. In one 
embodiment, the method further comprises applying the 
mechanical force so as to generate a radial movement in a 
transmission system. In one embodiment, the current is a 
direct current. In one embodiment, the electrical conductive 
element comprises layers of an electrical conductive winding 
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and focusing the magnetic field in the electrical conductive 
winding comprises inserting a magnetic conductive winding 
between two layers of the electrical conductive winding. In 
one embodiment, the magnetic conductive winding forms a 
closed loop. 

In one embodiment, a system comprises a first magnet 
housing, a first magnet secured within the first magnet hous- 
ing and having a first pole ofa first polarity and a second pole 
ofa second polarity, and a second magnet having a first pole 
of the first polarity and a second pole of the second polarity, 
secured within the first magnet housing such that the first pole 
ofthe second magnet is held spaced apart a distance from and 
generally facing the first pole of the first magnet, so as to 
generate a compressed magnetic field. In one embodiment, 
the first magnet comprises a rare earth magnet. In one 
embodiment, the system further comprises a coil. In one 
embodiment, the system is configured to receive energy and 
to generate an electrical signal in response to the receipt ofthe 
energy. In one embodiment, the system is configured to 
receive an electrical signal and to generate mechanical force 
in response to the electrical signal. In one embodiment, the 
system further comprises a mechanical transmission system. 
In one embodiment, the mechanical transmission system is 
coupled to the first magnet housing and configured to move 
the first magnet housing with respect to the coil in response to 
the receipt of the energy. In one embodiment, the mechanical 
transmission system is configured to move the first magnet 
housing in a linear manner. In one embodiment, the mechani- 
cal transmission system is configured to rotate the first mag- 
net housing. In one embodiment, the system further com- 
prises a third magnet having a first pole ofthe first polarity and 
a second pole of the second polarity, secured within the first 
magnet housing such that the second pole of the third magnet 
is held spaced apart a distance from and generally facing the 
second pole ofthe first magnet, so as to generate a compressed 
magnetic field. In one embodiment, the coil is configured to 
pass between the first and second magnets as the first magnet 
housing is rotated. In one embodiment, the mechanical trans- 
mission system is coupled to the coil and configured to move 
the coil with respect to the first magnet housing in response to 
a receipt of energy. In one embodiment, the mechanical trans- 
mission system comprises a repelling magnet. In one embodi- 
ment, the mechanical transmission system comprises a 
mechanical repelling system. In one embodiment, the coil is 
configured to receive an electrical signal and the system is 
configured to move the first magnet housing with respect to 
the coil in response to the receipt of the electrical signal. In 
one embodiment, the system is configured to receive energy 
and to move the first magnet housing with respect to the coil 
in response to the receipt of the energy. In one embodiment, 
the system further comprises a second coil. In one embodi- 
ment, the coil has an axis that is at least generally aligned with 
an axis along which the first magnet housing is configured to 
move relative to the coil. In one embodiment, the system 
further comprises a second magnet housing, a third magnet 
secured within the second magnet housing and having a first 
pole of a first polarity and a second pole ofa second polarity, 
and a fourth magnet having a first pole of the first polarity and 
a second pole of the second polarity, secured within the sec- 
ond magnet housing such that the first pole of the third magnet 
is held spaced apart a distance from and generally facing the 
first pole of the fourth magnet, so as to generate a compressed 
magnetic field. In one embodiment, the second magnet hous- 
ing is substantially perpendicular to the first magnet housing. 
In one embodiment, the system further comprises a second 
coil. In one embodiment, the first magnet housing is gim- 
baled. In one embodiment, the electrical signal comprises a 
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DC current. In one embodiment, the electrical signal com- 
prises an AC current and the system further comprises recti- 
fication circuitry coupled to the coil and configured to convert 
the AC current to a DC current. In one embodiment, the 
system further comprises a power storage system coupled to 
the rectification circuitry for accumulating and storing power 
generated by the system. In one embodiment, the system 
further comprises an inverter coupled to the power storage 
system and configured to supply alternating current to an 
electricity distribution system. In one embodiment, the sys- 
tem is configured to convert energy from waves into an elec- 
trical signal. 

In one embodiment, a magnetic structure comprises a mag- 
net housing, a first magnet secured within the magnet hous- 
ing, and having a first pole of a first polarity and a second pole 
of a second polarity, and a second magnet having a first pole 
of the first polarity and a second pole of the second polarity, 
secured within the magnet housing such that the first pole of 
the second magnet is held spaced apart a distance from and 
generally facing the first pole of the first magnet, so as to 
generate a compressed magnetic field. In one embodiment, 
the first magnet comprises a permanent magnet. In one 
embodiment, the first magnet comprises a rare earth magnet. 
In one embodiment, the first magnet comprises an electro- 
magnet. In one embodiment, a space between the first and 
second magnets is substantially filled with a non-magnet 
substance. In one embodiment, the non-magnetic substance 
comprises air. In one embodiment, the non-magnetic sub- 
stance comprises a fluoropolymer resin. In one embodiment, 
the magnetic structure further comprises a third magnet hav- 
ing a first pole of the first polarity and a second pole of the 
second polarity, secured within the magnet housing such that 
the second pole of the third magnet is held spaced apart a 
distance from and generally facing the second pole of the first 
magnet, so as to generate a compressed magnetic field. In one 
embodiment, the first polarity is a north polarity. In one 
embodiment, a face of the first pole of the first magnet is at 
least generally planar. In one embodiment, a face of the first 
pole of the second magnet is at least generally planar. In one 
embodiment, a face of the first pole of the first magnet is at 
least generally convex. In one embodiment, a face of the first 
pole of the first magnet is at least generally concave. In one 
embodiment, the first magnet is generally rectangular. In one 
embodiment, the first magnet is generally spherical. In one 
embodiment, the magnetic structure further comprises a sus- 
pension system. In one embodiment, the suspension system is 
gimbaled. In one embodiment, gravitational forces are used 
to position the magnetic structure within the suspension sys- 
tem. In one embodiment, the suspension system is configured 
to employ gyroscopic principles to position the magnetic 
structure. In one embodiment, the magnet housing 1s evacu- 
ated and hermetically sealed. 

In one embodiment, a magnetic structure comprises a plu- 
rality of magnets and means for holding the magnets spaced 
apart with respect to each other and configured so as to gen- 
erate a compressed magnetic field. In one embodiment, the 
means for holding the magnets comprises a magnet housing 
having a threaded inner surface. In one embodiment, the 
means for holding the magnets comprises tabs configured to 
hold the plurality of magnets in fixed positions with respect to 
each other. In one embodiment, the magnetic structure further 
comprises means for transmitting mechanical energy coupled 
to the means for holding the magnets. 

In one embodiment, a method of generating power com- 
prises generating a compressed magnetic field using a plural- 
ity of spaced-apart magnets and causing relative movement 
between an electrical conductive winding and the compressed 
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magnetic field. In one embodiment, generating the com- 
pressed magnetic field comprises holding the plurality of 
magnets spaced apart in a fixed position with respect to each 
other such that like poles of the magnets face each other so as 
to generate the compressed magnetic field. In one embodi- 
ment, the plurality of magnets consists of two magnets and a 
distance between the two magnets is less than an ambient 
distance. In one embodiment, the method further comprises 
rectifying a current generated in the electrical conductive 
winding. In one embodiment, the method further comprises 
storing the rectified current in an energy storage system. In 
one embodiment, causing relative movement comprises mov- 
ing the electrical conductive winding with respect to the plu- 
rality of magnets. In one embodiment, causing relative move- 
ment comprises moving the plurality of magnets with respect 
to the electrical conductive winding. In one embodiment, 
moving the plurality of magnets with respect to the electrical 
conductive winding comprises moving the plurality of mag- 
nets along a generally linear path. In one embodiment, mov- 
ing the plurality of magnets with respect to the electrical 
conductive winding comprises moving the plurality of mag- 
nets along a generally radial path. In one embodiment, mov- 
ing the plurality of magnets with respect to the electrical 
conductive winding comprises rotating the plurality of mag- 
nets. In one embodiment, the method further comprises opti- 
mizing a gradient of the compressed magnetic field. 

In one embodiment, a method of generating mechanical 
force comprises generating a compressed magnetic field and 
conducting a current through an electrical conductive wind- 
ing in the compressed magnetic field. In one embodiment, 
generating the compressed magnetic field comprises holding 
a plurality of magnets spaced apart in a fixed position with 
respect to each other such that like poles of the magnets face 
each other so as to generate the compressed magnetic field. In 
one embodiment, the plurality of magnets consists of two 
magnets and a distance between the two magnets is less than 
an ambient distance. In one embodiment, the current is an 
alternating current. In one embodiment, the current is a direct 
current. In one embodiment, the method further comprises 
applying the mechanical force so as to cause a generally linear 
movement in a transmission system. In one embodiment, the 
method further comprises applying the mechanical force so 
as to cause a generally rotational movement in a transmission 
system. 

In one embodiment, a system comprises a coil having an 
electrical conductive winding and a magnetic conductive 
winding configured to focus magnetic flux in the electrical 
conductive winding, and a magnetic structure configured to 
generate a compressed magnetic field. In one embodiment, 
the magnetic structure comprises a first magnet housing, a 
first magnet secured within the first magnet housing, and 
having a first pole of a first polarity and a second pole of a 
second polarity, and a second magnet having a first pole of the 
first polarity and a second pole of the second polarity, secured 
within the first magnet housing such that the first pole of the 
second magnet 1s held spaced apart a distance from and gen- 
erally facing the first pole of the first magnet, so as to generate 
the compressed magnetic field. In one embodiment, the sys- 
tem is configured to receive energy and to generate an elec- 
trical signal in response to the receipt of the energy. In one 
embodiment, the electrical signal comprises an AC current 
and the system further comprises rectification circuitry 
coupled to the coil and configured to convert the AC current to 
a DC current. In one embodiment, the electrical signal com- 
prises a DC current. In one embodiment, the system is con- 
figured to receive an electrical signal and to generate 
mechanical force in response to the electrical signal. In one 


today is actually an integrated circuit (IC). 
This means that the device has numerous 


transistors and other components constructed 
on a small silicon chip. These IC op-amps are 
much smaller and, therefore, more practical 


than an amplifier with equivalent performance 
that is made with discrete components. 

You can purchase op-amps in different case 
configurations. Some of these configurations 
are the Transistor Outline (TO) metal 
package, the flat pack, and the dual in-line 
pin (DIP) package. You can also find two 
op-amps (dual) or four op-amps (quad) in a 
single IC. 

Their size, low cost, and wide range of 
applications have made  op-amps so common 
today that they are thought of as a circuit 


device or component in and of themselves, 
even though a typical op-amp may contain 
20 or more transistors in its design. The 
characteristics of op-amps closely resemble 


those of an ideal amplifier. Following are these 
characteristics: 


High input impedance (does not require 
input current) 

High gain (used for amplifying Small signal 
levels) 


Low output impedance (not affected by the 
load) 

Questions 

A. What are the advantages of using 
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embodiment, the system further comprises a mechanical 
transmission system. In one embodiment, the mechanical 
transmission system is coupled to the magnetic structure and 
configured to move the magnetic structure with respect to the 
coil in response to a receipt of energy. In one embodiment, the 
mechanical transmission system is configured to move the 
magnetic structure in a linear manner. In one embodiment, the 
mechanical transmission system is configured to rotate the 
magnetic structure. In one embodiment, the mechanical 
transmission system is configured to move the magnetic 
structure along a radial path. In one embodiment, the 
mechanical transmission system is coupled to the coil and 
configured to move the coil with respect to the magnetic 
structure in response to a receipt of energy. In one embodi- 
ment, the coil is configured to receive an electrical signal and 
the system is configured to move the magnetic structure with 
respect to the coil in response to the receipt of the electrical 
signal. In one embodiment, the system is configured to 
receive energy and to move the magnetic structure with 
respect to the coil in response to the receipt of the energy. In 
one embodiment, the system is configured to receive energy 
and to move the coil with respect to the magnetic structure in 
response to the receipt of the energy. In one embodiment, the 
coil has an axis that is at least generally aligned with an axis 
along which the magnetic structure is configured to move 
relative to the coil. In one embodiment, the system further 
comprises a gimbaled suspension system. In one embodi- 
ment, the system 1s configured to convert energy from waves 
into an electrical signal. In one embodiment, the magnetic 
conductive winding is configured as a closed loop. In one 
embodiment, the system further comprises an article of cloth- 
ing configured for coupling the system to a person. In one 
embodiment, the system further comprises a coupler config- 
ured to couple the coil to an electrical transmission grid. 

In one embodiment, a method of generating power com- 
prises generating a compressed magnetic field using a plural- 
ity of spaced-apart magnets, moving an electrical conductive 
winding with respect to the compressed magnetic field, and 
focusing magnetic flux in the electrical conductive winding 
using a magnetic conductive winding. In one embodiment, 
generating the compressed magnetic field comprises holding 
the plurality of magnets spaced apart in a fixed position with 
respect to each other such that like poles of the magnets face 
each other so as to generate the compressed magnetic field. In 
one embodiment, the plurality of magnets consists of two 
magnets and a distance between the two magnets is less than 
an ambient distance. In one embodiment, the method further 
comprises rectifying a current generated in the electrical con- 
ductive winding. In one embodiment, the method further 
comprises storing the rectified current in an energy storage 
system. In one embodiment, moving the electrical conductive 
winding with respect to the compressed magnetic field com- 
prises moving the electrical conductive winding with respect 
to the plurality of magnets. In one embodiment, moving the 
electrical conductive winding with respect to the compressed 
magnetic field comprises moving the plurality of magnets 
with respect to the electrical conductive winding. In one 
embodiment, moving the plurality of magnets with respect to 
the electrical conductive winding comprises moving the plu- 
rality of magnets along a generally linear path. In one 
embodiment, moving the plurality of magnets with respect to 
the electrical conductive winding comprises rotating the plu- 
rality of magnets. In one embodiment, the method further 
comprises optimizing a gradient of the compressed magnetic 
field. In one embodiment, the magnetic conductive winding 
forms a closed loop. In one embodiment, the method further 
comprises coupling the electrical conductive winding to an 
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electrical transmission grid. In one embodiment, the method 
further comprises generating an alternating current in the 
electrical conductive winding. In one embodiment, the 
method further comprises generating a direct current in the 
electrical conductive winding. 

In one embodiment, a method of generating mechanical 
force comprises generating a compressed magnetic field, 
focusing magnetic flux in an electrical conductive winding 
using a magnetic conductive winding, and conducting a cur- 
rent through the electrical conductive winding in the com- 
pressed magnetic field. In one embodiment, generating the 
compressed magnetic field comprises holding a plurality of 
magnets spaced apart in a fixed position with respect to each 
other such that like poles of the magnets face each other so as 
to generate the compressed magnetic field. In one embodi- 
ment, the plurality of magnets consists of two magnets and a 
distance between the two magnets is less than an ambient 
distance. In one embodiment, the current is an alternating 
current. In one embodiment, the current is a direct current. In 
one embodiment, the method further comprises applying the 
mechanical force so as to cause a generally linear movement 
in a transmission system. In one embodiment, the method 
further comprises applying the mechanical force so as to 
cause a generally rotational movement in a transmission sys- 
tem. In one embodiment, the magnetic conductive winding 
forms a closed loop. 

In one embodiment, an article of clothing comprises a coil 
having an electrical conductive winding and a magnetic con- 
ductive winding configured to focus magnetic flux in the 
electrical conductive winding, and a magnetic structure con- 
figured to generate a compressed magnetic field. In one 
embodiment, the magnetic structure comprises a first magnet 
housing, a first magnet secured within the first magnet hous- 
ing, and having a first pole of a first polarity and a second pole 
of a second polarity, and a second magnet having a first pole 
of the first polarity and a second pole of the second polarity, 
secured within the first magnet housing such that the first pole 
of the second magnet is held spaced apart a distance from and 
generally facing the first pole of the first magnet, so as to 
generate the compressed magnetic field. In one embodiment, 
the magnetic conductive winding forms a closed loop. In one 
embodiment, the magnetic structure and the coil are con- 
tained within a battery case. 

In one embodiment, a system comprises a coil comprising 
means for conducting an electrical current in response to 
changes in magnetic flux and means for focusing magnetic 
flux in the means for conducting the electrical current, and 
means for generating a compressed magnetic field. In one 
embodiment, the means for conducting the electrical current 
comprises an electrical conductive winding and the means for 
focusing magnetic flux comprises a magnetic conductive 
winding. In one embodiment, the magnetic conductive wind- 
ing forms a closed loop. In one embodiment, the means for 
generating the compressed magnetic field comprises a first 
magnet housing, a first magnet secured within the first magnet 
housing, and having a first pole ofa first polarity and a second 
pole of a second polarity, and a second magnet having a first 
pole of the first polarity and a second pole of the second 
polarity, secured within the first magnet housing such that the 
first pole of the second magnet is held spaced apart a distance 
from and generally facing the first pole of the first magnet, so 
as to generate the compressed magnetic field. 

In one embodiment, a battery comprises a case, a first 
generator contained within the case and configured to convert 
energy received by the battery into electrical energy, a first 
energy storage device contained within the case, a second 
energy storage device contained within the case, a control 
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module contained within the case, coupled to the first and 
second energy storage devices, and configured to control a 
transfer of the electrical energy from the first energy storage 
device to the second energy storage device, and a plurality of 
contact terminals. In one embodiment, the first energy storage 
device comprises an ultracapacitor and the second energy 
storage device comprises a lithium cell. In one embodiment, 
the battery further comprises a third energy storage device. In 
one embodiment, the third energy storage device 1s coupled in 
series w1th the second energy storage device. In one embodi- 
ment, the third energy storage device is coupled in parallel 
with the first energy storage device. In one embodiment, the 
battery further comprises a connector to house the plurality of 
contact terminals. In one embodiment, the case and contact 
terminals have a configuration of a C-cell battery. In one 
embodiment, the first generator comprises a coil and a mag- 
netic structure. In one embodiment, the magnetic structure 1s 
configured to generate a compressed magnetic field. In one 
embodiment, the coil comprises an electrical conductive ele- 
ment, and a magnetic conductive element. In one embodi- 
ment, the magnetic structure is configured to generate a com- 
pressed magnetic field. In one embodiment, the plurality of 
contact terminals are electrically coupled to the control mod- 
ule. In one embodiment, the battery further comprises a sec- 
ond generator contained within the case, wherein the first 
generator is oriented in a first direction and the second gen- 
erator 1s oriented in a second direction different from the first 
direction. In one embodiment, the control module is further 
configured to control a transfer of energy between the second 
energy storage device and the contact terminals. In one 
embodiment, the transfer of energy between the first energy 
storage device and the contact terminals comprises a transfer 
of energy from the contact terminals to the second energy 
storage device. In one embodiment, the transfer of energy 
between the first energy storage device and the contact ter- 
minals comprises a transfer of energy from the contact termi- 
nals to the first energy storage device. In one embodiment, the 
control module is further configured to control a transfer of 
energy between the first energy storage device and the contact 
terminals. In one embodiment, the battery further comprises 
a suspension system coupled to the generator. In one embodi- 
ment, the suspension system is tuned to optimize conversion 
of expected patterns of movement into electrical energy. In 
one embodiment, the suspension system is gimbaled. In one 
embodiment, the suspension system comprises a gyroscopic 
system. In one embodiment, the generator is configured to 
convert energy received through movement of the battery. In 
one embodiment, the generator is configured to convert 
energy received in a parasitic manner. In one embodiment, the 
case comprises a magnetic shield. 

In one embodiment, a battery comprises a case, a coil 
contained within the case, a magnetic structure contained 
within the case and configured to generate a compressed 
magnetic field, a first energy storage device contained within 
the case, a plurality of contact terminals coupled to the case, 
and a control module contained within the case and coupled to 
the coil and the first energy storage device. In one embodi- 
ment, the magnetic structure comprises a plurality of spaced- 
apart rare earth magnets configured so that like-polarity poles 
face each other in neighboring magnets in the plurality of rare 
earth magnets. In one embodiment, the magnets in the plu- 
rality of magnets are held in position with respect to one 
another. In one embodiment, a space between two magnets in 
the plurality of magnets is substantially filled with a non- 
magnet substance. In one embodiment, the non-magnetic 
substance comprises air. In one embodiment, the non-mag- 
netic substance comprises a fluoropolymer resin. In one 
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embodiment, the case is evacuated and hermetically sealed. 
In one embodiment, the battery further comprises a suspen- 
sion system coupled to the magnetic structure. In one embodi- 
ment, the suspension system is tuned to optimize conversion 
of expected patterns of movement into electrical energy. In 
one embodiment, the coil comprises an electrical conductive 
element and a magnetic conductive element. In one embodi- 
ment, the magnetic conductive element is configured to focus 
magnetic flux in the electrical conductive element. 

In one embodiment, a battery comprises a case, a coil 
contained within the case and having an electrical conductive 
element and a magnetic conductive element, a magnetic 
structure, a first energy storage device contained within the 
case, a plurality of contact terminals coupled to the case and 
a control module contained within the case and coupled to the 
coil and the first energy storage device. In one embodiment, 
the magnetic conductive element is configured to focus mag- 
netic flux in the electrical conductive element. In one embodi- 
ment, the electrical conductive element comprises a electrical 
conductive wire in a multi-wire winding and the magnetic 
conductive element comprises a magnetic conductive wire in 
the multi-wire winding. In one embodiment, the electrical 
conductive element comprises an electrical conductive wind- 
ing and the magnetic conductive element comprises a mag- 
netic conductive winding. In one embodiment, the electrical 
conductive element comprises an electrical conductive trace 
formed on a first insulating substrate. In one embodiment, the 
magnetic conductive element comprises a magnetic conduc- 
tive trace formed on the first insulating substrate. In one 
embodiment, the electrical conductive trace is formed on a 
first surface of the first insulating substrate and the magnetic 
conductive trace is formed on the first surface of the first 
insulating substrate. In one embodiment, the battery further 
comprises a plurality of insulating substrates, wherein the 
electrical conductive element comprises a plurality of elec- 
trical conductive traces formed on selected substrates in the 
plurality of substrates and the magnetic conductive element 
comprises a plurality of magnetic conductive traces formed 
on selected substrates in the plurality of substrates. In one 
embodiment, the magnetic structure is configured to generate 
a compressed magnetic field. In one embodiment, a contact 
terminal of the plurality of contact terminals is electrically 
coupled to a contact terminal of an external battery. In one 
embodiment, the battery has a first physical orientation and 
the external battery has a second physical orientation differ- 
ent from the first physical orientation. 

In one embodiment, a battery comprises a case, means for 
converting movement of the battery into an electric current, 
first means for storing energy contained within the case, sec- 
ond means for storing energy contained within the case, 
means for controlling a transfer of energy from the means for 
converting movement to the first means for storing energy 
contained within the case, and means for accessing energy 
stored in the first means for storing energy. In one embodi- 
ment, the battery further comprises third means for storing 
energy contained within the case. In one embodiment, the 
means for converting movement comprises means for con- 
ducting an electric current and means for generating a mag- 
netic field. In one embodiment, the means for generating a 
magnetic field is configured to generate a compressed mag- 
netic field. In one embodiment, the battery further comprises 
means for conducting magnetic flux. In one embodiment, the 
battery further comprises means for facilitating relative 
movement of the means for conducting an electric current 
with respect to the means for generating a magnetic field. 

In one embodiment, a method of operating a battery com- 
prises moving the battery, converting energy received through 
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the movement of the battery into an electric current, and 
controlling transfers of energy to a plurality of energy storage 
devices contained within the battery. In one embodiment, 
controlling transfers of energy comprises storing energy from 
the electric current in a first energy storage device in the 
plurality of energy storage devices and controlling a transfer 
of energy from the first energy storage device to a second 
energy storage device in the plurality of energy storage 
devices. In one embodiment, controlling transfers of energy 
comprises rectifying the electric current. In one embodiment, 
the method further comprises controlling a transfer of energy 
from the battery to a load. In one embodiment, the method 
further comprises providing an electric current to the battery 
and controlling a storage in the battery of energy from the 
provided electric current. In one embodiment, converting 
energy received through the movement of the battery into the 
electric current comprises generating a compressed magnetic 
field. In one embodiment, converting energy received through 
the movement of the battery into the electric current further 
comprises focusing the compressed magnetic field in an elec- 
trical conductive winding. In one embodiment, generating the 
compressed magnetic field comprises holding two magnets 
spaced-apart with like poles facing each other at a distance 
closer than an ambient distance. In one embodiment, convert- 
ing energy received through the movement of the battery into 
the electric current comprises focusing a magnetic field in an 
electrical conductive element. In one embodiment, focusing 
the magnetic field in the electrical conductive element com- 
prises positioning a magnetic conductive element with 
respect to the electrical conductive element so as to focus the 
magnetic field. In one embodiment, converting energy 
received through the movement of the battery into the electric 
current comprises orienting a generator contained within the 
battery. In one embodiment, converting the energy received 
through the movement of the battery into the electric current 
comprises converting the energy into relative movement 
between an electrical conductive winding and a magnetic 
field. In one embodiment, the relative movement is generally 
linear. In one embodiment, the relatrve movement is generally 
rotational. 


In one embodiment, a system comprises a first battery 
having a first orientation and comprising means for convert- 
ing energy into a first electrical signal, and a second battery 
electrically coupled to the first battery and having a second 
orientation, and comprising second means for converting 
energy into a second electrical signal. In one embodiment, the 
second orientation is substantially perpendicular to the first 
orientation. In one embodiment, the means for converting 
energy into the first electrical signal comprises a control 
module configured to control a transfer of electrical energy 
from a first energy storage device to a second energy storage 
device. In one embodiment, the means for converting energy 
into the first electrical signal comprises means for generating 
a compressed magnetic field. In one embodiment, the means 
for converting energy into the first electrical signal comprises 
an electrical conductive winding and a magnetic conductive 
winding configured to focus magnetic flux in the electrical 
conductive winding. 


BRIEF DESCRIPTION OF THE SEVERAL 
VIEWS OF THE DRAWINGS 


The patent or application file contains at least one drawing, 
executed in color. Copies of the patent or patent application 
publication with color drawings will be provided by the 
Office upon request and payment of the necessary fee. 
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The sizes and relative positions of elements in the drawings 
are not necessarily drawn to scale. For example, the shapes of 
various elements and angles are not drawn to scale, and some 
of these elements are arbitrarily enlarged and positioned to 
improve drawing legibility. Further, the particular shapes of 
the elements as drawn are not necessarily intended to convey 
any information regarding the actual shape of particular ele- 
ments, and have been selected solely for ease ofrecognition in 
the drawings. 

FIG. 1 is a diametric cross-sectional view of a conventional 
coil. 

FIG. 2 is a diametric cross-sectional view of an embodi- 
ment of a coil in accordance with the present disclosure. 

FIG. 3 is a diametric cross-sectional view of another 
embodiment of a coil in accordance with the present disclo- 
sure. 

FIG. 4 is a diametric cross-sectional view of an embodi- 
ment of a dual conductor winding suitable for use in the 
embodiment of a coil illustrated in FIG. 3. 

FIG. 5 is a diametric cross-sectional view of another 
embodiment of a coil in accordance with the present disclo- 
sure. 

FIG. 6 is a diametric cross-sectional view of another 
embodiment of a coil in accordance with the present disclo- 
sure. 

FIG. 7 is a top view of another embodiment of a coil in 
accordance with the present disclosure. 

FIG. 8 is a bottom view of the embodiment of a coil illus- 
trated in FIG. 7. 

FIG. 9 is a side view of the embodiment of a coil illustrated 
in FIG. 7. 

FIG. 10 is a top view of another embodiment of a coil in 
accordance with the present disclosure. 

FIG. 11 is a side view of another embodiment of a coil in 
accordance with the present disclosure. 

FIG. 12 is a graphic illustration of the magnetic flux gen- 
erated by a conventional magnetic structure. 

FIGS. 13A and 13B are graphic illustrations of the mag- 
netic flux generated by two permanent magnets with like 
poles facing each other and separated by an ambient distance. 

FIGS. 14A and 14B are graphic illustrations of the mag- 
netic flux generated by two permanent magnets with like 
poles substantially touching each other. 

FIGS. 15A and 15B are graphic illustrations of the mag- 
netic flux generated by two permanent magnets with like 
poles facing each other and held together between an ambient 
distance and a substantially touching position. 

FIG. 16 is cross-sectional view of an embodiment of a 
magnetic structure in accordance with the present disclosure. 

FIG. 17 is cross-sectional view of an embodiment of a 
magnetic structure in accordance with the present disclosure. 

FIG. 18 is cross-sectional view of an embodiment of a 
magnetic structure in accordance with the present disclosure. 

FIG. 19 is cross-sectional view of an embodiment of a 
magnetic structure in accordance with the present disclosure. 

FIG. 20 is a side diametric cross-sectional view of another 
embodiment of a magnet structure in accordance with the 
present disclosure. 

FIG. 21 is a side view of an embodiment of a magnet 
structure in accordance with the present disclosure. 

FIG. 22 is a diagrammatical front view of an embodiment 
of a power generator system. 

FIG. 23 is a diagrammatical front view of the system of 
FIG. 22 at a different point in time. 

FIG. 24 is a side view, in section, of an armature included 
in the system of FIG. 22. 
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FIG. 25 is a diagrammatical front view of a system in 
accordance with an alternative embodiment of a generator. 

FIG. 26 is a side view, in section, of an armature included 
in the system of FIG. 25. 

FIG. 27 is a side cross-sectional view of an embodiment of 
a system in accordance with the present disclosure. 

FIG. 28 is a side cross-sectional view of another embodi- 
ment of a system in accordance with the present disclosure. 

FIG. 29 is a top view of a system in accordance with the 
present disclosure. 

FIG. 30 is a side diametric cross-sectional view of the 
system of FIG. 29 taken along line 30-30. 

FIG. 31 is a side diametric cross-sectional view of an 
embodiment of a system employing the embodiments illus- 
trated in FIGS. 7 through 9 and FIG. 17. 

FIG. 32 is a side diametric cross-sectional view of an 
embodiment of a system employing the embodiments illus- 
trated in FIG. 11 and FIG. 16. 

FIG. 33 is a diametric cross-sectional view of an embodi- 
ment of a battery. 

FIG. 34 is a diametric cross-sectional view of another 
embodiment of a battery. 

FIG. 35 is a side sectional view of another embodiment of 
a battery. 

FIG. 36 is a diametric cross sectional view of a linear 
generator suitable for use in the embodiments illustrated in 
FIGS. 33 through 36. 

FIG. 37 is a high-level flow diagram for an embodiment of 
a method of recharging a portable energy storage device. 

FIG. 38 is a high level flow diagram for an embodiment of 
a method of operating a portable energy storage device. 

FIG. 39 is a perspective view illustrating a practical appli- 
cation for an embodiment of a power generator. 

FIG. 40 is a block diagram of an embodiment of a system 
for generating power. 

FIG. 41 is a block diagram of an embodiment of a self- 
powered device. 

FIG. 42 illustrates an embodiment of a system in accor- 
dance with the present disclosure. 

FIG. 43 illustrates another embodiment of a system in 
accordance with the present disclosure. 

FIG. 44 illustrates an embodiment of an article of clothing 
in accordance with the present disclosure. 

FIG. 45 is a side view of an embodiment of a system in 
accordance with the present invention. 

FIG. 46 is a top view of an embodiment of a rotor suitable 
for use in the embodiment of a system illustrated in FIG. 45. 


DETAILED DESCRIPTION OF THE INVENTION 


In the following description, certain details are set forth in 
order to provide a thorough understanding of various embodi- 
ments of devices, methods and articles. However, one of skill 
in the art will understand that other embodiments may be 
practiced without these details. In other instances, well- 
known structures and methods associated with batteries, lin- 
ear generators, and control systems have not been shown or 
described in detail to avoid unnecessarily obscuring descrip- 
tions of the embodiments. 

Unless the context requires otherwise, throughout the 
specification and claims which follow, the word “comprise” 
and variations thereof, such as “comprising,” and “com- 
prises,” are to be construed in an open, inclusive sense, that is 
as “including, but not limited to.” 

Reference throughout this specification to “one embodi- 
ment,” or “an embodiment” means that a particular feature, 
structure or characteristic described in connection with the 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


14 


embodiment is included in at least one embodiment. Thus, the 
appearances of the phases “in one embodiment,” or “in an 
embodiment” in various places throughout this specification 
are not necessarily referring to the same embodiment, or to all 
embodiments. Furthermore, the particular features, struc- 
tures, or characteristics may be combined in any suitable 
manner in one or more embodiments to obtain further 
embodiments. 

The headings are provided for convenience only, and do 
not interpret the scope or meaning of this disclosure or the 
claimed invention. 

FIG. 1 is a diametric cross sectional view of a conventional 
coil 100. The coil 100 comprises a non-magnetic winding 
form 102 and a non-magnetic, electrical conductive winding 
104. A winding comprises one or more complete turns of a 
conductive materials in a coil, and may comprise one or more 
layers. As illustrated, the winding 104 comprises nine turns 
and three layers. As illustrated, the electrical conductive 
winding 104 is continuous. In other conventional coils, a 
plurality of electrical conductive windings may be employed, 
which may or may not be electrically connected in series or in 
parallel. The electrical conductive winding 104 may com- 
prise any suitable electrically conductive material, such as, 
for example, metallic materials, such as copper, copper 
coated with silver or tin, aluminum, silver, gold and/or alloys. 
The electrical conductive winding 104 may comprise, for 
example, solid wires, including, for example, flat wires, 
strands, twisted strands, or sheets. The electrical conductive 
winding 104 may vary significantly in size from the illustra- 
tion, and may be substantially smaller or substantially larger 
than illustrated. The electrical conductive winding 104 is 
typically covered with an insulating material 120. The elec- 
trical conductive winding 104 is coupled to the leads 122, 124 
for the coil 100. 

FIG. 2 is a diametric cross-sectional view of an embodi- 
ment of a bi-metal coil 200. The coil 200 comprises a non- 
magnetic winding form 202, a non-magnetic, electrical con- 
ductive winding 204 and a magnetic conductive winding 206. 
The use of an electrical conductive winding, such as the 
electrical conductive winding 204, with a magnetic conduc- 
tive winding, such as the magnetic conductive winding 206, 
facilitates focusing of a magnetic field passing through or 
generated by an electrical conductive winding of a coil, such 
as the winding 204 of the coil 200. Focusing of the magnetic 
field can significantly increase the efficiency of the coil 200. 
For example, when the coil 200 is employed in a generator, as 
a magnet is passed through the coil 200 the electrical conduc- 
tive winding 204 produces electron flow, while the magnetic 
conductive winding 206 focuses magnetic flux in the electri- 
cal conductive winding 204 and causes an increase in power 
output from the coil 200. 

A first layer 208 and a second layer 210 of the electrical 
conductive winding 204 are wound onto the winding form 
202. In one embodiment, the electrical conductive winding 
204 is continuous. In other embodiments, the electrical con- 
ductive winding 204 may comprise a plurality of windings, 
which may be electrically connected in series or in parallel. A 
first layer 212 of the magnetic conductive winding 206 is 
wound over the second layer 210 of the electrical conductive 
winding 204. A third layer 214 and a fourth layer 216 of the 
electrical conductive winding 204 are wound over the first 
layer 212 of the magnetic conductive winding 206. A second 
layer 218 of the magnetic conductive winding 206 is wound 
over the fourth layer 216 of the electrical conductive winding 
204. A fifth layer 219 of the electrical conductive winding 204 
is wound over the second layer 218 of the magnetic conduc- 
tive winding 206. 
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The electrical conductive winding 204 may comprise any 
suitable electrically conductive material, such as, for 
example, metallic materials, such as copper, copper coated 
with silver or tin, aluminum, silver, gold and/or alloys. The 
electrical conductive winding 204 may comprise, for 
example, solid wires, strands, twisted strands, or sheets. The 
electrical conductive winding 204 may vary significantly in 
size from the illustration, and may be substantially smaller or 
substantially larger than illustrated. The electrical conductive 
winding 204 is typically covered with an insulating material 
220. The electrical conductive winding 204 is coupled to the 
leads 222, 224 for the coil 200. 

The magnetic conductive winding 206 may comprise any 
suitable magnetic conductive material, for example, a mag- 
netic shielding material, such as, for example, nickel, nickel/ 
iron alloys, nickel/tin alloys, nickel/silver alloys, plastic mag- 
netic shielding, and/or nickel/itron/copper/molybdenum 
alloys. Magnetic shielding materials are commercially avail- 
able under several trademarks, including MuMetal®, Hiper- 
nom®, HyMu 80®, and Permalloy®. The magnetic conduc- 
tive winding 206 may comprise, for example, solid wires, 
strands, twisted strands, or sheets. The magnetic conductive 
winding 206 may vary significantly in size from the illustra- 
tion, and may be substantially smaller or substantially larger 
than illustrated. The magnetic conductive winding 206 is 
typically covered with an insulating material 226. The mag- 
netic conductive winding 206 forms a closed loop, as illus- 
trated by the connection 228, and as illustrated is connected to 
a ground 230. 

Other configurations of layers of an electrical conductive 
winding and a magnetic conductive winding may be 
employed. For example, m layers of an electrical conductive 
winding may alternate with n layers of a magnetic conductive 
winding, instead of two layers of electrical conductive wind- 
ing alternating with one layer of magnetic conductive wind- 
ing as illustrated, with m and n positive integers. In another 
example, m and n need not remain constant. For example, the 
number of layers may increase or decrease. An example layer 
pattern would be 2E, 1M, 3E, 2M, 4E, with E indicating 
electrically conductive layers and M indicating magnetically 
conductive layers. 

Typically, the first and last layers comprise layers of the 
electrical conductive winding 204. In one experimental 
embodiment, a configuration with the first and last layer 
comprising the electrical conductive winding 204 produced 
better performance in a generator application than when the 
last layer was comprised of the magnetic conductive winding 
206. In another example, a plurality of electrical conductive 
windings could be employed. 

FIG. 3 is a diametric cross-sectional view of another 
embodiment of a bi-metal coil 300. The coil 300 comprises a 
winding form 302 and a dual-conductor winding, which as 
illustrated takes the form of a bi-metal winding 304. The 
dual-conductor winding 304 comprises an electrical conduc- 
tive winding in the form ofa wire 306, a magnetic conductive 
winding in the form of a wire 308, an inner layer of insulating 
material 310 between the electrical conductive wire 306 and 
the magnetic conductive wire 308, and an outer layer of 
insulating material 312. The outer layer of insulating material 
312 and the inner layer of insulating material 310 may be 
integrated. The dual-conductor winding 304 may vary sig- 
nificantly in size from the illustration, and may be substan- 
tially smaller or substantially larger than illustrated. As illus- 
trated, the electrical conductive wire 306 and the magnetic 
conductive wire 308 are approximately the same size. In some 
embodiments, the electrical conductive wire 306 and the 
magnetic conductive wire 308 may be of different sizes. 
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The electrical conductive wire 306 may comprise any suit- 
able electrical conductive material. For example, the materi- 
als and configurations (e.g., solid wire or stranded wire) dis- 
cussed above with respect to the electrical conductive 
winding 204 of FIG. 2 may be employed. The electrical 
conductive wire 306 is coupled to the leads 314, 316 for the 
coil 300. The magnetic conductive wire 308 may comprise 
any suitable magnetic conductive material. For example, the 
materials and configurations (e.g., solid wire or stranded 
wire) discussed above with respect to the magnetic conduc- 
tive winding 206 of FIG. 2 may be employed. The magnetic 
conductive wire 308 forms a closed loop, as illustrated by the 
connection 318, and may be connected to a ground 320. As 
illustrated, the winding 304 is wound so that the electrical 
conductive wire 306 is closest to an inner surface 322 of the 
winding form 302 and the magnetic conductive wire 308 is 
farthest from the inner surface 322 of the winding form 302. 
As illustrated, the insulating layer 310 separating the electri- 
cal conductive wire 306 and the magnetic conductive wire 
308 is approximately parallel to the inner surface 322. In 
some embodiments, the insulating layer 310 separating the 
electrical conductive wire 306 and the magnetic conductive 
wire 308 may be at another angle with respect to the inner 
surface 322. For example, in some embodiments the insulat- 
ing layer 310 may be approximately perpendicular to the 
inner surface 322. As illustrated, the dual-conductor winding 
304 is a single layer comprising three turns. In some embodi- 
ments, the winding may comprise multiple layers. In some 
embodiments, additional windings may be employed. 

FIG. 4 is a diametric cross sectional view of an embodi- 
ment of a dual conductor winding 404 suitable for use in the 
embodiment of a coil 300 illustrated in FIG. 3. The dual 
conductor winding 404 comprises an electrical conductive 
winding in the form of a wire 406, a magnetic conductive 
winding in the form of a wire 408, an inner layer of insulating 
material 410 between the electrical conductive wire 406 and 
the magnetic conductive wire 408, and an outer layer of 
insulating material 412. The electrical conductive wire 406 
may comprise any suitable electrical conductive material. For 
example, the materials and configurations (e.g., solid wire or 
stranded wire) discussed above with respect to the electrical 
conductive winding 204 of FIG. 2 may be employed. The 
electrical conductive wire 406 may vary significantly in size 
from the illustration, and may be substantially smaller or 
substantially larger than illustrated. The magnetic conductive 
wire 408 may comprise any suitable magnetic conductive 
material. For example, the materials and configurations (e.g., 
solid wire or stranded wire) discussed above with respect to 
the magnetic conductive winding 206 of FIG. 2 may be 
employed. The magnetic conductive wire 408 may vary sig- 
nificantly in size from the illustration, and may be substan- 
tially smaller or substantially larger than illustrated. 

FIG. 5 is a diametric cross-sectional view of another 
embodiment of a bi-metal coil 500. The coil 500 has a wind- 
ing form 502. A first electrical conductive winding 504a is 
wound on the winding form 502 in two layers. A first mag- 
netic conductive winding 506a is wound on the winding form 
502 outside of the two layers of the first electrical conductive 
winding 504a. The first electrical conductive winding 504a is 
coupled to leads 5084, 510a for the first electrical conductive 
winding 504a. The first magnetic conductive winding 506a 
forms a closed loop, as illustrated by the first connection loop 
512a. A second electrical conductive winding 504b is wound 
on the winding form 502 in two layers adjacent to the first 
electrical conductive winding 504a. A second magnetic con- 
ductive winding 506b is wound on the winding form 502 
outside of the two layers of the second electrical conductive 
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winding 5046 adjacent to the first magnetic conductive wind- 
ing 506a. The second electrical conductive winding 5046 is 
coupled to leads 5085, 5105 for the second electrical conduc- 
tive winding 504b. The second magnetic conductive winding 
5060 forms a closed loop, as illustrated by the second con- 
nection loop 5124. Additional windings may be added to the 
coil 500, as illustrated by the electrical conductive winding 
504n, which is coupled to the leads 5087, 5107, and by the 
magnetic conductive winding 506”, which forms a closed 
loop as indicated by connection 5127. In some embodiments, 
the electrical conductive windings (e.g., windings 504a, 
5045, . . . 5047) may be electrically coupled together in 
parallel or in series, or in various combinations thereof. 

The electrical conductive windings 504a, 504b, . . . 504» 
may comprise any suitable electrical conductive material. For 
example, the materials and configurations (e.g., solid wire or 
stranded wire) discussed above with respect to the electrical 
conductive winding 204 of FIG. 2 may be employed. The 
electrical conductive windings 504a, 5044, . . . 5047 may vary 
significantly in size from the illustration, and may be substan- 
tially smaller or substantially larger than illustrated. The mag- 
netic conductive windings 506a, 5064, .. . 506” may com- 
prise any suitable magnetic conductive material. For 
example, the materials and configurations (e.g., solid wire or 
stranded wire) discussed above with respect to the magnetic 
conductive winding 206 of FIG. 2 may be employed. The 
magnetic conductive windings 506a, 5060, ...506n may vary 
significantly in size from the illustration, and may be substan- 
tially smaller or substantially larger than illustrated. A bi- 
metal winding may be employed, such as the bi-metal wind- 
ing 304 illustrated in FIG. 3 or the bi-metal winding 404 
illustrated in FIG. 4. Typically, the coil 500 would have addi- 
tional layers of each winding, with the outer layer comprising 
a layer of the electrical conductive winding (e.g., winding 
504a), but for ease of illustration the additional layers are 
omitted. 

FIG. 6 is a diametric cross-sectional view of another 
embodiment of a bi-metal coil 600. The coil 600 comprises a 
non-magnetic winding form 602, a non-magnetic, electrical 
conductive winding 604 and a magnetic conductive winding 
606. A first layer 608 and a second layer 610 of the electrical 
conductive winding 604 are wound onto the winding form 
602. A layer 612 of the magnetic conductive winding 606 is 
wound over the second layer 610 of the electrical conductive 
winding 604. 

The electrical conductive winding 604 may comprise any 
suitable electrical conductive material and configuration. For 
example, the materials and configurations (e.g., solid wire or 
stranded wire) discussed above with respect the electrical 
conductive winding 204 of FIG. 2 may be employed. The 
electrical conductive winding 604 is typically covered with 
an insulating material 614. The electrical conductive winding 
604 is coupled to the leads 616, 618 for the coil 600. The 
magnetic conductive winding 606 may comprise any suitable 
magnetic conductive material and configuration. For 
example, the materials and configurations (e.g., solid wire or 
stranded wire) discussed above with respect to the magnetic 
conductive winding 206 of FIG. 2 may be employed. The 
magnetic conductive winding 606 is typically covered with 
an insulating material 620. The magnetic conductive winding 
606 forms a closed loop, as illustrated by the connection 622, 
and may be connected to a ground (See ground 230 in FIG. 2). 
Some embodiments may employ a bi-metal or dual-conduct- 
ing winding (see dual-conductor winding 304 illustrated in 
FIG. 3). 

The winding form 602 has an inner length 624 and an outer 
length 626 that are different. As illustrated, the inner length 
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624 is shorter than the outer length 626. This difference in 
length facilitates focusing ofa magnetic field in the electrical 
conductive winding 604. 

FIGS. 7 through 9 illustrate another embodiment of a bi- 
metal coil 700. FIGS. 7 through 9 are not drawn to scale for 
ease of illustration. FIG. 7 is a top view of the coil 700. The 
coil 700 comprises a layer of insulating material 702 with an 
upper surface 704. The layer of insulating material 702 may 
comprise, for example, an integrated circuit board, a substrate 
or a thin film or sheet of insulation. Commercially available 
insulating materials are sold under the trademark Mylar®. An 
electrical conductive winding in the form of a trace 706 is 
formed on the upper surface 704 of the layer of insulating 
material 702. The electrical conductive trace 706 may com- 
prise any suitable electrical conductive material, such as, for 
example, copper, aluminum, gold, and silver, and alloys. The 
materials discussed above with respect to the electrical con- 
ductive winding 204 of FIG. 2 may be employed. Well-known 
techniques for forming traces on substrates may be employed, 
such as those used in connection with RFID devices and 
antennas. The layer of insulating material 702 has an opening 
708. 

FIG. 8 is a bottom view of the embodiment of a coil 700 
illustrated in FIG. 7. The layer of insulating material 702 has 
a lower surface 716. A magnetic conductive winding in the 
form of a trace 718 is formed on the lower surface 716 of the 
layer of insulating material 702. The magnetic conductive 
trace 718 may comprise any suitable magnetic conductive 
material, such as, for example, nickel, nickel/iron alloys, 
nickel/tin alloys, nickel/silver alloys. The materials discussed 
above with respect to the magnetic conductive winding 206 of 
FIG. 2 may be employed. Well-known techniques for forming 
traces on substrates may be employed, such as those used in 
connection with RFID devices and antennas. FIG. 9 is a side 
view of the embodiment of a coil 700 illustrated in FIG. 7, 
illustrating an optional core 730 for the coil 700. The core 730 
may comprise, for example, an iron core. 

FIG. 10 is a top view of another embodiment of a bi-metal 
coil 1000. The coil 1000 comprises a layer of insulating 
material 1002 with an upper surface 1004. The layer of insu- 
lating material 1002 may comprise, for example an integrated 
circuit board, a substrate or a thin film of insulation. An 
electrical conductive winding in the form of a trace 1006 is 
formed on the upper surface 1004 of the layer of insulating 
material 1002. The electrical conductive trace 1006 may com- 
prise any suitable electrical conductive material, such as, for 
example, copper, aluminum, gold, and silver, and alloys. For 
example, the materials discussed above with respect to the 
electrical conductive winding 204 of FIG. 2 may be 
employed. Well-known techniques for forming traces on sub- 
strates may be employed, such as those used in connection 
with RFID devices and antennas. The layer of insulating 
material 1002 has an opening 1008. A magnetic conductive 
winding in the form of a trace 1018 is formed on the upper 
surface 1004 of the layer of insulating material 1002. The 
magnetic conductive trace 1018 may comprise any suitable 
magnetic conductive material, such as, for example, nickel, 
nickel/iron alloys, nickel/tin alloys, nickel/silver alloys. For 
example, the materials discussed above with respect to the 
magnet conductive winding 206 of FIG. 2 may be employed. 
Well-known techniques for forming traces on substrates may 
be employed, such as those used in connection with RFID 
devices and antennas. 

FIG. 11 is side view of another embodiment of a bi-metal 
coil 1100. The coil 1100 comprises a plurality of insulating 
layers 1102. Traces of electrical conductive material 1106 are 
formed on selected surfaces 1130, 1132, 1134, 1136 of the 
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plurality of insulating layers 1102. Traces of magnetic con- 
ductive material 1118 are formed on selected surfaces 1138, 
1140 of the plurality of insulating layers 1102. The layers of 
insulating material 1102 have an opening 1108. As illustrated, 
the coil 1100 comprises three layers of insulating material 
1102. Fewer or additional layers 1102 may be employed. In 
addition, in some embodiments the traces of electrical con- 
ductive material 1106 and the traces of magnetic conductive 
material 1118 may be formed on selected surfaces of the 
layers of insulating material 1102 in different patterns. For 
example, traces of electrical conductive material 1106 and 
traces of magnetic conductive material 1118 may be formed 
on alternate surfaces of layers of insulating material. In 
another example, traces of electrical conductive material 
1106 and magnetic conductive material 1118 may be formed 
on the same surface of a layer of insulating material 1102, or 
on each surface of a layer of insulating material. Traces on 
various layers of insulating material 1102 may be coupled to 
each other. 

As mentioned above, coils are frequently employed in 
devices and applications together with magnets. Bi-metal 
coils can be advantageously employed in such applications 
and environments with conventional magnets. FIG. 12 1s a 
graphic illustration of the magnetic flux generated by a con- 
ventional magnetic structure 1200. The magnetic structure 
comprises a magnet 1202 having a north pole N and a south 
pole S. FIG. 12 shows representative magnetic flux equipo- 
tential lines 1204 to illustrate the magnetic field that is gen- 
erated by the permanent magnet 1202 of the magnetic struc- 
ture 1200. The closer the equipotential lines in a region, the 
greater the magnetic flux density in the region. 

Improvements, however, can be made to conventional 
magnetic structures. In many devices and applications, 
increasing the magnetic flux density in a region can greatly 
improve efficiency and performance. For example, increasing 
the magnetic flux density in a region can lead to a higher 
gradient, which can lead to increased efficiency in, for 
example, a generator or a motor. 

FIGS. 13A and 13B are graphic illustrations of the mag- 
netic flux generated by a magnetic structure with two perma- 
nent magnets with north poles facing each other and separated 
by an ambient distance. FIG. 13A is a black and white repre- 
sentation and FIG. 13B is a color representation. Represen- 
tative magnetic flux equipotential lines illustrate the magnetic 
field that is generated by the magnetic structure. The mag- 
netic flux has a higher gradient in the region between the north 
poles than the magnetic flux in the region around the north 
pole generated by a single magnet or by magnetic structures 
that have opposite polarity poles facing each other. 

FIGS. 14A and 14B are graphic illustrations of the mag- 
netic flux generated by a magnetic structure with two perma- 
nent magnets with north poles substantially touching each 
other. Representative magnetic flux equipotential lines illus- 
trate the magnetic field that is generated by the magnetic 
structure. For similar magnets, the magnetic flux in the region 
adjacent to the substantially touching north poles generated 
by the arrangement illustrated in FIGS. 14A and 14B has a 
higher gradient than the magnet flux generated by the 
arrangement illustrated in FIGS. 13A and 13B, which is illus- 
trated by the greater density of flux lines in FIGS. 14A and 
14B. A higher magnetic flux gradient also occurs in a region 
adjacent to the south pole of the upper magnet illustrated in 
FIGS. 14A and 14B. 

FIGS. 15A and 15B are graphic illustrations of the mag- 
netic flux generated by a magnetic structure with two perma- 
nent magnets with like poles facing each other and held 
together at a distance between an ambient distance and a 
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substantially touching position. Representative magnetic flux 
equipotential lines illustrate the magnetic field that is gener- 
ated by the magnetic structure. For similar magnets, the mag- 
netic flux generated by the arrangement illustrated in FIGS. 
15A and 15B produces a denser set of flux lines along a larger 
region adjacent to the north poles, permitting a higher flux 
gradient in a larger region than the magnet flux generated by 
the arrangements illustrated in FIGS. 13A, 13B, 14A and 
14B, which is illustrated by the greater density of flux lines 
along a larger region of the sides of the permanent magnets 
illustrated in FIGS. 15A and 15B. 

Significant improvements in efficiency, for example, in 
power generation, can be achieved by positioning the mag- 
nets with like poles facing each other at an optimum distance 
between a touching configuration and an ambient distance. 
The optimum distance will vary depending upon the configu- 
ration in which the magnetic structure is to be employed (e.g., 
the movement path of the magnetic structure with respect to a 
coil when the magnetic structure is employed in a generator/ 
motor configuration). FIG. 16 is a cross-sectional view of an 
embodiment of a multipole magnetic structure 1604 generat- 
ing a plurality of compressed magnetic fields. In some appli- 
cations, generating a plurality of compressed magnetic fields 
can provide further increases in efficiency. The compressed 
magnetic fields may increase the efficiency of the conversion 
of energy into electrical energy when the magnetic structure 
1604 is employed, for example, in a generator. Such genera- 
tors may be configured to convert energy received in a para- 
sitic manner. Typical sources of energy include kinetic 
sources, thermal sources, acoustic sources, and radio-fre- 
quency sources. 

The magnetic structure 1604 employs tabs 1694 to hold the 
permanent magnets 1612, 1614, 1616 in position with respect 
to each other. While the illustrated embodiment employs 
three permanent magnets 1612, 1614, 1616, other embodi- 
ments may employ different numbers of permanent magnets, 
such as two permanent magnets of four permanent magnets. 
Other embodiments may employ electromagnets instead of or 
in addition to permanent magnets. The permanent magnets 
1612, 1614, 1616 are disk-shaped as illustrated, but other 
shapes may be employed. For example, rectangular- (e.g., 
square), spherical-, or elliptical-shaped magnets may be 
employed. Similarly, the faces of the magnets need not be flat. 
For example, convex-, concave-, radial-, cone-, or diamond- 
shaped faces may be employed. Various combinations of 
shapes and faces may be employed. While the illustrated 
embodiment employs tabs, other positioning mechanisms 
may be employed, such as threads, spacers, glues, or combi- 
nations of positioning mechanisms. The magnets 1612, 1614, 
1616 are positioned and held apart from each other and are 
arranged such that same polarity poles in adjacent permanent 
magnets face each other. For example, the N pole 1628 of the 
first permanent magnet 1612 faces the N pole 1630 of the 
second permanent magnet 1614 and the S pole 1632 of the 
second permanent magnet 1614 faces the S pole 1634 of the 
third permanent magnet 1616. In addition, the magnets 1612, 
1614, 1616 are held close enough together to form a com- 
pressed magnetic field (e.g., closer than an ambient distance 
and spaced apart). In some embodiments, the spaces 1636, 
1638 between the permanent magnets 1612, 1614, 1616 are 
substantially filled with a material 1637, which may comprise 
a gas such as air. In some embodiments, the material 1637 
may comprise other substantially non-magnet and substan- 
tially non-conductive substances, such as a fluoropolymer 
resin or plastic. In some embodiments, the spaces 1636, 1638 
between the magnets may be evacuated and hermetically 
sealed. 
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The shape, position and strength of the permanent magnets 
in a magnetic structure, such as the magnetic structure 1604, 
can increase the efficiency of a device or application employ- 
ing the magnetic structure 1604, such as a generator, by 
generating a compressed magnetic field. A gauss meter (not 
shown) may be employed to determine the optimum strength 
and positioning of the permanent magnets 1612, 1614, 1616, 
as well as the number of permanent magnets. Other design 
considerations may be taken into consideration as well, such 
as weight and reducing external impacts of electromagnetic 
fields and control of multiple generator magnetic interaction. 

FIG. 17 illustrates an embodiment of a magnet structure 
202 configured to generate a compressed magnetic field. The 
magnet structure 202 includes a case 204 and a plurality of 
magnets housed in the case 204 with like poles facing each 
other. In the illustrated embodiment, the case 204 houses a 
first magnet 32 having an end 30 of a first polarity and a 
second magnet 36 having an end 34 of the same polarity as the 
end 30 and facing the end 390. In the illustrated embodiment, 
the end 30 is a south pole and the end 34 is a south pole; in an 
alternative embodiment, two north poles face each other. In 
the illustrated embodiment, the case 204 has an inner cylin- 
drical surface 205 and the magnets 32 and 36 have respective 
outer cylindrical surfaces. The magnets 32, 36 are slidingly 
received into the case 204. In the illustrated embodiment, the 
case 204 has an open threaded end, through which the mag- 
nets 32 and 36 are inserted (or replaced) and the magnet 
assembly 202 further includes a screw cap 206 selectively 
closing the threaded end of the case 204. In the illustrated 
embodiment, the screw cap 206 forces the magnets 32, 36 
together closer than the ambient distance that the repelling 
force generated by the magnetic field would normally permit, 
thereby generated a compressed magnetic field. Other 
embodiments for positioning the magnets are possible. For 
example, the inner cylindrical surface 205 could have 
recesses into which the magnets are snapped. 

FIG. 18 illustrates an embodiment ofa multi-pole magnetic 
structure 302 configured to generate a plurality of com- 
pressed magnetic fields. The magnetic structure 302 has a 
case 304 with tabs 305 holding a plurality of magnets in 
position with respect to each other. The magnets include a first 
magnet 308 having a first end 318 having a first polarity and 
a second end 316 having an opposite polarity. The magnets 
further include a second magnet 310 having a first end 320 
having a polarity that is the same as the first polarity, and 
having a second end 322 having a polarity that is opposite the 
first polarity. The first end 320 of the second magnet 310 is 
spaced apart from the first end 318 of the first magnet 308. 
The first end 320 of the second magnet 310 is at least gener- 
ally facing the first end 318 of the first magnet 308. The 
magnets further include a third magnet 312 having a first end 
324 having a polarity that is opposite the first polarity, and 
having a second end 326 having a polarity that is the same as 
the first polarity. The first end 324 of the third magnet 312 is 
spaced apart from the second end 322 of the second magnet 
310. The first end 324 of the third magnet 312 is at least 
generally facing the second end 322 of the second magnet 
310. Any number of additional magnets is possible. For 
example, in the illustrated embodiment, the magnets further 
include a fourth magnet 314 having a first end 328 having a 
polarity that is the same as the first polarity and having a 
second end 330. The magnet assembly 302 further includes a 
screw cap 306 closing an open threaded end of the case 304. 

FIG. 19 is a side diametric cross-sectional view of an 
embodiment of a multi-pole magnet structure 1900 config- 
ured to generate a plurality of compressed magnetic fields. 
The magnet structure 1900 comprises a plurality of magnets 
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1902, 1904, 1906 with concave-shaped surfaces 1908, 1910, 
1912, 1914 with like poles held facing each other at selected 
distances apart so as to generate high gradient or compressed 
magnetic fields. As illustrated, the concave-shaped surfaces 
are cone-shaped. Other substantially concave-shaped sur- 
faces may be employed. 

FIG. 20 is a side diametric cross-sectional view of another 
embodiment of a multi-pole magnet structure 2000 config- 
ured to generate a plurality of compressed magnetic fields. 
The magnet structure 2000 comprises a plurality of magnets 
2002, 2004, 2006 with convex-shaped surfaces 2008, 2010, 
2012, 2014 with like poles held facing each other at selected 
distances apart so as to generate high gradient or compressed 
magnetic fields. As illustrated, the convex-shaped surfaces 
are curved. Other substantially convex-shaped surfaces may 
be employed. 

FIG. 21 is a side view of an embodiment of another multi- 
pole magnet structure 2100 configured to generate a plurality 
of compressed magnetic fields. The magnet structure com- 
prises a rectangular magnet housing 2102 and a plurality of 
rectangular magnets 2104, 2106, 2108 contained within the 
housing 2102. The magnets 2104, 2106, 2108 are held with 
like poles facing each other at selected distances apart so as to 
generate desired compressed magnetic fields. 

Embodiments of dual-conductor or bi-metal coils and/or 
embodiments of magnet structures configured to generate 
compressed magnet fields, such as those described above, 
may be advantageously employed in a number of devices and 
applications. For example, embodiments of dual-conductor 
or bi-metal coils and/or embodiments of magnet structures 
configured to generate compressed magnet fields may be used 
in various types of generators/motors used in various appli- 
cations, acoustic systems and/or control systems. Example 
generators include generators may be configured to convert 
energy received in a parasitic manner or energy specifically 
generated to be converted into electrical energy. Typical 
sources of energy include kinetic sources, thermal sources, 
acoustic sources, and radio-frequency sources. For example, 
some embodiments may employ a magnetic structure config- 
ured to generate a compressed magnetic field together with 
dissimilar metals in order to take advantage of the Seebeck 
effect. 

A number of such example applications are discussed 
below by way of illustrative example embodiments of such 
devices and applications. Although some embodiments may 
employ a dual-conductor or bi-metal coil and a magnet struc- 
ture configured to generate a compressed magnetic field, 
other embodiments may employ a dual-conductor or bi-metal 
coil and a conventional magnetic structure or no magnetic 
structure. Other embodiments may employ a magnetic struc- 
ture configured to generate a compressed magnetic field and 
a conventional coil or no coil. Some embodiments may 
employ a conventional coil and a conventional magnetic 
structure in combination with other aspects of the present 
disclosure. 

Linear generators and motors are known in the art. A linear 
generator typically has a stator and an armature that can be 
linearly driven relative to the stator to generate electrical 
energy. Linear generators are disclosed, for example, in U.S. 
Pat. No. 6,759,755 to Sagov and in U.S. Pat. No. 6,798,090 to 
Cheung et al., both of which are incorporated herein by ref- 
erence. A linear motor typically has a stator and an armature 
that can be linearly driven relative to the stator in response to 
the application of electrical energy, typically in the form of 
electrical signals. 

Conversion of linear motion to electrical power is a chal- 
lenging problem. Recent work by the inventors in evaluating 
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classical linear displacement generators using planar induc- 
tors indicates poor conversion efficiencies. See, for example, 
U.S. Pat. No. 6,220,719 issued to Vetorino, et al. The basic 
problem is that the power output is proportional to the square 
of the derivative of the magnetic field, and the magnitude of 
this derivative remains small in conventional devices. Similar 
issues arise in the conversion of electrical power into linear 
motion. 


In a linear generator, the power output generated by relative 
movement of a coil with respect to a magnetic structure 1s 
proportional to the square of the derivative of the magnetic 
field. The voltage is determined by the number of turns in the 
winding of the coil and the strength of the magnetic field. The 
shape, relative position and strength of the permanent mag- 
nets in a magnetic structure can magnify the value of that 
derivative by generating a compressed magnetic field. By 
using a compressed magnetic field, significant increases in 
efficiency can be obtained from this class of generators, even 
for relatively small rates of mechanical displacement. The 
concepts pertinent to generating a compressed magnetic field 
are addressed through illustrative examples (see the descrip- 
tion of FIGS. 13-16 above and 22-25 below). 

FIGS. 22 through 24 illustrate an embodiment of a linear 
power generator 2200 employing an embodiment of a mag- 
netic structure 2202 configured to generate a compressed 
magnetic field. The power generator 2200 includes a coil 11 
located between two magnets 12 and 14. The coil may be a 
conventional coil or a dual-conductor or bi-metal coil. More 
particularly, the power generator 2200 includes a first magnet 
12 having an end 13 having a first polarity, and a second 
magnet 14 having an end 15 having a polarity that is the same 
as the first polarity. More particularly, in the illustrated 
embodiment, the end 13 is a north pole and the end 15 is also 
a north pole. The end 15 of the second magnet 14 is spaced 
apart from the end 13 of the first magnet 12. In the illustrated 
embodiment, the end 15 has a surface 22 (FIG. 23) that is 
generally planar, and the end 13 has a surface 18 that is 
generally planar. The end surface 22 of the second magnet 14 
is at least generally facing the end surface 18 of the first 
magnet 12. 

The at-rest position of the coil 11 is closer to the end 13 of 
the first magnet 12 than the end 15 of the second magnet 14. 
In the illustrated embodiment, the magnets 12 and 14 are 
permanents magnets. Other embodiments may employ elec- 
tro-magnets. Note that the static magnetic flux through the 
coil 11 is fairly high, as indicated by the density of the equi- 
potential lines 16 passing through the coil 11, in FIG. 22. The 
flux through the surface area of the face 18 of the magnet 12 
is very large. The flux through a plane approximately in the 
center 20 between magnets 12 and 14 is small. 

There is a very high negative field gradient between the 
geometric position of the coil 11 in FIG. 22 and the position 
occupied by the coil in FIG. 23. Thus, even slow physical 
movement of the coil 11 (or, conversely, the magnets) will 
generate large derivatives. The coil 11 moving back and forth 
about the center 20 gives a huge change in flux. This will be 
true even with the small rates of physical displacement (spa- 
tial derivatives) of magnet position. Because output is pro- 
portional to the square of this derivative, significant increases 
in power production will result. 

Ifthe coil 11 is moved from proximate face 18 of magnet 12 
to face 22 of magnet 14 in time 2At, the flux will change from 
tO ae to Dase 

Thus, the dy/dt is approximately: 
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and it is positive. 
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This is an approximate value because, for a linear velocity, 
the derivative will vary in value during the period At since the 
field is non-linear. 


In the embodiment shown in FIG. 24, the coil 11 is wound 
around a core 24 having a length, and an axis 26 along the 
length (coinciding with the center line 20 in FIG. 23). In the 
embodiment shown in FIG. 19, the axis 26 is normal to the 
direction defined between the end 13 of the first magnet 12 
and the end 15 of the second magnet 14. In the embodiment of 
FIG. 22, the end surface 18 of the first magnet 12 has a width 
W, and the core 24 has a length along axis 26 that is at least as 
long as the width W of the end surface 18 of the first magnet 
12. In the illustrated embodiment, the end surface 22 of the 
second magnet 14 has a width corresponding to the width of 
the end surface 18. Other embodiments are possible. 


In the illustrated embodiment, the coil 11 is supported to be 
driven back and forth between the first magnet 12 and the 
second magnet 14 along a path between surfaces 18 and 22 
that is generally normal to the axis 26. 


In an alternative embodiment, shown in FIGS. 25 and 26, 
the end 30 of a first magnet 32 is a south pole and the end 34 
ofa second magnet 36 is also a south pole (and the ends 30 and 
34 at least generally face each other). A coil 38 is shown 
between the two magnets in FIG. 25, but other coil arrange- 
ments are possible in a generator as will be described herein. 


Holding the magnets separate and closer together than the 
ambient distance that the repelling force from the magnets 
would normally permit creates a high-gradient, or com- 
pressed, magnetic field. This generally results in an increase 
of power output from the generator. For many embodiments, 
holding the magnets closer together up to a limit will result in 
an increased power output. For example, in alternative 
embodiments, the distance between face 18 and face 22 could 
be equivalent to two times the distance “a” shown in FIG. 22. 


FIG. 27 is a diametric cross-sectional view of a generator 
200 employing an embodiment of a magnet structure 202 
configured to generate a high-gradient or compressed magnet 
field. For example, embodiments of the magnetic structures 
illustrated in FIGS. 16 through 21 may be employed as the 
magnetic structure 202 illustrated in FIG. 27. The generator 
200 includes a housing 208 in which the magnet structure 202 
is supported for sliding movement. In the illustrated embodi- 
ment, the case 204 has an outer cylindrical surface and the 
housing 208 has a cylindrical inner surface, which has a 
diameter slightly larger than the diameter of the outer cylin- 
drical surface of the case 204. The outside of the case 204 and 
the inside of the housing 208 may be made of or coated with 
dissimilar materials to reduce potential for binding between 
the case 204 and the housing 208. For example, the case 204 
may be coated with a non-stick coating while the housing 208 
may be made of an ABS plastic. Example dissimilar materials 
are available under the respective trademarks Teflon® and 
Lexan®. 


The generator 200 further includes an end 210, which can 
be a threaded end cap, for example, closing an open end of the 
housing 208. The generator 200 further includes a spring 212 
supported by the end 210 configured to be selectively com- 
pressed by the magnet assembly 202 and to move the magnet 
assembly 202 away from the end 210. The generator 200 
further includes an end 214 which could bea threaded end cap 
or merely a closed end, and a spring 216 configured to be 
selectively compressed by the magnet assembly 202 and to 
move the magnet assembly 202 away from the end 214. In 
some embodiments, the springs 212, 216 may be configured 
to remain in a compressed state. 
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The generator 200 further includes at least one coil 218 
supported by the housing. While other coil positions are pos- 
sible, in the illustrated embodiment, the housing 208 has an 
outer surface, which is cylindrical in the illustrated embodi- 
ment, and the coil is wrapped around the outer surface of the 
housing 208. The coil 218 is positioned radially outwardly of 
the housing 208 and the magnet assembly 202 inside the 
housing 208. The coil 218 can be retrained against longitudi- 
nal movement relative to the housing 208 by glue, grooves, 
notches, or protrusions in the housing, or by any other desired 
method, or can be molded into the housing, supported on the 
interior of the housing, etc. The coil 218 is positioned to be 
acted on by the compressed magnetic fields generated by the 
magnetic structure 202. 

In some embodiments, the generator 200 as an assembly is 
merely supported in a location that would be exposed to 
motion. In other embodiments, a mechanical linkage is pro- 
vided to couple the generator 200, as an assembly, to motion. 
For example, the bottom 214 could be coupled to a source of 
motion or movement. In some embodiments, period mainte- 
nance could be facilitated. For example, the top 210 could be 
removable for cleaning or maintenance or replacement of 
magnets, if desired. Some embodiments may be maintenance 
free. For example, embodiments ofa generator 200 employed 
in a battery (See FIGS. 33-35), may be designed to last for the 
life of the battery without periodic maintenance. For example, 
the generator 200 may be evacuated and hermetically sealed 
in some embodiments. 

In some embodiments, an accelerometer is provided in the 
desired application and the frequency constant of the motion 
is determined. The spring constants of the springs and mass of 
the magnets are then customized so that the magnet assembly 
202 resonates in the housing 208 when there is energy avail- 
able. 

FIG. 28 shows a generator 300, which is similar to the 
generator 200 except that multiple coils are used. The gen- 
erator 300 has a magnetic structure or assembly 302 config- 
ured to generate one or more compressed magnetic fields. 
Multi-pole magnetic structures configured to generate mul- 
tiple compressed magnetic fields, such as embodiments of the 
magnetic structures illustrated in FIGS. 16 and 18 through 21, 
may be advantageously employed as the magnetic structure 
302 in embodiments of the generator 300. The magnet struc- 
ture 302 includes a case 304. 

The generator 300 further includes a housing 332 in which 
the magnet structure 302 is supported for linear motion. In the 
illustrated embodiment, the case 304 has an outer cylindrical 
surface and the housing 332 has a cylindrical inner surface, 
which has a diameter slightly larger than the diameter of the 
outer cylindrical surface of the case 304. The generator 300 
further includes an end 334, which can be a threaded end cap, 
for example, closing an open end of the housing 332. The 
generator 300 further includes a spring 346 supported by the 
end 334. The spring 346 is configured to be selectively com- 
pressed by the magnet assembly 302 and to move the magnet 
assembly 302 away from the end 334. The generator 300 
further includes an end 338 which could bea threaded end cap 
or merely a closed end, and a spring 340 is arranged to be 
selectively compressed by the magnet assembly 302. The 
spring 340 is arranged to move the magnet assembly 302 
away from the end 338. 

The generator 300 further includes a first coil 336 sup- 
ported relative to the magnets such that the first coil 336 is 
selectively acted on by fields from at least one pair of opposed 
ends of magnets, but possibly by fields from additional pairs 
of opposed ends of magnets, depending on movement of the 
magnet assembly 302. The generator 300 further includes a 
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second coil 342 supported relative to the magnets such that 
the second coil 342 is selectively acted on by fields from at 
least one pair of opposed ends of magnets, but possibly by 
fields from additional pairs of opposed ends of magnets, 
depending on movement of the magnet assembly 302. In the 
illustrated embodiment, the generator 300 further includes a 
third coil 344 supported relative to the magnets such that the 
third coil 344 is selectively acted on by fields from at least one 
pair of opposed ends of magnets, but possibly by fields from 
additional pairs of opposed ends of magnets, depending on 
movement of the magnet assembly 302. Any number of coils 
can be employed. Any number of pairs of opposed ends of 
magnets can be employed to act on one or more coils. 

FIG. 29 illustrates an embodiment of a system 2900 
employing a magnetic structure configured to generate a 
compressed, high gradient magnetic field and a dual conduc- 
tor or bi-metal coil. FIG. 30 is a diametric side cross sectional 
view of the system 2900 of FIG. 29 taken along line 30-30. 
FIG. 30 is not to scale with respect to FIG. 29 and some of the 
detail is omitted from FIG. 30 to facilitate illustration. The 
system 2900 comprises a rotor 2902 comprising one or more 
bi-metal coils 2904. Each bi-metal coil 2904 comprises an 
electrical conductive winding 2903 and a magnetic conduc- 
tive winding 2905. Embodiments of the bi-metal coils illus- 
trated in FIGS. 2-3 and 5-11 may be advantageously 
employed in embodiments of the system 2900 illustrated in 
FIG. 29. Some embodiments may comprise a magnetic struc- 
ture configured to generate a compressed magnetic field and 
a conventional coil. Other embodiments may comprise a bi- 
metal coil and a conventional magnetic structure. 

The 2900 also comprises a stator 2906 comprising a mag- 
net support 2908 and a plurality of permanent magnets 2910, 
2912, 2914. A first magnet 2910 of the plurality of magnets is 
coupled to a central portion 2916 ofthe magnet support 2908. 
The first magnet 2910 is oriented such that its poles 2918, 
2920 face opposite sides of an inner circumference 2922 of 
the rotor 2902. The second magnet 2912 in the plurality of 
magnets is coupled to a first outer portion 2924 of the magnet 
support 2908. The second magnet 2912 is oriented such that 
a pole 2926 of the second magnet 2912 faces the like pole 
2918 of the first magnet 2910. As illustrated, the like poles 
2918, 2926 are the south poles of the respective first and 
second permanent magnets 2910, 2912. The third magnet 
2914 in the plurality of magnets is coupled to a second outer 
portion 2928 of the magnet support 2908. The third magnet 
2914 is oriented such that a pole 2930 of the third magnet 
2914 faces the like pole 2920 of the first magnet 2910. As 
illustrated, the like poles 2920, 2930 are the north poles of the 
respective first and third permanent magnets 2910, 2914. The 
magnets 2910, 2912, 2914 are positioned such that a plurality 
ofcompressed magnetic fields are generated. In the illustrated 
embodiment the rotor 2902 is coupled to a mechanical trans- 
mission system 2934. In some embodiments, the magnet 
support 2906 may be part of the rotor and the bi-metal coils 
2904 may be part of the stator. 

As illustrated, the system 2900 comprises a coupling 2950 
for coupling the coils 2904 to a power grid 2952. Details of 
the electrical connection 2954 between the coils 2904 and the 
coupling 2950 are omitted for clarity. A bus system coupled to 
the electrical conductive windings 2903, for example, may be 
employed as the electrical connection 2954 between the coils 
2904 and the coupling 2950. The coupling 2950 may com- 
prise control and/or conditioning modules (not shown). 

In some embodiments, the system 2900 may be configured 
to operate as a generator. In such embodiments, force applied 
to the rotor 2902 by the mechanical transmission system 2934 
may cause the rotor 2902 to rotate with respect to the stator 


B. Why are op-amps manufactured using IC 
techniques? ———__ 

Answers 

A. Small size, low cost, wide range of 


applications, high input impedance, high gain, 
and low output impedance. 
B. Because of the large numbers of 
transistors and components that are required 
in the design of an  op-amp, they must be 
constructed on a single, small silicon chip 
using IC manufacturing techniques to be of a 
reasonable size. 

44 Figure 8.34 shows the schematic 
symbol for an op-amp. 


Figure 8.34 
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inverting input © 
_ output 


noninverting input © 


-V 
An input at the inverting input results in an 


output that is 180 degrees out of phase with 
the input. An input at the noninverting input 
results in an output that is in phase with the 
input. Both positive and negative voltage 

supplies are required, and the data sheet will 
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2906. As the rotor 2902 rotates with respect to the stator 2906 
along an axis 2932 illustrated by the dashed line B-B, a 
three-phase alternating current may be generated by the sys- 
tem 2900. 

In some embodiments, the system 2900 may be configured 
to operate as a motor. In such embodiments, an electrical 
signal applied to the coils 2904 may cause the rotor 2902 to 
rotate with respect to the stator 2906. As the rotor 2902 rotates 
with respect to the stator 2906 along an axis 2932 illustrated 
by the dashed line B-B, a force is applied to the mechanical 
transmission system 2934 by the rotor 2902. In some embodi- 
ments, the system 2900 may be configured to selectively 
operate as a motor or as a generator. In some embodiments, 
the system 2900 may be advantageously configured to oper- 
ate at a desired voltage level, in a desired voltage range, 
and/or at a desired frequency. For example, the system 2900 
may be configured to produce 110-120 volts AC at 50/60 Hz, 
220-240 volts AC at 50/60 Hz, 10 kV AC at 50/60 Hz, or 100 
kV at 50/60 Hz. In some embodiments, the system 2900 may 
be figured to produce alternating and/or direct current. 

FIG. 31 illustrates a side cross-sectional view of an 
embodiment of a system 3100 employing a dual conductor or 
bi-metal coil 700 and a magnetic structure 202 configured to 
generate a compressed, high gradient magnetic field. For 
convenience, the system 3100 will be described with respect 
to the bi-metal coil 700 illustrated in FIGS. 7 through 9 and 
the magnetic structure 202 illustrated in FIG. 17. Other 
embodiments of bi-metal coils and magnetic structures con- 
figured to generate compressed magnetic fields may be 
employed in embodiments of the system 3100. 

FIG. 31 is not necessarily to scale for ease of illustration. 
The bi-metal coil 700 comprises a layer of insulating material 
702 with an upper surface 704. The layer of insulating mate- 
rial 702 may comprise, for example, an integrated circuit 
board, a substrate or a thin film or sheet of insulation. Com- 
mercially available insulating materials are sold under the 
trademark Mylar®. An electrical conductive trace 706 is 
formed on the upper surface 704 of the layer of insulating 
material 702. The electrical conductive trace 706 may com- 
prise any suitable electrical conductive material, such as, for 
example, copper, aluminum, gold, and silver, and alloys. The 
materials discussed above with respect to the electrical con- 
ductive winding 204 of FIG. 2 may be employed. Well-known 
techniques for forming traces on substrates may be employed, 
such as those used in connection with RFID devices and 
antennas. The layer of insulating material 702 has an opening 
708 through which the magnetic structure 202 may move. An 
upper portion 712 of a suspension system 714 is coupled to 
the magnetic structure 202 and to the upper surface 704 of the 
layer of insulating material 702. The layer of insulating mate- 
rial 702 has a lower surface 716. A magnetic conductive trace 
718 is formed on the lower surface 716 of the layer of insu- 
lating material 702. The magnetic conductive trace 718 may 
comprise any suitable magnetic conductive material, such as, 
for example, nickel, nickel/iron alloys, nickel/tin alloys, 
nickel/silver alloys. The materials discussed above with 
respect to the magnetic conductive winding 206 of FIG. 2 
may be employed. Well-known techniques for forming traces 
on substrates may be employed, such as those used in con- 
nection with RFID devices and antennas. A lower portion 720 
of the suspension system 714 1s coupled to the magnetic 
structure 202 and to the lower surface 716 of the layer of 
insulating material 702. The suspension system 714 is 
coupled to an optional mechanical transmission system 3102. 

In some embodiments, the system 3100 may be configured 
to operate as a generator. In such embodiments, mechanical 
force applied to the suspension system 714 by the mechanical 
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transmission system 3102 may cause the magnetic structure 
202 to move linearly with respect to the bi-metal coil 700, 
which may cause the device to generate an electric current. In 
some embodiments, the system 3100 may be configured to 
operate as a motor. In such embodiments, an electrical signal 
applied to the bi-metal coil 700 may cause the magnetic 
structure 202 to move linearly with respect to the bi-metal coil 
700, which may cause the suspension system 714 to apply a 
mechanical force to the mechanical transmission system 
3102. In some embodiments, the system 3100 may be con- 
figured to selectively operate as a motor or as a generator. 


FIG. 32 illustrates a side cross-sectional view of an 
embodiment ofa system 3200 employing a dual conductor or 
bi-metal coil 1100 and a magnetic structure 1604 configured 
to generate a compressed, high gradient magnetic field. For 
convenience, the system 3200 will be described with respect 
to the bi-metal coil 1100 illustrated in FIG. 11 and the mag- 
netic structure 1604 illustrated in FIG. 16. Other embodi- 
ments of bi-metal coils and magnetic structures configured to 
generate compressed magnetic fields may be employed in 
embodiments of the system 3200. 


FIG. 32 is not necessarily to scale for ease of illustration. 
The bi-metal coil 1100 comprises a plurality of insulating 
layers 1102. Traces of electrical conductive material 1106 are 
formed on selected surfaces 1130, 1132, 1134, 1136 of the 
plurality of insulating layers 1102. Traces of magnetic con- 
ductive material 1118 are formed on selected surfaces 1138, 
1140 of the plurality of insulating layers 1102. A suspension 
system 1114 moveably suspends a magnetic structure 1900 in 
an opening 1108 in the plurality of layers of insulating mate- 
rial 1102. As illustrated, the bi-metal coil 1100 comprises 
three layers of insulating material 1102. Fewer or additional 
layers 1102 may be employed. In addition, in some embodi- 
ments the traces of electrical conductive material 1106 and 
the traces of magnetic conductive material 1118 may be 
formed on selected surfaces of the layers of insulating mate- 
rial 1102 in different patterns. For example, traces of electri- 
cal conductive material 1106 and traces of magnetic conduc- 
tive material 1118 may be formed on alternate surfaces of 
layers of insulating material. In another example, traces of 
electrical conductive material 1106 and magnetic conductive 
material 1118 may be formed on the same surface of a layer 
of insulating material 1102, or on each surface of a layer of 
insulating material. Traces on various layers of insulating 
material 1102 may be coupled to each other. The suspension 
system 1114 is coupled to an optional mechanical transmis- 
sion system 3202. 


In some embodiments, the system 3200 may be configured 
to operate as a generator. In such embodiments, mechanical 
force applied to the suspension system 1114 by the mechani- 
cal transmission system 3202 may cause the magnetic struc- 
ture 1900 to move linearly with respect to the bi-metal coil 
1100, which may cause the system to generate an electric 
current. In some embodiments, the system 3200 may be con- 
figured to generate an alternating current and/or a direct cur- 
rent. In some embodiments, the device system may be con- 
figured to operate as a motor. In such embodiments, an 
electrical signal applied to the bi-metal coil 1100 may cause 
the magnetic structure 1900 to move linearly with respect to 
the bi-metal coil 1100, which may cause the suspension sys- 
tem 1114 to apply a mechanical force to the mechanical 
transmission system 3202. In some embodiments, the system 
3200 may be configured to selectively operate as a motor or as 
a generator. 


Battery technology is a one example application in which 
embodiments of a bi-metal coil and/or a magnetic structure 
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configured to generate a compressed magnetic field may be 
advantageously employed, as will be illustrated with a limited 
number of examples. 

FIG. 33 is a diametric cross-sectional view of an embodi- 
ment ofa battery 100 comprising a case 102, a generator 104, 
a first energy storage device 106, a control module 108, a 
second energy storage device 110, and contact terminals 112, 
114. The case 102 as illustrated 1s cut-away so as to facilitate 
illustration of other components of the battery 100. The case 
102 contains the generator 104, the first energy storage device 
106, the control module 108, and the second energy storage 
device 110. The contact terminals 112, 114 are mounted to the 
case 102 at a top 116 and bottom 118, respectively, of the 
battery 100. 

The case 102 may comprise an outer case shielding 120, 
which may be a magnetic and/or electrical shield. The case 
shielding 120 may comprise, for example, a layer of tin foil, 
a layer of a magnetic shielding material, such as, for example, 
nickel, nickel/iron alloys, nickel/tin alloys, nickel/silver 
alloys, nickel/iron/copper/molybdenum alloys, which may 
also take the form of a foil. Such foil layers may, for example, 
have a thickness in the range of 0.002-0.004 inches. Magnetic 
shielding materials are commercially available under several 
trademarks, including MuMetal®, Hipernom®, HyMu 808, 
and Permalloy®. 

In some embodiments, the case 102 and contact terminals 
112, 114 may take the external configuration of those of a 
conventional battery, such as, for example, a AA-cell, a AAA- 
cell, a C-cell, a D-cell, a 9-volt battery, a watch battery, a 
pacemaker battery, a cell-phone battery, a computer battery, 
and other standard and non-standard battery configurations. 
Embodiments of the battery 100 may be configured to provide 
desired voltage levels, including, for example, 1.5 volts, 3.7, 
7.1, 9-volts, and other standard and non-standard voltages. 
Embodiments may be configured to provide direct and/or 
alternating current. 

The generator 104 converts kinetic energy into electrical 
energy. As illustrated the generator 104 is a linear generator 
comprising a bi-metal coil 122, a magnetic structure 124 and 
a suspension system 126. As illustrated, the bi-metal coil 122 
comprises an electrical conductive winding 121 and a mag- 
netic conductive winding 123. As illustrated, the suspension 
system 126 comprises a magnetic structure carrier guide 128, 
a first spring 130 coupled at one end 132 to the magnetic 
structure 124, a first repelling magnet 134 coupled to the other 
end 136 of the first spring 130, a second spring 138 coupled at 
one end 140 to the magnetic structure 124, and a second 
repelling magnet 142 coupled to the other end 144 of the 
second spring 138. The suspension system 126 facilitates 
movement of the magnetic structure 124, in response to 
movement of the battery, along an axis A-A with respect to the 
coil 122. The movement of the magnetic structure 124 rela- 
tive to the coil 122 generates a current in the coil 122. The 
suspension system 126 may comprise, for example, stainless 
steel springs, such as 304 or 316 stainless steel springs. The 
magnetic structure 124 may comprise, for example, one or 
more rare earth magnets, such as neodymium-iron-boron per- 
manent magnets, one or more ceramic magnets, one or more 
plastic magnets, or one or more other magnets. The repelling 
magnets 132, 142 may comprise, for example, one or more 
rare earth magnets, one or more ceramic magnets, one or 
more plastic magnets, or one or more other magnets. As 
illustrated, the carrier guide 128 comprises a winding form 
146 upon which one or more windings of the coil 122 are 
wound. In some embodiments, a separate winding form may 
be employed. The suspension system 126 is configured to 
permit the magnetic structure 124 to pass completely out of a 
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region 148 defined by a top 150 and a bottom 152 of the coil 
122. The springs 130, 138 are typically configured in a loaded 
condition. 

The first energy storage device 106 is configured to store 
electrical energy generated by the generator 104. In one 
embodiment, the first energy storage device 106 is capable of 
storing electrical energy generated by the generator 104 with 
little or no conditioning. In other embodiments, electrical 
energy may be conditioned before it is stored in the first 
energy storage device 106, as discussed by way of example 
below. The first energy storage device 106 may comprise, for 
example, one or more ultracapacitors. For ease of illustration, 
the first energy storage device 106 is illustrated as a functional 
block. 

The control module 108 controls the transfer of energy 
within the battery 100. The control module 108 typically 
comprises a rectifier, which as illustrated is a full bridge 
rectifier 109. For example, the control module 108 may be 
configured to control the transfer of energy between various 
components of the battery 100, such as the generator 104, the 
first energy storage device 106, the second energy storage 
device 110, and the contact terminals 112, 114. In one 
embodiment, the control module 108 may also control the 
transfer of energy from the generator 104 to the first energy 
storage device 106. In one embodiment, the control module 
108 controls the transfer of energy stored in the first energy 
storage device 106 to the second energy storage device 110. 
For example, the control module 108 may limit the current 
flow from the first energy storage device 106 to the second 
energy storage device 110. In another example, the control 
module 108 may stop the transfer of energy from the first 
energy storage device 106 to the second energy storage device 
110 to avoid overcharging the second energy storage device 
110. In one embodiment, the control module 108 may be 
configured to stop the transfer of energy to the first energy 
storage device 106 to avoid overcharging the first energy 
storage device 106. In one embodiment, the control module 
108 may be configured to control the transfer of energy from 
the first energy storage device 106 to the contact terminals 
112, 114. In one embodiment, the control module may be 
configured to control the transfer ofenergy from the generator 
to the contact terminals 112, 114. In one embodiment, the 
control module 108 also may be configured to detect, control, 
permit, accept, regulate and/or to facilitate charging of the 
first energy storage device 106 and/or the second energy 
storage device 110 from an external source of electrical 
energy, such as a conventional battery charger (not shown), or 
ambient sources of energy. In one embodiment, the control 
module 108 is configured to condition energy during a trans- 
fer. The operation ofthe control module 108 in two exemplary 
embodiments is discussed in more detail below in the descrip- 
tion of FIGS. 37 and 38. 

The control module 108 may be implemented in a variety 
of ways, including as a combined control system or as sepa- 
rate subsystems. The control module 108 may be imple- 
mented as discrete circuitry, one or more microprocessors, 
digital signal processors (DSP), application-specific inte- 
grated circuits (ASIC), or the like, oras a series of instructions 
stored in a memory and executed by a controller, or various 
combinations of the above. In some embodiments, the first 
energy storage device 106 may be integrated into the control 
module 108. 

The second energy storage device 110 is configured to 
store electrical energy transferred from the first energy stor- 
age device 106 under the control of the control module 108. 
The second energy storage device 110 may comprise, for 
example, one or more conventional batteries, such as a lead- 
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acid battery, a nickel-cadmium battery, a nickel-metal 
hydride battery, a lithium polymer battery or lithium ion 
battery, a sodium/sulfur battery, or any suitable rechargeable 
energy storage device. 

The contact terminals 112, 114 provide access for trans- 
ferring electrical energy to and/or from the battery 100. The 
contact terminals 112, 114 may be made of any electrically 
conductive material, such as, for example, metallic materials, 
such as copper, copper coated with silver or tin, aluminum, 
gold, etc. The contact terminals 112, 114 are coupled to the 
control module 108. In some embodiments, the contact ter- 
minals 112, 114 may be coupled to the second energy storage 
device 110, instead of being directly coupled to the control 
module 108. As illustrated, the contact terminals 112, 114 
have a physical configuration similar to the contact terminals 
of a conventional C-cell battery. As discussed above, other 
configurations may be employed. The contact terminals 112, 
114 are configured to permit the battery 100 to be easily 
installed into and removed from external devices, such as, for 
example, a radio, a cell phone, or a positioning system. The 
contact terminals 112, 114 may employ magnetic shielding. 

Energy may be stored in the battery 100 as a result of 
movement of the battery 100. For example, if the magnetic 
structure 124 is neutral with respect to the coil 122 and the 
battery 100 is subject to a downward movement, the magnetic 
structure 124 may move up with respect to the coil 122 in 
response to the downward movement of the battery 100. The 
relative upward movement of the magnetic structure 124 will 
result in the generation of a current in the coil 122 when it 
passes above the top of the coil 150. As the magnetic structure 
124 approaches the first repulsive magnet 134, the first spring 
130 and the first repulsing magnet 134 will apply downward 
forces to the magnetic structure 124. In response to the down- 
ward forces, the magnetic structure 124 may begin to move 
downward with respect to the coil 122. It may pass through 
neutral 151, a location approximately midway between 150 
and 152, and pass through the coil 122 again, generating 
additional electrical current when it passes below the bottom 
of the coil 152. When the magnetic structure 124 approaches 
the second repulsing magnet 142, the second spring 138 and 
the second repulsing magnet 142 will apply upward forces to 
the magnetic structure 124. If the upward forces are suffi- 
ciently strong, the magnetic structure 124 will again pass 
through the coil 122 again, and generate additional electrical 
current. The movement may continue in an oscillatory back 
and forth fashion until there is insufficient energy in the 
suspension system 126 to continuing moving the magnetic 
structure 124 with respect to the coil 122. 

In some embodiments the suspension system 126 may be 
tuned to increase the electrical energy generated from antici- 
pated sources of energy. For example, 1f the battery 100 will 
frequently be in an environment where energy 1s supplied by 
an individual walking or running at a known speed or rate, the 
suspension system 126 may be tuned to that speed or rate. 
Thus, a battery may be configured to substantially maximize 
the conversion of energy expected to be generated by a jogger 
into electrical energy. In another example, if the battery 100 
will frequently be subject to stop and go traffic in an automo- 
bile or irregular motion from a flight or ground vehicle, the 
suspension system 126 may be tuned to maximize the con- 
version of the energy of that environment into electrical 
energy. In another example, if the battery will be employed in 
an environment frequently subjected to fluid waves, such as 
water or sea waves, or wind, the suspension system may be 
tuned to maximize the conversion of the energy of that envi- 
ronment into electrical energy. In another example, if the 
battery will be frequently subjected to vibrations, for 
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example, in a moving vehicle, the suspension system may be 
tuned to maximize the conversion ofthe energy received from 
the vibrations into electrical energy. The suspension system 
may be tuned, for example, by modifying the strength of any 
repelling magnets, adjusting the tension in any repelling 
devices, such as springs, employing multiple mechanical 
repelling devices (see FIG. 36), modifying the length of the 
path of travel of the magnetic structure, or combinations of 
modifications. Other suspension systems may be employed, 
such as, for example, suspension systems which orient the 
generator in different directions within the battery. The sus- 
pension system 126 may be gimbaled and/or may employ 
gyroscopic principles to orient the generator to facilitate opti- 
mal conversion of energy into electrical energy. Multiple 
generators within a battery with different orientations may be 
employed and multiple battery configurations may be 
employed. 

In some embodiments, other generator configurations may 
be employed, such as, for example, radial, rotational, See- 
beck, acoustic, thermal, or radio-frequency generators. In 
some embodiments, other suspension systems may be 
employed, such as suspension systems in which the generator 
104 may move with respect to the case 102 so as to take 
maximum advantage of the available forms of energy. For 
example, the generator 104 may be configured to rotate in the 
battery case 102, so as to align itself with an axis of move- 
ment. In another example, the suspension system 126 may be 
configured to allow the coil 122 to move with respect to the 
magnetic structure 124. 


FIG. 34 is a diametric cross-sectional view of another 
embodiment of a battery 200 comprising a case 202, a gen- 
erator 204, a first energy storage device 206, a control module 
208, a second energy storage device 210, a third energy stor- 
age device 211, and contact terminals 212, 214. The case 202 
as illustrated is cut-away so as to facilitate illustration ofother 
components of the battery 200. The case 202 contains the 
generator 204, the first energy storage device 206, the control 
module 208, the second energy storage device 210 and the 
third energy storage device 211. The contact terminals 212, 
214 are mounted to the case 202 at a top 216 and bottom 218, 
respectively, of the battery 200. The case 202 may comprise 
an outer case shielding 220, which may be a magnetic and/or 
electrical shield. In some embodiments, the case 202 and 
contact terminals 212, 214 may take the configuration of 
those of a conventional battery, such as, for example, a 
M-cell, a AAA-cell, a C-cell, a D-cell, a 9-volt battery, a 
watch battery, a pacemaker, a cell-phone battery, a computer 
battery, and other standard and non-standard battery configu- 
rations. Embodiments ofthe battery 200 may be configured to 
provide desired voltage levels, as discussed above with 
respect to the embodiment illustrated in FIG. 33. For 
example, the voltage level can be modified by changing the 
number of turns in a winding (see, e.g., winding 410 of coil 
402 in FIG. 36) of the coil 122. 


The generator 204 converts received energy into electrical 
energy. As illustrated the generator 204 is a linear generator 
comprising a coil 222, a magnetic structure 224 and a sus- 
pension system 226. The generator 204 may operate, for 
example, as described above with respect to the generator 104 
illustrated in FIG. 33. 


The first energy storage device 206 is configured to store 
electrical energy generated by the generator 204. In one 
embodiment, the first energy storage device 206 is capable of 
storing electrical energy generated by the generator 204 with 
little or no conditioning. The first energy storage device 206 
may comprise, for example, one or more ultracapacitors. 
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The control module 208 controls the transfer of energy 
between the various components of the battery 200, such as 
the generator 204, the first energy storage device 206, the 
second energy storage device 210, the third energy storage 
device 211, and the terminals 212, 214. For example, the 
control module 208 may control the transfer of stored in the 
first energy storage device 206 to the second energy storage 
device 210 and to the third energy storage device 211. In one 
embodiment, the control module 208 may also control the 
transfer of energy from the generator 204 to the first energy 
storage device 206. For example, the control module 208 may 
limit the current flow from the first energy storage device 206 
to the second energy storage device 210 and to the third 
energy storage device 211. In another example, the control 
module 208 may stop the transfer of energy from the first 
energy storage device 206 to the second energy storage device 
210 and to the third energy storage device 211 to avoid over- 
charging the second and third energy storage devices 210, 
211. In one embodiment, the control module 208 may be 
configured to detect, control, permit, and/or to facilitate 
charging of the first, second and/or third energy storage 
devices 206, 210, 211 from an external source of electrical 
energy (not shown) coupled to the terminals 212, 214. 


The control module 208 may be implemented in a variety 
of ways. For example, the control module may be imple- 
mented as described above in the description of the control 
module 108 of FIG. 33. 


The second and third energy storage devices 210, 211 are 
configured to store electrical energy transferred from the first 
energy storage device 206 under the control of the control 
module 208. The second and third energy storage devices 
210, 211 may comprise, for example, conventional recharge- 
able batteries, such as nickel-cadmium batteries, nickel-metal 
hydride batteries, lithium polymer batteries or lithium ion 
batteries, other energy storage devices, or combinations of 
energy storage devices. The second and third energy storage 
devices may be coupled to the control module 208, for 
example, separately, in series, or in parallel. As illustrated, the 
second and third energy storage devices 210, 211 are washer- 
shaped with the suspension system 226 extending into hollow 
centers 209, 213 of the second and third energy storage 
devices 210, 211. As illustrated the second and third energy 
storage device 210, 211 are connected in series between the 
first and second contact terminals 212, 214 and in series to the 
control module 208. Some embodiments may employ dis- 
similar metals to take advantage of the Seebeck effect. 


The contact terminals 212, 214 provide access for trans- 
ferring electrical energy to and from the battery 200. The 
contact terminals 212, 214 may be made of any electrically 
conductive material, such as, for example, metallic materials, 
such as copper, copper coated with silver or tin, aluminum, 
gold, etc. The contact terminals 212, 214 are coupled to the 
second and third energy storage devices 210, 211. The second 
and third energy storage devices 210, 211 may be coupled to 
the contact terminals in parallel or in series. In some embodi- 
ments, the contact terminals 212, 214 may be coupled to the 
control module 208, instead of being directly coupled to the 
second and third energy storage devices 210, 211. As illus- 
trated, the contact terminals 212, 214 have the physical con- 
figuration of the contact terminals of a conventional C-cell 
battery. As discussed above, other configurations may be 
employed. The contact terminals 212, 214 are typically con- 
figured to permit the battery 200 to be easily installed into and 
removed from external devices, such as, for example, a radio, 
a cell phone, or a positioning system. The contact terminals 
212, 214 may employ magnetic shielding. 
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Energy may be stored in the battery 200 as a result of 
movement of the battery 200. For example, energy may be 
converted into stored energy in a manner similar to the 
example discussed above with respect to FIG. 33. 

As discussed above, in some embodiments the suspension 
system 226 may be tuned to maximize the electrical energy 
generated from anticipated sources of kinetic energy. 

In some embodiments, other generator configurations may 
be employed, such as, for example, rotational generators. In 
some embodiments, other suspension systems may be 
employed, such as, for example, suspension systems in which 
the generator 204 may move with respect to the case 202 so as 
to take maximum advantage of available kinetic energy. For 
example, the generator 204 may be configured to spin in the 
battery case 202, so as to align itself with an axis of move- 
ment. In another example, the suspension system 226 may be 
configured to allow coil 222 to move with respect to the 
magnetic structure 224. 

FIG. 35 is a side sectional view of another embodiment of 
a battery 300 comprising a case 302, a generator 304, a first 
energy storage device 306, a control module 308, a second 
energy storage device 310, and contact terminals 312, 314. 
The battery 300 has a different configuration than the battery 
100 illustrated in FIG. 33, but the operation of the battery 300 
is typically similar to the operation of the battery 100 illus- 
trated in FIG. 33. The contact terminals 312, 314 may be 
made of any electrically conductive material, such as, for 
example, metallic materials, such as copper, copper coated 
with silver or tin, aluminum, gold, etc. In some embodiments, 
the contact terminals 312, 314, may be contained within a 
connector, such as a plastic connector. 

FIG. 36 is a diametric cross-sectional view of a generator 
400 suitable for use, for example, in the embodiments illus- 
trated in FIGS. 33 through 35. Other generators and/or 
devices may be employed in the embodiments illustrated in 
FIGS. 33 through 35, such as, for example, the embodiments 
illustrated in FIGS. 22-32. The generator comprises a coil 
402, a magnetic structure 404 configured to generate a com- 
pressed magnetic field (see, e.g., FIGS. 15 through 21) and a 
suspension system 406. The suspension system 406 is con- 
figured to allow the magnetic structure 404 to completely pass 
through the coil 402 in either direction. As illustrated, the 
generator 400 is a linear generator. 

The coil 402 comprises a cylindrical winding form 408 and 
one or more windings 410. As illustrated, the winding form 
408 is integrated with a carrier guide 409 of the suspension 
system 406. As illustrated, the coil 402 comprises a single 
winding 410. The winding 410 may comprise any electrically 
conductive and substantially non-magnetic conductive mate- 
rial, such as, for example, copper, aluminum, gold, and silver, 
and alloys. The winding 410 is typically covered with an 
insulating material 411. In some embodiments, additional 
windings comprising magnetic conductive and/or non-mag- 
netic conductive material may be employed (See, e.g., FIGS. 
2-11). The winding 410 may be, for example, solid material or 
may be comprised of strands of wire. Sheets of material may 
be employed in some embodiments. For example, a sheet 
comprising a copper layer and a Mylar® layer may be wound 
around the winding form 408. 

The magnetic structure 404 comprises a plurality of per- 
manent magnets 412, 414, 416 contained within a cylindrical 
magnet housing 418. While the illustrated embodiment 
employs three permanent magnets 412, 414, 416, other 
embodiments of the generator 400 may employ different 
numbers of permanent magnets, such as two permanent mag- 
nets, four permanent magnets or hundreds of permanent mag- 
nets. The permanent magnets 412, 414, 416 are disk-shaped 
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as illustrated, but other shapes may be employed. For 
example, rectangular- (e.g., square), spherical-, or elliptical- 
shaped magnets may be employed. Similarly, the faces of the 
magnets need not be flat. For example, convex-, concave-, 
radial-, cone-, or diamond-shaped faces may be employed. 
Various combinations of shapes and faces may be employed. 
In some embodiments, electromagnets may be employed. 
The inside 420 of the magnet housing 418 and outsides 422, 
424, 426 of the permanent magnets 412, 414, 416 are 
threaded so that the permanent magnets 412, 414, 416 can be 
fixed in position with respect to each other within the magnet 
housing 418. Other positioning mechanisms may be 
employed, such as tabs, spacers, glues, or combinations of 
positioning mechanisms. 

The magnets 412, 414, 416 are positioned and held apart 
from each other and are arranged such that same polarity 
poles in adjacent permanent magnets face each other. For 
example, the N pole 428 of the first permanent magnet 412 
faces the N pole 430 of the second permanent magnet 414 and 
the S pole 432 of the second permanent magnet 414 faces the 
S pole 434 of the third permanent magnet 416. In addition, the 
magnets 412, 414, 416 are held close enough together to form 
a compressed magnetic field (see the discussions of FIGS. 15 
and 16). In some embodiments, the spaces 436, 438 between 
the permanent magnets 412, 414, 416 are substantially filled 
with a material 437, which may comprise a gas such as air. In 
some embodiments, the material 437 may comprise other 
substantially non-magnet and substantially non-conductive 
substances, such as a fluoropolymer resin or plastic. In some 
embodiments, the magnetic structure may be evacuated and 
hermetically sealed. 

As noted above, the shape, position and strength of the 
permanent magnets in a magnetic structure, such as the mag- 
netic structure 404, can increase the efficiency of the genera- 
tor 400 by generating a compressed magnetic field. The ratio 
of the length 440 from the top 442 of the first permanent 
magnet 412 to the bottom 444 of the third permanent magnet 
416 to the length of 446 of the inner diameter 448 of the 
winding form 408, also impacts the electrical current pro- 
duced in response to movement of the magnetic structure 404 
with respect to the coil 402. A gauss meter (not shown) may 
be employed to determine the optimum strength and position- 
ing of the permanent magnets 412, 414, 416, as well as the 
number of permanent magnets and the length 440. 

Other design considerations may be taken into consider- 
ation as well, such as weight and reducing external impacts of 
electromagnetic fields and impacts from external electromag- 
netic fields. In another example of an additional design con- 
sideration, the overall length 450 of the winding form 408 and 
the range of movement of the magnetic structure 404 in the 
suspension system may impact the stability of the generator 
400. In one experimental embodiment, the first magnet 412 
and the third magnet 416 had a strength of 450 gauss and the 
second magnet had a strength of 900 gauss and the permanent 
magnets 412, 414, 416 were separated by 2 mm. Factors in 
determining the desired spacing include the magnetic B-field 
strength. The repelling magnets 460, 462 each had a strength 
of 600 gauss. In another experimental embodiment, the first 
magnet 412, second magnet 414 and third magnet 416 had a 
strength of 12,600 gauss and the permanent magnets 412, 
414, 416 were separated by 4-5 mm. The repelling magnets 
460, 462 each had a strength of 9906 gauss. This resulted in a 
high-gradient field with a strength of approximately 16,800 
gauss. 

The inside 452 of the carrier guide 409 and the outside 454 
of the magnet housing 418 are made of or coated with dis- 
similar materials to reduce potential for binding between the 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


36 


winding form 408 and the magnet housing 418. For example, 
the carrier guide 409 may be coated with a non-stick coating 
while the magnet housing 418 may be made of an ABS 
plastic. Example dissimilar materials are available under the 
respective trademarks Teflon® and Lexan®. The magnetic 
housing 418 also comprises a first threaded end cap 456 and 
a second threaded end cap 458. 

The suspension system 406 comprises a first repelling per- 
manent magnet 460 and a second repelling permanent magnet 
462 that are fixed with respect to the coil 402 in the axis of 
movement 464 of the magnetic structure 404. The first repel- 
ling magnet 460 is positioned such that a like pole of the first 
repelling magnet 460 faces the like pole of the nearest per- 
manent magnet 412 in the magnetic structure 404. As illus- 
trated, the S pole 466 of the first repelling magnet 460 faces 
the S pole 468 of the first permanent magnet 412 of the 
magnetic structure 404. Similarly, the second repelling mag- 
net 462 is positioned such that a like pole of the second 
repelling magnet 462 faces the like pole of the nearest per- 
manent magnet 416 in the magnetic structure 404. As illus- 
trated, the N pole 470 of the second repelling magnet 462 
faces the N pole 472 of the third permanent magnet 416 of the 
magnetic structure 404. This arrangement increases the effi- 
ciency of the generator in converting kinetic energy into elec- 
trical energy and reduces the likelihood that the magnetic 
structure 404 will stall in the suspension system 406. 

The suspension system 406 also comprises a first spring 
474, a second spring 476, a third spring 478 and a fourth 
spring 480. The first spring 474 1s coupled to the first repelling 
magnet 460 and to the first cap 456 of the magnetic structure 
404. The first spring 474 is typically in a loaded condition. 
The second spring 476 is coupled to the second repelling 
magnet 462 and to the second end cap 458 of the magnetic 
structure 404. The second spring 476 is typically in a loaded 
condition. The first and second springs 474, 476 help to hold 
the magnetic structure 404 centered in the desired movement 
path along the axis 464, and impart forces to the magnetic 
structure 404 as they are compressed and stretched by move- 
ment of the magnetic structure 404 along the axis of move- 
ment 464. The third spring 478 is coupled to the first repelling 
magnet 460 and imparts a repelling force on the magnetic 
structure 404 in response to compression forces applied by 
the magnetic structure 404 as it nears the first repelling mag- 
net 460. The fourth spring 480 is coupled to the second 
repelling magnet 462 and imparts a repelling force on the 
magnetic structure 404 in response to compression forces 
applied by the magnetic structure 404 as it nears the second 
repelling magnet 462. The springs 474, 476, 478, 480 may be 
tuned to increase the efficiency of the generator in particular 
applications and likely environments, as discussed in more 
detail above in the description of FIG. 33. The tuning may be 
done experimentally. Some embodiments may employ no 
springs, fewer springs, or more springs. For example, in some 
embodiments springs 478 and 480 may be omitted. 

FIG. 37 is a high-level flow diagram illustrating an embodi- 
ment of a method 1500 of charging a portable energy storage 
device, such as the batteries 100, 200, 300 illustrated in the 
embodiments of FIGS. 33 through 35, in response to move- 
ment of the battery. For convenience, the method 1500 will be 
described with respect to the battery 100 illustrated in FIG. 
33. 

The method 1500 begins at 1502 and proceeds to 1504. At 
1504, the battery 100 receives energy as a result of movement 
of the battery 100. The method 1500 proceeds to 1506. At 
1506, the battery 100 converts the energy into movement of a 
magnetic structure with respect to a coil inside the battery 
100. The back and forth movement of the magnetic structure 
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through the coil generates an alternating current signal. The 
magnetic structure may be configured to generate a com- 
pressed magnetic field (see, e.g., FIGS. 15 through 21 and 
36). The coil may comprise electrical conductive and mag- 
netic conductive windings (see, e.g., FIGS. 2 through 11). 
The method 1500 proceeds from 1506 to 1508. At 1508, the 
battery 100 rectifies the alternating current signal produced 
by the movement of the magnetic structure with respect to the 
coil. The method proceeds to 1510. At 1510, the battery 100 
stores electrical energy from the rectified alternating current 
signal in a first energy storage device within the battery 100. 
The method 1500 proceeds from 1510 to 1512. At 1512, the 
battery 100 controls the transfer of energy stored in the first 
energy storage device to a second energy storage device 
within the battery 100. The method 1500 proceeds from 1512 
to 1514, where the method 1500 stops. 

Embodiments of a method to charge a portable energy 
storage device may perform other acts not shown in FIG. 37, 
may not all perform all of the acts shown in FIG. 37, may 
combine acts shown in FIG. 37, or may perform the acts of 
FIG. 37 ina different order. For example, the embodiment of 
a method 1500 illustrated in FIG. 37 may be modified to 
check whether conditions are appropriate for charging second 
energy storage device before transferring energy from the 
first energy storage device to the second energy storage 
device. 

FIG. 38 is a high-level flow diagram illustrating an embodi- 
ment of a method 1600 of operating a portable energy storage 
device, such as the batteries 100, 200, 300 illustrated in the 
embodiments of FIGS. 33 through 35, in response to the 
presentation of a load or a charge signal to the battery. For 
convenience, the method 1600 will be described with respect 
to the battery 100 illustrated in FIG. 33. 

The method 1600 begins at 1602 and proceeds to 1604. At 
1604, the battery 100 determines whether a load is being 
presented to the battery 100. This may be done, for example, 
by using discrete circuitry. When it is determined at 1604 that 
a load is being presented to the battery 100, the method 
proceeds from 1604 to 1606. When it is determined at 1604 
that a load is not being presented to the battery 100, the 
method 1600 proceeds from 1604 to 1620. 

At 1606, the battery 100 determines whether to condition 
energy from the generator and provide the conditioned energy 
to the load. This determination may be made, for example, by 
determining whether the energy being generated by the gen- 
erator is sufficient to drive the load. Other factors may be 
considered as well in the determination, such as, for example, 
load histories, charging and discharging cycles of the energy 
storage devices in the battery 100. Discrete circuitry and/or 
look-up tables may be employed to determine to supply con- 
ditioned energy from the generator to the load. When it is 
determined at 1606 to condition energy from the generator 
and provide the conditioned energy to the load, the method 
1600 proceeds from 1606 to 1608. When it is determined at 
1606 to not provide conditioned energy from the generator to 
the load, the method 1600 proceeds from 1606 to 1610. At 
1608, the battery 100 transfers conditioned energy from the 
generator to the load. The method 1600 proceeds from 1608 
to 1604. 

At 1610, the battery 100 determines whether to transfer 
energy from the first energy storage device to the load. This 
determination may be made, for example, by determining 
whether the energy stored in the first energy storage device is 
sufficient to drive the load. Other factors may be considered as 
well in the determination, such as, for example, load histories, 
and charging and discharging cycles of the energy storage 
devices in the battery 100. Discrete circuitry and/or look-up 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


38 


tables may be employed to determine whether to supply 
energy stored in the first energy storage device to the load. 
When it is determined at 1610 to supply energy stored in the 
first energy storage device to the load, the method 1600 pro- 
ceeds from 1610 to 1612. When it is determined at 1610 to not 
transfer energy stored in the first energy storage device to the 
load, the method 1600 proceeds from 1610 to 1614. At 1612, 
the battery 100 transfers energy stored in the first energy 
storage device to the load. The method 1600 proceeds from 
1612 to 1604. 

At 1614, the battery 100 determines whether to transfer 
energy from the second energy storage device to the load. 
This determination may be made, for example, by determin- 
ing whether the energy stored in the second energy storage 
device is sufficient to drive the load. Other factors may be 
considered as well in the determination, such as, for example, 
load histories, and charging and discharging cycles of the 
energy storage devices in the battery 100. Discrete circuitry 
and/or look-up tables may be employed to determine whether 
to supply energy stored in the second energy storage device to 
the load. When it is determined at 1610 to supply energy 
stored in the second energy storage device to the load, the 
method 1600 proceeds from 1614 to 1616. When it is deter- 
mined at 1614 to not transfer energy stored in the second 
energy storage device to the load, the method 1600 proceeds 
from 1614 to 1618. At 1616, the battery 100 transfers energy 
stored in the second energy storage device to the load. The 
method 1600 proceeds from 1616 to 1604. 

At 1618, error processing and/or safety processing for load 
conditions is performed. For example, the battery 100 may 
disable the transfer of energy from the battery until the battery 
has been recharged (either through energy from the generator 
or through external sources of energy). The method 1600 
proceeds from 1618 to 1604. 

At 1620, the battery 100 determines whether a charge 
signal is being presented to the battery 100. This may be done 
by, for example, using discrete circuitry. When it is deter- 
mined at 1620 that a charge signal is being presented to the 
battery 100, the method proceeds from 1620 to 1622. When it 
is determined at 1620 that a charge signal is not being pre- 
sented to the battery 100, the method 1600 proceeds from 
1620 to 1604. 

At 1622, the battery 100 determines whether to charge the 
first energy storage device. This determination may be made 
based upon factors such as, for example, the characteristics of 
the charge signal, the energy stored in the energy storage 
devices, and charging and discharging cycles of the energy 
storage devices in the battery 100. Discrete circuitry and/or 
look-up tables may be employed to determine whether to 
charge the first energy storage device using the energy in the 
charge signal. When itis determined at 1622 to charge the first 
energy storage device, the method 1600 proceeds from 1622 
to 1624. When it is determined at 1622 not to charge the first 
energy storage device, the method 1600 proceeds from 1622 
to 1626. At 1624, the battery 100 uses energy from the 
received charge signal to charge the first energy storage 
device. The method 1600 proceeds from 1624 to 1604. 

At 1626, the battery 100 determines whether to charge the 
second energy storage device. This determination may be 
made based upon factors such as, for example, the character- 
istics of the charge signal, the energy stored in the energy 
storage devices, and charging and discharging cycles of the 
energy storage devices in the battery 100. Discrete circuitry 
and/or look-up tables may be employed to determine whether 
to charge the second energy storage device using the energy in 
the charge signal. When it is determined at 1626 to charge the 
second energy storage device, the method 1600 proceeds 
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from 1626 to 1628. When it is determined at 1626 not to 
charge the second energy storage device, the method 1600 
proceeds from 1626 to 1630. At 1628, the battery 100 uses 
energy from the received charge signal to charge the second 
energy storage device. The method 1600 proceeds from 1628 
to 1604. 


At 1630 load error processing is performed. For example, 
the battery 100 may temporarily disable charging of the 
energy storage devices. The method 1600 proceeds from 
1630 to 1604. 


Embodiments of a method of operating a portable energy 
storage device may perform other acts not shown in FIG. 38, 
may not all perform all of the acts shown in FIG. 38, may 
combine acts shown in FIG. 38, or may perform the acts of 
FIG. 38 in a different order. For example, the embodiment of 
a method 1600 illustrated in FIG. 38 may be modified to 
provide energy to a load from more than one energy storage 
device. In another example, the embodiment of a method 
1600 illustrated in FIG. 38 may be modified to simulta- 
neously charge an energy storage device and provide energy 
to a load. 


In another example application, devices employing 
bi-metal coils, magnetic structures configured to generate 
compressed magnetic fields, and/or other aspects of the 
present disclosure may be advantageously employed to con- 
vert fluid waves, such as water or sea water waves, to electri- 
cal energy. This is a potential environmentally friendly, 
renewable, source of energy. For example, an apparatus, such 
as the one disclosed in U.S. Pat. No. 6,864,592 to Kelly, for 
converting the motion of sea wave energy to electrical energy, 
including one or more float driven linear generators in which 
the inertial mass of a float and any linkage to the linear 
generator is minimized, may be modified in accordance with 
the present disclosure. The moving part of the generator is 
sized that its gravitational weight acting upon the float, 
together with that of the float itself and any intermediate 
linkage, is substantially equal to half the total buoyancy of the 
float. In calm conditions, the float would be half in, half out of 
the water. In the presence of waves during the rise of a wave, 
an upwards thrust is imparted to the generator equal to sub- 
stantially half the weight of the water displaced by the float. 
On the fall of the wave, a downwards thrust due to gravity 1s 
imparted to the generator equal to the combined weight of the 
assembly. Thus, the linear generators experience substan- 
tially consistent upwards and downwards thrust during the 
passing of a wave, and consistent generation of power during 
both of these phases is achieved. The device of Kelly could be 
advantageously modified to incorporate bi-metal coils and/or 
magnetic structures configured to generate compressed mag- 
netic fields to increase its efficiency. 


Another patent that discloses converting sea waves to elec- 
trical energy is U.S. Pat. No. 6,791,205 to Woodbridge, which 
is incorporated herein by reference. This patent discloses a 
reciprocating generator rigidly attached to the underside ofan 
ocean buoy that creates electric power from ocean swells. A 
generator coil maintains a stable position beneath the ocean 
surface while the magnetic field housing reciprocates with the 
vertical motion of the buoy in response to interaction with 
swell and waves on the surface of the ocean. Damping plates 
attached to the generator coil inhibit the motion of the gen- 
erator coil, thus keeping it in a stable position relative to the 
motion of the magnetic housing. The magnetic housing 
focuses the magnetic field through the generator coil and the 
relative motion between the magnetic housing and generator 
coil creates an electromotive force in the coil. In another 
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example, the apparatus of Woodbridge could be advanta- 
geously modified in accordance with the present disclosure to 
increase its efficiency. 

In some embodiments, as shown in FIG. 39, a generator 
200 is employed in a cargo container 350. Security of cargo 
containers is a growing concern. If power were available, 
gamma detection of explosives, infrared detection of human 
cargo, or other surveillance could be performed. By support- 
ing a generator 200 or 300 in or on a cargo container 350, 
energy can be generated by the linear generator from the 
motion of a ship 360, due to the action of waves, and this 
energy can be used to power a variety of surveillance or 
detection systems. The generator 200 or 300 could be 
arranged to capture side to side rocking motion, or up and 
down motion, for example. 

In another example, FIG. 40 shows just one example of a 
water wave to electrical energy power facility 400 comprising 
a plurality of power generators 402 of the type described 
above. The facility 400 includes paddles or linkages 412 
coupled to the generators 402. In one embodiment, the gen- 
erators 402 are like the linear generators described above and 
the paddles 412 are coupled to the bottom 214 of a generator 
200 or the bottom 338 ofa generator 300. The generators 402 
are arranged to be moved by water waves and to cause either 
the coils or magnets ofthe generators 402 to move in response 
to the waves. In some embodiments, the generators 402 are 
supported to float on water, without the use of linkages. 

The facility 400 further includes one or more rectification 
circuits or circuitry 404 coupled to the windings or coils ofthe 
power generators 402. The rectification circuits 404 convert 
AC currents generated in the windings or coils of the power 
generators 402 to DC currents. The windings or coils of the 
power generators may comprise bi-metal coils. 

In the embodiment of FIG. 40, the facility 400 further 
includes a power storage device 406 coupled to the rectifica- 
tion circuits 404 for accumulating and storing power gener- 
ated by the windings or coils. The power storage device 406 
can be or include one or more batteries, capacitors, combina- 
tion of batteries and capacitors, or other types of power stor- 
age devices. The power storage device includes a charging 
regulator to provide proper current and voltage to the battery, 
capacitor, or other energy storage device. 

In the embodiment of FIG. 40, the facility 400 further 
includes an inverter 408 coupled to the power storage device 
406 and configured to supply alternating current to an elec- 
tricity distribution system or grid. In the illustrated embodi- 
ment, the inverter is coupled to the grid via a transformer 410. 
Other embodiments, including one or more power generators, 
for converting water waves to electrical power (either AC or 
DC) are possible. 

Other applications are possible, such as biological motion 
systems, parasitic power harvesting, self-powered devices 
such as self-powered security and intelligence gathering 
devices. For example, in one embodiment, a power generator 
as described herein is included in a shoe, to generate power 
from walking. That power can be used to supply any variety of 
electronic devices. 

A shoe-mounted device includes, for example, a power 
generator as described above, mounted in or on a shoe heel 
such that each time the heel hits the ground, the impact causes 
movement of the coil relative to the magnets. The shoe- 
mounted device also includes a rectification circuit (e.g., a 
full wave rectifier) coupled to the coil of the power generator, 
and a power storage device such as a capacitor or battery 
coupled to the output of the rectification circuit. A voltage 
regulator can be included to provide proper current and volt- 
age to the storage device. 
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For example, FIG. 41 shows just one example of a biologi- 
cal motion device 500 comprising a power generator 502 of 
the type described above in connection with FIGS. 22-32. The 
power generator 502 1s mounted, in some embodiments, in 
the heel ofa shoe or elsewhere on a person such that the action 
of walking moves the magnets relative to the coil of a power 
generator 502. 

The device 500 further includes a rectification circuit or 
rectification circuitry 504 coupled to the windings or coils of 
the power generator 502. The rectification circuitry 504 con- 
verts AC currents generated in the windings or coils of the 
power generators 502 to DC currents. 

In the embodiment of FIG. 41, the device 500 further 
includes a power storage device 506 coupled to the rectifica- 
tion circuitry 504 for accumulating and storing power gener- 
ated by the windings or coils. The power storage device 506 
can be or include one or more batteries, capacitors, combina- 
tion of batteries and capacitors, or other types of power stor- 
age devices. 

In the embodiment of FIG. 41, the device 500 further 
includes a voltage regulator 508 coupled to the power storage 
device 506 and configured to provide a stable output voltage 
to an electronic device borne by a person. Other embodiments 
are possible. 

FIG. 42 illustrates an embodiment of a system 100 that is 
gimbaled to facilitate the conversion of available energy into 
electrical energy. The system 100 comprises a generator 102, 
such as, for example, one or more of the generators illustrated 
in FIGS. 22 through 32, supported by a support structure 104 
that facilitates positioning of the generator 102 in a desired 
position. In some embodiments, the support structure 104 
may employ gyroscopic techniques. 

FIG. 43 illustrates a system 100 comprising a plurality of 
generators 102, 104, 106 coupled to a support structure 108. 
A first generator 102 is coupled to the support structure 108 so 
as to be oriented along an X-axis 110. A second generator 104 
is coupled to the support structure 108 so as to be oriented 
along an Y-axis 112. A third generator 106 is coupled to the 
support structure 108 so as to be oriented along a Z-axis 114. 

FIG. 44 illustrates an article of clothing 100 comprising an 
embodiment of a battery 102, such as one of the battery 
embodiments illustrated in FIGS. 33 through 35, an embodi- 
ment of a generator 104, such as one of the generators illus- 
trated in FIGS. 22 through 32, solar collectors 106, and a 
radio-frequency energy collector 108 comprising an antenna 
system 110 and a rectifier 112. The article of clothing 100 also 
comprises a bus system 114 to couple the various components 
together and a coupling 116 to couple the bus system 100 to 
the battery 102. The coupling 116 may be configured to 
condition or add together electrical energy received from the 
generator 104, the solar collectors 106 and/or the radio fre- 
quency energy collector 108, or to switch a connection 118 to 
the battery to connect to one or more of the other components 
of the article of clothing, such as the generator 104. The 
coupling 116 may also be configured to allow connections to 
external loads and/or sources of energy. As illustrated, the 
article of clothing 100 is a shirt, but other embodiments may 
comprise other articles of clothing. The battery 102, genera- 
tor 104, solar collectors 106, the radio-frequency energy col- 
lector 108, bus system 114, the coupling 116 and the connec- 
tion 118 may be integrated into the article of clothing, 
removeably coupled to the article of clothing, or combina- 
tions of the above. For example, the antenna system 110 and 
the bus system 114 may be integrated into the fabric of the 
shirt while the battery 102 may be coupleable to the shirt. In 
another example, a button 122 may also comprise a solar 
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collector 106. Some embodiments may not comprise all ofthe 
components illustrated. For example, an embodiment may 
comprise the battery 102 and the antenna system 110. In some 
embodiments, a control module in the battery (see control 
module 208 in FIG. 34), may control storage in the battery 
102 of energy received by the battery 102 via the bus system 
114. 

FIG. 45 is a side sectional view of an embodiment of a 
system 100 in accordance with an embodiment. The system 
100 comprises a rotor 102 comprising a magnetic structure 
104 configured to generate a compressed magnetic field and a 
stator 106 comprising one or more bi-metal coils 108 com- 
prising an electrical conductive element 110 and a magnetic 
conductive element 112. FIG. 46 is a top cross-sectional view 
of the rotor 102 of FIG. 45 taken along lines 46-46. The 
magnetic structure 104 comprises a plurality of magnets 114 
held spaced apart with like poles facing each other so as to 
generate a compressed magnetic field. 

Although specific embodiments of and examples for the 
coil, magnetic structure, device, generator/motor, battery, 
control module, energy storage devices and methods of gen- 
erating and storing energy are described herein for illustrative 
purposes, various equivalent modifications can be made with- 
out departing from the spirit and scope of this disclosure, as 
will be recognized by those skilled in the relevant art. The 
various embodiments described above can be combined to 
provide further embodiments. 

These and other changes can be made to the invention in 
light of the above-detailed description. In general, in the 
following claims, the terms used should not be construed to 
limit the invention to the specific embodiments disclosed in 
the specification and the claims. Accordingly, the invention is 
not limited by the disclosure, but instead its scope is to be 
determined entirely by the following claims. 


What is claimed is: 

1. A battery, comprising: 

a case; 

a coil contained within the case; 

a magnetic structure contained within the case and config- 

ured to generate a compressed magnetic field; 

a first energy storage device contained within the case; 

a plurality of contact terminals coupled to the case; and 

a control module contained within the case and coupled to 

the coil and the first energy storage device. 

2. The battery of claim 1 wherein the magnetic structure 
comprises a plurality of spaced-apart rare earth magnets con- 
figured so that like-polarity poles face each other in neigh- 
boring magnets in the plurality of rare earth magnets. 

3. The battery of claim 2 wherein the magnets in the plu- 
rality of magnets are held in position with respect to one 
another. 

4. The battery of claim 2 wherein a space between two 
magnets in the plurality of magnets is substantially filled with 
a non-magnet substance. 

5. The battery of claim 4 wherein the non-magnetic sub- 
stance comprises air. 

6. The battery of claim 4 wherein the non-magnetic sub- 
stance comprises a fluoropolymer resin. 

7. The battery ofclaim 1 wherein the case is evacuated and 
hermetically sealed. 

8. The battery of claim 1 further comprising: 

a suspension system coupled to the magnetic structure. 

9. The battery of claim 8 wherein the suspension system is 
tuned to optimize conversion of expected patterns of move- 
ment into electrical energy. 
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10. The battery of claim 8 wherein the coil comprises: 12. The battery of claim 11 wherein the magnetic conduc- 
an electrical conductive element; and tive element comprises a silver/nickel alloy. 


a magnetic conductive element. 
11. The battery of claim 10 wherein the magnetic conduc- 
tive element is configured to focus magnetic flux in the elec- 5 
trical conductive element. Koko o 
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Experimental Short-wave "Mystery" 


Crystal Radio 


by Ken Harthun 
Copyright January 2001 


This 1s not the typical crystal set construction article to which you may be accustomed; rather, it is a 
description of a few workable circuits that leaves plenty of room for experimentation 1f you are so 
inclined. You can build a fine working short-wave crystal set based on what I give you here. These 
circuits perform very well. However, I’m still experimenting with them and I challenge you to do the 
same, to discover what works best for you. Tinkering with a circuit, trying different things to see what 
works — and what doesn’t — 1s the essence of our hobby and is what keeps this particular rock head 
interested! 


Because this set is experimental, I make no claims that this design — or any particular hookup that results 
from this article - is the ne plus ultra in short-wave crystal radios. We all know that the perfect crystal set 
does not exist. The "perfect" crystal set for my location is something that may or may not work for you (I 
have to deal with a 50Kw blowtorch that is located virtually in my backyard — you may be more 
fortunate). 


My antenna is about 150 feet of wire in an inverted V with the apex at about 35 feet. Some of it runs 
every-which-way across my roof and into my radio room. Though at BCB frequencies my antenna is 
much too short, it 1s actually much too long an antenna at short-wave frequencies. You can probably get 
by with a lot less, depending on your location. 


With these things in mind, let's begin and take a look at a project that I believe will give you plenty of 


enjoyment — and will probably raise many questions. In fact, I hope that this article will generate enough 
interest in short-wave crystal set reception that we see some real innovation in future designs. 


http://www.qsl.net/kc4iwt/xtal/SWMystery.htm 


specify their values for the particular op-amp 


you use. Datasheets usually contain circuit 
diagrams showing how you should connect 
external components to the op-amp for 
specific applications. These circuit diagrams 


(showing how a particular op-amp can be 
used for various applications) can be useful to 
the designer or the hobbyist. 

Questions 

A. How many terminals does the  op-amp 
require, and what are their functions? — — 
B. How is the output related to the input 
when the input is connected to the inverting 
input? 
Answers 
A. Five—two input terminals, one output 
terminal, two power supply terminals. 

B. The output is 180 degrees out of phase 
with the input. 

45 Figure 8.35 shows a basic op-amp 
circuit. The input signal is connected to an 
inverting input, as indicated by the negative 
sign. Therefore, the output signal will be 180 
degrees out of phase with the input. 

Figure 8.35 
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The radio 1s based on the Mystery Crystal Set designed by a fellow who called himself "Proton" and who 
first published details of the set in the Sunday Mail newspaper in Brisbane, Australia in 1932. I won't 
rehash any of the details because the set is well covered in the articles posted at 
http://www.clarion.org.au/crystalset/mystery.html by Ray Creighton. I have simply adapted the circuit and 
modified it a bit for my set. Fig. 1 is the basic schematic. 


Figure #1, Basic "Mystery" Circuit. 


Construction 


The coil form is a 2.5 inch long piece of 2" white PVC plumbing pipe with an outside diameter of 2 3/8 
inches. This is the kind that has a thickness of about 3/16 inches and 1s known as "Schedule 40". 
Construction details are shown in Figure 2. 


L1 — 20 turns #22 close wound, approx. 35 uH 
L2 — 13 turns #18 or #20 wound at 20 tpi, approx. 12 uH 
L3 — 6 turns #22 bifilar wound in the center of L2 


C1 — I’ve been using a 20 — 56 pF air variable for coverage of approx. 6 — 10 MHz and a 13 — 250 pF air 
variable for approx. 2.9 — 12.7 MHz coverage with the coils shown. 


Diode — 1N34A or crystal detector. 


(You may find as I did that a piece of pyrite and a cats whisker work much better than a diode. For some 
reason, I find that the pyrite detector 1s more sensitive and gives me much better volume than the diode. 
Also, with pyrite, you can eliminate the resistor across the crystal earplug.) 


Resistor — 47K (*Note: you can eliminate this resistor if you are using high impedance magnetic 
headphones) 


Phones — crystal earplug or high impedance magnetic phones 


I have been using alligator leads to connect it up so I can rapidly change configurations. The photo 
shown at the beginning of this article 1s a completed homebrew version of the set that uses mostly non- 
electronic parts (except for one Fahnestock clip hat was used to hold the detector rod). The capacitor is 
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made from a plastic tube and some aluminum tape that you can find at auto parts stores. 


| 2-3/4' | 
| 20T/22ga | 131/20ga , | 
MA 9/16") 1/2") 11/16" 1/2" 


61/22ga wm 
Bifilar 13/32" 
Figure #2, Coil Details. 


In the original coil I wound, I used hot-melt glue to hold the windings in place. About six beads or "ribs" 
across each of the windings works very well. Also looks pretty good — better than tape! 


In the basic "mystery" circuit shown in Fig. 1, L1 is not used. The tuned primary (L2) has two antenna 
connection points, A and B. A is the least selective, but gives a louder signal. B is more selective, but the 
sensitivity drops notably. While I show a ground connection, I noticed that results vary. In most cases, I 
find that the set works better in this configuration without a ground and is very sensitive. Selectivity 1s 
enhanced with the ground connected, but some signals drop out while others get louder. I’m not sure why 
this is and I’m still experimenting. I have tried putting a small trimmer capacitor in the ground 
connection to vary the coupling to ground, but my results are inconclusive at this point. 


Overall, the basic configuration works very well and 1s a fine set in its own right. I easily pick up WWCR 
at 5070 kHz, WEWM on 9975 kHz, have heard Radio Havana (Cuba), the BBC and many other German, 
Chinese, French and Spanish language broadcasts. My first night, I picked up a station that was running a 
program called "Let's Learn Chinese". Bear in mind that propagation conditions vary considerably. You 
may or may not hear this much at first. Then again, you may hear even more. Some evenings I hear very 
little but I’m listening as I work on this article in late February and there seems to be stations everywhere 
as I tune. The audible stations fade in and out and back again, so I get a good variety without having to 
touch the tuning dial! 


As I mentioned earlier, in my location near Cincinnati, Ohio, I have a 50 kW blowtorch, WSAI on 1530 
kHz, virtually in my backyard. I have to use a wave trap to tune this station out or it’s all I hear. As a 
matter of fact, I can hook a diode up to a crystal earplug, hold the diode in my hand and still hear this 
station loudly! My point is that your conditions will certainly be different than mine, so there 1s no way I 
can tell you what to expect to hear. But I can almost guarantee that you will hear something. 
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Figure 3 shows another configuration I have tried. 


N Antenna 
A 
E) —— = 
( ) a 
an B C7 
-< L-] = Ground 
A 


Figure #3, #1 Variation.. 


In this configuration, L1 is used as a coupling coil for the antenna and one end is attached to either A or 
B on the primary. This is a very interesting hookup, more selective than the basic circuit in Fig. 1, but not 
quite as sensitive. With L1 hooked up to point A, the selectivity is quite sharp. When hooked to point B, 
the set is so selective that tuning can be tedious. Again, the ground is optional, but I find a little better 
sensitivity in this hookup with the ground connected and the selectivity hardly suffers at all. One thing to 
try would be to decrease the spacing between L1 and L2/L3. I think that the current spacing may result in 
coupling that is a bit too loose for this set. 


The configuration detailed in Figure 4 shows some promise for daytime reception in the upper short- 
wave bands and for further development as a set with variable coupling. With the existing design, the 
coupling between L1 and L2/L3 is somewhat loose at the Y inch spacing. Making L1 moveable and 
possibly large enough to fit over L2/L3 are some things I am considering. 


N/ Antenna 


= Ground 


Figure #4, #2 Variation.. 
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Here are some ideas for further experimentation. 


1. Grounding connections A and B to see how this affects reception. (This would actually be 
defeating the mystery circuit and using L3 as just a detector-coupling coil) 

2. Hook up a variable capacitor in series with the antenna. 

3. Hook up a variable capacitor in parallel across L1 to tune the antenna. 

4. Try the "Tuggle" circuit across L2. This would involve using a 2-gang variable capacitor and 
hooking one of the sections in parallel with L2 and the other section in series with the ground. 

5. Try the Tuggle circuit across L1. 

6. Use Tuggle tuning with main variable section across L1 and the second capacitor section in series 

with A/B connection. 

. Make L1 moveable to vary coupling. 

. Band switching and band spreading using various fixed and variable caps. 

. Use a smaller coil form to approximate a 1:1 length-diameter ratio. 

. Use a smaller inductance value (same as L2?) for L1. 


ON o N 


l 


This is by no means a complete list of the things that can be tried with this circuit. In fact, I even 
redesigned the coil to the following dimensions: 


L2 — 18 turns #20 space wound to 1.3" long, 2.375" diameter for approx. 20 uH. 
L3 — 7 turns 7/30* bunched cable bifilar wound in center of L2 
L1 is not present in this configuration. 


*7/30 cable is 7 strands #30 enameled wire twisted into a cable of approx. size of #20. Individual wires 
are stripped at the ends then twisted together and tinned. 


I hope I have given you some food for thought and inspired you to try your hand at making this 
interesting circuit work. I intend to continue my own experiments and perhaps write another article at 
some future time. If you want to contact me, you can post a message on Rap-n-Tap, the Yahoo Crystal 
Set Radio Club, or email me at kc4iwt@yahoo.com. I welcome all comments and suggestions. 


Good luck and Happy Experimenting! 
3/18/2001 Notes on further modifications 


L1 is now present again on the redesigned coil. It comprises 8 turns of # 22 AWG close wound, spaced 
Ya" from the bottom end of L2. The antenna and ground connections are made to this coil. 


L2 is now 14 turns instead of 18 turns to bring the coil more in range of the most active SW bands. 
L3 is unchanged. 


Experiments with a Perikon detector are very interesting. My Perikon detector consists of a piece of 
chalcopyrite in contact with a small cone-shaped piece of zincite. It is equally as sensitive as my pyrite 
detector — maybe more so under some conditions — and has an interesting property in that it appears to be 
somewhat "tunable". I’m not sure if this is due to signal strength or has more to do with the frequency to 
which the set is tuned, but I observe a distinct ability to peak signals differently as I tune across the 
bands. I seem to recall some mention of this property in early radio literature. 


One big advantage of the Perikon is that it is not as touchy as the typical catswhisker-and-mineral 
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detector. It is easy to begin detecting a signal and once detection begins, it 1s a simple matter to peak the 
signal. I also observe that the Perikon requires a bit of pressure to work properly. It doesn’t require the 
light touch like other point contact detectors and adjustment is non-critical. Unlike the catswhisker 
detector, the Perikon doesn’t mind being bumped and tends to keep its setting. It is very stable. I like this 
detector a lot. 


I tried a zincite/pyrite combination, but you can forget that one. Just doesn’t work. Likewise, chalcopyrite 
with a catswhisker just isn’t very sensitive. It works, but it seems to been just a couple of steps up from a 
rusty razor blade. Yes, the razor blade detector actually works on this set on some of the stronger signals. 
And I have to say again that a 1N34 germanium diode just lacks sensitivity in this set. It doesn’t work as 
well as either the Perikon or the pyrite detectors. 
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Crystal Radios for the Shortwave Bands 


(21 Jan 02) 


The first set tunes from about 5.8 to 14 MHz, which includes the 49, 41, 31, 25 and 22 meter shortwave 
broadcast bands. The capacitor 1s the oscillator section of a poly film variable capacitor, and the coil is wound 
on a toilet paper core. The main coil, L1, was wound on a length of 1/2 inch of the core, and separated from the 
antenna coupling coil, L2, by about 1/8 to 1/4 inch on the same core. Calculated inductance of L1 was 10.6 uH. 
Measured capacitance of the variable was 10 - 68 pF. Using a 50 foot end fed antenna, stations could be heard 
24 hours a day, with the higher bands being heard during daylight, and the two lower bands coming in at night as 
well. 

There are 4 primary ways to attach antenna and ground, and all work to one degree or another. First and 
second, the antenna alone may be connected to either the antenna tap or to the ground tap. Third and fourth, the 
antenna and ground are connected to the normal taps as indicated, or they may be reversed. A small frequency 
shift was noted when going from option 3 to 4. Use of the ground sometimes made the signals stronger. 
Quantitative assessments using on-air stations was not attempted as the signal strength varied constantly, with 
shifts of up to 10 dB being noted within the space of 30 seconds. As a side note, just connecting the antenna to 
the top of the tank coil was not as productive. 

Selectivity, while not great, was sufficient to separate the short-wave BC bands (the 25 and 22 meter bands 
tended to run together, however), and often to separate two stations within a band. Slow tuning, even with this 
selectivity, is needed due to changing signal strengths and because of the fast tuning rate. 

Using a longer antenna gave higher signal strengths, as expected, and little or no shift in frequency was noted 
when going from one antenna to the other. No MW broadcast band interference was observed. 


This is a schematic of the set: 


c= CRYSTAL EARPLUG 


C- 10-60 pF 

Li - 14turns *24 plastic coated wire an 1 5/6 inch core tapped at Sth 
turn from top for detector 

L2- Sturns wound 1/8 inch below Li on same core 

D- 1N344 diode 

k- 47 kohm 


Spacing between L1 and L2 was closer to 1/4 inch, as it turned out when my students built this, and they seemed 
okay. Since the shoddy antenna I have in my classroom is well shielded by the metal roof of the building, I used 
a grid dip oscillator to check the sets for response before letting them out of the room. With the unmodulated 
signal from the GDO, I could hear a few faint heterodyne squeals from stations that were there but too weak to 
hear. 

I made another coil on the same diameter form using #20 solid plastic coated hookup wire, winding 20 turns 
on 2 inches for L1 and 6 turns for L2. This gave me slightly stronger signals, as expected. I made a breadboard 
attempt to use this with a Tuggle antenna tuner, but gave up early on, primarily since this was designed to be a 
student radio, and for other more technical reasons which I'll explain below. 

This is really a "first iteration" radio, designed just for shortwave use, and, while it works pretty well, clearly 
has some way to go. The tuning rate, some 10 MHz in a 180 degree rotation of the tuning knob, 1s way too fast, 
but is probably okay for this first attempt. It was clear that the selectivity of the set leaves something to be 
desired, so more work on the coils is in order. I didn't spend much time optimizing the coil tap for the detector, 
just picking one that is historically useful. Tapping the detector to the top of the tank circuit was not as 
productive as the tap I used. I also didn't spend any time picking over detectors, and just grabbed the first 
germanium diode out of the box. If I can get the selectivity up a bit, I will have to get serious about band 
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spreading the tuning. Obviously, I need to go back and look at an antenna tuner again. One thing I realized, 
which may or may not make a difference, 1s that at these frequencies the antenna 1s a quarter wavelength long or 
longer, so you can't make it resonant with just a few turns of a coil in the antenna line. However, the set is a 
snap to build (especially the coil), and picks up a bunch of stations, and is fun to use if you haven't tried the 
higher frequencies. 


Okay, time to do some more playing around. Variation #2 was built to try to get some more selectivity for a kid 
radio, and essentially the same as the first but with the primary separated from the tank coil. This seemed to 
work a bit better, and the bands separated better as well. This is the schematic with some notes: 


phones 


For this one, I wound the coils on a 1 5/8 inch toilet paper core, and used 15 close wound turns for the tank 
coil, tapped at turn 6 from the ground for the detector. The primary coil was 6 turns separated by 1/4 inch from 
the secondary. If you want to dispense with phones, one of the little Radio Shack audio amps works fine. With 
the amp, I noticed that with my 150 foot long wire, the top of the BC band came in the background a little; not 
so with the 50 foot "student" antenna. The diode was a germanium out of the junk box, and the variable 
capacitor was the 10 - 70 pF oscillator section of a poly film rf tuner capacitor. The wire was #24 plastic coated 
telephone wire, which gives about 30 turns per inch. It tunes from the 49 meter band to just into the 19 meter 
band. It all fit nicely on a 4 inch length of 1 inch x 4 inch pine. 


Since my 8 year old seemed interested in doing something with a crystal set for a science project, we made up 
this next one, really just a slight modification of the one above, adding an audion type headphone amp to drive a 
low impedance set of phones (he ended up taking my Stromberg Carlson sound powered set, declaring them the 
most comfortable). This is the schematic of the finished product: 


phones 
Q jæ | (4) 


| J ad 


C3 


C3, L1, L2, and D are as described above. 

C1, C2 are 0.1 uF disc ceramics 

R = 100 kohms 

Q is a 2N2222, but just about any similar transistor will do. Reverse the battery if using a PNP transistor. 
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I was pretty lavish with this one, and used a 7 inch section of 1 x 4 inch pine for the base, and even added a 
panel to support the variable and a simple paper dial that I "calibrated" for the shortwave bands using a dip 
meter. With the sound powered phones, I probably should have gone on and made the coupling between L1 and 
L2 variable to (1) control the volume on the stronger stations and (2) to try and improve the selectivity, which 
isn't bad, but isn't great either. 


And now (Drum roll), a shortwave convertible. Actually, this should look very familiar, since I use this basic 
one transistor amp a lot. 

This amp was added to use higher impedance phones, such as the standard 2k, or the crystal earplug with the 
parallel resistor. 


E] (+) HF 


EE 
= 0 
C EZ 
Y crystal earplug 


spdt 


poppi 


Q - just about any general purpose transistor will do, such as a 2N2222 or whatever you have on hand. I used a 
PNP out of a Radio Shack pack 15 on one set( and reversed the battery); worked fine. 

R1 - 470 kohms 

R2 - 47 kohms 

C- 0.1 uF - you can probably use just about anything here 

The battery I used was a 1.5V AA, but a 9 V worked fine too with a little more volume. 

The crystal radio portion of the set is as described above. I used brass coated thumbtacks stuck into a piece of 
pine for soldering points. You can put in a couple of fahnestock clips where R2 and the crystal earplug go and 
use any phones you have on hand. I designed this to be an easy-to-assemble kid radio, but you can get as fancy 
as you like. I just used hot glue to hold the battery holder and switch down on the base. You might notice that, 
unlike the original crystal convertible, I don't disconnect the diode from the input capacitor C when switching 
from straight crystal to amplified crystal. Found that it didn't seem to matter, and made wiring easier. Also note 
that the battery connects after the phones, with the phones going to chassis ground, unlike the set I made with 
the audion type amp. You have some flexibility here, so do what suits you, but this arrangement gives you the 
easy convertible switch. 

So how does it do? As built, the amplifier seems to give about a 10 to 20 dB boost to the signal. Makes for 
more comfortable listening, and stations that you can tell are there become clearly audible. Going from a 50 
foot antenna out the window to a 6 foot whip indoors, I was still able to hear a few stations, even in the daytime. 
I tried adding a feedback coil for a little regeneration, just for grins. Alas, the used 1.5 V AA wasn't having any 
of this, so I'll try it another day. 


For more information on the general nature of shortwave listening and the frequencies for each band, try this 
web site: 


http://www.danatkinson.co.uk/html/sw/faq.htm 


HOME 
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The SkyWaves Short-wave Crystal-set Prototype 


Here’s some info on my recent short-wave crystal-set experiments. The basic conclusion is that SW crystal sets 
are quite worthwhile, and need not be unduly elaborate to give gratifying results. This is especially true on the US 
east coast where the “prime time” broadcasts are really strong. 


A word of warning: You’re likely to hear strong, clear English broadcasts from the likes of The BBC, The Voice 
of Viet Nam, and Radio Taipei. Don’t believe it! These are rebroadcast from nearby sites in US and Canada. To 
sort this out, there is a good frequency list available at: http://www.primetimeshortwave.com/ 


I the short time I’ve been at it, I have heard Radio Exterior de Espana , Swiss Radio International, and The Voice 
of Russia from my West-central NJ location. So intercontinental DX is entirely possible. I even heard a “numbers 
station” on about 13.5MHz. 


Sa ll i Hel 
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This is a simple double-tuned radio built around Air Dux coil stock. I used this because it was handy, but solid 
bare wire of about 14 gauge on 2” PVC should work just fine. (Strip a length of #14 Romex.) The primary tuned 
circuit is Tuggle style and offers a reasonable compromise between effective, flexible antenna matching and ease 
ofuse. I bent down every other turn on L1 to make it easy to tap with an alligator clip. I equipped the secondary 
coil with a separate “primary” winding so the set can be used in the single-tuned mode to do a quick band scan. 
Coupling is controlled by moving the two sections around on the table. The “ground” end of the coils face each 
other. 
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T1 
100K to 600 Ohms 


S-meter 


All coils 2" dia. 10 TPI "Air Dux" 

L1 - 18 turns, tapped every other turn 
L2 - 2 Turns, spaced 2 turns from L3 
L3 - 8 Turns (approx. 4.3uH) 


Some additional observations: A secondary coil of about 4 — 4.5 uH will tune 5-18 MHz with a 365pF cap. 

That's where 95% of the action 1s, so band switching can be avoided. As with most double tuned sets, a calibrated 
dial on the lightly-coupled secondary really helps sort things out on the air. I’m using sound-powered phones, but 
signals are strong, so a modest headset will be ok for starters. Just elininate T1, C3, and R1, and connect the 
headset between the diode and ground. 
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You can find the AC voltage “gain for the 


circuit using the following equation: 


A, = 2 

Rin 
Resistor R F is called a feedback resistor 
because it forms a feedback path from the 
output to the input. Many  op-amp circuits use 
a feedback loop. Because the op-amp has 


such a high gain, it is easy to saturate it (at 
maximum gain) with small voltage differences 


between the two input terminals. The 
feedback loop allows the operation of the 
Op-amp at lower gains, allowing a wider range 
of input voltages. When designing a circuit, 


you can choose the value of the feedback 
resistor to achieve a specific voltage gain. The 
role of the capacitors in the diagram is to 
block DC voltages. 

Questions 

A. Calculate the value of R F that would give 
the amplifier an AC voltage gain of 120. 


B. Calculate A C V out if AC Vin is 5 mV rms 
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properties that make it particularly suited to our purpose, namely that it 
works at lower voltage levels than most other common diodes. Since the 
voltage in our radio comes from weak little radio waves, we need all the 
help we can get. 


We now carry this diode in our catalog, to make it easier to obtain. Radio 
Shack used to carry them, but they no longer have them in their stores. 


We are now ready to build our simplest radio. 


A very simple radio with two parts 


First let me warn you that this first little radio may not work in your 
location. It relies on having a very strong local radio station to overcome 
the limitations of such a simple radio. If it does not work where you are, 
you can either build its cousins that we will discuss later, or you can drive 
out closer to a local radio station, and try it there. But because it is so 
simple, you might try building it just to see what you might be able to pick 


up. 


If your earphone has a jack on the end, cut it off, so you have two long 
wires coming from the earphone. If the wires are twisted around each 


other, that is OK, since we only need them to be separate at the very ends. 


Remove the covering (called insulation) from the ends of the wires to 
expose an inch of bare wire. Often you can do this with your fingernail, but 
a tool called a wire stripper is made for this purpose, and can usually be 
purchased at the same place you got the earphone or the diode. 


Wrap one bare wire around one of the diode's wires. Use some tape to 
keep it in place. If you know how to solder, you can solder the wires 
together, but it really isn't necessary for now. 
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Tape the other diode wire to a cold water faucet. This makes a good 
connection to the ground, and is thus called a 'ground' connection. 


Hold the remaining free bare wire of the earphone in your hand. This 
makes your body into the antenna for the radio. Put the earphone in your 
ear. If you are close to a strong AM radio station, you will be able to hear 
that station faintly in the earphone. You may hear more than one station at 
once. 


If you can't hear anything, you might try a better antenna. You can tape 
the wire you were holding to a metal window screen, or a long wire. If one 
end of the long wire is thrown up on a roof or in a tree, you might get 
better results. Another good antenna is an outdoor TV antenna. Just touch 
the free earphone wire to one of the antenna terminals where it comes into 
the TV. If you have a good antenna, you may be able to eliminate the 
ground connection, using your body as a ground instead, by holding the 
free diode wire in your hand. 


Another simple radio with two parts 


Our simple radio has two main drawbacks. One is that the signals are very 
faint, and can only be heard if you are close to a radio station's 
transmitting antenna. The other is that you hear all of the strong stations 
at once, and it is hard to pick out just one song or voice from the mixed up 
jumble. The first problem is called the 'sensitivity' of the radio. Our radio is 
not very sensitive. The second problem is called the ‘selectivity’ of the 
radio. Our radio is not very selective. 
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to lift someone several feet in the air, but we can do this easily on a swing 
by giving a little push over and over again at just the right time. Timing is 
important: if we push at the wrong time, the swing can actually lose 
energy instead of getting higher. 


When an opera singer uses her voice to shatter a wine glass, she is using 
resonance. Her voice gives the glass a little push at just the right time, 
over and over again, until the glass is moving so far that it shatters. In a 
similar way, we can slosh all the water out of a bathtub by moving a hand 
in the water at just the right back and forth speed. Each time the hand 
moves, the water climbs a little higher, until it is over the top of the tub. 


Radio waves can act like the sound waves of the singer's voice, or like the 
waves in the bathtub. Radio waves can cause electrons to move back and 
forth in a wire, just like the water in the tub. If the radio waves are moving 
back and forth at the right frequency, then the electrons in the wire will 
just be crowding towards one end of the wire when the radio waves start 
moving them back to the other side. Just like the water in the tub, the 
electrons will crowd higher and higher at the ends of the wire. These 
electrons can do work, like moving the brass disk in the earphone to create 
sound. 


We can use resonance to build a radio that can pick up only one station at 
a time, and make a louder sound in the earphone. This radio will also have 
some drawbacks (for one thing it will be over 1,000 feet long!) but we will 
solve these problems in the next radio we build. 


Suppose we pick a local radio station we want to hear. For this example we 
will choose 740 kilohertz on the AM dial. We now need to figure out how 
long the wire must be to resonate at this frequency. Radio waves travel at 
the speed of light. This radio wave is going back and forth 740,000 times 
per second. This means the wave needs to go about a quarter of a mile in 
one direction, then turn around and go back again, over and over. The 
actual formula for figuring out how long the wire should be is 


936 feet 


Frequency in Megahertz 


or, for our example: 


936 feet 


.740 
or about 1264 feet. 


To make our radio, we take half of the wire (632 feet) and attach it to one 
end of the diode. We attach the other half of the wire to the other end of 
the diode. We attach one earphone wire to one side of the diode also, and 
the other earphone wire to the other end. We put the long wire up in the 
air by attaching each end to a tree (the trees must be about 1264 feet 
apart). Then we put the earphone into our ear, and listen to the radio. 


Now I can think of a couple problems with this radio. It is not the most 
portable radio. Also, in order to change the station, we need to make the 
wire longer or shorter. 


One solution to the portability problem is to coil the wire up by winding it 
on a box or a cylinder. Then we can solve the tuning problem by attaching 
the diode and earphone to the coil at different places (easy to do now that 
the whole wire is in one small place). 
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There are several ways to connect a coil of wire to a diode and earphone to 
make a radio. In the photos below, we show two possibilities that work. 


The photos do not show the antenna and ground connections, but instead 
indicate where they would be attached. 


The coil in the photos is also dramatically simplified. A real coil for the AM 
radio frequencies would be somewhat larger, as we saw when we built our 
first radio using the plastic bottle. 


Often photographs show so much detail that the important parts are easily 
missed. By using a simplified drawing, we can accentuate the important 
parts of the circuit and leave out unimportant or distracting details that can 
interfere with getting the point across. 


A simplified drawing of a circuit is called a schematic. A schematic for a 
simple crystal radio might look like this if drawn on a napkin at a party: 
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block out ambient noise in the room). The symbol for the ground looks like 
what a cartoonist would draw under a cartoon character to represent the 
earth. 


Note that the antenna is attached to the coil in the middle by a small 
arrow. This indicates that it is attached to a tap in the coil. An arrow is 
used to indicate a connection that can move, like our clip lead. 


The symbol for the diode looks nothing like the little glass tube with wires 
coming out. Instead of represeting what the diode /ooks like, it represents 
what the diode does. 


A diode is a one-way valve for electricity. The electric current flows through 
the diode in one direction, but is blocked if it tries to flow in the other 
direction. We will find out why this is important later, when we learn why 
the radio works. But for now, we will concentrate on building a radio that 
will let us hear one station at a time, with reasonable loudness. 


Power from radio waves -- hooking up a meter 
to measure the voltage and current 


It is useful at this point to be able to measure the effects of changes we 
make to the radio. We can just use our ears and try to remember how loud 
it used to be, but it is easier to read a meter, and remember a number. 
With a meter connected to the radio we can adjust the tuning for the 
highest meter reading, or make other adjustments as we add new 
components or replace purchased components with ones we make 
ourselves. 


The meters must be sensitive to very small changes in the amount of 
electricity flowing in our radio. We will be measuring current mostly, but we 
will add a voltmeter as well, so we can calculate the total amount of energy 
we are receiving. 


Current is the flow of electricity through the circuit, and it is measured in 
amperes, or amps for short. Voltage is the pressure that pushes the 
current through the wires. If electicity were water, current would be the 
amount of water flowing (gallons per minute), and voltage would be the 
water pressure in pounds per square inch. 


Since the amount of current is very small, we will use a meter that 
measures current in micro-amperes, or at most small fractions of a 
milliampere. Some examples of microammeters and milliammeters can be 
seen in the photo below: 


a DE 
SONS 
y 
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To measure the current in our radio, we will need to have the current 
flowing through the meter. To do this, we connect the microammeter 
between the earphone and the ground connection, so that any electricity 
that is going to flow throught the earphones to make noise is going to have 
to flow through the meter also. The meter can be connected in two ways, 
one is forward and one is backward. If the meter is connected backward, 
the needle will start reading below zero. If this happens, just reverse the 
connections, so the needle reads above zero. 


To measure the voltage, we connect the meter to both of the earphone 
wires. The schematic diagram now looks like this: 


Volts 


Amps 


If you have a good antenna, or a strong radio station nearby, the ammeter 
might read more than 50 microamps. If you have a short antenna, you 
might get only 5 microamps and still be able to hear the station clearly in 
the headphones. I put up a 200 foot antenna between two trees over my 
house, and tuned to a 50,000 watt station about 30 miles away, and now I 
get 175 microamps of current through my meter. 1 put the earphone to the 
mouth of a cone (like a megaphone) and I can clearly hear the radio from 
across the room when the house is quiet. It doesn't sound as nice and clear 
as it does with the earphone right up to my ear, but I can follow a 
conversation easily (it's an all-news station). 


The voltmeter in the same radio reads 125 millivolts. Since watts (the 
measure of how much power we have) is the voltage multiplied by the 
amperes, we have 0.000175 times 0.125, or 0.0000218 watts, or about 22 
microwatts. The station is putting out 50 killowatts, and we are receiving 
one ten billionth of that power, yet we can hear it across the room. 


Try different lengths of antenna, and watch the current go up as the longer 
antennas catch more of the power from the radio station. Try more that 
one antenna. Try connecting the ground wire to different things that are 
connected to the ground, such as pipes, metal fences, etc. As you try each 
test, make sure you tune the radio again, because your changes may affect 
the tuning. 


Adding a capacitor (or three) 


As you tried different antenna lengths, you may have noticed that you had 
to move the tap on the coil in order to get the station at its loudest. To 
understand why this happens, and how we can use an understanding of it 
to improve our radio, we must first understand capacitance and how it 
affects the tuning coil. 


A capacitor is simply two pieces of metal with an insulator between them. 
If a capacitor is connected to a battery, the battery will push electrons onto 
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If we connect the two plates together with a wire, the electrons will rush 
from the plate that had too many (because electrons have the same 
charge, and thus repel each other like the north poles of two magnets) to 
the plate that had fewer electrons. As the electrons rush from one plate to 
the other, we can make them do work, such as light a light bulb. In this 
way, the capacitor seems to store the electricity from the battery, for use 
at another time when the battery isn't there. 


Now suppose we connect a coil and a capacitor together like this: 


Coil 


Capacitor 


Suppose also that the capacitor has been charged by a battery so the top 
plate has more electrons than the bottom plate. When we connect the coil, 
the excess electrons in the top plate immediately start traveling through 
the coil to get to the plate that has a shortage of electrons. 


As the electrons travel through the coil, they create a magnetic field, 
(remember 'coil' is just another word for 'electromagnet'). The magnetic 
field grows until the plates on the capacitor have equalized. At this point 
you would think the current would stop flowing in the coil. But the 
magnetic field that built up when the current flowed through the coil now 
starts to collapse. 


Just as moving a magnet past a coil will generate a current, a collapsing 
magnetic field around a coil creates a current too. The current is in the 
same direction as it was when the magnetic field was created, so the coil 
ends up pushing electrons onto the bottom plate of the capacitor, and 
stealing them from the top plate. 


By the time the magnetic field around the coil has completely collapsed, 
the bottom plate of the capacitor has a surplus of electrons, and the top 
plate has a deficit. You can guess what happens next. 


The electrons start flowing back into the coil, this time from the bottom 
plate to the top. The coil starts building up a magnetic field again, but since 
the current is now going the other way, what used to be the north pole of 
the magnetic field is now the south pole, and vice-versa. 


The field grows until the capacitor has equalized, then it collapses, and 
pumps electrons into the top plate of the capacitor. We are now back 
where we started, and the whole process starts over again! 


The coil and the capacitor are resonating, just like the child on a swing, or 
the water in a bathtub. In fact, this circuit is called a 'tank circuit', like a 
tank full of water that sloshes back and forth. 


We can control the frequency of the oscillations in two ways. We can make 
the coil larger or smaller, or we can make the capacitor larger or smaller. 
The coil we built for our radio has taps, which have the effect of making the 
coil shorter or longer, depending on which tap we connect to the antenna. 


Our radio has a coil. But it doesn't have a capacitor. Or does it? Actually, 
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When we change the length of the antenna, it is like changing the size of 
the capacitor. This is why changing the length of the antenna changed the 
tuning of the radio, forcing us to move to a different tap on the coil in order 
to listen to the same station. 


There is another way to change the capacitance of a capacitor. We can 
change the distance between the two plates. If the plates are closer 
together, the excess electrons on one plate are attracted to the other plate, 
because when the negatively charged electrons were removed from that 
plate, it was left with a positive charge. 


Because the electrons are attracted to the positive charge, we can pile 
more of them together, storing more energy. In a similar fashion, when we 
make a capacitor with the plates farther apart, the positive charge is 
farther away, and can't help to pull as many electrons onto the negative 
plate. Thus the amount of energy we can store is less, and we say the 
capacitor has less capacity 


We can combine capacitors to raise or lower the capacitance, now that we 
know how capacitors work. If we put two capacitors together in parallel, we 
can increase the capacitance, because the top plates are connected 
together, and the bottom plates are connected together, it is just as if we 
had one capacitor with large plates. 


Ep 


If we connect the capacitors in series, it has the effect of making the plates 
of the capacitor be farther apart. This can be seen in the illustration below. 
The bottom plate of one capacitor is connected to the top plate of the 
other. Electrically, this is the same as making the two plates into one plate 
in the middle of a capacitor that has twice the distance between the outer 
plates. The phantom inner plate has no effect, and is drawn as a dotted line 
in the bottom illustration. 


We now know enough about capacitors to use them in our radio. We can 
use a small capacitor between the antenna and the coil to lower the 
capacitance of the antenna. This will allow the coil to tune to stations that 
are higher in frequency. The capacitor is in series with the capacitance of 
the antenna, so the total capacitance is lower. 


The circuit now looks like this: 
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Building your own capacitors 


Capacitors are easy to build in the kitchen out of aluminum foil. In fact, our 
first capacitor will simply be two sheets of foil tucked into a paperback 
book, with one page separating them, as if they were two bookmarks. 


This quick capacitor has advantages and disadvantages. It is quick and 
easy to build, it can be easily adjusted to vary the capacitance by simply 
Sliding one of the foil strips out of the book a little at a time, thus reducing 
the capacitance. On the other hand, it is bulky, and comes apart easily, 
and will change its capacitance when you press down on the book, 
Squeezing the pages closer together. Lastly, it can change capacitance 
Slightly on humid days as the pages of the book absorb moisture. 


With only a little more effort, we can make a durable, stable, capacitor 
using foil and a little waxed paper or plastic wrap. 


We start by laying down a sheet of waxed paper. On top of that we lay a 
sheet of foil. We leave the foil hanging over the top of the waxed paper, so 
we will have something to which we can attach a wire. We lay another 
piece of waxed paper over the first piece and the foil. We then lay another 
piece of foil on the top, overlapping it at the bottom for our other wire. We 
make sure that the foil sheets are always separated by the waxed paper, 
so they do not make an electrical connection. 
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Now we trim up the paper with some scissors, and we can even roll it up 
the other way to make it smaller. 
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Answers 

A. Re =120 X 10kQ =1.2MQ 

B Vou = 120 X 5mV = 0.6 Vo... 

The output signal is inverted with respect to 
the input signal. 

46 Use the op-amp circuit shown in Figure 
8.35 to build an amplifier with an output 
voltage of 12 V pp, an AC voltage gain of 
50, and with R in = 6.8 kQ. 

Questions 

A. Calculate the value of RF. | 

B. Calculate the value of V in required to 
produce the output voltage specified earlier. 


Answers 
A. Rp = 50 X 6.8 kQ = 340 kQ 
B. 12 V 


Vin = A = 0.24 Vp or 0.168 Vims 


Project 8.2: The Operational Amplifier 

Objective 
The objective of this project is to demonstrate 
how AC voltage gain changes when you use 
feedback resistors of different values in an 
op-amp circuit. 

General Instructions 

After the circuit is set up, you measure V out 
for each value of RF, and find AV, using 
the ratio V out /V in. You also determine a 
calculated A V using the ratio R F /R in in each 
case to determine how close the calculated A 
V is to the measured AV. 
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This capacitor is not adjustable like our first one, but we can make several 
of them, each a different size, and connect the one we want. We can even 
combine them in parallel or in series to change their capacitance. 


We can use the small fixed capacitor to tune the antenna, and another 
variable capacitor (like our book capacitor) to tune the coil. We put the 
variable capacitor in parallel with the coil, to make a tank circuit. The small 
fixed capacitor lowers the antenna's capacitance, making the circuit tune to 
a higher frequency. But the variable capacitor adds more capacitance to 
the circuit, making it tune to a lower frequency. Now we can tune the radio 
with the taps on the coil, and by sliding the foil in and out of the book. 


The circuit now looks like this: 


Notice how the variable capacitor has an arrow through it to indicate that it 
can change its capacitance. 


Building your own diodes 


During World War I, soldiers in the field made their own radios to listen to 
programs for entertainment and news. They had access to wire from 
broken down vehicles, and telephone receivers, but they did not have 
modern solid state diodes in little glass tubes. 


However, it is surprising to find out just how many ordinary objects can act 
as a diode, letting current flow one way better than another. 


The soldiers found that an old rusty razor blade and a pencil lead worked 
just fine. By lightly touching the pencil lead to spots of blue on the blade, 
or to spots of rust, they formed what is called a point contact diode. 


We can replace our store-bought diode with a homemade point contact 
diode and compare the results. The parts can be attached to the circuit 
with clip leads, or they can be soldered, as in the photo below. The pencil 
lead is attached to a safety pin by wrapping it with bare copper wire and 
soldering it. 
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The safety pin acts as a spring to lightly press the pencil lead onto the 
razor. If the pressure is too hard or not hard enough, the diode will not 
work, so experiment. The exact spot on the razor is also critical, since 
some spots will have too much or too little oxide on them to make the 
diode. Move the pencil lead around on the razor until the sound is loudest, 
or the meter (if you have attached one) reads highest. 
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salt and water on it, and held it in the flame of a gas stove until parts of it 
were blue and purple. 


You might have other things around the house that can act as diodes. In 
my rock collection, I found some iron pyrite (fool's gold) and some 
carborundum (silicon carbide, the blue stone in the photo below). The 
carborundum works well with a strong pressure, so I simply wrapped some 
bare copper wire around it, soldered the wire, and then let the jaws of a 
clip lead supply the pressure. It works quite well. The pyrite needs a gentle 
touch, so I used the point of a safety pin to gently probe until I found a 
spot on the pyrite that gave good volume in the radio. 


Going further - some quick thoughts 


Trading loudness for more stations 


In our radio, the diode and earphones are connected directly to the 

antenna and ground. This connection gets the loudest signal. However, it 
also loads the tuning coil, making it less selective. This means that many 
lower power or distant stations are drowned out by local strong stations. 


We can make the radio more selective by decoupling the tuning coil from 
the antenna and ground. We do this by adding a small coil. The new coil is 
attached to the antenna and the ground, and then it is placed inside the 
main tuning coil. 
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NASA 


HAND SOLDER TRAINING 
TO 


NHB 5300.4 (3A-2) 


“REQUIREMENTS FOR 
SOLDERED ELECTRICAL CONNECTIONS” 


NASA soldering 


SOLDERING 


THEORY 


Í 
LEAD 


TIN 


Tin and Lead = 60/40 solder 


IN/LEAD RATIO MELTING POINT 


Sn 63/37 (Eutectic) 183°C/361°F 
Sn 60/40 191°C/375°F 
Sn 50/50 216°C/420°F 


Tin/Lead ratio/melting point 


TIN-LEAD FUSION DIAGRAM 


Tin/Lead Fusion 


Y JOUIN 


63/37 Eutectic solder liquid temperature 


60/40 solder with solid/plastic/liquid temperatures 


Parts List 

You need the following equipment 
supplies: 

One 0.1 UF capacitor. 

Two 10 kQ, 0.25-watt resistors. 

One 51 kQ, 0.25-watt resistor. 

One 100 kQ, 0.25-watt resistor. 

One 150 kQ, 0.25-watt resistor. 

One 220 kQ, 0.25-watt resistor. 

One 270 kQ, 0.25-watt resistor. 

One 330 kQ, 0.25-watt resistor. 

One 380 kQ, 0.25-watt resistor. 

Two terminal blocks. 

Two 6-volt battery packs (4 AA batteries 
each). 

One function generator. 

One oscilloscope. 

One breadboard. 

One OPA134 operational amplifier. This 


and 


op-amp comes in a few different packages; 


get the 8-pin dual in-line (DIP) version. 


Figure 8.36 shows the pinout diagram for 
the OPA134. When you insert the op-amp 
into the breadboard, try not to bend any 


the leads. The leads on dual in-line 


packages are fragile and will break off if 
you bend them more than once or twice. 


Figure 8.36 
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Small tip takes longer to heat the parts to the melting 
temperature 


Larger tip takes less time to heat the same part to the 
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Burned printed circuit board 


Inverting 

input 
Non inverting 
input 


Step-by-Step Instructions 
Set up the circuit shown in Figure 8.37 using 
the 51 k& resistor for RF. Figure 8.38 


shows the battery connections. If you have 
some experience in building circuits, this 
schematic (along with the previous parts list) 


should provide all the information you need to 
build the circuit. If you need a bit more help, 
look at the photos of the completed circuit In 
the “Expected Results” section. One unusual 
aspect of this circuit you may want to look 
for in the photos is how the 2V bus of one 
6-volt battery pack should be connected to 
the +V bus of the other 6-volt battery pack. 

Figure 8.37 
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Delaminated printed circuit board 


Disturbed lay of stranded wire - Reject 


Disturbed lay of stranded wire - Reject 
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Cut or nicked leads or wires - Reject 


Preferred tinning of stranded wire with heat sink - Accept 


Poor tinning, no wetting - Reject 


0.1 uF 10 kQ 
Function 
generator 


Figure 8.38 


To +V pin 


of OPA134 
=j 


6V 
6V 


Lo To —Y pin 


of OPAI34 
Carefully check your circuit against the 


diagram. 


After you check your circuit, follow these 
steps, and record your measurements in the 
blank table following the steps. 

1. Connect the oscilloscope probe for channel 
2 to a jumper wire connected to Vin 
Connect the ground clip to a jumper wire 
attached to the ground bus. 


| 


Tinning, good wetting - Accept 


HOOK 


TERMINAL 


Preferred wrap, 180 degrees - Accept 


Maximum wrap, 270 degrees - Accept 


Preferred solder - Accept 


Minimum solder - Accept 


Double wrap - Accept 


Rosin connection — Reject 


PIERCED 


-= TERMINAL 


Preferred wrap - Accept 


2. Connect the oscilloscope probe for channel 
1 to a jumper wire connected to V out , and 
then connect the ground clip to a jumper 
wire attached to the ground bus. 

3. Set the function generator to generate a 
10 kHz sine wave with approximately 0.2 V pp 


4. Measure and record V out and Vin. 
5. Change the feedback resistor to the value 
shown in the next row of the table (labeled 


100 k& in this instance). Each time you 
change the resistor, It's advisable to 
disconnect the batteries to avoid shorting 
wires. 


6. Measure and record V out and Vin. 


7. Repeat steps 5 and 6 until you have 
recorded V out and Vin for the last row of 
the table. 


|270 kQ 


[230k] o A ETO 
[soro] o o o ooo ooo | ____ 
8. Determine the calculated AV and the 
measured AV, and record these values In 


each row of the table. 


Preferred wrap “Z bend” - Accept 


Minimum insulation clearance - Accept 


Preferred insulation clearance - Accept 


Disturbed/Fractured connection - Reject 


Dewetting - Reject 


Insufficient wrap, less than 180 degrees - Reject 


Birdcaged wire strands - Reject 


Loose/Excessive lead wrap - Reject 


Terminal fill, all wires touching post - Accept 


Expected Results 
Figure 8.39 shows the breadboarded circuit 


for this project. 


Figure 8.39 
Feedback resistor OPA134 
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0.1 uF capacitor 10 k£2 resistor 10 k£2 resistor 
Figure 8.40 shows a function generator and 


oscilloscope attached to the circuit. 
Figure 8.40 


Excessive wicking - Reject 


Minimum insulation clearance, possible contamination 
Reject 


Excessive solder - Reject 


Grainy/Overheated - Reject 


Dewetted - Reject 


Dewetted - Reject 


Preferred wrap (single) - Accept 


Preferred Wrap (double) - Accept 
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Preferred wrap (bottom route) - Accept 


Channel 2 
6 volt Channel 2 oscilloscope 
battery pack ground clip probe 


Black lead 
from function 
generator 
Red lead 
from function 
generator 

6 volt Channel 1 Channel 1 
battery pack ground clip oscilloscope 
probe 
The input signal is represented by the upper 
sine wave shown in Figure 8.41 , and the 
output signal is represented by the lower sine 
wave. Count the number of divisions for the 
peak-to-peak output sine wave, and multiply 


that number by the corresponding VOLTS/DIV 
setting to determine V out and Vin. 
Figure 8.41 
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Excessive solder (should see strand contour) - Reject 


Excessive solder - Reject 


Preferred solder - Accept 


Improper seating to back of cup - Reject 
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Void, pin hole - Reject 
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Excessive solder/spillage - Reject 


Gold embrittlement (amalgamation) - Reject 
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2.3 divisions 
peak-to-peak 


4.5 divisions 
peak-to-peak 


As you measure Vin and V out , you may 


need to adjust the TIME/DIV control, the 
VOLTS/DIV control, and vertical POSITION 
controls on the oscilloscope. The controls 
shown in Figure 8.42 are adjusted to 


measure V out when RF = 380 k &. 
Figure 8.42 
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Left side, excessive solder/void/measle — Reject 
Right side, preferred solder - Accept 


Top, excessive solder/measle — Reject 
Bottom, preferred solder - Accept 


Top left, bad swage, top right, bad swage, burned — Reject 
Bottom left, good swage, bottom right, radial split - Accept 


AXIAL LEAD 


MOUNTING 


. - paños Ms 
. e ~~ 
>. e ok pe A a, 4s 


oe > PES 


Axial component mounting - Accept 


STUD 


TERMINATION 


Exposed bare copper - Reject 


Time/div control 
set to 50 usec/div 


Channel 1 set to Channel 1 vertical Channel 2 vertical Channel 2 set 
2 volts/div position knob position knob to 0.1 volts/div 


Your values should be close to those shown 
in the following table. 


511023 |L2volts [52 
10 10.2323 volts [10 | 
l 


dd 
330 ka 


The measured values of AV are quite close 
to the calculated values of AV, well within 
variations that could be caused by the + 5 


Blowhole - Reject 


Preferred solder - Accept 


Minimum solder - Accept 


Excessive solder - Reject 


Lifted pad - Reject 


CLINCHED 


TERMINATION 


Clinched lead - Accept 


Cold solder, non wetting - Reject 


Minimum solder (should cover pad) - Accept 


Grainy - Reject 


percent tolerance specified for resistor values. 


Summary 


This chapter introduced the most common 
types of amplifiers in use today: the common 
emitter BJT, the common source JFET, and 
the Op-amp. At best, this chapter has 
scratched only the surface of the world of 
amplifiers. Actually, there are many variations 
and types of amplifiers. Still, the terminology 
and design approach you learned here should 
give you a basic foundation for further study. 
Following are the key skills you gained In 
this chapter: 

How to design a simple = amplifier when the 
bias point and the gain are specified 

How to do the same for an emitter follower 
How to analyze a simple amplifier circuit 


Self-Test 

These questions test your understanding of 
the material presented in this chapter. Use a 
separate sheet of paper for your diagrams or 
calculations. Compare your answers with the 


answers provided following the test. 

1. What is the main problem with the amplifier 
circuit shown in Figure 8.1 ? | 

2. What is the gain formula for that circuit? 
3. Does it have a high or low gain? ——__ 
Use the circuit shown in Figure 8.43 for 


Disturbed solder - Reject 


Overheated - Reject 


Rosin - Reject 


Lifted pad - Reject 
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TO5 transistor component mounting - Accept 


Solder bridge between leads - Reject 


Solder bridge between leads - Reject 


Solder splashes/splatters/balls - Reject 


questions 428. 
Figure 8.43 


4. Design an amplifier so that the bias point is 
5 volts, and the AC voltage gain is 15. 
Assume B = 75, Rin = 15 kQ, VS = 10 
volts, and RC = 2.4 kQ. Add capacitor C E 
to the circuit and calculate a suitable value to 
maintain maximum AC voltage gain at 50 Hz. 
What is the approximate value of this gain? 
5. Repeat question 4 with these values: V S 
= 28 volts B = 80, Rin = 1 kQ, and RC = 
10 kQ. The bias point should be 14 volts and 
the AC voltage gain 20. | 
6. Repeat question 4 with these values: V S 
= 14 volts, B = 250, Rin = 1 kQ, and R C 
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Measling - Reject 


INTERFACIAL 
- CONNECTIONS 


Void under end of wire - Reject 


Insufficient solder - Reject 


NT An a Ea 


irn = 


Preferred mounting - Accept 


Toe up/curl - Reject 


= 15 kQ. The bias point should be 7 volts 
and the AC voltage gain 50. 

7. Design an emitter follower amplifier given 
that VS = 12 volts, RE = 100 ohms, 6 = 
35, VE = 7 volts, and RC = 0 ohms. 

8. Design an emitter follower amplifier given 


that VS = 28 volts, RE = 100 ohms, £6 = 
35, VE = 7 volts, and RC = 0 ohms. —— 
In questions 9211, the resistance and B 


values are given. Analyze the circuit to find 
the bias point and the gain. 


9 R1 = 16 kQ, R2 = 2.2 kQ, RE = 100 
ohms, RC = 1 kQ, B = 100, and VS = 10 
volts | 

10. R1 = 36 kQ, R2 = 33 kQ, RE = 110 
ohms, RC = 2.2 kQ, B = 50, and VS = 12 
volts | 

11. RI = 22 KQ, R2 = 90 kQ, RE = 20 


ohms, RC = 300 kQ, B = 30, and VS = 50 
12. The circuits from questions 4 and 5 are 
connected to form a two-stage amplifier. What 
is the gain when there is an emitter bypass 
capacitor for both transistors? When the 
capacitor is not used in either of them? 
13. Design a JFET amplifier using the circuit 
shown in Figure 8.32 . The characteristics of 
the JFET are I| DSS = 20mA and V GS(off) 
= 24.2 volts. The desired value of V DS is 14 
volts. Find the value of RD. 


Heel fillet, lack of solder - Reject 


Heel fillet, not smooth - Reject 


Toe overhang, excessive - Reject 


CONTINUOUS 
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Turret terminals - Accept 
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Loose wrap/greater than 180 degrees end wraps - Reject 


Left, solder lead/contamination — Reject 
Right, projection, voids - Reject 
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Delamination, base material - Reject 


14. If the transconductance of the JFET used 
in question 13 is 0.0048 mhos, what is the 
voltage gain? __—_— 

15. If the desired output is 8 V pp for the 
JFET of questions 13 and 14, what should the 
input be? _—__—_— 

16. Design a JFET amplifier using the circuit in 
Figure 8.33 . The JFET characteristics are | 
DSS = 16 mA and V GS(off) = 22.8 volts. 
Using a V DS of 10 volts, find the values of R 
S 9 Cos. and. RD « ooo 

17. If the input to the JFET in question 16 is 
20 mV pp , what is the AC output voltage, 
and what is the gain? _—— 
18. For the op-amp circuit shown in Figure 
8.35 , what is the output voltage if the input 
is 50 mV and the feedback resistor is 750 
kQ? 


Answers to Self-Test 


If your answers do not agree with those 
provided here, review the problems in 
parentheses before you go on to Chapter 9, 
“Oscillators.” 


1. Its bias point is unstable, and its gain 
varies with temperature. Also, you cannot 
guarantee what the gain will be. (problem 
10) 
2. A,=Bx R, (problem 10) 

Ri 


1 
3. Usually the gain is quite high. (problem 
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Metal encased component mounted over circuitry - Reject 


Markings not discernible - Reject 
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Damaged part - Reject 
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Component mounting - Reject 


le Ke R3 R4 CRI2 
2). €2) es 


Incorrect component - Reject 


Reversed polarity - Reject 


4») 


Solder in bend radii — “’Reject 


Poor wetting/reflow stress lines - Reject 
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Vertical mounted axial lead component - Accept 


10) 


For Numbers 426, suitable values are given. 
Yours should be close to these. 

4 R1 = 29 kQ, R2 = 3.82 kQ, RE = 
160 ohms, CE = 200 uF, AV = 120 
(problems 17222) 

5. R1 = 138 kQ, R2 = 8 kQ, RE = 500 
ohms, CE = 64 uF, AV = 800 (problems 
17222) 

6 R1 = 640 kQ, R2 = 45 kQ, RE = 300 
ohms, CE = 107 uF, AV = 750 (problems 
17222) 

7 R1 = 8 kQ; R2 = 11.2 kQ (problem 
27) 

8. R 1 = 922 ohms; R2 = 385 ohms 
(problem 27) 

9 VC = 5 volts, AV = 10 (problems 
28230) 

10. VC = 6 volts, AV = 20 (problems 
28230) 

11. VC = 30 volts, AV = 15 (problems 
28230) 

12. When the capacitor is used, AV = 120 
x 800 = 96,000. (problems 17222) 

When the capacitor is not used, AV = 15 
x 20 = 300. 

13. Use V GS = 22.1 volts, then ID = 5 
mA, RD = 2 kQ. (problems 31233) 

14. Av = 296 mV pp (problem 39) 

15. Vin = 83 mV pp (problem 38) 

16. Use V GS = 21.4 volts, then ID = 4 
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Glass body component not sleeved - Reject 


Rosin - Reject 


It - Reject 


Excessive lead length, damaged trace - Reject 
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Improper component mounting - Reject 


Insufficient solder - Reject 


Correct lead bend radius - Accept 


Distance from weld bead to bend - Reject 


ALLEN 


Component not centered - Reject 


mA. (problem 42) 

RS 350 ohms 

G.:5 4.5 uF (assume f = 1 KHz) 

RD = 315 kQ 

17. V GS varies from 21.39 to 21.41 volts, 
| D varies from 4.06 to 3.94 mA, V out will 


be 400 mV pp, 
— 400 (problem 42) 
y= ———— = — 2() 
18 Av = 275, V out = 3.75 volts (problem 
45) 
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Scratches on pads - Reject 


Component mounting - Reject 
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Lead length, insufficient - Reject 


Broken, damaged part - Reject 


Pit, void - Reject 


E O A di 


Large component obscures termination of another 
Part - Reject 


Maximum solder (stud) - Accept 


Improper lead clinched - Reject 


Exposed copper - Reject 


Chapter 9 


Oscillators 
This chapter ¡introduces you to oscillators. An 
oscillator iS a circuit that produces a 
continuous output signal. There are many 
types of oscillator circuits used extensively In 
electronic devices. Oscillators can produce a 


variety of different output signals, such as 
sine waves, square waves, or triangle waves. 

When the output signal of an oscillator is a 
sine wave of constant frequency, the circuit is 
called a sine wave oscillator . Radio and 
television signals are sine waves transmitted 
through the air, and the 120-volts AC from 
the wall plug is a sine wave, as are many 
test signals used in electronics. 


This chapter introduces three basic sine 
wave oscillators. They” all rely on resonant LC 
circuits as described in Chapter 7, “Resonant 
Circuits,” to set the frequency of the sine 
wave. 


When you complete this chapter, you will be 
able to do the following: 

Recognize the main elements of an 
oscillator. 

Differentiate between positive and negative 
feedback. 

Specify the type of feedback that causes a 
circuit to oscillate. 

Specify at least two methods of obtaining 
feedback in an oscillator circuit. 
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Excessive solder, lead not discernible - Reject 
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Vertical component mounting - Accept 


Optimum lead protrusion, stud mount - Accept 


Excessive lead spring back - Reject 
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Solder fillet - Accept 
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lattice ions projecting a gravitomagnetic field that forms a 
spacetime curvature anomaly outside the space vehicle. The 
Spacetime curvature imbalance, the spacetime curvature 
being the same as gravity, provides for the space vehicle’s 
propulsion. The space vehicle, surrounded by the spacetime 
anomaly, may move at a speed approaching the light-speed 
characteristic for the modified locale. 


13 Claims, 6 Drawing Sheets 
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Understand how resonant LC circuits set the 
frequency of an oscillator. 
Design a simple oscillator circuit. 


Understanding Oscillators 


1 An oscillator can be divided into three 
definite sections: 

An amplifier 

The feedback connections 

The components that set frequency 


The amplifier replaces the switch in the 
basic oscillator circuit, introduced in problem 
35 of Chapter 7 (Figure 7.46 ). 

Question 

Draw an oscillator circuit, and label the parts. 
Use a separate sheet of paper for your 
drawing. 

Answer 

See Figure 9.1 . 

Figure 9.1 | 


switch or amplifier 


Feedback path 
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SPACE VEHICLE PROPELLED BY THE 
PRESSURE OF INFLATIONARY VACUUM 
STATE 


CROSS REFERENSE TO RELATED 
APPLICATIONS 


This is a continuation of application Ser. No. 10/633,778 
filed on Aug. 4, 2003, now abandoned. 


TECHNICAL FIELD 


The technical field of this disclosure represents space 
vehicles propelled by the electro-magnetically changed 
properties of vacuum, particularly the pressure of inflation- 
ary vacuum state. 


BACKGROUND OF THE INVENTION 


The existence of a magnetic-like gravitational field has 
been well established by physicists for general relativity, 
gravitational theories, and cosmology. The consequences of 
the effect of electromagnetically-affected gravity could be 
substantial and have many practical applications, particu- 
larly in aviation and space exploration. 

There are methods known for converting electromagne- 
tism into a propulsive force that potentially generates a large 
propulsive thrust. According to these methods, the machine 
thrust 1s produced by rotating, reciprocating masses in the 
following ways: centrifugal thrust, momentum thrust, and 
impulse thrust. (“To the Stars by Electromagnetic Propul- 
sion”, M. T. French, — http://www.mtjf.demon.co.uk/ 
antigravp2.htm#cforce). 

However, the electromagnetic propulsion in an ambient 
space, or space that is not artificially modified, is not 
practical for interstellar travel because of the great distances 
involved. No interstellar travel is feasible without some 
form of distortion of space. In turn, no alteration of space is 
possible without the corresponding deformation of time. 
Gravitomagnetic alteration of space, resulting in the space- 
time curvature anomaly that could propel the space vehicle, 
could be a feasible approach to future space travel. 

In the late 1940s, H. B. G. Casimir proved that the 
vacuum is neither particle nor field-free. It is a source of 
zero-point-fluctuation (ZPF) of fields such as the vacuum 
gravitomagnetic field. ZPF fields lead to real, measurable 
physical consequences such as the Casimir force. The quan- 
tized hand-made electromagnetic processes, such as those 
occurring in superconductors, affect the similarly quantized 
ZPFs. The most likely reason is the electron-positron cre- 
ation and annihilation, in part corresponding to the “polar- 
ization effect” sited by Evgeny Podkletnov in explaining the 
gravitomagnetic effect reportedly observed by him in 1992. 
(“Weak Gravitational Shielding Properties of Composite 
Bulk YBa,Cu,30(7.,, Superconductor Below 70 K Under 
E.M. Field”, Evgeny Podkletnov, LANL database number 
cond-mat/9701074, v. 3, 10 pages, 16 Sep. 1997). 

The investigation of gravitomagnetism, however, started 
well before Podkletnov. In the U.S. Pat. No. 3,626,605, 
Henry Wm. Wallace describes an experimental apparatus for 
generating and detecting a secondary gravitational field. He 
also shows how a time-varying gravitomagnetic field can be 
used to shield the primary background of a gravitoelectric 
field. 

In the U.S. Pat. No. 3,626,606, Henry Wm. Wallace 
provides a variation of his earlier experiment. A type I-V 
semiconductor material, of which both components have 
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unpaired nuclear spin, is used as an electronic detector for 
the gravitomagnetic field. The experiment demonstrates that 
the material in his gravitomagnetic field circuit has hysterisis 
and remanence effects analogous to magnetic materials. 

In the U.S. Pat. No. 3,823,570, Henry Wm. Wallace 
provides an additional variation of his experiment. Wallace 
demonstrates that, by aligning the nuclear spin of materials 
having an odd number of nucleons, a change in specific heat 
occurs. 

In the U.S. Pat. No. 5,197,279, James R. Taylor discloses 
Electromagnetic Propulsion Engine where solenoidal wind- 
ings generate an electromagnetic field that, without the 
conversion into a gravitomagnetic field, generates the thrust 
necessary for the propulsion. 

In the U.S. Pat. No. 6,353,311 B1, John P. Brainard et al. 
offer a controversial theory of Universal Particle Flux Field, 
and in order to prove it empirically, provide a shaded 
motor-type device. This device is also intended for extract- 
ing energy from this hypothetical Field. 

In the early 1980s, Sidney Coleman and F. de Luca noted 
that the Einsteinean postulate of a homogeneous Universe, 
while correct in general, ignores quantized local fluctuation 
of the pressure of inflationary vacuum state, this fluctuation 
causing local cosmic calamities. While the massless par- 
ticles propagate through large portions of Universe at light 
speed, these anomaly bubbles, depending on their low or 
high relative vacuum density, cause a local increase or 
decrease of the propagation values for these particles. Sci- 
entists disagree about the possibility, and possible ways, to 
artificially create models of such anomalies. 

In the early 1990s, Ning Li and D. G Torr described a 
method and means for converting an electromagnetic field 
into a gravitomagnetic field. Li and Torr suggested that, 
under the proper conditions, the minuscule force fields of 
superconducting atoms can “couple”, compounding in 
strength to the point where they can produce a repulsion 
force (“Effects of a Gravitomagnetic Field on Pure Super- 
conductors”, N. Li and D. G. Torr, Physical Review, Volume 
43, Page 457, 3 pages, 15 Jan. 1991). 

A series of experiments, performed in the early 1990s by 
Podkletnov and R. Nieminen, reportedly resulted in a reduc- 
tion of the weights of objects placed above a levitating, 
rotating superconductive disk subjected to high frequency 
magnetic fields. These results substantially support the 
expansion of Einstainean physics offered by Li & Torr. 
Podkletnov and Giovanni Modanese have provided a num- 
ber of interesting theories as to why the weight reduction 
effect could have occurred, citing quantum gravitational 
effects, specifically, a local change in the cosmological 
constant. The cosmological constant, under ordinary cir- 
cumstances, is the same everywhere. But, according to 
Podkletnov and Modanese, above a levitating, rotating 
superconductive disk exposed to high frequency magnetic 
fields, it is modified. (“Impulse Gravity Generator Based on 
Charged YBa,Cu,30,., Superconductor with Composite 
Crystal Structure’, Evgeny Podkletnov, Giovanni 
Modanese, arXiv.org/physics database, #0108005 volume 2, 
32 pages, 8 figures, Aug. 30, 2001). 

In the July 2004 paper, Ning Wu hypothesized that 
exponential decay of the gravitation gauge field, character- 
istic for the unstable vacuum such as that created by Pod- 
kletnov and Nieminen, is at the root of the gravitational 
shielding effects (Gravitational Shielding Effects in Gauge 
Theory of Gravity, Ning Wu, arXiv:hep-th/ 0307225 v 1 23 
Jul. 2003, 38 pages incl. 3 figures, July 2004). 

In 2002, Edward Fomalont and Sergei Kopeikin measured 
the speed of propagation of gravity. They confirmed that the 
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speed of propagation of gravity matches the speed of light. 
(“General Relativistic Model for Experimental Measure- 
ment of the Speed of Propagation of Gravity by VLBI”, S. 
Kopeikin and E. Fomalont, Proceedings of the 6% European 
VLBI Network Symposium Jun. 25-28 2002, Bonn, Ger- 
many, 4 pages). 

String theory unifies gravity with all other known forces. 
According to String theory, all interactions are carried by 
fundamental particles, and all particles are just tiny loops of 
space itself forming the spacetime curvature. Gravity and 
bent space are the same thing, propagating with the speed of 
light characteristic of the particular curvature. In light of the 
Fomalont and Kopeikin discovery, one can conclude that if 
there is a change in the speed of propagation of gravity 
within the spacetime curvature, then the speed of light 
within the locality would also be affected. 

In general relativity, any form of energy affects the 
gravitational field, so the vacuum energy density becomes a 
potentially crucial ingredient. Traditionally, the vacuum is 
assumed to be the same everywhere in the Universe, so the 
vacuum energy density is a universal number. The cosmo- 
logical constant A is proportional to the vacuum pressure p4: 
A=(82G/3c*)p,, where G is Newton’s constant of gravita- 
tion and c is the speed of light (“The Cosmological Con- 
stant”, Sean M. Carroll, http://pancake.uchicago.edu/~car- 
roll/encyc/, 6 pages). Newer theories, however, permit local 
vacuum fluctuations where even the “universal” constants 
are affected: A,=(8"G,/3c,*)p, . 

Analyzing physics laws defining the cosmological con- 
stant, a conclusion can be drawn that, if a levitating, rotating 
superconductive disk subjected to high frequency magnetic 
fields affects the cosmological constant within a locality, it 
would also affect the vacuum energy density. According to 
the general relativity theory, the gravitational attraction is 
explained as the result of the curvature of spacetime being 
proportional to the cosmological constant. Thus, the change 
in the gravitational attraction of the vacuum’s subatomic 
particles would cause a local anomaly in the curvature of the 
Einsteinean spacetime. 

Time is the fourth dimension. Lorentz and Einstein 
showed that space and time are intrinsically related. Later in 
his life, Einstein hypothesized that time fluctuates both 
locally and universally. Ruggero Santilli, recognized for 
expanding relativity theory, has developed the isocosmology 
theory, which allows for variable rates of time. Time is also 
a force field only detected at speeds above light speed. The 
energy of this force field grows as its propagation speed 
declines when approaching light-speed. Not just any light- 
speed: the light-speed of a locale. If the conditions of the 
locale were modified, this change would affect the local time 
rate relative to the rate outside the affected locale, or ambient 
rate. The electromagnetically-generated gravitomagnetic 
field could be one such locale modifier. 

Analyzing the expansion of Einstainean physics offered 
by Li & Torr, one could conclude that gravity, time, and light 
speed could be altered by the application of electromagnetic 
force to a superconductor. 

By creating a spacetime curvature anomaly associated 
with lowered pressure of inflationary vacuum state around a 
space vehicle, with the lowest vacuum pressure density 
located directly in front of the vehicle, a condition could be 
created where gravity associated with lowered vacuum 
pressure density pulls the vehicle forward in modified space- 
time. 

By creating a spacetime curvature anomaly associated 
with elevated pressure of inflationary vacuum state around 
the space vehicle, with the point of highest vacuum pressure 
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density located directly behind the vehicle, a condition could 
be created where a repulsion force associated with elevated 
vacuum pressure density pushes the space vehicle forward in 
modified spacetime. From the above-mentioned cosmologi- 
cal constant equation, re-written as: 


30? 


PA= 3G 


it is clear that the increase in the vacuum pressure density 
could lead to a substantial increase in the light-speed. 
If the space vehicle is moving in the anomaly where the 
local light-speed is higher than the light-speed of the 
ambient vacuum, and if this vehicle approaches this 
local light-speed, the space vehicle would then possibly 
exceed the light-speed characteristic for the ambient 
area. 

The levitating and rotating superconductor disk, which 
Podkletnov used to protect the object of experiment from the 
attraction produced by the energy of the vacuum, was 
externally energized by the externally-powered solenoid 
coils. Thus, Podkletnov’s system is stationary by definition 
and not suitable for travel in air or space. Even if the 
superconductive disk is made part of the craft, and if it is 
energized by the energy available on the craft, the resulting 
anomaly is one-sided, not enveloping, and not providing the 
variable speed of light (VSL) environment for the craft. 

In a recent (2002) article, Chris Y. Tailor and Modanese 
propose to employ an impulse gravity generator directing, 
from an outside location, an anomalous beam toward a 
spacecraft, this beam acting as a repulsion force field pro- 
ducing propulsion for the spacecraft. (“Evaluation of an 
Impulse Gravity Generator Based Beamed Propulsion Con- 
cept”, Chris Y. Taylor and Giovanni Modanese, American 
Institute of Aeronautics and Astronautics, Inc., 2002, 21 
pages, 10 figures). The authors of the article, however, didn’t 
take into account the powerful quantized processes of field 
dispersion, which would greatly limit the distance of propa- 
gation of the repulsive force. At best, the implementation of 
this concept could assist in acceleration and deceleration at 
short distances from the impulse gravity generator, and only 
along a straight line of travel. If the travel goal is a space 
exploration mission rather than the shuttle-like commute, 
the proposed system is of little use. 

Only a self-sufficient craft, equipped with the internal 
gravity generator and the internal energy source powering 
this generator, would have the flexibility needed to explore 
new frontiers of space. The modification of the spacetime 
curvature all around the spacecraft would allow the space- 
craft to approach the light-speed characteristic for the modi- 
fied locale, this light-speed, when observed from a location 
in the ambient space, being potentially many times higher 
than the ambient light-speed. Then, under sufficient local 
energies, that is, energies available on the spacecraft, very 
large intergalactic distances could be reduced to conven- 
tional planetary distances. 

In “The First Men in the Moon” (1903), H. G. Wells 
anticipates gravitational propulsion methods when he 
describes gravity repelling “cavorite.” Discovered by Pro- 
fessor Cavor, the material acts as a “gravity shield” allowing 
Cavor’s vehicle to reach the Moon. Prof. Cavor built a large 
spherical gondola surrounded on all sides by cavorite shut- 
ters that could be closed or opened. When Prof. Cavor closed 
all the shutters facing the ground and opened the shutters 
facing the moon, the gondola took off for the Moon. 
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Until today, no cavorite has been discovered. However, 
recent research in the area of superconductivity, nanomate- 
rials and quantum state of vacuum, including that of Li, Torr, 
Podkletnov, and Modanese, has resulted in important new 
information about the interaction between a gravitational 
field and special states of matter at a quantum level. This 
new research opens the possibility of using new electromag- 
netically-energized superconductive materials allowing 
stable states of energy, the materials useful not only in 
controlling the local gravitational fields, but also in creating 
new gravitomagnetic fields. 


BACKGROUND OF INVENTION: OBJECTS 
AND ADVANTAGES 


There are four objects of this invention: 

The first object is to provide a method for generating a 
pressure anomaly of inflationary vacuum state that leads to 
electromagnetic propulsion. 

The second object is to provide a space vehicle capable of 
electromagnetically-generated propulsion. The implementa- 
tion of these two objects leads to the development of the 
space vehicle propelled by gravitational imbalance with 
gravity pulling, and/or antigravity pushing, the space vehicle 
forward. 

The third object is to provide a method for generating a 
pressure anomaly of inflationary vacuum state, specifically, 
the local increase in the level of vacuum pressure density 
associated with the greater curvature of spacetime. The 
speed of light in such an anomaly would be higher than the 
speed of light in the ambient space. 

The fourth object is to provide the space vehicle capable 
of generating an unequally-distributed external anomaly all 
around this vehicle, specifically the anomaly with the 
elevated level of vacuum pressure density. The anomaly is 
formed in such a way that gravity pulls the space vehicle 
forward in the modified spacetime at a speed possibly 
approaching the light-speed specific for this modified locale. 
If the vacuum pressure density of the locale is modified to 
be substantially higher than that of the ambient vacuum, the 
speed of the vehicle could conceivably be higher than the 
ambient light-speed. 


SUMMARY OF THE INVENTION 


This invention concerns devices self-propelled by the 
artificially changed properties of the pressure of inflationary 
vacuum state to speeds possibly approaching the light-speed 
specific for this modified locale. Furthermore, this invention 
concerns devices capable of generating the spacetime 
anomaly characterized by the elevated vacuum pressure 
density. The devices combining these capabilities may be 
able to move at speeds substantially higher than the light- 
speed in the ambient space. 

The device of this invention is a space vehicle. The 
outside shell of the space vehicle is formed by a hollow disk, 
sphere, or the like hollowed 3-dimensional shape made of a 
superconductor material, hereinafter a hollow superconduc- 
tive shield. An inner shield is disposed inside the hollow 
superconductive shield. The inner shield is provided to 
protect crew and life-support equipment inside. 

A support structure, upper means for generating an elec- 
tromagnetic field and lower means for generating an elec- 
tromagnetic field are disposed between the hollow super- 
conductive shield and the inner shield. A flux modulation 
controller is disposed inside the inner shield to be accessible 
to the crew. 
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Electrical energy is generated in a power source disposed 
inside the hollow superconductive shield. The electrical 
energy is converted into an electromagnetic field in the 
upper means for generating an electromagnetic field and the 
lower means for generating an electromagnetic field. 

Electrical motors, also disposed inside the hollow super- 
conductive shield, convert the electrical energy into 
mechanical energy. 

The mechanical energy and the electromagnetic field 
rotate the hollow superconductive shield, and the upper and 
the lower means for generating an electromagnetic field, 
against each other. 

The electromagnetic field is converted into a gravitomag- 
netic field in the hollow superconductive shield. 

The gravitomagnetic field, propagated outward, orthogo- 
nally to the walls of the hollow superconductive shield, 
forms a pressure anomaly of inflationary vacuum state in the 
area of propagation. The pressure anomaly of inflationary 
vacuum state is comprised of an area of relatively lower 
vacuum pressure density in front of the space vehicle and an 
area of relatively higher vacuum pressure density behind the 
vehicle. 

The difference in the vacuum pressure density propels the 
space vehicle of this invention forward. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a cross-sectional view through the front plane 
taken along the central axis of a space vehicle provided by 
the method and device of this invention. 

FIGS. 2A & 2B are diagrams, presented as perspective 
views, showing some of the physical processes resulting 
from a dynamic application of an electromagnetic field to a 
hollow superconductive shield. Only one line of quantized 
vortices, shown out of scale, is presented for illustration 
purposes. 

FIGS. 3A & 3B are diagrams, presented as perspective 
views, showing a vacuum pressure density anomaly associ- 
ated with lowered pressure of inflationary vacuum state and 
a vacuum pressure density anomaly associated with elevated 
pressure of inflationary vacuum state, respectively. Both 
anomalies are shown on the background of Universal cur- 
vature of inflationary vacuum state. 

FIGS. 4A & 4B are diagrams, presented as perspective 
views, showing a spacetime anomaly associated with low- 
ered pressure of inflationary vacuum state and a spacetime 
anomaly associated with elevated pressure of inflationary 
vacuum state, respectively. Both anomalies are shown on the 
background of Universal spacetime. 

FIGS. 5A, 5B, 6, 7A, & 7B are diagrams of spacetime 
curvature anomalies generated by the space vehicle of the 
current invention, these anomalies providing for the propul- 
sion of the space vehicle. 


DRAWINGS—REFERENCE NUMERALS 


1 hollow superconductive shield 

2 inner shield 

3 upper shell 

4 lower shell 

5 support structure 

6 upper rotating element 

7 lower rotating element 

$ upper means for generating an electromagnetic field 
9 lower means for generating an electromagnetic field 
10 flux lines 

11 power source 
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12 life-support equipment 

13 flux modulation controller 

14 crew 

15 clockwise shield motion vector 

16 counterclockwise EMF motion vector 

17 wire grid 

18 clockwise quantized vortices of lattice ions 

19 outward gravitomagnetic field vector 

20 counterclockwise shield motion vector 

21 clockwise EMF motion vector 

22 counterclockwise quantized vortices of lattice ions 

23 inward gravitomagnetic field vector 

24 vacuum pressure density anomaly associated with low- 
ered pressure of inflationary vacuum state 

25 Universal curvature of inflationary vacuum state 

26 vacuum pressure density anomaly associated with 
elevated pressure of inflationary vacuum state 

27 spacetime anomaly associated with lowered pressure of 
inflationary vacuum state 

28 spacetime anomaly associated with elevated pressure of 
inflationary vacuum state 

29 Universal spacetime 

30 substantially droplet-shaped spacetime curvature 
anomaly associated with lowered pressure of inflationary 
vacuum state 

31 substantially droplet-shaped spacetime anomaly associ- 
ated with elevated pressure of inflationary vacuum state 

32 substantially egg-shaped spacetime anomaly associated 
with lowered pressure of inflationary vacuum state 

33 area of the lowest vacuum pressure density 

34 substantially egg-shaped spacetime anomaly associated 
with elevated pressure of inflationary vacuum state 

35 area of the highest vacuum pressure density 


DESCRIPTION OF THE PRESENTLY 
PREFERRED EMBODIMENT 


FIG. 1 is a cross-sectional view through the front plane 
taken along the central axis of a space vehicle provided by 
the method and device of this invention. A hollow super- 
conductive shield 1 forms a protective outer shell of the 
space vehicle. The hollow superconductive shield 1 may be 
shaped as a hollow disk, sphere, or the like 3-dimensional 
geometrical figure formed by the 2-dimensional rotation of 
a curve around the central axis. 

In the preferred embodiment, the hollow superconductive 
shield 1 is made of a superconductor such as YBa2Cu307-y, 
or a like high-temperature superconductor with a composite 
crystal structure cooled to the temperature of about 40 
degrees K. The skilled in the art may envision the use of 
many other low- and high-temperature superconductors, all 
within the scope of this invention. 

An inner shield 2 is disposed inside the hollow supercon- 
ductive shield 1. The inner shield 2 1s comprised of an upper 
shell 3 and a lower shell 4, the shells 3 and 4 adjoined with 
each other. Executed from insulation materials such as 
foamed ceramics, the inner shield 2 protects the environ- 
ment within the shield from the electromagnetic field and 
severe temperatures. 

A support structure 5 is disposed between the hollow 
superconductive shield 1 and the inner shield 2, concentric 
to the hollow superconductive shield. The support structure 
5 is comprised of an upper rotating element 6 and a lower 
rotating element 7. 

The upper rotating element 6 is pivotably disposed inside 
the hollow superconductive shield 1 and may envelope the 
upper shell 3. The lower rotating element 7 is pivotably 


10 


25 


30 


45 


50 


oO 
© 


8 


disposed inside the hollow superconductive shield 1 and 
may envelope the lower shell 4. Even though the preferred 
embodiment has two rotating elements, a skilled in the art 
may envision only one rotating element, or three or more 
rotation elements, all within the scope of this invention. 

Upper means for generating an electromagnetic field 8 are 
disposed between the hollow superconductive shield 1 and 
the upper shell 3. The upper means for generating an 
electromagnetic field 8 are affixed to the upper rotating 
element 6 at an electromagnetic field-penetrable distance to 
the hollow superconductive shield 1. 

Lower means for generating an electromagnetic field 9 are 
disposed between the hollow superconductive shield 1 and 
the lower shell 4. The lower means for generating an 
electromagnetic field 9 are affixed to the lower rotating 
element 7 at an electromagnetic field-penetrable distance to 
the hollow superconductive shield 1. 

The upper means for generating an electromagnetic field 
$ and the lower means for generating an electromagnetic 
field 9 could be solenoid coils or electromagnets. In the 
process of operation of the space vehicle, the electromag- 
netic field identified by flux lines 10, is controllably and 
variably applied to the hollow superconductive shield 1. 

Electric motors are disposed inside the hollow supercon- 
ductive shield along its central axis. 

A power source 11 is disposed inside the hollow super- 
conductive shield 1 and may be disposed inside the lower 
shell 4. The power source 11 is electrically connected with 
the upper means for generating an electromagnetic field 8, 
the lower means for generating an electromagnetic field 9, 
and the electric motors. In-turn, the upper means for gen- 
erating an electromagnetic field 8, the lower means for 
generating an electromagnetic field 9, and the electric 
motors provide for the rotation of the upper rotating element 
6 and the lower rotating element 7. The power source 11 may 
be executed as a nuclear power generator. 

Life-support equipment 12 is disposed inside the inner 
shield 2, and may be disposed inside the lower shell 4. The 
life-support equipment 12 may include oxygen, water, and 
food. 

A flux modulation controller 13 is disposed inside the 
inner shield 2, and may be disposed inside the upper shell 3. 
The flux modulation controller 13 is in communication with 
the upper means for generating an electromagnetic field 8, 
the lower means for generating an electromagnetic field 9, 
the power source 11, and the electric motors. 

The flux modulation controller $ may be executed as a 
computer or a microprocessor. The flux modulation control- 
ler 8 is provided with a capability of modulating the per- 
formance parameters of the upper means for generating an 
electromagnetic field 8, the lower means for generating an 
electromagnetic field 9, the power source 11, and the electric 
motors. 

A crew 14 may be located inside the upper shell 3 of the 
inner shield 2 and may consist of one or more astronauts. 
The crew has a free access to the life-support equipment 12 
and the flux modulation controller $. A skilled in the art may 
envision a fully-automated, pilotless craft, which is also 
within the scope of this invention. 

Askilled in the art may also envision the embodiment (not 
shown), also within the scope of this invention, where the 
hollow superconductive shield is pivotable, and the support 
structure with the means for generating an electromagnetic 
field is affixed on the outside of the inner shield. 

FIGS. 2A & 2B are diagrams showing the results of the 
quantized electromagnetic turbulence within the supercon- 
ductive shell of the hollow superconductive shield provided 
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by the relative rotational motion of the hollow supercon- 
ductive shield against the upper means for generating an 
electromagnetic field. 

FIG. 2A shows the clockwise relative rotational motion of 
the hollow superconductive shield, this motion identified by 
a clockwise shield motion vector 15, and the counterclock- 
wise relative rotational motion of upper means for generat- 
ing an electromagnetic field, this motion identified by a 
counterclockwise EMF motion vector 16. 

The electromagnetic field, controllably and variably 
applied by the upper means for generating an electromag- 
netic field, whose various positions are identified by a wire 
grid 17, to the hollow superconductive shield (not shown), 
causes quantized electromagnetic turbulence within the hol- 
low superconductive shield. This turbulence is represented 
by a plurality of clockwise quantized vortices of lattice ions 
18. Only one line of the clockwise quantized vortices of 
lattice 10ns 18, out of scale, is shown for illustration pur- 
poses only. Each of the clockwise quantized vortices of 
lattice ions 18 generates a gravitomagnetic field identified by 
an outward gravitomagnetic field vector 19 directed 
orthogonally away from the hollow superconductive shield. 

FIG. 2B shows the counterclockwise relative rotational 
motion of the hollow superconductive shield, this motion 
identified by a counterclockwise shield motion vector 20, 
and the clockwise relative rotational motion of upper means 
for generating an electromagnetic field, this motion identi- 
fied by a clockwise EMF motion vector 21. 

The electromagnetic field, controllably and variably 
applied by the upper means for generating an electromag- 
netic field identified by the wire grid 17, to the hollow 
superconductive shield (not shown), causes quantized elec- 
tromagnetic turbulence within the hollow superconductive 
shield, this turbulence represented by a plurality of coun- 
terclockwise quantized vortices of lattice ions 22. Only one 
line of the counterclockwise quantized vortices of lattice 
ions 22, out of scale, is shown for illustration purposes only. 
Each of the counterclockwise quantized vortices of lattice 
ions 22 generates a gravitomagnetic field identified by an 
inward gravitomagnetic field vector 23 directed orthogo- 
nally toward the hollow superconductive shield. 


The electrical requirements for providing the Li-Torr 
effect are as follows: 


Podkletnov has reported using the high frequency current 
of 10° Hz. He also used 6 solenoid coils @ 850 Gauss each. 
The reported system’s efficiency reached 100% and the total 
field in the Podkletnov’s disk was about 0.5 Tesla. The 
maximum weight loss reported by Podkletnov was 2.1%. 

The preferred embodiment of the device of current inven- 
tion is capable of housing 2-3 astronauts and therefore is 
envisioned to be about 5 meters in diameter at the widest 
point. The preferred space vehicle’s acceleration 1s set at 9.8 
m/s/s providing that gravity on board is similar to that on the 
surface of Earth. 

The means for generating an electromagnetic field may be 
comprised of 124 solenoid coils. At the same 100% effi- 
ciency reported by Podkletnov, the total field required pro- 
viding the acceleration of 9.8 m/s/s 1s 5,000 Tesla, or about 
40 Tesla per coil. Skeggs suggests that on the Podkletnov 
device, out of 850 Gauss developed on the coil surface, the 
field affecting the superconductor and causing the gravito- 
magnetism is only 400 Gauss (“Engineering Analysis of the 
Podkletnov Gravity Shielding Experiment, Peter L. Skeggs, 
Quantum Forum, Nov. 7, 1997, http://www.inetarena.com/ 
~noetic/pls/podlev.html, 7 pages). This translates into 47% 
device efficiency. 
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In this 47%-efficient space vehicle, the total field required 
achieving the 9.8 m/s/s acceleration 1s about 10,600 Tesla, or 
85.5 Tesla per each of 124 solenoid coils. It must be noted 
that at this acceleration rate, it would take nearly a year for 
the space vehicle to reach the speed of light. 

It also must be noted that Skeggs has detected a discrep- 
ancy between the Li-Torr estimates and Podkletnov’s prac- 
tical results. If Podkletnov’s experimental results are erro- 
neous while the Li-Torr estimates are indeed applicable to 
the space vehicle of this invention, then the energy require- 
ments for achieving the sought speed would be substantially 
higher than the above estimate of 10,600 Tesla. 

Podkletnov has concluded that, in order for the vacuum 
pressure density anomaly to take place, the Earth-bound 
device must be in the condition of Meissner levitation. As 
are all space bodies, the space vehicle is a subject to the 
pressure inflationary vacuum state and the gravitational 
force, which, within the migrating locality of the expanding 
Universe, in any single linear direction, are substantially in 
equilibrium. Thus, for the space vehicle, the requirement of 
Meissner levitation is waved. 

The propagation of the gravitomagnetic field identified by 
the outward gravitomagnetic field vector 19 and the inward 
gravitomagnetic field vector 23 would cause exotic quan- 
tized processes in the vacuum’s subatomic particles that 
include particle polarization, ZPF field defects, and the 
matter-energy transformation per E=mc”. The combination 
of these processes would result in the gravitational anomaly. 
According to the general relativity theory, gravitational 
attraction is explained as the result of the curvature of 
spacetime being proportional to the gravitational constant. 
Thus, the change in the gravitational attraction of the vacu- 
um’s subatomic particles would cause a local anomaly in the 
curvature of the Einsteinean spacetime. 

Gravity is the same thing as bent space, propagating with 
the speed of light characteristic for the particular spacetime 
curvature. When bent space is affected, there is a change in 
the speed of propagation of gravity within the spacetime 
curvature anomaly. The local speed of light, according to 
Fomalont and Kopeikin always equal to the local speed of 
propagation of gravity, is also affected within the locality of 
spacetime curvature anomaly. 

Creation of spacetime curvature anomalies adjacent to, or 
around, the space vehicle, these anomalies characterized by 
the local gravity and light-speed change, has been the main 
object of this invention. 

FIG. 3A shows a diagram of a vacuum pressure density 
anomaly associated with lowered pressure of inflationary 
vacuum state 24 on the background of Universal curvature 
of inflationary vacuum state 25. The vacuum pressure den- 
sity anomaly associated with lowered pressure of inflation- 
ary vacuum state 24 is formed by a multitude of the inward 
gravitomagnetic field vectors. According to the cosmologi- 
cal constant equation, A=(82G/3c*)p,, where the cosmo- 
logical constant A is proportional to the vacuum energy 
pressure p,, G is Newton’s constant of gravitation, and c is 
the speed of light, the curvature of spacetime is proportional 
to the gravitational constant. According to the general rela- 
tivity theory, the change in the vacuum pressure density is 
proportional to the change in the spacetime curvature 
anomaly. By replacing p, with the vacuum pressure density, 
P times the vacuum energy coefficient K, and replacing c 
with Adistance/Atime, we derive to A=[81IG/3(Adistance/ 
Atime)”]P,., and could now construct a vacuum pressure 
density curvature diagram. 

The vacuum pressure density curvature anomaly associ- 
ated with lowered pressure of inflationary vacuum state 24 


2 When you connect the output of an 
amplifier to its input, you get feedback. If the 
feedback is “out of phase” with the input, as 
shown in Figure 9.2 , then the feedback IS 
negative ne 
Figure 9.2 


When the signal from the collector is fed 
back to the base of the transistor through a 


feedback resistor (Rf) as in the circuit 
shown in Figure 9.3 , the feedback signal iS 
out of phase with the input signal. Therefore, 


the feedback IS negative. 
Figure 9.3 
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1s shown here as a flattened surface representing the lowered 
pressure of the inflationary vacuum state. This anomaly is 
the result of the exotic quantized processes in the subatomic 
particles caused by the quantized turbulence occurring in the 
hollow superconductive shield. The XYZ axes represent 
three dimensions of space and the P axis represents the 
vacuum pressure density. 

FIG. 3B shows a diagram of a vacuum pressure density 
anomaly associated with elevated pressure of inflationary 
vacuum state 26 on the background of the Universal curva- 
ture of inflationary vacuum state 25. The vacuum pressure 
density anomaly associated with elevated pressure of infla- 
tionary vacuum state 26 is formed by a multitude of the 
outward gravitomagnetic field vectors. The anomaly is 
shown here as a convex surface representing the elevated 
pressure of inflationary vacuum state. The diagrams of 
FIGS. 3A & 3B are not to scale: the anomaly sizes are 
exaggerated for clarity. 

FIGS. 4A & 4B show diagrams of a spacetime anomaly 
associated with lowered pressure of inflationary vacuum 
state 27, and a spacetime anomaly associated with elevated 
pressure of inflationary vacuum state 28, respectively, each 
on the background a diagram of Universal spacetime 29. 

The quaterized Julia set Q,,,,=Q,,°+C, is assumed to be an 
accurate mathematical representation of the Universal 
spacetime. The generic quaternion Q, belongs to the Julia set 
associated with the quaternion C, and n tends to infinity. If 
we assume that the quaternion value C} is associated with 
the Universal spacetime 29, C, is the value of quaternion C 
for the spacetime anomaly associated with lowered pressure 
of inflationary vacuum state 27, and C, is the value of 
quaternion C for the spacetime anomaly associated with 
elevated pressure of inflationary vacuum state 28, then we 
can construct two diagrams. 

The diagram of FIG. 4A shows the spacetime anomaly 
associated with lowered pressure of inflationary vacuum 
state 27 as a quaterized Julia set contained in a 4-dimen- 
sional space: Q,,,,=Q,°+C, on the background of the Uni- 
versal spacetime 29 represented by Q,,,,=Q,7+Co. 

The diagram of FIG. 4B shows the spacetime anomaly 
associated with elevated pressure of inflationary vacuum 
state 28 as a quaterized Julia set Q,,,=Q,7+C., also on the 
background of the Universal spacetime 29 represented by 
O,.,,=0,%+C,. On both diagrams, the XYZ axes represent 
three dimensions of space, and the T axis represents time. 
The diagrams are not to scale: the anomaly sizes are exag- 
gerated for clarity, and the halves of quaterized Julia sets, 
conventionally associated with the hypothetical Anti-Uni- 
verse, are omitted. 

FIGS. 5A, 5B, 6, 7A, & 7B show simplified diagrams of 
spacetime curvature anomalies generated by the space 
vehicle of the current invention, these anomalies providing 
for the propulsion of the space vehicle. In each case, the 
pressure anomaly of inflationary vacuum state is comprised 
of an area of relatively lower vacuum pressure density in 
front of the space vehicle and an area of relatively higher 
vacuum pressure density behind the space vehicle. Because 
the lower pressure of inflationary vacuum state is associated 
with greater gravity and the higher pressure is associated 
with the higher repulsive force, the space vehicle is urged to 
move from the area of relatively higher vacuum pressure 
density toward the area of relatively lower vacuum pressure 
density. 

FIG. 5A illustrates the first example of spacetime curva- 
ture modification. This example shows a substantially drop- 
let-shaped spacetime curvature anomaly associated with 
lowered pressure of inflationary vacuum state 30 adjacent to 
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the hollow superconductive shield 1 of the space vehicle. 
The anomaly 30 is provided by the propagation of a gravi- 
tomagnetic field radiating orthogonally away from the front 
of the hollow superconductive shield 1. This gravitomag- 
netic field may be provided by the relative clockwise motion 
of the upper means for generating an electromagnetic field, 
and relative counterclockwise motion of the hollow super- 
conductive field, as observed from above the space vehicle. 

In this example, the difference between the spacetime 
curvature within the substantially droplet-shaped spacetime 
anomaly associated with lowered pressure of inflationary 
vacuum state, and the ambient spacetime curvature, the 
spacetime curvature being the same as gravity, results in the 
gravitational imbalance, with gravity pulling the space 
vehicle forward. 

FIG. 5B illustrates the second example of spacetime 
curvature modification. This example shows a substantially 
droplet-shaped spacetime anomaly associated with elevated 
pressure of inflationary vacuum state 31 adjacent to the 
hollow superconductive shield 1 of the space vehicle. The 
anomaly 31 is provided by the propagation of a gravitomag- 
netic field radiating orthogonally away from the back of the 
hollow superconductive shield. This gravitomagnetic field 
may be provided by the relative counterclockwise motion of 
the lower means for generating an electromagnetic field, and 
relative clockwise motion of the hollow superconductive 
field, as observed from below the space vehicle. 

In this example, the difference between the spacetime 
curvature within the substantially droplet-shaped spacetime 
anomaly associated with elevated pressure of inflationary 
vacuum state, and the ambient spacetime curvature, the 
spacetime curvature being the same as gravity, results in the 
gravitational imbalance, with the repulsion force pushing the 
space vehicle forward. 

FIG. 6 illustrates the third example of spacetime curvature 
modification. This example shows the formation of the 
substantially droplet-shaped spacetime anomaly associated 
with lowered pressure of inflationary vacuum state 30 com- 
bined with the substantially droplet-shaped spacetime 
anomaly associated with elevated pressure of inflationary 
vacuum state 31. This combination of anomalies may be 
provided by the relative clockwise motion of the upper 
means for generating an electromagnetic field and relative 
clockwise motion of the hollow superconductive field, com- 
bined with the relative clockwise motion of the lower means 
for generating an electromagnetic field, as observed from 
above the space vehicle. 

In this example, the difference between the spacetime 
curvature within the substantially droplet-shaped spacetime 
anomaly associated with lowered pressure of inflationary 
vacuum state, and the spacetime curvature of the substan- 
tially droplet-shaped spacetime anomaly associated with 
elevated pressure of inflationary vacuum state, the spacetime 
curvature being the same as gravity, results in the gravita- 
tional imbalance, with gravity pulling, and the repulsion 
force pushing, the space vehicle forward. 

FIG. 7A illustrates the fourth example of spacetime cur- 
vature modification. This example shows the formation of a 
substantially egg-shaped spacetime anomaly associated with 
lowered pressure of inflationary vacuum state 32 around the 
hollow superconductive shield 1 of the space vehicle. The 
anomaly 32 is provided by the propagation of gravitomag- 
netic field of unequally-distributed density, this gravitomag- 
netic field radiating in all directions orthogonally away from 
the hollow superconductive shield. The propagation of the 
unequally-distributed gravitomagnetic field leads to the 
similarly unequally-distributed spacetime curvature 
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anomaly. This unequally-distributed gravitomagnetic field 
may be provided by the relatively faster clockwise motion of 
the upper means for generating an electromagnetic field 
relative to the hollow superconductive field, combined with 
the relatively slower counterclockwise motion of the lower 
means for generating an electromagnetic field, as observed 
from above the space vehicle. 


An area of the lowest vacuum pressure density 33 of the 
substantially egg-shaped spacetime anomaly associated with 
lowered pressure of inflationary vacuum state 32 is located 
directly in front of the space vehicle. 


In this example, the variation in the spacetime curvature 
within the substantially egg-shaped spacetime anomaly 
associated with lowered pressure of inflationary vacuum 
state, the spacetime curvature being the same as gravity, 
results in a gravitational imbalance, with gravity pulling the 
space vehicle forward in modified spacetime. 


FIG. 7B illustrates the fifth example of spacetime curva- 
ture modification, also with the purpose of providing for a 
propulsion in modified spacetime. This example shows the 
formation of a substantially egg-shaped spacetime anomaly 
associated with elevated pressure of inflationary vacuum 
state 34 around the hollow superconductive shield 1 of the 
space vehicle. The anomaly 34 is provided by the propaga- 
tion of gravitomagnetic field of unequally-distributed den- 
sity, this gravitomagnetic field radiating in all directions 
orthogonally away from the hollow superconductive shield. 
The propagation of the unequally-distributed gravitomag- 
netic field leads to the similarly unequally-distributed space- 
time curvature anomaly. This unequally-distributed gravito- 
magnetic field may be provided by the relatively slower 
counterclockwise motion of the upper means for generating 
an electromagnetic field relative to the hollow superconduc- 
tive field, combined with the relatively faster clockwise 
motion of the lower means for generating an electromag- 
netic field, as observed from above the space vehicle. 


An area of the highest vacuum pressure density 35 of the 
substantially egg-shaped spacetime anomaly associated with 
elevated pressure of inflationary vacuum state 34 is located 
directly behind the space vehicle. 


In this example, the variation in the spacetime curvature 
within the substantially egg-shaped spacetime anomaly 
associated with elevated pressure of inflationary vacuum 
state, the spacetime curvature being same as gravity, results 
in a gravitational imbalance, with the repulsion force push- 
ing the space vehicle forward in modified spacetime at 
speeds approaching the light-speed characteristic for this 
modified area. This light-speed might be much higher than 
the light-speed in the ambient space. 


By creating alternative anomalies and modulating their 
parameters, the space vehicle’s crew would dilate and con- 
tract time and space on demand. The space vehicle, emitting 
a vacuum pressure modifying, controllably-modulated 
gravitomagnetic field in all directions, would rapidly move 
in the uneven spacetime anomaly it created, pulled forward 
by gravity or pushed by the repulsion force. The time rate 
zone of the anomaly is expected to have multiple quantized 
boundaries rather than a single sudden boundary affecting 
space and time in the immediate proximity of the vehicle. 
Speed, rate of time, and direction in space could be shifted 
on demand and in a rapid manner. The modulated light- 
speed could make the space vehicle suitable for interstellar 
travel. Because of the time rate control in the newly created 
isospace, the accelerations would be gradual and the angles 
of deviation would be relatively smooth. The gravity shield- 
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ing would further protect pilots from the ill-effects of gravity 
during rapid accelerations, directional changes, and sudden 
stops. 

What is claimed is: 

1. Aspace vehicle propelled by the pressure of inflation- 
ary vacuum state is claimed comprising: 

a hollow superconductive shield, 

an inner shield, the inner shield disposed inside said 
hollow superconductive shield, said inner shield com- 
prising an upper shell and a lower shell, 

a support structure, the support structure disposed 
between said hollow superconductive shield and said 
inner shield concentrically to said hollow superconduc- 
tive shield, said support structure comprised of an 
upper rotating element and a lower rotating element, 

upper means for generating an electromagnetic field, the 
upper means for generating an electromagnetic field 
disposed between said hollow superconductive shield 
and said upper shell, affixed to said upper rotating 
element at an electromagnetic field-penetrable distance 
to said hollow superconductive shield, 

lower means for generating an electromagnetic field, the 
lower means for generating an electromagnetic field 
disposed between said hollow superconductive shield 
and said lower shell, affixed to said lower rotating 
element at an electromagnetic field-penetrable distance 
to said hollow superconductive shield, 

electric motors, the electric motors disposed inside said 
hollow superconductive shield along the central axis of 
said hollow superconductive shield, 

a power source, the power source disposed inside said 
hollow superconductive shield, said power source elec- 
trically connected with said upper means for generating 
an electromagnetic field, said lower means for gener- 
ating an electromagnetic field, and said electric motors, 

life-support equipment, the life-support equipment dis- 
posed inside said inner shield, 

a flux modulation controller, the flux modulation control- 
ler disposed inside said inner shield, said flux modu- 
lation controller in communication with said upper 
means for generating an electromagnetic field, said 
lower means for generating an electromagnetic field, 
said power source, and said electric motors, and 

a crew, the crew disposed inside said inner shield acces- 
sibly to said life-support and said flux modulation 
controller. 

2. The space vehicle of claim 1 wherein said hollow 
superconductive shield is composed of a high-temperature 
ceramic superconductor with a composite crystal structure, 
and is cooled to a temperature of about 40 degrees K. 

3. The space vehicle of claim 1 wherein said inner shield 
is composed of insulating materials such as foamed ceram- 
ics. 

4. The space vehicle of claim 1 wherein said power source 
is a nuclear generator. 

5. The space vehicle of claim 1 wherein said flux modu- 
lation controller is a computer. 

6. The space vehicle of claim 1 wherein said upper 
rotating element and said lower rotating element are pivoted, 
urged to rotate by said upper means for generating an 
electromagnetic field, said lower means for generating an 
electromagnetic field, and said electric motors. 

7. The space vehicle of claim 1 wherein said hollow 
superconductive shield is pivoted and urged to rotate by said 
upper means for generating an electromagnetic field, said 
lower means for generating an electromagnetic field, and 
said electric motors. 
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8. A method for generating pressure anomaly of inflation- 
ary vacuum state is claimed comprising the following steps, 
some occurring simultaneously: 
providing a space vehicle comprising a hollow supercon- 
ductive shield, an inner shield, a support structure, 
upper means for generating an electromagnetic field, 
lower means for generating an electromagnetic field, 
electric motors, a power source, life-support equip- 
ment, a flux modulation controller, and a crew, 

generating electrical energy in said power source, 

converting said electrical energy into an electromagnetic 
field in said upper means for generating an electromag- 
netic field and said lower means for generating an 
electromagnetic field, 

converting said electrical energy into mechanical energy 

in said electrical motors, 

rotating said upper means for generating an electromag- 

netic field and said lower means for generating an 
electromagnetic field relative to said hollow supercon- 
ductive shield, 
converting said electromagnetic field into a gravitomag- 
netic field in said hollow superconductive shield, 

propagating said gravitomagnetic field outward, orthogo- 
nal to the walls of said hollow superconductive shield, 
and 

forming a pressure anomaly of inflationary vacuum state 

in the area of propagation of said gravitomagnetic field, 
the pressure anomaly of inflationary vacuum state 
comprised of an area of relatively lower vacuum pres- 
sure density in front of said space vehicle and an area 
of relatively higher vacuum pressure density behind 
said vehicle, 

whereby said space vehicle is urged to move from said 

area of relatively higher vacuum pressure density 
toward said area of relatively lower vacuum pressure 
density. 

9. The method of claim 8 wherein said pressure anomaly 
of inflationary vacuum state is a substantially droplet-shaped 
anomaly associated with lowered pressure of inflationary 
vacuum state provided by the propagation of a gravitomag- 
netic field radiating orthogonally away from the front of said 
hollow superconductive shield, 

whereby providing for the gravitational imbalance where 

the lowered pressure of inflationary vacuum state is 
pulling said space vehicle forward. 

10. The method of claim 8 wherein said pressure anomaly 
of inflationary vacuum state is a substantially droplet-shaped 
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anomaly associated with elevated pressure of inflationary 
vacuum state provided by the propagation of a gravitomag- 
netic field radiating orthogonally away from the back of said 
hollow superconductive shield, 


whereby providing for the gravitational imbalance where 
the elevated pressure of inflationary vacuum state is 
pushing said space vehicle forward. 


11. The method of claim 8 wherein said pressure anomaly 
of inflationary vacuum state is comprised of a substantially 
droplet-shaped anomaly associated with lowered pressure of 
inflationary vacuum state and a substantially droplet-shaped 
anomaly associated with elevated pressure of inflationary 
vacuum state, 


whereby providing for the gravitational imbalance where 
the lowered pressure of inflationary vacuum state is 
pulling, and the elevated pressure of inflationary 
vacuum state is pushing, said space vehicle forward. 


12. The method of claim 8 wherein said pressure anomaly 
of inflationary vacuum state is a substantially egg-shaped 
anomaly associated with lowered pressure of inflationary 
vacuum state provided by the unequally-distributed gravi- 
tomagnetic field propagated in all directions orthogonally 
away from said hollow superconductive shield with an area 
of lowest vacuum pressure density disposed directly in front 
said space vehicle, 


whereby providing for the gravitational imbalance such 
that the lowered pressure of inflationary vacuum state 
is pulling said space vehicle forward in modified space- 
time. 


13. The method of claim 8 wherein said pressure anomaly 
of inflationary vacuum state is a substantially egg-shaped 
anomaly associated with elevated pressure of inflationary 
vacuum state provided by the unequally-distributed gravi- 
tomagnetic field propagated in all directions orthogonally 
away from said hollow superconductive shield with an area 
of highest vacuum pressure density disposed directly behind 
said space vehicle, 


whereby providing for the gravitational imbalance such 
that the highest pressure of inflationary vacuum state is 
pushing said space vehicle forward in modified space- 
time at a speed possibly approaching a local light- 
speed, the local light-speed which may be substantially 
higher than the light-speed in the ambient space. 
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NASA”s Constellation Program for Exploration of the Moon and Mars places human crews in extreme 
isolation in resource scarce environments. Near Earth, the discontinuation of Space Shuttle flights after 2010 
will alter the up- and down-mass capacity for the International Space Station (ISS). NASA is considering 
new options for logistics support strategies for future missions. Aerospace systems are often composed of 
replaceable modular blocks that minimize the need for complex service operations in the field. Such a 
strategy however, implies a robust and responsive logistics infrastructure with relatively low transportation 
costs. The modular Orbital Replacement Units (ORU) used for ISS requires relatively large blocks of 
replacement hardware even though the actual failed component may really be three orders of magnitude 
smaller. 

The ability to perform in-situ repair of electronics circuits at the component level can dramatically reduce 
the scale of spares and related logistics cost. This ability also reduces mission risk, increases crew 
independence and improves the overall “supportability” of the program. The Component-Level Electronics 
Assembly Repair (CLEAR) task under the NASA Supportability program was established to demonstrate the 
practicality of repair by first investigating widely used soldering “materials and processes” (M&P) performed 
by modest manual means. The work will result in program guidelines for performing manual repairs along 
with design guidance for circuit reparability. 

The next phase of CLEAR recognizes that manual repair has its limitations and some highly integrated 
devices are extremely difficult to handle and demand semi-automated equipment. Further, electronics 
repairs require a broad range of diagnostic capability to isolate the faulty components. Finally repairs must 
pass functional tests to determine that the repairs are successful and the circuit can be returned to service. 
To prevent equipment demands from exceeding spacecraft volume capacity and skill demands from 
exceeding crew time and training limits, the CLEAR project is examining options provided by non-real time 
tele-operations, robotics, and a new generation of diagnostic equipment. This paper outlines a strategy to 
create an effective repair environment where, with the support of ground based engineers, crewmembers can 
diagnose, repair and test flight electronics in-situ. This paper also discusses the implications of successful 
tele-robotic repairs when expanded to rework and reconfiguration of used flight assets for building 
Constellation infrastructure elements. 


I. Introduction 
ASA’s plans for long duration missions to the Moon and, especially, to Mars require a much greater degree of 
self sufficiency on the part of the crew than ever before. Such missions will have greatly reduced logistic 
support from Earth, compared to International Space Station (ISS) operations. Returning to Earth in the event of an 
emergency may not be an option either, as a lunar return flight could require two to three days, and a Martian return 
flight will require much longer. 

One area of mission support that NASA must plan for is electronic repairs. Despite the rigorous testing required 
by NASA, electronics faults have already occurred in both Space Shuttle and ISS operations, leading to the use of 
backup systems or loss of capability to some degree’*. While the electronics and other systems used in a long 
duration space mission will undergo rigorous testing, the crew of such missions will most likely encounter an 
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electronics failure at some point in the mission. With the design of the Crew Exploration Vehicle (CEV) already 
beginning and likely influencing the design of future spacecraft and hardware, it is not too early for NASA to begin 
exploring and designing techniques and tools for crew members conducting electronics repair during long duration 
space mission. These considerations include system design (for accessibility, parts type and sizes, and board 
complexity), repair infrastructure (including diagnostic capabilities, tools, and other needed equipment), and 
logistics constraints. The decisions on how to approach each of these considerations depends on the overall repair 
strategy chosen. 

The historical approach to electronics repair on manned spaceflight missions (particularly those aboard the 
International Space Station, or ISS) has been to replace modular subassemblies called Orbital Replacement Units 
(ORU’s). The astronaut simply replaces the malfunctioning ORU with a spare, and then returns the faulty ORU to 
Earth, where it is diagnosed and repaired, then returned to a pool of spares awaiting re-use in space. This approach 
allows for simplicity in the diagnosis of the problem, as the fault only has to be isolated to a given ORU, rather than 
determining the fault down to the component level. Crew training and experience in performing repairs are 
minimized. Also there is a high degree of confidence in the repair, as the ORU can be tested extensively on the 
ground prior to being re-launched to the ISS. 

Conversely, this approach carries with it a severe penalty in terms of the logistics support required (and overall 
cost to the program). Conceptually, it is easy to imagine the penalty in mass and volume that is levied when an 
entire ORU (which may weigh +25 lbs or more on Earth) is launched to remedy a failure of a single, small 
component such as a resistor, transistor, or other electrical component. While this approach is expensive, it may be 
acceptable for low Earth orbit (LEO) missions if they are re-supplied regularly since large quantities of spares would 
not need to be stored on orbit. 

Alternatives to the ORU are lower-level repairs which can include shop-replaceable units (SRU) such as circuit 
board-level swap-outs and / or a component-level repair strategy. This could serve to greatly reduce the planned- 
spare ORU requirements, while providing a capability to handle unforeseen repair contingencies. The need to 
handle such unexpected events has been illustrated by several events in NASA flight history. The successful 
conclusion of the Apollo 13 mission, after an explosion severely damaged the service module, highlights the 
benefits of having the capability to implement on-the-spot repairs. The consequence of failing to allow for off- 
nominal repairs was demonstrated in the tragic loss of the shuttle Columbia; even if the crew had been aware of the 
problems with the leading edge tiles, they were not equipped to make repairs in-flight. Since that incident, NASA 
has made considerable efforts to allow for contingency repairs of problems of that nature”. 

The Component-Level Electronics-Assembly Repair (CLEAR) project under the NASA Supportability program 
was established to develop and demonstrate the technology necessary to allow crew-member to effectively perform 
electronic repair down to the component level. CLEAR involves collaborative efforts between NASA”s Glenn 
Research Center, Langley Research Center, Johnson Space Center, the National Center for Space Exploration 
Research, and the U.S. Navy. The overall processes involved with repair which are the objectives of the CLEAR 
task are composed of four primary elements: 


la Capability to diagnose an electronics assembly and identify the faulty component(s) with equipment that 
fits within the mass-volume and power constraints of spacecraft. 

2 Capability to repair electronics down to the component-level on-orbit with processes and materials that 
are safe and compatible with the space environment which allows the crew to make the necessary repair. 

3. Capability to evaluate and determine that the repaired circuit is safe to return to service. 

4. Capability to augment the flight crew with knowledge and skills to diagnose faults and perform repairs 


without expanding crew size. 


This multi-faceted program utilizes a cross-disciplinary approach to examine pre- and post-repair diagnostics and 
functional test; material and process for repair such as component soldering, conformal coatings removal and 
replacement; and electronics design for supportability. These areas are investigated by a combination of trade 
studies, analysis, ground based testing, reduced gravity aircraft testing, and actual spaceflight testing aboard the ISS 
in multiple experiments. This paper provides an update to this task since previously reported at this meeting in the 
previous year.*> 

II. CLEAR Task Overview 


A. Manual Electronics Repair 

All repair scenarios for the Constellation Program (CxP) will include some manual repair capability in which the 
crew can make electronic repairs. Currently, the ISS has a soldering kit aboard which offers a very basic capability 
and is a logical baseline for future capabilities. The soldering kit and tools available on-orbit are capable of basic 
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repairs (e.g. wire splicing and some limited component-level repair). However, component-level repair has not been 
actually demonstrated using this equipment aboard ISS. The experience of the US Space Program with repairs is 
limited to a very few cases (e.g. ARCTIC-1 repair discussed below) and some basic experiments”. Before mission 
planners can expect to have a repair capability, it must be demonstrated in the field (i.e. to raise the technology 
readiness level, or TRL, to a level six”). 

In a series of 2 flight experiments, the CLEAR project will demonstrate manual component-level repair using an 
The first experiment, called SORGE, uses the 


augmented version of the soldering capability currently on ISS. 


soldering kit to investigate the basic materials and processes 
(M&P) involved with soldering in a microgravity environment 
using a through-hole configuration. The second experiment, 
called Component Repair Exp-1, intends to demonstrate all of the 
physical processes of end-to-end component-level repair of a 
circuit board. ‘These experiments, which are discussed further 
below, utilize the Space-station Development Test Objective 
(SDTO) process to get aboard ISS (ref). 


1. Soldering in Reduced Gravity Experiment (SoRGE) 

SORGE is an experiment which is investigating the formation 
of solder joints in a microgravity environment (Figure 1). Results 
from earlier aircraft testing showed that void defects (bubbles 
/voids trapped within the solder) increased in joints formed in 
reduced gravity as those formed in normal gravity” ”. Joints were 
formed in various reduced-gravity environments including 
(nominally) Martian, Lunar, and zero gravity levels”. In these 
tests, the void fraction increased as gravity level was decreased. 
For joints formed in a nominally zero-gravity environment, the 
void fraction was 3-times higher than those joints formed in 
normal gravity. Changes in joint geometry were also observed, 
with the reduced-gravity joints being more symmetric. 

The ISS experiment SORGE is examining several techniques 
which may serve to mitigate the formation of voids in the solder 
joints. This experiment is comprised of a series of small circuit 
cards, with small electrical components (resistors) attached to the 
surface (Figure 2). The experiment has several kits, each of 
which is looking at various solder and flux combinations, to 
quantify and minimize the amount of void formation in solder 
joints. Also, this experiment will yield valuable information 
regarding the physical process of soldering in low-g with a crew- 
member who received only limited training. 

This experiment was brought to the ISS by the Shuttle 
Atlantis during STS-115 and soldering was accomplished by 
Astronaut Sunita Williams (Figure 3) during February and May 
of 2007. Half of the available 12 test kits were completed and 
returned to Earth aboard STS-118 in August 2007. The samples 
were returned to GRC in October 2007 and are currently 
undergoing analysis. The planned analysis consists of a visual 
examination for solder process quality as well as non-destructive 
analysis to look at solder joint voiding. The results of this 
research will help specify the soldering process used in future in- 
space repairs. 


Figure 1: External profile of solder joint 
(left), and cross section of joint (right) 
showing internal voids. 


Figure 2: An image of the test card used 
during the SoORGE experiment. 


SSO Deora 


Figure 3: Astronaut Sunita Williams 
conducting the SoRGE experiment during 
Expedition 14 aboard the ISS. 


" Brief periods (~25 seconds) of reduced-gravity are experienced aboard these aircraft as they fly parabolic trajectories which are calculated to 


provide the desired relative acceleration levels. 
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2. SDTO2: Component Repair Exp-1 (CRE-1) 

CRE-1 will demonstrate the physical processes of an end- 
to-end manual electronics repair in a microgravity 
environment. The physical processes include: 


e Conformal coating removal 

e Component removal 

e Board cleaning 

¢ Soldering a new component in place 
e Reapplying conformal coating 


Crew members will work on functional circuit boards 
designed to mimic those already in use. These board designs 
use standard circuit components and component spacing. 
These standard circuit components include through-hole 
parts, standard-pitch surface mount devices (SMD), and fine 
pitch SMDs with typical component spacing (Figure 4). The 
circuit boards also have three thicknesses of silicone room- 
temperature vulcanizing (RTV) conformal coating: a primed, 
4-mil coating; an unprimed 15-mil coating; and no coating, 
allowing for continued operation should the crew encounter 
difficulties removing conformal coating. The repairs will be 
conducted within the Maintenance Work Area (MWA) 
aboard the ISS (Figure 5). The experiment will utilize the 
soldering kit available aboard the ISS as well as an augment 
tool set provided by the CRE-1 experiment. The goal of the 
tests is to evaluate the feasibility of performing component 
level repair and evaluate processes so recommendations to 
procedures, tool selection, crew training, as well as board 
design may be made. CRE-1 is currently at Kennedy Space 
Center awaiting a manifest opportunity to fly to the ISS. 


3. Manual Repair Process Recommendation 

The primary goal of the manual repair efforts is to 
develop a series of recommendations to the NASA CxP for 
processes, materials, tools, and training for crew members to 
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Figure 5: Testing of the CRE-1 experiment 
in the MWA mock-up at Johnson Space 
Center. Shown in the image are the 
auxiliary tools used to conduct manual 
repair of electronics. 


perform manual electronics repairs during space missions. These recommendations will be built from the results of 
the on-orbit testing, ground based testing on the C-9 reduced gravity aircraft, and work in consultation with the U.S. 
Navy at the Naval Surface Warfare Center in Crane, IN. Additional work expected to begin in 2008 includes 
examination of possible conformal coating selection, both in manufacture and after a repair, that would help enable 
manual repair. It is anticipated that this recommendation will include future development areas needed to refine 


manual repair. 


Analysis of Arctic Freezer Samples 


Studying the results of electronics repairs actually 
performed on orbit will provide an insight into the actual, 
current capabilities and constraints of crew members 
performing these repairs. During Expedition-6, Astronaut 
Don Pettit attempted the repair of ARCTIC-1 (or the Arctic 
Freezer), a module used for the cold storage of experiment 
samples. This work included some aspects of electronics 
repair, including joining wires and connecting wires to 
component tabs (Figure 6), with the use of the soldering kit 
on the ISS. Nondestructive analysis and visual inspection of 
these joints, as well as, similar joints formed in normal 
gravity for comparison, is on-going and will aid in 
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Figure 6: Typical solder joints examined 
from the repair of ARCTIC-1 freezer 
aboard the ISS. 
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evaluating the effectiveness of soldering in reduced gravity, especially in the mitigation of voids within solder joints. 


C-9 Test Analysis 
In February 2007, a series of solder tests were conducted on the C-9 reduced gravity aircraft which included the 


examination of various solder and flux combinations, most focusing on the use of no-clean or water-clean fluxes 
with eutectic solders. This work builds on previous aircraft tests”*”, and will provide insight into general soldering 
and void mitigation techniques for reduced gravity operations. ‘The analysis includes discriminating between 
samples based on the quality of the given in-flight performance (the aircraft parabola) as well as acceptance by a 
NASA flight qualified technician, based on NASA standards. Acceptable samples are nondestructively analyzed for 
void formation. Results from this analysis of a subset of these tests are presented in a complimentary paper at this 
conference”. These results will help develop criteria for selecting solder, flux, and techniques to be used for in- 
flight repair of electronics. 


Crew Training Requirements (with U.S. Navy) 


Crew training prior to a mission is vital for electronics repair. Crew members are presumed to have little or no 
prior experience in performing repairs, so training materials must prepare and reinforce the repair process. The 
team, working with a group at the Naval Surface Warfare Center in Crane, IN, responsible for preparing training 
materials for the U.S. Navy, will prepare and test crew training courses of 4, 8, and 16 hours, allowing NASA to 
tailor and choose a course suitable for electronics repairs. These materials are also planned to be available during 
flight as a refresher course and to prepare a crew member immediately prior to performing a repair. The team, 
together the U.S. Navy, will propose a tool set tailored to the level of crew training to allow crew members to 
effectively conduct the repairs they have been trained to perform. 


B. Semi-Automated Repair 

The previous section discussed hand or manually operated repairs used in the soldering and desoldering process. 
Manual repair will always provide an important repair capability, but it requires training and periodic practice to 
maintain proficiency. Manual repair also requires direct crew involvement throughout the repair process. A fully 
automated process such as in manufacturing requires special fixtures and equipment, along with a great deal of 
experimenting or system “tuning.” For single unit repairs a mix of manual and automated operations is more 
practical and is most likely to achieve successful repairs within the spacecraft weight and volume constraints. 
Certain operations, such as wiping away process residues, are simple if performed manually but can be very difficult 
to accomplish by robotic means. Heating devices to narrow temperature bands and then quickly and precisely 
placing them demand automated operations. Semi-Automated repairs reduce the demand for high skill while 
increasing productivity. 

Rework Stations (Figure 7) that melt or “reflow” solder with Hot Gas 
or Infrared heat evolved to handle complex devices. Such systems are 
semi-automated where manual operations involve alignment with optical 
aids but employ automated heating systems and mechanically guided 
placement. In this way, Semi-Automated rework stations extend repair 
capabilities to circuits not amenable to manual repair. 

Figure 8 is a qualitative representation of how semi-automated 
technology can extend a repair capability. The vertical axis of Figure 8 
qualitative represents how increased PCB layering increases board thermal 
conductivity. The increased conductivity increases heat transfer away 
from the solder joint(s) and may exceed the manual soldering iron’s 
capacity. More advanced manual techniques (more advanced soldering 
tools than available on ISS) may include custom tips and board heaters to 
preheat the entire board to temperatures just below the reflow solder 
temperature. However, the high heat loads and long heating cycles require 
to solder the conductively cooled circuit boards, common in spacecraft, 
are more likely to be successfully repaired by semi-automatic systems. 

The horizontal axis of Figure 8 shows increasing complexity in device Figure 7: An ATCO AT-707 is 
packaging and lead count. At the extreme right is the Ball Grid Array typical of a commercial rework 
(BGA) where lead counts may exceed 1000 and are impossible to solder station capable of replacing high 
by hand. Large integrated circuits like BGAs require simultaneous solder density integrated circuits. Photo 
or desolder of many pins or solder balls and are best handled by semi- from http://atco-us.com/. 
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hcp ie Bi Thermal It is likely that the first operational need for 
A a repair capabilities iS during long-duration outpost 


plane 


stays on the Moon and especially Mars. 
However, the ISS is a prime location to evaluate 
such technology and, because of the retirement of 
. Multilayer the space-shuttle in 2010, may benefit from a 
repair capability to help sustain systems with 
reduced logistical support. While the ISS and 
outposts share many similarities in terms of the 
environment, the prime difference is that there is 


significant gravitational force for the outpost 
Figure 8: Graphic showing the increased repair whereas for ISS there is not. The semi-automated 


variety of functions that include machine set-up, 
optical examination, process monitoring, a variety of mechanical repair operations (including soldering and de- 
soldering), handling and application of a variety of process fluids, and containment of solid debris and volatile 
products within the tight confines of a spacecraft or habitat. Before investing in specialized equipment, studies need 
to determine if the processes have any significant reduced gravity dependence, outgas, or other space environment 
sensitivity. The CLEAR task is in an early evaluation phase examining the general operation and capability of these 
Stations, as well as the benefits and challenges for adapting them for use in space flight. 


Thermal Conductivity 


| b- 21ayer 


Component Complexity 


C. Diagnostics and Functional Test 

While the physical repair of electronics in spacecraft and habitats is challenging, diagnosing faults down to the 
component level represent a bigger challenge. Furthermore, confidence of a successful repair must be accomplished 
via a functional test of the repaired board and/or subsystem. On the ground, NASA, the military, and industry all 
have practices, technicians, and equipment in place to perform diagnostics and repairs of electronics. Each group 
has adapted standard test equipment as well as customized equipment to perform the diagnostics particular to their 
requirements. None of these cases, though, have the volume, mass, power, and user experience level limitations 
imposed on them as for a long duration space mission. 

Currently, ISS diagnostic and test equipment is limited to a portable Fluke Scope Meter®, a laptop logic 
analyzer and a limited output power supply and a special test set up to specifically test on-orbit multiplexer/de- 
multiplexer units. Such hardware is far from a complete diagnostic instrument set suited to test the array of systems 
including: electrical power, command & data handling, communications & tracking, guidance & navigation, and 
controls & display systems throughout spacecraft. Even if provided detailed information, it is beyond the most 
capable crews to fully understand diagnostic measurements of every spacecraft component. The next sections 
describe the strategy and technology that CLEAR is evaluating for diagnostics and test capability in future manned 
Space missions. 


Diagnostics 
= | Repairs of circuit board assembles requires isolating faults 
aa aa © to the component level. There is no single technology 
n 4 solution but success lies in focusing on the fundamentals 
of measurements rather than stacks of instruments. The 
challenge is selecting equipment and/or developing 
hardware that can cover the majority of diagnostic needs 
(as well as functional test discussed below) within the 
allowable mass and volume constraints of a spacecraft or 
habitat. The PXI (PCI eXtensions for Instrumentation) 
based suite of instruments (Figure 9) may be one potential 
solution. The advantage of such devices is the space saved 
by combining many PXI-based instruments into one bus. 
The drawbacks include requirements for instruments to be 
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Figure 9: A representative National Instruments 
PXI chassis populated with a variety of 
instruments from different manufacturers. 
Photo from http://www.pxisa.org/. 
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redesign into card format which is compatible with the bus 
architecture. Further, bus architecture often becomes obsolete. For 
example, the PXI architecture is currently being displaced by the 
new PXI Express. 

Another approach would be to use Local Area Network (LAN) 
technology such as LXI (LAN Extension for Instrumentation). LXI 
instruments can be used in a coordinated suite of instruments or 
broken out as independent and portable instruments. High speed 
LAN based instruments are expected to resist obsolescence much 
longer. LXI instruments however, are not as compact as PXI. 
Recent industry trends indicate that a mixed system of LAN and 
Bus based instruments provide the best solution. 

Diagnostics are often comprised of instruments that are used 
manually or programmed to automatically make measurements ina Figure 10: Huntron® ACCESS unit is 
prescribed sequence. The instruments usually send stimulus signals an automated diagnostic system that 
and capture responses from the target circuit. For automated employs circuit computer aided design 
diagnosis, the same motion control capability used in repair can (CAD) data and imaging to help guide 
provide probing for diagnostics. One promising technology is the the probing process. Photo courtesy of 
Analog Signal Analysis (ASA) technique used by the Huntron®  Huntron. Inc. 

ACCESS instrument to probe circuit nodes with a very low power 

signal that will not harm the circuit (Figure 10). This signal energizes single nets on the card to determine a 
characteristic waveform. A net is a common connection where multiple components are connected. This waveform 
is then compared with a known good board signature. If there is significant difference between the measured 
waveform and the known good waveform, one or more of the components attached to the net are defective. This 
approach reduces the number of components required to be replaced and minimizes the operator’s skill 
requirements. However, ASA may not always isolate a fault to individual components, particularly, if they are not 
directly accessible. Complex Signature Analysis (CSA), being developed by CLEAR, is an alternative approach 
that relies on characterizing a circuit’s self resonant and network resonant behaviors. CSA is expected to detect 
faulty devices that are inaccessible to ASA techniques. ASA and CSA both provide the ability to diagnose a circuit 
in a “power OFF” condition. Should ASA/CSA fail to isolate faults using a “known good board” technique, 
ASA/CSA can still capture measurements that could be further examined by knowledgeable ground based 
engineering. ASA/CSA operates on circuits in a “Power Off” condition which affords extra safety. However, it is 
often necessary to run tests on a circuit in a “Power On” condition to isolate functional problems such as software 
faults. 


Functional Test Equipment 

Functional testing is used to determine if a circuit is capable of performing its intended function before it is 
integrated into a system. It is often used to verify software functions that cannot be measured by fundamental 
diagnostic measurements. ‘The actual functions of an ORU electronic circuit may be simple and repetitive. Most 
ORUs are part of a larger system and thus functionality may require interaction through multiple external interfaces. 
Functional test equipment often emulates the external system and operational conditions and includes additional 
“breakout” instrumentation to monitor interactions. Automatic Test Equipment (ATE) is employed when the 
number of channels and execution speed exceeds the capability of human operators. Typically, ATE systems are a 
combination of custom and off-the-shelf test equipment and software, with a software executive that governs the test 
process. 

It is not uncommon for a single avionics box to require multiple racks of test equipment. In their terrestrial form, 
the weight and volume required for functional testers prohibits their use aboard spacecraft. However, functional test 
is an important part of any repair process and must be available. The ability to perform functional testing at the 
board level enables the generation of engineering data during the debug process. It also allows for the functional 
testing at the board level to minimize the risk of a circuit card damaging the system. Therefore, strategies for 
functional testing in spacecraft or habitat volumes require significant reduction of both mass and volume of 
terrestrial systems or newer technology. One such technology is offered by synthetic instruments. 


Synthetic Instruments 
Synthetic Instruments (SI) refers to an approach that exploits software and reconfigurable hardware to maximize 
the flexibility of test systems. Synthetic Instruments are implemented on generic hardware, typically, Field 
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Negative feedback is used to stabilize the 


operation of an amplifier by doing the 
following: 

Preventing the DC bias point and gain of an 
amplifier from being affected by changes In 
temperature 

Reducing distortion in amplifiers, thereby 


improving the quality of the sound 
Questions 
A. Why would feedback signals be used in 
quality audio amplifiers? — —ć 
B. What kind of feedback do they have? 
Answers 
A. To reduce distortion 
B. Negative feedback 

3 If the feedback from the output is in 
phase with the input, as shown in Figure 9.4 , 
the circuit's feedback is positive 


Figure 9.4 
Vout 
Yin 
In the circuit shown in Figure 9.5 , the 


collector of the second transistor is connected 
to the base of the first transistor. Because 
the output signal at the collector of the 
second transistor is in phase with the input 


Programmable Gate Arrays, (FPGAs). FPGAs are designed to provide a vast array of logic gates that can be 
configured to provide distinct data and control functions. Unlike software executed by microprocessors, the 
“Synthetic Instrument” programmed into the FPGA executes at extremely high speeds and with high levels of 
parallel processing. The FPGA can be reconfigured, on demand, as a completely new Synthetic Instrument. The 
latest generation of FPGAs can provide real-time signal processing which was once the domain of Digital Signal 
Processors. The main advantage of SI is that it allows us synthesize high performance instruments on an “as 
needed” basis. 

The Department of Defense regards SI as a major advance in reducing (a) life cycle costs (b) time to develop and 
field new or upgraded test equipment, (c) test system logistics footprint, and (d) test systems physical footprint”. 
The strategy behind SI is to allocate any digitized functions to software. Innately analog functions, such as sensors, 
analog signal devices, and power sources are handled by modules that can be reconfigured electronically to provide 
wide operating ranges. In addition, to handle the vast variety of connector configurations, SI provides an upfront 
analog switching matrix that routes signals from a target test circuit to a selected analog instrument module. The 
CLEAR project is evaluating SI as part of a strategy to provide both diagnostic and functional test capability for a 
wide range of spacecraft electronics using only a small amount of physical hardware. 

Both repair and diagnostics require significant skill and knowledge related to the circuit under test. Therefore, it 
is anticipated that the crewmember will require significant ground based support to debug issues. Furthermore, 
many of the process described above can be automatically controlled from the ground in a non-real time fashion. To 
keep the crew workload to a minimum, the semi-automated diagnostic and repair system should be amenable to tele- 
operations. Such operations also will allow data from the circuit under test to be available to ground personnel. 


D. Tele-Operations: Linking the Crew to Knowledgeable and Skilled Support 

In light of limitations on available technician-level skill and designer knowledge of the electronic systems, the 
key to success is to link the process to knowledgeable and skilled engineering staff though tele-operations. Other 
tele-robotic experiments focus on real-time control and real-time feed back while other robotic efforts focus on 
achieving total robot autonomy. Although crew autonomy is the desired goal, a likely strategy for a semi-automated 
diagnostic and rework station in spacecraft and habitats is to provide timely but not real-time interaction. The 
preferred mode is to avoid real-time “joystick” interaction with the hardware because the current infrastructure is 
prone to interruptions and signal delays. 

For Lunar operations, the 4 second round trip transmission and system delays make real-time control awkward 
and even dangerous. The vast range of delay times for Mars makes real-time control impossible. Even the ISS has 
delays but also frequent “loss of signal” events which makes real-time control unreliable. Avoiding real-time 
interaction simplifies the communications and interaction and also provides an opportunity to “validate” commands 
prior to sending them to prevent costly and possible hazardous mistakes. Pre-scripted repair routines for anticipated 
needs will be developed. A potential solution to avoid the cost of a of support staff on standby, repair depots and 
manufacturers could support repairs on an “as needed” basis. The use of such a tele-operations capability is best 
captured by a Semi-Automated Diagnostic and Repair Operations scenario we describe below. This scenario is 
intended to illustrate how a diagnostic and repair tele-operation might proceed with a repair capability as shown in 
Figure 11. 


Semi-Automated Diagnostic and Repair Operational Scenario 


A vehicle health monitoring system reports a fault in a system ORU package. The faulty ORU is removed and 
replaced with a spare ORU which restores functionality to the system. Subsequently (as crew time permits and 
criticality requires), the faulty ORU is further diagnosed with a computer connected via an ORU test port. An 
internal Built-In-Tests (BIT) checks the diagnostic codes on all circuit boards. Ground support observes the 
diagnostics data via tele-operations. One circuit board fails to respond to BIT initiation. The subject board is 
removed from the ORU and interconnections were found to be good. Ground support asks the crew to move the 
board to the Semi-Automated Diagnostic and Repair Station and set up for further diagnostics and possible repair. 

The board’s failure to execute the BIT implies that the main processor is non-functional due to internal fault or 
failed supporting component. The ground support engineers examine high-resolution camera images down-linked 
from workstation but no visible damage is found. The circuit is equipped with a JTAG port and supports “boundary 
scan techniques”. The JTAG Boundary Scan Analyzer finds no problems at the I/O ports but reveals that several 


° Boundary scan, also known as JTAG 1149, was developed by the Joint Test Action Group to allow board makers 
to check individual devices while isolating them from the external circuit”. 
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Figure 11. Diagnostic and Repair concept (including both manual and semi-automated processes) being 
evaluated by the CLEAR team. 


registers are irreparably damaged, possibly due to radiation. Having isolated the component, the repair workstation 
is set up to remove and replace the device. 

The ground crew determines that no prior repair routine exists so they go “offline” to create a repair program 
while the crewmember resumes other activity. Assisted with information from the vendor, the ground crew loads 
the circuit’s Computer Aided Design (CAD) data into a Repair Process Modeling Tool that aids in programming 
robotic operations of the rework station. The circuit’s registration points and exclusion zones are defined to prevent 
collisions with clamps and some taller board components. The Repair Process Modeling Tool defines motion paths, 
tool change points, including the component pick & place operations. Reflow heater position, heating profile are 
calculated using a reflow thermal simulation tool developed as part of the rework station. When the control code 
script is complete, it is run through a verification tool that simulates the process and shows a 3D animation of the 
process. Tool collisions discovered in the simulation are corrected and the code is determined to be error free. 

On-orbit a “touch-off” of circuit registration points assures the machine motion is calibrated. The ground crew 
has determined that the conformal coating around the component should be removed manually because jumper wires 
interfered with mechanical methods. The workstation enclosure circulation filters capture any stray debris as the 
crewmember strips away the coating. 

The control is then switched to automatic mode and the process is initiated. After the reflow heat cycle, a 
robotic pick & place tool removes the component. A quick manual wipe of the site removes any residue and a 
solder paste dispenser applies new solder. Another reflow cycle melts the paste while a component pre-heater 
prepares the new device. The robotic suction tools picks up and positions the new device and holds it until the last 
reflow heat cycle is complete. 

An imaging camera scans the board for completeness and looks for debris. The tool is changed to an Analog 
Signature Analysis Probe and the preprogrammed probing sequence reveals that the board’s signatures are normal. 
Subsequent JTAG boundary scan and register checks are normal. Power up BIT tests also return normal results. 
Finally, the ground team has come up with code to program the SI system available on orbit to do a function test on 
the card. The board is connected via a cable assembly and the instruments go through a functional checkout of the 
circuit board with normal results. The board is then re-integrated into the ORU and BIT tests indicate functionality. 
The final assembly is complete and any configuration information is noted. Since the original ORU was replaced 
with a spare, this unit now becomes the next serviceable spare until needed. The ground updates any lessons learned 
and refines the repair program. After further simulations, the repair script is “canned” as a ready-to-run routine for 
future use. 
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Impact on the Future of Constellation 


Extrapolating a future capability based on Earth based practices is not enough. On Earth, the economy of mass 
markets, low cost labor, low cost transportation, and very high production rates results in circuits that have short 
service life and are un-repairable “throw-away” electronics. Further, the design, materials, and processing choices 
are based on meeting economical production needs and often involve waste, aggressive chemistry and materials that 
are unsuited for space. 

Understanding the behavior of basic materials in low-g and high vacuum and making the effort to fully exploit 
processes that are innately suited for space will lead to in-situ repairable electronic circuits. The extremely high cost 
of launching replacement hardware drives us toward electronic designs that provide long service life, but are also 
repairable, and can be reworked and reconfigured to serve alternate uses. 

The spacecraft constraints imposed on the addition of new equipment are formidable. The development of 
several key capabilities will enable us to repair and rework spacecraft electronics without relying on Earth launched 
logistics. The CLEAR task is considering the strategy of compressing large test systems to small scale because of 
the huge cost of redesigning every known instrument into a small form factor. We are seeking alternate ways of 
diagnosing circuits by exploiting built in features where possible such as the JTAG Boundary Scan, and by looking 
at potential technology solutions such as Synthetic Instruments. Such concepts can be the first steps for a fabrication 
capability to help build infrastructure to support future missions. 

The tele-operations developed for robotic repair can evolve into a fabrication capability as well. The experience 
learned from conducting repairs as well as the underlying materials and processes directly translates to operations 
for manufacturing with in-situ resources. Another possibility is to build additional infrastructure by reworking spent 
flight hardware for different functional use. This strategy need not wait for Mars — it can be employed and perfected 
in the Lunar Outpost phase. The near term need not be overlooked as the impact on logistics is already being felt as 
Space Shuttle support for ISS begins to draw to a close. By delivering capabilities starting with the ISS and then 
the Lunar Outpost, we can benefit from cost savings and early return on our development investments as well as 
gain confidence in their capability by the time we send humans to Mars. 


Summary 


NASA’s historical solution to the problem of in-flight electronics repair has been the replacement of sub-units 
called Orbital Replacement Units. This approach requires significant logistical support through regular re-supply 
flights. For long-duration space missions, resupply flights are limited. Therefore, NASA is investigating 
component-level repair of electronics as a potential way to reduce the logistical footprint required to support future 
missions. 

The Component-Level Electronics-Assembly Repair (CLEAR) project under the NASA Supportability program 
was established to develop and demonstrate the technology necessary to allow crew-member to effectively perform 
electronic repair down to the component level. CLEAR is looking at ways future exploration crew can, within the 
constraints of a spacecraft or habitat, (a) diagnose electronic assemblies and identify the faulty components, (b) 
repair electronics down to the component-level, (c) evaluate the circuit post repair via a functional test, and (d) 
augment the flight crew with knowledge and skills to diagnose faults and perform repairs without expanding crew 
size. These areas are investigated by a combination of trade studies, analysis, ground based testing, reduced gravity 
aircraft testing, and actual spaceflight testing aboard the ISS in multiple experiments. This paper provides an update 
to this task since previously reported at this meeting in the previous year. 


Disclaimer 
Certain commercial entities, equipment, or materials may be identified in this document in order to describe an 
experimental procedure or concept adequately. Such identification is not intended to imply recommendation or 
endorsement by the National Aeronautics and Space Administration, nor is it intended to imply that the entities, 
materials, or equipment are necessarily the best available for the purpose. 
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CONTROL AND DRIVER CIRCUITS FOR 
A HYDROGEN GAS FUEL PRODUCING CELL 

This invention relates to electrical circuit 
systems useful in the operation of a water fuel cell 
including a water capacitor/resonant cavity for the 
production of a hydrogen containing fuel gas, such as that 
described in my United States Letter Patent No. 4,936,961, 
"Method for the Production of a Fuel Gas", issued on June 
26, 1990. 

In my aforesaid Letters Patent for a method for 
the production of a fuel gas, voltage pulses applied to 
plates of a water capacitor tune into the dielectric 
properties of the water and attenuate the electrical 
forces between the hydrogen and oxygen atoms of the 
molecule. The attenuation of the electrical forces 
results in a change in the molecular electrical field and 
the covalent atomic bonding forces of the hydrogen and 
oxygen atoms. When resonance is achieved, the atomic bond 
of the molecule is broken, and the atoms of the molecule 
disassociate. At resonance, the current (amp) draw from a 
power source to the water capacitor is minimized and 
voltage across the water capacitor increases. Electron 
flow is not permitted (except at the minimum, 
corresponding to leakage resulting from the residual 
conductive properties of water). For the process to 


continue, however, a resonant condition must be 


maintained. 
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Because of the electrical polarity of the water 
molecule, the fields produced in the water capacitor 
respectively attract and repel the opposite and like 
charges in the molecule, and the forces eventually 
achieved at resonance are such that the strength of the 
covalent bonding force in the water molecule is exceeded, 
and the atoms of the water molecule (which are normally in 
an electron sharing mode) disassociate. Upon 
disassociation, the formerly shared bonding electrons 
migrate to the hydrogen nuclei, and both the hydrogen and 
oxygen revert to net zero electrical charge. The atoms 
are released from the water as a gas mixture. 

In the invention herein, a control circuit for a 
resonant cavity water capacitor cell utilized for the 
production of a hydrogen containing fuel gas is provided. 

The circuit includes an isolation means such as a 
transformer having a ferromagnetic, ceramic or other 
electromagnetic material core and having one side of a 
secondary coil connected in series with a high speed 
switching diode to one plate of the water capacitor of the 
resonant cavity and the other side of the secondary coil 
connected to the other plate of the water capacitor to 
form a closed loop electronic circuit utilizing the 
dielectric properties of water as part of the electronic 
resonant circuit. The primary coil of the isolation 
transformer is connected to a pulse generation means. The 


secondary coil of the transformer may include segments 
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that form resonant charging choke circuits in series with 
the water capacitor plates. 

In the pulse generation means, an adjustable 
first, resonant frequency generator and a second gated 
pulse frequency generator are provided. A gate pulse 
controls the number of the pulses produced by the resonant 
frequency generator sent to the primary coil during a 
period determined by the gate Prequency of the second 
pulse generator. 

The invention also includes a means for sensing 
the occurrence of a resonant condition in the water 
capacitor/resonant cavity, which when a ferromagnetic or 
electromagnetic core is used, may be a pickup coil on the 
transformer core. The sensing means is interconnected to 
a scanning circuit and a phase lock loop circuit, whereby 
the pile tne frequency to the primary coil of the 
transformer is maintained at a sensed frequency 
corresponding to a resonant condition in the water 
Capacitor. 

Control means are provided in the circuit for 
adjusting the amplitude of a pulsing cycle sent to the 
primary coil and for maintaining the frequency of the 
pulsing cycle at a constant frequency regardless of pulse 
amplitude. In addition, the gated pulse frequency 
generator may be operatively interconnected with a sensor 
that monitors the rate of gas production from the cell and 


controls the number of pulses from the resonant frequency 
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generator sent to the cell in a gated frequency in a 
correspondence with the rate of gas production. The 
sensor may be a gas pressure sensor in an enclosed water 
capacitor resonant cavity which also includes a gas 
outlet. The gas pressure sensor is operatively connected 
to the circuit to determine the rate of gas production 
with respect to ambient gas pressure in the water 
Capacitor enclosure. 

Thus, an omnibus control circuit and its discrete 
elements for maintaining and controlling the resonance and 
other aspects of the release of gas from a resonant cavity 
water cell is described herein and illustrated in the 


drawings which depict the following: 


Figure 1 is a block diagram of an overall control 
circuit showing the interrelationship of 
sub-circuits, the pulsing core/resonant circuit 


and the water capacitor resonant cavity. 


Figure 2 shows a type of digital control means for 
regulating the ultimate rate of gas production as 
determined by an external input. (Such a control 
means would correspond, for example, to the 
accelerator in an automobile or a building 


thermostat control.) 


Figure 3 shows an analog voltage generator. 


signal at the base of the first transistor, this 
circuit has positive feedback. 
Figure 9.5 


Positive feedback can cause an amplifier to 
oscillate even when there IS no external 
input. 

Questions 

A. What type of feedback is used to stabilize 
an amplifier? | 

B. What type of feedback iS used In 
oscillators? —  — 

C. What parts of an amplifier do you connect 
to produce feedback? 
Answers 


A. Negative feedback. 
B. Positive feedback. 
C. Connect the output of an amplifier to its 
input. 
4 The amplifier shown in Figure 9.6 is the 


same type of amplifier that was discussed In 
problems 11-18 of Chapter 8, “Transistor 
Amplifiers.” It is called a common emitter 


amplifier 


WO 92/07861 PCT/US90/06407 


Figure 4 is a voltage amplitude control circuit 
interconnected with the voltage generator and one 


side of the primary coil of the pulsing core. 


Figure 5 is the cell driver circuit that is 
connected with the opposite side of the primary 


coil of the pulsing core. 


Figures 6, 7, 8 and 9 relate to pulsing control 
means including a gated pulse frequency generator 
(Figure 6); a phase lock circuit (Figure 7); a 
resonant scanning circuit (Figure 8); and the 
pulse indicator circuit (Figure 9) that control 
pulses transmitted to the resonant cavity/water 


fuel cell capacitor. 


Figure 10 shows the pulsing core and the voltage 
intensifier circuit that is the interface between 


the control circuit and the resonant cavity. 
Figure 11 is a gas feedback control circuit. 


Figure 12 is an adjustable frequency generator 


circuit. 


The circuits are operatively interconnected as 


shown in Figure 1 and to the pulsing core voltage 
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intensifier clon of Figure 10, which, inter alia, 
electrically isolates the water capacitor so that it 
becomes an electrically isolated cavity for the processing 
of water in accordance with its dielectric resonance 
properties. By reason of the isolation, power consumption 
in the control and driving circuits is minimized when 
resonance occurs; and current demand iS minimized as 
voltage is maximized in the gas production mode of the 
water capacitor/fuel cell. 

The reference letters appearing in the Figures, A, 
By Cy. D; Es A to M and Ml show, with respect to each 
separate circuit depicted, the point at which a connection 
in that circuit is made to a companion or interrelated 
circuit. | 

In the invention, the water capacitor is subjected 
to a duty pulse which builds up in the resonant changing 
choke coil and then collapses. This occurrence permits a 
unipolar pulse to be applied to the fuel cell capacitor. 
When a ERRE condition of the circuit is locked-in by 
the circuit, amp leakage is held to a minimum as the 
voltage which creates the dielectric field tends to 
infinity. Thus, when high voltage is detected upon 
resonance, the phase lock loop circuit that controls the 
cell driver circuit maintains the resonance at the 
detected (or sensed) frequency. 

The resonance of the water capacitor cell is 


affected by the volume of water in the cell. The 
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resonance of any given volume of water maintained in the 
water capacitor cell is also affected by "contaminants" in 
the water which act as a damper. For example, at an 
applied potential difference of 2000 to 5000 volts to the 
cell; an amp spike or surge may be caused by 
inconsistencies in water characteristics that cause an 
out-of-resonance condition which is remedied 
instantaneously by the control circuits. 

In the invention, -the adjustable frequency 
generator (Figure 12) tunes into the resonant condition of 
the circuit including the water cell and the water 
therein. The generator has a frequency capability of 

0 - 10 KHz and tunes into resonance typically at a 
frequency of 5 KHz in a typical 3.0 inch water capacitor 
formed of a 0.5 inch rod enclosed within a 0.75 inside 
diameter cylinder. At start up, in this example, current 
draw through the water cell will measure about 25 
milliamp; however, when the circuit finds a tuned resonant 
condition, current drops to a 1-2 milliamp minimum leakage 
condition. 

The voltage to the capacitor water cell increases 
according to the turns of the winding and size of the 
coils, as in a typical transformer circuit. For example, 
if 12 volts are sent to the primary coil of the pulsing 
core and the secondary coil resonant charging choke ratio 


is 30 to 1, then 360 volts are sent to the capacitor water 
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cell. Turns are a -design variable that control the 
voltage of the unipolar pulses sent to the capacitor. 

The high speed switching diode shown in Figure 10 
prevents charge leakage from the charged water in the 
water capacitor cavity, and the water capacitor as an 
overall capacitor circuit element, i.e., the pulse and 
charge status of the water/capacitor never pass through an 
arbitrary ground. The pulse to the water capacitor is 
always unipolar. The water capacitor is electrically 
isolated from the control, input and driver circuits by 
the electromagnetic coupling through the core. The 
Switching diode in the VIC circuit (Figure 10) performs 
several functions in the pulsing. The diode is an 
electronic switch that determines the generation and 
collapse of an electromagnetic field to permit the 
resonant eroii choke(s) to double the applied Frequency 
and also allows the pulse to be sent to the resonant 
cavity without discharging the "capacitor" therein. The 
diode, of course, is selected in accordance with the 
maximum voltage encountered in the pulsing circuit. A 600 
PIV fast switching diode, such as an NVR 1550 high speed 
switching diode, has been found to be useful in the 
Circuit herein. 

The VIC circuit of Figure 10 also includes a 
ferromagnetic or ceramic ferromagnetic pulsing core 
Capable of producing electromagnetic flux lines in 


response to an electrical pulse input. The flux lines 


4) 
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equally affect the secondary coil and the resonant 
ciao choke windings. Preferably, the core is a closed 
loop construction. The effect of the core is to isolate 
the water capacitor and to prevent the pulsing signal from 
going below an arbitrary ground and to maintain the charge 
of the already charged water and water capacitor. 

In the pulsing core, the coils are preferably 
wound in the same direction to maximize the additive 
effect of the electromagnetic field therein. 

The magnetic field of the pulsing core is in 
synchronization with the pulse input to the primary coil. 
The potential from the secondary coil is introduced to the 
resonant charging choke(s) series circuit elements which 
are subjected to the same synchronous applied 
electromagnetic field, simultaneously with the primary 
pulse. 

When resonance occurs, control of the gas output 
is achieved by varying voltage amplitude or varying the 
time of duty gate cycle. The transformer core is a pulse 
frequency doubler. In a figurative explanation of the 
workings of the fuel gas generator water capacitor cell, 
when a water molecule is "hit" by a pulse, electron time 
share is affected, and the molecule is charged. When the 
time of the duty cycle is changed, the number of pulses 
that "hit" the molecules in the fuel cell is 
correspondingly modified. More "hits" result in a greater 


rate of molecular disassociation. 
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With reference to the overall circuit of Figure l, 
Figure 3 receives a digital input signal, and Figure 4 
Gepicts the control means that directs 0-12 volts across 
the primary coil of the pulsing core. Depending upon 
design parameters of primary coil voltage and other 
factors relevant to core design, the secondary coil of the 
pulsing core can be set up for a predetermined maximum, 
such as 2000 volts. 

Figure 5, the cell driver circuit, allows a gated 
pulse to be varied in direct relation to voltage amplitude. 
l As noted above, the circuit of Figure 6 produces a 
gate pulse frequency. The gate aise is superimposed over 
the resonant frequency pulse to create a duty cycle that 
determines the number of discrete pulses sent to the 
primary coil. For example, assuming a resonant pulse of 5 
KHz, a .5 Hz gate puise may be superimposeð over the 5 KHz 
pulse to provide 2500 discrete pulses in a 50% duty cycle 
per Hz. The relationship of resonant pulse to the gate 
pulse is determined by conventional signal 
addition/subtraction techniques. 

Figure 7, a phase lock loop, allows pulse 
frequency to be maintained at a predetermined resonant 
condition sensed by the circuit. Together, the circuits 
of Figures 7 and 8 determine an output signal to the 
pulsing core until the peak voltage signal sensed at 


resonance is achieved. 
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A resonant condition occurs when the pulse 
frequency and the voltage input attenuates the covalent 
bonding forces of the hydrogen and oxygen atoms of the 
water molecule. When this occurs, amp leakage through the 
water capacitor is minimized. The tendency of voltage to 
maximize at resonance increases the force of the electric 
potential applied to the water molecules, which ultimately 
disassociate into atoms. 

Because resonances of different waters, water 
volumes, and capacitor cells vary, the resonant scanning 
Circuit of Figure 8 is useful. The scanning circuit of 
Figure 8 scans frequency from high to low to high 
repeating until a signal lock is determined. The 
ferromagnetic core of the voltage intensifier circuit 
transformer suppresses electron surge in an 
out-of-resonance condition of the fuel cell. In an 
example, the circuit scans at frequencies from 0 Hz to 10 
KHz to 0 Hz. In water having contaminants in the range of 
l ppm to 20 ppm, a 20% variance in resonant frequency is 
encountered. Depending on water flow rate into fuel cell, 
the normal variance range is about 8-10%. For example, 
iron in well water affects the status of molecular 
disassociation. Also, at a resonant condition harmonic 
effects occur. In a typical operation of the cell with a 
representative water capacitor described below, at a 
frequency of about 5 KHz at unipolar pulses from 0 to 650 


volts at a sensed resonant condition into the resonant 
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cavity, | conversion of’ about 5 gallons of water per hour 
into a fuel gas will occur on average. To increase the 
rate, multiple resonant cavities can be used and/or the 
surfaces of the water capacitor can be increased, however, 
the water capacitor cell is preferably small in scale. A 
typical water capacitor may be formed from a 0.5 inch in 
diameter stainless steel rod and a 0.75 inch inside 
diameter cylinder that together extend concentrically 
about 3.0 inches with respect to each other. 

Shape and size of the resonant cavity may vary. 
Larger resonant cavities and higher rates of consumption 
of water in the conversion process require higher 
frequencies such as up to 50 KHz and above. The pulsing 
rate, to sustain such high rates of conversion must be 
correspondingly increased. o 

From the foregoing description of the preferred 
embodiment, other variations and modifications of the 
system disclosed will be evident to those of skill in the 


art. 
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WHAT IS CLAIMED IS: 


1. A control circuit for a resonant cavity water 
capacitor cell utilized for the production of a hydrogen 
containing fuel gas including 

an isolation transformer including a ferromagnetic 
core and having one side of a secondary coil connected in 
series with a high speed switching diode to one plate of 
the water capacitor of the resonant cavity and the other 
side of the secondary coil connected to the other plate of 
the water capacitor to form a closed loop electronic 
circuit utilizing the dielectric properties of water as 
part of the electronic circuit and a primary coil 


connected to a pulse generation means. 


2. The circuit of Claim 1 in which the secondary 
coil includes segments that form a resonant charging choke 


circuit in series with the water capacitor. 


3. The circuit of Claim 1 in which the pulse 
generation means includes an adjustable first frequency 
generator and a second gated pulse frequency generator 
which controls the number of pulses produced by the first 
frequency generator sent to the primary coil Guring a 


period determined by the gate frequency of the second 


pulse generator. 
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4. The circuit of Claim 1 further including a 
means for sensing the occurrence of a resonant condition 


in the water capacitor of the resonant cavity. 


5. The circuit of Claim 4 in which the means for 
sensing is a pickup coil on the ferromagnetic core of the 


transformer. 


6. The circuit of Claim 4 or Claim 5 in which the 
sensing means is interconnected to a scanning circuit and 
a phase lock loop circuit, whereby the pulsing frequency 
to the primary coil of the transformer is maintained at a 
sensed frequency corresponding to a resonant condition in 


the water capacitor. 


E The circuit of Claim 1 including means for 
adjusting the amplitude of a pulsing cycle sent to the 


primary coil. 


8. The circuit of Claim 6 including further means 
for maintaining the frequency of the pulsing cycle at a 


constant frequency regardless of pulse amplitude. 


9. The circuit of Claim 3 in which the gated 
pulse frequency generator is operatively interconnected 
with a sensor that monitors the rate of gas production 


from the cell and controls the number of pulses to the 


Figure 9.6 
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Questions. — 

A. What effect would negative feedback have 
on this amplifier? 


€) 1 


B. What effect would positive feedback have 
on this amplifier? _ _—— 

Answers 

A. Stabilize it, reduce gain, and reduce 
distortion 


B. Cause it to oscillate 


5 In the circuit shown in Figure 96, an 
input signal applied to the base will be 
amplified. 

Questions 


A. What is the basic formula for an  amplifier's 
voltage gain? __—_— 
B. What is the voltage gain formula for the 
amplifier circuit shown in Figure 9.6 ? 


Answers 


WO 92/07861 PCT/US90/06407 


ay E 


cell in a gated frequency in a correspondence with the 


rate of gas production. 


10. The circuit of Claim 7 or Claim 8 or Claim 9 
further including a gas pressure sensor in an enclosed 
water capacitor resonant cavity which also includes a gas 
outlet, which gas pressure sensor is operatively connected 
to the circuit to determine the rate of gas production 
with respect to ambient gas pressure in the water 


capacitor enclosure. 


11. The methods and apparatus as substantially 


described herein. 
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input signal is applied to the emitter of the 
transistor instead of the base. This circuit Is 
called a common base amplifier 
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(57) ABSTRACT 


This device 1s a brushless high-voltage electrical generator, 
requiring suitable means of input rotary torque, for purposes 
of producing a very-high-energy external electrodynamic 
field or continuous quasi-coherent DC corona or arc dis- 
charge of uniform current density which completely 
encloses the machine’s conductive housing. This housing is 
divided into distinct electrical sections and contains a flat 
conductive rotor which electrically links separate negative 
and positive housing sections and upon which a plurality of 
toroidal generating coils are rotatably mounted. Circular 
arrays of stationary permanent magnets are affixed within 
the housing which induce a constant DC voltage within said 
coils upon their rotation. The primary voltage so-generated 
is electrostatically impressed across the rotor such that great 
quantities of electronic charge may be transported between 
the opposite polarity sections of the housing, in such a 
manner that a much higher secondary voltage is caused to 
appear across interposed neutral sections thereof, and the 
resulting external breakdown current once initiated is inde- 
pendent of the generating coils’ ampacity. Ancillary 
mechanical, electrical, an/or electronic features may be 
attached upon or within the housing to aid in harnessing and 
controlling the useful effects associated with the external 
dynamic electric field produced by the device. 


48 Claims, 9 Drawing Sheets 
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you had applied a signal to the base. 

The voltage gain formula for this type of 
amplifier can be simplified because the input 
impedance to the amplifier is so low when the 
signal is fed into the emitter that you can 
discount it. This results in the following voltage 
gain formula for the common base amplifier: 


Av = Ru 
Rs 
RS is the output resistance or impedance 
of the source or generator. It is also called 
the internal impedance of the source. 
Question 


What is the voltage gain formula for the 
circuit shown in Figure 9.7 ? 


Answer 
Ri Re o 
Ay = — = —,, (Rc is the load in this circuit.) 
Rs Rs 
7 Notice that the input and output sine 
waves in Figure 9.7 are in phase. Although 


the signal is amplified, it is not inverted. 
Questions 

A. What happens to the input signal to the 
amplifier when you apply it to the emitter 
instead of the base? _—— 

B. Is the input impedance of the common 
base amplifier high or low compared to the 
common emitter amplifier? > 

C. What is the gain formula for the common 
base amplifier? 


Answers 
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1 
ELECTRODYNAMIC FIELD GENERATOR 


FIELD OF THE INVENTION 


The present invention is related in general to rotary direct 
current (DC) electrical generators which incorporate perma- 
nent magnet fields, and in particular to similar electrome- 
chanical generating devices whose principal purpose is to 
produce a useful continuous high-voltage DC corona dis- 
charge. This invention also pertains to the field of aerospace 
vehicles which are capable of propulsion through the utili- 
zation of an ultra-high-voltage corona or arc discharge of a 
special type and form. 


DESCRIPTION OF RELATED ART 


In order to provide background information so that the 
present invention may be completely understood and appre- 
ciated in its proper context, reference is made hereinbelow 
to a number of related art patents. These cited references 
contain certain similarities to the present invention, prima- 
rily related to the objective of producing electrically- 
developed thrust. However, key differences and limitations 
with regard to achieving this objective are in evidence. 


The related art disclosed in U.S. Pat. No. 2,949,550 
proposes three attendant objects which are quite similar to 
certain of the objects of the present invention: (1) to provide 
an apparatus for the direct conversion of electrical potential 
to usable kinetic energy; (11) to provide such an apparatus 
having a hollow body or housing which contains a source of 
high electrical potential; and (iii) to provide a self-propelling 
vehicular apparatus which includes a pair of electrically 
conductive body portions joined by an insulative portion, 
whereby said conductive portions constitute electrodes. A 
further similarity is that the vehicular embodiment proposed 
preferably be of a circular disc shape somewhat thicker in its 
center than at its edges. The device set forth in this Patent 
just cited is noticeably different from the present invention, 
however, in that a positive voltage is applied to the housing 
periphery and a negative voltage is applied at the central 
axis. The proposed arrangement is furthermore limited to 
operation within a gaseous dielectric medium, upon which it 
is reliant for the production of the claimed motive force, and 
is to be operated at a potential gradient less than that which 
would produce a visible corona. This device moreover 
makes no provisions for the production and/or extraction of 
vast quantities of useful thermal kinetic energy, as the 
present invention does. 


The related art disclosed in U.S. Pat. No. 3,071,705 is 
based on three empirical principles of electrostatics which 
also figure prominently in explaining the actual shape of the 
discharge current field that will be produced by the present 
invention: (1) electrostatic lines of force tend to concentrate 
on the surface of a charged conductor in those places with 
the smallest radius of curvature; (11) they are normal to the 
surface from which they emanate; and (iii) they do not cross 
but will bend under the influence of another charged body. 
The device set forth in this Patent just cited is in fact quite 
similar to that of the Patent cited immediately before, in that 
relatively massive positive atmospheric ions and entrained 
neutral air molecules are repelled from the positive electrode 
toward the negative electrode along a linear axis—thereby 
inducing an air flow or “electric wind” which represents the 
fundamental source of thrust. It is therefore once again 
limited to operation in a gaseous dielectric medium, and 
does not make use of a flow of negative and greatly less 
massive electron current in the course of thrust production— 
which may achieve comparatively enormous acceleration 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


2 


and even relativistic velocity and specific impulse at a 
similar given level of applied potential gradient—as the 
present invention does. 

The related art disclosed in U.S. Pat. No. 3,177,654 
actually addresses the issue of producing electrically- 
developed thrust which is not limited to atmospheric 
operation, and the stated primary object thereof is to provide 
a propulsion system for enabling controlled flight in the 
atmosphere which may continue extensively into space 
without changing the system’s basic operation. One embodi- 
ment thereof also proposes a circular disc-shaped vessel 
wherein high-voltage electrode elements ionize atmospheric 
gases by corona discharge, and a pulsed electromagnet 
arrangement causes the ejection of the resultant plasma from 
the propulsion chamber—producing thrust by reaction. This 
device furthermore addresses the issue of producing local 
thrust differential(s) on the body or housing thereof, for 
purposes of flight maneuvering and/or directional control, 
by providing for a plurality of such pulsed discharge pro- 
pulsion units arranged in concentric rings (within the discoid 
body) and having individual divergent nozzles. As such, 
however, the device set forth in this Patent just cited actually 
constitutes an ionized jet propulsion method, requiring the 
use of either a gaseous medium like air or the onboard 
storage and release of relatively massive ionizable reaction 
material for any operational capability in space. Moreover, 
the pulsed mode of operation used, which limits the ionizing 
potential gradient to a value of less than breakdown field 
intensity, significantly restricts the level of power produced 
as thrust as compared to the continuous DC discharge field 
current produced by the present invention—at voltages 
which may be greatly in excess of breakdown intensity. 
Finally, this said device relies upon an unspecified source of 
generated electrical power in operation which must be 
assumed would have to be nuclear if conventional in nature, 
for said device to avoid otherwise having to carry a massive 
and range-limiting onboard store of fuel, and not upon 
convenient and protracted-use permanent magnets of high 
energy density as the prime energy source (as the present 
invention does). 

U.S. Pat. No. 3,464,207 discloses a quasi-corona aerody- 
namic vehicle which bears only a limited relationship to the 
present invention, but which is referenced nonetheless as 
being further indicative of the predominant trend in concep- 
tualization in relation to devices intended for producing 
electrically-developed thrust. This device also relies upon 
pulsed corona discharge operation between spaced elec- 
trodes at less than breakdown field intensity, thereby greatly 
constraining the propulsive power obtained. It is further- 
more effective only in a gaseous dielectric medium and is 
based upon an electric wind pressure gradient arising of an 
admitted incompletely-understood mechanism. This same 
device evidences a great deal of theoretical complexity and 
construction material specificity, which might seem to indi- 
cate a narrow range of feasibility. Such attributes are not 
uncommon in the field of electrical aerospace propulsion, 
and are, to a degree, shared even by the present invention. 
Nevertheless, it is interesting to note that sizeable thrust in 
the form of an aerodynamic pressure gradient or lift of up to 
30 Ibs./ft” of external electrode area or more is asserted to be 
obtainable from said same device by utilizing asymmetrical 
electrodes or electrode arrays, rather than using electrodes or 
electrode arrays of approximately equal area (as the present 
invention does)—which therefore present a uniform cross 
section of discharge current conduction. 

PCT Application WO 85/03053 discloses a flying appa- 
ratus whose primary similarity to the present invention is 
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that it incorporates a hollow annular flywheel which pro- 
vides gyroscopic stability and encircles a relatively station- 
ary central cabin and/or payload area. The device set forth 
therein also provides free-rolling means to center and sta- 
bilize the flywheel or rotor within a discoid housing, and 
addresses the issue that horizontal flight maneuvering and/or 
directional control may be accomplished by altering the 
local angular acceleration of the rotor—as does the present 
invention. This said other device, however, relies upon the 
questionable concept that the very large angular momentum 
of the rotating flywheel is somehow able to compensate the 
potential energy caused by gravitation and that the overall 
weight of the apparatus may thereby be annulled. Vertical 
lift must then be provided for said device in operation by 
atmospheric thermal updraft means, and no electrical dis- 
charge means are utilized to produce a force of lift or thrust. 

The device set forth in UK Patent GB 2 312 709 Ais a 
flying craft which is essentially disc- or saucer-shaped and 
which has a central axial post electrode and a spaced 
enclosing ring electrode whereby an electrical arc may be 
struck between the two, to either ignite fuel introduced via 
nozzles or greatly heat an exhausted air flow produced by 
fan means. Thus, this device actually provides hybrid jet or 
turbo-fan means for producing propulsive thrust, and utilizes 
direct electrical discharge not as the primary source of thrust 
but to enhance thrust produced by other means. To this end, 
said device must therefore operate solely in a gaseous 
atmosphere and/or carry onboard a range-limiting store of 
combustible fuel. This same device does, however, utilize 
powerful magnetic fields to impart a rotational and 
de-randomizing aspect to the arc discharge, thereby promot- 
ing a more uniform distribution of the arc discharge field’s 
energy, as does the present invention. 

In summary, a number of similar or significant electrical, 
magnetic, and mechanical features of the several related art 
devices have been examined but, whatever the precise merits 
and advantages thereof, none of said devices achieve the 
correct combination of such features required to fulfill the 
purposes of the present invention. In this respect 1t may be 
stated that none of these related art devices attain the 
distinction of being able to operate extensively in the 
vacuum of space without the onboard storage of relatively 
massive reaction material for the production of thrust. Fur- 
thermore it would appear that none of these same devices 
utilize a charged conductive housing comprising suitably 
disposed electrodes and/or electrode arrays to create and 
control an asymmetrical electromotive field of force on itself 
without expelling a reaction mass, whether in a gaseous 
dielectric medium or the vacuum of space, to achieve a 
propulsive object as the present invention does. Finally, it is 
observed that none of the aforementioned related art devices 
can develop this type of useful thrust-producing electrody- 
namic field in a manner which allows more than one 
objective function to be fulfilled thereby, such as the pro- 
duction of useable thermal kinetic energy and/or the devel- 
opment of potential signal communications capability. 


SUMMARY OF THE INVENTION 


The present invention is a brushless permanent magnet 
electrical generator which produces a useful ultra-high- 
energy external electrodynamic field, or continuous quasi- 
coherent DC corona or are discharge of uniform current 
density, that completely surrounds and encloses the 
machine’s symmetrically disc-shaped conductive housing 
and tends in consequence toward a balanced bihemitoroidal 
shape. 

The invention incorporates a uniform arrangement of 
stationary electromagnetic armatures which may be 
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employed as a group to impart a holistic and de-randomizing 
rotational force to the external discharge current that acts to 
inhibit the formation of concentrated arc streamer or channel 
phenomena, and thus to assist in rendering the electrody- 
namic field quasi-coherent in nature. The arrangement of 
electromagnetic armatures in said generator acting as a 
group simultaneously also contribute a portion of the 
machine’s required input rotary torque upon the current- 
carrying rotor assembly thereof. 


This invention provides a permanent magnet high-voltage 
generator wherein the primary DC voltage induced within its 
rotating coils is electrostatically impressed across the con- 
ductive rotor assembly thereof, in a brushless manner uti- 
lizing vacuum tube cutoff bias techniques, such that a 
secondary DC corona or arc discharge current is thereby 
initiated about the housing thereof which is orders of mag- 
nitude larger than the operating current through the said 
coils. 


The said high-voltage primary generator of the invention 
then has a housing or hull which is divided into separate 
negative (emitter), neutral, and positive (collector) electrical 
sections, such that the continuous external flow of such 
discharge current is best facilitated and conducted internally 
by the proximal rotor, and wherein suitable means to circu- 
late one or more form(s) of liquid coolant through any one 
or more of said housing sections may be employed for 
purposes of extracting an extremely high level of recover- 
able thermal energy (arising from such discharge current)— 
which is intended principally for use in the large-scale 
production of electrical power and/or distilled or desalinated 
water. 


This invention as an electrodynamic field generator also 
provides an appreciable and practical level of electrically- 
developed thrust, from the relativistic impulse of an induced 
ultra-high-voltage external DC arc discharge current inci- 
dent upon its positive (collector) housing sections, which 
may be rendered variably non-isometric in nature and there- 
fore directionally propulsive by means of selectively con- 
trolling: (i) the resistance of the brushless electrical linkages 
between the positive housing sections and the proximal 
current-carrying rotor; and/or (11) the magnetic flux output of 
the various stationary electromagnetic armatures. 


The invention as an ultra-high-energy field generator 
furthermore presents a unique yet practicable method of 
producing a variable electromagnetic and/or gravimetric 
signal, by means of which useful information may be both 
transmitted to and received by a separate similar device, in 
further harnessing the effects associated with the device’s 
external electromotive field. The relationship of said field 
effects to quantum potential vacuum fluctuation theory just 
now being studied, which may allow the devising of such a 
signal having an unconventional nature, is referred to again 
below. 


In any event, the electrodynamic field generator described 
may be feasibly manufactured and marketed in various sizes 
according to need or desire in pursuit of its remarkable 
objects; may be operated either in a gaseous dielectric 
medium or in the vacuum of space; and may incorporate 
ancillary mechanical, electrical, and/or electronic features 
upon or within its housing to accomplish all the objects set 
forth hereinabove. 

Briefly, in accordance with the preferred embodiment of 
the invention, first provided is a flat annular segmented rotor 
of very high conductive ampacity which is rendered capaci- 
tive in nature by the attachment of suitably paired electrode 
rings. Alternating in placement amidst such capacitive ring 
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pairs are also attached on the rotor a series of toroidal 
generating coils of very large mean radius relative to the 
cross-sectional radius thereof. The resultant composite rotor 
assembly is then rotatably mounted within a sectional con- 
ductive housing. The potential energy inherent in the fields 
of ring-shaped stationary permanent magnets, which are 
affixed in concentric circular arrays within the housing, is 
utilized to electrically polarize the rotor across its radial 
annular width by means of the “primary” DC voltage created 
upon relative rotational motion between such coils and 
magnets. The thereby polarized rotor is electrically linked on 
one hand (about its positive inner circumference) to two 
axially-central collector housing sections, by electrostatic 
induction via a system of plane-parallel electrode elements, 
and on the other hand (about its negative outer 
circumference) to two radially-peripheral emitter housing 
sections across an evacuated space charge chamber. The 
rotor’s subsequent transportation and storage of electronic 
charge between the proximal opposite-polarity sections of 
the housing causes a much higher “secondary” voltage to 
appear across interposed neutral sections thereof and results 
in a continuous ultra-high-energy DC discharge current flow 
about the housing externally and across the rotor internally. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The benefits and advantages attendant to the invention 
and its objects as discussed hereinabove are best illuminated 
through the following drawings and description. 


FIG. 1 shows a side sectional view of the invention’s 
peripheral and principal working structure, comprising a 
rotor assembly as well as frame-mounted elements. 


FIG. 2 shows a top sectional view of a 30° radial sector 
of that same working structure. 


FIG. 3 shows a side view of the invention’s symmetrical 
housing or hull configuration. 


FIG. 4 shows a top view or bottom view of that same 
housing/hull configuration. 


FIG. 5 depicts a small radial sector of the basic rotor 
assembly construction, in top view, details of the rotor 
segments, inter-segment insulators, and field emitters. 


FIG. 6a and 6b show side and top views, respectively, of 
one of the invention’s conductive rotor field emitters. 


FIG. 7 shows a simplified schematic representation of the 
invention’s two “primary induction ring” electrode arrays, in 
relation to the rotor electrical circuit. 


FIG. 8 shows a schematic of one symmetrical half of the 
primary power system circuit of the invention, in a “single- 
stage” rotor construction embodiment. 


FIG. 9 shows a schematic of one symmetrical half of that 
same primary power system circuit, in a “three-stage” rotor 
construction embodiment. 

FIG. 10 shows a schematic of the field voltage control 
system circuit of the invention. 

FIG. 11 shows a simplified diagram of the electrodynamic 
field “envelope” produced by the invention, around a side 
view of the invention’s housing/hull. 

FIG. 12 shows the diagram of FIG. 11, with the addition 
of lines indicating the electric and magnetic field vectors 
comprising that same electrodynamic field envelope. 


FIG. 13 shows a top or bottom view corresponding to the 
side view of FIG. 12. 

FIG. 14 shows a top or bottom view of a radial sector of 
the invention’s neutral hull section, showing the housing 
cooling and/or heat transfer system arrangements. 
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FIG. 15 shows a detail of an embodiment of the preferred 
central rotor segment attachment means and rotor drive 
assembly. 


FIG. 16 shows a schematic of the stationary armature 
power circuit of the invention. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


Method of Operation 


The invention disclosed herein is an Electrodynamic Field 
(“EDF”) Generator. The primary challenge involved in 
fulfilling the objects of the present invention is how to 
generate and maintain a multi-megavolt potential difference 
across the exterior sectional housing which is not immedi- 
ately neutralized due to uncontrolled direct arc discharge. 
The first part of the problem in this respect is that it is not 
possible to produce this kind of voltage directly within a 
traditional generating coil arrangement, so the voltage 
applied to the charged housing sections must be achieved by 
special electrostatic means. Secondly, the discharge current 
must be produced and conducted internally in such a manner 
that: (1) only a tiny percentage thereof is actually conducted 
by the generating coils (within their very limited ampacity 
compared to that of the rotor); and (11) the negative and 
positive housing sections are each charged faster than they 
are discharged until an enormous equilibrium field potential 
difference is established which is a sum of roughly equal 
negative and positive housing section voltages. 


Having thus stated the principal parts of the overall 
problem, it is perhaps best to examine and explain the means 
to its solution in the reverse order. Therefore, it is deemed of 
fundamental import to realize that the EDF Generator’s 
housing configuration as proposed will demonstrate a sig- 
nificant static capacitance, despite its unusual geometry, 
given the fact that the negative and positive sections of its 
housing are to have essentially equal surface areas. This 
simple precept ensures two very important consequences: (1) 
that the voltage across the housing will attain a value 
representing equal negative and positive potentials, in reli- 
ance upon the absence of a fixed ground reference, given 
induced surface charge densities which are sufficient to 
cause a continuous ‘leakage’ current between the opposite- 
polarity sections thereof; and (ii) that a leakage current 
between the opposite-polarity housing sections will tend to 
assume a relatively uniform cross section and current den- 
sity in response to a calculable level of non-uniform surface 
charge density between non-parallel but equal-area ‘plates’. 
Thus, it is possible to determine using traditional formulas 
just how much electron charge must be stripped from the 
positive housing sections, and stored in ballast capacitors, in 
order to establish a positive surface charge density which 
corresponds to the desired housing or hull potential differ- 
ence. 


Next, the Generator must, and will, be able to charge these 
positive housing sections (by stripping them of native 
electrons) far faster than the positive surface charge 
so-created is neutralized by corona or arc discharge from the 
negative housing sections. Because these discharge current 
electrons will ultimately attain a transit time approaching 
zero, this in turn means that it must be “easier” per volt to 
strip negative charge from the positive sections—using a 
field induction system which is comprised of “primary 
electrode arrays’—than it is to deliver this charge to the 
negative sections across a vacuum chamber using relatively 
massive rotor-mounted field emitters. 
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It can be shown that the potential difference across said 
primary arrays will tend to be equal and opposite in opera- 
tion as proposed to that across such vacuum chamber, in part 
due to the Faraday shielding principle, and the negative 
‘plate’ voltage of the capacitive housing will naturally tend 
toward numeric equality with that of the positive sections by 
electrostatic induction. Therefore, the stationary electron- 
emitting primary cathodes which link the positive sections 
of the housing to the rotor are to have a much lower surface 
work function (and higher emissivity) than the rotating 
electron-emitting elements which link the rotor with the 
negative housing sections. This criterion is achieved by 
thorium-impregnating these cathodes (to stimulate their 
emissivity) and by not so-impregnating the rotor field emit- 
ters. 


The relationship just described establishes what electrical 
engineers refer to as an ‘instantaneous charge differential’ 
with respect to these two sets of components as operated at 
equal but opposite charging voltages or potential differences, 
and the ratio of their respective electron emissivities will 
thus define the maximum ratio by which the said secondary 
field voltage (across the exterior housing) can be expected to 
exceed that in evidence across the stationary internal pri- 
mary electrode arrays. This ratio will hereinafter be referred 
to as the “primary voltage expansion ratio”, and the instan- 
taneous charge differential concept as well as its relationship 
to the said voltage expansion ratio will be explained in 
further detail in a pertinent section to follow. It is important 
to note at this point, however, that for this voltage expansion 
to be realized it must and will be supported by ballast 
capacitors having suitable total capacitance as outlined 
hereinabove, which provide a corresponding force of elec- 
trostatic induction. 


Finally, a method of impressing as large a primary DC 
voltage across the rotor as may practicably be developed in 
the device’s principal generating system must and will be 
employed, without such “Primary Power System” circuit 
conducting more than a minute percentage of the discharge 
current thereby initiated. To do so, and in a manner that 
requires no brushes, vacuum tube cutoff bias technique is 
utilized in the present invention: whereby such primary 
voltage is electrostatically induced upon the rotor between 
two sets of capacitive electrode ring pairs (in vacuo), yet the 
current flow across these rotor-mounted induction electrode 
arrays—and through the principal generating circuit itself— 
is absolutely minimized by the application of a control grid 
voltage which is substantially negative with respect to the 
corresponding cathodes. 


At a certain relative potential, the electrostatic force 
exerted by such control grid(s) on rotor circuit cathode- 
emitted electrons 1s sufficient to all but completely cut off the 
flow of DC current across these rotor induction arrays; yet 
the primary DC voltage is transmitted to the large conduc- 
tive rotor segments such that a comparatively huge charging 
current between the opposite-polarity housing sections is 
initiated and maintained (across the rotor)—which subse- 
quently expresses the expanded secondary voltage as a 
discharge current about the housing. Thus, an analogy could 
be made in describing the EDF Generator as a DC equivalent 
for boosting voltage by electrostatic induction means to the 
AC transformer (for boosting AC voltage by electromag- 
netic induction means). 


General Form of the Invention 


Accordingly, referring to FIGS. 1 through 4, the present 
invention constitutes a novel form of brushless permanent 
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magnet electrical generator for producing a useful ultra- 
high-energy external electrodynamic field, or continuous 
quasi-coherent DC corona or are discharge of essentially 
uniform current density, and as such the Generator funda- 
mentally comprises and incorporates: 


[A] a flat conductive rotor (6) principally formed of a 
large number of evenly-spaced individual metallic con- 
ductors or segments (14) and an equal number of 
conductive electron-emitting elements or field emitters 
(17), radially arranged in an annular flywheel configu- 
ration rather like the rotatable deck of a carousel, which 
are all connected in parallel electrically by the attach- 
ment of a thin metallic electrode ring (68) about the 
positive inner circumference of each of the two major 
flat faces of the annular flywheel thus formed and by 
the attachment of another such ring (22) about the 
negative outer circumference of each such flat rotor 
face; 


[B] a principal electrical generating system mounted on 
said rotor and used to create a very high primary DC 
voltage within a plurality of rotating toroidal field coils 
(35)(40)(56) by electromagnetic induction with an 
equal number of circular arrays of ring-shaped station- 
ary permanent magnets (34)(39)(55) (which are posi- 
tioned adjacent and concentric thereto), such that an 
internal primary discharge current may thereby be 
initiated between the rotor (6) and a housing electron 
“Emitter Ring” (47)—across an evacuated space charge 
chamber (11)—which is orders of magnitude larger 
than the operating current through said field coils; 


[C] a conductive exterior housing (1) divided into a 
plurality of distinct electrical sections—negative (3), 
neutral (4), and positive (5)—which may be charged 
from the internal rotor by electrostatic induction and/or 
by such primary discharge current (as the case may be) 
and within an evacuated induction compartment (12) of 
which said rotor (6) as an assembly, including the said 
generating coils attached thereto, is rotatably mounted; 


[D] a plurality of individual systems of stationary plane- 
parallel electrode elements (64)-(67) which electrically 
link the polarized rotor (6) by electrostatic induction 
about its positive inner circumference (within said 
evacuated compartment (12)) to two axially-central 
electron collector housing sections (5), and a plurality 
of similar individual systems of rotor-mounted plane- 
parallel electrode rings and/or radial electrode elements 
which may be utilized to connect a principal portion of 
the individual DC voltage outputs of said rotating field 
coils in opposed series-parallel across such composite 
rotor assembly; 


[E] this composite rotor assembly (6) as a means for the 
transportation and capacitive storage of electronic 
charge between opposite-polarity sections of the hous- 
ing (5) and (3) (which are proximal to the inner and 
outer rotor circumferences respectively), such that a 
vastly higher secondary voltage is caused to appear 
across interposed neutral housing sections (4), resulting 
in a continuous ultra-high-energy DC discharge current 
about the housing externally which is also conducted 
internally across the rotor segments (14) that extend 
across the neutral housing portion and between the 
positive sections; 

[F] a large number of stationary electromagnetic arma- 
tures (37) in a uniform circular arrangement located 
within the neutral electrical region (4) of the housing 
which are to be operated principally on variable DC 
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voltage, but which may also accept limited pulsed 
unidirectional or alternating voltage input, and which 
are employed as a group to impart an orderly rotational 
magnetic vector moment to the external discharge 
current that acts to inhibit the formation of concentrated 
arc streamer or channel phenomena and thus to assist in 
rendering such current quasi-coherent in nature; and 

[G] the said principal electrical generating or Primary 
Power System as operated and used in such a manner that a 
minor pulsed unidirectional or alternating voltage is super- 
imposed upon the high-energy DC rotor current, and the 
external discharge current therefore acquires a discrete AC 
power factor, for purposes of modulating the electrodynamic 
characteristics of the external field during normal operation 
and/or for purposes of exploring the invention’s potential 
signal communications capability in relation to intriguing 
new theories in high-energy quantum physics and relativity. 

In a “single-stage” rotor electrical circuit embodiment of 
the Generator, as intended for use in an electrical and/or 
thermal energy output application, any such minor AC 
voltage present in said rotor circuit receives only a modest 
and single level of amplification—in a manner generally 
associated with a single multi-electrode vacuum tube. In a 
“three-stage” rotor electrical circuit embodiment of the 
Generator, as intended for use in a propulsive and/or com- 
munications application, any such minor AC voltage may 
receive a substantial and multiple level of amplification—in 
a manner generally associated with a multiple number of 
sequentially-coupled multi-electrode vacuum tubes. 

FIG. 1 shows a side sectional view of the general form of 
the invention, as if cut through the central axis of the circular 
structure. Only one side of the tapered peripheral portion of 
the structure is shown, the overall Generator being sym- 
metrical about the axis along which the section shown is cut. 
FIG. 2 shows a top sectional view of the invention, as if cut 
through just above the rotor assembly at the “equator”, with 
only about a 30° radial sector of the circular structure shown 
(the remaining 330° being identical around the Generator). 
In each case, identical reference numbers are used to indi- 
cate identical elements. FIGS. 3 and 4 are side and top or 
bottom views of the Generator (respectively), showing the 
outward appearance of the invention and the external field it 
produces. The following discussion of the general form of 
the invention will be in reference to FIGS. 1 to 4, unless 
otherwise noted. 

The entire apparatus of the invention is contained within 
a circular conductive exterior hull or housing (1), which is 
tapered from its vertical centerline (“axis”) to its rim (or 
“equator”). The overall housing is radially symmetrical 
around the axis, and bilaterally symmetrical about the equa- 
tor. This housing’s two central one-base spheric-zone- 
shaped sections (5) will be positively charged, its two 
intermediary conical ring-shaped sections (4) will be elec- 
trically neutral, and the convergent outermost or peripheral 
conical ring-shaped sections (3) will be negatively charged. 
Preferably, the surface areas of the outer (3) and inner (5) 
housing sections are equal, and specific details of the hous- 
ing or hull design are given in a section to follow. 

Each of the housing’s two symmetrical positive sections 
(5), or hull positive “zones”, should be divided into equal- 
area radial sectors (42) which are equal in number to the 
number of like sections into which the device’s superstruc- 
ture is divided. Thus, in the preferred embodiment of the 
Generator these two positive zones (5) will each be divided 
into 36 such sectors, and isolated top and bottom, yielding 
a total of 72 individually controllable discharge collector 
areas. The positive zone sectors (42) jointly comprise what 
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may hereinafter be referred to as the device’s “Field Hub”, 
and should be composed of a conductive refractory metal or 
high-temperature structural alloy such as #310 stainless 
steel. These positive sectors are insulated from sector-to- 
sector by insulating “partitions” (43) of a suitable ceramic 
material (such as Cordierite), and must be supported by an 
insulating understructure (not shown). 

At least one hull “neutral ring” surface layer (46) is also 
to be affixed on a housing frame and composed of one or 
more insulating ceramic material/s (such as Cordierite, 
Zirconia, and/or Kézite, as necessary). Said neutral hull 
layer/s may be applied in the form of plates and/or tiles to 
nonmetallic “deck” sheeting (not shown separately) sup- 
ported by superstructure beams (153). This decking and its 
supporting beams are both preferably composed of a carbon 
composite material, and will thus be fairly conductive. 
Therefore, both must be isolated from the positive Field Hub 
by a dielectric buffer material (45) and from the hull’s 
Emitter Ring (47), comprised of two negative housing 
sections (3), by an auxiliary dielectric buffer (50). The 
Generator’s neutral housing section superstructure is shown 
in detail in FIG. 14, as is a piping system of coolant tubes 
or “thermal conduits” (74)479) for maintaining the hull 
neutral sections (4) and superstructure—as well as the 
enclosed Primary Power System—at an acceptable operat- 
ing temperature. Such an intercooler system would utilize a 
cryogenic coolant such as liquid air or nitrogen when the 
EDF Generator is operated in the atmosphere for purposes of 
thermal energy output, and will be explained in greater detail 
in a section to follow. 

The negative hull plates which form each section (3) of 
the Generator’s peripheral Emitter Ring (47), to which the 
rotor (6) distributes the discharge current forming the exte- 
rior field envelope, should be composed of high-purity 
aluminum which is copper-clad and then nickel-plated to 
prevent erosion at high field voltage and current levels. The 
abutting edges of all of the adjacent such plates must be 
welded one to another, and affixed to any necessary neutral 
hull section hardware, such that a hard vacuum may be 
drawn within the peripheral chamber (11) thereby formed. 
The induction compartment (12) enclosed between the two 
neutral hull sections (4) is contiguous with the peripheral or 
space charge chamber (11), and thus is equally evacuated. 

A pressurizable central chamber (2) within the housing 
(1), located between the two hull positive zones (5) thereof, 
constitutes the location of the Generator’s control cabin and 
of its payload area when used as an aerospace vessel. The 
interior (11)-(12) of the negative (3) and neutral (4) housing 
sections (respectively) is separately sealed, and must be as 
highly evacuated as possible to promote the efficiency of the 
various rotating and stationary electrode arrays and to pre- 
vent their destructive failure. The main vacuum seals (155) 
and the rotor’s vacuum chamber charge buffers (156) are 
shown in FIG. 1. 

Inside the evacuated induction compartment (12) of the 
housing (1), and surrounding the central chamber (2), is 
located the composite rotor assembly (6) in the form of a flat 
annular flywheel. In the preferred embodiment, 180 indi- 
vidual conductors or segments (14) of very high collective 
ampacity are employed in the rotor, as will be seen in the 
discussion of FIG. 5 below, as are a like number of inter- 
segment insulators or segment “separators” (16). The pre- 
ferred material for the rotor segments is high-purity copper 
which is certified oxygen-free, to resist the production of 
free oxygen radicals at high operating temperatures which 
would degrade the performance of the various electrode 
arrays and cause an undesirable increase in vacuum chamber 
(11) temperature. 
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The inner ends of the rotor segments (14) and segment 
separators (16) are mechanically connected via a retaining 
and lockdown section thereof to one or more ring gear(s) (8), 
which run/s entirely around the central aperture of the rotor 
assembly. Suitable insulating attachment hardware (7), as 
described in detail in the following section (and shown in 
FIG. 15), will be used to effect a rigid mechanical union of 
the segments and separators to the said ring gear(s) and 
associated drive means such that the gear(s) and all conduc- 
tive components of such drive means are electrically isolated 
from the energized segments. The ring gear(s) (8) may be 
engaged by one or more pinion or drive gear/s (162) 
powered by a motor (9) or plurality thereof, which may be 
of various types (such as electrical or hydraulic), causing the 
rotor to rotate around the central chamber (2). The rotor is 
supported near its outer edge by two ballraces (25) mounted 
to the housing superstructure and to the rotor, and having 
bearing balls (26), allowing it to spin freely. 

As can be seen in either FIG. 1 or 7, the rotor segments 
(14) are electrically connected together at each end by 
continuous inner (68) and outer (22) electrode rings, and 
also at intermediate points by induction cathode rings (28) 
and induction anode rings (61). The inner electrode rings 
(68) constitute the primary induction ring array anode 
elements, as will be described below. The outer electrode 
rings (22) are each covered by a dielectric layer (23) which 
is in turn covered by an anode ring (24), and each combi- 
nation of rings (22) and (24) separated by dielectric layer 
(23) forms a housing charge ballast capacitor whose func- 
tion will be explained in detail below. Induction anode rings 
(29) and cathode rings (59) are used to electrostatically 
induce corresponding negative and positive voltages on 
rotor-mounted rings (28) and (61), respectively, thereby 
electrically energizing the rotor segments as will also be 
described in further detail below. 

FIG. 5 shows details of the basic rotor construction. 
Wedge-shaped ceramic pieces or segment separators (16) 
equal in number to the conductive rotor segments (14) are to 
be positioned uniformly between the individual segments, as 
are the rotor’s peripheral field emitters (17). To form the 
base rotor construction, the segments, separators, and field 
emitters must be equal in number, preferably using 180 of 
each. The said segment separators are actually more struc- 
tural than insulative in purpose, and not only stiffen the 
entire rotor to prevent its distortion at elevated temperature 
and rotational speed but also provide a nonconductive base 
for mounting all other rotor assembly components. Each of 
the ceramic separators (16) is bonded to its adjacent seg- 
ments (14) by refractory adhesive layers (15). 

Two important criteria for selecting a ceramic segment 
separator material are that the compound chosen be readily 
machinable like steel and provide very high physical 
strength yet require no firing. These parameters limit the 
choice made almost to a solitary substance: magnesium 
silicate (MgSiO,). When suitably formed, this material can 
be milled, drilled, and tapped like steel (using low-speed 
tungsten carbide tools) and approaches the physical strength 
of dry-pressed porcelain. It is ready for use directly after 
shaping and requires no kiln hardening. 

This latter characteristic is very important as it is 
extremely difficult to produce fired ceramic pieces with the 
exacting dimensional control necessary in this case, and it 
eliminates the tendency of thicker fired pieces to develop 
micro-cracks which may potentially cause destructive fail- 
ure of the component under high centrifugal loading. Sur- 
facing can be done with abrasive paper or grinding wheels, 
and it is very important that this material be machined or 
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worked perfectly dry as it is fairly porous and any lubricant 
used tends to significantly alter its dielectric properties. 
Magnesium silicate of this type is available from CeramTec 
NA as CeramTec designation AlSiMag 222, and will with- 
stand constant working temperature of over 1300° C. 

The insulating separators (16) are shorter than the con- 
ductive segments (14), allowing for the field emitters (17) to 
be fastened outboard of the separators. The field emitters are 
thus located around the outer circumference of the rotor 
assembly and should be formed of a sintered refractory 
composite, such as tungsten-copper, selected for its relative 
surface work function and superior arc-erosion characteris- 
tics. As can be seen in FIGS. 5, 6a, and 6b, the field emitters 
are fastened mechanically and electrically to the conductive 
segments (14) through locator pins (19), which fit into 
mating holes recessed into the ends of the segments. These 
emitters (17) taper to a somewhat rounded edge at the tips 
(20) which form the outermost periphery of the rotor (as an 
assembly), and are squared-off at their bases (18) to fit 
tightly against the insulating separators (16). From the top 
view of FIG. 6b, it can be seen that the field emitters follow 
the tapering of the segment separators (16), increasing 
slightly in width from their bases (18) to the tips (20). The 
conductive segments (14), in contrast, are of constant width 
over their length. 


Overall Description of the Primary Power System 
Structure 


Rotor Drive and Positioning Assemblies 


Referring now to FIG. 15, a split-frame centrifuge-style 
carrier assembly reminiscent of the rotatable mounting 
arrangement for the turntable of a carousel may be employed 
to firmly suspend, center, and rotatably mount the composite 
rotor assembly about its inner circumference within the 
evacuated induction compartment of the housing, and such 
carrier assembly should preferably be constructed of a 
weldable nonmagnetic metal alloy which is suitably insu- 
lated from the electrically energized rotor assembly compo- 
nents. 


The rotatable carrier assembly may be mechanically- 
affixed and/or welded to one or more large metal ring gear(s) 
which may be comprised of like sections (163) to facilitate 
construction and which in turn may be supported, driven, 
and dynamically braked by one or more low-voltage DC 
motor-generator unit(s) (161) (similar to those used in large 
electric trains) and drive pinion gear/s (162). Such ring 
gear(s) may additionally be supported by pinion gear and 
pillow block bearing assemblies (1f necessary—not shown in 
FIG. 15). Such drive motor-generators(s) (161) and said 
pillow block bearing assemblies (if any) must be separately 
and nonrotatably affixed to the relatively stationary housing 
superstructure. 

Referring still to FIG. 15, it can be seen that in the 
preferred embodiment the inner end of each rotor segment 
(14) and segment separator (16) is flared outward into a 
retaining “fantail” (160). These retaining fantails are pref- 
erably enclosed and prepared for connection into a driven 
assembly using a system of: [i] insulating inner (171) and 
outer (173) ceramic thermal spacers; [ii] axial (172) and 
radial (174) nylon (or equivalent) load buffers; and [iii] 
insulating displacement (170) and lockdown (175) ceramic 
bushings. The retaining fantails are then secured into a 
driven assembly by two identical carrier half-structures 
comprising frame struts and members (168) and retaining 
ring sections (167), using: [i] mounting ring sections (164) 
each having two ring gear sections (163) attached thereto; 
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[11] a corresponding number of mounting ring spacers (165) 
each having a very stiff metallic flexor plate (166) attached 
thereto; and [iii] nylon (or equivalent) torsion buffers (169). 
The drive pinion gears (162) allow a preferred total of 32 
like and evenly-spaced DC drive motor-generator units 
(161), which are mounted to the Generator’s ground frame 
(10), to apply input rotational torque (or counter-rotational 
braking torque) to the composite rotor assembly by engaging 
a total of four ring gears (comprised of sections (163)) which 
are mounted to the rotor’s described drive carrier assembly. 

Rolling bearing assemblies should be employed to further 
center and stabilize the composite rotor about its outer 
periphery within the evacuated induction compartment of 
the housing, as a readily feasible mechanical alternative for 
that purpose to ‘zero-friction’ electromagnetic positioning 
systems (of the type normally associated with mag-lev train 
technology) which are of a much greater complexity. 

Such rolling bearing assemblies may comprise two com- 
plimentary pairs of stationary and rotating circular-groove 
raceways (25) about the outer periphery of the composite 
rotor assembly, as well as an appropriate number of bearing 
balls (26) including uniform ball separation means, and 
these bearing assemblies may be composed of nonmagnetic 
stainless steel and/or a specialized ball bearing ceramic 
(such as silicon nitride (Si,N,)) which may run unlubricated 
in a very hot electrically-charged environment 


The Rotor and Associated Elements 


There are a number of electrical structures attached to the 
base rotor construction, which rotate with the segments, 
separators, and field emitters as a composite assembly. It will 
be understood that the structures mounted on the rotor and 
those interacting with the rotor are symmetrical above and 
below the incorporating device’s equator, as well as either 
continuous or repeating in placement around the device in 
the plane of the rotor segments, so that a reference to an 
element at one point above the rotor also applies to the 
similar elements below and around the rotor. 


Referring to FIGS. 1 and 2, and in the preferred three- 
stage embodiment of the invention suitable for an aerospace 
vessel (as shown schematically in FIG. 9), the following 
elements of the principal electrical generating means are 
mounted upon the annular rotor. Generally starting at the 
outer circumference of the rotor and working inward, and, 
for each structure, starting at the rotor and working upward, 
these are: 

[a] the ballast capacitor, comprising a negative ring ele- 
ment (22) attached directly to the rotor, a dielectric 
layer (23) affixed thereto, and a positive ring element 
(24), 

[b] the bearing ballrace (25), within which the bearing 
balls (26) roll between two identical raceway halves— 
one on the rotor, and one mounted to the vessel’s 
stationary structural frame. The ballrace (25) and bear- 
ing balls (26) support the rotor peripherally and are 
structurally mechanical, not taking part in the electrical 
operation of the invention; 

[c] the voltage-induction diode ring array, in the form of 
a cathode ring (28) which is mounted on and electri- 
cally connected to the rotor segments (14) and an anode 
ring (29) which is affixed plane-parallel to the cathode 
ring (28) and insulated from it by a suitable supporting 
structure using insulating posts, pins, or brackets in or 
on the segment separators (16). Although the resulting 
combination could be thought of as a 2-element or 
diode vacuum-tube construct and is similarly named, it 
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is more accurately a “cold” parallel plate capacitor of 
high value and appreciable AC conductance which 
preferably exhibits a modest circuit DC leakage cur- 
rent; 


[d] the outer field coil (35), helically wound and supported 
upon a continuous coil support or structural core which 
is preferably nonferromagnetic (not shown). There are 
preferably two windings on the core which together 
comprise such coil, as will be discussed in the circuit 
section below and as is shown in FIG. 9—the major 
portion or field winding (81), and a minor portion or 
bias winding (82); 

[e] the outer voltage-transfer triode ring array, in the form 
of cathode (30), control grid element (31), and anode 
(32) rings or elements, affixed plane-parallel or 
radially-concentric above the rotor segments (14) and 
insulated from them and from each other by similar 
such supporting structure (using insulating posts, pins, 
or brackets) in or on the segment separators (16). This 
combination also comprises a triode vacuum-tube con- 
struct with controllably variable AC conductance; 


[f] the center field coil (40), helically wound and sup- 
ported upon a continuous coil support or core of the 
type described. There are again two windings on the 
core, as will be discussed in the circuit section below 
(and as is shown in FIG. 9)—the major portion or field 
winding (83), and a minor portion or bias winding (84); 


[g] the inner voltage-transfer triode ring array, in the form 
of cathode (51), control grid element (52), and anode 
(53) rings or elements, affixed plane-parallel or radially 
concentric above the segments and insulated from them 
and from each other by the described supporting 
structure(s). This combination again comprises a triode 
vacuum-tube construct with controllably variable AC 
conductance; 


[h] the inner field coil (56), helically wound and supported 
upon such continuous coil support or core. There are 
once again two windings on the core, as will be 
discussed in the circuit section below and as is shown 
in FIG. 9—the major portion or field winding (85), and 
a minor portion or bias winding (86); 


[i] the voltage-induction triode ring array, in the form of 
an anode ring (61) which is mounted on and electrically 
connected to the rotor segments (14) as well as a 
cathode ring (59) and control grid element ring (60) 
affixed plane-parallel to the anode ring (61) and insu- 
lated from it and from each other by the said supporting 
structure(s). The resulting combination comprises a 
triode vacuum-tube construct with controllably vari- 
able AC conductance; 


[j] the primary induction anode ring (68), which is also 
mounted on and electrically connected to the rotor 
segments (14) and which provides the positive element 
of the stationary plane-parallel electrode systems used 
to induce the exterior field; and 


[k] the ring gear(s) (8) or other appropriate means for 
allowing a drive mechanism to spin the rotor. 


Field Coils 


Referring now to FIG. 1, the field coils (35)(40)(56) 
which comprise the major rotating portion of the primary 
DC voltage generating means are formed of conductive 
insulated magnet wire multi-layer toroidally wound upon 
cores (not shown) whose permeability should generally be 
minimized, and main portions of the DC voltage outputs of 
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the three field coils comprising each of two like groups 
thereof—one above the plane of the rotor and one below— 
are sequentially connected via a plurality of individual 
systems of rotating plane-parallel electrode rings (or 
alternatively, modular radial electrode element systems or 
tubes) in the preferred three-stage rotor emodiment of the 
invention shown. The number of wire turns comprising each 
such field coil should in general be maximized (in a practical 
manner), in either the single- or three-stage embodiments. 

As is depicted more clearly in FIG. 8, each such field coil 
may be compound wound or comprise two or more inde- 
pendent voltage generating portions, with either all or the 
major portion of each coil constituting the field winding 
(81)(83) or (85) or principal DC voltage generating portion 
of that coil as a whole, and the principal or field winding 
portions of the field coils comprising either of the said two 
like groups thereof may be hooked in series one to another 
by direct physical connection in the single-stage rotor 
embodiment of the Generator shown. Each of the two like 
sets of three such field windings thus formed are then 
connected on their respective sides of the rotor between the 
plate resistor (91) of the diode array anode ring (29) and the 
inner triode array cathode ring (59), while observing appro- 
priate conventions of polarity assignment. 

The remaining minor portion (if any) of each field coil 
may comprise one or more independent bias and/or control 
winding(s), or secondary DC voltage generating portion(s) 
of that coil as a whole, with the largest such secondary 
winding if any constituting the control grid bias winding of 
that coil. As shown in FIGS. 8 and 9, one such bias winding 
(82)(84) or (86) is provided for each field coil and is 
positioned in the schematic(s) immediately thereabove. In 
the single-stage rotor embodiment of FIG. 8, these bias 
windings are also directly connected in series one to another 
between the inner triode array cathode ring (59) and the 
corresponding grid resistor (90) of that same array’s control 
grid (60), with the negative end of each bias winding toward 
the said grid resistor. 

In the three-stage embodiment of FIG. 9, the field winding 
of each said field coil is connected in series between the 
plate resistor (92) attached to the anode ring of the outer- 
lying electrode system which is adjacent to that coil and the 
cathode ring of the innerlying electrode system adjacent 
thereto, while observing appropriate conventions of polarity 
assignment. The bias winding (if any) of each said field coil 
is then connected between the cathode element (30)(51) or 
(59) of such innerlying electrode system and the grid resistor 
(90) attached to the negative control grid (31)(52) or (60) 
(respectively) of that same electrode system, while observ- 
ing appropriate conventions of polarity assignment, such 
that said bias winding is in parallel with the cathode ring or 
element of that electrode system and may therefore provide 
an AC and/or DC voltage bias with respect thereto in the 
manner associated with electron vacuum tubes. 


Rotating Electrode Arrays 


Electron vacuum tube design, construction, and operating 
methods are employed to impress the principal portion of 
each field coil group’s combined series DC voltage output 
across the Generator’s rotor in an opposed parallel arrange- 
ment (comprising two like field winding circuits or rotor 
subcircuits), such that the rotor segments become electri- 
cally polarized, although the rotor is not considered uni- 
formly energized electrically until a finite DC Primary 
Power System circuit current is established against the series 
capacitance and high bias voltage of the several rotor- 
mounted electrode systems. 
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Two special pairs of highly-capacitive electrode rings 
(22)(24) seperated by a dielectric media (23) are affixed 
upon the polarized rotor (6) near the outer negative periph- 
ery thereof, and supplied with a portion of the Generator’s 
positive primary DC output voltage, in order to accomplish 
the storage of a predetermined amount of ballast electron 
charge which is sufficient to enable a desired much-higher 
secondary voltage to appear across the neutral sections of 
the housing (given the static capacitance and surface charge 
density characteristics of the housing as a whole in 
operation). 

Electron vacuum tube design, construction, and operating 
methods may be employed to induce and/or modulate a 
substantial DC bias upon the plate currents of any or all of 
the various rotating plane-parallel and/or radial electrode 
systems or “arrays” employed in the present invention. Each 
rotating three-electrode system or triode array so-employed 
should be constructed in such a manner that it exhibits a 
minimum design amplification factor (u) equal to 4.0, with 
reference to any AC voltage or signal present in its electrical 
circuit and as a function of its engineered relative electrode 
spacing(s). 

Electron vacuum tube design, construction, and operating 
methods may furthermore be employed to induce, modulate, 
and/or amplify a minor pulsed unidirectional or alternating 
voltage upon the high-energy DC rotor current, and there- 
fore on the field envelope current as well, as a means by 
which the electrodynamic field produced by the Generator 
may potentially be used (as a form of antenna) for purposes 
of transmitting and receiving a variable electromagnetic 
and/or gravimetric resonant frequency signal either to or 
from itself or a separate similar device (as the case may be). 


In light of this teaching, it is contemplated that one 
possible type of communications signal which might be 
investigated employing the EDF Generator would couple the 
electric, magnetic, and gravitic forces to utilize the wave 
mechanics of quantum potential vacuum fluctuations (AE, / 
At), which are believed by some theoretical physicists to 
propagate at c? in order to explain the uniform operation of 
gravity and entropy in two space-time continuums which are 
coincident but completely out-of-phase. Should this quan- 
tum gravity theory prove correct, the transmission delay of 
a gravimetrically-coupled EM signal at this wave speed 
would be only 0.10525 seconds per light-year. 


In any event, it should be noted that the rotor interstage 
coupling transformers (89) which are depicted in FIGS. 1 
and 9 (but are not shown in FIG. 2) would be employed only 
in a preferred three-stage rotor embodiment, and mounted 
(one each) immediately above the rotating diode and transfer 
triode arrays ((28)-(29), (30)-(32), and (51)-(53) 
respectively). These transformers may preferentially take 
the form of continuous toroid coils on either powdered iron 
or nonmagnetic cores (like the field coils), having single- 
layer primary and secondary windings, or of one or more 
pairs of balanced toroidal arc-section coils and cores of 
similar composition which are uniformly distributed above 
said rotating arrays. Each transformer (89) uses two DC 
blocking capacitors (88). 

It may be appreciated from FIGS. 8 and 9 that each bias 
winding or series group thereof, its associated triode array, 
and a corresponding output plate resistor (91) or (92) 
together comprise one stage of amplification of any AC 
signal voltage which may be present across that triode’s grid 
resistor (90) as an input. In this way, electromagnetic waves 
of one form or another from outside the external field created 
by the Generator may be both detected, from their influence 
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on the waveform(s) of the field envelope current, and 
amplified from within the device (when used as an aerospace 
vessel). 


The Interaction of the Rotor and Frame-mounted 
Elements 


Magnetic Rings 


A plurality of circular arrays of stationary permanent 
magnets essentially comprise the stationary portion of the 
primary DC voltage generating means, and each such mag- 
net is preferably to be formed as a C-shaped ring composed 
of axially round stock of a metallic ferromagnetic substance 
which exhibits a very high residual induction (such as the 
alloy family commonly known as Alnico). The number of 
individual magnetic rings comprising each such array should 
in general be maximized (in a practical manner). Preferably, 
each magnet array has a rigid and annular nonmagnetic 
round core (not shown) which is roughly equal in minor 
diameter to the inside diameter of the constitutent rings, such 
that the rings may be easily strung thereupon rather like 
beads on an abacus wire. 


Referring once again to FIGS. 1 and 2, each of the several 
magnetic ring arrays (34)(39)(55) may be installed in sec- 
tions which are preferably equal in number to the number of 
like sections into which the incorporating device’s super- 
structure is divided. The rotating field coil (35140) or (56) 
associated with each such circular array of individual mag- 
netic rings must be respectively concentric and adjacent 
thereto, and is basically positioned on both the radial and 
axial centerlines of the flux gaps of that array’s constituent 
rings. As power is generated thereby, these rings may need 
periodic replacing. 

The maximum length of the flux gap of each such 
C-shaped magnetic ring must of course be just slightly larger 
than the minor outside diameter of its associated field coil, 
and should be roughly equal to or just slightly less than the 
formed inside diameter of that magnetic ring. In the pre- 
ferred embodiment these ring flux gaps are oriented 
horizontally, although they may also be readily oriented 
vertically if so desired. Each magnetic ring may also be 
mounted within the superstructure of the housing such that 
a comparatively small thin axially-polarized wafer of a 
highly-coercive permanent ferromagnetic substance (like 
sintered Ferrite 5 (BaO.6Fe,0,)) is positioned in the hollow 
center of that ring magnet, with such wafer’s magnetic poles 
facing the like poles thereof, so as to act as a leakage flux 
blocking or reducing mechanism with respect thereto. These 
optional components would be most easily installed by 
insertion into a corresponding slot cut into each of the 
described mounting cores, and are recommended for use in 
very large devices. 

Also arranged concentrically around the evacuated induc- 
tion compartment (12) of the Generator, but fixedly mounted 
within the vessel’s structure instead of rotating with the rotor 
assembly, are the following elements of the principal elec- 
trical generating means. Again, they are discussed in order 
from the outer circumference of the vessel inward, as shown 
in FIGS. 1 and 2, and a reference to an element at one point 
above the rotor also applies to the similar elements below 
and around the rotor: 

[a] the stationary half of the ballrace (25); 

[b] the outer array (34) of stationary permanent magnets, 
which should be mounted on a nonmagnetic core and in 
the preferred embodiment incorporates a maximum of 
900 such ring magnets equally spaced around the vessel 
superstructure; 
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[c] the circular group of stationary electromagnetic arma- 
tures (37) or “variable inductor” array, as used to impart 
a rotational magnetic force upon both the external 
discharge current and the internal rotor assembly 
(which is proximal thereto). Each such array preferably 
comprises a maximum of 180 such armatures, and is to 
be approximately centered within the neutral region of 
the housing so that its constituent armatures are axially 
parallel to the rotor’s axis of rotation; 


[d] the center array (39) of stationary permanent magnets, 
which should be mounted on a nonmagnetic core and in 
the preferred embodiment incorporates a maximum of 
720 such ring magnets equally spaced around the vessel 
superstructure; 


[e] the inner array of (55) stationary permanent magnets, 
which should be mounted on a nonmagnetic core and in 
the preferred embodiment incorporates a maximum of 
576 such ring magnets equally spaced around the vessel 
superstructure; and 


[f] the stationary anode ring (58), located adjacent and 
plane-parallel to the rotating cathode (59) of the inner 
electrostatic-induction triode array, which develops an 
induced positive voltage that is made available to the 
control circuitry shown in FIG. 10 as described below. 

FIGS. 8 and 9 show two embodiments of the Primary 
Power System. The “Field Induction System” or stationary 
plane-parallel electrode arrangement(s) employed to induce 
the exterior field is/are basically the same in either case, and 
the voltage control system of FIG. 10 may be used with 
either embodiment. 

The simpler single-stage rotor system of FIG. 8 is prima- 
rily intended for applications wherein the EDF Generator 
would be employed to produce useful electricity or heat, the 
latter being extracted from a principal liquid hull coolant 
circulated through the primary thermal conduits (48) (shown 
in FIG. 1) that encircle the field power resistors (63). Two 
thermal exchange or main service manifolds (not shown) 
would provide ground-based support to such a Generator 
from an associated utility or physical plant, as well as a 
remarkable level of electrical or thermal output from such 
Generator thereto. Each such manifold would connect 
directly to a single circular center sector of one of the two 
positive housing zones. Each of these two center sectors 
(44), one or either of which is depicted in FIG. 4, must in this 
case be composed of a nonconductive material. 


Description of the Primary Power System Circuit 


Referring again to FIG. 8, the respective outer, center, and 
inner field windings (81)(83)(85) are directly connected in 
series, and the voltage thus generated is applied to the inner 
induction triode array cathode ring (59) and (through plate 
resistor (91)) to the outer induction diode array anode ring 
(29) and to the ballast capacitor anode ring (24). The 
respective outer, center, and inner bias windings (82)(84) 
(86) are also connected in series, and the voltage thus 
generated is applied between the inner induction triode array 
cathode ring (59) and (through grid resistor (90)) to the 
control grid (60) of that same array. This places said control 
grid in parallel with that cathode electrically. 


The turns numbers of the bias windings (82)(84)(86) and 
the grid resistor (90) values are chosen to apply a bias 
voltage to control grid (60) such that the inner induction 
triode array is biased very nearly to current cutoff. This 
results in a very high voltage being induced on the rotor 
segments (14) between outer induction cathode ring (28) and 
inner induction anode ring (61), but at a very low series field 
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coil current due to the near-cutoff bias of the triode array. It 
is expected that the voltage on the rotor segments between 
these two rings, in a preferred embodiment using this 
arrangement, would be approximately 8,000 volts for a 
four-foot diameter prototype, or about 2,000 volts per foot of 
housing diameter. It is also anticipated that series field coil 
current could be limited to fractional amperage in smaller 
such devices and to single-digit amperage in the largest. 


The preferred embodiment shown in FIG. 9 is a three- 
stage rotor system which is considered to be much more 
useful for applications wherein the EDF Generator may be 
employed as an aerospace vessel, in that it allows energy/ 
wave-function signals from outside the vessel to be detected 
and amplified in the manner previously described. 


In this embodiment, instead of the field windings (81) 
(83)(85) being directly connected together in series, inter- 
mediary voltage-transferring triode vacuum tube constructs 
are used to effect an indirect series connection between the 
said field windings. The voltage thus generated is again 
applied to the inner induction triode array cathode ring (59) 
and (through plate resistors (92)) to the outer induction 
diode array anode ring (29) and to the ballast capacitor 
anode ring (24). The bias windings (82)(84)(86) are in this 
case used to provide an independent bias voltage to the 
control grids (31)(52)(60) of the outer, center, and inner 
rotating triode arrays, respectively, in parallel with their 
cathodes. 


As in the single-stage rotor embodiment described above, 
the turns numbers of the bias windings (82)(84)(86) and the 
grid resistor (90) values are chosen to apply a bias voltage 
to control grids (31)(52) and (60) respectively such that each 
corresponding triode array is biased very nearly to current 
cutoff. This results in a very high voltage being induced on 
the rotor segments (14) between outer induction cathode 
ring (28) and inner induction anode ring (61), again at a very 
low or fractional current due to the near-cutoff bias of the 
triode arrays. It is expected that the voltage on the rotor 
segments between these two rings, in a preferred embodi- 
ment using this arrangement, would be approximately 1,500 
volts per foot of vessel diameter. 


In general, the stationary anode rings (58) and all of the 
rotating electrode rings except the primary anode rings (68) 
should be composed of a nonmagnetic structural nickel alloy 
(such as Inconel 600). All rotating control grid element wires 
should be composed of an alloy such as that commonly 
known as nichrome. The rotating cathodes may be com- 
posed of modestly-thoriated tungsten, however, if and only 
as necessary to establish a small DC Primary Power System 
current if the observed ‘dark discharge’ current values are 
deemed insufficient, particularly in the three-stage embodi- 
ment wherein amplification of a minor AC signal voltage 
may be desired for communications purposes. The ceramic 
material Titania, with a nominal dielectric constant of 85, 
may preferably be used to form the posts, pins, or brackets 
which support the various rotating electrodes. 


It is important to observe that both Primary Power System 
(rotor) field winding circuits as configured in both the 
single- and three-stage Generator embodiments will have an 
inherent AC series resonant frequency, and operation at that 
frequency will maximize the series field winding AC line 
currents (within given circuit resistor constraints) as well as 
the dependent stage plate voltage drops (across resistor(s) 
(91) or (92) respectively) which allow stage AC signal 
reproduction and amplification. As in traditional related 
practice, the series resonant frequency will be that at which 
the given circuit’s inductive and capacitive reactances are 


5 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


20 


approximately equal and opposite. Thus, the series resonant 
frequency of either of said Generator rotor circuit embodi- 
ments will be largely contingent upon the total field winding 
inductance and coil core permeability, as the various rotor 
electrode arrays and the plate resistor(s) (91) or (92) must 
have quite specific fixed relative design values of capaci- 
tance and resistance (respectively)—as a function of total 
field winding voltage—for proper overall DC and AC circuit 
performance. 


Each Primary Power System control grid winding sub- 
circuit as configured in the three-stage rotor embodiment 
may then be readily tuned for stage AC parallel resonance at 
the said inherent series resonant frequency, thereby mini- 
mizing stage grid subcircuit line current while maximizing 
the stage grid voltage drop (across each grid resistor (90)) 
which determines the level of net stage AC signal voltage 
gain or amplification obtained. As in traditional related 
practice, the parallel resonant frequency will once again be 
that at which the given subcircuit’s inductive and capacitive 
reactances are approximately equal and opposite. This con- 
dition may be achieved by connecting an optional capacitor 
of suitable value if desired across the secondary winding (or 
control grid resistor side) of each rotor stage coupling 
transformer (89), as indicated in FIG. 9. 


The Field Induction System 


Before commencing a technical discussion of the station- 
ary induction electrode systems which will be used to charge 
the positive housing sections, it will be necessary to further 
elucidate certain aspects of the Primary Power System 
electrical circuit so that a few of its key operational char- 
acteristics are more clearly understood. 


Referring now to FIG. 7, each of the Generator’s two 
identical groups of rotating field coils (one above and one 
below the rotor) are in essence connected in simple series 
across the rotor segments using pairs of capacitive electrode 
rings, thus forming a single series loop with respect to the 
rotor. The two such series loops are at the same time, 
however, connected in mutually-opposed electrostatic par- 
allel with respect to the rotor segment circuit leg common to 
both such loops. 


Based on applicable principles of proper circuit resolution 
and series DC capacitance, such an opposed series-parallel 
circuit may readily be configured such that equal and 
opposite-polarity voltages will result upon the rotor- 
mounted induction cathode (28) and anode (61) rings in the 
absence of a fixed ground reference. To this end, the rotor 
assembly itself is to remain completely without direct earth 
or chassis ground in operation, and a corresponding segment 
polarization will continue as the circuit is duly energized by 
a finite DC conduction current. 


When a primary DC rotor current is also established to the 
housing’s Emitter Ring (47) and an external discharge 
current in turn occurs to the positive zone sectors (42), the 
two systems of primary induction electrodes (64)-(68) also 
complete two simple series loops back to the rotor and the 
two such external field envelope subcircuits in parallel 
constitute the EDF Generator’s “Field Induction System” 
circuit. Thus, the total field discharge current equals the 
primary rotor current, and the rotor segment circuit leg is 
common to both of the major system circuits described. 


As is apparent from the section on Method of Operation, 
it is imperative that the charged housing sections also have 
no direct earth or chassis ground, being instead of a 
‘floating-ground’ reference with respect to the described 
primary rotor circuit. The cathodes (64) of these two primary 
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electrode systems may have a chassis ground reference at a 
very high resistive bias (as indicated in FIG. 10), across 
which any actual cathode charge imbalance or potential in 
operation may be detected and measured. 


Therefore, in light of the Faraday shielding principle and 
the said equal and opposite voltages which occur at opposite 
ends of the rotor segments (14), the potential difference 
between the rotor field emitters (17) and the inner surfaces 
of the two negative hull sections (or Emitter Ring (47)) will 
tend to become equal (and opposite) in operation to that 
across the primary electrode systems. And thus, a suitably 
vast and engineered differential in the electron emissivity of 
the field emitters (17) and the said ground-referenced pri- 
mary cathodes (64) will define the primary voltage expan- 
sion ratio which may be obtained (in the manner first 
outlined in the section on Method of Operation). This topic 
will be discussed in more detail in a section to follow. 


Moreover, a basic field-envelope-circuit generator design 
is disclosed which thus far, in accordance with Faraday’s 
and Lenz’s Laws, can produce a very high DC primary 
voltage with minimized circuit AC current inductance 
losses. The Primary Power System’s DC voltage is not 
readily available, however, for purposes of normally-usable 
electrical output. Brushless electrode rings (58) must once 
again be employed to extract any portion of this primary 
voltage for off-rotor use. The Primary Power System sche- 
matics shown in FIGS. 8 and 9 in conjunction with FIG. 10 
best illustrate the use of these two additional stationary 
anode rings (58), one suspended adjacent to each inner rotor 
induction cathode ring (59), which allow a large 
electrostatically-induced positive DC voltage to be ‘picked 
off”. This positive voltage may then be used as a source of 
low power within an external circuit, provided that circuit is 
negatively-grounded and only to the Generator’s chassis, 
and is therefore really intended for auxiliary onboard usage 
only. 

It can be seen thus far, and especially in FIG. 7, that there 
are essentially two major systems involved in creating the 
voltages which must be applied to the positive and negative 
housing or hull sections in order to form the electrodynamic 
field that will surround the Generator in operation. These 
two systems are: 


[A] the Primary Power System, which generates a large 
DC voltage by electromagnetic induction and then 
electrostatically induces a major portion of that voltage 
upon the rotor segments (14) between two pairs of 
induction anode (61) and cathode (28) rings which are 
conductively affixed thereto (about the inner and outer 
circumferences of the rotor assembly, respectively); 
and 


[B] the Field Induction System, which utilizes the poten- 
tial difference which then exists between the positive 
inner circumference of the rotor—and its two attached 
primary anode rings (68)—and two separate sets of 
highly electron-emissive stationary cathodes (64) 
which are maintained at chassis ground and which are 
circularly-arranged near and electrically-connected to 
the periphery of each central collector housing section 
(or “zone”) so that they may jointly charge their respec- 
tive zone sectors (44) and/or (42) positively by strip- 
ping them of native electrons. 

Each of these primary electrode array cathodes (64) 
connect directly to a field power resistor (63), which in turn 
connects to one positive radial zone sector (42) of the central 
housing sections. Each such cathode (64) is also vertically 
aligned inboard with a group of three stationary plane- 
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parallel grid electrode elements and one of the two inner- 
most rotating induction anode rings (68) conductively- 
affixed to the rotor segments (14) (about their positive inner 
circumference). Each such group of three grid elements is 
comprised of a control grid (65), an accelerator grid (66), 
and a suppressor grid (67), with one such combined grid 
element assembly per radial zone sector (42). 

Together with the said primary induction anode ring (68), 
each such 5-electrode group constitutes what is termed a 
“unit pentode array” ((69) as seen in FIG. 7). The unit 
pentode arrays (69) and their associated frame-mounted 
power resistors are thus arranged in two ring-shaped sets, 
located between the rotor and the two positive housing 
sections, which are referred to throughout as the “primary 
induction ring rays”. 

The potential difference between the unit pentode array 
cathodes (64) and rotor primary anode rings (68) is then 
referred to as the “primary array voltage”, as the unit 
pentode arrays of each primary induction ring array are 
connected in parallel electrically (between the field envelope 
and rotor), and the number of unit pentode arrays should be 
equal to the number of like sections into which the Genera- 
tor’s superstructure is divided. 

Electron vacuum tube design, construction, and operating 
methods may be employed to induce and/or modulate a 
substantial DC bias upon the plate current(s) of the several 
unit pentode arrays, which electrically link the polarized 
rotor to the central housing sections, for purposes of ren- 
dering the external electrodynamic field variably non- 
isometric and therefore directionally propulsive. Each such 
“stationary” 5-electrode system or unit pentode array (69) 
(whose anode element actually rotates) should be con- 
structed in such a manner that it exhibits a minimum design 
amplification factor (u) equal to 12.0, again with reference 
to any AC voltage or signal present in the Field Induction 
System circuit and as a function of its engineered relative 
electrode spacing(s). 

The rotating primary induction anode rings (68), station- 
ary cathodes (64), and various grid element wires which are 
associated with the stationary multi-electrode systems 
should be composed of tungsten, due to the extremely heavy 
conduction current across these primary arrays. Ceramic 
posts, pins, or brackets composed of a specialized material 
such as Titania may once again be used to support all of the 
various stationary electrodes and grid elements, and each 
unit pentode array’s grid wires should be vertically aligned 
(or mutually-shading) similarly to those in a “beam power 
pentode” vacuum tube. 

As generally depicted in FIG. 1, a primary thermal 
conduit (48) with an imbedded coolant-carrying core (49) 
encircles and mechanically supports each unit pentode array, 
its power resistor (63), and that resistor’s enclosing dielec- 
tric buffer (45). These thermal conduits and dielectric buffers 
will be examined in further detail hereinafter. 

The operation of the Field Induction System is regulated 
by a central Field Voltage Control System which is modular 
in nature, as illustrated in FIG. 10, and which is therefore 
mechanically and electrically connected to the stationary 
cathodes and grid elements of each unit pentode array (69). 
In this regard, the auxiliary stationary anode rings (58) 
described above are to serve as the source of positive voltage 
applied to the accelerator grids (66) of said unit pentode 
arrays, and such Field Voltage Control System is designed to 
directly accept this voltage for that purpose. The Field 
Induction and Voltage Control Systems will be discussed 
further in sections to follow. 


Zone Sector Construction 


Referring now generally to FIGS. 3 and 4, one major goal 
in dividing each of the two hull positive zones or sections (5) 
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which jointly comprise the Generator’s Field Hub into a 
large number of radial sectors (42) in electrical parallel is to 
limit the external field current reaching each particular 
power resistor and unit pentode array combination to a fairly 
uniform level, while somewhat reducing field current return 
eddy losses as well. However, each radial sector (42) is 
thereby also given the capability of effecting a local thrust 
production differential (in propulsive three-stage rotor 
devices), by virtue of its electrical isolation, as it is then 
possible to vary the local resistance presented to the elec- 
trodynamic field with respect to any given radial sector so 
that a substantial measure of navigational control in the 
z-axis may thus be achieved by varying the proportional 
field current conducted by that sector. 


Because the inherent resistance of each such sector itself 
will be negligible even at an extremely elevated operating 
temperature, in part due to the very low temperature coef- 
ficient of resistivity of the proposed steel hull plate material, 
the voltage drop across the radial length of each sector will 
also be negligible. Thus, the determination of an appropriate 
sector thickness becomes an entirely structural consider- 
ation. A secondary design goal with respect to zone sector- 
ization is therefore to select a uniform cross-sectional area 
for the radial zone sectors (42) which yields a Field Hub 
total conduction mass approaching that of the device’s rotor 
segments (14). 

The hull plating which forms each positive zone (or 
section (5)) of the Generator’s Field Hub should preferably 
be composed of stainless steel or a refractory metal, and 
divided into thirty-six equal-area radial zone sectors (42) of 
truncated wedge shape and a circular center zone sector (44). 
As stated earlier, in the single-stage Generator embodiment 
these two center zone sectors must be of a nonconductive 
material or construction, and should also comprise approxi- 
mately 4 to 5% of the total area of their respective zones to 
allow the connection of the exchange or main service 
manifolds described above. In the three-stage embodiment 
such center sectors (44) must instead be conductive as just 
prescribed for the radial zone sectors (42), and should each 
comprise about 1% of the said zone area. Each such positive 
radial sector should be formed of a single piece of the hull 
plating material in such a manner that its cross-sectional area 
in the direction of its radial length is maintained at a very 
uniform value. 


The uniform thickness of each center zone sector (44) 
should be equal to that of the radial sectors as measured at 
the minor (inner) arc width thereof, and the radial sectors 
must be insulated from the respective center sector where 
they meet that center sector’s periphery (except in single- 
stage rotor devices). A suitable thin ceramic insulating 
partition (43) may therefore be installed between each 
adjacent pair of radial zone sectors (42), and around each 
center sector (44) in three-stage devices, and the uniform flat 
thickness of these sector insulators should in general be 
minimized. 

In three-stage devices, four radial sectors (42) of each 
positive housing zone which correspond to cardinal points 
separated by 90 degrees of the hull’s circumference, and 
which divide the Field Hub into four equal quadrants (as 
indicated with phantom lines in FIG. 4), should be con- 
nected in parallel with the center sector of that positive zone 
at the maximum positive voltage end of those four sectors’ 
respective power resistors (63). 

The parallel resistance of the four conductors which 
therefore connect each center zone sector (44) (in three- 
stage devices) to its respective network of power resistors 
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should then be such that that sector’s per unit surface area 
level of field current conduction is slightly higher on the 
average than that of its adjacent radial sectors (42), under 
uniform zero-signal field bias conditions as hereinafter 
described. 


The four unit pentode arrays (69) of each primary induc- 
tion ring array which correspond to the power resistors 
so-connected to that primary array’s center zone sector (44) 
would generally not be utilized individually in the active 
field current bias modulation related to the production of 
local thrust differentials (in three-stage rotor devices), being 
instead reserved primarily for potential involvement in sig- 
nal communications transmission and/or reception activi- 
ties. 


Power Resistors 


As best seen in FIG. 1, the cathode element (64) of each 
plane-parallel electrode system or unit pentode array which 
is used to link the rotor assembly with a positive housing 
collector section or radial zone sector (42) is electrically 
connected to such positive section or sector by means of a 
ceramic resistor block (63), of a certain low dielectric 
constant and high volume resistivity, which becomes a poor 
but effective conductor at the elevated operating voltage and 
temperature of such housing collector sections and which 
ensures an adequate external field current voltage drop 
between such section or sector (42) and said cathode ele- 
ment (64) (which is chassis-grounded as shown in FIG. 10). 


Referring still to FIG. 1, each said ceramic resistor block 
or “power resistor” (63) is to be entirely jacketed by a 
hollow ceramic thermal conduit (48), including a dielectric 
buffer (45) composed of a ferroelectric material having a 
certain high dielectric constant and very high volume resis- 
tivity which does not become a conductor even at the 
elevated operating voltage and temperature levels of said 
power resistors. These thermal conduits (48) mechanically 
connect the power resistors to a flattened inner surface of 
such positive hull section or radial sector (42) and a form of 
very-high-temperature heat transfer fluid such as liquid 
sodium may be circulated therein so that the proper resistor 
temperature is maintained to ensure an optimum cathode 
potential with respect to ground. 


A suitable manifolding, pump, and heat exchanger system 
(not shown) may be used to extract or transfer an extremely 
high level of recoverable thermal energy from the power 
resistors (63), arising from the field current voltage drop 
associated therewith, by means of such primary heat transfer 
fluid circulated through the thermal conduit cores (49) in the 
manner normally associated with nuclear power plants. 
Similarly, the rate at which such primary hull coolant is 
circulated may be used to directly regulate and limit the 
external field current to a value within the safe ampacity of 
the rotor assembly. 


It is important to point out that each of the Generator’s 
power resistors (63) and its associated dielectric buffer (45) 
and primary thermal conduit (48) may be designed, as an 
assembly, to incorporate a fixed positive reduced-voltage tap 
(not shown), whereby a main source of onboard or output 
DC or AC electrical power may be provided either for or 
from the Generator within a limited-duty circuit which is 
grounded directly to the primary cathodes. Provisions 
should and may also be provided for biasing, damping, 
and/or inductively coupling any primary conduit connecting 
sections, to control or harness electromotive currents 
induced in the highly-conductive primary coolant. Onboard 
electrical resistive heating means should and may be incor- 
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porated for purposes of pre-heating the primary coolant and, 
in turn, the power resistors and dielectric buffers. 


Referring briefly to FIG. 11, it is also important to note 
that the Generator’s power resistors must be in a conductive 
state before the housing potential difference reaches break- 
down field intensity, as figured along a minimum semicir- 
cular arc trajectory (142) across the hull neutral sections (4), 
and the flow of field discharge current commences. 
Therefore, the actual maximum dielectric constant of the 
resistor material used in very-high-voltage single-stage rotor 
devices, and in ultra-high-voltage three-stage rotor devices 
as well, may be calculated at about k=11. 


As is best seen in FIG. 14, the recovery thermal conduits 
(79) of the secondary hull coolant system which assist in 
supporting the entire tapered peripheral portion of the hous- 
ing must pass inboard between the power resistor assemblies 
referred to above, and therefore the resistors (63) must 
assume a complex tapered shape to provide the necessary 
clearance. As generally depicted in FIGS. 1 and 2, they will 
have a trapezoidal cross section at the ‘top’ or outward- 
facing end (with radial length somewhat greater than minor 
circumferential width) and a rectangular cross section at the 
bottom or cathode end (with circumferential width much 
greater than radial length). In this regard, their engineered 
shape should still maintain a uniform conduction cross 
section exactly analogous to that of the preferred positive 
zone sector construction described above. 


Dielectric Buffers 


Referring once again to FIG. 1, it is imperative to elec- 
trically insulate the power resistors (63)—due to the extreme 
voltage drop that will occur across them in operation—to 
prevent direct discharge to other nearby structural compo- 
nents from taking place. However, not only is this a problem 
due to the thickness of insulation which would be required 
at any ‘ordinary’ dielectric value, but the power resistors’ 
projected operating temperature range of 600 to 700+* C. 
completely precludes the use of almost all known dielec- 
trics. Fortunately, the search for high-temperature dielectrics 
for use in aerospace electronics applications (particularly 
multi-layer capacitors) has resulted in the development of a 
small number of exotic materials potentially suitable for use 
as a space charge buffer (156) or dielectric encapsulant (45) 
for the Generator’s power resistors (63). 


In the application contemplated herein, the volume resis- 
tivity of the resistor encapsulant is somewhat secondary to 
its dielectric constant k at high temperature, because no 
opposing contact voltage is present (as in a capacitor) to 
encourage circuit conduction losses within the material. 
Therefore, the prime consideration is the dielectric’s ability 
to exhibit a very large k value at over 600° C. This places the 
material squarely in the realm of a very small select group 
of Class III high transition temperature ferroelectrics. These 
materials, such as Tantalum-modified Lanthanum Titanate 
and Lead Ytterbium Tantalate, do not begin to demonstrate 
significant dielectric strength at less than 300 to 450° C. One 
such compound, Sodium Bismuth Titanate 
(Nao 5Bi,.;Ti,0,5), actually exhibits an amazing peak k 
value of about 3100 near the middle of the said power 
resistor operating temperature range: at 655° C. (1,202° F.). 
This would seem to indicate that this compound is eminently 
suited for use in forming the necessary rotor space charge 
buffer pieces (156) and/or resistor dielectric buffers (45) in 
this application. 


It should be stressed that great care in quality control must 
be exercised in formulating and sintering this or any similar 
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such special compound during manufacture of the dielectric 
buffer pieces. An absolute minimum of impurities must be 
assured, the density of the constituent powder maximized, 
and each piece finally certified as being free of the smallest 
physical defect prior to use in order to attain the desired 
operating performance. It is also hoped that these crucial 
components may each be compaction die formed and sin- 
tered simultaneously with a respective power resistor (63), 
and perhaps even with the corresponding primary thermal 
conduit (48) as well. 


The core (49) of the thermal conduit associated with each 
power resistor (63) should be constructed of a refractory 
metal or alloy tubing (such as molybdenum) which is 
jacketed with high-purity Alumina or a comparable material 
formed directly thereupon. Thus, each such primary thermal 
conduit becomes an extremely strong structural member 
which may also be used to support the stationary electrodes 
of the corresponding unit pentode array, while circulating 
the preferred liquid sodium heat transfer fluid or coolant 
around the outward faces of that power resistor to recover or 
remove its excess heat. 


Each power resistor (63), its dielectric buffer (45), and 
associated primary thermal conduit (48) together comprise 
one power resistor assembly, and each such assembly in 
combination with its corresponding unit pentode array is 
considered for present purposes as forming the constituent 
component group of which the primary induction ring arrays 
and Field Induction System are comprised. 


Extensive calculations reveal that a suitable power resis- 
tor material in most sizes of the single-stage embodiment of 
the Generator would be a ceramic material with the chemical 
formula Mgo.SiO,, which is available from CeramTec NA 
as CeramTec designation Steatite 357. A suitable power 
resistor material in most sizes of the preferred three-stage 
embodiment of the Generator would be a somewhat different 
ceramic material with the chemical formula 
2Mg0.2AL0,.5S10,, which is available from CeramTec 
NA as CeramTec designation Cordierite 547. 


Overall Description of the Field Induction System 
Circuit 


Before an overview of the EDF Generator’s Field Induc- 
tion System electrical circuit is presented, a somewhat 
comprehensive examination of the nature of the housing or 
hull configuration should be made, as in this application the 
hull itself is an active part of that circuit. Its electrostatic 
characteristics as a function of such configuration will 
therefore have a fundamental influence upon the nature of 
the external field envelope discharge current itself. 


Hull Design 


The derivation of the Generator’s design hull 
configuration, as best seen in FIG. 3, comprises a long and 
complicated story. This should not be taken to imply that the 
final and rather exacting composite shape selected is the 
only one that ‘works’ properly. It merely reflects the pre- 
ferred embodiment of the inventor’s conceptualization of a 
fundamentally mechanical device which happens to entail 
both tremendous electrical complexity and inspiring aero- 
nautical implications. 

Should the proposed vessel eventually be used to explore 
the possibility of transcending the time/light barrier, 
extremely precise calculations regarding its spatial displace- 
ment and charge/mass ratio will no doubt become necessary. 
Therefore, one of the principal reasons for the chosen hull 
design is that the total vessel displacement may readily be 
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calculated using traditional formulas from analytic geometry 
for the volumes of the two truncated right conic sections and 
two one-base spheric zones, and the volume of the remain- 
ing cylindrical central chamber region. 


Using just these formulas, a vessel hull configuration has 
therefore been developed which may be linearly expanded 
(as a scalar function of the hull radius) to virtually any size 
with no significant loss of accuracy. The Table of Dimen- 
sions which follows and the attendant schematic hull dia- 
gram of FIG. 3, upon which all of the subsequent Detailed 
Calculations quoted are based, illustrates the application of 
this design technique to a theoretical vessel hull only 48" in 
diameter. It must be emphasized that the construction of an 
Electrodynamic Field Generator this small might not prove 
entirely practical in reality, due strictly to mechanical 
limitations, and the inventor believes this prototype model to 
be in fact the smallest such machine that could be built. This 
original hull size was deliberately selected, however, to 
encourage the development of the maximum possible accu- 
racy with respect to contingent specifications for the relative 
size and positioning of the Generator’s principal 
components, prior to the actual construction of larger 
machines. 


The surface areas of the negative (3) and positive (5) hull 
sections are set equal to each other, and for two very 
important reasons: [i] to give the vessel hull a significant 
theoretical capacitance (despite its unusual geometry); and 
[11] to render the two “driving” or discharge current portions 
of the field envelope uniform in cross section. Essential 
considerations which are related to these fundamental design 
criteria are best expressed in the following electrostatic 
formula for uniform field intensity in a DC capacitor which 
exhibits a continuous leakage current: 


E?2=Vo/de.,, 


where V=equilibrium potential difference in volts, 

O=average surface charge density of one plate, 

d=plate separation in meters, 

e =universal electrostatic constant, 

and E=uniform field intensity in volts/meter. 

This equation plays an important supporting role in the 
invention’s Method of Operation, as previously discussed in 
that section above. 

The volumes of the peripheral right conic sections of hull 
volume surrounding the Field Hub and and those of the 
one-base spheric zones comprising the Field Hub itself are 
also set equal in a preferred embodiment, as this criterion is 
postulated to promote both the structural integrity of the hull 
in any attempt to breach light speed (and establish a stable 
Kerr metric space warp about the vessel) as well as the 
gravimetric stability of the central chamber/cabin area in 
light of the relativistic mass effects involved while doing so. 

As the case may be, to achieve this equal-area/equal- 
volume design, it was found necessary to employ two crucial 
interrelated constants (in addition to the ratio Y5 used to 
radially “step off’ the hull’s interior space): the Hull Area 
Constant and the Polar Hull Constant. The Area Constant is 
(as the name implies) necessary to achieve the equal-area 
part of the overall design solution, and merely dictates the 
small deviation of the neutral (4) and negative (3) housing 
sections’ ring radii from the stated preferred design incre- 
ment of the hull’s radial width. 

The other requisite design factor, the Polar Hull Constant, 
is much more complex in nature. This value specifies the 
maximum height of the spheric hull zones (5) as a function 
of their arc-shape, and the corresponding contingent Polar 
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Volume Differential is absolutely essential to achieving the 
equal-volume aspect of the preferred design. It is important 
to note that certain allowances must be made in practice for 
a finite but electrically-significant peripheral edge ‘thick- 
ness” (and therefore surface area) at the equator of the 
device’s negative housing Emitter Ring (47), but will in 
general only minimally modify the “pure” design-model 
values obtained using the mathematical formulas given in 
the Table of Dimensions to follow. 


Hull Configuration 


Referring now to FIGS. 3 and 4, the exterior housing or 
hull (1) is designed specifically to have a circular disc shape 
the thickness of which along the vertical axis of symmetry 
(that also constitutes the rotor’s axis of rotation) is relatively 
minor as compared to the diameter along its radial centerline 
plane, and which tapers gently from a maximum thickness 
along such vertical centerline to a very minor thickness at 
the radial periphery (47) of the housing. 


The tapered disc shape of the hull is postulated to promote 
the formation and maintenance of a stable bihemitoroidal 
corona or arc discharge field based upon certain empirical 
principles of electrostatics and upon laboratory experiments 
performed by the inventor involving concentric circular 
electrodes. Such an electrodynamic field may be character- 
ized electrostatically in this application by an axial positive 
polar electric field contiguous with a biplanar negative 
electric field, with each field of one given polarity tending 
strongly to become oriented parallel to a field of opposite 
respective polarity but similar intensity. 


The exterior housing or hull (1) is therefore divided into 
two axially-central positive electron collector sections (5), 
as well as: [i] either a single radially-peripheral negative 
electron emitter ring (47) which is biplanar in cross section 
or two or more such ring sections (3) which are uniplanar in 
cross section having separate planar orientations; and [11] 
two dielectric neutral sections (4) which are interposed 
between said positive and negative sections such that each 
such section of a given polarity is spatially separated from 
each section of the opposite respective polarity. 


The total external surface area of the housing’s negative 
Emitter Ring (47) or sections (3) is essentially equal to that 
of the positive collector housing sections (5) or zones, such 
that the overall housing configuration thereby acquires a 
significant theoretical static capacitance by design as 
intended. An estimated base value for such hull capacitance 
‘C’ may be obtained by applying the surface area ‘A’ of the 
hull’s two sets of “plates”, as figured using the formulas in 
the Table of Dimensions below, to the standard formula for 
parallel-plate capacitance (C=e,A/d). When plate separation 
‘d’ is taken to be the simple average of the longest (141) and 
shortest (142) purely-semicircular arc current trajectories 
across the hull, as depicted in FIG. 11, this estimate of hull 
capacitance is approximately 13 to 14 mmf for an EDF 
Generator 48" in diameter. 


Field Composition 


Referring to FIG. 11, the external discharge current once 
initiated may be expanded as a function of the operative field 
voltage to fill two hemitoroidal spatial volumes of rotation 
(140) whose outer perimeters (141) are defined by a semi- 
circular electron arc trajectory across the full housing radius 
in a plane perpendicular to the housing surface, or from the 
outermost point on the negative periphery thereof to the 
respective positive centerpoint of the housing lying on the 
vertical centerline thereof, and whose inner boundaries 
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(142) are defined by a similar such trajectory across the 
hull’s neutral ring or sections (4) from any innermost point 
on the negative periphery to the closest point thereto lying 
on the respective positive collector section (5). 


The physical volume (140) of the external discharge 
current as described has a uniform cross-sectional area in the 
radial direction of electron conduction which corresponds to 
any such semicircular arc trajectories between points on the 
housing’s negative Emitter Ring (47) and the respective 
positive collector housing sections (5) and therefore, by the 
definition of a conductor, such discharge current must 
assume a uniform current density. While very difficult to 
effectively describe in verbal terms, the idealized math- 
ematical configuration of the Generator’s heat- and thrust- 
producing field envelope region (as a function of its housing 
geometry) is visually easy to grasp and is clearly illustrated 
in FIG. 11. 


As indicated in FIGS. 12 and 13, stationary electromag- 
netic armatures (37) are uniformly distributed into two 
circular arrays (145) containing equal numbers thereof 
which are positioned on opposite sides of the rotor from one 
another, and which are each located concentric to the rotor’s 
axis of rotation midway between the negative Emitter Ring 
(47) and positive housing sections (5). These armature 
arrays (145) may be employed as two separate groups to 
impart a holistic but attenuating rotational magnetic vector 
moment upon the external discharge current, reaching 
through the thin neutral sections (4) of the housing, and thus 
may be used to modulate the field envelope’s kinetic and 
electrical characteristics in a variety of ways useful to the 
invention and its objects. 


FIGS. 12 and 13 also show the electric field vectors (143) 
as described above, and magnetic field vectors (144) as 
produced and modulated by the armatures (37) comprising 
the two armature or variable inductor arrays (145). FIG. 13 
specifically depicts the regular lateral bending or displace- 
ment of the radially-impinging electron trajectories (143), 
under the influence of the inductor arrays (145), which is 


postulated to have a unitizing effect on the driving portions 
(140) of the field envelope. 


It can therefore be seen that the device contemplated 
herein may be operated in such a manner that its external 
breakdown discharge current field achieves a uniform con- 
ductive cross section and current density, as well as a holistic 
and orderly rotational aspect which subsequently acts to 
assist in rendering such current quasi-coherent. And thus, for 
purposes of this device and its applications, such a discharge 
current field should be thought of as a special qualified type 
and form of DC corona or are discharge—having significant 
propulsive potential (to be further examined)—which then 
merits technical description as an electrodynamic field. 


In this respect, it may for now be emphasized that a useful 
level of electrically-developed thrust may be realized from 
the relativistic impulse of the electrodynamic field current 
electrons incident upon the positive collector housing sec- 
tions and, postulating the operation of the device in the 
vacuum of space (with a physical field current volume as 
described), the impulse velocity of such incident field elec- 
trons may be raised to as high as 99.99% of the speed of light 
and more with the corresponding relativistic mass thereof 
then equal to 69 times their rest mass or indeed much more. 


Primary Voltage Expansion Ratio 


In keeping with the logic presented at the opening of the 
Field Induction System section above, the primary array 
voltage will tend to equal only one-half (14) of the DC 
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voltage expressed across the rotor segments (or “rotor 
voltage”). Therefore, to develop an extraordinary multi- 
megavolt ‘secondary’ or field voltage across the Generator’ s 
housing of the type just described, the primary array cath- 
odes” electron emissivity (expressed as a certain factor) must 
exceed that of the rotor field emitters by a ratio which is at 
least as large as the ratio of the desired field voltage to half 
the observed said rotor voltage. The latter such ratio is then 
thought of as the primary voltage expansion ratio in this 
application, as outlined in the Method of Operation section 
hereinabove. 

A difference in the instantaneous rate at which these two 
said sets of parts will tend to discharge under the impetus of 
a given equivalent voltage or potential difference is thereby 
created. This instantaneous charge differential enables the 
primary cathodes to strip native electrons from the positive 
housing sections (5) thousands of times faster than such 
charge can reach the negative emitter housing sections (3) 
from the rotor field emitters. Thus, an instantaneous charge 
differential is perhaps best described as a cumulative charge 
imbalance that is known to operate (under certain 
conditions) in capacitive and/or thermoelectric circuit 
arrangements and to express itself as an elevation of the 
applied voltage or potential difference therein. 


To actually achieve and support such a condition requires 
the use of two housing charge ballast capacitors whose 
negative ‘plate’ elements or rings are affixed directly to the 
rotor segments (about their outer perimeter) and which are 
immediately able to store an amount of such charge that is 
sufficient to produce equilibrium collector surface charge 
densities resulting in the desired field voltage. This average 
required housing charge density is calculated using the 
traditional formula given in the Hull Design section above. 


The voltage applied to the positive rings of these ballast 
capacitors is taken from the rotor’s outer field coil anode 
ring connections and therefore represents a large portion of 
the Primary Power System’s generated field winding volt- 
age. It should be noted that this voltage must actually be 
passed to such capacitors beneath the rotor ballrace assem- 
blies in the form of recessed conductive traces on one or 
more of the segment separators. This same technique must 
also be employed to connect electrical elements of the 
Primary Power System lying outboard of the variable induc- 
tor arrays (145) with corresponding elements lying inboard 
thereof. 


In any event, these crucial ballast capacitors are therefore 
properly thought of as belonging to both the Primary Power 
System and Field Induction System circuits. They provide 
the necessary electric force means by which a given primary 
voltage expansion ratio (as defined) may be supported and 
realized using the engineered instantaneous charge differ- 
ential concept described. Because of the complexity of this 
aspect of the Generator’s operation, the specific example 
below will illustrate the relevant principles using the respec- 
tive temperature emissivity factors of the chosen field emit- 
ter and primary cathode materials with respect to the afore- 
mentioned 4ft. prototype model. 

This temperature emissivity factor, e ET where “e” is the 
base of natural logarithms 2.71828 ..., ‘K? is Boltzman’s 
constant, and “T” is the absolute temperature in “K, derives 
from the famous Richardson-Dushman equation: a formula 
for the correct thermionic emission current density ‘J’ of a 
clean metal cathode in vacuum having surface work function 
$. And, expressed in mathematical terms, the principle of 
ratio equivalence defined above may be stated as follows: 


Primary Voltage Expansion Ratio=cathode e~?*/emitter e?*". 
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Using field emitters of sintered 0.68/0.32 tungsten/copper 
composite and thorium-adsorbed tungsten primary cathodes, 
a 4 ft. diameter three-stage-rotor prototype unit of the 
invention’s design would achieve a primary voltage expan- 
sion ratio equal to about 12,106 given a field emitter 
$=4.408 eV and primary cathodes of =3.639 eV with both 
component sets at a temperature of 948° K (or 675° C.) as 
figured per the above equation. The field voltage expressing 
this ratio is verified in the Detailed Calculations hereinbe- 
low. 

It is important to note that this equation can readily be 
solved for the required primary cathode q where the pro- 
jected mean operating temperature of the primary cathodes 
is given (as it would be in operation), and where the field 
emitters’ q is also fixed and known but their actual operating 
temperature within a range of possible values must be 
experimentally or theoretically obtained. 

The external breakdown discharge current once initiated 
and sustained in this manner is generally limited only by the 
engineered design characteristics of the unit pentode arrays 
which comprise the Field Induction System. In particular, 
the negative DC bias voltage applied to the unit pentode 
array control grids (65) must be sufficient to limit the total 
primary induction ring array current to a value within the 
safe operating ampacity of the rotor. For purposes of this 
text, the term “full-power” as used in relation to the Primary 
Power System and its incorporating device shall be taken to 
indicate a corresponding rotor speed wherein a full nominal 
field envelope voltage is achieved, maintained, or exceeded. 
Such an operational state is depicted in FIGS. 11, 12, and 13. 


Field Current Bias 


In a simple single-stage rotor embodiment of the Genera- 
tor used as a “Thermal Power Unit”, no active biasing of the 
current in either of the two current-carrying portions (140) 
of the field envelope (which are otherwise symmetrical) 
need take place at the primary arrays, and the current 
comprising each such driving portion of the field is essen- 
tially equal. In the preferred three-stage rotor embodiment 
intended for propulsive units, the field current is actively 
biased or proportionally shunted by the primary arrays 
between such field envelope portions (140) to render the 
impulse thrust developed thereby mutually non-isometric 
along the Generator’s vertical centerline. Several important 
considerations directly related thereto are discussed below, 
and reference should generally be made to FIG. 7 in this 
section. 

The Generator’s maximum full-power total field current 
must be equal to the rated DC parallel ampacity of the rotor 
segments, as figured using traditional methods. An opera- 
tional minimum full-power field current in any propulsive 
three-stage rotor device used as an “Impulse Drive Unit” 
should then be considered as equal to either one-half (%) of 
the so-rated rotor ampacity or a level of total rotor current 
sufficient to allow the Generator to produce a net vertical 
thrust equal to its own weight, whichever is the lesser. 

Given the minimum engineered amplification factor of the 
unit pentode arrays (69) earlier stated, this minimum full- 
power field current may in all likelihood be maintained with 
an average value of primary array negative bias voltage (as 
applied to the stationary control grids (65) shown in FIG. 7) 
which is less than or equal to about one-half (%) of its 
specified design-maximum value. If no unidirectional or 
alternating voltage component of the Field Induction System 
current is present, this said average negative bias voltage 
value constitutes the primary arrays’ “zero-signal” bias 
voltage and the primary arrays may be said to be in a 
zero-signal field bias condition (as mentioned earlier 
hereinabove). 
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Each of the two said driving portions (140) of the Gen- 
erator’s field envelope may be referred to as a “field hemi- 
torus” because of its postulated shape, and the maximum 
individual field hemitorus current at any given value of 
operating rotor current should at all times be limited to a 
level which is less than or equal to two-thirds (25) of that 
operating rotor current. Peak net field thrust will then equal 
one-third the total isometric thrust. Assuming the said given 
amplification factor, this maximum advisable hemitorus 
level of proportional total field current may in all likelihood 
be maintained with an average value of negative bias voltage 
applied to the corresponding primary array’s control grids 
(65) which is equal to approximately one-third (15) of its 
specified design-maximum value (or less proportionally at a 
rotor current level which is less than rated ampacity). 


Due to the lag time in heating either of the two power 
resistor (63) networks through which an increasing field 
hemitorus current must return, the negative bias voltage 
applied to the corresponding primary array’s control grids 
(65) may be briefly reduced to as little as one-sixth (%) of 
its specified design-maximum value (as a standard minimum 
operating control grid voltage) or less proportionally at a 
rotor current level which is less than rated ampacity. 


The minimum individual field hemitorus current at any 
given value of operating rotor current should at all times be 
maintained at a level equal to or greater than one-third (15) 
of that operating rotor current. Assuming the said given 
amplification factor, this minimum advisable hemitorus 
level of proportional total field current may in all likelihood 
be maintained with an average value of negative bias voltage 
applied to the corresponding primary array’s control grids 
(65) which is equal to approximately two-thirds (25) of its 
specified design-maximum value (or less proportionally at a 
rotor current level which is less than rated ampacity). 


Due to the lag time in cooling either of the two power 
resistor (63) networks through which a decreasing field 
hemitorus current must return, the negative bias voltage 
applied to the corresponding primary array’s control grids 
(65) may be briefly increased to as much as five-sixths (*%) 
of its specified design-maximum value (as a standard maxi- 
mum operating control grid voltage) or less proportionally at 
a rotor current level which is less than rated ampacity. 


It is important to note that the current passed by the unit 
pentode arrays (69) will depend to a great degree on the 
accelerator grid (66) voltage rather than on the overall 
primary array potential difference, just as in any standard 
vacuum tube which employs a screen or accelerator grid 
whose positive voltage is less than the applied plate voltage. 
It therefore becomes evident that this positive grid (66) 
voltage may also be modulated in a manner similar to the 
negative control grid (65) voltage. This type of ‘duplex’ 
signal-handling or control voltage response capability 
allows the unit pentode arrays (of either primary induction 
ring array) to amplify a resonant frequency communications 
signal while simultaneously controlling an independent 
level of current-contingent thrust. 

In any event, it can be seen here in light of the Law of 
Conservation of Momentum that a sizeable force of thrust 
will be developed by each field hemitorus (140) from the 
relativistic impulse of its constituent electrons incident upon 
the collector housing sections (5), and that suitable means 
have been provided for rendering such mutually-opposed 
y-axis thrust vectors variably non-isometric. 

A less obvious but very important distinction which 
should be made in regard to the EDF Generator’s production 
of such electrically-developed thrust is certainly this: it is 


A. What term would you use to describe the 
load in this circuit? 


B. Does the circuit contain all three 
components of an oscillator at this point? 
Answers 


A. Resonant or tuned. 
B. No, the feedback connections are missing. 
Note The circuit shown in Figure 9.8 does not 
have an input signal either to the emitter or 
to the base. By adding a feedback connection 
to a parallel LC circuit, you provide an input 
signal to the emitter or base, as explained 
later in this chapter. 

9 Write the voltage gain formulas for the 


following circuits. Refer to the circuits and 
voltage gain formulas in problems 4-6, if 
necessary. 
Questions 


A. Common emitter circuit 
B. Common base circuit 


Answers 
A. Re 
Ày = = 
Re 
B. Re 
Ay = ——— 
Rs 
10 You can use common emitter and 
common base amplifier circuits in oscillators, 


and in each case, you would usually also 
include an extra capacitor. 
In a common emitter amplifier, you can add 
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not necessary that the Generator or in particular its positive 
hull sections (5) (or Field Hub) provide the work required to 
move the field current charge against the field potential 
eradient. Per classical electric field theory, the work may be 
done by the charge itself in being repelled along the potential 
gradient. In the first case, work is ‘performed’ and in the 
second it is ‘recovered’. Furthermore, it can be shown 
mathematically in light of the preceding distinction that any 
net recoil force experienced by the negative hull Emitter 
Ring (47) is strictly Newtonian in nature, compared to the 
relativistic impulse thrust produced at the Field Hub, and 
that the peak value of such recoil would amount to no more 
than about 9,000 of one percent of the peak net value of the 
said thrust. 

Therefore, the Electrodynamic Field Generator’s input 
rotary torque drive means will provide the work-energy 
required to establish and maintain the rotor’s rotation and 
the resultant field potential gradient that is induced in the 
manner described, and the electron charge comprising field 
hemitorus current will then do the work required to effect its 
passage toward the positive Field Hub. The resulting colli- 
sions are almost completely inelastic, so momentum and 
kinetic energy are conserved independently, and the field 
current’s gained kinetic energy is recovered almost entirely 
as heat. 


Field Voltage Control System 


Accordingly, it can also be seen that the interactive factors 
or features which result in the EDF Generator’s exhibited 
field voltage as a function of its rotor voltage are much more 
complicated in nature than the simple turns ratio which 
defines an AC transformer’s secondary voltage in terms of 
its primary voltage. And because of the extremely high 
primary voltage expansion ratios which will be operative in 
large devices, small fluctuations in the Generator’s station- 
ary primary array electrode voltages can conceivably cause 
very large and undesirable fluctuations in the exhibited field 
voltage. Therefore, a relatively simple but effective Field 
Voltage Control System is provided which may be used to 
monitor, regulate, and adjust all individual primary cathode 
and grid voltages to optimum specified and/or interim oper- 
ating values such that rotor ampacity is not exceeded, and 
this system anticipates the use of an associated onboard 
computer system (to render its various interactive functions 
automatic). 

The embodiment of such a control system as shown in 
FIG. 10 is intended merely to provide a logical circuit model 
which is illustrative of the principles of the invention, and of 
certain principles of appropriate circuit resolution which 
should be applied within such a system in light of the 
following aspects of its teaching, and not to preclude the use 
of other possible embodiments of such control system 
circuitry. 

The cathode elements (64) of each plane-parallel elec- 
trode system or unit pentode array (used to link the rotor 
assembly to the positive housing sections) are to have a 
surface work function q which is significantly lower and/or 
an operating temperature which is significantly higher than 
that of the rotor field emitters (17), and will therefore tend 
to exhibit a comparatively much-higher electron emissivity, 
such that the ratio of their respective temperature emissivity 
factors (which are each represented by e7**%) has a very 
determinate effect upon the respective exhibited ratio of the 
device’s external discharge field voltage to the primary DC 
voltage generated internally. 

Referring to FIG. 10, these primary array cathodes (64) 
must be composed of tungsten or another refractory metal 
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which may also be either impregnated with thorium oxide or 
thorium metal submonolayer-adsorbed to achieve such low- 
ered comparative surface work function, and, to calibrate 
their emissivity relative to that of the rotor field emitters (17) 
as a means of defining and determining the device’s external 
field voltage relative to its primary array potential difference 
(or half the rotor voltage). 


The Field Voltage Control System as shown is basically 
designed to directly accept the rather high positive induced 
voltage of the stationary anode rings (58) (shown in FIGS. 
8 and 9) for the purpose of providing the primary accelerator 
grids (66) with their standard DC operating voltage. Due to 
the linear scalability of the Generator’s overall design, the 
nominal (or zero-signal) value of such voltage relative to 
chassis ground (10) is expected to be approximately +362 to 
+483 volts per foot of hull diameter in three-stage and 
single-stage Generator embodiments (respectively). An iso- 
lation diode (126) and switch or relay (124) prevent such 
positive voltage from being neutralized by negative current 
(s) elsewhere in the control circuit. 


Any one or more of the stationary electrode elements 
(64)-(67) comprising each said unit pentode array may be 
artificially cooled, as a means of further regulating the 
device’s external field voltage, and/or subjected to modest 
variable DC control voltages at times to further assist in the 
interim adjustment of that unit pentode array’s current. 

Avery high value capacitor (116) or a plurality of separate 
high value capacitors connected into a parallel or series- 
parallel matrix thereof may be employed to store the dis- 
placement charge caused within the Primary Power System 
by the charging of the rotor-mounted ballast capacitors, as 
part of such Field Voltage Control System. Said displace- 
ment charge holding capacitor(s) (116) may hereinafter be 
referred to as “ballast compensating capacitor(s)”. 

A very high value capacitor (117) or similar such capaci- 
tor matrix may also be employed to prevent the grounding 
of positive housing section potential by ambient ionization 
charge, from operation in air during the device’s start-up 
period before such sections are fully enclosed (by the 
external field hemitorus currents), as a further part of this 
Field Voltage Control System. Such bulk electron storage 
capacitor(s) (117) may hereinafter be referred to as “ambient 
charge capacitor(s)”. 

The negative plates of these ambient charge capacitors are 
to be isolated from ground during rotor spin-up, in order to 
effect a net negative charge storage, and so their positive 
plate charge is supplied by a dedicated common variable DC 
voltage supply (98) which is oppositely connected to the 
ground frame. Each ambient charge capacitor (117) 
employed during the device’s start-up period may be selec- 
tively switch- or relay-connected by its negative terminal to 
an accelerator grid element (66) of one or more of said 
plane-parallel electrode systems, in order to effect and 
control the storage of such ionization charge. Each such 
start-up capacitor (117) may also be selectively switch- or 
relay-connected by its negative terminal via a variable 
resistor and/or diode to a suppressor grid element (67) of one 
or more of said plane-parallel electrode systems, in order to 
effect and control the distribution of onboard stored negative 
charge reserves from the suppressor grid(s) (67) to the rotor, 
as a standard means of regulating the external field voltage 
(especially in the vacuum of space). 

Said ambient charge capacitor(s) (117) may also be simi- 
larly connected by the negative terminal(s) thereof either to 
a separate source of true earth ground or to one or more 
superconductive current storage ring/s (200) (including 
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charge deposition and retrieval means), for purposes of 
removing any excess ambient electron charge above the bulk 
storage capability of such capacitor or capacitor matrix 
which may be produced from normal or full-power opera- 
tion in air—or other gaseous dielectric media. 


Such superconductive current storage ring(s) would be 
used exclusively in large three-stage rotor propulsive models 
of the Generator, and thus constitute/s the means by which 
further expendable onboard charge reserves may be accu- 
mulated. The working core of each superconductive storage 
ring would preferably be a large but relatively thin torus (of 
small cross section) composed of solid mercury metal 
immersed in liquid helium, and as such would have a known 
ampacity measured in the hundreds of thousands of amps. 


A linearly-actuated control rod (103) or similar mecha- 
nism may be used to effect a mechanically variable thermal 
junction between each primary array cathode or grid element 
(64)-(67) and a cold thermal mass of the same or similar 
refractory metal, maintained at the reservoir temperature of 
a secondary cryogenic housing coolant such as liquid air or 
nitrogen. The plate elements and dielectric media of each 
capacitor or capacitor matrix employed in the Field Voltage 
Control System could also be incorporated (in a suitable 
manner) into the coolant vessel which contains said cold 
thermal mass. This System’s diodes would generally not be 
rated for mounting at such a low temperature. 


The voltage control circuit shown in FIG. 10 is modular 
in nature, in that one such unit is provided for each of the 72 
unit pentode arrays associated with the Field Induction 
System (in the preferred embodiment). All measurements of 
primary electrode voltage(s), and of positive housing section 
voltage, are to be made with respect to the Generator’s 
ground frame (10) (as generally depicted in FIG. 1): the 
metallic structural shell of the device’s central chamber to 
which the rotor carrier assembly drive motor(s) should be 
mounted. This grounding method is referred to throughout 
as “chassis ground”. 


One thermal control rod (103) is provided for each 
primary cathode and grid element (64)-(67) which variably 
engages both a control rod socket (104) attached thereto and 
a thermal junction (101), which is attached to a cold thermal 
mass (102) maintained at the reservoir temperature of the 
secondary (cryogenic) housing coolant, by means of a linear 
actuator (not shown). Such control rod (103) may then be 
used to regulate that electrode’s temperature to approxi- 
mately the same temperature as the associated power resistor 
(at 675° C. 155%. In this manner, small adjustments in 
cathode (64) emissivity may be made as necessary during 
operation and the various grids may be closely matched in 
temperature to that of their respective cathode(s) to ensure 
the accuracy of mutual primary electrode voltage balance. 
Any deviation of cathode (64) voltage from a chassis ground 
potential may be detected and measured across a very-high- 
value resistor (107), connected between said cathode(s) and 
chassis ground, which is preferably of a large carbon type 
having multiple fixed taps (and across which an output 
voltage may exist). 


A dedicated common variable DC voltage supply (95) is 
provided for all primary cathodes (64) as a means of 
ensuring an optimum cathode potential with respect to 
ground, despite fluctuating power resistor temperatures (in 
three-stage rotor devices where field hemitorus current is 
variably biased). This supply is shunted with a double-pole/ 
double-throw switch or relay (123) to enable either a posi- 
tive or negative interim control voltage to be applied to the 
cathodes (64), in order to hold their true potential as close to 
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ground as possible. A similar voltage supply (97) and 
switch/relay (123) is also provided for all primary accelera- 
tor grids (66) as a means of modulating the fixed level of 
applied positive grid voltage (from stationary anode ring 
(58)) and therefore the level of field hemitorus current, 
independent of the level of applied control grid (65) bias. In 
both cases, these DC supplies are isolated from chassis 
ground by blocking capacitors (106) to inhibit any net 
charge loss or accumulation from accruing to the ground 
frame (10) during operation (in propulsive units which are 
not connected to true earth ground). 

A dedicated common variable DC voltage supply (96) is 
provided for all primary control grids (65) as well. This 
voltage supply is not capacitor-isolated from chassis ground 
in this case, so that the primary control grids (65) and 
cathodes (64) may have a common direct ground reference 
as they would in a typical vacuum tube circuit arrangement. 
The said control grid supply (96) should also have a resistor 
(107) of the same type as that provided for the associated 
cathodes (64), connected between such supply’s positive 
terminal and chassis ground. These two criteria further 
ensure the accuracy of mutual primary electrode voltage 
balance, and the nominal (or zero-signal) value of such DC 
control grid voltage relative to chassis ground is expected to 
be approximately -36 to -48 volts per foot of hull diameter 
in three-stage and single-stage Generator embodiments 
(respectively). A variable bypass resistor (108) may be 
adjusted to ensure a very low and relatively constant DC 
operating grid current despite fluctuations in the value of the 
AC input signal resistor (110), as discussed below. 

Ballast compensating capacitors (116) are provided 
whereby negative outrush charge from the stationary anode 
rings (58) and the positive plates of the rotor ballast capaci- 
tors may be purged from the Primary Power System during 
rotor spin-up, to prevent stage electrode array voltage ratings 
from otherwise being greatly exceeded, via these same two 
anode rings (one per primary induction ring array), connect- 
ing switch/s or relay/s (124), and resistor/s (125). During the 
Generator’s spin-up and ‘run’ periods, each ballast discharge 
switch/relay (122) is normally open; switch/relays (124) are 
‘run-open’. Upon rotor de-spin, such ground-restoring 
charge must be proportionately returned to each stationary 
anode ring via switch/relays (124) and resistors (125), and to 
the Primary Power System as a whole via the discharge 
switch/relays (122) and suppressor grid discharge shunts 
(with variable resistors (113) and diodes (115)), for the most 
part after vacuum chamber current to the hull Emitter Ring 
has essentially ceased. 

Then, such normalizing charge may be ‘dumped’ across 
the described suppressor grid discharge shunts at a rate 
sufficient to ensure that the entire Primary Power System 
returns to a ground potential (by brief direct surge rotor- 
shorting to the outer induction array anode rings). Thus, 
resistors (113) provide a variable time constant for the 
discharging of the said compensating capacitors (116). An a 
independent common variable DC voltage supply (99) 
whose negative terminal is connected to the ground frame 
(10) ensures that the proper total ballast compensating 
charge described may be stored against the high positive 
applied potential of the stationary anode rings (58). 

The ambient charge capacitors (117) absorb ionization 
charge (arising from operation in air) which perforce must 
fall into the potential well(s) established by the positive 
housing sections at least until the field envelope’s two 
hemitorus currents are fully formed, and which would 
otherwise tend to ground the desired positive housing sec- 
tion voltage. Therefore, the negative plate voltage of these 
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storage capacitors (117) is applied from another dedicated 
DC supply (100), which is similar to that (99) provided for 
the compensating capacitors (116), by means of a common 
dpdt switch/relay (119). None of these DC supplies (95)- 
(100) are to have internal load-line diodes. 

The variable output of this “dynamic compensating” 
voltage supply (100) is to be approximately the same as that 
of the ambient charge capacitors’ positive voltage supply 
(98), thereby allowing the said capacitors (117) to be gradu- 
ally saturated during rotor spin-up with electrons collected at 
the accelerator grids via storage shunt inrush current switch/ 
relays (121) and diodes (114). During the Generator’s spin- 
up and run periods, the “control gate” switch/relays (119) are 
normally closed such that the negative pole of supply (100) 
is connected to the negative plates of these same capacitors. 
In the Generator’s run and de-spin periods, however, switch/ 
relays (121) are normally open. 

Any excess ionization charge above these capacitors’ 
joint storage capability which might lower the ‘run’ Field 
Induction System circuit voltage must then be either 
grounded off or deposited in said superconductive storage 
ring(s) (200) (in ungrounded propulsive Generators 
designed for maximum ambient charge storage), via the 
same said throw of control gate switch/relay (119) in con- 
junction with shunt switch/relay (120) and resistor (112). In 
this case, the storage shunt switch/relays (121) remain 
run-closed. Otherwise, the slow ‘run’ release and distribu- 
tion of negative charge reserves to the rotor from the storage 
capacitors (117) is effected by the gradual synchronized 
relaxation of the voltage/s from supplies (98) and (100) 
across switch/relay (119) and discharge resistor (113), with 
shunt switchs (120) and (121) open, while diodes (114) and 
(115) ensure that the said capacitors (117) may only be 
discharged in the manner described. 

This discharge of stored charge reserves actually takes 
place from the suppressor grids (67), which may serve as 
low-power electron emitters given their proximity to the 
primary anode rings (68). An isolation diode (127) prevents 
such negative charge from neutralizing accelerator grid 
circuit voltage. It should be noted that the suppressor grids 
may be held at ground potential as they would in a typical 
beam power pentode circuit arrangement, or at a very low if 
not negligible negative voltage for purposes of effecting 
such controlled low-power charge release, by means of [1] a 
minor negative voltage induced thereon by the correspond- 
ing proximal primary anode ring/s (proportional to their 
capacitance relative thereto); [11] the combined DC voltage 
drop across the paralleled resistors (109) and (111) con- 
nected to their respective accelerator grids; and/or [iii] the 
voltage of the dynamic compensating supply (100) relative 
either to earth ground and resistor (112) or to chassis ground 
and the relative opposing voltage of the ambient charge 
storage capacitor’s supply (98). 

The bypass resistor (109) provided between each accel- 
erator grid (66) and its associated suppressor grid (67) 
returns the inevitable stationary anode ring (58) and accel- 
erator grid (66) DC circuit current to the rotor from the 
suppressor grids (67), and simply assists in maintaining each 
suppressor grid at a DC potential as close to true ground as 
possible. The suppressor grid resistor (111) which is paral- 
leled with said bypass resistor (109), however, is analogous 
to a plate resistor on behalf of the corresponding inner 
(rotor) induction array in both the single- and three-stage 
rotor embodiments, in that any rotor circuit final-stage AC 
output voltage variations will be reproduced across it once 
field envelope circuit current commences. Likewise, any AC 
signal oscillations from an outside (remote) source which 
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are induced upon the field envelope current will immediately 
act as a detected first-stage AC input for rotor circuit 
amplification, and again will be reproduced across the said 
grid resistor (111). 

Therefore, any rotor or field circuit AC potential differ- 
ence across this grid resistor (111) provides an output signal 
voltage that may be: [i] received by an actual communica- 
tions console or a simple AC control-voltage operating 
circuit in the Generator’s central cabin; and/or [ii] reapplied 
either in- or out-of-phase with the voltage across the input 
signal resistor (110) of the associated control grid (65) as a 
further AC signal voltage amplification or suppression stage 
(respectively). An input AC signal or control voltage may 
also be applied across the control grid resistor (110) from 
such an onboard communications console or control-voltage 
operating circuit, as would generally apply to three-stage 
and single-stage devices, respectively. This grid resistor is 
variable for circuit tuning purposes related to resonant 
frequency communications (if desired). 

It can be seen from FIGS. 8 and 9, however, that the AC 
output amplification stage (or inner induction array) of the 
Primary Power System and its input stage (or outer induc- 
tion array) are directly coupled by the rotor segments (14) in 
both single-stage and multi-stage rotor embodiments. Thus, 
the rotor electrical circuit as configured will be subject to 
continuous positive (or regenerative) feedback of any AC 
signal voltage present either in the field current or on the 
rotor, as described above. To provide a desired or requisite 
level of signal amplitude suppression or compensation, 
negative (or inverse) feedback may be applied to the rotor 
circuit using the feedback coupling relays (129) and stage 
transformers (130) shown in FIG. 10. 

Because plate voltage and grid voltage are typically 180° 
out of phase in a beam pentode arrangement such as the 
Generator’s primary arrays, inverse feedback is achieved 
when the voltage fed back to the control grid (65) has the 
same waveform and phase as the plate or anode (68) voltage. 
In related traditional practice, an inverse feedback signal 
applied to the input (control grid) current decreases AC 
amplifier input impedance and distortion; an inverse feed- 
back signal proportional to the output (plate/anode) current 
raises the output impedance of such amplifier. Therefore, an 
inverse feedback AC signal proportional to the current 
through resistor (111) which is applied in-phase with the AC 
line current across resistor (110) decreases the rotor input 
stage impedance yet also reduces the amplitude of the AC 
output current. A loss of total amplification (through a 
fractional stage ‘gain’) results, but is accompanied by a 
decrease in signal distortion. 

The stage feedback transformers (130) ensure voltage 
reference isolation between such stationary amplification or 
suppression stage and the corresponding rotor stages, when 
AC signal feedback across the control grid resistors (110) is 
necessary or desired. A double-pole/double-throw switch/ 
relay (129) may be used to decouple each such transformer 
from the input signal resistor (110) side of its circuit 
connections, and/or to apply either positive (regenerative) or 
negative (inverse) feedback to the rotor AC amplification 
stage(s), and tunable blocking capacitors (131) isolate the 
transformers from circuit DC voltages. The coupling trans- 
formers (130), isolation relays (129), and blocking capaci- 
tors (131) are therefore only necessary in Generator embodi- 
ments not having a central AC control-voltage operating 
circuit with suitable inverse feedback characteristics and in 
three-stage Generator embodiments which may be used in a 
communications capacity. In the latter case, an optional 
capacitor across the secondary or control grid resistor (110) 
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side of each such transformer (in parallel with the said 
resistor) may once again be employed in parallel resonance 
fashion, and is indicated in FIG. 10. 


During continuous operation of an EDF Generator in the 
vacuum of space, the exhibited DC field voltage will tend to 
rise gradually as the total amount of charge contained in the 
field envelope circuit is gradually reduced through unavoid- 
able electron leakage losses (primarily at the hull Emitter 
Ring peripheral edge). To compensate for this effect, a small 
amount of stored ambient charge must therefore be continu- 
ally released at the suppressor grids (67) into the rotor return 
current. The rate at which this gradual discharge must be 
effected is dependent upon the observed field leakage rate, 
as only a rough approximation of this leakage may be 
pre-calculated. It is for this reason that at least one super- 
conductive storage ring (200)—containing a tremendous 
quantity of reserve ambient charge in the form of a continu- 
ous zero-loss current—must be included in any ungrounded 
Impulse Drive unit used in space exploration, as the capacity 
of such storage ring determines the vessel’s effective range 
of operation. 


It is postulated that the external field current’s energy 
density will be sufficiently enormous that it exhibits a virtual 
self-evacuating operational condition above a certain ultra- 
high field voltage in propulsive three-stage EDF Generators, 
and such a condition is essential to the successful atmo- 
spheric ground launch thereof Such kinetic occlusion of a 
significant portion of the otherwise available ambient ion- 
ization charge may also occur once the field envelope is fully 
formed even in ground-based single-stage devices operated 
at breakdown field intensity. During continuous operation of 
such ground-based devices in a gaseous atmosphere, field 
leakage losses which could cause an undesired gradual field 
voltage rise if they exceed available ambient charge accre- 
tion may be compensated by bypass-shunted charge from 
earth ground. In this case, the positive pole of supply (100) 
is connected at low power via dpdt switch/relays (119) to 
earth ground, in order to avoid a limited spin-up/run/de-spin 
repeating duty cycle. 


General Method of Construction 


The actual construction of an Electrodynamic Field Gen- 
erator of any given size is relatively straightforward, 
whether of a manned propulsive embodiment or not, and 
proceeds in fact from the inside out. Referring generally to 
FIG. 1, one of the most practical features of the construction 
process is that virtually the entire instrumentation and pay- 
load compartment or “Central Chamber” (2) may be outfit- 
ted first, before any portion of the Primary Power System is 
assembled or even necessarily designed. In the preferred 
three-stage embodiment to be used as an aerospace Impulse 
Drive Unit, the central chamber should obviously incorpo- 
rate low-density materials wherever possible. 


Construction next proceeds with the Generator’s ground 
frame (10): the metallic structural shell which provides an 
enclosing framework for the central chamber to which all 
ancillary inboard electrical equipment may be grounded. 
This structural framework should be as strong, lightweight, 
and nonmagnetic as possible, and may preferably be of a 
welded tubular design using stainless steel or a suitable 
titanium alloy. 


Once the ground frame and enclosed central chamber are 
completed, including the installation of a preferred total of 
32 high-torque DC motor-generator rotor drive units (in four 
sets of eight), the two rotor mounting frame sections and 
attached ring gear/s (8) of the “Carrier Assembly” may be 


10 


15 


20 


35 


40 


45 


50 


55 


60 


65 


40 


built and dynamically balanced (using a temporary periph- 
eral spacing “jig”). Then, construction of the composite 
“Rotor Assembly” may commence with the laying out of 
equal numbers of copper segments (14), ceramic segment 
separators (16), and refractory composite field emitters (17) 
which are all of exactly equal weight by type, the latter 
components providing the nonconductive base to which 
other rotating electrical hardware may be attached. 


When the three sets of said principal large rotor pieces 
(which preferably number 180 each) are bound together with 
electrode rings silver-soldered to the segments, and clamped 
between the two halves of the centrifuge-style carrier 
assembly, the assembly of the “Primary Power System” 
itself may begin. Once thin insulative rotor surface “facing”, 
the aforementioned recessed and conductive separator 
traces, and the rotor ballraces (25) have all been affixed to 
the base rotor assembly, and the field coils, electrode arrays, 
and other rotating components have been added, the fabri- 
cation of the vessel’s “Structural Intercooler System” may 
proceed. When this secondary thermal conduit (hull coolant) 
system is completed and has been pressure-tested, the “Pri- 
mary and Magnetic Arrays” may be installed —including the 
5-armature variable inductor array sections depicted in FIG. 
14. The primary (induction ring) arrays here are comprised 
of the unit pentode arrays (69) as individual assemblies each 
having an adjunct assembly comprising a field power resis- 
tor (63), dielectric buffer (45), and primary thermal conduit 
(48). 

Finally, once the rotor has satisfied nonenergized opera- 
tional mechanical clearance and dynamic balancing criteria 
(using a temporary outer rotor bearing support “jig”) and a 
final complete thermal conduit system pressure test has been 
made, the “Outer Hull Components” may be installed. Thus, 
the basic vessel construction may be completed in a total of 
seven distinct steps or stages. Due to the tremendous weight 
of the finished rotor (as the device’s most massive single 
assembly), an operating characteristic of utmost importance 
is the actual rotor speed required to maintain a specification 
field voltage which is figured using the method outlined in 
the Detailed Calculations below. This will determine the 
rotor’s operating angular momentum, which in propulsive 
units must be sufficiently large to provide gyroscopic sta- 
bility against the use of variably-imbalanced isometric thrust 
(produced by field hemitorus current) but not so large that 
the vessel’s navigational and maneuvering characteristics 
are thereby rendered sluggish. 


It can be shown mathematically that the nominal rotor 
speed for a 4 ft. diameter theoretical design prototype would 
be roughly equal to or somewhat less than that of a typical 
small electric motor. However, as the size of the device 
increases, it will be necessary to reduce rotor rpm due to the 
extreme increase in the rotor’s ‘tip’ speed and therefore the 
centrifugal forces to which it is subjected. Sufficient infor- 
mation is contained in the basic specifications which under- 
lie this disclosure to allow engineers to reduce rotor speed as 
necessary in larger devices following the course of an 
intensive program of small device tesing; e.g., the projected 
nominal rotor rpm for a 20 ft. Thermal Unit is 1045. 


Structural Intercooler System 


The secondary thermal conduit sections which carry hull 
coolant or heat transfer fluid through the Generator’s tapered 
“Drive Ring” (or the combined volume of the negative and 
neutral housing sections) must pass between the power 
resistor and unit pentode array assemblies, and so they must 
conform in outside dimension to the available space within 
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the supporting framework of the neutral hull construction. 
The most unusual feature of these secondary conduits is that 
they also comprise (of necessity) the principle Drive Ring 
load-bearing members, and together they form the EDF 
Generator’s structural intercooler system as illustrated in 
FIG. 14. 

These secondary hull coolant conduits should be fash- 
ioned in a manner similar to the primary thermal conduits 
described hereinabove, and in the preferred embodiment 
would be formed in four types or varieties: [1] the initial 
outbound coolant supply runs (75), called “headers”; [11] the 
circumferential heat transfer sections (76) (to which the 
Emitter Ring hull plates are fastened), called “peripheral 
shunts”; [iii] the inner (77) and outer (78) intermediary 
coolant runs, or “transfer links”; and [iv] the radial coolant 
returns (79) or “recovery lines”. Within the Drive Ring, each 
of these conduit types may be fashioned as single sections 
which connect one to another in ‘series-parallel’ branch 
systems or zones. To wit, one header (75) from a reservoir 
coolant manifold (74) connects to one peripheral shunt (76) 
which in turn connects to one recovery line (79). 

Thus, a single coolant zone is illustrated in FIG. 14, the 
arrows indicating the direction of coolant flow. A molded 
ceramic support bracket (71) having integral elbows and a 
set of mounting “knuckles” may be used to secure the inner 
corners of each two adjacent negative hull plates (72), by 
means of a matching mounting ring welded to each inner 
plate corner and a retaining pin (not shown). Each Emitter 
Ring hull plate (72) is to have an angle-stock thermal 
transfer channel welded along but just inside its inner edge 
(as indicated by dashed lines), which encloses the corre- 
sponding peripheral shunt (76). 

These coolant headers, shunts, transfer links, and recov- 
ery lines are preferably formed of molybdenum tubing, and 
would take advantage of the high thermal conductivity and 
electrical resistance of a thin Alumina coating thereon to 
absorb excess heat from the single-stage Drive Ring hull and 
(in particular) the Emitter Ring hull plates. In single-stage 
rotor devices which are used as Thermal Power Units, the 
recovery lines then exit the Generator housing through two 
exchange manifolds (as stated earlier), from a preferred total 
of 72 individual coolant zones, to an external heat 
exchanger. Just how effective this method of cooling the 
Drive Ring as a whole will prove to be during operation in 
air, using the preferred liquid air or nitrogen coolant, is 
somewhat difficult to project. Liquid helium could alterna- 
tively be used in this respect to ensure adequate hull cooling, 
but would entail significantly increased piping and pumping 
difficulties in doing so. 

It is expected, however, that the intercooler system 
described will be satisfactorily effective during the operation 
of three-stage devices in the vacuum of space, and is 
principally designed with this mode of usage in mind. 
Accordingly, it is believed that an Impulse Drive Unit 
operated in space will be able to purge its excess heat by 
actually circulating the primary conduit liquid sodium or 
equivalent through the secondary thermal conduit system 
(instead of the cryogenic coolant). In this case, the inter- 
cooler structure is used to transfer heat to the Emitter Ring 
hull plates as a radiative heat sink. This cooling method 
would provide the necessary means of liberating the Gen- 
erator from permanent ground-based support to achieve 
free-ranging operation in space. 


Neutral Housing Section Construction 


In order to establish and withstand the action of the field 
envelope discharge current, the surface of the neutral sec- 
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tions of the Generator’s housing or hull (or “Neutral Ring”) 
must be constructed entirely of specialized nonconductive 
material(s) which should be applied in two layers to an 
underlying superstructure that is actually conductive in 
nature. It is proposed that overlapping ceramic ‘tiles’ be used 
in this regard, in a manner rather like that employed on the 
NASA space shuttles, which are adhesed to an underlying 
deck of structural nonmetallic sheet stock While the inter- 
cooler system conduits (described in the preceding section) 
comprise the principal load-bearing members which support 
the Drive Ring portion of the hull, a system of beams (153) 
and struts (152) that are also composed of the same non- 
metallic structural material as the deck or a similar and 
compatible material should be utilized to further strengthen 
and ‘unitize’ the Drive Ring superstructure such that an 
internal hard vacuum may be drawn and maintained prior to 
operation. These secondary load-bearing members are also 
depicted in FIG. 14, and in a preferred embodiment these 
members and the base deck material itself would be com- 
posed of a carbon composite commonly referred to incor- 
rectly as graphite. 

Sophisticated carbon composites similar to those found in 
golf-club shafts and racing-bicycle frames were first devel- 
oped to make use of their special combination of extreme 
strength, rigidity, and lightness in aerospace applications. 
These materials are generally made from polyacrylonitrile 
(PAN) carbon fibers which are heated under tension to drive 
off the non-carbon portion. The individual fibers are about 7 
microns in diameter and approach 300 kpsi in tensile 
strength. They may then be pulled into a rope-like ‘tow’ or 
woven into a fabric-like ‘matte’ before being coated with 
either epoxy or polyester resin. Therefore, carbon compos- 
ites are eminently suited to forming rods, tubes, and sheets, 
and display excellent vibration damping characteristics. The 
final product is, however, still very expensive per pound. 

To simplify the vast diversity in specialized grades of 
PAN carbon composite for purposes of this application, this 
material should be considered as coming in two basic 
density grades: low-density “deck” grade (at about 35% of 
the specific gravity of sheet steel), and high-density “beam” 
grade (at about 65% of the specific gravity of structural 
steel). It is also available in two standard temperature 
grades, depending on the bonding agent used: a 350° E. 
rating (lo-temp) epoxy-bonded material and a 750° F. rating 
(hi-temp) polyamide-bonded composition. The hi-temp 
grade only should be employed in the Neutral Ring, but the 
lo-temp grade may be used to build the Central Chamber. 

Thus, a low-density/hi-temp grade of carbon composite 
laminate should be used as the basic deck material in 
construction of the Neutral Ring hull sections. To wit, this 
deck layer itself is initially affixed to the vessel superstruc- 
ture by solvent welding and/or mechanical means. The PAN 
carbon deck, a middle layer of ceramic substrate plates and 
an outer skin of exolayer tiles together then comprise the 
composite Neutral Ring hull. Several factors enter into the 
selection of an appropriate ceramic material for the substrate 
layer plates. Of primary concern here is that the material of 
choice have a very high volume resistivity and very low 
thermal conductivity at temperatures from 300-500* C. It is 
also important that the material have a very low thermal 
expansion coefficient, as the substrate layer plates must be 
bonded to the deck layer with a refractory-class adhesive. 
Therefore, the substrate material should also be non-vitreous 
and have relatively high porosity to promote adequate 
adhesion. One of the Cordierite class of compounds, bearing 
CeramTec designation 447, has relatively low hardness and 
flexural strength but should function admirably in Thermal 
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Power Units as the center layer of a bonded composite 
construction given its other highly desirable characteristics. 
Impulse Drive Units will require an alternate substrate plate 
material as discussed below. 

The selection of a ceramic material for use as the exolayer 
dielectric thermal tiles of the EDF Generator’s housing or 
hull is contingent upon the operative field voltage, and 
therefore different materials must be specified for Thermal 
and Impulse Drive Units. To prevent substantial skin con- 
duction losses, the minimum dielectric value k for the 
exolayer tile material used in Thermal Power Units has been 
calculated (using the peak field voltage) at approximately 
k=9. Therefore, the material of choice is a Zirconia compo- 
sition bearing CeramTec designation 848, with a minimum 
(high-frequency) dielectric constant of 28. Even though this 
material has a comparatively high thermal expansion 
coefficient, it has very low thermal conductivity and is very 
dense and hard. Moreover, it exhibits exceptional flexural 
strength and resistance to fracture. 

The minimum dielectric value k for the exolayer tile 
material used in Impulse Drive Units has been calculated at 
approximately k=107. Therefore, the material of choice is 
the same titanate composition prescribed for the dielectric 
buffers (and described in some detail in a previous section). 
Known chemically as Sodium Bismuth Titanate (and com- 
mercially as Kézite), this highly unusual compound is tech- 
nically a piezoelectric material, but is also ferroelectric in 
that its dielectric constant actually increases on temperature 
rise to a peak low frequency value of about 3,100 at its 655° 
C. curie point. Like most ferroelectrics, its tensile and 
flexural strengths are quite low yet it 1s very dense and 
exceedingly hard. It does, however, exhibit a thermal expan- 
sion coefficient which is very high for a ceramic material. 

The expected higher flexural stresses upon the Neutral 
Ring of an Impulse Drive Unit (compared to a Thermal 
Power Unit) may prove sufficient to crack the substrate 
plates were they composed of the Cordierite material 
described above. The Zirconia compound mentioned earlier 
should therefore be substituted for Cordierite 447 as the 
substrate plate material in Impulse Drive Units. This would 
likely stiffen the composite Neutral Ring hull adequately to 
prevent such stress cracking, while effecting a much closer 
match in thermal expansion coefficient to the titanate tiles. In 
both Thermal and Drive Units, the exolayer tiles should be 
applied to the substrate plates with a refractory-class adhe- 
sive in a mosaic overlay pattern, such that the edges of each 
exolayer tile are evenly spaced as far as possible from the 
underlying edges of the nearest substrate plates. 

Because the underlying deck layer of the Neutral Ring 
hull will be quite conductive when composed of carbon 
composite sheeting, and referring now to FIG. 1, it becomes 
imperative to use an auxiliary dielectric buffer (50) between 
the inner edges of the Emitter Ring (47) hull plates and the 
outer edge of the said deck layer to prevent an otherwise 
enormous deck leakage current from occuring. Although it 
might seem that the much-cheaper and nearly-as-strong 
fiberglass composites available (which are nonconductive) 
would tend to minimize any such leakage current condition, 
their use would not prevent the possible build-up of unac- 
ceptable levels of static charge within the working induction 
compartment (12). Therefore, the use of conductive deck 
material ensures that the Faraday shielding principle protects 
Neutral Ring components from transient static voltages 
because the presence of a finite deck leakage current means 
the deck layer is a charged conductor, whereupon any net 
static charge must be external. 

A secondary concern is the actual operating temperature 
of the contact areas where the deck layer abuts to both the 
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auxiliary (50) and primary (45) dielectric buffers, which 
must be kept below the 750° F. temperature rating of the 
carbon composite. It can be shown mathematically that the 
deck leakage current can be held to a thoroughly acceptable 
fractional amperage per cm? of such contact area if this 
condition is met. In Thermal Power Units, the use of a 
secondary cryogenic hull coolant should keep the auxiliary 
buffers (50) and outer deck contact areas at a temperature 
which is under the said rating. Doing so at the primary buffer 
(45) contact area locations may well require the use of 
auxiliary cryogenic thermal conduits in both Thermal and 
Drive Unit models of the EDF Generator. The auxiliary 
dielectric buffers in any given Generator should be com- 
posed of the same material used in that device’s exolayer 
tiles, and should be of about half the radial thickness of the 
primary buffers employed therein. 

While the specific materials discussed above should not 
be construed as critical to the EDF Generator’s proper 
construction, their properties and characteristics are highly 
indicative of the rather involved considerations which must 
be undertaken to ensure that the neutral sections of the vessel 
hull are physically suited to optimizing a given size device’s 
performance and minimizing its housing maintainance or 
repair requirements. 


Stationary Electromagnetic Armatures 


Because the EDF Generator’s stationary electromagnetic 
armatures have no bearing on the device’s rotor or field 
voltages, and no direct connection therewith, they are prop- 
erly thought of as being part of neither the Primary Power 
System or Field Induction System circuits but rather a 
separate ancillary subsystem intended to optimize the inven- 
tion’s overall performance and efficiency in a number of 
important ways. To this end, their main purpose is to create 
and independently control a variable level of both rotor 
torque and field current rotational force, as necessary or 
desired. 

As depicted in FIG. 14, the individual stationary arma- 
tures (37) (or “variable inductors”) may be installed in 
5-armature groups or array sections within the Neutral Ring 
of the hull, using notched and mating supports (151) which 
firmly clamp the armatures about a reduced diameter center 
section of each armature core. These armatures and a basic 
control circuit arrangement for them are shown in FIG. 16, 
with the polarities indicated being those which would result 
in a clockwise rotation of the rotor as viewed from above. 
This armature power distribution system may be manually 
adjusted and/or automatically controlled (using a computer 
and/or other circuitry). 

In both single-stage and three-stage embodiments of the 
Generator, each of the two electromagnetic armature arrays 
should be wired in parallel from one or more separate 
source(s) (185) of low-voltage DC current which is/are 
chassis-grounded and which is/are common to the armatures 
(37) of that array. No variable regulation or biasing of 
individual armature DC current(s) in single-stage rotor or 
Thermal Power Unit devices is necessary. The desired 
individual biasing of armature DC current in three-stage 
rotor devices, for propulsion-related reasons explained 
below, may be simply accomplished through a variable 
resistor (184) associated with each armature and its DC 
power supply subcircuit(s). A minor unidirectional or alter- 
nating voltage component of such armature supply current 
may be added across or in parallel with such resistor (184), 
using an AC power source (186) and/or suitable control 
interface of a conventional nature, in either single-stage or 
three-stage Generator embodiments as desired. 
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Each stationary armature (37) incorporates two separate 
electrical coils (180)4181), to be operated principally on 
DC voltage, which are formed of conductive insulated 
magnet wire multi-layer wound upon a single ferromagnetic 
core. Each such armature core also incorporates a connect- 
ing center section or “flux reductor” (182) between said 
separate coils which is of a significantly reduced cross- 
sectional area with respect to the balance thereof, and which 
is designed to saturate magnetically when the respective 
core flux density of either of said coils is approximately 
equal to or greater than half saturation value. Pure annealed 
iron or low-carbon steel should be used as the armature core 
material, due to the high permeability, superior intrinsic 
induction, and low hysteresis thereof. 

The inner or “flux initiator” coils (181) of these electro- 
magnetic armatures (or those closest to the rotor) may be 
used as a means of creating axial magnetic fields of force 
(144) which are perpendicular to the plane of the current- 
carrying rotor segments (14). Thus, when powered collec- 
tively at a common DC current value, the said inner arma- 
ture coils (181) in conjunction with their respective cores 
may serve as a source of uniform yet variable secondary 
input rotary torque (or in a torque-assist capacity) for the 
invention in the course of its normal operation as an elec- 
trical generator. 

The flux initiator coils (181) are so-named because their 
as-wound polarity relative to the fixed outward direction of 
the primary DC rotor current establishes both the direction 
of rotor rotation and the required winding direction and 
polarity of the outer (and similar) armature coils (180). The 
said inner coils (181) are energized by a variable DC power 
supply (185), through an output variable resistor (184) and 
a filter diode (189) which blocks induced positive AC 
half-cycles (if any) from crossing the negatively-grounded 
DC supply (185). Such power supply (185) must, however, 
be sufficiently rated to carry any corresponding induced 
unidirectional negative current impulses to ground, and may 
be of a solid-state or rotary induction design. 

The axial armature-produced fields (144) described may 
also be individually and variably superimposed on the rotor 
to develop a selectively controllable force of rotational 
torque upon its current-carrying segments (14), through 
variable regulation of the principal DC current in individual 
armature inner coils (181), such that a locally-unbalanced 
force of angular acceleration may be applied to the rotor and 
therefore a directional force of horizontal thrust may indi- 
rectly be imparted to the housing for lateral flight maneu- 
vering in propulsive three-stage rotor devices. 

The outer coils (180) of the stationary electromagnetic 
armatures, or those closest to the field envelope, may be used 
as a means of creating axial magnetic fields of force (144) 
which in this case are essentially perpendicular to the 
described field current arc trajectories. This situation is best 
illustrated in FIG. 12, which shows the hull location of the 
two variable inductor arrays (145) (or circular groups of 
armatures (37)). Thus, when powered collectively at a 
common DC current value (including any minor unidirec- 
tional or alternating component thereof), these outer arma- 
ture coils (180) in conjunction with their respective ferro- 
magnetic cores serve to impart an attenuating yet holistic 
and orderly rotational vector moment upon the external 
discharge current. The general effect of such applied mag- 
netic rotational force, which may be used to modify or 
modulate the field’s electrodynamic characteristics, is fur- 
ther depicted in FIG. 13. 

Referring again to FIG. 16, and to continue in the same 
vein, it is postulated that the quasi-coherent aspects of the 
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field envelope may actually be optimized through the proper 
control of the amplitude, frequency, and/or phase relation- 
ships between any minor AC voltage component of the field 
envelope current and the said minor AC current (if any) 
collectively supplied by AC power source (186) to the outer 
or “transflection” coils (180) (of each variable inductor 
array). This consideration applies to both single- and three- 
stage embodiments of the Generator, although it is decidedly 
more important in the case of the latter, and may also allow 
the engineered reduction of field radiative emissions. 

These transflection coils (180) are so-named because they 
may be used to impart a variable transverse deflectionary 
force upon all of the radially-impinging field current elec- 
trons. In the region(s) of the field envelope shown in FIG. 11 
between the surface of each neutral hull section (4) and the 
corresponding field envelope inner boundary (142), this 
magnetic force may in fact be large enough to produce a 
continuous annular flow of “displacement charge” current. 
In any event, and as shown in FIG. 16, such outer armature 
coils (180) are also energized by a variable DC power supply 
(185) which is similar in type to that of the inner coils (181), 
through an output variable resistor (184) and filter diode 
(189). In addition, a variable AC power source (186) may 
impress a minor unidirectional or AC voltage upon the DC 
current supplied to the said transflection coils (180), either 
across or in parallel with the output resistor(s) (184) of their 
respective DC power supply subcircuit(s), through separate 
output variable resistors (184) and DC blocking capacitors 
(188) connected to said AC power source. 

The axial magnetic fields (144) produced by the armatures 
(37) may also be individually and variably superimposed on 
the field envelope to develop a selectively controllable 
rotational force upon the described field hemitorus current, 
through variable regulation of the principal DC current in 
individual outer (or transflection) coils (180), such that a 
locally-unbalanced force of angular acceleration may be 
applied to such hemitorus current. Any such angular force 
imbalance will cause a corresponding change in the local 
field current density and therefore a secondary directional 
force of variable thrust in the z-axis may indirectly be 
imparted to the housing in propulsive devices, yielding a 
further measure of navigational attitude control over non- 
isometric thrust produced by the Generator which may 
otherwise be largely unilinear. 

Given the nature of the flux reductor (182) as described 
above, it can be seen that either the inner or the outer 
armature core sections may be collectively or individually 
operated at any flux density above half of saturation level 
without significantly affecting the operating flux density of 
the respective opposite core sections, provided both corre- 
sponding sets of armature coils ((181) and (180) 
respectively) are powered by DC current of the same relative 
polarity. Thus, the base collective full-power operational 
level of flux density in the inner armature core sections of a 
three-stage rotor Impulse Drive Generator should be roughly 
half saturation level, in order to facilitate the achievement of 
temporary local rotor torque imbalances for propulsive 
purposes as described above. Such inner core section base 
flux density for single-stage rotor or Thermal Power Unit 
devices may be any desired in a range between 0 and 100% 
of saturation. 

As shown in FIG. 16, means have nevertheless been 
provided for reversing the fundamental DC polarity of either 
the inner (181) or outer (180) coil of any given armature 
(37), without changing the given polarity of such coil's DC 
power supply (185), using a dpdt relay (190). It can be seen 
that this simple feature allows a counter-polarity magneto- 
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motive force (or counter-mmf) to be applied to either wound 
core section of any given armature, with respect to the core 
polarity of that armature’s opposite wound section. This 
feature, when taken in conjunction with the described nature 
of the flux reductor(s), enables the outer armature core 
sections in both single- and three-stage devices to be oper- 
ated at nearly any flux density within their output capability 
which might be required to optimize the desired quasi- 
coherent properties of the field envelope, despite the relative 
polarity and/or flux density of the inner armature core 
sections. In both single- and three-stage devices, these same 
two features also allow a substantial level of braking or 
counter-rotational torque to be applied to the Generator’s 
rotor —by any or all of the inner armature core sections— 
while maintaining such an optimum level of flux density in 
the outer armature core sections: even if the two such 
opposite core sections are operated at opposite respective 
polarities. 


Detailed Calculations for Preferred Embodiment 


It is important to note that all of the underlying specifi- 
cations pertaining to the size and/or positioning of Primary 
Power System components located within the hull’s neutral 
section region (or “Neutral Ring”) are given in terms of 
fractional increments of the hull radius (R,,) and/or the radial 
width of the Neutral Ring (C,-C,). This means that these 
components may be easily scaled in exact proportion to the 
hull, for any selected radius thereof, with no significant error 
or modification. However, an upper limit of vessel size 
utilizing the technology represented by the EDF Generator 
probably exists at a hull diameter not greatly above 100 feet, 
due to inordinate DC Field Voltage concerns (as that voltage 
is calculated using the method below). 


Table of Dimensions 


Hull Radius = R, 


Hull Volume Constant (C,) 


Hull Area Constant (C,) 


Drive Ring Radius (tf) te = 2C, 
Emitter Ring Radius (Taeg) Leg = Cy, 
Neutral Ring Radius (tae) as E E 
Field Hub Radius (r,) r, = 3C, (Note: Ry = rf + 1,) 
Polar Hull Constant (h,) h, = 0.1421245r, 
Polar Volume Differential (X,,) q? —h?) 
A 

Radial Hull Constant (R,) R, =h, + X, 
Area of Positive Zone (A,) A, = 21R,h, 
Area of Negative Section (A,) s(C +c) 

A, = 7 where 


C = 21R;,, and 
c = 2m(R, - (G + C,)), and 


The variable ‘a’ equals the displacement angle of the 
Emitter Ring negative sections (with respect to the hull’s 
horizontal centerline plane), which is preferably 7.5° to 8° 
each. 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


45 


Note: A, = Ay. 


Volume of Central Section (Ve) Ve =ar2hy, where hy =rfítana), and 


a is the said Emitter Ring angle. 


Aa 2 3 R? Xn 7 Xa 
Volume of Positive Zone (V,) V= ark; -X == 


nhelRẸ + Rpr: +17) 


Vol. of Drive Ring Section (Vf) Vf = 3 —arhy 


Note: V, = Vr 


Total Hull Volume (V,) V, = 2(V, + Vp) + 2V, 


Field and Rotor Voltages 
Part A: Model Unit Field Intensity 

[1] The Marginal Envelope DC Field Intensity for all EDF 
Generator models regardless of type should be equal to the 
breakdown dielectric strength of air or vacuum at 3 million 
(3x10°) volts/meter, as measured along a full pure semicir- 
cular arc drawn from the center point on the surface of either 
hull Positive Zone (5) to any exterior point on the vessel’s 
design hull configuration which lies on the horizontal cen- 
terline plane thereof. This distance shall be referred to as the 
“Drive Field Perimeter” (141), as shown in FIG. 11, and is 
taken to represent the longest continuous DC field current 
trajectory. 

[2] For purposes of these Specifications, the “Drive Field 
Boundary” (142) shall represent the distance measured 
along a full pure semicircular arc from any point on the outer 
peripheral edge of either hull Positive Zone (5) to the closest 
point thereto which lies on the inner peripheral edge of the 
vessel’s corresponding negative hull section (3) (as shown in 
FIG. 11), and is taken to represent a shortest such DC drive 
current trajectory. 

Part B: Thermal Power Units 

[1] The Nominal Field Voltage (nom.V,) should be 
numerically equal to 1.5 million (1.5x10°) times the vessel 
R, as measured in feet. This value is also equal to the 
Thermal Unit’s standard design Primary Voltage Expansion 
Ratio of 750 times its Specification DC Primary Array 
Voltage, as a function of the charge stored within the 
Primary Power System’s two Field Ballast Capacitors and of 
the Unit’s primary cathode emissivity. 

[2] The Specification Field Voltage (spec.V,) should be 
equal to the Marginal Envelope DC Field Intensity times the 
distance comprising the Drive Field Perimeter, or (as pres- 
ently calculated under the above directive) 0.9666 times the 
Nominal Field Voltage. This value shall constitute the Unit’s 
standard operating value of field envelope voltage. 

[3] The Peak (design operating maximum) Field Voltage 
(max.V,) shall be equal to 110% of the Specification value 
thereof, and should never be exceeded in operation. 

[4] The Nominal Rotor Voltage (nom.V,) would be 
numerically equal to one-third the product of 1,000 (1x10°) 
times the vessel R,, as measured in inches, as a gauge of the 
basic full-power DC generator value of rotor rotational 
speed, in a ‘single-stage’ device. 

[5] The Specification Rotor Voltage (spec.V,) should be 
numerically equal to 0.25776% of 1.5 million (1.5x10°) 
times the vessel R,, as measured in feet, and is also equal to 
0.9666 times the Nominal Rotor Voltage. This value would 
constitute the standard operating value of DC rotor voltage, 
as a function of the engineered Primary Power System 
output at a nominal design rotor rotational speed. 

[6] The Peak (design operating maximum) Rotor Voltage 
(max.V,) shall be equal to 110% of the Specification value 
thereof, and should likewise never be exceeded. 
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[7] The Specification DC Primary Array Voltage 
(spec.AV,) will be equal to half (1%) of the Specification 
Rotor Voltage, and affects all primary array electrode spac- 
ings. 

Part C; Impulse Drive Units 

Unlike the case with Thermal Power Units, it is not 
possible to specify in one step a Nominal Field Voltage for 
Impulse Drive Units which is a linear function of the hull 
radius R,; the DC Field Voltage which must be produced to 
achieve the chosen design goal for net linear thrust output, 
equal to five-thirds the Earth’s pull of gravity, is jointly 
proportional to the rotor ampacity which rises as a function 
of the square of increases in R, and to the vessel weight 
(which rises as a function of the cube of R, increases). 

Therefore, a Marginal Field Voltage is initially to be 
computed for Impulse Drive Units which reflects a projected 
theoretical operating value of DC Field Voltage required to 
produce a vessel acceleration approximately equal to 1.67 
‘g’ outside of a proximal gravity field. This Marginal Field 
Voltage is to be calculated using the “specific impulse” of 
the vessel concerned (in nt-sec), and for purposes of the 
application contemplated herein this term is hereby defined 
as being equal to five times the vessel weight (in newtons) 
divided by the rotor ampacity times the number of electrons 
per coulomb. 

[1] Accordingly, the Marginal Field Voltage shall then be 
equal to the Unit’s specific impulse (Fz) times the speed of 
light (c) divided by the unit electron charge (q). 

[2] An estimated nominal Field Voltage will also be 
computed whereby a nominal value for the final electron 
speed of Drive Field current is assigned which is in fact a 
linear function of R,,, as applicable to vessels of from 4 to 
100 ft. in diameter only. 

[3] The Nominal DC Field Voltage (nom. V) should then 
be equal to the simple average of the Marginal Field Voltage 
and the said estimated nominal Field Voltage. 

[4] The Specification Field Voltage (spec.V,) should equal 
the Nominal DC Field Voltage (nom.V,) divided by an 
assigned engineering design constant equal to 0.982826. 

[5] The Peak (design operating maximum) Field Voltage 
(max.V,) shall be equal to 110% of the Specification value 
thereof, and should never be exceeded in operation. 

[6] The Nominal Rotor Voltage (nom.V,) would be 
numerically equal to one-fourth the product of 1,000 (1x10°) 
times the vessel R, as measured in inches, as a gauge of the 
basic full-power DC generator value of rotor rotational 
speed, in a ‘three-stage’ device. 

[7] The Specification Rotor Voltage (spec.V,) should be 
numerically equal to 0.19332% of 1.5 million (1.5x10°) 
times the vessel R, as measured in feet, and is also equal to 
0.9666 times the Nominal Rotor Voltage. This value would 
constitute the standard operating value of DC rotor voltage, 
as a function of the engineered Primary Power System 
output at a nominal design rotor rotational speed. 

[8] The Peak (design operating maximum) Rotor Voltage 
(max.V,) shall be equal to 110% of the Specification value 
thereof, and should likewise never be exceeded. 

[9] The Specification DC Primary Array Voltage 
(spec.AV,,) will be equal to half (4) of the Specification 
Rotor Voltage, and affects all primary array electrode spac- 
ings. 

[10] The design Primary Voltage Expansion Ratio for 
each Impulse Drive Unit should then be equal to the ratio of 
Specification Field Voltage to Specification DC Primary 
Array Voltage, and is once again a function of the ballast 
capacitor charge and of the primary cathode emissivity as in 
the case with Thermal Power Units. 
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Example of Specific Unit Voltage Values 


Four-foot diameter model 

Section A: Thermal Power Units 
A 4 ft. EDF Generator constructed for use as a Thermal 

Power Unit would have specific Rotor and Field Voltages, 

according to the preceding instructions, as follows: 

[1] The Nominal Rotor Voltage (nom.V,) will be equal to 
8,000. 

[2] The Specification Rotor Voltage (spec.V,) will be equal 
to 7,732.8. 

[3] The Spec. DC Primary Array Voltage (spec.AV,,) will be 
equal to 3,866.4. 

[4] The Nominal Field Voltage (nom.V,) will be equal to 
3,000,000. 

[5] The Specification Field Voltage (spec. V,) will be equal to 
2,899,800. 

The corresponding Primary Voltage Expansion Ratio (for 
this and any single-stage Thermal Power Unit) will thus be 
750:1, and in this case is equal to 2,899,800/3,866.4. 
Section B: Impulse Drive Units 

A 4 ft. diameter three-stage-rotor EDF Generator con- 
structed for use as an Impulse Drive Unit would have 
specific Rotor and Field Voltages, according to the preceding 
instructions, as follows: 

[1] The Nominal Rotor Voltage (nom.V,) will be equal to 
6,000. 

[2] The Specification Rotor Voltage (spec.V,) will be equal 
to 5,799.6. 

[3] The Spec. DC Primary Array Voltage (spec.AV,,) will be 
equal to 2,899.8. 

[4] Marginal Field Voltage: The 4 ft. Drive Unit’s Marginal 
Field Voltage, which represents a projected minimum 
standard operating value of field envelope voltage, is 
based upon the vessel’s specific impulse (F,,)—given its 
calculated design rotor ampacity of I, =38,160 amps and 
estimated weight of 79.2 lbs/ft*—which is computed as 
follows: 


ne 5(9.8 m/sec?)V,(79.2 Ibs/ft*) 
= (3.816 x 104 coul/sec)(6.25 x 10!8)(2.2 Ibs/kg) 


where V,=2.5068 ft, as calculated by the formulas in the 
Table of Dimensions above using an Emitter Ring displace- 
ment angle (a) of 7.5°. Therefore, 


Pa = 


5(9.8 m/sec*}(90.245 kg) 


23.85 x 1072 electrons/sec 


= 1.8541 x 102 nt-sec/electron* 


* This impulse represents the instantaneous force of thrust 
produced by each Field current electron's collision with the 


Field Hub (equivalent here to: kg-m/sec/electron). 


Therefore, the Marginal Field Voltage is equal to: 


Fac _ (1.8541x 107% nt-sec}(299.7925 x 10° m/sec) _ 


q 1.6x 1071 coul 


34.7403x 10° volts (nt-m/coul) 


[5] Estimated Nominal Field Voltage: The 4 ft. Impulse 
Drive Unit’s estimated nominal field voltage, which rep- 
resents an alternate but extremely accurate projection of 
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the minimum standard operating value of field envelope 
voltage, is based upon a nominal value for the final 
electron speed of Drive Field current (AV,) which is an 
assigned linear function of the vessel R,, and is calculated 
as follows: 


AV =[0.999+(2R,,-4)(1.03125x10~) |e, 


where R, is in feet, for vessels from 4 to 100 ft. in diameter. 

Therefore, AV,=[0.999+0(1.03125x10~°) ]c=0.999 c. 

The purpose of this text subsection is to verify that a 
goal-requisite level of Field current thrust may be produced 
by the Electrodynamic Field Generator, at an operating DC 
Field Voltage approximately equal to that stated above, 
within the ampacity of the rotor and at an assigned value of 
Field current electron velocity (for this model) equal to 
0.999c. In this manner, it is hoped that unnecessarily high 
operating Drive Field Voltage may be avoided, by virtue of 
design (due to the finite level of unavoidable uncertainty in 
the relativistic values involved), without sacrificing device 
performance. 

(a) The amount of thrust (force) required to produce an 
acceleration of 1 g, thus exactly compensating the weight of 
the Impulse Drive Unit or its normal acceleration due to 
Earth’s gravity, may be calculated by Newton’s Second Law 
as follows: 


F=mg, where m=est. design mass* of 90.245 kg, and 
g=9.8 m/sec”. 
*Note: The estimated design weight of any given Impulse Drive Unit is 79.2 
lbs/f£t?. 

Thus, F=884.4 nt. 

(b) Since impulse equals change of momentum, the elec- 
tron thrust developed by the Drive Field equals the total 
relativistic mass of Field current times the incident current 
velocity (as the final electron velocity equals zero). The 
amount of impulse thrust which is equivalent to 1 g in this 
example is 884.4 nt. 

Therefore, let 2M,AV_=884.4 nt. 

(c) The design goal for net linear thrust output of any 
given Impulse Drive Unit is 16.333 m/sec” at the minimum 
standard operating value of Field Voltage and rated rotor 
ampacity (I,, .) Therefore, given the considerations of Field 
Current Bias values (as were outlined in an earlier section), 
total isometric thrust at Marginal Field Voltage must equal 5 
g. The largest current available to effect a Field impulse 
equivalent to 1 g is then equal to: 


L=1nax/9=7,632 amps. 


(d) Since 2 equals the total number of electrons compris- 
ing a Drive current of I,, we find: 


2=1,(6.25x10*)=4.77x107 electrons/sec. 
(e) Therefore, from [b] above: 
884.4nt/Z=M,AV,, and M,AV.=1.8541x10-*° kg-m/sec/electron. 


(f) Letting AV_=0.999c, where c=299.7925x10° m/sec, 
we calculate M,=619.08x107”* kg, or about 67.96 m,, where 
m,=the electron rest mass of 9.11x107”* kg. 

(g) If m, equals the relativistic mass equivalent of the 
gained kinetic energy of each Drive Field electron, then 
M,=m,+m,. 

Therefore, m,_,,,-M,=619.08x107>*'-9.11x1077"= 
609.97x10-*! kg. 

(h) Each Drive Field electron’s gained kinetic energy (E,) 
equals m, c”. Using a precise value of 8.98755x10"° for E, 

we obtain E,=(6.0997x10") (8.98755x10"°)=54.8214x 
1077 joules. 
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(i) Here, E, also equals W=q(est.V,,,), where q=electron 
chg. (91.6x107*? coul., and est.V, est. nominal Field Volt- 
age. 

Therefore, E,/q=est.V,,, and est.V, =34.2633x10 volts 
(jouleslcoul). 

Thus, we find that the estimated nominal Field Voltage 
required to develop requisite thrust is in fact well within the 
thrust goal parameters discussed above, at 98.63% of the 
projected Marginal value (calculated in the preceding sub- 
section Bl 4]). 

[6] The Nominal DC Field Voltage (nom.V,) should there- 
fore be equal to the simple average of the Marginal Field 
Voltage projected earlier and the estimated nominal Field 
Voltage Oust computed), at 34.5018x10° volts. 

[7] The Specification Field Voltage (spec.V,) should then be 
equal to the Nominal DC Field Voltage divided by the said 
design constant 0.982826, at 35.1047x10° volts. This 
value shall constitute the Unit’s standard operating value 
of field envelope voltage. 

[8] The design Primary Voltage Expansion Ratio for this 
model Impulse Drive Unit is therefore equal to (35.1047x 
10°)/2,899.8=12,106:1, as was referred to earlier. 

From the foregoing description it will be observed that the 
present invention provides a remarkable level of electrical 
and thermal output in a lower-voltage corona discharge 
induction embodiment, which is intended for use in a utility 
or physical plant application. However, this invention also 
provides the potential for an appreciable level of net impulse 
thrust in a higher-voltage arc discharge induction embodi- 
ment intended as an electrically-propulsive aerospace ves- 
sel. It can be seen as well that the Electrodynamic Field 
Generator and the electromotive field of force produced 
thereby will moreover fulfill the stated objective of NASA’s 
premier Breakthrough Propulsion Physics Program: to dis- 
cover a method whereby “a vehicle can create and control an 
asymmetric force on itself without expelling a reaction 
mass” and which satisfies conservation laws in the process. 
Such a vessel could perhaps be made to attain a velocity 
commensurate with its collector field electron collision 
velocity, and affords hope that true interstellar travel might 
therefore become possible as well. While there is due cause 
for some concern as to the EDF Generator’s production of 
high-frequency radiative emissions coincident with its pro- 
duction of heat and impulse thrust using the new means 
described, it is postulated that the electromagnetic charac- 
teristics of the device’s field envelope can be suitably tuned 
in the manner(s) oulined hereinabove such that the field 
envelope is rendered largely opaque to such very-high- 
energy emissions—by promoting continuous and adsorptive 
Compton effect interactions thereof with the field’s imping- 
ing drive current electrons. When used in association with a 
ground-based utility or physical plant, a non-propulsive 
thermal and/or electrical power output model of the Gen- 
erator may also be enclosed within a suitable Faraday “cage” 
or shielding structure to further minimize radiative emis- 
sions which are undesirable. Neverthless, the said field 
envelope tuning principles (related to controlling the 
amplitude, frequency, and/or phase relationships amid field 
AC voltage components) may moreover permit the devel- 
opment of the Electrodynamic Field Generator as a novel 
signal communications means. In pursuit of a new and more 
complete quantum gravity theory, experiments may be con- 
ducted involving the gravimetric coupling of two or more 
separate such devices: whose field envelopes will by design 
be able to exhibit a relativistic and oscillatory apparent mass 
effect that is artificially generated—at desired resonant 
frequencies—by using alternating electromagnetic induc- 


a capacitor (C E) between the emitter and 
ground, as discussed in problems 19 and 20 
of Chapter 8. 

In a common base circuit, you can add a 
capacitor (C B ) between the base and the 
ground, as is shown in Figure 9.7 . 

Question 

What is the general effect in both cases? 
Answer 

An increase in the gain of the amplifier 

The gain is increased to the point where 


you can consider it “large enough” to use the 
amplifier as an oscillator. When these 
capacitors are used in either a common 
emitter or common base amplifier, it is not 


usually necessary to calculate the gain of the 
amplifier. 


11 An LC circuit has a resonance 
frequency that you can determine using the 
methods discussed in problems 6-12 of 


Chapter 7. When you use an LC circuit in an 
oscillator, the output signal of the oscillator will 


be at the resonance frequency of the LC 
circuit. 
Question 
What is the formula for the oscillation (or 
resonant) frequency? | 
Answer 

l 
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tion methods of the type described hereinabove to modulate 
electrodynamic field properties which are normally of con- 
stant polarity and magnitude or random frequency. 

Accordingly, it is to be understood that the embodiments 

of the invention herein described are merely illustrative of 
the application of the principles of the invention. Reference 
herein to details of the illustrated embodiments are not 
intended to limit the scope of the claims, which themselves 
recite those features regarded as essential to the invention. 

What is claimed is: 

1. An electrodynamic field generator comprising: 

(a) a disc-shaped hull having upper and lower surfaces 
separated by a distance at an axis of the disc and 
tapering to an edge at a perimeter of the disc, enclosing 
a volume therebetween, the upper and lower surfaces 
each being divided into a positive section surrounding 
the axis of the disc, a negative section around the 
periphery of the disc, and a neutral section therebe- 
tween; the positive and negative section surfaces being 
of conductive material and the neutral section surfaces 
being of insulative material; 

(b) a rotor having an outer circumference, an inner 
circumference surrounding an open central aperture, 
and an annular body therebetween, with the rotor body 
having flat upper and lower surfaces; the rotor being 
rotatably mounted within the volume of the hull and 
centered upon the axis thereof, an inner diameter and 
outer diameter of the rotor being chosen such that the 
rotor extends across at least all of the neutral portion of 
the hull volume and at least part of each positive hull 
section; 

(c) an evacuated induction compartment and peripheral 
space charge chamber comprising at least the portion of 
the hull volume within which the rotor is mounted; 

(d) a principal generating system and corresponding rotor 
electrical circuit comprising two assemblies, one asso- 
ciated with the upper surface of the rotor and one with 
the lower surface thereof, each assembly in turn com- 
prising: 

(i) an outer induction electrode array comprising a flat 
cathode ring mounted upon and electrically coupled 
to the rotor, adjacent to an outer circumference 
thereof, and a flat anode ring mounted plane-parallel 
to, but insulated from, the cathode ring; 

(11) an inner induction electrode array comprising a flat 
anode ring mounted upon and electrically coupled to 
the rotor, a flat cathode ring, and a grid ring element, 
the cathode and grid being mounted plane-parallel 
to, but insulated from, the anode and each other; the 
inner induction ring array being mounted to the rotor 
closer to the inner circumference thereof than the 
outer induction ring array; 

(iii) at least one generating coil mounted to the rotor 
and extending toroidally around the rotor concentric 
to either circumference thereof, located between the 
outer induction ring array and the inner induction 
ring array, and electrically coupled to the cathode of 
the inner induction array and to the anode of the 
outer induction array; and 

(iv) a plurality of stationary permanent magnets 
mounted to the hull, such that the magnetic field 
from each of the permanent magnets intercepts a 
generating coil; such that when the rotor is rotated, 
the magnetic fields from the stationary magnets 
induce an electrical voltage in each generating coil 
which results in a DC rotor circuit output current; 

(e) a field induction system comprising two assemblies, 
one associated with the upper surface of the rotor and 


10 


15 


20 


25 


30 


35 


40 


45 


50 


55 


60 


65 


54 


one with the lower surface thereof, each assembly in 

turn comprising: 

(i) at least one plane-parallel electrode array compris- 
ing: 

1) a primary anode ring mounted to the rotor adja- 
cent to the inner circumference thereof, between 
the inner circumference and the inner induction 
ring array; 

2) at least one primary cathode mounted to, but 
electrically separated from, each positive section 
of the hull; and 

3) at least one stationary grid element located 
between each primary cathode and the corre- 
sponding primary anode ring; 

(11) a primary cathode resistor electrically coupled 
between each primary cathode and the correspond- 
ing positive section of the hull, each cathode resistor 
being encapsulated by a dielectric buffer; and 

(iii) a principal hull coolant and heat transfer system, 
thermally coupled to each primary cathode resistor; 

(f) at least one housing charge ballast capacitor, electri- 
cally coupled to the principal electrical generating 
system circuit and to the rotor; 

(g) a plurality of field emitters which are mounted around 
the outer circumference of the rotor and electrically 
coupled thereto; and 

(h) a motor drive mounted to the hull, having a mechani- 
cal output coupled to the rotor for rotation thereof. 

2. The electrodynamic field generator of claim 1, in 

which: 

(i) the principal electrical generating circuit induces a 
primary DC voltage between the outer circumference 
of the rotor and the inner circumference thereof when 
the rotor is rotated by the motor drive, resulting in a 
unidirectional rotor current which distributes electron 
charge from the outer rotor circumference to the nega- 
tive hull sections; and 

(11) 11) the field induction system utilizes a portion of the 
primary DC rotor voltage to establish an external 
discharge current which expresses a very large expan- 
sion of that voltage, within the electric field between 
the negative and positive sections of the hull, the 
measure of the expanded field voltage being defined by 
an engineered instantaneous charge differential 
between the rotor field emitters and the primary cath- 
odes which is supported by the electric force in one or 
more housing charge ballast capacitors. 

3. The electrodynamic field generator of claim 1 in which 
the rotor comprises a plurality of conductive radial segments 
and the same number of nonconductive segment separatorss, 
with the individual segments and separators uniformly alter- 
nating in placement. 

4. The electrodynamic field generator of claim 3, in which 
the conductive rotor segments are made of copper. 

5. The electrodynamic field generator of claim 3, in which 
each generating coil is mounted to the segment separators. 

6. The electrodynamic field generator of claim 3 in which 
the anode of each outer induction array of the principal 
generating system is mounted to the segment separators, as 
are the cathode and grid element of each inner induction 
array. 

7. The electrodynamic field generator of claim 1 in which 
each inner induction array constitutes a triode vacuum-tube 
construct, the control grid voltage of which biases that array 
nearly to current cutoff. 

8. The electrodynamic field generator of claim 1 in which 
each of the two assemblies of principal generating system 


US 6,404,089 B1 


55 


and corresponding rotor electrical circuit comprise a set of 
three generating coils, arranged across the annular body of 
the rotor, with each set of coils being sequentially coupled 
electrically. 

9. The electrodynamic field generator of claim 1 in which 
each generating coil is compound wound, having primary 
and bias windings. 

10. The electrodynamic field generator of claim 1, in 
which each generating coil further comprises a nonmagnetic 
core. 

11. The electrodynamic field generator of claim 1, in 
which each generating coil further comprises a powdered 
ironi core. 

12. The electrodynamic field generator of claim 1 in 
which the stationary permanent magnets are C-shaped, and 
are arranged into a circular body with a flux gap and wherein 
the magnetic field passes through the flux gap, and the 
generating coils are positioned to pass through the flux gaps 
of the magnets in a uniform manner during rotation of the 
rotor. 

13. The electrodynamic field generator of claim 1, in 
which the magnets are made of an alnico family alloy. 

14. The electrodynamic field generator of claim 1 in 
which a housing charge ballast capacitor is mounted upon 
the rotor between each outer induction array and the rotor’s 
outer circumference, each ballast capacitor having an inner 
conductive ring electrically connected to the rotor, an outer 
conductive ring plane-parallel to the inner ring and electri- 
cally connected to the outer induction array anode, and a 
dielectric layer between its inner and outer rings. 

15. The electrodynamic field generator of claim 1 in 
which the field emitters are made of a sintered refractory 
composite material which is electrically conductive, and 
have a shape such that they taper from an inner end or 
surface having a thickness equal to a thickness of the rotor’s 
outer circumference to a slightly blunted edge at an outer 
end forming an outermost circumference of the rotor and 
field emitters. 

16. The electrodynamic field generator of claim 9 in 
which each assembly of the principal generating system and 
corresponding rotor electrical subcircuit comprises one or 
more AC subcircuitry stages, each stage being mounted to 
the rotor for rotation therewith and in turn comprising: 

an AC input, or grid resistor; 

one or more bias windings electrically coupled to the AC 
input; 

a triode array electrically coupled to the AC input and to 
that input’s corresponding bias winding or windings, 
comprising a cathode, an anode, and a control grid; and 

an output, or plate resistor, electrically coupled to the 
anode of that triode array or to the anode of a succes- 
sive electrode array. 

17. The electrodynamic field generator of claim 16 in 
which a plurality of AC stages are electrically coupled in 
series, the input of an outermost stage closest to the outer 
circumference of the rotor being coupled to the outer induc- 
tion array anode and the output of an innermost stage closest 
to the inner rotor circumference being coupled to the control 
grid of the inner induction array. 

18. The electrodynamic field generator of claim 17 in 
which each assembly of the principal generating system, and 
the corresponding rotor electrical subcircuit, comprises three 
AC stages. 

19. The electrodynamic field generator of claim 1 in 
which the plane-parallel electrode arrays comprising the 
field induction system each in turn comprise a primary 
cathode, three grid elements, and an anode ring and there- 
fore constitute pentode vacuum-tube constructs. 
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20. The electrodynamic field generator of claim 1, in 
which a voltage control system is electrically or thermally 
coupled to at least one stationary electrode of each plane- 
parallel array comprising the field induction system such 
that the total discharge current is limited to a value within the 
total ampacity of the rotor segments. 

21. The electrodynamic field generator of claim 20, in 
which the operating electrode temperature is controlled by 
movable thermal adjusting rods that may be thermally 
coupled to one or more of the cathodes or grids and to a 
cryogenic heat sink. 

22. The electrodynamic field generator of claim 20, in 
which the voltage control system is further utilized to apply 
inverse AC signal feedback to the discharge current such that 
rotor circuit AC voltage amplitude is limited to a desired or 
requisite value. 

23. The electrodynamic field generator of claim 1 in 
which each positive section of the hull is divided into a 
plurality of radial sectors, each sector being separated from 
adjoining sectors by an insulating partition. 

24. The electrodynamic field generator of claim 23 in 
which each assembly of the field induction system com- 
prises a plurality of plane-parallel electrode arrays, with 
each array being electrically coupled to a radial sector of a 
positive hull section. 

25. The electrodynamic field generator of claim 23, in 
which each positive hull section is divided into 36 radial 
sectors. 

26. The electrodynamic field generator of claim 23 further 
comprising a center sector of each positive hull section, 
located at the axis of the hull, these sectors each being 
electrically isolated from the radial sectors of the respective 
positive hull section. 

27. The electrodynamic field generator of claim 26, in 
which each center sector is made of an insulating material. 

28. The electrodynamic field generator of claim 26, in 
which single radial sectors at four cardinal points of each 
positive hull section are electrically connected in parallel 
with a conductive center sector of that positive hull section. 

29. The electrodynamic field generator of claim 1, in 
which the principal hull-coolant system comprises one or 
more primary thermal conduits conveying a high- 
temperature heat transfer fluid and incorporates a heater to 
pre-heat that heat transfer fluid and, in turn, the cathode 
resistors, dielectric buffers, and primary cathodes. 

30. The electrodynamic field generator of claim 29, in 
which the high-temperature heat transfer fluid is liquid 
sodium. 

31. The electrodynamic field generator of claim 1 in 
which the primary cathode material is selected from a group 
consisting of pure tungsten metal and tungsten, as well as 
alloys thereof, which is or have been impregnated with 
thorium. 

32. The electrodynamic field generator of claim 1, in 
which the primary cathode resistors are made of a ceramic 
material which becomes electrically conductive at an 
elevated operating temperature. 

33. The electrodynamic field generator of claim 32, in 
which the ceramic cathode resistor material is selected from 
a group consisting of the steatite and cordierite families of 
compounds. 

34. The electrodynamic field generator of claim 1, in 
which the dielectric buffer encapsulating each primary cath- 
ode resistor is made of sodium bismuth titanate. 

35. The electrodynamic field generator of claim 1, further 
comprising a secondary hull coolant or heat transfer system 
which in turn comprises one or more secondary thermal 
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conduits conveying a heat transfer fluid and which is ther- 
mally coupled to the neutral and negative sections of the 
hull. 

36. The electrodynamic field generator of claim 35, in 
which the heat transfer fluid is a cryogenic coolant. 

37. The electrodynamic field generator of claim 36, in 
which the heat transfer fluid is a liquefied gas selected from 
the group consisting of liquid air, liquid nitrogen, and liquid 
helium. 

38. The electrodynamic field generator of claim 1 further 
comprising a plurality of stationary electromagnetic arma- 
tures arranged in two circular groups or arrays within the 
hull volume, one array above the upper surface of the rotor 
and one below the lower surface thereof, each armature 
comprising: 

a ferromagnetic body or core having a first end section 

adjacent to the rotor, a second end section adjacent to 
a neutral section of the hull, and a length therebetween 
which is of a reduced cross-sectional area with respect 
to either end section; and 


at least one electrical winding wound on either end 

section of the core, wherein an electric current in the 

winding induces a magnetic field in the core which is 

superimposed on the rotor or on the external electric 
field. 

39. The electrodynamic field generator of claim 38 in 

which each of the armatures has two windings, comprising: 


a first winding on the first end section, wherein a current 
in the first winding causes a magnetic field to be 
superimposed on the rotor; and 


a second winding on the second end section, wherein a 
current in the second winding causes a magnetic field 
to be superimposed on the external field. 

40. The electrodynamic field generator of claim 38, in 

which the armature core material is selected from a group 
consisting of pure annealed iron and low-carbon steels. 
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41. The electrodynamic field generator of claim 38, fur- 
ther comprising a DC power supply electrically coupled to 
at least one winding of each stationary armature. 

42. The electrodynamic field generator of claim 38, fur- 
ther comprising an AC power source electrically coupled to 
at least one winding of each stationary armature. 

43. The electrodynamic field generator of claim 1, in 
which the mechanical output of one or more motor drives is 
coupled to the rotor through a gear on each motor drive’s 
mechanical output meshing with one or more driven ring 
gears about the inner circumference of the rotor. 

44. The electrodynamic field generator of claim 1 further 
comprising a pair of rolling bearing assemblies or ballraces 
for supporting the rotor, one around the upper surface of the 
rotor and one around the lower surface thereof with both 
ballraces being mounted near the rotor’s outer circumfer- 
ence; each ballrace comprising a first race half or raceway 
mounted on the rotor and a second raceway mounted to the 
hull opposite the first raceway, defining a bearing ball 
passage therebetween, and a plurality of bearing balls con- 
tained in the ball passage. 

45. The electrodynamic field generator of claim 1, further 
comprising a central control cabin inside the hull within the 
aperture or inner circumference of the rotor. 

46. The electrodynamic field generator of claim 1, in 
which the cathode resistors each comprise a fixed positive 
reduced-voltage tap whereby an onboard or external elec- 
trical load may be connected between the fixed taps and the 
primary cathodes. 

47. The electrodynamic field generator of claim 1, in 
which the heat transfer system is thermally coupled to an 
external heat exchanger. 

48. The electrodynamic field generator of claim 1, com- 
prising one or more superconductive current storage rings 
utilized to deposit and retrieve an expendable store of 
ambient electron charge during extended operation in the 
vacuum of space. 
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(57) ABSTRACT 


When static electricity builds up in the earth, it is suddenly 
discharged in a destructive bolt of electricity which can 
cause fires, property damage and loss of life. The present 
invention collects this static electricity from the earth before 
it can build up, and dissipates it to the atmosphere gradually 
so as to prevent fires, property damage and loss of life. A 
plurality of relatively long underground wires conduct the 
electricity from the ground to a metal pole which extends 
from the ground upwardly approximately 40 feet or more, 
and the pole dissipates the electricity to the atmosphere. In 
one embodiment, a U-shaped top fixture on the pole 
increases the dissipation of electricity to the atmosphere. 
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STATIC ELECTRICITY ELIMINATOR 


RELATED APPLICATIONS 


This is application is a continuation-in-part of application 
Ser. No. 09/274,355 filed on Mar. 11, 1999, now abandoned, 
entitled LIGHTNING RETARDER. 


BACKGROUND OF THE INVENTION 


The purpose of this invention is to reduce or eliminate 
lightning strikes, which cause fires. Lightning occurs when 
there is a buildup of static electricity, which suddenly 
discharges in the form of a bolt of electricity. If this buildup 
can be reduced or eliminated then there will be no sudden 
discharge and no lightening bolt. This will result in a 
reduction in fires and the resulting damages to property and 
loss of life. 


While there have been “lightning rods” around for many 
years, the device of the present invention is not a lightning 
rod and does not work in the same manner as a lightning rod. 
A lightning rod works by attracting the sudden discharge of 
electricity in the form of a lightning bolt and dissipating this 
bolt of electricity thereby preventing the bolt from striking 
nearby objects. The static eliminator of the present invention 
works in an almost opposite manner. By constantly dissi- 
pating the static electricity to the atmosphere, there is never 
a buildup of charge, and consequently, no sudden discharge 
and hence no lightning bolt or associated fires and damage. 


BRIEF SUMMARY OF THE INVENTION 


The static eliminator of the present invention physically 
resembles a lightning rod, but due to some subtle 
differences, acts in a very different manner. The static 
eliminator consists of a long metal pole affixed in the ground 
and extending to a substantial height above ground level. 
Conductive wires are attached to the base of the pole and 
extend a large distance in several directions from the base of 
the pole and are buried in the ground. These wires accumu- 
late the static charge from the earth, conducting it to the pole 
which in turn bleeds the static electricity to the atmosphere 


BRIEF DESCRIPTION OF THE DRAWINGS 


The invention will be further described in connection with 
the accompanying drawings, in which: 

FIG. 1 is a perspective view of one embodiment of the 
invention, 


FIG. 2 is a detailed view of the base of the invention, 


FIG. 3 is a perspective view of another embodiment of the 
invention, and 


FIG. 4 is a detailed view of the upper end of the pole of 
this other embodiment. 


DETAILED DESCRIPTION 


In one embodiment, shown in FIG. 1, the static eliminator 
of the present invention consists of a pole 1, preferably made 
of steel pipe with a 1 % inch diameter, extending upwardly 
from the ground 7 approximately 20 feet. Areducer coupling 
13 is connected at the top of the 1 % inch pole and another 
pipe 14 of % inch diameter is connected to the coupling and 
extends further upwardly approximately 20 more feet. The 
pipe 1 is placed in a hole in the ground approximately 3 feet 
deep and a concrete collar 4 is poured around the pole 1 to 
anchor it in the ground. Before pouring the concrete, wires 
2 are attached around the base of the pole 1 by any suitable 
means such as screws or clamps. The wires 2 are preferably 
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made of 12 gauge or larger copper and each extends out- 
wardly from the pole 300 feet or farther. The wires 2 are 
buried in the ground 7 at a depth of at least 15 inches. It 
should be noted that pole 1 is not attached to any structure 
in order for it to function with maximum efficiency. In fact, 
pole 1 is as far from any surrounding structures as physically 
practical. 

In FIG. 2, details of the invention can be seen. Pole 1 is 
surrounded by an insulating sleeve 3 of any electrically 
insulating material such as glass or plastic. Sleeve 3 extends 
from the bottom of pole 1 to the top of concrete collar 4 or 
above ground level, whichever is higher. Wires 2 are 
attached at the base of the pole 1 and extend outwardly 
therefrom, through the concrete collar 4. Reducer 13 is 
attached at the top of pole 1 and pole 14 of reduced diameter 
extends upwardly therefrom. 

Another embodiment of the invention is shown in FIG. 3. 
In this embodiment, pole 1 of 1 % inch diameter extends 
upwardly from the ground to a height of 40 feet or more. 
Guy wires 3 may be attached to the pole 1 and to the ground 
7 to give extra stability. The base of the pole is substantially 
as shown in FIGS. 1 and 2. The top portion 8 of the pole, 
shown in detail in FIG. 4, increases the dissipation of static 
electricity to the atmosphere by having two points of dis- 
charge extending into the atmosphere. 

In FIG. 4, the top portion 8 of the static eliminator of FIG. 
3 is shown. This top portion consists of a T coupler 12 
attached to the top of pole 1. A connecting portion 11 having 
a length of about 12 inches is connected to either side of the 
T 12. An elbow 10 connects the laterally extending con- 
necting portion 11 to an upwardly extending extension 9. 
The extension 9 extends upwardly approximately 12 inches, 
and acts to dissipate the electrical charge into the atmo- 
sphere. 

Although the foregoing description is necessarily of a 
detailed character in order that the invention be completely 
set forth, 1t is to be understood that the specific terminology 
is not intended to be restrictive or confining, and that the 
various rearrangements of parts or modification of detail 
may be resorted to without departing from the scope or spirit 
of the invention as herein claimed. 

I claim: 

1. A static electricity eliminator for bleeding static elec- 
tricity from the ground to the atmosphere comprising a metal 
pole having a lower end buried in the ground and an upper 
end extending upwardly into said atmosphere, a plurality of 
wires attached to said lower end and extending outwardly 
therefrom, said plurality of wires being buried in said 
ground, a concrete collar surrounding said lower end in the 
ground for supporting said pole, and means surrounding said 
lower end for electrically insulating said pole from said 
ground. 

2. The static electricity eliminator of claim 1 wherein each 
of said plurality of wires is at least 300 feet long. 

3. The static electricity eliminator of claim 1 wherein said 
metal pole is not connected to any other surrounding struc- 
tures. 

4. The static electricity eliminator of claim 1 wherein said 
upper end consists of a pipe of a first diameter extending 
upwardly from said lower end, and a pipe of a second, lesser 
diameter, extending upwardly from said pipe of said first 
diameter. 

5. The static electricity eliminator of claim 1 wherein said 
upper end consists of a U-shaped member attached to said 
metal pole. 

6. A device for eliminating static electricity from the 
ground by gradually bleeding the static electricity to the 
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atmosphere comprising, a metal pole having a lower portion 
buried at least three feet in the ground and surrounded by a 
concrete collar, a plurality of copper wires attached to said 
lower portion and extending outwardly therefrom a distance 
of at least 300 feet, said plurality of wires being buried 
beneath the surface of the earth, an upper portion extending 
upwardly from the ground into the atmosphere of the earth, 
said upper portion terminating im a U-shaped member, 
insulation means surrounding said lower portion between 
said concrete collar and said lower portion for electrically 
insulating said metal pole from the ground, and guy wires 


10 


4 


extending from said metal pole to the ground for supporting 
said upper portion, wherein said static electricity is gathered 
from the earth by said plurality of wires, is conducted to said 
metal pole and passes to said U-shaped member and is 
discharged from said U-shaped member to the atmosphere. 

7. The device for eliminating static electricity from the 
ground of claim 6, wherein the metal pole is not attached to 
any surrounding structures. 
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In practice, the actual measured frequency 
is never quite the same as the calculated 


frequency. The capacitor and inductor values 
are not exact, and other stray capacitances In 
the circuit affect the frequency. When you 
need to set an exact frequency, use an 


adjustable capacitor oor inductor. 

12 Figure 9.9 shows the parallel LC circuit 
connected between the collector and the 
supply voltage, rather than between the 
collector and ground (as in Figure 9.8 ). 


Figure 9.9 


You can use this circuit and the circuit 
shown in Figure 9.8 to selectively amplify one 
frequency far more than others. 

Questions 
A. What would you expect this one frequency 
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STATIC ELECTRICITY DETECTION AND 
CONTROL SYSTEM 


James A. Wilson, Stanhope, N.J., assignor to Esso Re- 
search and Engineering Company, a corporation of 
Delaware _ | 


Application October 29, 1958, Serial No. 770,366 
15 Claims. (Cl. 137—487.5) _ 


This invention relates to a method and means for 
detecting the discharge of static electricity. It relates 
particularly to a method and means for detecting the 
discharge of static electricity within storage tanks at 
least partially filled with hydrocarbon liquids, and it 
relates more particularly to a method and means for 
generating a signal according to the discharge of static 
electricity within a storage tank at least partially filled 
with a hydrocarbon liquid and using this signal to reg- 
ulate the flow of liquid in the line whereby this tank 
is filled. | | | | 

During routine handling such as filling a storage tank, 
hydrocarbon liquids subject to agitation as by pumps and 
filters may accumulate static electric charges. For a de- 
tailed discussion of such accumulation and its significance 
with respect to methods and means for the handling of 
hydrocarbon liquids reference may be had to the book 
Electrostatics in the Petroleum Industry, edited by A. 
Klinkenberg and J. L. van der Minne, Elsevier Publish- 
ing Co., New York, 1958. For purposes of this inven- 
tion it may be said that electrostatic charges in and on a 
hydrocarbon liquid body which is resident in and par- 
tially fills a storage tank will induce an electrostatic field 
in the liquid body and in the vapor space above the 
liquid. This field may be thought of as a pattern of 
lines of force running from the charges to the wall, bot- 
tom, and roof boundaries of the tank, and passing at right 
angles through a series of surfaces of constant potential. 
These are closed surfaces, some of which may exist wholly 


in the liquid body and others of which may exist par- 


tially in the liquid body and partially in the vapor space. 

Strength of an electrostatic field is determined as the 
rate of change of potential per unit of distance as one 
moves through the field along a line of electrostatic force. 
Common units for expressing field strength are volts/in. 
and volts/em. Any medium in which an electrostatic 
field exists will have a characteristic dielectric strength 
measured in units similar to those of field strength. For 
example, most gases at atmospheric pressure have a di- 
electric strength of approximately 30,000 volts/cm. When 
the electrostatic field strength at any point in a medium 
exceeds the dielectric strength thereof, electrostatic dis- 
charges will take place which, if sufficiently intense in a 
hydrocarbon vapor region, may cause sparking with at- 
tendant danger of explosion. 

If low level, sub-sparking electrostatic discharges could 
be detected in a storage tank being filled with a hydro- 
carbon liquid, safety conditions could be improved be- 
fore the onset of sparking by shutting off the flow of 
liquid to the tank or at least reducing the rate thereof. 
In this way the supply of electrostatic charges to the 
liquid body in the tank would be stopped or slowed. 
Considering the charges already in the tank, it is char- 
acteristic of hydrocarbon liquids that if they be allowed 
to stand quiescently, as the greater amount of the liquid 


body in a storage tank will be standing even though there ` 


be an influent stream of fluid, electrostatic charges in 
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them initially will tend to be dissipated by leakage to 
ground and field strengths to be reduced. This dissipa- 
tion of charge goes on as a flow of current quite in the 
absence of any static sparking or sub-sparking discharge 
according to the “relaxation” principle which is discussed 
by Klinkenberg and van der Minne at page 39. The 
concept presently important, however, is simply that if 
flow of electrostatically charged fluid to a storage tank 
be so reduced that.with respect to the liquid body in the 
tank the charging rate falls below the relaxation rate 
plus the static discharge rate there will be a net de- 
crease of charge in the tank and an accompanying re- 
duction in electrostatic field strengths. 

According to this invention, radio means are provided 
whereby electrostatic discharges occurring inside a tank 
for the storage of hydrocarbon liquid materials may be 
detected, recorded, and particularly distinguished from 
electrostatic discharges taking place outside the tank. 
Means are provided further whereby the flow of liquids 
to the tank may be regulated according to the internal 
electrostatic discharge activity detected. 

The nature and substance of this invention may be 
more clearly perceived and fully understood by referring 


to the following description and claims taken in con- 


nection with the accompanying drawings in which: 

Fig. 1 represents a view in sectional elevation through 
a tank partially filled with a hydrocarbon liquid, and in 
which is located radio means for electrostatic discharge 
detection according to this invention; 7 

Fig. 2 represents a schematic diagram with details 
of sealing and shielding of a coupler, receiver, and filter 
apparatus suitable for use inside a hydrocarbon liquid 
storage tank for radio detection of electrostatic discharges 
according to this invention; _ | 

Fig. 3 represents a schematic diagram of a remote 
audio amplifier suitable for use with the coupler, re- 
ceiver, and filter apparatus of Fig. 2; 

Fig. 4 represents a block diagram of the radio and 
other electrical apparatus continuing from a connection 
appearing in Fig. 1 whereby electrostatic discharges oc- 
curring inside the tank are distinguished from those tak- 
ing place outside the tank and subsequently recorded, 
and whereby such distinguished discharges are employed 
to regulate the flow of liquid to the storage tank; 

Fig. 5 represents a graphic recording of electrostatic 
discharges across a calibrated spark gap from a direct 
current power supply; l 

Fig. 6 represents a laboratory pumping test apparatus 
for generating electrostatic charges in hydrocarbon liquids 
and discharging them across a spark gap; and | 

Fig. 7 represents a graphic recording of electrostatic 
discharges occurring during the pumping of JP-4 fuel 
over sulfur in the laboratory pumping test apparatus of 
Fig. 6. | o 

Referring now to the drawings, in Fig. 1 a roofed tank 
adapted for the storage of hydrocarbon liquids is desig- 
nated 20. This tank is supported by and electrically 
grounded to earth strata 22. The tank is provided with 
an inlet line 24 in which are located a flow control valve 
26 and a centrifugal pump 28. Inlet flow control valve 
26 is equipped with a power-driven actuating mechanism 
30. The suction line to pump 28 is designated 32. Tank 
20 also has a drain line 34 and an outlet flow control 
valve 36 in this line. E 

Within tank 20 there is a body of hydrocarbon liquid 
38 having an upper free surface 40. Above surface 40 
there is a vapor space 42. Supported buoyantly in the 
liquid at the surface thereof is a float member 44 which 
carries the antennae 46, 48 and 50 of one apparatus for 
detection of electrostatic discharges according to this in- 
vention. As shown, these antennae are intended respec- 
tively to be located primarily in the vapor space, in both 
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-liquid and vapor, and in the liquid. Any other appropri- 
ate antenna arrangement may be used, however. The 
antenna wires have a degree of flexibility, and suitable 
locating. means. not particularly illustrated are provided 
-fot maintaining the antennae in substantially the desired 
- positions and configurations as float member 44 rises and 
falls with changes in level of liquid surface 40. — o 

. : Mounted within tank 20 on appropriate supporting 
„means not particularly designated is an electrostatic dis- 
-charge detector apparatus 52 which comprises a sealed, 
explosion proof metal case 54 containing antenna coupler, 
radio receiver, and receiver output filter means which 


‘will bé more completely described in connection with- 


-Fig. 2. Case 54 is grounded to the tank structure as by 
wire. 56. Should detector apparatus 52 be supported 
from the structure of tank 20 by metal braces or brackets, 
‘the latter may serve as grounding means. The several 


a 


10 


antennae, all of which comprise wires with insulating _ 


„coverings of suitable material such as polyethylene in- 
tended to ‘prevent grounding of an antenna upon contact 
with tank structure, are joined in a common lead 58 run- 
“ning to the coupler while the leads from the receiver 
output filter are connected to a remote audio amplifier 
designated 60. The latter apparatus, intended to operate 
- on signals generated inside the tank, will be more com- 
pletely described in connection with Fig. 3... oe 
Referring now to Fig. 2, the common antenna lead 58 
is brought into case 54 through a vapor and liquid seal 


20 


discharge detector generally similar to detector 52 but 
located outside of tank 20. Detector 84 is provided 
with an antenna 86, likewise located altogether exter- 
nally to tank 20. The output signal from detector 84 
is taken to the outside audio amplifier 88 which is gen- 
erally similar to amplifier 60: The audio frequency 
output signals from the inside and outside amplifiers 60 
and 88 are impressed respectively on the inside and out- 
side one shot multivibrators 90 and 92 which are relaxa- 
tion oscillators, devices well known in the electronic art. 
Discrete signals from the audio amplifiers, representa- 


tive of particular discharges of static electricity sensed 


by the detectors at or above a particular energy level, 
will trigger the multivibrators. Upon being triggered, 
each multivibrator will go through a single cycle of opera- 
tion to give an output voltage signal. | 
Desirably the output -signals from both multivibrators 


will be rectangular in. form. -It is necessary’ that the 


output signal from the inside multivibrator 90 be positive- 
going, and that from the outside multivibrator 92 be nega- 
tive-going and of at least as great a negative peak value as 


that from multivibrator 90 is positive. It ‘is necessary 


- «further that the duration of the signal from the outside 
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62 to the tuned. antenna coupler comprising the parallel- 


circuit of inductor L, and variable capacitor C,. Induc- 
tor Li is closely. coupled to coil 63 which is the antenna 
loop of a radio receiver circuit contained within housing 
64. Lı may in fact comprise a wire wrapping on housing 
64, ‘This housing and the circuit components within it 
may be simply any radio for standard broadcast recep- 


tion, preferably one which is battery operated and em- 


ploys transistors rather than ‘vacuum tubes for the sake 
of compactness. - Variable capacitor C, and the radio 
circuit may be tuned to couple at a frequency of about 
1700 ke. corresponding to the approximate carrier fre- 
quency to be expected of radiant energy released by 
electrostatic discharges within the tank. - i as 

. The radio circuit within housing 64 is characterized by 
-a speaker 66.. From the terminals of this speaker elec- 
trical connections are made to a filter section comprising 
four capacitors C and two inductors L, located in a 
filter shield 68. The filter section limits stray static pick- 
Up in the output of detector 52. C, may be .001 mfd. 
and Lz may be 2.5 mh. The output leads of the filter 
section are provided with suitable shielding 70, and the 
shielded cable so formed which may be rated at 2w. 
is taken out of case 54 through a vapor and liquid seal 
72, and then out of tank 20 through another such 
seal 74, | e | | 

_ Referring now to Fig. 3, the remote audio amplifier 
60 comprises a metal case 76 containing an electrical cir- 
cuit which may be as shown. This amplifier circuit is 
connected to the leads from the filter circuit of the detec- 


tor brought to it inside shield 70. The off-on switch 78. 


of the amplifier, shown in dotted outline indicative of its 
function, is of the double pole, single throw variety. 
The output. terminals 80 and 82 may be used respectively 
for a phone monitor and a recorder. Suitable values 
for the various circuit elements may be as follows: 
R,=1000 k. ohms; R¿=220 k. ohms; Rą=R,=10 k. 
ohms; R5¿=200 k. ohms; Rg=Ry=10 k. ohms; C¿=4 
mfd.; C¿=8 mfd.; C¿=C¿=0.1 mfd.; B,=1.5 V., Ba=7.5 
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- known in the electronics art. _ | ee A 
- . For given designs of the static detectors 52 and 84 and 


multivibrator be of at least as great duration as that 


from the inside multivibrator, and desirably it will be 


somewhat longer. For example, the output signal dura- 
-tion for multivibrator 90 may be 0.5 millisecond while 


that from multivibrator 92 may be 1.0 millisecond. 
The several conditions of signal shape, direction, mag- 
nitude and duration may be satisfied through appropriate 
design of the multivibrators according to. procedure. well 


the audio amplifiers 60 and 88, the strengths of the sig- 
nals impressed on multivibrators 90 and 92 will be func- — 


tions respectively of the energy levels. of electrostatic 


discharges taking place inside and outside tank 20. At 
least a certain strength of signal leaving either - audio 
amplifier will be needed to trigger the corresponding 
multivibrator. Signals ftom an audio ‘amplifier of 


- greater strength than this will not affect the signal out- 


45 


vibrator at all. 


put from the multivibrator, but audio amplifier output 
signals of less strength will fail to. trigger the multi- 
By suitable design of the detector, audio 
amplifier, and multivibrator. systems, triggering of the 


_Inultivibrators may be set to take place only when cer- 
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v.; T; is an SO-3 type iron-core transformer, and V; and 


Va are type 2N107 transistors. | 

Audio amplifier 60 is referred to as an “inside” ampli- 
fier although it is located outside of tank 20. This 
designation relates to its function of amplifying signals 
from detector apparatus 52 which is sensitive to electro- 
static discharges occurring inside the tank. el 


- Referring now to Fig. 4, 84 designates an electrostatic 


‘inhibit voltage or signal. 
-gating amplifier 94 must 
‘the positive-going signal reaching it from the’ inside 


tain critical levels of energy release due to electrostatic 
discharges inside and outside of the tank are achieved 
-or exceeded. Bye es Fog AN SL a 


_. Signals from both multivibrators 90 and 92 are brought 
to gating amplifier 94. This amplifier which may be of 
a kind well known in the electronic art is, in: effect, a 
circuit arranged to act as a gate with respect ‘to an input 
signal in either passing or blocking this signal or an 
amplified version thereof. Customarily in a gating am- 


plifier circuit there is a vacuum tube which must be in 


conducting condition for an input signal to be passed. 
This tube, which might otherwise be continuously con- 
ducting due to the construction of the amplifier, may 
‘be rendered non-conducting by imposition of a negative- 


-going voltage on a suppressor grid element thereof. 


Such a negative-going voltage is sometimes called an 
_ For purposes of this invention, 


function to either pass or block 


multivibrator 90. ‘The outside multivibrator 92 is, àc- 
‚cordingly, so connected to the gating amplifier that its 
negative-going signal will act as an inhibit signal to 


«prevent ‘any signal from the inside multivibrator 99 or | 


70 -amplified version of such signal from being passed by am- 


15 


“plifier 94, "he is | E pp 
> The reason for the arrangement just described is that 
At is | | 


: desired to have output signals from gating ampli- 
fier 94 which correspond only to electrostatic discharges _ 


taking place within tank 20. Electrostatic discharges 
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due. to “uncontrollable causes may be expected to be 
taking place continuously outside of tank 20. The radi- 
ant energy of some such discharges, though greatly 
attenuated by the walls of tank 20 and the grounded 
metal detector case 54, may be picked up by the exter- 
nal antenna system and internal loop 63 of the inside 
detector 52 and result in signals from the inside multi- 
vibrator 90 being impressed on gating amplifier 94. If 
these signals or amplified. versions thereof were not 
blocked by the gating amplifier, the output of this ampli- 
fier would include signals corresponding not only to 
electrostatic discharges taking place inside the tank, but 
also to .some taking place outside the tank. By impos- 
ing on the gating amplifier as inhibit signals voltages 
corresponding to electrostatic discharges external to the 
tank, the gating amplifier will never be “open” to pass 
a signal from the inside multivibrator 90 when this sig- 
nal is due to an electrostatic discharge taking place out- 
side the tank. Therefore, the output of gating amplifier 
94 will comprise only signals due to electrostatic dis- 
charges occurring inside the tank. 

The possibility exists that an electrostatic discharge 
taking place inside the tank will coincide with one tak- 
ing place outside, and both be of sufficient energy level 
as picked up by the antenna systems of detectors 52 and 
84 to result in triggering of both multivibrators simul- 
taneously. In this case the gating amplifier will block 
the signal reaching it from the inside multivibrator 90, 
and no signal corresponding to the electrostatic discharge 
inside the tank will appear in the output of gating am- 
plifier 94. Statistically, however, the possibility of such 
coincidence of electrostatic discharges inside and outside 
the tank is slight, and it is contemplated that very few 
electrostatic discharges occurring inside the tank at suf- 
ficient energy level to cause triggering of multivibrator 
90 will fail to appear as output signals from the gating 
amplifier. Cen 2 aa 

Another theoretical possibility is that the outside de- 
tector 84 will pick up signals due to electrostatic dis- 
charges taking place inside the tank, which if suitably 
amplified could cause triggering of multivibrator 92 and 
so always have gating amplifier 94 closed against any 
signal reaching it from multivibrator 90. In this way 
the gating amplifier would have no output at all. In 
practice this possibility.can be kept from ever becoming 
an actuality by proper design of the outside static de- 
tector 84, audio amplifier 88, and multivibrator 92 with 
respect to the energy level of signals likely to be picked 
up. by antenna 86 of detector 84. Any signal picked up 
by antenna 86 which is due to an electrostatic discharge 
inside the tank will be at a very low energy level if for 
no other reason than that the attenuation of it by passage 
through the walls and roof of tank 20. 

Accordingly if detector 84, amplifier 88, and multi- 
vibrator 92. be so designed that there will be no trigger- 
ing of multivibrator 92 by any signal picked up by 
antenna 86 at an energy. level corresponding to that of 
an electrostatic discharge within the tank as attenuated 
by the tank structure, there will be no actual possibility 
of these discharges within the tank being self-suppressing 
with respect to output signals from the gating amplifier 
94, Such a design consideration will not be inconsistent 
with the requirement that the outside multivibrator 92 
be triggered by electrostatic discharges occurring outside 
of. tank 20 since such discharges are likely to be at a 
considerably higher energy level than those inside, and 
in respect to antenna 86 there will be no attenuation of 
the radiant energy of these discharges by the tank struc- 
ture. OE 
Output signais from gating amplifier 94 flow to storage 
circuit 96. This circuit comprises a capacitor and a 
rectifier element. The capacitor is charged by signals of 
a pulse nature reaching it from gating amplifier 94. It 
will discharge to give an analog signal representing an 
average of the pulse input-per unit time. The capacitor 
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control operations itself. 
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of storage circuit 96 is, in effect, an integrating device. 
The rectifier element of storage circuit 96 is so installed 
to prevent the backflow of any signal from the storage 
circuit to the gating amplifier as the storage circuit ca- 
pacitor discharges. The rectifier element is thus a one- 
way isolating device between the gating amplifier and 
the storage circuit capacitor. 

Storage circuit 96 should be designed with a sufficiently 
high time constant, 1.0 sec. for example, that it will give 
a continuous direct voltage output signal for any sub- 
stantial input rate of pulse signals from the gating am- 
plifier. The magnitude of this output voltage will vary 
directly with the pulse frequency of the gating amplifier 


output. The output voltage from storage circuit 96 may 


be impressed.on any suitable graphic recorder 98. The 
record made therein will be a significant indicator of 
electrostatic discharge activity of at least a certain en- 
ergy level within storage tank 20. 

It may be desired to obtain an actual count of the 
electrostatic discharges at or above a certain energy level 
taking place within tank 20. This can be done by 
means of pulse shaper 100 and an electronic counter 102. 
The pulse shaper will receive output pulse signals of 
substantially rectangular form from gating amplifier 94 
and perform a differentiating operation on the leading 
edges of these pulses to produce corresponding signals 


of spike form as its own output. These spike signals 
will be impressed on and actuate counter 102 which may 


be of the decade type well known in the electronic art. 

The direct voltage output from storage circuit 96 goes 
not only to graphic recorder 98, but also to error am- 
plifier 104 which is an essential element of the control 
system whereby the filling rate of tank 20 is regulated 
according to this invention. The function of the error 
amplifier is to compare the voltage impressed on it from 
storage circuit $6 on the one hand, and a reference volt- 


age source 106 on the other and to amplify any difference 


between these voltages, this difference being known as 
error. The amplified error voltage signal comprising 
the output of amplifier 104 will be at a comparatively 
low power level, and generally incapable of performing 
It is, accordingly, taken to 
a current amplifier 108 and there raised to such power 
level that the output signal of amplifier 108 is a direct 
current of magnitude sufficient to energize the actuating 


mechanism 30 of inlet flow control valve 26. This mech- 


anism may comprise a direct current motor geared or 
otherwise operatively connected to the stem of valve 26. 

There will be some level of electrostatic discharge 
activity in tank 20 which will correspond to a safe upper 


level of potential gradients induced in vapor space 42 


by electrostatic charges in the liquid body 38, This level 
of electrostatic discharge activity, as indicated by the 
magnitude of the direct voltage output of storage circuit 
96, must be determined by independent experiment and 
calculation. Once determined, however, it becomes the 
value of voltage to be impressed on error amplifier 104 
from reference voltage source 106. | 
The error voltage signal comprising the output of error 
amplifier 104 will have direction as well as magnitude. 
It will have one direction if the reference voltage exceeds 
the output voltage of storage circuit 96 and vice versa. 
The direction of the error voltage will determine the 
direction of control current supplied to the motor of 
valve actuating mechanism 30 from current amplifier 


108. A required condition is that when the output voltage 


of storage circuit 96 exceeds the reference voltage the 
motor of actuating mechanism 30 must turn to close 
vaive 26 and so restrict flow to tank 20. Correspond- 
ingly, when reference voltage exceeds the output voltage 
of storage circuit 96 the motor of actuating mechanism 
30 should turn to open the valve. Such devices as limit 
stop switches or slip clutches may be provided to protect 
the motor from continuing to drive. when valve 26 is 
fully open or fully closed. 
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Imagine that a hydrocarbon liquid is being supplied to 
tank 20 by pump 28 through line 24 and valve 26 which 
is at least part way open. Imagine further that the 
electrostatic discharge activity in tank 20 so increases that 
the output voltage from storage circuit 96 exceeds the 
voltage from reference voltage source 106. Actuating 
mechanism 30 will commence closing valve 26 and 
reducing the rate of flow of oil to tank 20. The rate of 
electrostatic charge inflow to tank 20 will be reduced 
simultaneously. In the meanwhile, continuous dissipa- 
tion or relaxation of charges in the body -of liquid 38 
already in the tank by current to ground will be going 


on. Total charge dissipation rate by. relaxation and static. 


discharge will eventually come to exceed charge inflow 


rate, and when this happens the electrostatic discharge 


activity in tank 20 will begin to decline. 

This activity will continue to decline as valve 26 closes, 
or possibly goes entirely closed, and with it will decline 
the output voltage of storage circuit 96. When this 
voltage’ has fallen to the magnitude of the reference 
voltage, a value corresponding to a safe level of electro- 
static discharge activity in tank 20, there will be no 
further error signal from error amplifier 104 and no 
- further current to energize the motor of valve actuating 
mechanism 30. Closing motion of valve 26 will be ter- 
minated. Now if the electrostatic discharge activity in 
tank 20 continues to decline, the voltage from storage 
circuit 96 will fali below the reference voltage; the motor 


of actuating. mechanism 30 will be energized to open © 
-30 


valve 26, and the rate of oil flow to tank 20 allowed to 
increase. The flow control system will try continuously 
to maintain an oil supply rate to tank 20 whenever the 


a 
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20 


25 
certain degree of particularity, it is to be understood 
that the present disclosure has been made only by way 


tank is to be filled by pump 28 such that a balance is | 


reached between charge inflow to the tank and charge 
:35 


dissipation from the tank at the maximum safe level of 
electrostatic discharge activity within the tank. 


Referring now to Fig. 5, the electrostatic discharge 


graphic record shown as a reference for comparison with 
Fig. 7, is that taken across a calibrated spark gap set to 
fire at 7,000 volts from a direct current power supply. 
The amount of energy stored in the system before firing 
was approximately 12.0 millijoules. The graphic ordinate 
of time indicates the advance of the chart paper. - The 
graphic abscissa of voltage, while not described quantita- 
tively and being immediately representative of the signal 


potential impressed on the recording device by the radio 


frequency electrostatic discharge detecting apparatus, indi- 
cates the relative energy levels of spark gap discharges 
for each firing of the particular system as picked up by 
the detecting apparatus. 

Referring now to Fig. 6, a typical laboratory pumping 


- test apparatus for generation of static charges in hydro- 


carbon liquids, and means for firing these charges are 
shown. A reservoir 110 contains a hydrocarbon liquid 


body 112. By means of a suction line descending well | 


into the reservoir, liquid is drawn into motor-driven 
pump 114 which discharges it through rotameter 116. 
From the rotameter the pumped liquid flows to and 
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through a glass pipe 118. Within pipe 118 there is a 


rack 120 also of glass which supports a body of material 
122 such as glass wool used in filters or lumps of sulfur 
‘representing substance found in tank scale. From the 
outer end of the glass pipe the liquid i is returned to reser- 
voir 110. Intermediate connecting tubing runs and fit- 
tings and the support structure as well as pipe 118 are 
of electrically non-conductive material such as glass or 
Lucite.- 

A tungsten prob 124 penetrates pipe 118 and is in 
contact- with the lower end of the filling material 122. 
This probe is wired to one side of an adjustable spark gap 
126, the other side of which is connected to ground. 


Electrostatic discharge detecting means such as that de- 


scribed earlier with suitable graphic recording apparatus 
“attached is positioned adjacent the spark gap. When 
pump 116 is operated there will be agitation of the liquid 
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by the ‘pump itself and filling: imaterial 122 with conse- 
quent: generation and accumulation of charge. in the 
liquid. This accumulated charge will be picked up by 
probe 124 and a potential developed across spark gap 


126. From time to time a breakdown potential will be | 


achieved and the gap ‘be fired. The electrostatic dis- 
charge detecting and recording apparatus will then. func- 
tion in a manner generally described already. . | 
Referring. now to Fig. 7, what is shown is an. electro- 
static discharge recòrd of JP-4 fuel pumped in the ap- 
paratus of Fig. 6 using a filling of lump sulfur in pipe 
118. The voltage trace of Fig. 7 was, in fact made with 
the same spark gap, radio detector, and graphic recorder 
apparatus used in preparation of Fig. 5, although, of 
course, at a different time... Evaluating these records in 
terms of tank storage of hydrocarbon liquids discussed 


earlier, Fig. 5 developed from spark equipment. using a 
direct current power supply might be pictured as the 


external: interference ‘signal «while Fig. 7 with Fig. 5 
added at some attenuated energy level would then repre- 
sent a typical composite signal of electrostatic discharges 
sensed by radio frequency detecting apparatus located 
within a tank as detector. 52. and its antennae within 
tank 20: 

‘Although this invention has been isibe with a 


of example and that numerous changes in the details of 


construction and the combination and arrangement of: 


parts may be resorted to without departing from the 
spirit and scope of this invention as hereinafter claimed. 
What is claimed is: 
1. In combination with ; a. vessel for the storage. of 


liquid materials and conduit means communicating with 


said vessel wherethrough liquid material may be intro- 
duced into said vessel, an apparatus for control of elec- 
trostatic discharges within said vessel comprising radio 
means characterized by pick-up antenna means disposed 
within said vessel whereby electrostatic discharges occur- 


ring within said vessel may be detected and signals cor- 
| responding. to said discharges generated for further trans- 


mission, a reference signal source, comparator means 


‘whereby signals from said radio means and said reference 


signal source may be matched and a differential signal 
generated for further transmission, transmission means 
connecting said radio means and said comparator means, 


transmission means connecting said reference signal source 


and said comparator means, liquid flow regulating means 
in said conduit, and transmission means connecting said 
comparator means and said liquid flow regulating means 
whereby said differential signal i Is imposed on said liquid 


flow regulating means. 


2. An apparatus according to dim 1 in which said 


liquid flow regulating means comprises a valve having an 


electrically actuated opening and closing means. 
.3. An apparatus according to claim 2 in which said 
electrically actuated opening and closing means comprises 


a direct current motor. 
4. An apparatus according to claim 1 including a cur- 


rent amplifying means whereby said differential. signal 


from said comparator means is raised in power level prior | 


to imposition upon said liquid flow regulating means. 

5. In combination with a vessel for the storage of liquid 
materials and conduit means communicating with said 
vessel wherethrough liquid material may be introduced 
into said vessel, an apparatus for controlling electrostatic 
discharges within said vessel comprising a first radio 
means inside said vessel whereby electrostatic discharges 
occurring within said vessel may be detected and signals 


corresponding to said discharges generated for further 


transmission, a second radio means outside of said ves- 
sel whereby electrostatic discharges occurring without 
said vessel may be detected and signals corresponding to 


said discharges generated for further transmission, a gat- — 


ing means adapted to receive signals from said first and 


as) 
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second radio imeans and to generate signals for further 
transmission corresponding only to those signals from said 


first radio means which correspond in turn only to those- 


electrostatic discharges occurring within said vessel non- 
coincidentally with electrostatic discharges occurring with- 
out said vessel and for which corresponding signals are 
generated by said second radio means, transmission means 
connecting said first radio means and said gating means, 
transmission means connecting said second radio means 
and said gating means, a reference signal source, com- 
parator means whereby signals from said gating means 
and said reference signal source may be matched and a 
differential signal generated for further transmission, 
transmission means connecting said gating means and said 
comparator means, transmission means connecting said 
reference signal source and said comparator means, liquid 
flow regulating means in said conduit, and transmission 
means connecting said comparator means and said liquid 
flow regulating means whereby said differential signal is 
imposed on said liquid flow regulating means. 

6. An apparatus according to claim 5 in which said 
liquid flow regulating means comprises a valve having an 
electrically actuated opening and closing means. 

7. An apparatus according to claim 6 in which said 
electrically actuated opening and closing means comprises 
a direct current motor. 

8. An apparatus according to claim 5 including a cur- 
rent amplifying means whereby said differential signal 
from said comparator means is raised in power level prior 
to imposition upon said liquid flow regulating means. 

9. In combination with a vessel for the storage of liquid 
materials and conduit means communicating with said 
vessel wherethrough liquid material may be introduced 
into said vessel, an apparatus for control of electrostatic 
discharges within said vessel comprising a first radio means 
inside said vessel whereby electrostatic discharges occur- 
ring within said vessel may be detected and signals cor- 
responding to said discharges generated for further trans- 
mission, a second radio means outside of said vessel 
whereby electrostatic discharges occurring without said 
vessel may be detected and signals corresponding to said 
discharges generated for further transmission, a first 
multivibrator adapted to receive signals from said first 
radio means and generate pulse signals for further trans- 
mission corresponding to signals at or above a first pre- 
determined energy level received from said first radio 
means, a second multivibrator adapted to receive signals 
from said second radio means and generate pulse signals 
for further transmission corresponding to signals at or 
above a second predetermined energy level received from 
said second radio means, transmission means connecting 
said first radio means and said first multivibrator, trans- 
mission means connecting said second radio means and 
said second multivibrator, a gating means adapted to re- 
ceive signals from said first and second multivibrators 
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and to generate pulse signals for further transmission cor- 
responding only to those signals from said first multi- 
vibrator which correspond in turn to those signals from 
said first radio means which finally correspond only to 
those electrostatic discharges occurring within said vessel 
non-coincidentally with electrostatic discharges occurring 
without said vessel and detected and for which corre- 
sponding signals resulting in output pulses from said sec- 
ond multivibrator are generated by said second radio 
means, transmission means connecting said first multi- 
vibrator and said gating means, transmission means con- 
necting said second multivibrator and said gating means, 
a storage means adapted to receive pulse signals from said 
gating means and to generate a signal for further trans- 
mission corresponding to a time-integrated value of pulse 
signals received from said gating means, transmission 
means connecting said gating means and said storage 
means, a reference signal source, a comparator means 
whereby signals from said storage means and said refer- 
ence signal source may be matched and a differential 
signal generated for further transmission, transmission 
means connecting said storage means and said comparator 
means, transmission means connecting said reference sig- 
nal source and said comparator means, liquid flow regu- 
lating means in said conduit, and transmission means con- 
necting said comparator means and said liquid flow regu- 
lating means whereby said differential signal is imposed 
on said liquid flow regulating means. 

10. An apparatus according to claim 9 in which said 
liquid flow regulating means comprises a valve having 
electrically actuated opening and closing means. 

11. An apparatus according to claim i0 in which said 
electrically actuated opening and closing means comprises 
a direct current motor. 

12. An apparatus according to claim 9 including a cur- 
rent amplifying means whereby said differential signal 
from said comparator means is raised in power level prior 
to imposition upon said liquid flow regulating means. 

13. An apparatus according to claim 9 including am- 
plifying means associated with each of said first and 
second radio means whereby audio frequency output sig- 
nals from said radio means are amplified prior to trans- 
mission to said first and second multivibrators respectively. 

14. An apparatus according to claim 9 including graphic 
recording means actuated by output signals from said 
storage means. 

15. An apparatus according to claim 9 including pulse 
counting means actuated by output signals from said 
gating means, 
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Frequently Asked Questions 


Block Diagrams 


Block diagrams are used to understand (and design) complete circuits by breaking them down 
into smaller sections or blocks. Each block performs a particular function and the block diagram 
shows how they are connected together. No attempt is made to show the components used 
within a block, only the inputs and outputs are shown. This way of looking at circuits is called the 
systems approach. 


Power supply (or battery) connections are usually not shown on block diagrams. 


Audio Amplifier System 


Microphone Loudspeaker 


Pre- | }Tone and] . | Power 


— Volume >= i e 
Controls | “ | Amplifier | 


| amplifier [~7 


Block Diagram of an Audio Amplifier System 


The power supply (not shown) is connected to the pre-amplifier and power amplifier blocks. 


e Microphone - a transducer which converts sound to voltage. 
e Pre-Amplifier - amplifies the small audio signal (voltage) from the microphone. 
e Tone and Volume Controls - adjust the nature of the audio signal. 
The tone control adjusts the balance of high and low frequencies. 
The volume control adjusts the strength of the signal. 
e Power Amplifier - increases the strength (power) of the audio signal. 
e Loudspeaker - a transducer which converts the audio signal to sound. 


Radio Receiver System 


uy Aerial | 
Loudspeaker | 


| | Audio | 


Block Diagram of a Radio Receiver System 


The power supply (not shown) is connected to the audio amplifier block. 


Aerial - picks up radio signals from many stations. 

Tuner - selects the signal from just one radio station. 

Detector - extracts the audio signal carried by the radio signal. 

Audio Amplifier - increases the strength (power) of the audio signal. 

This could be broken down into the blocks like the Audio Amplifier System shown above. 
e Loudspeaker - a transducer which converts the audio signal to sound. 


Regulated Power Supply System 


Block Diagram of a Regulated Power Supply System 


Transformer - steps down 230V AC mains to low voltage AC. 
Rectifier - converts AC to DC, but the DC output is varying. 
Smoothing - smooth the DC from varying greatly to a small ripple. 
Regulator - eliminates ripple by setting DC output to a fixed voltage. 


Feedback Control System 


Feedback Path 


Control Output 


Controlled 


Circuit Transducer [* Quantity 


selector | 
(control input) o 
Block Diagram of a Feedback Control System 


The power supply (not shown) is connected to the control circuit block. 


e Sensor - a transducer which converts the state of the controlled quantity to an electrical 
signal. 

e Selector (control input) - selects the desired state of the output. Usually it is a variable 
resistor. 

e Control Circuit - compares the desired state (control input) with the actual state 
(sensor) of the controlled quantity and sends an appropriate signal to the output 
transducer. 

e Output Transducer - converts the electrical signal to the controlled quantity. 

e Controlled Quantity - usually not an electrical quantity, e.g. motor speed. 

e Feedback Path - usually not electrical, the Sensor detects the state of the controlled 
quantity. 


to be? = — 

B. Write the formula for the impedance of the 
circuit at the resonance frequency. | 

C. What is the AC voltage gain at this 
frequency? 


Answers 
A. The resonance frequency 
B. L 
Z= 
CXr 
where r is the DC resistance of the coil 
C. Ed 
Ay =— 
Re 
13 Because of the low DC resistance of 
the coil, the DC voltage at the collector IS 


usually close to the supply voltage (VS). In 
addition, the AC output voltage positive peaks 


can exceed the DC level of the supply 
voltage. With large AC output, the positive 
peaks can actually reach 2V S , as shown In 
Figure 9.10 


Figure 9.10 


Circuit Diagrams 


Examples of Circuit Symbols 


ia} + H 


Cell Switch Resistor LED joined Capacitor 


Circuit diagrams show how electronic components are connected together. Each component is 
represented by a symbol and a few are shown here, for other symbols please see the 
Circuit Symbols page. 


Adjustable Timer Circuit 


Circuit Diagram Component Layout on Stripboard 


Circuit diagrams and component layouts 


Circuit diagrams show the connections as clearly as possible with all wires drawn neatly as 
straight lines. The actual layout of the components is usually quite different from the circuit 
diagram and this can be confusing for the beginner. The secret is to concentrate on the 
connections, not the actual positions of components. 


The circuit diagram and stripboard layout for the Adjustable Timer project are shown here so 
you can see the difference. 


A circuit diagram is useful when testing a circuit and for understanding how it works. This is why 
the instructions for projects include a circuit diagram as well as the stripboard or printed circuit 
board layout which you need to build the circuit. 
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Drawing circuit diagrams 


Drawing circuit diagrams is not difficult but it takes a little practice to draw neat, clear diagrams. 
This is a useful skill for science as well as for electronics. You will certainly need to draw circuit 
diagrams if you design your own circuits. 


Follow these tips for best results: 


Make sure you use the correct symbol for each component. 

Draw connecting wires as straight lines (use a ruler). 

Put a 'blob' (Æ) at each junction between wires. 

Label components such as resistors and capacitors with their values. 

The positive (+) supply should be at the top and the negative (-) supply at the bottom. 
The negative supply is usually labeled OV, zero volts. 

If you are drawing the circuit diagram for science please see the section about drawing 
diagrams the ‘electronics way’. 


If the circuit is complex: 


Try to arrange the diagram so that signals flow from left to right: inputs and controls 
should be on the left, outputs on the right. 

You may omit the battery or power supply symbols, but you must include (and label) the 
supply lines at the top and bottom. 


The electronics way The science way 
(+ at the top) (battery at the top) 


Drawing circuit diagrams the ‘electronics way' 


Circuit diagrams for electronics are drawn with the positive (+) supply at the top and the 
negative (-) supply at the bottom. This can be helpful in understanding the operation of the 
circuit because the voltage decreases as you move down the circuit diagram. 


Circuit diagrams for science are traditionally drawn with the battery or power supply at the top. 
This is not wrong, but there is usually no advantage in drawing them this way and | think it is 
less helpful for understanding the circuit. 


| suggest that you always draw your circuit diagrams the ‘electronics way", even for science! 


Note that the negative supply is usually called OV (zero volts). This is explained on the Voltage 
and Current page. 


Circuit Symbols 


Circuit symbols are used in circuit diagrams which show how a circuit is connected together. 
The actual layout of the components is usually quite different from the circuit diagram. To build a 
circuit you need a different diagram showing the layout of the parts on stripboard or 

printed circuit board. 


Wires and connections 
Component Circuit Symbol Function of Component 


TO pass current very easily from one part of a 


Wire circuit to another. 


A 'blob' should be drawn where wires are 
connected (joined), but it is sometimes omitted. 

Wires joined ( + Wires connected at 'crossroads' should be 
staggered slightly to form two T-junctions, as 
shown on the right. 


In complex diagrams it is often necessary to 
draw wires crossing even though they are not 
connected. | prefer the 'bridge' symbol shown on 
the right because the simple crossing on the left 
may be misread as a join where you have 
forgotten to add a 'blob"! 


Wires not joined 


Power Supplies 


Component Circuit Symbol 


Cell — F——— 


Battery --- -— 


+ = 
DC supply o o 


AC supply | m Öm 


Fuse — Ap 


E 


Earth _ | 


(Ground) — 


Transformer 


Function of Component 


Supplies electrical energy. 

The larger terminal (on the left) is positive (+). 

A single cell is often called a battery, but strictly a 
battery is two or more cells joined together. 


Supplies electrical energy. A battery is more than 
one cell. 
The larger terminal (on the left) is positive (+). 


Supplies electrical energy. 
DC = Direct Current, always flowing in one 
direction. 


Supplies electrical energy. 
AC = Alternating Current, continually changing 
direction. 


A safety device which will ‘blow’ (melt) if the current 
flowing through it exceeds a specified value. 


Two coils of wire linked by an iron core. 
Transformers are used to step up (increase) and 
step down (decrease) AC voltages. Energy is 
transferred between the coils by the magnetic field 
in the core. There is no electrical connection 
between the coils. 


A connection to earth. For many electronic circuits 
this is the OV (zero volts) of the power supply, but 
for mains electricity and some radio circuits it really 
means the earth. It is also Known as ground. 


Output Devices: Lamps, Heater, Motor, etc. 


Component Circuit Symbol 


Lamp (lighting) 


Lamp (indicator) 


Heater 


Motor 


Function of Component 


A transducer which converts electrical energy to 
light. This symbol is used for a lamp providing 
Illumination, for example a car headlamp or torch 
bulb. 


A transducer which converts electrical energy to 
light. This symbol is used for a lamp which is an 
indicator, for example a warning light on a car 
dashboard. 


A transducer which converts electrical energy to 
heat. 


A transducer which converts electrical energy to 
kinetic energy (motion). 


Bell 


Buzzer 


Inductor 
(Coil, Solenoid) 


Switches 
Component 


Push Switch 
(push-to- 
make) 


Push-to-Break 
Switch 


On-Off Switch 
(SPST) 


2-way Switch 
(SPDT) 


Dual On-Off 
Switch 
(DPST) 


Reversing 
Switch 
(DPDT) 


Relay 


A transducer which converts electrical energy to 
sound. 


A transducer which converts electrical energy to 
sound. 


A coil of wire which creates a magnetic field 
when current passes through it. It may have an 


iron core inside the coil. It can be used as a 


transducer converting electrical energy to 
mechanical energy by pulling on something. 


Circuit Symbol 


_ J 
——_{} gG 


Function of Component 


A push switch allows current to flow only when 
the button is pressed. This is the switch used 
to operate a doorbell. 


This type of push switch is normally closed 
(on), it is open (off) only when the button is 
pressed. 


SPST = Single Pole, Single Throw. 
An on-off switch allows current to flow only 
when it is in the closed (on) position. 


SPDT = Single Pole, Double Throw. 

A 2-way changeover switch directs the flow of 
current to one of two routes according to its 
position. Some SPDT switches have a central 
off position and are described as 'on-off-on’. 


DPST = Double Pole, Single Throw. 

A dual on-off switch which is often used to 
switch mains electricity because it can isolate 
both the live and neutral connections. 


DPDT = Double Pole, Double Throw. 

This switch can be wired up as a reversing 
switch for a motor. Some DPDT switches have 
a central off position. 


An electrically operated switch, for example a 
9V battery circuit connected to the coil can 


| switch a 230V AC mains circuit. 


NO = Normally Open, COM = Common, 
NC = Normally Closed. 
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Resistors 


Component Circuit Symbol 


fo 


Resistor 


Variable Resistor 
(Rheostat) 


Variable Resistor 
(Potentiometer) 


Variable Resistor 
(Preset) 


Capacitors 


Component 


Circuit Symbol 


AH 


Capacitor, 
polarized 


Variable Capacitor 


Trimmer Capacitor 


Function of Component 


A resistor restricts the flow of current, for 
example to limit the current passing through an 
LED. A resistor is used with a capacitor in a 
timing circuit. 

Some publications still use the old resistor 
symbol: =A= 


This type of variable resistor with 2 contacts (a 
rheostat) is usually used to control current. 
Examples include: adjusting lamp brightness, 
adjusting motor speed, and adjusting the rate of 
flow of charge into a capacitor in a timing 
circuit. 


This type of variable resistor with 3 contacts (a 
potentiometer) is usually used to control 
voltage. It can be used like this as a transducer 
converting position (angle of the control spindle) 
to an electrical signal. 


This type of variable resistor (a preset) Is 
operated with a small screwdriver or similar 
tool. It is designed to be set when the circuit is 


- made and then left without further adjustment. 


Presets are cheaper than normal variable 
resistors so they are often used in projects to 
reduce the cost. 


Function of Component 


A capacitor stores electric charge. A capacitor 
is used with a resistor in a timing circuit. It can 
also be used as a filter, to block DC signals 
but pass AC signals. 


A capacitor stores electric charge. This type 
must be connected the correct way round. A 
capacitor is used with a resistor in a timing 
circuit. It can also be used as a filter, to block 
DC signals but pass AC signals. 


-|A variable capacitor is used in a radio tuner. 


This type of variable capacitor (a trimmer) is 
operated with a small screwdriver or similar 
tool. It is designed to be set when the circuit is 
made and then left without further adjustment. 


Diodes 


Component Circuit Symbol Function of Component 
€ A device which only allows current to flow in 
Diode O 
y one direction. 
EP 


LED A transducer which converts electrical 
Light Emitting Diode energy to light. 
7 A special diode which is used to maintain a 
Zener Diode 
| fixed voltage across Its terminals. 


qe 


Photodiode | > A light-sensitive diode. 


Transistors 


Component | Circuit Symbol Function of Component 


A transistor amplifies current. It can be used with other 


Transistor NPN en ae ie 
components to make an amplifier or switching circuit. 


A transistor amplifies current. It can be used with other 


Transistor PNP a OS {a 
components to make an amplifier or switching circuit. 


Phototransistor A light-sensitive transistor. 


Audio and Radio Devices 


Component Circuit Symbol Function of Component 
A transducer which converts sound to electrical 
Microphone 
energy. 
A transducer which converts electrical energy to 
Earphone 


sound. 
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Loudspeaker 


Piezo Transducer 


A transducer which converts electrical energy to 
sound. 


A transducer which converts electrical energy to 


sound. 


Aerial 
(Antenna) 


Meters and Oscilloscope 


Component Circuit Symbol 


Voltmeter 
Ammeter 
Galvanometer 
Ohmmeter 


Oscilloscope 


Sensors (input devices) 


Component Circuit Symbol 


LDR 


Thermistor — Zi 


A device which is designed to receive or transmit 
radio signals. It is also known as an antenna. 


E 
Amoblifier An amplifier circuit with one input. Really it is a block 
( Ma mbol) 4 diagram symbol because it represents a circuit rather 
J y than just one component. 


Function of Component 


A voltmeter is used to measure voltage. 


' |The proper name for voltage is ‘potential 


difference’, but most people prefer to say voltage! 


An ammeter is used to measure current. 


A galvanometer is a very sensitive meter which is 
used to measure tiny currents, usually 1mA or 
less. 


An ohmmeter is used to measure resistance. Most 
multimeters have an ohmmeter setting. 


An oscilloscope is used to display the shape of 
electrical signals and It can be used to measure 
their voltage and time period. 


Function of Component 


A transducer which converts brightness (light) to 
resistance (an electrical property). 
LDR = Light Dependent Resistor 


A transducer which converts temperature (heat) to 
resistance (an electrical property). 


244 = 


Logic Gates 


Logic gates process signals which represent true (1, high, +Vs, on) or false (0, low, OV, off). 
There are two sets of symbols: traditional and IEC (International Electrotechnical Commission). 


Gate 


Type Traditional Symbol IEC Symbol Function of Gate 
A NOT gate can only have one input. The 


ll 'o' on the output means 'not'. The output of 


NOT O a NOT gate is the inverse (opposite) of its 
input, so the output is true when the input Is 


false. A NOT gate is also called an inverter. 


A NAND gate can have two or more inputs. 
The 'o' on the output means 'not' showing 


An AND gate can have two or more inputs. 
The output of an AND gate is true when all 
its inputs are true. 


AND 


NAND - that it is a Not AND gate. The output of a 
NAND gate is true unless all its inputs are 


true. 


An OR gate can have two or more inputs. 
The output of an OR gate is true when at 
least one of its inputs is true. 


OR 


A NOR gate can have two or more inputs. 
The 'o' on the output means 'not' showing 
that it is a Not OR gate. The output of a 
NOR gate is true when none of its inputs 
are true. 


NOR 


An EX-OR gate can only have two inputs. 
The output of an EX-OR gate is true when 
its inputs are different (one true, one false). 


EX-OR 


An EX-NOR gate can only have two inputs. 
The 'o' on the output means 'not' showing 
that it is a Not EX-OR gate. The output of 
an EX-NOR gate is true when its inputs are 
the same (both true or both false). 


EX- 
NOR 


Sets of circuit symbols to download 


You can download complete sets of all the circuit symbols shown above. The sets are 'zipped' 
for convenience and they are provided in three formats: 


e WME circuit symbols (32K) - Windows Metafiles. 


These vector drawings are the best format for printed documents on most computer 
systems, including Windows where they can be used in Word documents for example. 
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They can be enlarged without loss of quality. If you are not sure which format is best for 
you | suggest you try this one first. 

e GIF circuit symbols (43K) - Graphics Interchange Format. 
These bitmap images are the best format for web pages but they print poorly and their 
bitmap nature will become obvious if they are enlarged. You can download individual 
symbols by saving the images used above on this page. 

e Drawfile circuit symbols (29K) - for RISC OS (Acorn) computers. 
These high quality vector drawings are suitable for almost all documents on a RISC OS 
computer. All the symbols were originally drawn in this format. They print perfectly and 
can be enlarged without loss of quality. Sorry, this format is NOT suitable for Windows 
computers. 


Electricity and the Electron 


What is electricity? 


— 
| 
| 
— 


Electricity is the flow of charge around a circuit carrying energy from the battery (or power 
Supply) to components such as lamps and motors. 


Electricity can flow only if there is a complete circuit from the battery through wires to 
components and back to the battery again. 


The diagram shows a simple circuit of a battery, wires, a switch and a lamp. The switch works 
by breaking the circuit. 


With the switch open the circuit is broken - so electricity cannot flow and the lamp is off. 


With the switch closed the circuit is complete - allowing electricity to flow and the lamp is on. 
The electricity is carrying energy from the battery to the lamp. 


We can see, hear or feel the effects of electricity flowing such as lamp lighting, a bell ringing, or 
a motor turning - but we cannot see the electricity itself, so which way is it flowing? 


1% 


Question 


Indicate which of the following is an accurate 
description of the circuit in Figure 9.10 : 

A. Oscillator ee 

B. Tuned amplifier 

C. Common base circuit 

D. Common emitter circuit 

Answer 

B. Tuned amplifier 


Feedback 


14 To convert an amplifier into an oscillator, 
you must connect a portion of the output 
signal to the input. This feedback signal must 
be in phase with the input signal to induce 
oscillations. 

Figure 9.11 shows three methods you can 
use to provide a feedback signal from a 


Picture below shows an Imaginary positive particles moving in the direction of the conventional 
current. 


. » 
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Which way does electricity flow? 


We say that electricity flows from the positive (+) terminal of a battery to the negative (-) terminal 
of the battery. We can imagine particles with positive electric charge flowing in this direction 
around the circuit, like the red dots in the diagram. 


This flow of electric charge is called conventional current. 


This direction of flow is used throughout electronics and it is the one you should remember and 
use to understand the operation of circuits. 


However this is not the whole answer because the particles that move in fact have negative 
charge! And they flow in the opposite direction! 


conventional 
current 


è è electrons 


The Electron 


When electricity was discovered scientists tried many experiments to find out which way the 
electricity was flowing around circuits, but in those early days they found it was impossible to 
find the direction of flow. 


They knew there were two types of electric charge, positive (+) and negative (-), and they 
decided to say that electricity was a flow of positive charge from + to -. They knew this was a 
guess, but a decision had to be made! Everything known at that time could also be explained if 
electricity was negative charge flowing the other way, from - to +. 
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The electron was discovered in 1897 and it was found to have a negative charge. The guess 
made in the early days of electricity was wrong! Electricity in almost all conductors is really the 
flow of electrons (negative charge) from - to +. 

By the time the electron was discovered the idea of electricity flowing from + to - (conventional 
current) was firmly established. Luckily it is not a problem to think of electricity in this way 
because positive charge flowing forwards is equivalent to negative charge flowing backwards. 


To prevent confusion you should always use conventional current when trying to understand 
how circuits work, imagine positively charged particles flowing from + to -. 


Series and Parallel Connections 


Connecting Components 


There are two ways of connecting components: 


In series 
so that each component has the same current. 


The battery voltage is divided between the two lamps 
Each lamp will have half the battery voltage if the lamps are 
identical. 


In parallel 
so that each component has the same voltage. 


Both lamps have the full battery voltage across them. 
The battery current is divided between the two lamps. 


Most circuits contain a mixture of series and parallel connections 
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The terms series circuit and parallel circuit are sometimes used, but only the simplest of circuits 
are entirely one type or the other. It is better to refer to specific components and say they are 
connected in series or connected in parallel. 


For example: the circuit on the right shows a resistor and LED connected in series (on the 


right) and two lamps connected in parallel (in the centre). The switch is connected in series 
with the two lamps. 


Lamps in Series 


If several lamps are connected in series they will all be switched on and off together by a switch 
connected anywhere in the circuit. The supply voltage is divided equally between the lamps 
(assuming they are all identical). If one lamp blows, all the lamps will go out because the circuit 
is broken. 


Christmas Tree Lights 


The lamps on a Christmas tree are connected in series. Normally you would expect 
all the lamps to go out if one blew, but Christmas tree lamps are special! They are 
designed to short circuit (conduct like a wire link) when they blow, so the circuit is 
not broken and the other lamps remain lit, making it easier to locate the faulty 
lamp. Sets also include one ‘fuse’ lamp which blows normally. 


If there are 20 lamps and the mains electricity voltage is 240V, each lamp must be suitable for a 
12V supply because the 240V is divided equally between the 20 lamps: 240V + 20 = 12V. 


WARNING! The Christmas tree lamps may seem safe because they use only 12V but they are 
connected to the mains supply which can be lethal. Always unplug from the mains before 
changing lamps. The voltage across the holder of a missing lamp is the full 240V of the mains 
supply! (Yes, it really is!) 
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Lamps in Parallel 


If several lamps are connected in parallel each one has the full supply voltage across it. The 
lamps may be switched on and off independently by connecting a switch in series with each 
lamp as shown in the circuit diagram. This arrangement is used to control the lamps in 
buildings. 


This type of circuit is often called a parallel circuit but you can see that it is not really so simple - 
the switches are in series with the lamps, and it is these switch and lamp pairs that are 
connected in parallel. 


Switches in Series 


If several on-off switches are connected in series they must all be closed (on) to complete the 
circuit. 


The diagram shows a simple circuit with two switches connected in series to control a lamp. 


Switch S1 AND Switch S2 must be closed to light the lamp. 


247 = 


S1 


Switches in Parallel 


If several on-off switches are connected in parallel only one needs to be closed (on) to complete 
the circuit. 


The diagram shows a simple circuit with two switches connected in parallel to control a lamp. 


Switch S1 OR Switch S2 (or both of them) must be closed to light the lamp. 


Voltage and Current 


Voltage and Current are vital to understanding electronics, but they are quite hard to grasp 
because we can't see them directly. 


Voltage is the Cause, Current is the Effect 


Voltage attempts to make a current flow, and current will flow if the circuit is complete. Voltage 
is sometimes described as the 'push' or 'force' of the electricity, it isn't really a force but this may 
help you to imagine what is happening. It is possible to have voltage without current, but current 
cannot flow without voltage. 


Voltage and Current Voltage but No Current No Voltage and No Current 
The switch is closed making a The switch is open so the circuit Without the cell there is no 
complete circuit so current can is broken and current cannot source of voltage so current 

flow. flow. cannot flow. 
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Connecting a voltmeter in parallel 
Voltage, V 


e Voltage is a measure of the energy carried by the charge. 
Strictly: voltage is the "energy per unit charge". 
e The proper name for voltage is potential difference or p.d. for short, but this term is 
rarely used in electronics. 
Voltage is supplied by the battery (or power supply). 
Voltage is used up in components, but not in wires. 
We say voltage across a component. 
Voltage is measured in volts, V. 
Voltage is measured with a voltmeter, connected in parallel. 
The symbol V is used for voltage in equations. 


Voltage at a point and OV (zero volts) 


+64 
+ 


6% here 
av here 


ov OV here 


Voltage is a difference between two points, but in electronics we often refer to voltage ata 
point meaning the voltage difference between that point and a reference point of OV (zero 
volts). 


Zero volts could be any point in the circuit, but to be consistent it is normally the negative 
terminal of the battery or power supply. You will often see circuit diagrams labeled with OV 
as a reminder. 


You may find it helpful to think of voltage like height in geography. The reference point of zero 
height is the mean (average) sea level and all heights are measured from that point. The zero 
volts in an electronic circuit is like the mean sea level in geography. 
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Zero volts for circuits with a dual supply 


Some circuits require a dual supply with three supply connections as shown in the diagram. For 
these circuits the zero volts reference point is the middle terminal between the two parts of the 


supply. 


On complex circuit diagrams using a dual supply the earth symbol is often used to indicate a 
connection to OV, this helps to reduce the number of wires drawn on the diagram. 


The diagram shows a +9V dual supply, the positive terminal is +9V, the negative terminal is -9V 
and the middle terminal is OV. 


Connecting an ammeter in series 


Current, | 


Current is the rate of flow of charge. 

Current is not used up, what flows into a component must flow out. 

We say current through a component. 

Current is measured in amps (amperes), A. 

Current is measured with an ammeter, connected in series. 

To connect in series you must break the circuit and put the ammeter across the gap, as 
shown in the diagram. 

e The symbol I is used for current in equations. 

Why is the letter | used for current? ... see Frequently Ask Questions. 


1A (1 amp) is quite a large current for electronics, so mA (milliamps) are often used. m (milli) 
means "thousandth": 


1mA = 0.001A, or 1000mA = 1A 
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The need to break the circuit to connect in series means that ammeters are difficult to use on 
soldered circuits. Most testing in electronics is done with voltmeters which can be easily 
connected without disturbing circuits. 
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Voltage and Current for components in Series 


Voltages add up for components connected in series. 
Currents are the same through all components connected in series. 


In this circuit the 4V across the resistor and the 2V across the LED add up to the battery 
voltage: 2V + 4V = 6V. 


The current through all parts (battery, resistor and LED) is 20mA. 


Voltage and Current for components in Parallel 


Voltages are the same across all components connected in parallel. 
Currents add up for components connected in parallel. 


In this circuit the battery, resistor and lamp all have 6V across them. 


The 30mA current through the resistor and the 60mA current through the lamp add up to the 
90mA current through the battery. 
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Meters 


Analogue display 
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Analogue displays have a pointer which moves over a graduated scale. They can be difficult to 
read because of the need to work out the value of the smallest scale division. For example the 
scale in the picture has 10 small divisions between O and 1 so each small division represents 
0.1. The reading is therefore 1.25V (the pointer is estimated to be half way between 1.2 and 
1.3). 


The maximum reading of an analogue meter is called full-scale deflection or FSD (it is 5V in 
the example shown). 


Analogue meters must be connected the correct way round to prevent them being 
damaged when the pointer tries to move in the wrong direction. They are useful for monitoring 
continuously changing values (such as the voltage across a capacitor discharging) and they can 
be good for quick rough readings because the movement of the pointer can be seen without 
looking away from the circuit under test. 


Taking accurate readings 


To take an accurate reading from an analogue scale you 
must have your eye in line with the pointer. Avoid looking at 
an angle from the left or right because you will see a reading 
which is a little too high or too low. Many analogue meters 
have a small strip of mirror along the scale to help you. 
When your eye is in the correct position the reflection of the 
pointer is hidden behind the pointer itself. If you can see the 
reflection you are looking at an angle. 


Correct Wrong 
Instead of a mirror, some meters have a twisted pointer to reflection hidden reflection visible 


aid accurate readings. The end of the pointer is turned 
through 90° so it appears very thin when viewed correctly. The meter shown in the 
galvanometers section has a twisted pointer although it is too small to see in the picture. 


Digital display 


Values can be read directly from digital displays so they are easy to read accurately. It is normal 
for the least significant digit (on the right) to continually change between two or three values, 
this is a feature of the way digital meters work, not an error! Normally you will not need great 
precision and the least significant digit can be ignored or rounded up. 


De 


Digital meters may be connected either way round without damage, they will show a minus sign 
(-) when connected in reverse. If you exceed the maximum reading most digital meters show an 
almost blank display with just a 1 on the left-hand side. 


All digital meters contain a battery to power the display so they use virtually no power from the 
circuit under test. This means that digital voltmeters have a very high resistance (usually called 
input impedance) of 1M11 or more, usually 10M£2, and they are very unlikely to affect the circuit 
under test. 


For general use digital meters are the best type. They are easy to read, they may be 
connected in reverse and they are unlikely to affect the circuit under test. 


Connecting meters 
It is Important to connect meters the correct way round: 
e The positive terminal of the meter, marked + or colored red should be connected 
nearest to + on the battery or power supply. 


e The negative terminal of the meter, marked - or colored black should be connected 
nearest to - on the battery or power supply. 


Voltmeters 


e Voltmeters measure voltage. 

e Voltage is measured in volts, V. 

e Voltmeters are connected in parallel across components. 
e Voltmeters have a very high resistance. 


Connecting a voltmeter in parallel 


Measuring voltage at a point 


When testing circuits you often need to find the voltages at various points, for example the 
voltage at pin 2 of a 555 timer chip. This can seem confusing - where should you connect the 
second voltmeter lead? 


DO o 


parallel LC circuit. Each IS named for Its 
inventor. 
Figure 9.11 


feedback 


feedback feedback | 


(1) Colpitts (2) Hartley (3) Armstrong 
In the Colpitts method, the feedback signal 
is taken from a connection between two 
capacitors that form a voltage divider. In the 
Hartley method, the feedback Signal is taken 
from a tap partway down the coil, or from a 


connection between two inductors. Therefore, 
an inductive voltage divider determines the 
feedback voltage. The Armstrong method 
uses a step-down transformer (an inductor 
with an extra coil with fewer turns than the 
main coil). In all three of these methods, 


between one-tenth and one-half of the output 
must be used as feedback. 

Questions 

A. Where is the feedback taken from in a 
Colpitts oscillator? | 

B. What type of oscillator uses a tap on the 
coil for the feedback voltage? | 

C. What type does not use a voltage divider? 
Answers 

A. A capacitive voltage divider 
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e Connect the black (negative -) voltmeter lead to OV, normally the negative terminal of 
the battery or power supply. 

e Connect the red (positive +) voltmeter lead to the point you where you need to measure 
the voltage. 

e The black lead can be left permanently connected to OV while you use the red lead as a 
probe to measure voltages at various points. 

e You may wish to use a crocodile clip on the black lead to hold it in place. 


Voltage at a point really means the voltage difference between that point and OV (zero volts) 
which is normally the negative terminal of the battery or power supply. Usually OV will be 
labelled on the circuit diagram as a reminder. 


Analogue meters take a little power from the circuit under test to operate their pointer. This may 
upset the circuit and give an incorrect reading. To avoid this voltmeters should have a 
resistance of at least 10 times the circuit resistance (take this to be the highest resistor value 
near where the meter is connected). 


Most analogue voltmeters used in school science are not suitable for electronics because their 
resistance is too low, typically a few k&2. 100k£2 or more is required for most electronics circuits. 


Ammeters 


e Ammeters measure current. 

e Current is measured in amps (amperes), A. 
1A is quite large, so mA (milliamps) and A (microamps) are often used. 1000mA = 1A, 
LOOOUA = 1mA, 10000001uA = 1A. 

e Ammeters are connected in series. 
To connect in series you must break the circuit and put the ammeter across the gap, as 
shown in the diagram. 

e Ammeters have a very low resistance. 


The need to break the circuit to connect in series means that ammeters are difficult to use on 


soldered circuits. Most testing in electronics is done with voltmeters which can be easily 
connected without disturbing circuits. 
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Connecting an ammeter in series 


Galvanometers 


Galvanometers are very sensitive meters which are used to measure tiny currents, usually 1mA 
or less. They are used to make all types of analogue meters by adding suitable resistors as 
shown in the diagrams below. The photograph shows an educational 100uA galvanometer for 
which various multipliers and shunts are available. 


multiplier 


high resistance 


low resistance 


Making a Voltmeter 
A galvanometer with a high resistance 
multiplier in series to make a 
voltmeter. 


Making an Ammeter 
A galvanometer with a low resistance 
shunt in parallel to make an ammeter. 


= = = = 


Galvanometer with multiplier and shunt 
Maximum meter current 100uA (or 20UA reverse). 
This meter is unusual in allowing small reverse readings to be shown. 
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Ohmmeters 


An ohmmeter is used to measure resistance in ohms (£2). Ohmmeters are rarely found as 
separate meters but all standard multimeters have an onmmeter setting. 
112 is quite small so kí} and MG are often used. 


1k£2 = 1000£2, 1M£1 = 1000k£2 = 100000082. 


Multimeters 


Multimeters are very useful test instruments. By operating a multi-position switch on the meter 
they can be quickly and easily set to be a voltmeter, an ammeter or an ohmmeter. They have 
several settings (called 'ranges') for each type of meter and the choice of AC or DC. 


Some multimeters have additional features such as transistor testing and ranges for measuring 
capacitance and frequency. 


Analogue multimeters consist of a galvanometer with various resistors which can be switched in 
as multipliers (voltmeter ranges) and shunts (ammeter ranges). 


Choosing a multimeter 


The photographs below show modestly priced multimeters which are suitable for general 
electronics use, you should be able to buy meters like these for less than £15. A digital 
multimeter is the best choice for your first multimeter, even the cheapest will be suitable for 
testing simple projects. 


If you are buying an analogue multimeter make sure it has a high sensitivity of 20kt£2/V or 
greater on DC voltage ranges, anything less is not suitable for electronics. The sensitivity is 
normally marked in a corner of the scale, ignore the lower AC value (sensitivity on AC ranges Is 
less important), the higher DC value is the critical one. Beware of cheap analogue multimeters 
sold for electrical work on cars because their sensitivity is likely to be too low. 
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Digital multimeters 


All digital meters contain a battery to power the display so they use 
virtually no power from the circuit under test. This means that on their 
DC voltage ranges they have a very high resistance (usually called 
input impedance) of 1M£2 or more, usually 10M£2, and they are very 
unlikely to affect the circuit under test. 


Typical ranges for digital multimeters like the one illustrated: 
(the values given are the maximum reading on each range) 


e DC Voltage: 200mV, 2000mV, 20V, 200V, 600V. 
e AC Voltage: 200V, 600V. 
e DC Current: 200uA, 2000UA, 20mA, 200mA, 10A*. 
*The 10A range is usually unfused and connected via a special 
socket. 
e AC Current: None. (You are unlikely to need to measure this). a 
e Resistance: 200£2, 2000£2, 20k£2, 200k£2, 2000k£2, Diode Test. Digital Multimeter 


Digital meters have a special diode test setting because their resistance ranges cannot be used 
to test diodes and other semiconductors. 


Analogue multimeters 


Analogue meters take a little power from the circuit under test to 
operate their pointer. They must have a high sensitivity of at least 
20k£21/V or they may upset the circuit under test and give an incorrect 
reading. See the section below on sensitivity for more details. 


Batteries inside the meter provide power for the resistance ranges, 
they will last several years but you should avoid leaving the meter 

set to a resistance range in case the leads touch accidentally and 

run the battery flat. 


Typical ranges for analogue multimeters like the one illustrated: 
(the voltage and current values given are the maximum reading on 
each range) 


Analogue Multimeter 


e DC Voltage: 0.5V, 2.5V, 10V, 50V, 250V, 1000V. 
e AC Voltage: 10V, 50V, 250V, 1000V. 
e DC Current: 50A, 2.5mA, 25mA, 250mA. 

A high current range is often missing from this type of meter. 
e AC Current: None. (You are unlikely to need to measure this). 
e Resistance: 2012, 2004), 2k£2, 20k}, 200kt2. 

These resistance values are in the middle of the scale for each range. 


It is a good idea to leave an analogue multimeter set to a DC voltage range such as 10V when 


not in use. It is less likely to be damaged by careless use on this range, and there is a good 
chance that it will be the range you need to use next anyway! 
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Sensitivity of an analogue multimeter 


Multimeters must have a high sensitivity of at least 20kt2/V otherwise their resistance on DC 
voltage ranges may be too low to avoid upsetting the circuit under test and giving an incorrect 
reading. To obtain valid readings the meter resistance should be at least 10 times the circuit 
resistance (take this to be the highest resistor value near where the meter is connected). You 
can increase the meter resistance by selecting a higher voltage range, but this may give a 
reading which is too small to read accurately! 


On any DC voltage range: 

Analogue Meter Resistance = Sensitivity x Max. reading of range 
e.g. a meter with 20k£2/V sensitivity on its 10V range has a resistance of 20k&2/V x 10V = 
200kt2. 


By contrast, digital multimeters have a constant resistance of at least 1M11 (often LOM{£2) on 
all their DC voltage ranges. This is more than enough for almost all circuits. 


Measuring voltage and current with a multimeter 


1. Selecta range with a maximum greater than you expect the reading to be. 

2. Connect the meter, making sure the leads are the correct way round. 
Digital meters can be safely connected in reverse, but an analogue meter may be 
damaged. 

3. If the reading goes off the scale: immediately disconnect and select a higher range. 


Multimeters are easily damaged by careless use so please take these precautions: 


e Always disconnect the multimeter before adjusting the range switch. 

e Always check the setting of the range switch before you connect to a circuit. 

e Never leave a multimeter set to a current range (except when actually taking a reading). 
The greatest risk of damage is on the current ranges because the meter has a low 
resistance. 


Measuring voltage at a point 


When testing circuits you often need to find the voltages at various points, for example the 
voltage at pin 2 of a 555 timer chip. This can seem confusing - where should you connect the 
second multimeter lead? 


i T "IRN 

AA. ET Red lead 

Lym E y used as 
l a probe 

| | 180k — 6 y 
T V 

220pF 'Black lead 
== connected 


| NUS green eos ay 
| a: 


Measuring voltage at a point 
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e Connect the black (negative -) lead to OV, normally the negative terminal of the battery 
or power supply. 

e Connect the red (positive +) lead to the point you where you need to measure the 
voltage. 

e The black lead can be left permanently connected to OV while you use the red lead as a 
probe to measure voltages at various points. 

e You may wish to fit a crocodile clip to the black lead of your multimeter to hold it in place 
while doing testing like this. 


Voltage at a point really means the voltage difference between that point and OV (zero volts) 
which is normally the negative terminal of the battery or power supply. Usually OV will be labeled 
on the circuit diagram as a reminder. 


Analogue Multimeter Scales 
These can appear daunting at first but remember 
that you only need to read one scale at a time! 
The top scale is used when measuring resistance. 


Reading analogue scales 


Check the setting of the range switch and choose an appropriate scale. For some ranges you 
may need to multiply or divide by 10 or 100 as shown in the sample readings below. For AC 
voltage ranges use the red markings because the calibration of the scale is slightly different. 


Sample readings on the scales shown: 

DC 10V range: 4.4V (read 0-10 scale directly) 

DC 50V range: 22V (read 0-50 scale directly) 

DC 25mA range: 11mA (read 0-250 and divide by 10) 
AC 10V range: 4.45V (use the red scale, reading 0-10) 


If you are not familiar with reading analogue scales generally you may wish to see the 
analogue display section on the general meters page. 


Measuring resistance with a multimeter 
To measure the resistance of a component it must not be connected in a circuit. If you try 


to measure resistance of components in a circuit you will obtain false readings (even if the 
supply is disconnected) and you may damage the multimeter. 
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The techniques used for each type of meter are very different so they are treated separately: 
Measuring resistance with a DIGITAL multimeter 


1. Set the meter to a resistance range greater than you expect the resistance to be. 
Notice that the meter display shows "off the scale" (usually blank except for a 1 on the 
left). Don't worry, this is not a fault, it is correct - the resistance of air is very high! 

2. Touch the meter probes together and check that the meter reads zero. 

If it doesn't read zero, turn the switch to 'Set Zero' if your meter has this and try again. 

3. Put the probes across the component. 

Avoid touching more than one contact at a time or your resistance will upset the 
reading! 


Measuring resistance with an ANALOGUE multimeter 


The resistance scale on an analogue meter is normally at the top, It is an unusual scale 
because it reads backwards and is not linear (evenly spaced). This is unfortunate, but it is due 
to the way the meter works. 


1. Set the meter to a suitable resistance range. 

Choose a range so that the resistance you expect will be near the middle of the scale. 
For example: with the scale shown below and an expected resistance of about 50k£2 
choose the x 1k@2 range. 

2. Hold the meter probes together and adjust the control on the front of the meter 
which is usually labeled "013 ADJ" until the pointer reads zero (on the RIGHT 
remember!). 

If you can't adjust it to read zero, the battery inside the meter needs replacing. 

3. Put the probes across the component. 

Avoid touching more than one contact at a time or your resistance will upset the 
reading! 


Analogue Multimeter Scales 
The resistance scale is at the top, note that it reads 
backwards and is not linear (evenly spaced). 


Reading analogue resistance scales 


For resistance use the upper scale, noting that it reads backwards and is not linear (evenly 
spaced). 


Check the setting of the range switch so that you know by how much to multiply the reading. 
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Sample readings on the scales shown: 
x 1042 range: 2600} 
x 1k(2 range: 26kLJ 


If you are not familiar with reading analogue scales generally you may wish to see the 
analogue display section on the general meters page. 


Testing a diode with a multimeter 


The techniques used for each type of meter are very different so they are treated separately: 


Diodes 
a = anode 
k = cathode 


Testing a diode with a DIGITAL multimeter 


e Digital multimeters have a special setting for testing a diode, usually labeled with the 
diode symbol. 

e Connect the red (+) lead to the anode and the black (-) to the cathode. The diode 
should conduct and the meter will display a value (usually the voltage across the diode 
in mV, 1000mV = 1V). 

e Reverse the connections. The diode should NOT conduct this way so the meter will 
display "off the scale" (usually blank except for a 1 on the left). 


Testing a diode with an ANALOGUE multimeter 


e Set the analogue multimeter to a low value resistance range such as x 10. 

e Itis essential to note that the polarity of analogue multimeter leads is reversed on the 
resistance ranges, so the black lead is positive (+) and the red lead is negative (-)! This 
is unfortunate, but it is due to the way the meter works. 

e Connect the black (+) lead to anode and the red (-) to the cathode. The diode should 
conduct and the meter will display a low resistance (the exact value is not relevant). 

e Reverse the connections. The diode should NOT conduct this way so the meter will 
show infinite resistance (on the left of the scale). 


Testing a transistor with a multimeter 


Set a digital multimeter to diode test and an analogue multimeter to a low resistance range such 
as x 10, as described above for testing a diode. 


>91 2 


Test each pair of leads both ways (six tests in total): 


e The base-emitter (BE) junction should behave like a diode and conduct one way only. 
e The base-collector (BC) junction should behave like a diode and conduct one way only. 
e The collector-emitter (CE) should not conduct either way. 


NPN 


Testing an NPN transistor 


The diagram shows how the junctions behave in an NPN transistor. The diodes are reversed in 
a PNP transistor but the same test procedure can be used. 


Some multimeters have a "transistor test’ function; please refer to the instructions supplied with 
the meter for details. 


Resistance 


Resistance is the property of a component which restricts the flow of electric current. Energy 
is used up as the voltage across the component drives the current through it and this energy 
appears as heat in the component. 


Resistance is measured in ohms, the symbol for ohm is an omega £2. 
1 gis quite small for electronics so resistances are often given in kí+ and ML. 
1 ki2 = 100042 1 M£2 = 1000000 (2. 


Resistors used in electronics can have resistances as low as 0.1 Qor as high as 10 ML. 


Resistors connected in Series 


R1 


R2 


e 


When resistors are connected in series their combined resistance is equal to the individual 
resistances added together. For example if resistors R1 and R2 are connected in series their 
combined resistance, R, is given by: 


Combined resistance in series: R = R1 + R2 
This can be extended for more resistors: R = R1 + R2 + R3 + R4 +... 


Note that the combined resistance in series will always be greater than any of the individual 
resistances. 


Resistors connected in Parallel 


When resistors are connected in parallel their combined resistance is less than any of the 
individual resistances. There is a special equation for the combined resistance of two resistors 
R1 and R2: 


Combined resistance of _ R1xR2 
two resistors in parallel: * R1+R2 


For more than two resistors connected in parallel a more difficult equation must be used. This 
adds up the reciprocal ("one over") of each resistance to give the reciprocal of the combined 
resistance, R: 


1 1 1 1 


R R1 R2 R3 
The simpler equation for two resistors in parallel is much easier to use! 


Note that the combined resistance in parallel will always be less than any of the individual 
resistances. 


Conductors, Semiconductors and Insulators 


The resistance of an object depends on its shape and the material from which it is made. For a 
given material, objects with a smaller cross-section or longer length will have a greater 
resistance. 


LO 


B. Hartley 
C. Armstrong 

15 The output voltage appears at one end 
of the parallel LC circuit shown in Figure 9.12 
, and the other end is effectively at ground. 
The feedback voltage Vf is taken between 
the junction of the two capacitors. 
Figure 9.12 


Question 
Using the voltage divider formula, what is Vf? 


Answer 
V _ Vout Aca 
p = 
(Xc + Xea) 
which becomes 
| V out Es 
p = 
(Cı + C2) 
16 To find the resonance frequency in this 
circuit, first find the equivalent total 


capacitance C T of the two series capacitors. 


Materials can be divided into three groups: 


e Conductors which have low resistance. 
Examples: metals (aluminum, copper, silver etc.) and carbon. 
Metals are used to make connecting wires, switch contacts and lamp filaments. 
Resistors are made from carbon or long coils of thin wire. 

e Semiconductors which have moderate resistance. 
Examples: germanium, silicon. 
Semiconductors are used to make diodes, LEDs, transistors and integrated circuits 
(chips). 

e Insulators which have high resistance. 
Examples: most plastics such as polythene and PVC (polyvinyl! chloride), paper, glass. 
PVC is used as an outer covering for wires to prevent them making contact. 


Ohm's Law 


To make a current flow through a resistance there must be a voltage across that resistance. 
Ohm's Law shows the relationship between the voltage (V), current (I) and resistance (R). It can 
be written in three ways: 


V V 
V=IxXR or l= - or R= - 
R 
where: V = voltage in volts (V) or: V=voltage in volts (V) 
| = current in amps (A) | = current in milliamps (mA) 
R = resistance in ohms (42) R = resistance in kilohms (k£2) 


For most electronic circuits the amp is too large and the ohm is too small, so we often measure 
current in milliamps (mA) and resistance in kilohms (k£1). 1 mA = 0.001 A and 1 k&2 = 1000 £2. 


The Ohm's Law equations work if you use V, A and £3, or if you use V, mA and kí}. You must 
not mix these sets of units in the equations so you may need to convert between mA and A or 
kü and &. 


The VIR Triangle 


Ohm's Law Triangle 


You can use the VIR triangle to help you remember the three versions of Ohm's Law. 
Write down V, I and R in a triangle like the one in the yellow box on the right. 
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e To calculate voltage, V: put your finger over V, 
this leaves you with | R, so the equation is V=1|xR 
e To calculate current, I: put your finger over |, 
this leaves you with V over R, so the equation is | = “/p 
e To calculate resistance, R: put your finger over R, 
this leaves you with V over I, so the equation is R = ~/, 


Ohm's Law Calculations 


Use this method to guide you through calculations: 


1. Write down the Values, converting units if necessary. 
2. Select the Equation you need (use the VIR triangle). 
3. Put the Numbers into the equation and calculate the answer. 


It should be Very Easy Now! 


e 3V is applied across a 6 resistor, what is the current? 
o Values: V=3V,1=?,R=6f2 
o Equation: | = V/k 
o Numbers: Current, | = ¿= 0.5 A 
e Alamp connected to a 6 V battery passes a current of 60 mA, what is the lamp's 
resistance? 
o Values: V=6V,1=60mA, R=? 
o Equation: R = ‘/, 
o Numbers: Resistance, R = ĉ/sọ = 0.1 k£2 = 100 Q 
(using mA for current means the calculation gives the resistance in ké&2) 
e A 1.2 kū resistor passes a current of 0.2 A, what is the voltage across it? 
o Values: V=?,1=0.2 A, R = 1.2 ki = 1200 2 
(1.2 kí} is converted to 1200 (¿because A and kí} must not be used together) 
o Equation: V=IxR 
o Numbers: V = 0.2 x 1200 = 240 V 


Power and Energy 


What is power? 


Power is the rate of using or supplying energy: 


Energy Power is measured in watts (W) 
Power= time Energy is measured in joules (J) 


Time is measured in seconds (s) 


Electronics is mostly concerned with small quantities of power, so the power is often measured 
in milliwatts (mW), 1mW = 0.001W. For example an LED uses about 40mW and a bleeper uses 
about 100mW, even a lamp such as a torch bulb only uses about 1W. 


The typical power used in mains electrical circuits is much larger, so this power may be 


measured in kilowatts (kW), 1kW = 1000W. For example a typical mains lamp uses 60W and a 
kettle uses about 3kW. 


£5 


Calculating power using current and voltage 


There are three ways of writing an equation for power, current and voltage: 


P 
Power = Current x Voltage so P=IxV or I= 7 or V= 


where: P = power in watts (W) or: P= power in milliwatts (mW) 
V = voltage in volts (V) V = voltage in volts (V) 
| = current in amps (A) | = current in milliamps (mA) 


You can use the PIV triangle to help you remember the three versions of the power equations. 
Use it in the same way as the Ohm's Law triangle. For most electronic circuits the amp is too 
large, so we often measure current in milliamps (mA) and power in milliwatts (mW). 1mA = 
0.001A and 1mW = 0.001W. 


Calculating power using resistance and current or voltage 

Using Ohm's Law V=Ix R we can convert P = | x V to: 
P=PxR where: P = power in watts (W) 
or | = current in amps (A) ÓN AN 
P=V?/R 


R = resistance in ohms (£2) 


V = voltage in volts (V) f/PIR\ / PIRS 


PI?R triangle V2PR triangle 


Wasted power and overheating 


Normally electric power is useful, making a lamp light or a motor turn for example. However, 
electrical energy is converted to heat whenever a current flow through a resistance and this can 
be problems if it makes a device or wire overheat. In electronics the effect is usually negligible, 
but if the resistance is low (a wire or low value resistor for example) the current can be 
sufficiently large to cause a problem. 
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You can see from the equation P = |? x R that for a given resistance the power depends on the 
current squared, so doubling the current will give 4 times the power. 


Resistors are rated by the maximum power they can have developed in them without damage, 
but power ratings are rarely quoted in parts lists because the standard ratings of 0.25W or 0.5W 
are suitable for most circuits. Further information is available on the Resistors page. 


Wires and cables are rated by the maximum current they can pass without overheating. They 


have a very low resistance so the maximum current is relatively large. For further information 
about current rating please see the Connectors and Cables page. 


Energy 


The amount of energy used (or supplied) depends on the power and the time for which it is 
used: 


Energy = Power x Time 


A low power device operating for a long time can use more energy than a high power device 
operating for a short time. For example: 


e A 60W lamp switched on for 8 hours uses 60W x 8 x 3600s = 1728kJ. 
e A 3kW kettle switched on for 5 minutes uses 3000W x 5 x 60s = 900kJ. 


The standard unit for energy is the joule (J), but 1J is a very small amount of energy for mains 
electricity so kilojoule (kJ) or megajoule (MJ) are sometimes used in scientific work. In the home 
we measure electrical energy in kilowatt-hours (kWh). 1kWh is the energy used by a 1kW power 
appliance when it is switched on for 1 hour: 


1kWh = 1kW x 1 hour = 1000W x 3600s = 3.6MJ 
For example: 


e A 60W lamp switched on for 8 hours uses 0.06kW x 8 = 0.48kWHh. 
e A 3kW kettle switched on for 5 minutes uses 3kW x °/g9 = 0.25kWh. 


AC, DC and Electrical Signals 


AC means Alternating Current and DC means Direct Current. AC and DC are also used when 
referring to voltages and electrical signals which are not currents! For example: a 12V AC power 
supply has an alternating voltage (which will make an alternating current flow). An 

electrical signal is a voltage or current which conveys information, usually it means a voltage. 
The term can be used for any voltage or current in a circuit. 


s97 = 


Alternating Current (AC) 


Alternating Current (AC) flows one way, then the other way, continually reversing direction. 


An AC voltage is continually changing between positive (+) and negative (-). 


current current 7 
or =} 1 or + 
voltage | voltage 


0 


AC from a power supply This triangular signal is AC 


This shape is called a sine wave is GUE RENEE! 
positie (+) and negative [-) 


The rate of changing direction is called the frequency of the AC and it is measured in hertz 
(Hz) which is the number of forwards-backwards cycles per second. 


An AC supply is suitable for powering some devices such as lamps and heaters but almost all 
electronic circuits require a steady DC supply (see below). 


Direct Current (DC) 
current current 
or + or + 
voltage voltage 
0 0 
time time 
Steady DC Smooth DC 


from a battery or regulated power supply, 


from a smoothed power supply, 
this is ideal for electronic circuits 


this is suitable for some electronics 


current 7 
or + 
voltage 


0 


Varying DC 
from a power supply without smoothing, 
this is not suitable for electronics 


Direct Current (DC) always flows in the same direction, but it may increase and decrease. 
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A DC voltage is always positive (or always negative), but It may increase and decrease. 


Electronic circuits normally require a steady DC supply which is constant at one value or a 
smooth DC supply which has a small variation called ripple. 


Cells, batteries and regulated power supplies provide steady DC which is ideal for electronic 
circuits. 


Power supplies contain a transformer which converts the mains AC supply to a safe low voltage 
AC. Then the AC is converted to DC by a bridge rectifier but the output is varying DC which is 
unsuitable for electronic circuits. 


Some power supplies include a capacitor to provide smooth DC which is suitable for less- 
sensitive electronic circuits, including most of the projects on this website. Lamps, heaters and 
motors will work with any DC supply. 


Properties of electrical signals 


An electrical signal is a voltage or current which conveys information, usually it means a 
voltage. The term can be used for any voltage or current in a circuit. 


The voltage-time graph on the right shows various properties of an electrical signal. In addition 
to the properties labeled on the graph, there is frequency which is the number of cycles per 
second. 


The diagram shows a sine wave but these properties apply to any signal with a constant shape. 


e Amplitude is the maximum voltage reached by the signal. 
It is measured in volts, V. 

e Peak voltage is another name for amplitude. 

e Peak-peak voltage is twice the peak voltage (amplitude). When reading an oscilloscope 
trace it is usual to measure peak-peak voltage. 

e Time period is the time taken for the signal to complete one cycle. 
It is measured in seconds (s), but time periods tend to be short so milliseconds (ms) 
and microseconds (us) are often used. 1ms = 0.001s and ius = 0.000001s. 

e Frequency is the number of cycles per second. 
It is measured in hertz (Hz), but frequencies tend to be high so kilohertz (kHz) and 
megahertz (MHz) are often used. 1kHz = 1000Hz and 1MHz = 1000000HZ. 


1 . PO 1 
frequency = = and time period = ——— 
time period frequency 
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e Mains electricity in the UK has a frequency of 50Hz, 
so it has a time period of t/s = 0.02s = 20ms. 


Root Mean Square (RMS) Values 


peak voltage | 
----RMS voltage | 


The value of an AC voltage Is continually changing from zero up to the positive peak, through 
zero to the negative peak and back to zero again. Clearly for most of the time It is less than the 
peak voltage, so this is not a good measure of its real effect. 


Instead we use the root mean square voltage (Vrms) which is 0.7 of the peak voltage (Vpeax): 
These equations also apply to current. 


They are only true for sine waves (the most common type of AC) because the 0.7 and 1.4 are 
different values for other shapes. 


The RMS value is the effective value of a varying voltage or current. It is the equivalent steady 
DC (constant) value which gives the same effect. 


For example a lamp connected to a 6V RMS AC supply will light with the same brightness when 
connected to a steady 6V DC supply. However, the lamp will be dimmer if connected to a 6V 
peak AC supply because the RMS value of this is only 4.2V (it is equivalent to a steady 4.2V 
DC). 


You may find it helps to think of the RMS value as a sort of average, but please remember that 


itis NOT really the average! In fact the average voltage (or current) of an AC signal is zero 
because the positive and negative parts exactly cancel out! 


What do AC meters show, is it the RMS or peak voltage? 


AC voltmeters and ammeters show the RMS value of the voltage or current. DC meters also 
show the RMS value when connected to varying DC providing the DC is varying quickly, if the 
frequency is less than about 10Hz you will see the meter reading fluctuating instead. 


What does '6V AC' really mean, is it the RMS or peak voltage? 


If the peak value is meant it should be clearly stated, otherwise assume it is the RMS value. In 
everyday use AC voltages (and currents) are always given as RMS values because this allows 
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a sensible comparison to be made with steady DC voltages (and currents), such as from a 
battery. 


For example a '6V AC supply' means 6V RMS, the peak voltage is 8.6V. The UK mains supply 
is 230V AC, this means 230V RMS so the peak voltage of the mains is about 320V! 


So what does root mean square (RMS) really mean? 


First square all the values, then find the average (mean) of these square values over a 
complete cycle, and find the square root of this average. That is the RMS value. Confused”? 
Ignore the math (it looks more complicated than it really is), just accept that RMS values for 
voltage and current are a much more useful quantity than peak values. 


Oscilloscopes (CRO) 


An oscilloscope is a test instrument which allows 
you to look at the 'shape' of electrical signals by 
displaying a graph of voltage against time on its 
screen. It is like a voltmeter with the valuable | 
extra function of showing how the voltage varies Circuit symbol for 
with time. A graticule with a 1cm grid enables you an oscilloscope 
to take measurements of voltage and time from 
the screen. 


The graph, usually called the trace, is drawn by a 
beam of electrons striking the phosphor coating of 
the screen making it emit light, usually green or 
blue. This is similar to the way a television picture 
Is produced. 


Oscilloscopes contain a vacuum tube with a 
cathode (negative electrode) at one end to emit 
electrons and an anode (positive electrode) to 
accelerate them so they move rapidly down the 
tube to the screen. This arrangement is called an 
electron gun. The tube also contains electrodes to Cathode Ray Oscilloscope (CRO) 
deflect the electron beam up/down and left/right. 


i 
T 
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The electrons are called cathode rays because they are emitted by the cathode and this gives 
the oscilloscope its full name of cathode ray oscilloscope or CRO. 


A dual trace oscilloscope can display two traces on the screen, allowing you to easily compare 
the input and output of an amplifier for example. It is well worth paying the modest extra cost to 
have this facility. 


Precautions 


e An oscilloscope should be handled gently to protect its fragile (and expensive) vacuum 
tube. 

e Oscilloscopes use high voltages to create the electron beam and these remain for some 
time after switching off - for your own safety do not attempt to examine the inside of an 
oscilloscope! 
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Setting up an oscilloscope 


Oscilloscopes are complex instruments with many controls and they require some care to set up 
and use successfully. It is quite easy to ‘lose’ the trace off the screen if controls are set wrongly! 


There is some variation in the arrangement and labeling of the many controls so the following 
instructions may need to be adapted for your 
instrument. 


e Switch on the oscilloscope to warm up (it takes 
a minute or two). 

e Do not connect the input lead at this stage. 

e Set the ACIGND/DC switch (by the Y INPUT) to 
DC. 

e Set the SWP/X-Y switch to SWP (sweep). 

e Set Trigger Level to AUTO. 

e Set Trigger Source to INT (internal, the y 
input). L 

e Set the Y AMPLIFIER to 5V/cm (a moderate This is what you should see 
value). after setting up, when there 

e Set the TIMEBASE to 10ms/cm (a moderate is no input signal connected 
speed). 

e Turn the timebase VARIABLE control to 1 or 
CAL. 

e Adjust Y SHIFT (up/down) and X SHIFT (left/right) to give a trace across the middle of 
the screen, like the picture. 

e Adjust INTENSITY (brightness) and FOCUS to give a bright, sharp trace. 

e The oscilloscope is now ready to use! 
Connecting the input lead is described in the next section. 


Further information on the controls: Timebase | Y amplifier | AC/GND/DC switch 


Connecting an Oscilloscope 


The Y INPUT lead to an oscilloscope should be a co-axial 
lead and the diagram shows its construction. The central 
wire carries the signal and the screen is connected to earth 
(OV) to shield the signal from electrical interference 
(usually called noise). 


Most oscilloscopes have a BNC socket for the y input and 
the lead is connected with a push and twist action, to 
disconnect you need to twist and pull. Oscilloscopes used 
in schools may have red and black 4mm sockets so that 
ordinary, unscreened, 4mm plug leads can be used if 
necessary. 


Professionals use a specially designed lead and probes kit 
for best results with high frequency signals and when 
testing high resistance circuits, but this is not essential for simpler work at audio frequencies (up 
to 20kHZ). 


Oscilloscope lead and probes kit 
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An oscilloscope is connected like a voltmeter but you must be aware that the screen (black) 
connection of the input lead is connected to mains earth at the oscilloscope! This means it must 
be connected to earth or OV on the circuit being tested. 


Obtaining a clear and stable trace 


Once you have connected the oscilloscope to the circuit you wish 
to test you will need to adjust the controls to obtain a clear and 
stable trace on the screen: 


e The Y AMPLIFIER (VOLTS/CM) control determines the 
height of the trace. Choose a setting so the trace occupies 


at least half the screen height, but does not disappear off ¡ER a A m (i e 1800 [0H 
the screen. 10100 009 109 01 100 9 


e The TIMEBASE (TIME/CM) control determines the rate at 
which the dot sweeps across the screen. Choose a setting The trace of an AC signal 
so the trace shows at least one cycle of the signal across with the oscilloscope 
the screen. controls correctly set 
Note that a steady DC input signal gives a horizontal line 
trace for which the timebase setting is not critical. 

e The TRIGGER control is usually best left set to AUTO. 


If you are using an oscilloscope for the first time it is best to start with an easy signal such as the 
output from an AC power pack set to about 4V. 


Further information on the controls: Timebase | Y amplifier | AC/GND/DC switch 


Measuring voltage and time period 


The trace on an oscilloscope screen is a graph of voltage against time. The shape of this 
graph is determined by the nature of the input signal. 


In addition to the properties labeled on the graph, there is frequency which is the number of 
cycles per second. 


The diagram shows a sine wave but these properties apply to any signal with a constant shape. 
e Amplitude is the maximum voltage reached by the signal. 


It is measured in volts, V. 
e Peak voltage is another name for amplitude. 
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You then use C T in the resonance frequency 
formula. 


Questions 
A. What is the formula for CT?  —__ 
B. What is the resonance frequency formula 
for the Colpitts oscillator? _ 
Answers 
A. n CC, 

Cr = 

C+C; 

B. l 


2m SLC 


if Q is equal to or greater than 10 

Note If Q is less than 10, you can use one 
of the following two formulas to calculate the 
resonance frequency for a parallel LC circuit: 


l ppm 

f l rC f 1 | 
A ———___ AAA Ë — A ÅO 

27 LC 2TY LC \ y 

17 Figure 9.13 shows a parallel LC circuit 

in which the feedback voltage is taken from a 

tap N 1 turns from one end of a coil, and N 


2 turns from the other end. 
Figure 9.13 


]— 


e Peak-peak voltage is twice the peak voltage (amplitude). When reading an oscilloscope 
trace it is usual to measure peak-peak voltage. 

e Time period is the time taken for the signal to complete one cycle. 
It is measured in seconds (s), but time periods tend to be short so milliseconds (ms) 
and microseconds (Hs) are often used. 1ms = 0.001s and ius = 0.000001s. 

e Frequency is the number of cycles per second. 
It is measured in hertz (Hz), but frequencies tend to be high so kilohertz (kHz) and 
megahertz (MHz) are often used. 1kHz = 1000Hz and 1MHz = 1000000HZ. 


frequency = —_1— and time period = 1 


time period frequency 


Voltage 


Voltage is shown on the vertical y-axis and the scale is 
determined by the Y AMPLIFIER (VOLTS/CM) control. Usually 
peak-peak voltage is measured because it can be read correctly 
even if the position of OV is not known. The amplitude is half the 
peak-peak voltage. 


If you wish to read the amplitude voltage directly you must check 
the position of OV (normally halfway up the screen): move the 

AC/GND/DC switch to GND (OV) and use Y-SHIFT (up/down) to H 
adjust the position of the trace if necessary, switch back to DC The trace of an AC signal 
afterwards so you can see the signal again. 


Y AMPLIFIER: 2V/cm 


Voltage = distance in cm x volts/cm TIMEBASE: 5ms/cm 
Example: peak-peak voltage = 4.2cm x 2V/cm = 8.4V 

amplitude (peak voltage) = % x peak-peak voltage = 4.2V Example measurements: 
Time Period peak-peak voltage = 8.4V 


amplitude voltage = 4.2V 


Time is shown on the horizontal x-axis and the scale is 

determined by the TIMEBASE (TIME/CM) control. The time time period = 20ms 
period (often just called period) is the time for one cycle of the frequency = 50Hz 
signal. The frequency is the number of cycles per second, 

frequency = 1/time period 


Ensure that the variable timebase control is set to 1 or CAL (calibrated) before attempting to 
take a time reading. 


Time = distance in cm x time/cm 


Example: time period = 4.0cm x 5ms/cm = 20ms 
and frequency = *hime period = */20ms = 50HZ 
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Timebase (time/cm) and trigger controls 


The oscilloscope sweeps the electron beam across the screen 
from left to right at a steady speed set by the TIMEBASE control. 
Each setting is labeled with the time the dot takes to move 1cm, 
effectively it is setting the scale on the x-axis. The timebase control 
may be labeled TIME/CM. 


At slow timebase settings (such as 50ms/cm) you can see a dot 
moving across the screen but at faster settings (such as 1ms/cm) 
the dot is moving so fast that it appears to be a line. 


The VARIABLE timebase control can be turned to make a fine Slow timebase, no input 
adjustment to the speed, but it must be left at the position labeled | YOu can see the dot moving 
1 or CAL (calibrated) if you wish to take time readings from the 
trace drawn on the screen. 


The TRIGGER controls are used to maintain a steady trace on the 
screen. If they are set wrongly you may see a trace drifting 
sideways, a confusing 'scribble' on the screen, or no trace at all! 
The trigger maintains a steady trace by starting the dot sweeping 
across the screen when the input signal reaches the same point in 
its cycle each time. 


For straightforward use it is best to leave the trigger level set to Fast timebase, no input 
AUTO, but if you have difficulty obtaining a steady trace try The dot is too fast to see 
adjusting this control to set the level manually. so it appears to be a line 


Y amplifier (volts/cm) control 


The oscilloscope moves the trace up and down in proportion to 
the voltage at the Y INPUT and the setting of the Y AMPLIFIER 
control. This control sets the voltage represented by each 
centimeter (cm) on the screen; effectively it is setting the scale on 
the y-axis. Positive voltages make the trace move up, negative 
voltages make it move down. 


The y amplifier control may be labeled Y-GAIN or VOLTS/CM. 


The input voltage moving the dot up and down at the same time 7 

as the dot is swept across the screen means that the trace on the Varying DC (always positive) 
screen is a graph of voltage (y-axis) against time (x-axis) for 

the input signal. 
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The ACIGNDIDC switch 


The normal setting for this switch is DC for all signals, including 
AC! 


Switching to GND (ground) connects the y input to OV and 
allows you to quickly check the position of OV on the screen 
(normally halfway up). There is no need to disconnect the input 
lead while you do this because it is disconnected internally. 


Switching to AC inserts a capacitor in series with the input to 
block out any DC signal present and pass only AC signals. This 
is used to examine signals showing a small variation around one 
constant value, such as the ripple on the output of a smooth DC 
supply. Reducing the VOLTS/CM to see more detail of the ripple 
would normally take the trace off the screen! The AC setting removes the constant (DC) part of 
the signal, allowing you to view just the varying (AC) part which can now be examined more 
closely by reducing the VOLTS/CM. This is shown in the diagrams below: 


Switching to GND allows you 
to quickly check the position 
of OV (normally halfway up). 


Displaying a ripple signal using the AC switch 


Switch in normal DC position. Switch moved to AC position. VOLTS/CM reduced to 


The ripple is difficult to see, The constant (DC) part of the enlarge the ripple. 
but if VOLTS/CM is reduced signal is removed, leaving The ripple can now be 
to enlarge it the trace will just the ripple (AC) part. examined more closely. 


disappear off the screen! 


Power Supplies 


There are many types of power supply. Most are designed to convert high voltage AC mains 
electricity to a suitable low voltage supply for electronics circuits and other devices. A power 
supply can by broken down into a series of blocks, each of which performs a particular function. 


For example a 5V regulated supply: 


Smoothing Regulator loys or 


Block Diagram of a Regulated Power Supply System 
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Each of the blocks is described in more detail below: 


Transformer - steps down high voltage AC mains to low voltage AC. 
Rectifier - converts AC to DC, but the DC output is varying. 
Smoothing - smooth the DC from varying greatly to a small ripple. 
Regulator - eliminates ripple by setting DC output to a fixed voltage. 


Power supplies made from these blocks are described below with a circuit diagram and a graph 
of their output: 


Transformer only 

Transformer + Rectifier 

Transformer + Rectifier + Smoothing 
Transformer + Rectifier + Smoothing + Regulator 


Dual Supplies 


Some electronic circuits require a power supply with positive and negative outputs as well as 
zero volts (OV). This is called a 'dual supply' because it is like two ordinary supplies connected 
together as shown in the diagram. 


Dual supplies have three outputs, for example a +9V supply has +9V, OV and -9V outputs. 


Transformer only 


input 
high voltage AC 
(mains supply) 


Transformer Qutput: low voltage AC 


The low voltage AC output is suitable for lamps, heaters and special AC motors. It is not 
suitable for electronic circuits unless they include a rectifier and a smoothing capacitor. 


- 47 - 


Transformer + Rectifier 


Transformer Rectifier Output: varying DC 


The varying DC output is suitable for lamps, heaters and standard motors. It is not suitable for 
electronic circuits unless they include a smoothing capacitor. 


Transformer + Rectifier + Smoothing 


time 


Smoothing Output: smooth 


The smooth DC output has a small ripple. It is suitable for most electronic circuits. 


Transformer + Rectifier + Smoothing + Regulator 


O*+ voltage 


+ 
AC 
mains output y - 
time 


Transformer Rectifier Smoothing Regulator Output: regulated DC 


The regulated DC output is very smooth with no ripple. It is suitable for all electronic circuits. 
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Transformer 


Transformers convert AC electricity from one voltage to 
another with little loss of power. Transformers work only 
with AC and this is one of the reasons why mains electricity 
Is AC. 


Step-up transformers increase voltage, step-down 
transformers reduce voltage. Most power supplies use a 
step-down transformer to reduce the dangerously high 
mains voltage (230V in UK) to a safer low voltage. 


Transformer 
circuit symbol 


The input coil is called the primary and the output coil is 
called the secondary. There is no electrical connection 
between the two coils, instead they are linked by an 
alternating magnetic field created in the soft-iron core of the 
transformer. The two lines in the middle of the circuit 
symbol represent the core. 


Transformers waste very little power so the power out is 
(almost) equal to the power in. Note that as voltage is 
stepped down current is stepped up. 


The ratio of the number of turns on each coil, called the 
turns ratio, determines the ratio of the voltages. A step- 
down transformer has a large number of turns on its primary (input) coil which is connected to 
the high voltage mains supply, and a small number of turns on its secondary (output) coil to give 
a low output voltage. 


Transformer 


turns ratio = Vp - Np and POWer OUES POWE 
Vs Ns Vs x Is = Vp x Ip 
Vp = primary (input) voltage Vs = secondary (output) voltage 
Np = number of turns on primary coil Ns = number of turns on secondary coil 
Ip = primary (input) current Is = secondary (output) current 


Rectifier 


There are several ways of connecting diodes to make a rectifier to convert AC to DC. The 
bridge rectifier is the most important and it produces full-wave varying DC. A full-wave rectifier 
can also be made from just two diodes if a centre-tap transformer is used, but this method is 
rarely used now that diodes are cheaper. A single diode can be used as a rectifier but it only 
uses the positive (+) parts of the AC wave to produce half-wave varying DC. 


Bridge rectifier 


A bridge rectifier can be made using four individual diodes, but it is also available in special 
packages containing the four diodes required. It is called a full-wave rectifier because it uses all 
the AC wave (both positive and negative sections). 1.4V is used up in the bridge rectifier 
because each diode uses 0.7V when conducting and there are always two diodes conducting, 
as shown in the diagram below. Bridge rectifiers are rated by the maximum current they can 
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pass and the maximum reverse voltage they can withstand (this must be at least three times the 
supply RMS voltage so the rectifier can withstand the peak voltages). Please see the Diodes 
page for more details, including pictures of bridge rectifiers. 


de 
current f 
ur + 
+ DC volage 
output af 
AC 
Pal = 
input _ 
Bridge rectifier Output: full-wave varying DC 
Alternate pairs of diodes conduct, changing over (using all the AC wave) 


the connections so the alternating directions of 
AC are converted to the one direction of DC. 


Single diode rectifier 


A single diode can be used as a rectifier but this produces half-wave varying DC which has 
gaps when the AC is negative. It is hard to smooth this sufficiently well to supply electronic 
circuits unless they require a very small current so the smoothing capacitor does not 
significantly discharge during the gaps. Please see the Diodes page for some examples of 
rectifier diodes. 


Transformer Diode 


Output: half-wave varying DC 
(using only half the AC wave) 


Single diode rectifier 


Smoothing 


Smoothing is performed by a large value electrolytic capacitor connected across the DC supply 
to act as a reservoir, Supplying current to the output when the varying DC voltage from the 
rectifier is falling. The diagram shows the unsmoothed varying DC (dotted line) and the 
smoothed DC (solid line). The capacitor charges quickly near the peak of the varying DC, and 
then discharges as it supplies current to the output. 
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capacitor charging 
capacitor discharging 


+ current A 
7 E = b ~ : | > 
oF + = 7 Fy e J s r w : F , 
voltage |; Y Y 7 T , 
a : F Ti p A 
0 us AL T $ ' 
Smoothing = == = = — A es Ss = rn : 


Note that smoothing significantly increases the average DC voltage to almost the peak value 
(1.4 x RMS value). For example 6V RMS AC is rectified to full wave DC of about 4.6V RMS 
(1.4V is lost in the bridge rectifier), with smoothing this increases to almost the peak value giving 
1.4 x 4.6 = 6.4V smooth DC. 


Smoothing is not perfect due to the capacitor voltage falling a little as it discharges, giving a 
small ripple voltage. For many circuits a ripple which is 10% of the supply voltage is 
satisfactory and the equation below gives the required value for the smoothing capacitor. A 
larger capacitor will give less ripple. The capacitor value must be doubled when smoothing half- 
wave DC. 


Smoothing capacitor for 10% ripple, C = ager 
x 


C = smoothing capacitance in farads (F) 

lo = output current from the supply in amps (A) 

Vs = supply voltage in volts (V), this is the peak value of the unsmoothed DC 
f = frequency of the AC supply in hertz (HZ) 


Regulator 


Regulator 
Voltage regulator 


Voltage regulator ICs are available with fixed (typically 5, 12 and 15V) or variable output 
voltages. They are also rated by the maximum current they can pass. Negative voltage 
regulators are available, mainly for use in dual supplies. Most regulators include some 
automatic protection from excessive current (overload protection’) and overheating (‘thermal 
protection’). 


Many of the fixed voltage regulator ICs have 3 leads and look like power transistors, such as the 


7805 +5V 1A regulator shown on the right. They include a hole for attaching a heatsink if 
necessary. 


- 51 - 


Zener Diode Regulator 


A K 


Zener diode 
a = anode, k = cathode 


Resister to 
Ermit current 


For low current power supplies a simple voltage regulator can be made with a resistor and a 
zener diode connected in reverse as shown in the diagram. Zener diodes are rated by their 
breakdown voltage Vz and maximum power Pz (typically 400mW or 1.3W). 


The resistor limits the current (like an LED resistor). The current through the resistor is constant, 
so when there is no output current all the current flows through the zener diode and its power 
rating Pz must be large enough to withstand this. 


Choosing a zener diode and resistor: 


The zener voltage Vz is the output voltage required 

The input voltage Vs must be a few volts greater than Vz 

(this is to allow for small fluctuations in Vs due to ripple) 

The maximum current Imax is the output current required plus 10% 

The zener power Pz is determined by the maximum current: Pz > Vz x Imax 
The resistor resistance: R = (Vs - Vz) / Imax 

The resistor power rating: P > (Vs - Vz) x Imax 


N Pe 


Pla ps 


Example: output voltage required is 5V, output current required is 60mA. 


1. Vz=4.7V (nearest value available) 

2. Vs = 8V (it must be a few volts greater than Vz) 

3. Imax = 66mA (output current plus 10%) 

A. Pz>4.7V x 66mA = 310mW, choose Pz = 400mW 

5. R=(8V - 4.7V) / 66mA = 0.05k£2 = 5043, choose R = 4713 

6. Resistor power rating P > (8V - 4.7V) x 66mA = 218mW, choose P = 0.5W 
Transducers 


A transducer is a device which converts a signal from one form to another. 


Most electronics circuits use both input and output transducers: 
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input 


Transducer 


Input Transducers 


Input Transducers convert a quantity to an electrical signal (voltage) or to 
resistance (which can be converted to voltage). Input transducers are also called 
sensors. 


Examples: 


e LDR converts brightness (of light) to resistance. 

e Thermistor converts temperature to resistance. 

e Microphone converts sound to voltage. 

e Variable resistor converts position (angle) to resistance. 


LDR 


Output Transducers 
Output Transducers convert an electrical signal to another quantity. 
Examples: 


e Lamp converts electricity to light. 

e LED converts electricity to light. 

e Loudspeaker converts electricity to sound. 
e Motor converts electricity to motion. 

e Heater converts electricity to heat. 


Loudspeaker 


Using input transducers (sensors) Vs 
nT 


Most input transducers (sensors) vary their resistance and this 
can be used directly in some circuits but it is usually converted to 
an electrical signal in the form of a voltage. 


LDR or 
' other sensor 


The voltage signal can be fed to other parts of the circuit, such o output Vo 


as the input to a chip or a transistor switch. 


The conversion of varying resistance to varying voltage is 
performed by a simple circuit called a voltage divider. 


, OV 


Voltage divider circuit 
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You can calculate the feedback voltage with 


a voltage divider formula that uses the 
number of turns in each part of the coil. 
Vi — er AÁ N: 
N, + N; 

The manufacturer should specify N 1 and N 
Za 
Questions 
A. Who invented this feedback method? 


B. When you divide Vf by V out, what is the 
result? 
Answers 
A. Hartley 
B. Between one-tenth and one-half 

18 Figure 9.14 shows a parallel LC circuit 
in which the feedback voltage is taken from 
the secondary coil of a transformer. The 
formula used to calculate the output voltage 
of a secondary coil is covered in problem 6 in 
Chapter 10, “The Transformer.” 
Figure 9.14 


F 
CHUL 


Voltage Dividers 


Voltage divider (also called potential divider) 


A voltage divider consists of two resistances R1 and R2 connected 


In series across a supply voltage Vs. The supply voltage is divided +V¥S 
up between the two resistances to give an output voltage Vo which 
is the voltage across R2. This depends on the size of R2 relative to 
R1: 
e If R2 is much smaller than R1, Vo is small (low, almost OV) output vo 
(because most of the voltage is across R1) 
e  IfR2 is about the same as R1, Vo is about half Vs 
(because the voltage is shared about equally between R1 
and R2) OV 
e If R2 is much larger than R1, Vo is large (high, almost Vs) 
(because most of the voltage is across R2) Vs x R2 
Vo= — 
If you need a precise value for the output voltage Vo you can use R1+R2 


Ohm's law and a little algebra to work out the formula for Vo shown 

on the right. The formula and the approximate rules given above assume that negligible current 
flows from the output. This is true if Vo is connected to a device with a high resistance such as 
voltmeter or a chip input. For further information please see the page on impedance. If the 
output is connected to a transistor Vo cannot become much greater than 0.7V because the 
transistor's base-emitter junction behaves like a diode. 


Voltage dividers are also called potential dividers, a name which comes from potential 
difference (the proper name for voltage). 


One of the main uses of voltage dividers is to connect input transducers into circuits... 


Using an input transducer (sensor) in a voltage divider 


Most input transducers (sensors) vary their resistance and usually a voltage divider is used to 
convert this to a varying voltage which is more useful. The voltage signal can be fed to other 
parts of the circuit, such as the input to a chip or a transistor switch. 


The sensor is one of the resistances in the voltage divider. It can be at the top (R1) or at the 
bottom (R2), the choice is determined by when you want a large value for the output voltage Vo: 


e Put the sensor at the top (R1) if you want a large Vo when the sensor has a small 
resistance. 

e Put the sensor at the bottom (R2) if you want a large Vo when the sensor has a large 
resistance. 


Then you need to choose a value for the resistor... 
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Choosing a resistor value 


The value of the resistor R will determine the range of the output 
voltage Vo. For best results you need a large 'swing' (range) for | 
Vo and this is achieved if the resistor is much larger than the ms 
sensor's minimum resistance Rmin, but much smaller than the 
sensor's maximum resistance Rmax. 


+Vs 


| LDR or 
/ other sensor 


e oO output Yo 
You can use a multimeter to help you find the minimum and Out pu v 


maximum values of the sensor's resistance (Rmin and Rmax). 
There is no need to be precise, approximate values will do. 


Then choose resistor value: R = square root of (Rmin x Rmax) av 

Choose a standard value which is close to this calculated value. 
or 

For example: 

An LDR: Rmin = 1006, Rmax = 1M}, 


so R = square root of (100 x 1M) = 10k£1. 


+V5 


Swapping over the resistor and sensor 
© output Vo 


LDR or 
other sensor 


OV 


The resistor and sensor can be swapped over to invert the action 


of the voltage divider. For example an LDR has a high resistance .=«/ “Tt 
when dark and a low resistance when brightly lit, so: ) 


e Ifthe LDR is at the top (near +Vs), 

Vo will be low in the dark and high in bright light. 
e Ifthe LDR is at the bottom (near OV), 

Vo will be high in the dark and low in bright light. 


Using a variable resistor 


A variable resistor may be used in place of the fixed resistor R. It 
will enable you to adjust the output voltage Vo for a given 
resistance of the sensor. For example you can use a variable 
resistor to set the exact brightness level which makes a chip 
change state. 


+V5 


variable 
resistor 


The variable resistor value should be larger than the fixed output Vo 


resistor value. For finer control you can use a fixed resistor in a 

series with the variable resistor. For example if a 10kí1 fixed | 
resistor is suitable you could replace it with a fixed 4.7k&2 resistor 
in series with a 10k(1 variable resistor, allowing you to adjust the 


resistance from 4.7k to 14.7k£1. OV 


| The sensor and variable 
If you are planning to use a variable resistor connected between resistor can be swapped 


the +Vs supply and the base of a transistor you must include a over if necessary 
resistor in series with the variable resistor. This is to prevent 

excessive base current destroying the transistor when the variable resistor is reduced to zero. 
For further information please see the page on Transistor Circuits. 
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Transistor Circuits 


This page explains the operation of transistors in circuits. Practical matters such as testing, 
precautions when soldering and identifying leads are covered by the Transistors page. 


Types of transistor 


There are two types of standard transistors, NPN and PNP, with 
different circuit symbols. The letters refer to the layers of 
semiconductor material used to make the transistor. Most 
transistors used today are NPN because this is the easiest type 
to make from silicon. This page is mostly about NPN transistors 
and if you are new to electronics it is best to start by learning NEN 
how to use these first. | 


Transistor circuit symbols 
The leads are labeled base (B), collector (C) and emitter (E). 
These terms refer to the internal operation of a transistor but they are not much help in 
understanding how a transistor is used, so just treat them as labels! 


A Darlington pair is two transistors connected together to give a very high current gain. 
In addition to standard (bipolar junction) transistors, there are field-effect transistors which are 


usually referred to as FET. They have different circuit symbols and properties and they are not 
(yet) covered by this page. 


Transistor Currents 


— A ase current path 
se colector current path 


The diagram shows the two current paths through a transistor. You can build this circuit with two 
standard 5mm red LEDs and any general purpose low power NPN transistor (BC108, BC182 or 
BC548 for example). 


The small base current controls the larger collector current. 
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When the switch is closed a small current flows into the base (B) of the transistor. It is just 
enough to make LED B glow dimly. The transistor amplifies this small current to allow a larger 
current to flow through from its collector (C) to Its emitter (E). This collector current is large 
enough to make LED C light brightly. 


When the switch is open no base current flows, so the transistor switches off the collector 
current. Both LEDs are off. 


A transistor amplifies current and can be used as a switch. 


This arrangement where the emitter (E) is in the controlling circuit (base current) and in the 
controlled circuit (collector current) is called common emitter mode. It is the most widely used 
arrangement for transistors so it is the one to learn first. 


Functional model of an NPN transistor 


Base current 
controls this 


O eme F 
B. y A 
= 3 N 


The operation of a transistor is difficult to explain and understand in terms of its internal 
structure. It is more helpful to use this functional model: 


e The base-emitter junction behaves like a diode. 
e A base current lg flows only when the voltage Vege across the base-emitter junction is 
0.7V or more. 
e The small base current lg controls the large collector current Ic. 
e Ic=hre*x lg (unless the transistor is full on and saturated) 
Nee Is the current gain (strictly the DC current gain), a typical value for Nee is 100 (it has 
no units because it is a ratio) 
e The collector-emitter resistance Rce is controlled by the base current leg: 
o lj=0 Ree= infinity transistor off 
o Igsmall Rce reduced transistor partly on 
o lgincreased Rce=O0 transistor full on (‘saturated’) 
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Additional notes: 


e A resistor is often needed in series with the base connection to limit the base current lp 
and prevent the transistor being damaged. 

e Transistors have a maximum collector current Ic rating. 

e The current gain hee can vary widely, even for transistors of the same type! 

e A transistor that is full on (with Rce = 0) is said to be ‘saturated’. 

e When a transistor is saturated the collector-emitter voltage Vce is reduced to almost OV. 

e When atransistor is saturated the collector current Ic is determined by the supply 
voltage and the external resistance in the collector circuit, not by the transistor's current 
gain. As a result the ratio Ic/lg for a saturated transistor is less than the current gain hre. 

e The emitter current le = Ic + lg, but Ic is much larger than lg, so roughly |; = Ic. 


There is a table showing technical data for some popular transistors on the transistors page. 


Darlington pair 


This is two transistors connected together so that the current 
amplified by the first is amplified further by the second 
transistor. The overall current gain is equal to the two individual 
gains multiplied together: 


Darlington pair current gain, Nee = Nee. X Nees 
(hre: and hee, are the gains of the individual transistors) 


Ls ESSE a ar = z= m 


This gives the Darlington pair a very high current gain, such as 
10000, so that only a tiny base current is required to make the 
pair switch on. l 
touch across 40 
A Darlington pair behaves like a single transistor with a these contacts 
very high current gain. lt has three leads (B, C and E) which r 
are equivalent to the leads of a standard individual transistor. 
To turn on there must be 0.7V across both the base-emitter 
junctions which are connected in series inside the Darlington 
pair, therefore it requires 1.4V to turn on. 


Darlington pairs are available as complete packages but you 

can make up your own from two transistors; TR1 can be a low 
power type, but normally TR2 will need to be high power. The 
maximum collector current Ic(max) for the pair is the same as 
Ic(max) for TR2. Touch Switch Circuit 


ov 


A Darlington pair is sufficiently sensitive to respond to the small current passed by your skin and 
it can be used to make a touch-switch as shown in the diagram. For this circuit which just lights 
an LED the two transistors can be any general purpose low power transistors. The 100k{2 
resistor protects the transistors if the contacts are linked with a piece of wire. 
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Using a Transistor as a Switch 


When a transistor is used as a switch it must be either OFF or fully ON. In the fully ON state the 
voltage Vce across the transistor is almost zero and the transistor is said to be saturated 
because it cannot pass any more collector current Ic. The output device switched by the 
transistor is usually called the ‘load. 


The power developed in a switching transistor is very small: 


e Inthe OFF state: power = Ic x Vce, but Ic = O, so the power is zero. 
e Inthe full ON state: power = Ic x Vce, but Vce = O (almost), so the power is very small. 


This means that the transistor should not become hot in use and you do not need to consider its 
maximum power rating. The important ratings in switching circuits are the maximum collector 
current Ic(max) and the minimum current gain h-e(min). The transistor's voltage ratings may 
be ignored unless you are using a supply voltage of more than about 15V. There is a table 
showing technical data for some popular transistors on the transistors page. 


For information about the operation of a transistor please see the functional model above. 


ANP 


OV 
Protection Diode 


If the load is a motor, relay or solenoid (or any other device with a coil) a diode must be 
connected across the load to protect the transistor (and chip) from damage when the load is 
switched off. The diagram shows how this is connected 'backwards' so that it will normally NOT 
conduct. Conduction only occurs when the load is switched off, at this moment current tries to 
continue flowing through the coil and it is harmlessly diverted through the diode. Without the 
diode no current could flow and the coil would produce a damaging high voltage 'spike' in Its 
attempt to keep the current flowing. 
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When to use a Relay 


Transistors cannot switch AC or high voltages (such as mains 
electricity) and they are not usually a good choice for switching large 
currents (> 5A). In these cases a relay will be needed, but note that a 
low power transistor may still be needed to switch the current for the 
relay's coil! 


Advantages of relays: 


e Relays can switch AC and DC, transistors can only switch DC. 
e Relays can switch high voltages, transistors cannot. 

e Relays are a better choice for switching large currents (> 5A). 
e Relays can switch many contacts at once. 


Disadvantages of relays: 


e Relays are bulkier than transistors for switching small currents. Relays 

e Relays cannot switch rapidly; transistors can switch many 
times per second. 

e Relays use more power due to the current flowing through their coil. 

e Relays require more current than many chips can provide, so a low power transistor 
may be needed to switch the current for the relay's coil. 


Connecting a Transistor to the Output from a Chip 


Most chips cannot supply large output currents so it may be necessary to use a transistor to 
switch the larger current required for output devices such as lamps, motors and relays. The 555 
timer chip is unusual because it can supply a relatively large current of up to 200mA which is 
sufficient for some output devices such as low current lamps, buzzers and many relay coils 
without needing to use a transistor. 


A transistor can also be used to enable a chip connected to a low voltage supply (such as 5V) 
to switch the current for an output device with a separate higher voltage supply (such as 12V). 
The two power supplies must be linked, normally this is done by linking their OV connections. In 
this case you should use an NPN transistor. 


A resistor Rg Is required to limit the current flowing into the base of the transistor and prevent it 
being damaged. However, Rg must be sufficiently low to ensure that the transistor is thoroughly 
saturated to prevent it overheating, this is particularly important if the transistor is switching a 
large current (> 100mA). A safe rule is to make the base current lg about five times larger than 
the value which should just saturate the transistor. 


Choosing a suitable NPN Transistor 


The circuit diagram shows how to connect an NPN transistor; this will switch on the load when 
the chip output is high. If you need the opposite action, with the load switched on when the chip 
output is low (OV) please see the circuit for a PNP transistor below. 


The procedure below explains how to choose a suitable switching transistor. 
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1. The transistor's maximum collector current «Vs 
Ic(max) must be greater than the load current Ic. 
| 
profection diode “77 * 
load currentic= = | volta eVs if required). 2 
load resistance RL | 
Am 
2. The transistor's minimum current gain hse(min) | 
must be at least five times the load current Ic li 
divided by the maximum output current from the Output 
chip. 
hee(min) > 5x _load current Ic_ NPN transistor switch 
max. chip current (load is on when chip output is high) 
3. Choose a transistor which meets these Using units in calculations 
requirements and make a note of its properties: Remember to use V, A and £lor 
Ic(max) and hre(min). V, mA and ké2. For more details 
There is a table showing technical data for some please see the Ohm's Law page. 
popular transistors on the transistors page. 
4. Calculate an approximate value for the base resistor: 
Ro = Ve x hee where Vc = chip supply voltage 
B— 5xle (ina simple circuit with one supply this is Vs) 
5. For a simple circuit where the chip and the load share the same power supply (Vc = Vs) 
you may prefer to use: Rg = 0.2 x Ri x Nee 
6. Then choose the nearest standard value for the base resistor. 
7. Finally, remember that if the load is a motor or relay coil a protection diode is required. 
Example: 


The output from a 4000 series CMOS chip is required to operate a relay with a 10042 coil. 
The supply voltage is 6V for both the chip and load. The chip can supply a maximum current of 


5mA. 


1. 
2. 


Load current = Vs/R, = 6/100 = 0.06A = 60mA, so transistor must have Ic(max) > 60MA. 
The maximum current from the chip is 5mA, so transistor must have hee(min) > 60 

(5 x GOMA/5mMA). 

Choose general purpose low power transistor BC182 with Ic(max) = 100mA and 
Nee(min) = 100. 

Rg = 0.2 x Ri x hre = 0.2 x 100 x 100 = 200082. so choose Re = 1k8 or 2k2. 

The relay coil requires a protection diode. 
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Choosing a suitable PNP Transistor 


The circuit diagram shows how to connect a PNP Chip 
transistor, this will switch on the load when the chip Output 
output is low (OV). If you need the opposite action, with | 
the load switched on when the chip output is high 
please see the circuit for an NPN transistor above. 


i 
l ' protechión diode = Ae" 
The procedure for choosing a suitable PNP transistor is o ^ 


exactly the same as that for an NPN transistor ] 

described above. "=... 
PNP Transistor Switch 

(load is on when chip output is low) 


Using a Transistor Switch with Sensors 


The top circuit diagram shows an LDR (light sensor) 
connected so that the LED lights when the LDR is in 
darkness. The variable resistor adjusts the brightness at 
which the transistor switches on and off. Any general 
purpose low power transistor can be used in this circuit. 


The 10kt1 fixed resistor protects the transistor from 
excessive base current (which will destroy It) when the 
variable resistor is reduced to zero. To make this circuit 
switch at a suitable brightness you may need to 
experiment with different values for the fixed resistor, but it 
must not be less than 1ké2. 


If the transistor is switching a load with a coil, such as a 
motor or relay, remember to add a protection diode across 
the load. 


The switching action can be inverted, so the LED lights 
when the LDR is brightly lit, by swapping the LDR and 
variable resistor. In this case the fixed resistor can be 
omitted because the LDR resistance cannot be reduced to 
zero. 


Note that the switching action of this circuit is not 
particularly good because there will be an intermediate 
brightness when the transistor will be partly on (not 
saturated). In this state the transistor is in danger of 
overheating unless it is switching a small current. There is 
no problem with the small LED current, but the larger LED lights when the LDR is bright 
current for a lamp, motor or relay is likely to cause 

overheating. 


Other sensors, such as a thermistor, can be used with this circuit, but they may require a 
different variable resistor. You can calculate an approximate value for the variable resistor (Rv) 
by using a multimeter to find the minimum and maximum values of the sensor's resistance 
(Rmin and Rmax): 


e 


Variable resistor, Rv = square root of (Rmin x Rmax) 
For example an LDR: Rmin = 10042, Rmax = 1M4, so Rv = square root of (100 x 1M) = 10k£2. 


You can make a much better switching circuit with sensors connected to a suitable IC (chip). 
The switching action will be much sharper with no partly on state. 


A Transistor Inverter (NOT gate) 


Inverters (NOT gates) are available on logic chips but if you only require one inverter it is usually 
better to use this circuit. The output signal (voltage) is the inverse of the input signal: 


e When the input is high (+Vs) the output is low (OV). 
e When the input is low (OV) the output is high (+Vs). 


Any general purpose low power NPN transistor can be used. For general use Rg = 10k{£2 and 
Re = 1k£12, then the inverter output can be connected to a device with an input impedance 
(resistance) of at least 10k&2 such as a logic chip or a 555 timer (trigger and reset inputs). 


If you are connecting the inverter to a CMOS logic chip input (very high impedance) you can 
increase Rg to 100kí2 and Rc to 10kt2, this will reduce the current used by the inverter. 


s02 -= 


Question 
Who invented this type of oscillator? 


Answer 
Armstrong 

19 For each of the feedback methods 
described in the last few problems, the 
voltage fed back from the output to the input 
is a fraction of the total output voltage 
ranging between one-tenth and one-half of V 
out . 

To ensure oscillations, the product of the 
feedback voltage and the amplifier voltage 
gain must be greater than 1. 


Ayx Veci 

It is usually easy to achieve this because A 
v is much greater than 1. 

No external input is applied to the oscillator. 
Its input is the small part of the output signal 
that is fed back. If this feedback is of the 
correct phase and amplitude, the oscillations 
start spontaneously and continue as long as 
power is supplied to the circuit. 

The transistor amplifier amplifies the 
feedback signal to sustain the oscillations and 
converts the DC power from the battery or 
power supply into the AC power of the 
oscillations. 

Questions 
A. What makes an amplifier into an oscillator? 


B. What input does an amplifier need to 


Analogue and Digital Systems 


Analogue Systems 


Analogue systems process analogue signals which can | 
take any value within a range, for example the output voltage 
from an LDR (light sensor) or a microphone. 


An audio amplifier is an example of an analogue system. 
The amplifier produces an output voltage which can be 


any value within the range of its power supply. time 
Analogue signal 

An analogue meter can display any value within the o 3 

range available on its scale. However, the precision of A arial yz, 9% 

readings is limited by our ability to read them. For AN i lg $ 

example the meter on the right shows 1.25V because dd 

the pointer is estimated to be half way between 1.2 and V 

1.3. The analogue meter can show any value between 

1.2 and 1.3 but we are unable to read the scale more Analogue meter display 


precisely than about half a division. 


All electronic circuits suffer from 'noise' which is unwanted signal mixed in with the desired 
signal, for example an audio amplifier may pick up some mains 'hum' (the 50Hz frequency of the 
UK mains electricity supply). Noise can be difficult to eliminate from analogue signals because it 
may be hard to distinguish from the desired signal. 


Digital Systems 


Digital systems process digital signals which can take | 
only a limited number of values (discrete steps), usually voltage 
just two values are used: the positive supply voltage 
(+Vs) and zero volts (OV). 


Digital systems contain devices such as logic gates, flip- 
flops, shift registers and counters. A computer is an 
example of a digital system. 


A digital meter can display many values, but not every 
value within its range. For example the display on the 
right can show 6.25 and 6.26 but not a value between 
them. This is not a problem because digital meters 
normally have sufficient digits to show values more 
precisely than it is possible to read an analogue display. 


Digital meter display 


Logic Signals 


Most digital systems use the simplest possible type of signal which has just two values. This 
type of signal is called a logic signal because the two values (or states) can be called true and 
false. Normally the positive supply voltage +Vs represent true and OV represents false. Other 
labels for the true and false states are shown in the table below. 
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Logic states 


True False 
1 0 
High | Low 
+Vs | OV 
On Off 


Noise is relatively easy to eliminate from digital signals because it is easy to distinguish from the 
desired signal which can only have particular values. For example: if the signal is meant to be 
+5V (true) or OV (false), noise of up to 2.5V can be eliminated by treating all voltages greater 
than 2.5V as true and all voltages less than 2.5V as false. 


Logic Gates 


Introduction 


Logic gates process signals which represent true or false. Normally the positive 
supply voltage +Vs represent true and OV represents false. Other terms which 
are used for the true and false states are shown in the table on the right. Itis best | True False 
to be familiar with them all. 1 0 


Logic states 


Gates are identified by their function: NOT, AND, NAND, OR, NOR, EX-OR and High | Low 
EX-NOR. Capital letters are normally used to make it clear that the term refers to | +Vs | OV 
a logic gate. =e e 


Note that logic gates are not always required because simple logic functions can be performed 
with switches or diodes: 


e Switches in series (AND function) 


e Switches in parallel (OR function) 
e Combining chip outputs with diodes (OR function) 


Logic Gate Symbols 
There are two series of symbols for logic gates: 


e The traditional symbols have distinctive shapes making them easy to recognize so 
they are widely used in industry and education. 
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e The IEC (International Electrotechnical Commission) symbols are rectangles with a 
symbol inside to show the gate function. They are rarely used despite their official status, 
but you may need to know them for an examination. 


Inputs and Outputs 


e 
output 


Gates have two or more inputs, except a NOT gate which has only one input. All gates have 
only one output. Usually the letters A, B, C and so on are used to label inputs, and Q is used to 
label the output. On this page the inputs are shown on the left and the output on the right. 


The Inverting Circle (0) 


Some gate symbols have a circle on their output which means that their function includes 
inverting of the output. It is equivalent to feeding the output through a NOT gate. For example 
the NAND (Not AND) gate symbol shown on the right is the same as an AND gate symbol but 
with the addition of an inverting circle on the output. 


Truth Tables 


A truth table is a good way to show the function of a logic gate. It [Input A Input B Output Q 
shows the output states for every possible combination of input 


states. The symbols O (false) and 1 (true) are usually used in truth 0 O O 
tables. The example truth table on the right shows the inputs and 0 1 0 
output of an AND gate. 1 0 0 

1 1 1 


There are summary truth tables below showing the output states for 
all types of 2-input and 3-input gates. These can be helpful if you are trying to select a suitable 
gate. 
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Logic ICs 


Logic gates are available on special ICs (chips) which usually contain several gates of the same 
type, for example the 4001 IC contains four 2-Input NOR gates. There are several families of 
logic ICs and they can be split into two groups: 


e 4000 Series 
e 74 Series 


To quickly compare the different families please see: 
e Summary table of logic families 


The 4000 and 74HC families are the best for battery powered projects because they will work 
with a good range of supply voltages and they use very little power. However, if you are using 
them to design circuits and investigate logic gates please remember that all unused inputs 
MUST be connected to the power supply (either +Vs or OV), this applies even if that part of the 
IC is not being used in the circuit! 


NOT gate (Inverter) 


The output Q is true when the input A is NOT true, the output is the inverse of the input: 
Q=NOTA 
A NOT gate can only have one input. A NOT gate is also called an inverter. 


Input A Output Q | 
a Hl a | 
1 | 0 


Traditional symbol IEC symbol Truth Table 


ce 


AND gate 


The output Q is true if input A AND input B are both true: Q = A AND B 
An AND gate can have two or more inputs, its output is true If all inputs are true. 


Input A Input B Output Q 


0 0 0 
0 1 0 
1 0 0 
1 1 1 
Traditional symbol IEC symbol Truth Table 


NAND gate (NAND = Not AND) 


This is an AND gate with the output inverted, as shown by the 'o' on the output. 
The output is true If input A AND input B are NOT both true: Q = NOT (A AND B) 
A NAND gate can have two or more inputs, Its output is true If NOT all inputs are true. 


Input A Input B Output Q 


0 0 1 
0 1 1 
1 0 1 
1 1 0 
Traditional symbol IEC symbol Truth Table 


OR gate 


The output Q is true if input A OR input B is true (or both of them are true): Q = A ORB 
An OR gate can have two or more inputs, Its output is true If at least one input is true. 


Input A Input B Output Q 


0 0 0 
=1 
0 1 1 
1 0 1 
1 1 1 
Traditional symbol IEC symbol Truth Table 
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NOR gate (NOR = Not OR) 


This is an OR gate with the output inverted, as shown by the 'o' on the output. 
The output Q is true if NOT inputs A OR B are true: Q = NOT (A OR B) 
A NOR gate can have two or more inputs, its output is true if no inputs are true. 


Input A Input B Output Q 


0 0 1 
0 1 0 
1 0 0 
1 1 0 
Traditional symbol IEC symbol Truth Table 


EX-OR (EXclusive-OR) gate 


The output Q Is true if either input A is true OR input B is true, but not when both of them are 
true: Q = (A AND NOT B) OR (B AND NOT A) 

This is like an OR gate but excluding both inputs being true. 

The output is true if inputs A and B are DIFFERENT. 

EX-OR gates can only have 2 inputs. 


Input A ¡Input B Output Q 


0 0 0 
= 0 1 1 
1 0 1 
1 1 0 
Traditional symbol IEC symbol Truth Table 


EX-NOR (EXclusive-NOR) gate 


This Is an EX-OR gate with the output inverted, as shown by the 'o' on the output. 
The output Q is true if inputs A and B are the SAME (both true or both false): 

Q = (A AND B) OR (NOT A AND NOT B) 

EX-NOR gates can only have 2 inputs. 
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Input A Input B Output Q 


0 0 1 
0 1 0 
1 0 0 
1 1 1 
Traditional symbol IEC symbol Truth Table 


Summary Truth Tables 


The summary truth tables below show the output states for all types of 2-Input and 3-input 
gates. 


Summary for all 2-input Gates Summary for all 3-input Gates 

Inputs Output of each Gate Inputs Output of each Gate 
A B AND NAND OR NOR EX-OR EX-NOR A/B C AND NAND OR NOR 

0 0. O0 1 0 1 0 1 OJO|JO| O 1 0 1 

O 1,0 1 1 0 1 0 OJO|1| 0 1 1 0 

1/00 1 1 0 1 0 O11) 0] 0 1 1 0 

1 (1 | 1 0 1 0 0 1 0/1/10 1 1 0 

1|0/01| O 1 1 0 

Note that EX-OR and EX-NOR A | os | 

gates can only have 2 inputs 1/1) 0} O 1 1 0 

111/11 1 0 1 0 


Combinations of Logic Gates 


Logic gates can be combined to produce more complex functions. They can also be combined 
to substitute one type of gate for another. 


For example to produce an output Q which is true only when input A is true and input B is false, 
as shown in the truth table on the right, we can combine a NOT gate and an AND gate like this: 


A, Input A Input B Output Q 
Q 0 0 0 
0 1 0 
1 0 1 
1 1 0 


Q = A AND NOT B 
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Working out the function of a combination of gates 
Truth tables can be used to work out the function of a combination of gates. 


For example the truth table on the right show the intermediate outputs D and E as well as the 
final output Q for the system shown below. 


Inputs Outputs | 


FiO O Ole OO FF FA 


AB CIDE 
ollo lo [1 [o 
olo[1[1][0 
ol1lo lolo 
ol1l1lo la 
11o[o[olo 
110o[1[o0lo0 

D = NOT (A OR B) CE 


E=BANDC 
Q =D ORE = (NOT (A OR B)) OR (B AND C) 


Substituting one type of gate for another 


Logic gates are available on ICs which usually contain several gates of the same type, for 
example four 2-input NAND gates or three 3-input NAND gates. This can be wasteful if only a 
few gates are required unless they are all the same type. To avoid using too many ICs you can 
reduce the number of gate inputs or substitute one type of gate for another. 


Reducing the number of inputs 


The number of inputs to a gate can be reduced by connecting two (or more) inputs together. 
The diagram shows a 3-input AND gate operating as a 2-input AND gate. 


Making a NOT gate from a NAND or NOR gate 


Reducing a NAND or NOR gate to just one input creates a NOT gate. The diagram shows this 
for a 2-input NAND gate. 
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Any gate can be built from NAND or NOR gates 
As well as making a NOT gate, NAND or NOR gates can be combined to create any type of 
gate! This enables a circuit to be built from just one type of gate, elther NAND or NOR. For 
example an AND gate is a NAND gate then a NOT gate (to undo the inverting function). Note 
that AND and OR gates cannot be used to create other gates because they lack the inverting 
(NOT) function. 
To change the type of gate, such as changing OR to AND, you must do three things: 

e Invert (NOT) each input. 

e Change the gate type (OR to AND, or AND to OR) 

e Invert (NOT) the output. 


For example an OR gate can be built from NOTed inputs fed into a NAND (AND + NOT) gate. 


NAND gate equivalents 


The table below shows the NAND gate equivalents of NOT, AND, OR and NOR gates: 


Gate Equivalent in NAND gates 


-/2- 


Substituting gates in an example logic system 


The original system has 3 different gates: NOR, AND and OR. This requires three ICs (one for 
each type of gate). 


To re-design this system using NAND gates only begin by replacing each gate with its NAND 
gate equivalent, as shown in the diagram below. 


A PE — 

i i 
at rQ 

7 t 
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become an oscillator? ——__ 

Answer 

A. A resonant LC circuit with feedback of the 
correct phase and amount. 

B. None. Oscillations happen Spontaneously if 


the feedback IS correct. 


Inside the Inductor 


When you use inductors, you should know 
how to deal with the different ways 
manufacturers label them. 

Inductors are simply a coil of wire wrapped 
around a core, and some manufacturers 
leave them just like that. These inductors 
come with no markings,so you must keep 


them with the label from the packaging to 
identify them. 

You can also find inductors that have a plastic 
coating around the wire coil. That coating IS 
often marked with a numerical code that 
identifies the value of the inductor. The first 
two numbers are the first and second 
Significant digits of the inductance value; the 
third number is the multiplier. (The units are 
WH, so an inductor marked with 101 has a 
value of 100 UH.) 


Another method to mark inductors involves 
the same color code used for resistors. With 
this method,an inductor IS marked with four 


color bands to show its value and tolerance. 
Some inductors have a wide silver band 


Then simplify the system by deleting adjacent pairs of NOT gates (marked X above). This can 
be done because the second NOT gate cancels the action of the first. 


The final system is shown on the right. It has five NAND gates and requires two ICs (with four 
gates on each IC). This is better than the original system which required three ICs (one for each 
type of gate). 

Substituting NAND (or NOR) gates does not always increase the number of gates, but when it 


does (as in this example) the increase is usually only one or two gates. The real benefit is 
reducing the number of ICs required by using just one type of gate. 


Capacitance and Uses of Capacitors 


Capacitance 
Capacitance (symbol C) is a measure of a capacitor's ability to 


store charge. A large capacitance means that more charge 
can be stored. Capacitance is measured in farads, symbol F. 
However 1F is very large, so prefixes (multipliers) are used to 


show the smaller values: 
unpolarized capacitor symbol 


e | (micro) means 10° (millionth), + 

so 1000000uUF = 1F | 
e n(nano) means 10” (thousand-millionth), 

so 1000nF = 1uF 


e p (pico) means 10”* (million-millionth), polarized capacitor symbol 
so 1000pF = 1nF 


Charge and Energy Stored 


The amount of charge (symbol Q) stored by a capacitor is given by: 


Q = charge in coulombs (C) 
Charge, Q=CxV where: C = capacitance in farads (F) 
V = voltage in volts (V) 


When they store charge, capacitors are also storing energy: 
Energy, E=AQV=*%CV? where E = energy in joules (J). 


Note that capacitors return their stored energy to the circuit. They do not 'use up’ electrical 
energy by converting it to heat as a resistor does. The energy stored by a capacitor is much 
smaller than the energy stored by a battery so they cannot be used as a practical source of 
energy for most purposes. 


STi 


Capacitive Reactance Xc 


Capacitive reactance (symbol Xc) is a measure of a capacitor's opposition to AC (alternating 
current). Like resistance it is measured in ohms, £2, but reactance is more complex than 
resistance because its value depends on the frequency (f) of the electrical signal passing 
through the capacitor as well as on the capacitance, C. 


Xc = reactance in ohms (£2) 
onfC where: f = frequency in hertz (Hz) 
C = capacitance in farads (F) 


Capacitive reactance, Xc = 


The reactance Xc is large at low frequencies and small at high frequencies. For steady DC 
which is zero frequency, Xc is infinite (total opposition), hence the rule that capacitors pass AC 
but block DC. 


For example a 1uF capacitor has a reactance of 3.2k£2 for a 50Hz signal, but when the 
frequency is higher at 10kHZz its reactance is only 16%. 


Note: the symbol Xc is used to distinguish capacitive reactance from inductive reactance X, 
which is a property of inductors. The distinction is important because X, increases with 
frequency (the opposite of Xc) and if both X, and Xc are present in a circuit the combined 
reactance (X) is the difference between them. See the page on Impedance. 


cy series 
) — c 


C 
C2 


on 
-L = 
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Capacitors in Series and Parallel 


Combined capacitance (C) of 1 1 1 1 


capacitors connected in series: ¢ C1 C2 C3 


Combined capacitance (C) of 


; , C=Ci+ C2+ C3 +... 
Capacitors connected in parallel: 
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Two or more capacitors are rarely deliberately connected in series in real circuits, but it can be 
useful to connect capacitors in parallel to obtain a very large capacitance, for example to 
smooth a power supply. 


Note that these equations are the opposite way round for resistors in series and parallel. 


Charging a Capacitor 


The capacitor (C) in the circuit diagram is being charged from a supply voltage (Vs) with the 
current passing through a resistor (R). The voltage across the capacitor (Vc) Is initially zero but 
it increases as the capacitor charges. The capacitor is fully charged when Vc = Vs. The 
charging current (1) is determined by the voltage across the resistor (Vs - Vc): 


Charging current, I= (Vs -Vc)/R_ (note that Vc is increasing) 
At first Vc = OV so the initial current, lo=Vs/R 


Vc increases as soon as charge (Q) starts to build up (Vc = Q/C), this reduces the voltage 
across the resistor and therefore reduces the charging current. This means that the rate of 
charging becomes progressively slower. 


time constant is in seconds (s) 
time constant =RxC where: R = resistance in ohms (12) 
C = capacitance in farads (F) 


For example: 
If R = 47k£2 and C = 22uF, then the time constant, RC = 47ki1 x 22uF = 1.0s. 
If R = 33k£2 and C = 1uF, then the time constant, RC = 33k£2 x 1uF = 33ms. 


A large time constant means the capacitor charges slowly. Note that the time constant Is a 
property of the circuit containing the capacitance and resistance, it is not a property of a 
capacitor alone. 


The time constant is the time taken for the charging (or discharging) current (I) to fall to */e of its 
initial value (lo). 'e' is the base of natural logarithms, an important number in mathematics (like 
Tr). e = 2.71828 (to 6 significant figures) so we can roughly say that the time constant is the time 
taken for the current to fall to */3 of its initial value. 
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After each time constant the current falls by */e Graphs showing the current and 
(about 1/3). After 5 time constants (5RC) the current voltage for a capacitor charging 


has fallen to less than 1% of its initial value and we time constant = RC 
can reasonably say that the capacitor is fully | 
charged, but in fact the capacitor takes for ever to le 
charge fully! mm: 
E 
The bottom graph shows how the voltage (V) > 


increases as the capacitor charges. At first the 
voltage changes rapidly because the current is large; 
but as the current decreases, the charge builds up 
more slowly and the voltage increases more slowly. 


Kn 


IRC 2RC 3RC 4RC SAC 
ime, 1 


After 5 time constants (5RC) the capacitor is almost 
fully charged with Its voltage almost equal to the a 
supply voltage. We can reasonably say that the 

capacitor is fully charged after 5RC, although really 


charging continues for ever (or until the circuit is 2g Charging a Capacitor 
changed). : . No T 
Time | Voltage Charge r 4 R 
ORC | 0.0V 0% 5 = 
1RC | 5.7V | 63% 2 es ahs 
2RC | 7.8V 86% 1 
saad as tt ol «AC eRe 3RC 4RC SRC 
ARC | 8.8V | 98% : time. 1 


5RC 8.9V 99% 


Discharging a capacitor 


The top graph shows how the current (1) decreases as the capacitor discharges. The initial 
current (lo) is determined by the initial voltage across the capacitor (Vo) and resistance (R): 


Initial current, lo = Vo Í R. 


Note that the current graphs are the same shape for both charging and discharging a capacitor. 
This type of graph is an example of exponential decay. 


The bottom graph shows how the voltage (V) decreases as the capacitor discharges. 

At first the current is large because the voltage is large, so charge is lost quickly and the voltage 
decreases rapidly. As charge is lost the voltage is reduced making the current smaller so the 
rate of discharging becomes progressively slower. 

After 5 time constants (5RC) the voltage across the capacitor is almost zero and we can 


reasonably say that the capacitor is fully discharged, although really discharging continues for 
ever (or until the circuit is changed). 
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Graphs showing the current and 
voltage for a capacitor discharging 
time constant = RC 


T 
= 
5 | 
Ol IRC ZRC JRC 4RC 
time, t 
+ 
a Discharging a Capacitor 
2 e. 
E Time Voltage Charge 
5 ORC 9.0V | 100% 
E | 
> IRC | 33V | 37% 
2RC| 1.2V | 14% 
BRC | 0.4V 5% 
y ARC | 0.2V 2% 
mi. [5RC | 0.1V 1% 


Uses of Capacitors 
Capacitors are used for several purposes: 


e Timing - for example with a 555 timer IC controlling the charging and discharging. 

e Smoothing - for example in a power supply. 

e Coupling - for example between stages of an audio system and to connect a 
loudspeaker. 

e Filtering - for example in the tone control of an audio system. 

e Tuning - for example in a radio system. 

e Storing energy - for example in a camera flash circuit. 
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Capacitor Coupling (CR-coupling) 


Capacitor Coupling 
time constant = HC 
R output 


input signal 
square wave. period T 


output when RC >> T 
negligitde distartian 


output when RC =T 
significant distortion 


output when RC << T 
severe distortion. only 
spikes (at the changes) 


Sections of electronic circuits may be linked with a capacitor because capacitors pass AC 
(changing) signals but block DC (steady) signals. This is called capacitor coupling or CR- 
coupling. It is used between the stages of an audio system to pass on the audio signal (AC) 
without any steady voltage (DC) which may be present, for example to connect a loudspeaker. It 
is also used for the 'AC' switch setting on an oscilloscope. 


The precise behavior of a capacitor coupling is determined by its time constant (RC). Note that 
the resistance (R) may be inside the next circuit section rather than a separate resistor. 


For successful capacitor coupling in an audio system the signals must pass through with little 
or no distortion. This is achieved if the time constant (RC) Is larger than the time period (T) of 
the lowest frequency audio signals required (typically 20Hz, T = 50ms). 


Output when RC >> T 

When the time constant is much larger than the time period of the input signal the capacitor 
does not have sufficient time to significantly charge or discharge, so the signal passes through 
with negligible distortion. 


Output when RC = T 

When the time constant is equal to the time period you can see that the capacitor has time to 
partly charge and discharge before the signal changes. As a result there is significant distortion 
of the signal as it passes through the CR-coupling. Notice how the sudden changes of the input 
signal pass straight through the capacitor to the output. 
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Output when RC << T 

When the time constant is much smaller than the time period the capacitor has time to fully 
charge or discharge after each sudden change in the input signal. Effectively only the sudden 
changes pass through to the output and they appear as 'spikes', alternately positive and 
negative. This can be useful in a system which must detect when a signal changes suddenly, 
but must ignore slow changes. 


Impedance and Reactance 


Impedance 


Impedance (symbol Z) is a measure of the overall m = 
opposition of a circuit to current, in other words: how 


much the circuit impedes the flow of current. It is like Impedance, Z = Y 
resistance, but It also takes into account the effects of 

capacitance and inductance. Impedance is measured in | 

ohms, symbol £2. 


Resistance, R= Š 
Impedance is more complex than resistance because l 
the effects of capacitance and inductance vary with the 
frequency of the current passing through the circuit and 
this means impedance varies with frequency! The V = voltage in volts (V) 


effect of resistance is constant regardless of frequency. z - cl lp ted (Q) 


R = resistance in ohms (£2) 
The term ‘impedance’ is often used (quite correctly) for 


simple circuits which have no capacitance or inductance 

- for example to refer to their ‘input impedance’ or "output impedance’. This can seem 
confusing if you are learning electronics, but for these simple circuits you can assume 
that it is just another word for resistance. 


Four electrical quantities determine the impedance (Z) of a circuit: 
resistance (R), capacitance (C), inductance (L) and frequency (f). 


Impedance can be split into two parts: 


e Resistance R (the part which is constant regardless of frequency) 
e Reactance X (the part which varies with frequency due to capacitance and inductance) 


For further details please see the section on Reactance below. 


Xx =X- Xe 


| | Reacianos 


Impedance, Z = JR? + X? 
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The capacitance and inductance cause a phase shift* between the current and voltage which 
means that the resistance and reactance cannot be simply added up to give impedance. 

Instead they must be added as vectors with reactance at right angles to resistance as shown in 
the diagram. 


* Phase shift means that the current and voltage are out of step with each other. Think of 
charging a capacitor. When the voltage across the capacitor is zero, the current is at a 
maximum; when the capacitor has charged and the voltage is at a maximum, the current is at a 
minimum. The charging and discharging occur continually with AC and the current reaches its 
maximum shortly before the voltage reaches its maximum: so we say the current leads the 
voltage. 


Reactance, X 


Reactance (symbol X) is a measure of the opposition of capacitance and inductance to current. 
Reactance varies with the frequency of the electrical signal. Reactance is measured in ohms, 
symbol £2. 


There are two types of reactance: capacitive reactance (Xc) and inductive reactance (X1). 
The total reactance (X) is the difference between the two: X= X -Xc 


e Capacitive reactance, Xc 


1 Xc 
Xc = nie where: f 


reactance in ohms (43) 

= frequency in hertz (Hz) 

= capacitance in farads (F) 

e xXc Is large at low frequencies and small at high frequencies. 
For steady DC which Is zero frequency, Xc is infinite (total opposition), 
hence the rule that capacitors pass AC but block DC. 

e For example: a 1uF capacitor has a reactance of 3.2k£1 for a 50HZ signal, 
but when the frequency is higher at 10kKHz Its reactance is only 1642. 

e Inductive reactance, X, 


X_ = 2mfL where: X, = reactance in ohms (£2) 
f = frequency in hertz (Hz) 
L = inductance in henrys (H) 


e X is small at low frequencies and large at high frequencies. 
For steady DC (frequency zero), X, is zero (no opposition), 
hence the rule that inductors pass DC but block high frequency AC. 

e For example: a 1mH inductor has a reactance of only 0.342 for a 50Hz signal, 
but when the frequency is higher at 10kKHz its reactance is 6342. 


-81- 


Input Impedance Zin 


inputs 


! 

Zi ' 

OY ' 
i 


Input impedance (Zn) is the impedance 'seer' by anything connected to the input of a circuit or 
device (such as an amplifier). It is the combined effect of all the resistance, capacitance and 
inductance connected to the input inside the circuit or device. 


It is normal to use the term ‘input impedance’ even for simple cases where there is only 
resistance and the term ‘input resistance’ could be used instead. In fact it is usually reasonable 
to assume that input impedance Is just resistance providing the input signal has a low frequency 
(less than 1kHz say). 


The effects of capacitance and inductance vary with frequency, so if these are present the input 
impedance will vary with frequency. The effects of capacitance and inductance are generally 
most significant at high frequencies. 


Usually input impedances should be high, at least ten times the output impedance of the 
circuit (or component) supplying a signal to the input. This ensures that the input will not 
‘overload’ the source of the signal and reduce the strength (voltage) of the signal by a 
substantial amount. 


Output Impedance Zour 

The output of any circuit or device is equivalent to per esses esses ese 

output impedance (Zour) in series with a perfect E 

voltage source (Vsource). This is called the 7 

equivalent circuit and it represents the combined | 

effect of all the voltage sources, resistance, | 
| 
l 
l 
| 
| 
l 
I 
| 
l 
I 


Capacitance and inductance connected to the 
output inside the circuit or device. Note that Vsource 
is usually not the same as the supply voltage Vs. 


O OUTPUT 


BEE ff = 


It is normal to use the term ‘output impedance’ even ~ > OV 
for simple cases where there Is only resistance and ' Circuit or device : 

the term "output resistance' could be used instead. — '====< mm mm. =.= 

In fact it is usually reasonable to assume that an 
output impedance is just resistance providing the 
output signal has a low frequency (less than 1kHz 


say). 


The equivalent circuit of any output 


The effects of capacitance and inductance vary with frequency, so if these are present the 
output impedance will vary with frequency. The effects of capacitance and inductance are 
generally most significant at high frequencies. 
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Usually output impedances should be low, less than a tenth of the load impedance 
connected to the output. If an output impedance is too high it will be unable to supply a 
sufficiently strong signal to the load because most of the signal's voltage will be 'lost' inside the 
circuit driving current through the output impedance Zour. The load could be a single component 
or the input impedance of another circuit. 


e Low output impedance, Pere veers eee 


Zout << Zioap hal 
Z OUT 
VSQURCE 
> 


e = 


Most of Vsource appears across the 
load, very little voltage is 'lost' driving 
the output current through the output 
impedance. Usually this is the best 
arrangement. 

e Matched impedances, Zour = Zioap 
Half of Vsource appears across the 
load, the other half is 'lost' driving the 
output current through the output 


SS = á- | | rr 


— = 


. . l "o Circurt r dev ic | | 
impedance. This arrangement is y Liu or | 1 1 OV 
useful in some situations (Such as an The load can be a single component or 
amplifier driving a loudspeaker) the input impedance of another circuit 


because it delivers maximum power 
to the load. Note that an equal amount of power is wasted driving the output current 
through Zour, an efficiency of 50%. 

e High output impedance, Zour >> Zioap 
Only a small portion of appears across the load, most is ‘lost’ driving the output current 
through the output impedance. This arrangement is unsatisfactory. 


The output resistance of a voltage divider 


+VsS 


output Vo VSOURCE 


OV | Voltage Divider______ 3 OV 


Equivalent circuit of a 


Voltage divider voltage divider 
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(about twice the width of the other bands) at 
the front of the color code bands. This wider 
band indicates that the component was built 
to a U.S. military specification and is not used 
to determine the inductance value. 

The value of each color used in the bands IS 
shown in the following table (with units in 


uH): 


Brown | l | 10 | £1 percent | 
[i Sans Ge GE GLa Ges Se a 
| Red 2 | 100° | +2 percent ! 
| Orange 3 | 1,000 | | 
AA AA A esna a heen 
| Yellow | 4 / 10000 | | 
A Gamma A N pa 
| Green 5 | | | 
Po See SS Ss 1 
| Blue 6 | | 
AS: A RARAS 1 icky Se ORL | 
| Violet 7 | | 

Boas cr  _ A _— cre 
| White 9 | | 

IIA a A 
| Gold | 0.1 | -+5 percent 

O NO NET + pee ta eal eek deh a 
| Silver | 0.01 | +10 percent 


AA AA A A 


The first two colored bands are the first and 
second significant digits of the inductance 
value. The third band is the multiplier and the 


fourth band represent the tolerance. For 
example, if an inductor is marked with blue, 
gray, red, and silver bands, Its nominal 


inductance value is 6800 UH (6.8 mH) with a 
tolerance of 610 percent 
Finally, you see inductors that have the value 


-+VS 


© output Vo 


IN LDR or 
| Jother sensor 


é OV 
Voltage divider with 
LDR 


Voltage dividers are widely used in electronics, for example to connect an input transducer such 
as an LDR to a circuit input. 


For successful use the output impedance of the voltage divider should be much smaller than the 
input impedance of the circuit it is connected to. Ideally the output impedance should be less 
than a tenth of the input impedance. 


In the equivalent circuit of a voltage divider the output impedance is just a resistance and the 
term ‘output resistance’ could be used. Rout Is equal to the two resistances (R1 and R2) 
connected in parallel: 


R1 x R2 


Output impedance, Rour = 
p p OUT R1 +R? 


The voltage source Vsource IN the equivalent circuit is the value of the output voltage Vo when 
there is nothing connected to the output (and therefore no output current). It is sometimes called 
the 'open circuit' voltage. 


Vs x R2 


Voltage source, V = 
g SOURCE R1 +R? 


In most voltage dividers one of the resistors will be an input transducer such as an LDR. The 
transducer's resistance varies and this will make both Vsource and Rour vary too. To check that 
Rour Is sufficiently low you should work out its highest value which will occur when the 
transducer has its maximum resistance (this applies wherever the transducer is connected in 
the voltage divider). 


For example: If R1 = 10ké2 and R2 is an LDR with maximum resistance 1MKL, 
Rout = 10k x 1M / (10k + 1M) = 9.9k42 (say 10k£2). This means it should be connected to a load 
or input resistance of at least 100k‘2. 
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555 and 556 Timer Circuits 


Introduction 


The 8-pin 555 timer must be one of the most useful 
chips ever made and it is used in many projects. With 
just a few external components it can be used to 
build many circuits, not all of them involve timing! 


A popular version is the NE555 and this is suitable in 
most cases where a '555 timer' is specified. The 556 
is a dual version of the 555 housed in a 14-pin 
package, the two timers (A and B) share the same 
power supply pins. The circuit diagrams on this page 
show a 555, but they could all be adapted to use one 
half of a 556. 


Example circuit symbol (above) 


Actual pin arrangements (below 
Low power versions of the 555 are made, such as the P 3 | ( ) 


ICM7555, but these should only be used when | I 
specified (to increase battery life) because their 
maximum output current of about 20mA (with a 9V 
Supply) is too low for many standard 555 circuits. The 
ICM7555 has the same pin arrangement as a 
standard 555. 


The circuit symbol for a 555 (and 556) is a box with 

the pins arranged to suit the circuit diagram: for | —] 

example 555 pin 8 at the top for the +Vs supply, 555 discharge A la 

pin 3 output on the right. Usually just the pin numbers , 7 

are used and they are not labeled with their function. — 2 556 
controlA| 3) gual [12] thresheld B 

The 555 and 556 can be used with a supply voltage | i 

(Vs) in the range 4.5 to 15V (18V absolute 

maximum). 


Standard 555 and 556 chips create a significant 
'glitch' on the supply when their output changes state. 
This is rarely a problem in simple circuits with no 
other ICs, but in more complex circuits a smoothing 
capacitor (e.g. 100uF) should be connected across the +Vs and OV supply near the 555 or 556. 


The input and output pin functions are described briefly below and there are fuller explanations 
covering the various circuits: 


Astable - producing a square wave 

Monostable - producing a single pulse when triggered 
Bistable - a simple memory which can be set and reset 
Buffer - an inverting buffer (Schmitt trigger) 
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Inputs of 555 / 556 


Trigger input: when < */3 Vs (active low’) this makes the output high (+Vs). It monitors the 
discharging of the timing capacitor in an astable circuit. It has a high input impedance > 2M12. 


Threshold input: when > “/; Vs (active high’) this makes the output low (OV)*. It monitors the 
charging of the timing capacitor in astable and monostable circuits. It has a high input 
impedance > 10M12. 

* providing the trigger input is > */3 Vs, otherwise the trigger input will override the threshold 
input and hold the output high (+Vs). 


Reset input: when less than about 0.7V (‘active low’) this makes the output low (OV), overriding 
other inputs. When not required it should be connected to +Vs. It has an input impedance of 
about 10k£2. 


Control input: this can be used to adjust the threshold voltage which is set internally to be 
“la Vs. Usually this function is not required and the control input is connected to OV with a 
0.01uF capacitor to eliminate electrical noise. It can be left unconnected if noise is nota 
problem. 


The discharge pin is not an input, but it is listed here for convenience. It is connected to OV 
when the timer output is low and Is used to discharge the timing capacitor in astable and 
monostable circuits. 


Output of 555 / 556 


The output of a standard 555 or 556 can sink and source up to 200mA. This is more than most 
chips and it is sufficient to supply many output transducers directly, including LEDs (with a 
resistor in series), low current lamps, piezo transducers, loudspeakers (with a capacitor in 
series), relay coils (with diode protection) and some motors (with diode protection). The output 
voltage does not quite reach OV and +Vs, especially if a large current is flowing. 
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standard 
diode F 
| Bey 
336 Oufput | relay on when 
output low 


relay on when 
output high 


556 output | 

| dode 
standard | 
cn | 14001 
diode 


To switch larger currents you can connect a transistor. 


The ability to both sink and source current means that two devices can be connected to the 
output so that one is on when the output is low and the other is on when the output is high. The 
top diagram shows two LEDs connected in this way. This arrangement is used in the 

Level Crossing project to make the red LEDs flash alternately. 


Loudspeakers 


A loudspeaker (minimum resistance 6412) may be connected to the output of a 555 or 556 
astable circuit but a capacitor (about 100uF) must be connected in series. The output is 
equivalent to a steady DC of about YVs combined with a square wave AC (audio) signal. The 
capacitor blocks the DC, but allows the AC to pass as explained in capacitor coupling. 


Piezo transducers may be connected directly to the output and do not require a capacitor in 
series. 


Relay coils and other inductive loads 


Like all ICs, the 555 and 556 must be protected from the brief high voltage 'spike' produced 
when an inductive load such as a relay coil is switched off. The standard protection diode must 
be connected 'backwards' across the relay coil as shown in the diagram. 
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However, the 555 and 556 require an extra diode connected in series with the coil to ensure 
that a small 'gliteh' cannot be fed back into the IC. Without this extra diode monostable circuits 
may re-trigger themselves as the coil is switched off! The coil current passes through the extra 
diode so it must be a 1N4001 or similar rectifier diode capable of passing the current, a signal 

diode such as a 1N4148 is usually not suitable. 


555 / 556 Astable 


-+VW5 


time period T 


555 Astable Output, a Square Wave 
_— (Tm and Ts may be different) 


| | | (if required) 
er es a A — OV 


555 Astable Circuit 


An astable circuit produces a 'square wave', this is a digital waveform with sharp transitions 
between low (OV) and high (+Vs). Note that the durations of the low and high states may be 
different. The circuit is called an astable because it is not stable in any state: the output is 
continually changing between ‘low' and ‘high’. 


The time period (T) of the square wave is the time for one complete cycle, but it is usually better 
to consider frequency (f) which is the number of cycles per second. 


1.4 


T = 0.7 x (R1 + 2R2)x C1 and f= ———— 
(R1 + 2R2) x C1 


T =time period in seconds (s) 
f = frequency in hertz (Hz) 
R1 = resistance in ohms (42) 
R2 = resistance in ohms (42) 
C1 = capacitance in farads (F) 


The time period can be split into two parts: T = Tm + Ts 
Mark time (output high): Tm = 0.7 x (R1 + R2) x C1 
Space time (output low): Ts = 0.7 x R2 x C1 


Many circuits require Tm and Ts to be almost equal; this is achieved if R2 is much larger than 
R1. 


For a standard astable circuit Tm cannot be less than Ts, but this is not too restricting because 
the output can both sink and source current. For example an LED can be made to flash briefly 
with long gaps by connecting it (with its resistor) between +Vs and the output. This way the LED 
is on during Ts, so brief flashes are achieved with R1 larger than R2, making Ts short and Tm 
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long. If Tm must be less than Ts a diode can be added to the circuit as explained under 
duty cycle below. 


Choosing R1, R2 and C1 


R1 and R2 should be in the range 1k£2 to 1M£2. 555 astable frequencies 
It is best to choose C1 first because capacitors R2 = 10k0 2 = 100k0 | R2 = IMA 
are avallable in just a few values. — > T 
C1 |R1= 1kí2 | R1=10k2 R1 = 100k 
e Choose C1 to suit the frequency range /0.001uF | 68kHz 6.8kHz 680HZ 
you require (use the table as a guide). | 0.01uF | 6.8kHz 680Hz 68Hz 


e Choose R2 to give the frequency (f) 


you requires. Assume that R1 is much | 9-14F | 680Hz 68Hz 6.8HZ 
smaller than R2 (so that Tm and Ts are 1uF 68HZ 6.8HZ 0.68HZ 
almost equal), then you can use: 
10UF 6 8Hz 0.68HZ 0.068HZ 
(41 per min.) (4 per min.) 
R2 = 0.7 
fx C1 


e Choose R1 to be about a tenth of R2 (1k£2 min.) unless you want the mark time Tm to 
be significantly longer than the space time Ts. 

e If you wish to use a variable resistor it is best to make it R2. 

e If R1 is variable it must have a fixed resistor of at least 1k&2 in series 
(this is not required for R2 if it is variable). 


Astable operation 


output Vs — 
595 pin 2 
OV 
ime pengd. T= Tm + T3 
capacitor 
En 
le, ge : 
EA oy changing discharging cherging 


With the output high (+Vs) the capacitor C1 is charged by current flowing through R1 and R2. 
The threshold and trigger inputs monitor the capacitor voltage and when it reaches “/¿Vs 
(threshold voltage) the output becomes low and the discharge pin is connected to OV. 


The capacitor now discharges with current flowing through R2 into the discharge pin. When the 
voltage falls to */¿Vs (trigger voltage) the output becomes high again and the discharge pin is 
disconnected, allowing the capacitor to start charging again. 


This cycle repeats continuously unless the reset input is connected to OV which forces the 
output low while reset is OV. 


An astable can be used to provide the clock signal for circuits such as counters. 
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A low frequency astable (< 10Hz) can be used to flash an LED on and off, higher frequency 
flashes are too fast to be seen clearly. Driving a loudspeaker or piezo transducer with a low 
frequency of less than 20Hz will produce a series of 'clicks' (one for each low/high transition) 
and this can be used to make a simple metronome. 


An audio frequency astable (20Hz to 20kHz) can be used to produce a sound from a 
loudspeaker or piezo transducer. The sound is suitable for buzzes and beeps. The natural 


(resonant) frequency of most piezo transducers is about 3kHz and this will make them produce 
a particularly loud sound. 


90% duly coyote ¿(Tm = 975] 
50% duty cycle (Tm = TS] 


10% duty cyele (84 Tm = Ts) 
Duty Cycle 


The duty cycle of an astable circuit is the proportion of the complete cycle for which the output is 
high (the mark time). It is usually given as a percentage. 


For a standard 555/556 astable circuit the mark time (Tm) must be greater than the space time 
(Ts), so the duty cycle must be at least 50%: 


Tm R1 + R2 
Duty cycle = ————— = ——_ 
Tm + Ts R1 + 2R2 


To achieve a duty cycle of less than 50% a diode can be added in parallel with R2 as shown 
in the diagram below. This bypasses R2 during the charging (mark) part of the cycle so that Tm 
depends only on R1 and C1: 


+s 


(if required) 
— OV 


555 Astable Circuit with Diode across R2 


Tm = 0.7 x R1 x C1 (ignoring 0.7V across diode) 
Ts =0.7xR2xC1 (unchanged) 
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Duty cycle with diode = — — EL 


Tm + Ts R1 + R2 


555 / 556 Monostable 


| time period, T | 


555 Monostable Output, a single pulse 


trigger a E = as — i | reset | 


555 Monostable Circuit with manual trigger 


A monostable circuit produces a single output pulse when triggered. It is called a monostable 
because It is stable in just one state: ‘output low’. The ‘output high' state is temporary. 


The duration of the pulse is called the time period (T) and this is determined by resistor R1 and 
capacitor C1: 


time period, T = 1.1 x R1 x C1 


T = time period in seconds (s) 

R1 = resistance in ohms (42) 

C1 = capacitance in farads (F) 

The maximum reliable time period is about 10 minutes. 


Why 1.1? The capacitor charges to /¿ = 67% so it is a bit longer than the time constant 
(R1 x C1) which is the time taken to charge to 63%. 


e Choose C1 first (there are relatively few values available). 

e Choose R1 to give the time period you need. R1 should be in the range 1ké2 to 1M£2, so 
use a fixed resistor of at least 1kt£1 in series if R1 is variable. 

e Beware that electrolytic capacitor values are not accurate, errors of at least 20% are 
common. 

e Beware that electrolytic capacitors leak charge which substantially increases the time 
period if you are using a high value resistor - use the formula as only a very rough guide! 
For example the Timer Project should have a maximum time period of 266s (about 4% 
minutes), but many electrolytic capacitors extend this to about 10 minutes! 
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Monostable Operation 


lrigger Vs atar vga 


555. pin 2 pulses granada 
e during time period 
OY 3 
wre 
trigger makes output Migh 
output Vs | 
S55 pin 3 
j O PL + pi. T a Mames period, T 
OV 
capa — capacitor starts charging 
3W8 
OV: 


The timing period is triggered (started) when the trigger input (555 pin 2) is less than */3 Vs, this 
makes the output high (+Vs) and the capacitor C1 starts to charge through resistor R1. Once 
the time period has started further trigger pulses are ignored. 


The threshold input (555 pin 6) monitors the voltage across C1 and when this reaches */3 Vs 
the time period is over and the output becomes low. At the same time discharge (555 pin 7) Is 
connected to OV, discharging the capacitor ready for the next trigger. 


The reset input (555 pin 4) overrides all other inputs and the timing may be cancelled at any 
time by connecting reset to OV, this instantly makes the output low and discharges the 
capacitor. If the reset function is not required the reset pin should be connected to +Vs. 


Power-On Reset or Trigger 


Ys 
about 


to reset 
or trigger 


0.01 UF 


or 0.1 uF 
a w 


Power-On Reset or 
Trigger Circuit 


It may be useful to ensure that a monostable circuit is reset or triggered automatically when the 
power supply is connected or switched on. This is achieved by using a capacitor instead of (or 
in addition to) a push switch as shown in the diagram. 


The capacitor takes a short time to charge, briefly holding the input close to OV when the circuit 


is switched on. A switch may be connected in parallel with the capacitor if manual operation is 
also required. 
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Edge-Triggering 


to trigger 


555 pin 2 
ope PE 


or 0,1 pF 
OV 


Edge-Triggering Circuit 


If the trigger input is still less than */, Vs at the end of the time period the output will remain high 
until the trigger is greater than */3 Vs. This situation can occur if the input signal is from an on-off 
switch or sensor. 


The monostable can be made edge triggered, responding only to changes of an input signal, 
by connecting the trigger signal through a capacitor to the trigger input. The capacitor passes 
sudden changes (AC) but blocks a constant (DC) signal. For further information please see the 
page on capacitance. The circuit is ‘negative edge triggered’ because it responds to a sudden 
fall in the input signal. 


The resistor between the trigger (555 pin 2) and +Vs ensures that the trigger is normally high 
(+Vs). 


555 / 556 Bistable (flip-flop) - a Memory Circuit 


The circuit is called a bistable because it is 
stable in two states: output high and output 
low. It is also known as a ‘flip-flop’. 


a¥s 
pin $ control and 
pm? discharge 
are not used 
It has two inputs: 


e Trigger (555 pin 2) makes the 
output high. 
Trigger is ‘active low", it functions I 


when < 7/3 Vs. wigger | 
e Reset (555 pin 4) makes the output 

low. 

Reset is 'active low’, it resets when ) Si 

<0.7V. 555 Bistable Circuit 


The power-on reset, power-on trigger and edge-triggering circuits can all be used as described 
above for the monostable. 
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simply printed on them. This generally occurs 
on higher-value inductors, which are also 
physically larger. 

Your best bet is to save the label on the 
packaging that the inductor comes in until you 
can check out the markings on the 
component. 


The Colpitts Oscillator 


20 Figure 9.15 shows a Colpitts oscillator 
circuit, the simplest of the LC oscillators to 
build. 


Figure 9.15 
9¥V 
Re 
R < S 10kQ 
82 kf) < 
= a C 7 
0,85 Y ( 
( | uF 
Feedback 9.1 pF 3 0.5 mH 
| | (20 Q 
Cp = connection i DC) 
| uF | > RE 0.2 uE - 
> 5100 
The feedback signal is taken from the 


capacitive voltage divider and fed to the 


555 / 556 Inverting Buffer (Schmitt trigger) or NOT gate 


The buffer circuit's input has a very high impedance 
(about 1M{2) so it requires only a few uA, but the output 
can sink or source up to 200mA. This enables a high 
impedance signal source (such as an LDR) to switch a 
low impedance output transducer (such as a lamp). 


Es 


It is an inverting buffer or NOT gate because the 
output logic state (low/high) is the inverse of the input 
state: 


pin 5 control and 
pin 7 discharge 

are not used 
. ov 


e Input low (< */¿ Vs) makes output high, +Vs 
e Input high (> 7/3 Vs) makes output low, OV 


When the input voltage is between */z and “/¿ Vs the 555 inverting buffer circuit 
output remains in its present state. This intermediate (NOT gate) 

input region is a deadspace where there is no 
response, a property called hysteresis, it is like 
backlash in a mechanical linkage. This type of circuit is 
called a Schmitt trigger. 


If high sensitivity is required the hysteresis is a problem, 
but in many circuits it is a helpful property. It gives the 
input a high immunity to noise because once the circuit 
output has switched high or low the input must change back by at least */¿ Vs to make the 
output switch back. 


NOT gate symbol 


Counting Circuits 


Binary Numbers 


Electronic circuits count in binary. This is the simplest possible counting system Logic states 
because it uses just two digits, O and 1, exactly like logic signals where O 


represents false and 1 represents true. The terms low and high are also used True False 
for O and 1 respectively as shown in the table. 1 0 
Counting one, two, three, four, five in binary: 1, 10, 11, 100, 101. High | Low 
+Vs OV 
Binary numbers rapidly become very long as the count increases and this On Off 


makes them difficult for us to read at a glance. Fortunately it is rarely necessary 
to read more than 4 binary digits at a time in counting circuits. 


In a binary number each digit represents a multiple of two (1, 2, 4, 8, 16 etc), in the same way 
that each digit in decimal represents a multiple of ten (1, 10, 100, 1000 etc). 
For example 10110110 in binary equals 182 in decimal: 


Digit value: 128 64 32 16 8 4 2 1 
Binary number: 1 0 1 1 0 14 1 0 
Decimal value: 128+ 0 +32+16+0O0+4+2 + O =182 
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Bits, Bytes and Nibbles 
Each binary digit is called a bit, so 10110110 is an 8-bit number. 


A block of 8 bits is called a byte and it can hold a maximum number of 11111111 = 255 in 
decimal. Computers and PIC microcontrollers work with blocks of 8 bits. Two (or more) bytes 
make a word, for example PICs work with a 16-bit word (two bytes) which can hold a maximum 
number of 65535. 


A block of 4 bits is called a nibble (half a byte!) and it can hold a maximum number of 1111 = 
15 in decimal. Many counting circuits work with blocks of 4 bits because this number of bits is 
required to count up to 9 in decimal. (The maximum number with 3 bits is only 7). 


Hexadecimal (base 16) 

Hexadecimal (often just called 'hex') is base 16 counting with 16 digits. It starts with the decimal 
digits 0-9, then continues with letters A (10), B (11), C (12), D (13), E (14) and F (15). Each 
hexadecimal digit is equivalent to 4 binary digits, making conversion between the two systems 
relatively easy. You may find hexadecimal used with PICs and computer systems but it is not 
generally used in simple counting circuits. 


Example: 10110110 binary = B6 hexadecimal = 182 decimal. 


4-bit Numbers 


The table on the right shows the 4-bit numbers and their decimal Binary Hex 

values. DCBA Decal ose 16 

. . . 0000 0 0 

The labels A, B, C, D are widely used in electronics to represent the |0001 1 1 

four bits: 0010 2 2 

0011 3 3 

e A=1, the east significant bit' (LSB) 0100 4 4 

e B=2 0101 5 5 

e C=4 0110 6 6 

e D=8, the 'most significant bit" (MSB) 0111 7 7 

1000 8 8 

Binary Coded Decimal, BCD 1001 9 9 

1010 10 A 

Binary Coded Decimal, BCD, is a special version of 4-bit binary 1011 11 B 

where the count resets to zero (0000) after the ninth count (1001). It 1100 12 C 

is used by decade counters and is easily converted to display the 1101 13 D 

decimal digits 0-9 on a 7-segment display. 1110 14 E 

1111 15 F 


Several decade counters using BCD can be linked together to 
separately count the decimal ones, tens, hundreds, and so on. This is much easier than 
attempting to convert large binary numbers (such as 10110110) to display their decimal value. 


Do not confuse BCD which stands for Binary Coded Decimal with the labels A, B, C, D used to 


represent the four binary digits; it is an unfortunate coincidence that the letters BCD occur in 
both! 
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Counters 


All counters require a 'square wave' clock signal to 
make them count. This is a digital waveform with 
sharp transitions between low (0V) and high (+Vs), 
such as the output from a 555 astable circuit. 


lime period T 


Most switches bounce when the contacts close A square wave clock signal 
giving a rapid series of pulses. Connecting a switch | 

directly to a clock input will usually give several E 

counts when the switch is operated once! One way _— 

to 'debounce' the switch is to make it trigger a The bouncing output from a switch 
555 monostable circuit with a short time period 


(such as 0.1s) and use the monostable output to 5 clock 
drive the clock input. | counter | _ Input 
lan ac QB oa PRE 

The animated block diagram shows a clock signal (81 4) (2) (1) | | 
driving a 4-bit (0-15) counter with LEDs connected L 
to show the state of the clock and counter outputs | 
QA-QD (0 indicates an output). a 

T ov 


The LED on the first output QA flashes at half the 
frequency of the clock LED. In fact the frequency of 
each stage of the counter is half the frequency of 
the previous stage. You can see this pattern too in 
the table above showing the 4-bit numbers. 


A 4-bit counter and clock input. 
In this example counting advances on 
the falling-edge of the clock signal 
LED on=1 LED off =0 


Notice how output QA changes state every time the clock input changes from high to low (that is 
when the clock LED turns off), this is called the falling-edge. If you watch the counting closely 
you can see that QB changes on the falling-edge of QA, QC on the falling-edge of QB and so 
on. 


You may be surprised to see the diagram drawn with the input on the right and signals flowing 
from right to left, the opposite way to the usual convention in electronics! Drawing counter 
circuits like this means that the outputs are in the correct binary order for us to read easily and | 
think this is more helpful than rigidly sticking to the usual 'left to right' convention. 


Ripple and Synchronous Counters 


There are two main types of counter: ripple and 
synchronous. In simple circuits their behavior 
appears almost identical, but their internal 
structure is very different. 


A ripple counter contains a chain of flip-flops 
with the output of each one feeding the input of the 
next. A flip-flop output changes state every time 
the input changes from high to low (on the falling- 
edge). This simple arrangement works well, but 
there is a slight delay as the effect of the clock 
'ripples' through the chain of flip-flops. 


The operation of a flip-flop. 
Notice how the output frequency 
is half the input frequency 


In most circuits the ripple delay is not a problem because it is far too short to be seen on a 
display. However, a logic system connected to ripple counter outputs will briefly see false counts 
which may produce 'glitches' in the logic system and may disrupt its operation. For example a 
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ripple counter changing from 0111 (7) to 1000 (8) will very briefly show 0110, 0100 and 0000 
before 1000! 


A synchronous counter has a more complex internal structure to ensure that all its outputs 
change precisely together on each clock pulse, avoiding the brief false counts which occur with 
ripple counters. 


Rising-edge and Falling-edge clock inputs 


Rising-edge Falling-edge 


gount cocurs here dount gsus here 


Counting occurs when the clock input changes state. 


e Most synchronous counters count on the rising-edge which is the low to high 
transition of the clock signal. 

e Most ripple counters count on the falling-edge which is the high to low transition of the 
clock signal. 


It may seem odd that ripple counters use the falling-edge, but in fact this makes it easy to link 
counters because the most significant bit (MSB) of one counter can drive the clock input of the 
next. This works because the next bit must change state when the previous bit changes from 
high to low - the point at which a carry must occur to the next bit. Synchronous counters usually 
have carry out and carry in pins for linking counters without introducing any ripple delays. 


Resetting a Counter 


reset on 8 (1000) reset on 6 (0710) 


p ¡reset clock 


QD QC QB QA 
(8) (4) (2) (1) 


reset clock 


QD QC QB QA 
(8) (4) 2) (1) 


active-low reset on 6 (0110) 


p: reset 


QD QC OB QA | 
(8) (2) (1) | 


Counters can be reset to zero before their maximum count by connecting one (or more) of their 
outputs to their reset input, using an AND gate to combine outputs if necessary. 
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If the reset input is 'active-low' a NOT or NAND gate will be required to produce a low output 
at the desired count. If you see a line drawn above reset it means it is active low, for example: 
reset (say 'reset-bar'). 


The reset function normally occurs immediately and you should reset on the next count 
above the maximum you require. For example to count 0-5 (0000-0101) you should reset on 6 
(O110). 


Some synchronous counters have a synchronous reset which occurs on the next clock pulse 
rather than immediately. This is important because you must reset on the maximum count you 
require. For example to count 0-5 (0000-0101), reset on 5 (0101). 


Presetting 


Some counters can be preset by presenting a number to their inputs A-D and activating a preset 
input to load the number into the counter. By making inputs A-D all low you can also use this to 
reset the counter to zero. 


Frequency division 


Counters can be used to reduce the frequency of an input (clock) signal. Each stage of a 
counter halves the frequency, so for a 4-bit (0-15) counter QA is */2, QB is */4, QC is a and QD 
is */14 of the clock frequency. Division by numbers that are not powers of 2 is possible by 
resetting counters. 


Frequency division is one of the main purposes of counters with more than 4 bits and their 
outputs are usually labeled Q1, Q2 and so on. Qn is the nth stage of the counter, representing 
2”. For example Q4 is 2* = 16 (ths of clock frequency) and Q12 is 2* = 4096 (1096 of clock 
frequency). 


Decoders 


LED on when Q er Q9 {ze 
for both} are tow (0v) 2 

Ql | 
Ke pulputs 


HA 
LED on when 04 or 03 
for both are high {+Ws} 


wi 


oy 


The most popular type Is a 1-of-10 decoder which contains a network of logic gates to make 
one of its ten outputs Q0-9 become high (or low) in response to the BCD (binary coded 
decimal) inputs A-D. For example an input of binary 0101 (=5) will activate output Q5. 
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Decoders can be used for a simple counting display and for switching LEDs in sequences. The 
outputs must never be directly connected together, but diodes can be used to combine them as 
shown in the diagram. 


For example using diodes to combine the 2nd (Q1) and 4th (Q3) outputs will make an LED flash 
twice followed by a longer gap. The top diagram shows this for a decoder where the outputs 
become low when activated (such as the 7442), and the bottom diagram for a decoder where 
the outputs become high when activated (such as the 4028). 


7-Segment Display Drivers 


The inputs A-D of a display driver are connected to the BCD 
(binary coded decimal) outputs QA-D from a decade counter. A 
network of logic gates inside the display driver makes its 
outputs a-g become high or low as appropriate to light the 
required segments a-g of a 7-segment display. A resistor is 
required in series with each segment to protect the LEDs, 33042 
is a Suitable value for many displays with a 4.5V to 6V supply. 
Beware that these resistors are sometimes omitted from circuit 
diagrams! 


counter clock 


QD QC QB QA 
(8) (4) (2) (1) 


display driver 
abcdefg 


There are two types of 7-segment displays: 


e Common Anode (CA or SA) with all the LED anodes 
connected together. These need a display driver with 
outputs which become low to light each segment, for 
example the 7447. Connect the common anode to +Vs. 

e Common Cathode (CC or SC) with all the cathodes 
connected together. These need a display driver with 
outputs which become high to light each segment, for Decade counter with display 
example the 4511. Connect the common cathode to ov. “river and 7-segment display 


The common anode/cathode is often available on 2 pins. Displays also have a decimal point 
(DP) but this is not controlled by the display driver. The segments of larger displays have two 
LEDs in series. For display connections please see your supplier's catalogue or manufacturer's 
datasheet. 


Multiplexing 


If there are many 7-segment display digits multiplexing is usually used. This is a system of 
switching so that of all the decade counters share a single display driver which is connected to 
all of the displays. The output of each counter is connected in turn to the inputs of the display 
driver and at the same time the common anode/cathode of the corresponding 7-segment 
display is connected so that only one display lights at a time. The switching is done very rapidly 
(typically 400 - LOOOHZ) and the segment current is larger than normal so the display appears 
continuous and of normal brightness. Multiplexing requires ICs to do the switching, but the 
complete circuit has fewer ICs than having one display driver for each display. 
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Linking Counters 


Counters may be linked together in a chain to count larger numbers. It may seem tempting to 
use a 12-bit or 14-bit counter, but it is not practical to convert their large binary numbers to 
decimal. You should use a chain of decade (0-9) counters which use BCD (binary coded 
decimal) to make the conversion to decimal very easy: the first counts the units, the second 
counts the tens, the third the hundreds and so on. 


Some dual counter ICs are available with two separate counters on the same IC, the two 
counters must be linked externally if required (there is no internal link). 


The way that counters are linked depends on the nature of the counter. The diagrams below 
show the general arrangements for standard ripple and synchronous counters but it is important 
to read the detailed information for particular counters, consulting a datasheet if necessary. 


Linking Ripple Counters 


The diagram below shows how to link standard ripple counters. Notice how the highest output 
QD of each counter drives the clock (CK) input of the next counter. This works because ripple 
counters have clock inputs that are 'active-low' which means that the count advances as the 
clock input becomes low, on the falling-edge. 


Remember that with all ripple counters there will be a slight delay before the later outputs 
respond to the clock signal, especially with a long counter chain. This is not a problem in simple 
circuits driving displays, but it may cause glitches in logic systems connected to the counter 
outputs. 


set ripple FL rece? ripple J. | e clock 
counter GK counter CK : ~ 
QD OC OB QA QO OC OB GA 


Linking Synchronous Counters 


The diagram below shows how to link standard synchronous counters. Notice how all the 
clock (CK) inputs are linked, and carry out (CO) is used to feed the carry in (CI) of the next 
counter. This ensures that the entire counter chain is synchronous, with every output changing 
at the same time. Carry in (CI) of the first counter should be made low or high to suit the 
particular counter IC being used. 


synchranous — 
counter CRE 


00 Of 08 QA 
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Quantities and Units in Electronics 


Quantities 
The table shows electrical quantities which are used in | Quantity Usual Unit Unit 
electronics. Symbol Symbol 
Voltage V volt V 
The relationship between quantities can be written Current ' amp* A 
using words or symbols (letters), but symbols are 
normally used because they are much shorter; for Charge Q coulomb; C 
example V is used for voltage, | for current and R for Resistance R ohm O 
ES Banos Capacitance; C farad F 
As a word equation: Inductance L henry H 
Reactance X ohm O 
voltage = current x resistance Impedance Z ohm O 
The same equation using symbols: V=IxR ata i 2 £ 
Energy E joule J 
To prevent confusion we normally use the same Time t second S 
symbol (letter) for each quantity and these symbols Frequency f o Hz 


are shown in the second column of the table. 


* strictly the unit is ampere, but this is 
almost always shortened to amp. 


Units 
. . | Prefix 
The first table shows the unit (and unit symbol) Prefix Value 
a , Symbol 
which is used to measure each quantity. For — > 
example: Charge is measured in coulombs and the | mill m |107 |= 0.001 
symbol for a coulomb is C. micro u 10% |= 0.000 001 
-9 |_ 
Some of the units have a convenient size for Les d SM a AE 
electronics, but most are either too large or too pico p ¡10 = 0.000 000 000 001 
small to be used directly so they are used with the kilo k 10% = 1000 
prefixes shown in the second table. The prefixes 6 TU 
make the unit larger or smaller by the value shown. E a | A 
giga | G  /10” =1000 000 000 
Some examples: tera T 110% = 1000 000 000 000 


25 mA = 25 x 10° A= 25 x 0.001 A= 0.025 A 


47uF = 47 x 10° F = 47 x 0.000 001 F = 0.000 047 F 


270k£1 = 270 x 10° Q= 270 x 1000 £2= 270 000 Ü 


Why not change the units to be better sizes? 


It might seem a good idea to make the farad (F) much smaller to avoid having to use uF, nF and 
pF, but if we did this most of the equations in electronics would have to have factors of 1000000 
or more included as well as the quantities. Overall it is much better to have the units with their 
present sizes which are defined logically from the equations. 
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In fact if you use an equation frequently you can use special sets of prefixed units which are 
more convenient... 


For example: Ohm's Law, V=1x R 

the standard units are volt (V), amp (A) and ohm (42), 

but you could use volt (V), milliamp (mA) and kilo-ohm (k£2) if you prefer. 
Take care though; you must never mix sets of units: using V, A and kí? in Ohm's Law would 
give you wrong values. 


Capacitors 


Function 


Capacitors store electric charge. They are used with resistors in timing circuits because it takes 
time for a capacitor to fill with charge. They are used to smooth varying DC supplies by acting 
as a reservoir of charge. They are also used in filter circuits because capacitors easily pass AC 
(changing) signals but they block DC (constant) signals. 


Capacitance 
This is a measure of a capacitor's ability to store charge. A large capacitance means that more 
charge can be stored. Capacitance is measured in farads, symbol F. However 1F is very large, 
so prefixes are used to show the smaller values. 
Three prefixes (multipliers) are used, u (micro), n (nano) and p (pico): 

e u means 10° (millionth), so 1000000uF = 1F 

e n means 10° (thousand-millionth), so 1000nF = 1uF 

e pmeans 10” (million-millionth), so 1000pF = 1nF 


Capacitor values can be very difficult to find because there are many types of capacitor with 
different labeling systems! 


There are many types of capacitor but they can be split into two groups, polarized and 
unpolarized. Each group has its own circuit symbol. 


Polarized Capacitors (large values, 1uF +) 


$e o — 


Examples: Circuit symbol: 
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Electrolytic Capacitors 


Electrolytic capacitors are polarized and they must be connected the correct way round, at 
least one of their leads will be marked + or -. They are not damaged by heat when soldering. 


There are two designs of electrolytic capacitors; axial where the leads are attached to each end 
(220uF in picture) and radial where both leads are at the same end (10uF in picture). Radial 
capacitors tend to be a little smaller and they stand upright on the circuit board. 


It is easy to find the value of electrolytic capacitors because they are clearly printed with their 
capacitance and voltage rating. The voltage rating can be quite low (6V for example) and it 
should always be checked when selecting an electrolytic capacitor. It the project parts list does 
not specify a voltage; choose a capacitor with a rating which Is greater than the project's power 
supply voltage. 25V is a sensible minimum for most battery circuits. 


Tantalum Bead Capacitors 


Tantalum bead capacitors are polarized and have low voltage ratings like electrolytic capacitors. 
They are expensive but very small, so they are used where a large capacitance is needed ina 
small size. 


Modern tantalum bead capacitors are printed with their capacitance, voltage and polarity in full. 
However older ones use a color-code system which has two stripes (for the two digits) and a 
spot of color for the number of zeros to give the value in uF. The standard color code Is used, 
but for the spot, grey is used to mean x 0.01 and white means x 0.1 so that values of less than 
10uF can be shown. A third color stripe near the leads shows the voltage (yellow 6.3V, black 
10V, green 16V, blue 20V, grey 25V, white 30V, pink 35V). The positive (+) lead is to the right 
when the spot is facing you: 'when the spot is in sight, the positive is to the right. 


For example: blue, grey, black spot means 68uF 
For example: blue, grey, white spot means 6.8uF 
For example: blue, grey, grey spot means 0.68uF 


Unpolarized Capacitors (small values, up to 1pF) 


Examples: Circuit symbol: 


Small value capacitors are unpolarized and may be connected either way round. They are not 
damaged by heat when soldering, except for one unusual type (polystyrene). They have high 

voltage ratings of at least 50V, usually 250V or so. It can be difficult to find the values of these 
small capacitors because there are many types of them and several different labeling systems! 
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emitter. This connection provides a feedback 
signal to the emitter in the phase required to 
provide positive feedback. 

In this circuit, the reactance of capacitor CB 
is low enough for the AC signal to pass 
through it, rather than passing through R 2 


Capacitor C B should have a reactance, X CB , 
of less than 160 ohms at the oscillation 
frequency. If R 2 happens to be smaller than 


1.6 kQ, choose a value of X CB that is less 
than one-tenth of R2. 

Question 

For the circuit shown in Figure 9.15 , what is 
your first estimate for C B ? Assume that fr 
is equal to 1 kHz, and that X c equals 160 


Answer 

l 
XCR = 160ohms = — 3 
Therefore, CB = 1 uF; larger values of C B 


also work. 
21 Use the _ Colpitts oscillator component 


values shown in Figure 9.15 to answer the 
following questions. 

Questions 

A. What is the effective total capacitance of 


the two series capacitors in the tuned circuit? 
Cl = 
B. What is the oscillator frequency? 


fr = 


C. What is the impedance of the tuned circuit 


Many small value capacitors have their value printed but without a multiplier, so you need to use 
experience to work out what the multiplier should be! 


For example 0.1 means 0.1uF = 100nF. 


Sometimes the multiplier is used in place of the decimal point: 
For example: 4n7 means 4.7nF. 


Capacitor Number Code 


A number code is often used on small capacitors where printing is difficult: 


the 1st number is the 1st digit, 

the 2nd number is the 2nd digit, 

the 3rd number is the number of zeros to give the capacitance in pF. 
Ignore any letters - they just indicate tolerance and voltage rating. 


For example: 102 means 1000pF = 1nF (not 102pF) 
For example: 472J means 4700pF = 4.7nF (J means 5% tolerance). 


Capacitor Color Code Color Code 
A color code was used on polyester capacitors for many years. It Color ¡[Number 
is now obsolete, but of course there are many still around. The Black 0 

colors should be read like the resistor code, the top three color 
bands giving the value in pF. Ignore the 4th band (tolerance) and EOW 
5th band (voltage rating). 


For example: 


E 
9) 
- 


brown, black, orange means 10000pF = 10nF = 0.01pF. White 
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Note that there are no gaps between the colors bands, so 2 identical bands actually appear as a 
wide band. 


For example: 


wide red, yellow means 220nF = 0.22uF. 


Polystyrene Capacitors 
4700 


This type is rarely used now. Their value (in pF) is normally printed without units. Polystyrene 
Capacitors can be damaged by heat when soldering (it melts the polystyrene!) so you should 
use a heat sink (Such as a crocodile clip). Clip the heat sink to the lead between the capacitor 
and the joint. 


Real capacitor values (the E3 and E6 series) 


You may have noticed that capacitors are not available with every possible value, for example 
22uF and 47uF are readily available, but 25uF and 50uF are not! 


Why is this? Imagine that you decided to make capacitors every 10uF giving 10, 20, 30, 40, 50 
and so on. That seems fine, but what happens when you reach 1000? It would be pointless to 
make 1000, 1010, 1020, 1030 and so on because for these values 10 is a very small difference, 
too small to be noticeable in most circuits and capacitors cannot be made with that accuracy. 


To produce a sensible range of capacitor values you need to increase the size of the 'step' as 
the value increases. The standard capacitor values are based on this idea and they form a 
series which follows the same pattern for every multiple of ten. 


The E3 series (3 values for each multiple of ten) 
10, 22, 47, ... then It continues 100, 220, 470, 1000, 2200, 4700, 10000 etc. 
Notice how the step size increases as the value increases (values roughly double each time). 


The E6 series (6 values for each multiple of ten) 
10, 15, 22, 33, 47, 68, ... then it continues 100, 150, 220, 330, 470, 680, 1000 etc. 
Notice how this is the E3 series with an extra value in the gaps. 


The E3 series Is the one most frequently used for capacitors because many types cannot be 
made with very accurate values. 
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Variable capacitors 


Variable capacitors are mostly used in radio tuning circuits and 
they are sometimes called ‘tuning capacitors’. They have very 

small capacitance values, typically between 100pF and 500pF 
(LOOpF = 0.0001uP). The type illustrated usually has trimmers 
built in (for making small adjustments - see below) as well as the Variable Cap 
main variable capacitor. | 


acitor Symbol 


te 


Many variable capacitors have very short spindles which are not 
suitable for the standard knobs used for variable resistors and 
rotary switches. It would be wise to check that a suitable knob is 
available before ordering a variable capacitor. 

Variable capacitors are not normally used in timing circuits venient apactor 
because their capacitance is too small to be practical and the range of values available is very 
limited. Instead timing circuits use a fixed capacitor and a variable resistor if it is necessary to 
vary the time period. 


Trimmer Capacitors 


Trimmer capacitors (trimmers) are miniature variable capacitors. 
They are designed to be mounted directly onto the circuit board 
and adjusted only when the circuit is built. 

A small screwdriver or similar tool is required to adjust trimmers. Trimmer Capacitor Symbol 
The process of adjusting them requires patience because the 
presence of your hand and the tool will slightly change the 
Capacitance of the circuit in the region of the trimmer! 


Trimmer capacitors are only available with very small 
Capacitances, normally less than 100pF. It is impossible to reduce 
their capacitance to zero, so they are usually specified by their 
minimum and maximum values, for example 2-10pF. 


Trimmer Capacitor 


Trimmers are the capacitor equivalent of presets which are miniature variable resistors. 
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Connectors and Cables 


Battery clips and holders 


The standard battery clip fits a 9V PP3 battery and many 
battery holders such as the 6 x AA cell holder shown. Battery 
holders are also available with wires attached, with pins for 
PCB mounting, or as a complete box with lid, switch and 
wires. 


Many small electronic projects use a 9V PP3 battery but if 
you wish to use the project for long periods a better choice is 
a battery holder with 6 AA cells. This has the same voltage 
but a much longer battery life and it will work out cheaper in 
the long run. 


Larger battery clips fit 9V PP9 batteries but these are rarely used now. 


Terminal blocks and PCB terminals 


Terminal blocks are usually supplied in 12-way 
lengths but they can be cut into smaller blocks with sop * a 

a sharp knife, large wire cutters or a junior MS SO 
hacksaw. They are sometimes called 'chocolate Es ld 
blocks' because of the way they can be easily cut to | 
size. 


PCB 
PCB mounting terminal blocks provide an easy way terminal Terminal Block 


of making semi-permanent connections to PCBs. block 


Many are designed to interlock to provide more 
connections. 


Crocodile clips 


The ‘standard’ crocodile clip has no cover and a screw 
contact. However, miniature insulated crocodile clips are 
more suitable for many purposes including test leads. 
They have a solder contact and lugs which fold down to 
grip the cable's insulation, increasing the strength of the 
joint. Remember to feed the cable through the plastic Crocodile Clips 
cover before soldering! Add and remove the cover by fully 

Opening the clip, a piece of wood can be used to hold the jaws open. 
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4mm Plugs, Sockets and Terminals 


These are the standard single pole connectors used on 
meters and other electronic equipment. They are 
capable of passing high currents (typically 10A) and 
most designs are very robust. Shrouded plugs and 
sockets are avallable for use with high voltages where 
there is a risk of electric shock. A wide variety of colors 
Is avallable from most suppliers. 


Plugs 

Plugs may have a screw or solder terminal to hold the 
cable. Check if you need to thread the cable through 
the cover before connecting it. Some plugs, such as 
those illustrated, are 'stackable' which means that they 
include a socket to accept another plug, allowing 
several plugs to be connected to the same point - a 
very useful feature for test leads. 


A solder 
Sockets ¿a Faston 
These are usually described as ‘panel mounting’ 
because they are designed to be fitted to a case. Most 
sockets have a solder contact but the picture shows 
other options. Fit the socket in the case before 


attaching the wire otherwise you will be unable to add 4mm terminal 
the mounting nut. and solder tag 


Terminals 

In addition to a socket these have provision for 
attaching a wire by threading it through a hole (or 
wrapping it around the post) and tightening the top nut by hand. They usually have a threaded 
stud to fit a solder tag inside the case. 


2mm Plugs and Sockets 


These are smaller versions of the 4mm plugs and sockets 
described above, but terminals are not readily available. 
The plugs illustrated are stackable. Despite their small size 
these connectors can pass large currents and some are 
rated at 10A. 


DC Power Plugs and Sockets 


These 2-pole plugs and sockets ensure that the polarity of 
a DC supply cannot be accidentally reversed. The 
standard sizes are 2.1 and 2.5mm plug diameter. Standard 
plugs have a 10mm shaft, ‘long’ plugs have a 14mm shaft. 
Sockets are available for PCB or chassis mounting and 
most include a switch on the outer contact which is 
normally used to disconnect an internal battery when a plug is inserted. 
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Miniature versions with a 1.3mm diameter plug are used where small size is essential, such as 
for personal cassette players. 


Jack Plugs and Sockets 


These are intended for audio signals so 
mono and stereo versions are avallable. 
The sizes are determined by the plug 
diameter: 14" (6.3mm), 3.5mm and 2.5mm. 
The 2.5mm size is only available for mono. 


Screened plugs have metal bodies 
connected to the COM contact. Most 
connections are soldered, remember to 
thread cables through plug covers before 
soldering! Sockets are designed for PCB 
or chassis mounting. 


Ya" plug connections are similar to those 
for 3.5mm plugs shown below. 1⁄4" socket 
connections are COM, R and L in that 
order from the mounting nut, ignore R for 
mono use. Most 1⁄4" sockets have switches 
on all contacts which open as the plug is 
inserted so they can be used to isolate 
internal speakers for example. 


3.5mm jack plug and socket 


The connections for 3.5mm plugs and 3.5mm jack line socket 

sockets are shown below. Plugs have a (for fitting to a cable) 

lug which should be folded down to grip 

the cable's insulation and increase the strength of the joint. 3.5mm mono sockets have a switch 
contact which can be used to switch off an internal speaker as the plug Is inserted. Ignore this 
contact if you do not require the switching action. 


Fold down 
L R COM R to grip cable 
| | Il L R on stereo or 


COM athe he on | | 
COM switch on mono 


3.5mm jack plug and socket connections 
(the R connection is not present on mono plugs) 


L = left channel signal 
R = right channel signal 
COM = common (OV, screen) 


Do not use jack plugs for power supply connections because the contacts may be briefly 
shorted as the plug is inserted. Use DC power connectors for this. 
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Phono Plugs and Sockets 


These are used for screened cables carrying audio 
and video signals. Stereo connections are made 
using a pair of phono plugs and sockets. The 
centre contact is for the signal and the outer 
contact for the screen (0V, common). Screened 
plugs have metal bodies connected to the outer 
contact to give the signal additional protection from 
electrical noise. Sockets are available for PCB or 
chassis mounting, singly for mono, or in pairs for 
stereo. Line sockets are available for making 
extension leads. 


screen 


sheath vi 
insulatio y 


Construction of a screened cable 


signal 


Coax Plugs and Sockets 


These are similar to the phono plugs and sockets described above 
but they are designed for use with screened cables carrying much 
higher frequency signals, such as TV aerial leads. They provide 
better screening because at high frequencies this is essential to 
reduce electrical noise. 


BNC Plugs and Sockets 


These are designed for screened cables carrying 
high frequency signals where an undistorted and 
noise free signal is essential, for example 
oscilloscope leads. BNC plugs are connected with a 
push and twist action, to disconnect you need to 
twist and pull. 


Plugs and sockets are rated by their impedance 
(5042 or 7542) which must be the same as the cable's 
impedance. If the connector and cable impedances 
are not matched the signal will be distorted because 
it will be partly reflected at the connection, this is the electrical equivalent of the weak reflection 
which occurs when light passes through a glass window. 
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DIN Plugs and Sockets 


These are intended for audio signals but they can be used for other 
low-current purposes where a multi-way connector is required. They 
are available from 3 way to 8 way. 5 way is used for stereo audio 
connections. The contacts are numbered on the connector, but they 
are not in numerical order! For audio use the 'common' (OV) wire is 
connected to contact 2. 5 way plugs and sockets are available in 
two versions: 180° and 270° (the angle refers to the arc formed by 
the contacts). 


Plastic covers of DIN plugs (and line sockets) are removed by 
depressing the retaining lug with a small screwdriver. You may also 
need small pliers to extract the body from the cover but do not pull 
on the pins themselves to avoid damage. Remember to thread the 
cable through the cover before starting to solder the connections! 


Soldering DIN plugs Is easier if you clamp the insert with the pins. 
Wires should be pushed into the hollow pins - first 'tin' the wires 
(coat them with a thin layer of solder) then melt a little solder into 
the hollow pin and insert the wire while keeping the solder molten. 5 way 180° DIN socket 
Take care to avoid melting the plastic base, stop and allow the pin (chassis mounting) 
to cool if necessary. 


Mini-DIN connectors are used for computer equipment such as keyboards and mice but they 
are not a good choice for general use unless small size is essential. 


D connectors 


These are multi-pole connectors with provision for screw fittings to 
make semi-permanent connections, for example on computer 
equipment. The D shape prevents incorrect connection. Standard 
D-connectors have 2 rows of contacts (top picture); 9, 15 and 25- 
way versions are the most popular. High Density D-connectors 
have 3 rows of contacts (bottom picture); a 15-way version is used 
to connect computer monitors for example. 


Note that covers (middle picture) are usually sold separately 
because both plugs and sockets can be fitted to cables by fitting a 
cover to a chassis mounted connector. PCB mounting versions of 
plugs and sockets are also available. The contacts are usually 
numbered on the body of the connector, although you may need a 
magnifying glass to see the very small markings. Soldering D- 
connectors requires a steady hand due to the closeness of the 
contacts, it is easy to accidentally unsolder a contact you have just 
completed while attempting to solder the next one! 
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IDC Communication Connectors 


These multi-pole insulation displacement connectors 
are used for computer and telecommunications 
equipment. They automatically cut through the 
insulation on wires when installed and special tools are 
required to fit them. They are available as 4, 6 and 8- 
way versions. 


The 8-way RJ45 is the standard connector for modern 
computer networks. 


Standard UK telephone connectors are similar in style 
but a slightly different shape. They are called BT 
(British Telecom) connectors. 


Cables 


Cable... flex... lead... wire... what do all these terms mean? 


e A cable is an assembly of one or more conductors (wires) with some flexibility. 

e A flex is the proper name for the flexible cable fitted to mains electrical appliances. 

e A lead is a complete assembly of cable and connectors. 

e A wire is a single conductor which may have an outer layer of insulation (usually plastic). 


Single core equipment wire 


7 
Í 
aan 


This is one solid wire with a plastic coating available in a wide variety of colors. It can be bent to 
shape but will break if repeatedly flexed. Use it for connections which will not be disturbed, for 
example links between points of a circuit board. 


Typical specification: 1/0.6mm (1 strand of 0.6mm diameter), maximum current 1.8A. 


Stranded wire 


This consists of many fine strands of wire covered by an outer plastic coating. It is flexible and 
can withstand repeated bending without breaking. Use it for connections which may be 
disturbed, for example wires outside cases to sensors and switches. A very flexible version 
(extra-flex') is used for test leads. 
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Typical specifications: 


10/0.1mm (10 strands of 0.1mm diameter), maximum current 0.54. 

710.2mm (7 strands of 0.2mm diameter), maximum current 1.44. 

16/0.2mm (16 strands of 0.2mm diameter), maximum current 3A. 

24/0.2mm (24 strands of 0.2mm diameter), maximum current 4.5A. 

55/0.1mm (55 strands of 0.1mm diameter), maximum current 6A, used for test leads. 


‘Figure 8' (Speaker) Cable 


‘Figure 8' cable consists of two stranded wires 
arranged in a figure of 8 shape. One wire is usually 
marked with a line. It is suitable for low voltage, low 
current (maximum 1A) signals where screening from 
electrical interference is not required. It is a popular choice for connecting loudspeakers and is 
often called 'speaker cable’. 


Signal Cable 


Signal cable consists of several color-coded cores of 
stranded wire housed within an outer plastic sheath. 
With a typical maximum current of 1A per core it is 
suitable for low voltage, low current signals where 
screening from electrical interference is not required. 


The picture shows 6-core cable, but 4-core and 8-core 
are also readily available. 


Screened Cable 


The diagram shows the construction of screened 
cable. The central wire carries the signal and the 
screen Is connected to OV (common) to shield the Screened cable (mono) 
signal from electrical interference. Screened AE 
cable is used for audio signals and dual versions 

are avallable for stereo. 


| | Screen 
sh a i 
ghean signal 
Construction of a screened cable Screened cable (stereo) 
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at this frequency? 
Z= o 
D. What fraction of the output voltage is fed 
back? 
E. What is the reactance of CB at the 
frequency of oscillation? 
X CB = 
Answers 
A. CT = 0.067 UF. 
B. Because Q is not known, use the formula 
that includes the resistance of the coil (see 
problem 16): 

f, =26.75 kHz. 
If you use the calculated value of fr to 
calculate Q, as in problem 20 of Chapter 7, 
you find that Q = 4.2. Therefore, it Is 
appropriate to use the formula that includes 
the resistance of the coil to calculate fr. 


C. Use the following: 


“AT = = , LT =373 ohms. 
r 


D. Use a voltage ~ divider with the capacitor 


values: 
V= F Ci Vai 
out =i 
E. X CB = about 6 ohms, which is a good 


value (much less than the 8200 ohm value of 
R 2). 

22 Figure 9.16 shows a Colpitts oscillator 
circuit that uses a different method for 


Co-axial Cable 


This type of screened cable (see above) 
is designed to carry high frequency 
signals such as those found in TV aerials 
and oscilloscope leads. 


Mains flex 
Flex is the proper name for the flexible cable used to 


connect appliances to the mains supply. It contains 2 a 
cores (for live and neutral) or 3 cores (for live, neutral 0 | 
and earth). Mains flex has thick insulation for the high 


voltage (230V in UK) and it is available with various 
current ratings: 3A, 6A and 13A are popular sizes in the UK. 


Mains flex is sometimes used for low voltage circuits which pass a high current, but please think 
carefully before using it in this way. The distinctive colors of mains flex should act as a warning 
of the mains high voltage which can be lethal; using mains flex for low voltage circuits can 
undermine this warning. 


Diodes 


= — 
Example: EA | Circuit symbol: | 


Diodes allow electricity to flow in only one direction. The arrow of the circuit symbol shows the 
direction in which the current can flow. Diodes are the electrical version of a valve and early 
diodes were actually called valves. 


Function 


current, | 


0 07V voltage, V 


Characteristic of a Silicon Diode 


Ae 


Forward Voltage Drop 


Electricity uses up a little energy pushing its way through the diode, rather like a person pushing 
through a door with a spring. This means that there is a small voltage across a conducting 
diode, it is called the forward voltage drop and is about 0.7V for all normal diodes which are 
made from silicon. The forward voltage drop of a diode is almost constant whatever the current 
passing through the diode so they have a very steep characteristic (current-voltage graph). 


Reverse Voltage 


When a reverse voltage is applied a perfect diode does not conduct, but all real diodes leak a 
very tiny current of a few uA or less. This can be ignored in most circuits because it will be very 
much smaller than the current flowing in the forward direction. However, all diodes have a 
maximum reverse voltage (usually 50V or more) and if this is exceeded the diode will fail and 
pass a large current in the reverse direction, this is called breakdown. 


Ordinary diodes can be split into two types: Signal diodes which pass small currents of 100mA 
or less and Rectifier diodes which can pass large currents. In addition there are LEDs (which 
have their own page) and Zener diodes (at the bottom of this page). 


Connecting and Soldering 


Diodes must be connected the correct way round, the diagram may be labeled a or + for anode 
and k or - for cathode (yes, it really is k, not c, for cathode!). The cathode is marked by a line 
painted on the body. Diodes are labeled with their code in small print; you may need a 
magnifying glass to read this on small signal diodes! 


Small signal diodes can be damaged by heat when soldering, but the risk is small unless you 
are using a germanium diode (codes beginning OA...) in which case you should use a heat 
sink clipped to the lead between the joint and the diode body. A standard crocodile clip can be 
used as a heat sink. Rectifier diodes are quite robust and no special precautions are needed 
for soldering them. 


Testing Diodes 


You can use a multimeter or a simple tester (battery, resistor and LED) to check that a diode 
conducts In one direction but not the other. A lamp may be used to test a rectifier diode, but do 
NOT use a lamp to test a signal diode because the large current passed by the lamp will destroy 
the diode! 
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Signal Diodes (small current) 


Signal diodes are used to process information (electrical signals) in circuits, so they are only 
required to pass small currents of up to 100mA. 


General purpose signal diodes such as the 1N4148 are made from silicon and have a forward 
voltage drop of 0.7V. 


Germanium diodes such as the OA90 have a lower forward voltage drop of 0.2V and this 
makes them suitable to use in radio circuits as detectors which extract the audio signal from the 
weak radio signal. 


For general use, where the size of the forward voltage drop is less important, silicon diodes are 
better because they are less easily damaged by heat when soldering, they have a lower 
resistance when conducting, and they have very low leakage currents when a reverse voltage Is 
applied. 


ad 
NO 


Protection =F | 
NG 
Relay Contacts 
Input Transistor 
Oy 


Protection Diodes for Relays 


Signal diodes are also used with relays to protect transistors and integrated circuits from the 
brief high voltage produced when the relay coil is switched off. The diagram shows how a 
protection diode is connected across the relay coil, note that the diode is connected 'backwards' 
so that it will normally NOT conduct. Conduction only occurs when the relay coil is switched off, 
at this moment current tries to continue flowing through the coil and it is harmlessly diverted 
through the diode. Without the diode no current could flow and the coil would produce a 
damaging high voltage 'spike' in its attempt to keep the current flowing. 


Rectifier Diodes (large current) 


Rectifier diodes are used in power supplies to convert Maximum Maximum 
alternating current (AC) to direct current (DC), a process called Plode | current Reverse 
rectification. They are also used elsewhere in circuits where a Voltage 
large current must pass through the diode. 1N4001 1A 50V 
All ifier diod de f ili d therefore h ae 2 2 
rectifier diodes are made from silicon and therefore have a 

forward voltage drop of 0.7V. The table shows maximum current 1N4007 LA 1000V 
and maximum reverse voltage for some popular rectifier diodes. 1N5401 3A 100V 
The 1N4001 is suitable for most low voltage circuits with a 1N5408 3A 1000V 


current of less than 1A. 
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Bridge Rectifiers 


There are several ways of connecting diodes to make a rectifier to convert AC to DC. The 
bridge rectifier is one of them and it is available in special packages containing the four diodes 
required. Bridge rectifiers are rated by their maximum current and maximum reverse voltage. 
They have four leads or terminals: the two DC outputs are labeled + and -, the two AC inputs 
are labeled ss. 


a 


output 


The diagram shows the operation of a bridge rectifier as it converts AC to DC. Notice how 
alternate pairs of diodes conduct. 


Various types of Bridge Rectifiers 
Note that some have a hole through their centre for attaching to a heat sink 


Zener Diodes 


a k — A— 
Example: BE Circuit symbol: ' 


a = anode, k = cathode 


Zener diodes are used to maintain a fixed voltage. They are designed to 'breakdown' in a 
reliable and non-destructive way so that they can be used in reverse to maintain a fixed voltage 
across their terminals. The diagram below shows how they are connected, with a resistor in 
series to limit the current. 
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Resistor to 
Emit current 


mput 
voltage Hz 
| fixed 
| Output 
Diode pu ad 
OV A OV 


Zener diodes can be distinguished from ordinary diodes by their code and breakdown voltage 
which are printed on them. Zener diode codes begin BZX... or BZY... Their breakdown voltage 
Is printed with V in place of a decimal point, so 4V7 means 4.7V for example. 


Zener diodes are rated by their breakdown voltage and maximum power: 


e The minimum voltage available is 2.7V. 
e Power ratings of 400mW and 1.3W are common. 


Integrated Circuits (Chips) 


Integrated Circuits are usually called ICs or chips. They are complex circuits which have been 
etched onto tiny chips of semiconductor (silicon). The chip is packaged in a plastic holder with 
pins spaced on a 0.1" (2.54mm) grid which will fit the holes on stripboard and breadboards. 
Very fine wires inside the package link the chip to the pins. 


87653 141412111093 8 


1234 1234367 
Pin Numbers 
The pins are numbered anti-clockwise around the IC (chip) starting near the notch or dot. The 
diagram shows the numbering for 8-pin and 14-pin ICs, but the principle is the same for all 


sizes. 


Chip Holders (DIL Sockets) 


ICs (chips) are easily damaged by heat when soldering and their short pins cannot be protected 
with a heat sink. Instead we use a chip holder, strictly called a DIL socket (DIL = Dual In-Line), 
which can be safely soldered onto the circuit board. The chip is pushed into the holder when all 
soldering is complete. 
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Chip holders are only needed when soldering so they are not used on breadboards. 


Commercially produced circuit boards often have chips soldered directly to the board without a 
chip holder, usually this is done by a machine which Is able to work very quickly. Please don't 
attempt to do this yourself because you are likely to destroy the chip and it will be difficult to 
remove without damage by de-soldering. 


Removing a Chip from its Holder 


If you need to remove a chip it can be gently pull out of the holder with a small flat-blade 
screwdriver. Carefully lever up each end by inserting the screwdriver blade between the chip 
and its holder and gently twisting the screwdriver. Take care to start lifting at both ends before 
you attempt to remove the chip, otherwise you will bend and possibly break the pins. 


Static Precautions 


Many ICs are static sensitive and can be damaged when you touch 
them because your body may have become charged with static 
electricity, from your clothes for example. Static sensitive ICs will be 
supplied in antistatic packaging with a warning label and they should 
be left in this packaging until you are ready to use them. 


It is usually adequate to earth your hands by touching a metal water 
pipe or window frame before handling the IC but for the more sensitive Antistatic bags for ICs 
(and expensive!) ICs special equipment is available, including earthed 

wrist straps and earthed work surfaces. You can make an earthed work surface with a sheet of 
aluminum kitchen foil and using a crocodile clip to connect the foil to a metal water pipe or 
window frame with a 10ké2 resistor in series. 


Datasheets 


Datasheets are available for most ICs giving detailed information about their ratings and 
functions. In some cases example circuits are shown. The large amount of information with 
symbols and abbreviations can make datasheets seem overwhelming to a beginner, but they 
are worth reading as you become more confident because they contain a great deal of useful 
information for more experienced users designing and testing circuits. 


Datasheets are available as PDF files from: 
e DatasheetArchive.com 


e Datasheets.org.uk 
e DatasheetCatalog.com 
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LED ls on 
when chip 
output ls 
high (+5) 


Sinking and Sourcing Current 


Chip outputs are often said to 'sink' or 'source' current. The terms refer to the direction of the 
current at the chip's output. 


If the chip is sinking current it is flowing into the output. This means that a device connected 
between the positive supply (+Vs) and the chip output will be switched on when the output is 
low (0V). 


If the chip is sourcing current it is flowing out of the output. This means that a device 
connected between the chip output and the negative supply (OV) will be switched on when the 
output is high (+Vs). 


It is possible to connect two devices to a chip output so that one is on when the output is low 
and the other is on when the output is high. The maximum sinking and sourcing currents for a 
chip output are usually the same but there are some exceptions, for example 74LS TTL logic 
chips can sink up to 16mA but only source 2mA. 


Using Diodes to Combine Outputs 


LEO en when G1 or OF s o 


for both} are law (OW) 


LED on when Gt ar qa Y Z 
(or both) are high (Vs) _* a 


oy 
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The outputs of chips (ICs) must never be directly connected together. However, diodes can be 
used to combine two or more digital (high/low) outputs from a chip such as a counter. This can 
be a useful way of producing simple logic functions without using logic gates! 


The diagram shows two ways of combining outputs using diodes. The diodes must be capable 
of passing the output current. 1N4148 signal diodes are suitable for low current devices such as 
LED. 


For example the outputs QO - Q9 of a 4017 1-of-10 counter go high in turn. Using diodes to 
combine the 2nd (Q1) and 4th (Q3) outputs as shown in the bottom diagram will make the LED 
flash twice followed by a longer gap. The diodes are performing the function of an OR gate. 


| = 306 
control A dual [12] tweshold B 


A es es ers 


The 555 and 556 Timers 


The 8-pin 555 timer chip is used in many projects, a popular version is the NE555. Most circuits 
will just specify '555 timer IC' and the NE555 Is suitable for these. The 555 output (pin 3) can 
sink and source up to 200mA. This is more than most chips and it is sufficient to supply LED, 
relay coils and low current lamps. To switch larger currents you can connect a transistor. 


The 556 is a dual version of the 555 housed in a 14-pin package. The two timers (A and B) 
share the same power supply pins. 


Low power versions of the 555 are made, such as the ICM7555, but these should only be used 
when specified (to increase battery life) because their maximum output current of about 20mA 
(with 9V supply) is too low for many standard 555 circuits. The ICM7555 has the same pin 
arrangement as a standard 555. 
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Logic ICs (chips) 


Logic ICs process digital signals and there are many devices, including logic gates, flip-flops, 
shift registers, counters and display drivers. They can be split into two groups according to their 
pin arrangements: the 4000 series and the 74 series which consists of various families such as 
the 74HC, 74HCT and 74LS. 


For most new projects the 74HC family is the best choice. The older 4000 series is the only 
family which works with a supply voltage of more than 6V. The 74LS and 74HCT families 
require a 5V supply so they are not convenient for battery operation. 


The table below summarizes the important properties of the most popular logic families: 


74 Series 74 Series 74 Series 
Property 4000 Series 7AHC 74HCT 74LS 
High- High-speed CMOS | TTL Low-power 
Tecnnology EMOS speed CMOS TTL compatible Schottky 
Power Supply 3 to 15V 2 to 6V 5V +0.5V 5V +0.25V 


Very high 


Very high impedance. Unused inputs impedance. Unused 


must be connected to +Vs or OV. 1 if unconnected. 
inputs must be 
Inputs Inputs cannot be reliably driven by 1mA must be 
connected to +Vs or 
74LS outputs unless a 'pull-up drawn out to hold 


resistor is used (see below). ae pi prado them at logic 0. 


'Float' high to logic 


Can sink and 

Can sink and Can sink up to 
source about source about Can sink and 16mA (enough to 
5mA (10mA with J 


20mA, enough to A A light an LED), but 


Outputs eM supply), light an LED. To enougn to light an [source only about 
enough to light an ; LED. To switch 
switch larger 2mA. To switch 
LED. To switch larger currents use 
currents use a larger currents use 
larger currents a transistor. 
transistor. a transistor. 
use a transistor. 
One output can 
Amero” One output can drive up to 50 CMOS, ene OPAL AN 
CMOS, 74HC or drive up to 10 
Fan-out 74HC or 74HCT inputs, but only 10 
/AHCT inputs, 741 S inputs 7ALS inputs or 50 
but only one paa, 74HCT inputs. 
74LS input. 
ANAN about 1MHz about 25MHz about 25MHz about 35MHz 
Frequency 
Power 
consumption A few uW. A few uW. A few uW. A few mW. 


of the IC itself 


Mixing Logic Families 


It is best to build a circuit using just one logic family, but if necessary the different families may 
be mixed providing the power supply is suitable for all of them. For example mixing 4000 and 
74HC requires the power supply to be in the range 3 to 6V. A circuit which includes 74LS or 
74HCT ICs must have a 5V supply. 
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a 


pull-up registar 


FALS output 4000 or 74H input 


Driving 4000 or 74HC inputs froma 
74LS output using a pull-up resistor. 


A 74LS output cannot reliably drive a 4000 or 74HC input unless a ‘pull-up’ resistor of 2.2k42 is 
connected between the +5V supply and the input to correct the slightly different logic voltage 
ranges used. 


Note that a 4000 series output can drive only one 74LS input. 


74 Series Logic ICs 


General characteristics 


There are several families of logic chips numbered from 74xx00 onwards with letters (xx) in the 
middle of the number to indicate the type of circuitry, e.g. 74L500 and 74HCOO. The original 
family (now obsolete) had no letters, e.g. 7400. 


The 74LS (Low-power Schottky) family (like the original) uses TTL (Transistor-Transistor Logic) 
circuitry which is fast but requires more power than later families. The 74 series is often still 
called the 'TTL series' even though the latest chips do not use TTL! 


The 74HC family has High-speed CMOS circuitry, combining the speed of TTL with the very low 
power consumption of the 4000 series. They are CMOS chips with the same pin arrangements 
as the older 74LS family. Note that 74HC inputs cannot be reliably driven by 74LS outputs 
because the voltage ranges used for logic O are not quite compatible, use 74HCT instead. 


The 74HCT family is a special version of 74HC with 74LS TTL-compatible inputs so 74HCT can 
be safely mixed with 74LS in the same system. In fact 74HCT can be used as low-power direct 
replacements for the older 74LS ICs in most circuits. The minor disadvantage of 74HCT isa 
lower immunity to noise, but this is unlikely to be a problem in most situations. 


The CMOS circuitry used in the 74HC and 74HCT series ICs means that they are static 
sensitive. Touching a pin while charged with static electricity (from your clothes for example) 
may damage the IC. In fact most ICs in regular use are quite tolerant and earthing your hands 
by touching a metal water pipe or window frame before handling them will be adequate. ICs 
should be left in their protective packaging until you are ready to use them. 


To compare the different logic families please see the Summary table of logic families 
For most new projects the 74HC family is the best choice. 


The 74LS and 74HCT families require a 5V supply so they are not convenient for battery 
operation. 
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making feedback connections between the 
parallel LC circuit and the transistor. 
Figure 9.16 


Cy 
L 

C 
Question 
List the differences between this circuit and 
the one shown in Figure 9.15. č — ć 
Answer o 
The feedback is connected to the base 
instead of the emitter, and the ground IS 
connected to the center of the capacitive 


voltage divider. The capacitor CE has been 
added. (This connection provides a feedback 
signal to the base in the correct phase to 
provide positive feedback.) 

23 In the circuit shown in Figure 9.16 , 
capacitor CE should have a reactance of less 
than 160 ohms at the oscillation frequency. If 


74HC and 74HCT family characteristics: 


74HC Supply: 2 to 6V, small fluctuations are tolerated. 

74HCT Supply: 5V +0.5V, a regulated supply is best. 

Inputs have very high impedance (resistance), this is good because it means they will 
not affect the part of the circuit where they are connected. However, it also means that 
unconnected inputs can easily pick up electrical noise and rapidly change between high 
and low states in an unpredictable way. This is likely to make the chip behave erratically 
and it will significantly increase the supply current. To prevent problems all unused 
inputs MUST be connected to the supply (either +Vs or OV), this applies even if that part 
of the chip is not being used in the circuit! 

Note that 74HC inputs cannot be reliably driven by 74LS outputs because the 
voltage ranges used for logic O are not quite compatible. For reliability use 74HCT if the 
system includes some 74LS chips. 

Outputs can sink and source about 4mA if you wish to maintain the correct output 
voltage to drive logic inputs, but if there is no need to drive any inputs the maximum 
current is about 20mA. To switch larger currents you can connect a transistor. 

Fan-out: one output can drive many inputs (50+), except 74LS inputs because these 
require a higher current and only 10 can be driven. 

Gate propagation time: about 10ns for a signal to travel through a gate. 

Frequency: up to 25MHz. 

Power consumption (of the chip itself) is very low, a few uW. It is much greater at high 
frequencies, a few mW at 1MHz for example. 


74LS family TTL characteristics: 


Supply: 5V +0.25V, it must be very smooth, a regulated supply is best. In addition to the 
normal supply smoothing, a 0.1uF capacitor should be connected across the supply 
near the chip to remove the 'spikes' generated as it switches state, one capacitor is 
needed for every 4 chips. 

Inputs ‘float’ high to logic 1 if unconnected, but do not rely on this in a permanent 
(soldered) circuit because the inputs may pick up electrical noise. 1mA must be drawn 
out to hold inputs at logic O. In a permanent circuit it is wise to connect any unused 
inputs to +Vs to ensure good immunity to noise. 

Outputs can sink up to 16mA (enough to light an LED), but they can source only about 
2mA. To switch larger currents you can connect a transistor. 

Fan-out: one output can drive up to 10 74LS inputs, but many more 74HCT inputs. 
Gate propagation time: about 10ns for a signal to travel through a gate. 

Frequency: up to about 35MHz (under the right conditions). 

Power consumption (of the chip itself) is a few mW. 


Open Collector Outputs 


Some 74 series ICs have open collector outputs, this means they can sink current but they 
cannot source current. They behave like an NPN transistor switch. 


The diagram below shows how an open collector output can be connected to sink current from 
a supply which has a higher voltage than the logic IC supply. The maximum load supply is 15V 
for most open collector ICs. 
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load supply 


+5¥ 
logic Supply 


74 series open 
collector output 


ipag 


Y eurrent 


OV tor both 
supplies must 
be connected 
together 
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Open collector outputs can be safely connected together to switch on a load when any one of 
them is low; unlike normal outputs which must be combined using diodes. 


There are many ICs in the 74 series and this page only covers a selection, concentrating on the 
most useful gates, counters, decoders and display drivers. For each IC there is a diagram 
showing the pin arrangement and brief notes explain the function of the pins where necessary. 
For simplicity the family letters after the 74 are omitted in the diagrams below because the pin 
connections apply to all 74 series ICs with the same number. For example 7400 NAND gates 
are available as 74HCOO, 74HCTOO and 74LSO0. 


If you are using another reference please be aware that there is some variation in the terms 
used to describe pin functions, for example reset is also called clear. Some inputs are ‘active 
low' which means they perform their function when low. If you see a line drawn above a label it 
means it is active low, for example: set (say 'reset-bar'). 


Gates 


Quad 2-Input Gates 


7400 quad 2-input NAND 

7403 quad 2-input NAND with open collector outputs 
7408 quad 2-input AND 

7409 quad 2-input AND with open collector outputs 
7432 quad 2-input OR 

7486 quad 2-input EX-OR 

74132 quad 2-input NAND with Schmitt trigger inputs 
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input gate 1 |1 |o 14] ph ls 


7486 
foul gate 2 
Ñ 741321 


The 74132 has Schmitt trigger inputs to provide good noise immunity. They are ideal for slowly 
changing or noisy signals. 


e 7402 quad 2-input NOR (Note the unusual gate layout) 


output gate 1 [1 Ja tev LENET 
ins gate 1 2 El a 


input gate 2 | 5 | unusual ES Quiput gate 3 


input gate 2 [6] 2% [9] input gate 3 


oe 


input gate 2 a ant Fr = input gate 3 
input gate 2 Ll 7497 ba input gate 3 


Triple 3-Input Gates 
e 7410 triple 3-input NAND 


e 7411 triple 3-input AND 
e 7412 triple 3-input NAND with open collector outputs 
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e 7427 triple 3-input NOR 


Notice how gate 1 is spread across the two sides of the package. 


guiput gate 1 


wv FF 


Dual 4-Input Gates 


e 7420 dual 4-input NAND 
e 7421 dual 4-input AND 


NC = No Connection (a pin that is not used). 


7430 8-Input NAND Gate 


NC = No Connection (a pin that is not used). 
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J +2 to +64 HC 
+V LS'HGT 


input gate 6 


Hex NOT Gates (also called Inverter) 


e 7404 hex NOT 
e 7405 hex NOT with open collector outputs 
e 7414 hex NOT with Schmitt trigger inputs 


The 7414 has Schmitt trigger inputs to provide good noise immunity. They are ideal for slowly 
changing or noisy signals. 


Counters 


7490 decade (0-9) ripple counter 
7493 4-bit (0-15) ripple counter 


These are ripple counters so beware that glitches may occur in any logic gate systems 
connected to their outputs due to the slight delay before the later counter outputs respond to a 
clock pulse. 


The count advances as the clock input becomes low (on the falling-edge), this is indicated by 
the bar over the clock label. This is the usual clock behavior of ripple counters and it means a 
counter output can directly drive the clock input of the next counter in a chain. 


+2 to +6V HO 
+5¥ LS/HCT 
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Note: 
NC = No Connection (a pin that is not used). # on the 7490 pins 6 and 7 connect 
to an internal AND gate for resetting to 9. 


The counter is in two sections: clockA-QA and clockB-QB-QC-QD. For normal use connect 
QA to clockB to link the two sections, and connect the external clock signal to clockA. 


For normal operation at least one reset0 input should be low, making both high resets the 
counter to zero (0000, QA-QD low). Note that the 7490 has a pair of reset9 inputs on pins 6 and 
7, these reset the counter to nine (1001) so at least one of them must be low for counting to 
occur. 


Counting to less than the maximum (9 or 15) can be achieved by connecting the appropriate 


output(s) to the two reset0 inputs. If only one reset input is required the two inputs can be 
connected together. For example: to count O to 8 connect QA (1) and QD (8) to the reset inputs. 


74390 Dual Decade (0-9) Ripple Counter 


+E fo +67 HC 
+5 LE*HCT 


LY 

ra 

m 
zZaawnesy 


m Counter 1 


The 74390 contains two separate decade (0 to 9) counters, one on each side of the chip. They 
are ripple counters so beware that glitches may occur in any logic gate systems connected to 
their outputs due to the slight delay before the later counter outputs respond to a clock pulse. 


The count advances as the clock input becomes low (on the falling-edge), this is indicated by 
the bar over the clock label. This is the usual clock behavior of ripple counters and it means a 
counter output can directly drive the clock input of the next counter in a chain. 


Each counter is in two sections: clockA-QA and clockB-QB-QC-QD. For normal use connect 
QA to clockB to link the two sections, and connect the external clock signal to clockA. The reset 
input should be low; making it high resets the counter to zero (0000, QA-QD low). 


Counting to less than 9 can be achieved by connecting the appropriate output(s) to the reset 


input, using an AND gate if necessary. For example: to count O to 7 connect QD (8) to reset, to 
count O to 8 connect QA (1) and QD (8) to reset using an AND gate. 
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74393 Dual 4-Bit (0-15) Ripple Counter 


42 to «6% HC 
I w LSHET 


The 74393 contains two separate 4-bit (0 to 15) counters, one on each side of the chip. They 
are ripple counters so beware that glitches may occur in logic systems connected to their 
outputs due to the slight delay before the later outputs respond to a clock pulse. 


The count advances as the clock input becomes low (on the falling-edge), this is indicated by 
the bar over the clock label. This is the usual clock behavior of ripple counters and it means a 
counter output can directly drive the clock input of the next counter in a chain. 


For normal operation the reset input should be low, making it high resets the counter to zero 
(0000, QA-QD low). 


Counting to less than 15 can be achieved by connecting the appropriate output(s) to the reset 
input, using an AND gate if necessary. For example to count O to 8 connect QA (1) and QD (8) 
to reset using an AND gate. 


Connecting ripple counters in a chain 


The diagram below shows how to link ripple counters in a chain, notice how the highest output 
QD of each counter drives the clock input of the next counter. 


Lf MESA 


reset ripple FR le reset ripple Fre ‘reset ripple | <<} clock 
counter CR counter KF counter EK 
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74160-3 Synchronous Counters 


74160 synchronous decade counter (standard reset) 
74161 synchronous 4-bit counter (standard reset) 

74162 synchronous decade counter (synchronous reset) 
74163 synchronous 4-bit counter (Synchronous reset) 
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entr 42 lo +6 HO 
— +5¥ LSHCT 
clock CK | carry out CO 
Input & {1} output CA (11 


¿4160 — 
input B (| 4 1744 64 [13] output OB (23 


input © (4) | 5 | 74162 [12] cutput Oc (43 


These are synchronous counters so their outputs change precisely together on each clock 
pulses. This is helpful if you need to connect their outputs to logic gates because it avoids the 
glitches which occur with ripple counters. 


The count advances as the clock input becomes high (on the rising-edge). The decade 
counters count from O to 9 (0000 to 1001 in binary). The 4-bit counters count from O to 15 (0000 
to 1111 in binary). 


For normal operation (counting) the reset, preset, count enable and carry in inputs should all 
be high. When count enable is low the clock input is ignored and counting stops. 


The counter may be preset by placing the desired binary number on the inputs A-D, making 
the preset input low, and applying a positive pulse to the clock input. The inputs A-D may be 
left unconnected if not required; preset is also Known as parallel enable (PE) 


The reset input is active-low so it should be high (+Vs) for normal operation (counting). When 
low it resets the count to zero (0000, QA-QD low), this happens immediately with the 74160 and 
74161 (standard reset), but with the 74162 and 74163 (synchronous reset) the reset occurs 
on the rising-edge of the clock input. 


Counting to less than the maximum (15 or 9) can be achieved by connecting the appropriate 
output(s) through a NOT or NAND gate to the reset input. For the 74162 and 74163 
(synchronous reset) you must use the output(s) representing one less than the reset count 
you require, e.g. to reset on 7 (counting O to 6) use QB (2) and QC (4). 


Connecting synchronous counters in a chain 

The diagram below shows how to link synchronous counters such as 74160-3, notice how all 
the clock (CK) inputs are linked. Carry out (CO) is used to feed the carry in (Cl) of the next 
counter. Carry in (Cl) of the first 74160-3 counter should be high. 


co ee € = CO "em cl 
senchrongus synchronous 
pounter ER pounter ERK 


QU Gt 06 OA 00 UE 08 UA 
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74192 up/down decade (0-9) counter 
74193 up/down 4-bit (0-15) counter 


These are synchronous counters so their outputs change precisely together on each clock 
pulse. This is helpful if you need to connect their outputs to logic gates because it avoids the 
glitches which occur with ripple counters. 


7 2 0 HE 
J +8 LSHET 


These counters have separate clock inputs for counting up and down. The count increases as 
the up clock input becomes high (on the rising-edge). The count decreases as the down clock 
input becomes high (on the rising-edge). In both cases the other clock input should be high. 


For normal operation (counting) the preset input should be high and the reset input low. When 
the reset input is high it resets the count to zero (0000, QA-QD low) 


The counter may be preset by placing the desired binary number on the inputs A-D and briefly 
making the preset input low. Note that a clock pulse is not required to preset, unlike the 74160- 
3 counters. The inputs A-D may be left unconnected if not required. 


Connecting counters with separate up and down clock inputs in a chain 
The diagram below shows how to link 74192-3 up/down counters with separate up and down 
clock inputs, notice how carry and borrow are connected to the up clock and down clock 
inputs respectively of the next counter. 
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74HC4017 decade counter (1-of-10) 

74HC4020 14-bit ripple counter 

74HC4040 12-bit ripple counter 

74HC4060 14-bit ripple counter with internal oscillator 


These are the 74HC equivalents of 4000 series CMOS counters. Like all 74HC ICs they need a 
power supply of 2 to 6V. For pin connections and functions see: 4017, 4020, 4040, 4060 


Decoders 


7442 BCD to Decimal (1 of 10) Decoder 


a2 to +64 HC 
+54 LS‘HCT 


input A {1} 


The 7442 outputs are active-low which means they become low when selected but are high at 
other times. They can sink up to about 20mA. 


The appropriate output becomes low in response to the BCD (binary coded decimal) input. For 
example an input of binary 0101 (=5) will make output Q5 low and all other outputs high. 


The 7442 is a BCD (binary coded decimal) decoder intended for input values O to 9 (0000 to 
1001 in binary). With inputs from 10 to 15 (1010 to 1111 in binary) all outputs are high. 


Note that the 7442 can be used as a 1-of-8 decoder if input D is held low. 


Also see: 74HC4017 and 4017 both are a decade counter and 1-of-10 decoder in a single IC. 


“1353 * 


the emitter resistor RE is smaller in value 
than 1.6 kQ, then CE should have a 


reactance that is less than R E/10 at the 
oscillation frequency. 
Question 
If you use an emitter resistor of 510 ohms In 
a 1kHz oscillator, what value of capacitor 
Should you use for CE? _— 
Answers 
y =510_ 1 _ 0.16 
“10 2afC, 10°XC; 
So, CE = 3.2 uF. Thus, you should use a 


capacitor larger than 3 UF. 
Project 9.1: The Colpitts Oscillator 
Objective 
The objective of this project is to demonstrate 
that an oscillator generates a sine wave when 


feedback is applied to either the emitter or 
base. 

General Instructions 
When the Colpitts oscillator circuit with 


feedback to the emitter is set up, you use 
your oscilloscope to measure the period of 
the waveform. Then you change the circuit to 
provide feedback to the base, and again use 
your oscilloscope to measure the period of 


the waveform. This data enables you to 
calculate the frequency of the sine wave 
generated in each case. 

Parts List 


You need the following equipment and 


7-Segment Display Drivers 
7447 BCD to 7-Segment Display Driver 


| He to «5% HC 
| +5 L&HCT 


ETE 
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i} ouput æ 
| output b 
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} | output e 


The appropriate outputs a-g becomes low to display the BCD (binary coded decimal) number 
supplied on inputs A-D. The 7447 has open collector outputs a-g which can sink up to 40mA. 
The 7-segment display segments must be connected between +Vs and the outputs with a 
resistor in series (330£1 with a 5V supply). A common anode display is required. 


Display test and blank input are active-low so they should be high for normal operation. When 
display test is low all the display segments should light (showing number 8). 


If the blank input is low the display will be blank when the count input is zero (0000). This can 
be used to blank leading zeros when there are several display digits driven by a chain of 
counters. To achieve this blank output should be connected to blank input of the next display 
down the chain (the next most significant digit). 


The 7447 is intended for BCD (binary coded decimal) which is input values O to 9 (0000 to 1001 
in binary). Inputs from 10 to 15 (1010 to 1111 in binary) will light odd display segments but will 
do no harm. 


74HC4511 BCD to 7-Segment Display Driver 


This is the 74HC equivalent of the CMOS 4511 display driver. Like all 74HC ICs it needs a 
power supply of 2 to 6V. For pin connections and functions see 4511. 
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4000 Series CMOS Logic ICs 


This family of logic ICs is numbered from 4000 onwards, and from 4500 onwards. They have a 
B at the end of the number (e.g. 4001B) which refers to an improved design introduced some 
years ago. Most of them are in 14-pin or 16-pin packages. They use CMOS circuitry which 
means they use very little power and can tolerate a wide range of power supply voltages (3 to 
15V) making them ideal for battery powered projects. CMOS is pronounced 'see-moss' and 
stands for Complementary Metal Oxide Semiconductor. 


General characteristics 


e Supply: 3 to 15V, small fluctuations are tolerated. 

e Inputs have very high impedance (resistance), this is good because it means they will 
not affect the part of the circuit where they are connected. However, it also means that 
unconnected inputs can easily pick up electrical noise and rapidly change between high 
and low states in an unpredictable way. This is likely to make the chip behave erratically 
and it will significantly increase the supply current. To prevent problems all unused 
inputs MUST be connected to the supply (either +Vs or OV), this applies even if that part 
of the chip is not being used in the circuit! 

e Outputs can sink and source only about 1mA if you wish to maintain the correct output 
voltage to drive CMOS inputs. If there is no need to drive any inputs the maximum 
current is about 5mA with a 6V supply, or 10mA with a 9V supply (just enough to light an 
LED). To switch larger currents you can connect a transistor. 

e Fan-out: one output can drive up to 50 inputs. 

e Gate propagation time: typically 30ns for a signal to travel through a gate with a 9V 
supply, it takes a longer time at lower supply voltages. 

e Frequency: up to 1MHz, above that the 74 series is a better choice. 

e Power consumption (of the chip itself) is very low, a few uW. It is much greater at high 
frequencies, a few mW at 1MHz for example. 


There are many ICs in the 4000 series and this page only covers a selection, concentrating on 
the most useful gates, counters, decoders and display drivers. For each IC there is a diagram 
showing the pin arrangement and brief notes explain the function of the pins where necessary. 
The notes also explain if the IC's properties differ substantially from the standard characteristics 
listed above. 


If you are using another reference please be aware that there is some variation in the terms 
used to describe input pins. | have tried to be logically consistent so the term | have used 
describes the pin's function when high (true). For example ‘disable clock’ on the 4026 is often 
labeled 'clock enable" but this can be confusing because it enables the clock when low (false). 
An input described as ‘active low' is like this, it performs its function when low. If you see a line 
drawn above a label it means it is active low, for example: tese (say 'reset-bar'). 


Static Precautions 


The CMOS circuitry means that 4000 series ICs are static sensitive. Touching a pin while 
charged with static electricity (from your clothes for example) may damage the IC. In fact most 
ICs in regular use are quite tolerant and earthing your hands by touching a metal water pipe or 
window frame before handling them will be adequate. ICs should be left in their protective 
packaging until you are ready to use them. 


"1595 


Gates 


Quad 2-Input Gates 


input gate 2 pl 10 
input gate 2 | & | 4081 input gate 3 


ov [7] 4093 [8] input gate 3 


4001 quad 2-input NOR 

4011 quad 2-input NAND 

4030 quad 2-input EX-OR (now obsolete) 

4070 quad 2-input EX-OR 

4071 quad 2-input OR 

4077 quad 2-input EX-NOR 

4081 quad 2-input AND 

4093 quad 2-input NAND with Schmitt trigger inputs 


The 4093 has Schmitt trigger inputs to provide good noise immunity. They are ideal for slowly 
changing or noisy signals. The hysteresis is about 0.5V with a 4.5V supply and almost 2V witha 
9V supply. 


Triple 3-Input Gates 


4023 triple 3-input NAND 
4025 triple 3-input NOR 
4073 triple 3-input AND 
4075 triple 3-input OR 
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Dual 4-Input Gates 


4002 dual 4-input NOR 
4012 dual 4-input NAND 
4072 dual 4-input OR 
4082 dual 4-input AND 


NC = No Connection (a pin that is not used). 


4068 8-Input NAND/AND* Gate 


This gate has a propagation time which is about 10 times longer than normal so it is not suitable 
for high speed circuits. 


NC = No Connection (a pin that is not used). 


* = The AND output (pin 1) is not available on some versions of the 4068. 
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4069 Hex NOT (Inverting Buffer) 


e 4049 hex NOT (inverting buffer) 
e 4050 hex non-inverting buffer 


Inputs: These ICs are unusual because their gate inputs can withstand up to +15V even if the 
power supply is a lower voltage. 


Outputs: These ICs are unusual because they are capable of driving 74LS gate inputs directly. 
To do this they must have a +5V supply (74LS supply voltage). The gate output is sufficient to 
drive four 74LS inputs. 


NC = No Connection (a pin that is not used). 


Note the unusual arrangement of the power supply pins for these ICs! 
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4000 Dual 3-Input NOR Gate and NOT Gate 


Two 3-input NOR gates and a single NOT gate in one package. 


NC = No Connection (a pin that is not used). 


Decade and 4-Bit Counters 


4017 Decade Counter (1-of-10) 


+3 fo +15V 


The count advances as the clock input becomes high (on the rising-edge). Each output Q0-Q9 
goes high in turn as counting advances. For some functions (such as flash sequences) outputs 
may be combined using diodes. 


The reset input should be low (OV) for normal operation (counting 0-9). When high it resets the 
count to zero (QO high). This can be done manually with a switch between reset and +Vs and a 
10k resistor between reset and OV. Counting to less than 9 is achieved by connecting the 
relevant output (Q0-Q9) to reset, for example to count 0,1,2,3 connect Q4 to reset. 


The disable input should be low (OV) for normal operation. When high it disables counting so 
that clock pulses are ignored and the count is kept constant. 
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The +10 output is high for counts 0-4 and low for 5-9, so it provides an output at */,, of the clock 
frequency. It can be used to drive the clock input of another 4017 (to count the tens). 


4026 Decade Counter and 7-Segment Display Driver 


Gutputs frem the 4026 counter and display driver IG 


Ee ED EMD 


a segment an. hi essed to dive other counters, 


The count advances as the clock input becomes high (on the rising-edge). The outputs a-g go 
high to light the appropriate segments of a common-cathode 7-segment display as the count 
advances. The maximum output current is about 1mA with a 4.5V supply and 4mA with a 9V 
supply. This is sufficient to directly drive many 7-segment LED displays. The table below shows 
the segment sequence in detail. 


The reset input should be low (OV) for normal operation (counting 0-9). When high it resets the 
count to zero. 


The disable clock input should be low (OV) for normal operation. When high it disables 
counting so that clock pulses are ignored and the count is kept constant. 


The enable display input should be high (+Vs) for normal operation. When low it makes 
outputs a-g low, giving a blank display. The enable out follows this input but with a brief delay. 


The +10 output (h in table) is high for counts 0-4 and low for 5-9, so it provides an output at */;o 
of the clock frequency. It can be used to drive the clock input of another 4026 to provide multi- 
digit counting. 


The not 2 output is high unless the count is 2 when it goes low. 
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4029 Up/Down Synchronous Counter with Preset 


preset i o +3 fo +15V 
output QD (8) [2 15] clack CK 
input D (8) 14] output QC (4) 
input A (1) [4 13] input © (4) 
carry in Cl input B (2) 
output QA (1) | 6 | 11] output QE (2 
carry out CO 10| updown 
O (9 | binarydecade 


The 4029 is a synchronous counter so its outputs change precisely together on each clock 
pulse. This is helpful if you need to connect the outputs to logic gates because it avoids the 
glitches which occur with ripple counters. 


The count occurs as the clock input becomes high (on the rising-edge). The up/down input 
determines the direction of counting: high for up, low for down. The state of up/down should be 
changed when the clock is high. 


For normal operation (counting) preset, and carry in should be low. 


The binary/decade input selects the type of counter: 4-bit binary (0-15) when high; decade (0- 
9) when low. 


The counter may be preset by placing the desired binary number on the inputs A-D and briefly 


making the preset input high. There is no reset input, but preset can be used to reset the count 
to zero if inputs A-D are all low. 


4510 Up/Down Decade (0-9) Counter with Preset 
4516 Up/Down 4-Bit (0-15) Counter with Preset 


input & (2) 
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These are synchronous counters so their outputs change precisely together on each clock 
pulse. This is helpful if you need to connect their outputs to logic gates because it avoids the 
glitches which occur with ripple counters. 


The count occurs as the clock input becomes high (on the rising-edge). The up/down input 
determines the direction of counting: high for up, low for down. The state of up/down should be 
changed when the clock is high. 


For normal operation (counting) preset, reset and carry in should be low. When reset is high it 
resets the count to zero (0000, QA-QD low). The clock input should be low when resetting. 


The counter may be preset by placing the desired binary number on the inputs A-D and briefly 
making the preset input high, the clock input should be low when this happens. 


Connecting synchronous counters in a chain 

The diagram below shows how to link synchronous counters, notice how all the clock (CK) 
inputs are linked. Carry out (CO) feeds carry in (Cl) of the next counter. Carry in (Cl) of the 
first counter should be low for 4029, 4510 and 4516 counters. 


co ; eo mst | CI O camry in 
synchronous: | synehroneus 
counter EK | counter i 

| Ob GC OB 04 | OD 0€ 06 GA 


0D OC 0B GA 


Dclock 


4518 Dual Decade (0-9) Counter 
4520 Dual 4-Bit (0-15) Counter 


QA (1 [3 
as (2) [4| 4518 


fs 
LE 
Zamunes 


These contain two separate synchronous counters, one on each side of the chip. 
Normally a clock signal is connected to the clock input, with the enable input held high. 
Counting advances as the clock signal becomes high (on the rising-edge). Special 
arrangements are used if the 4518/20 counters are linked in a chain, as explained below. 
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For normal operation the reset input should be low, making It high resets the counter to zero 
(0000, QA-QD low). 


Counting to less than the maximum (9 or 15) can be achieved by connecting the appropriate 
output(s) to the reset input, using an AND gate if necessary. For example to count O to 8 
connect QA (1) and OD (8) to reset using an AND gate. 


Connecting 4518 and 4520 counters in a chain 

The diagram below shows how to link 4518 and 4520 counters. Notice how the normal clock 
inputs are held low, with the enable inputs being used instead. With this arrangement counting 
advances as the enable input becomes low (on the falling-edge) allowing output QD to supply a 
clock signal to the next counter. The complete chain is a ripple counter, although the individual 
counters are synchronous! If it is essential to have truly synchronous counting a system of logic 
gates is required, please see a 4518/20 datasheet for further details. 


7-Bit, 12-Bit and 14-Bit Counters 


4020 14-Bit (+16,384) Ripple Counter 


O12 (+4056) 
O13 (28192) 
O14 (2 16384} 


+3 la +159 


06 (+64) [4 13] 08 (+256) 
OS 33 |5 12/09 (+512) 
OOF (128) reset 
(CA (216) clock 

Ov Ol (+2) 


The 4020 is a ripple counter so beware that glitches may occur in any logic gate systems 
connected to its outputs due to the slight delay before the later counter outputs respond toa 
clock pulse. 


The count advances as the clock input becomes low (on the falling-edge), this is indicated by 


the bar over the clock label. This is the usual clock behavior of ripple counters and it means a 
counter output can directly drive the clock input of the next counter in a chain. 
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supplies: 
One 10 kl, 0.25-watt resistor. 
One 510 &, 0.25-watt resistor. 
One 82 k 8, 0.25-watt resistor. 
One 8.2 k$, 0.25-watt resistor. 
Two 1 pF capacitors (This value of capacitor 
is available in either polarized or unpolarized 
versions. You Should get unpolarized 
capacitors for this application.) 
One 0.1 UF capacitor. 
One 0.22 pF capacitor. 
One 4.7 uF capacitor. (This value of 
capacitor is usually polarized, which is fine 
for this position in the circuit.) 
One 0.5 mH inductor. (Suppliers may also 
refer to this value as 500 UH.) 
One 9-volt battery pack. 
One breadboard. 
One oscilloscope. 
One PN2222 _ transistor. Figure 9.17 shows 
the pinout diagram for PN2222 transistors. 
Figure 9.17 
ee PN2222 


Emitter j Collector 
ase 
Step-by-Step Instructions 
Set up Circuit #1, the Colpitts oscillator circuit 
with feedback to the emitter, as shown In 


Figure 9.18 . If you have some experience In 


Output Qn is the nth stage of the counter, representing 2”, for example Q4 is 2* = 16 (t/s of 
clock frequency) and Q14 is 2** = 16384 (*/16284 of clock frequency). Note that Q2 and Q3 are 
not available. 


The reset input should be low for normal operation (counting). When high it resets the count to 
zero (all outputs low). 


Also see: 4040 (12-bit) and 4060 (14-bit with internal oscillator). 


4024 7-Bit (+128) Ripple Counter 


clock | 
reset | 

OF (:128) 
O6 (64) 
QS (+321 
C4 (+16) 
av [3 


The 4024 is a ripple counter so beware that glitches may occur in any logic gate systems 
connected to its outputs due to the slight delay before the later counter outputs respond toa 
clock pulse. 


The count advances as the clock input becomes low (on the falling-edge), this is indicated by 
the bar over the clock label. This is the usual clock behavior of ripple counters and it means a 
counter output can directly drive the clock input of the next counter in a chain. 


Output Qn is the nth stage of the counter, representing 2", for example Q4 is 2* = 16 (*/,5 of 
clock frequency) and Q7 is 2’ = 128 (*/128 of clock frequency). 


The reset input should be low for normal operation (counting). When high it resets the count to 
zero (all outputs low). 
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4040 12-Bit (+4096) Ripple Counter 


Q12 (+4096) 
OS (+32) 
OF (+128) 
CH (+16) 
OG (+8) 


The 4040 is a ripple counter so beware that glitches may occur in any logic gate systems 
connected to its outputs due to the slight delay before the later counter outputs respond toa 
clock pulse. 


The count advances as the clock input becomes low (on the falling-edge), this is indicated by 
the bar over the clock label. This is the usual clock behavior of ripple counters and it means a 
counter output can directly drive the clock input of the next counter in a chain. 


Output Qn is the nth stage of the counter, representing 2", for example Q4 is 2* = 16 (ths of 
clock frequency) and Q12 is 2** = 4096 (*/1006 of clock frequency). 


The reset input should be low for normal operation (counting). When high it resets the count to 
zero (all outputs low). 


4060 14-Bit (+16,384) Ripple Counter with Internal Oscillator 


The 4060 is a ripple counter so beware that glitches may occur in any logic gate systems 
connected to its outputs due to the slight delay before the later counter outputs respond toa 
clock pulse. 
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Crystal oscillator 
32768 Hz 


“aa T] RG oscillator 


riRif 


1 


la — 
2xRixG 


The count advances as the clock input becomes low (on the falling-edge), this is indicated by 
the bar over the clock label. This is the usual clock behavior of ripple counters and it means a 
counter output can directly drive the clock input of the next counter in a chain. The clock can be 
driven directly, or connected to the internal oscillator (see below). 


Output Qn is the nth stage of the counter, representing 2", for example Q4 is 2* = 16 (t/s of 
clock frequency) and Q14 is 2* = 16384 (*/16384 of clock frequency). Note that Q1-3 and Q11 are 
not available. 


The reset input should be low for normal operation (counting). When high it resets the count to 
zero (all outputs low). 


The 4060 includes an internal oscillator. The clock signal may be supplied in three ways: 


e From an external source to the clock input, as for a normal counter. In this case there 
should be no connections to external C and external R (pins 9 and 10). 

e RC oscillator as shown in the diagram. The oscillator drives the clock input with an 
approximate frequency f = *2xr1xc) (it partly depends on the supply voltage). R1 should 
be at least 50kt1 if the supply voltage is less than 7V. R2 should be between 2 and 10 
times R1. 

e Crystal oscillator as shown in the diagram, note that there is no connection to pin 9. 
The 32768 Hz crystal will give a 2Hz signal at the last output, Q14. 


Decoders 


4028 BCD to Decimal (1 of 10) Decoder 


output Q4 | 1 |e +3 to +15¥ 
output G2 | 2 output Q3 
output QU 14| output Q 
output OF |4 input B (2) 
output Oo input E id) 
output Q5 | 6 | input D (8) 
output Q6 110] input A (1) 
ov [8 output Q8 
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The appropriate output Q0-9 becomes high in response to the BCD (binary coded decimal) 
input. For example an input of binary 0101 (=5) will make output Q5 high and all other outputs 
low. 


The 4028 Is a BCD (binary coded decimal) decoder intended for input values O to 9 (0000 to 
1001 in binary). With inputs from 10 to 15 (1010 to 1111 in binary) all outputs are low. 


Note that the 4028 can be used as a 1-of-8 decoder if input D is held low. 


Also see: 4017 (a decade counter and 1-of-10 decoder in a single chip). 


7-Segment Display Drivers 


4511 BCD to 7-Segment Display Driver 


input B {2} | 1 |o +3 to +15V 
input G (4) |2 output f 
display test | output g 
blank input | 4 | output a 
store | 5 output b 
input D (8) [6 output e 
input A (1) 10) output d 
ov |S 9 | output e 


The appropriate outputs a-g becomes high to display the BCD (binary coded decimal) number 
supplied on inputs A-D. The outputs a-g can source up to 25mA. The 7-segment display 
segments must be connected between the outputs and OV with a resistor in series (33042 with a 
5V supply). Acommon cathode display is required. 


Display test and blank input are active-low so they should be high for normal operation. When 
display test is low all the display segments should light (showing number 8). When blank input 
is low the display will be blank (all segments off). 


The store input should be low for normal operation. When store is high the displayed number is 
stored internally to give a constant display regardless of any changes which may occur to the 
inputs A-D. 


The 4511 is intended for BCD (binary coded decimal). Inputs values from 10 to 15 (1010 to 
1111 in binary) will give a blank display (all segments off). 
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Lamps 


Function and Construction 


Lamps emit light when an electric current passes through them. All of the lamps shown on this 
page have a thin wire filament which becomes very hot and glows brightly when a current 
passes through it. The filament is made from a metal with a high melting point such as tungsten 
and it is usually wound into a small coil. Filament lamps have a shorter lifetime than most 
electronic components because eventually the filament 'blows' (melts) at a weak point. 


Circuit Symbols 


There are two circuit symbols for a lamp, one for a lamp used to provide illumination and 
another for a lamp used as an indicator. Small lamps such as torch bulbs can be used for both 
purposes so either circuit symbol may use in simple educational circuits. 


Lamp used for lighting Lamp used as an indicator 
(for example a car headlamp or torch bulb) (for example a warning light on a car dashboard) 


Selecting a Lamp 
There are three important features to consider when selecting a lamp: 
e Voltage rating - the supply voltage for normal brightness. 
e Power or current rating - small lamps are usually rated by current. 


e Lamp type - please see the table below. 


The voltage and power (or current) ratings are usually printed or embossed on the body of a 
lamp. 
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Voltage Rating 


This is the supply voltage required for normal brightness. If a slightly higher voltage is used the 
lamp will be brighter but its lifetime will be shorter. With a lower supply voltage the lamp will be 
dimmer and its lifetime will be longer. The light from dim lamps has a yellow-orange color. 


Torch lamps pass a relatively large current and this significantly reduces the output voltage of 
the battery. Some voltage is used up inside the battery driving the large current through the 
small resistance of the battery itself (its ‘internal resistance”). As a result the correct voltage 
rating for a torch lamp Is lower than the normal voltage of the battery which lights it! 


For example: a lamp rated 3.5V 0.3A Is correct for a 4.5V battery (three 1.5V cells) because 
when the lamp is connected the voltage across the battery falls to about 3.5V. 


Power or Current Rating 


This Is the power or current for the lamp when connected to its rated voltage. Low power lamps 
are usually rated by their current and high power lamps by their power. It is easy to convert 
between the two ratings: 


P=IxV_ where: P = power in watts (W) 
or | = current in amps (A) 
I=P/V V = voltage in volts (V) 


Examples: 


e Alamp rated 3.5V 0.3A has a power rating P = I x V = 0.3 x 3.5 = 1.05W 
e Alamp rated 6V 0.06A has a power rating P = I x V = 0.06 x 6 = 0.36W 
e Alamp rated 12W 2.4W has a current rating I| = P / V = 2.4 / 12 = 0.2A 


Lamp Type 


Type of Lamp Example 


MES Miniature Edison Screw 

These are the standard small lamps. The bulb diameter is 
usually about 10mm, but tubular bulbs are also available. MES 
lamps have one contact on the base and the body forms the 
other contact. They are available with a good range of voltage 
and power (or current) ratings. Lens ended versions are 
available to produce a focused beam of light. 


LES Lilliput Edison Screw 
Smaller than MES, these have a bulb diameter of about 5mm. 
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MCC Miniature Centre Contact ‘ 
These have a bayonet style fitting, like a standard mains lamp nl 
in the UK. They have one contact on the base and the body 
forms the other contact. The bulb diameter is about 10mm. 


SBC Small Bayonet Cap 

These have a bayonet style fitting, like a standard mains lamp 
in the UK. They have two contacts on the base so the metal 
body is not connected in the circuit. SBC lamps have high 
power ratings (24W for example) and their bulbs are large with 
a diameter of up to about 40mm. Note the two filament 
arrangements in the lamps shown, horizontal on the left, 
vertical on the right. 


Pre-focus 

This type of lamp is used in torches and lanterns. The flange at 
the top of the metal body is used to hold the lamp in place. 
Lampholders are not readily available so this type is unsuitable 
for most projects. 


Wire ended 
These are very small lamps with a bulb about 3mm diameter (=» AN 
and 6mm long. Take care to avold snapping the wires where A ~ 


they enter the glass bulb. 


Grain of Wheat 

These are similar to the wire ended lamps above but they have 
stranded wire leads usually about 150mm long. The bulb is aan 
about 3mm diameter and 6mm long - the size of a grain of 

wheat! 


Connecting and Soldering 


Lamps may be connected either way round in a circuit 
and the supply may be AC or DC. 


Most lamps are designed to be used in a lampholder but 
the small ‘wire ended' and ‘grain of wheat' lamps have 
wires which may be soldered directly onto a circuit board. 


Lampholders usually have screw terminals or solder tags j 
screw terminals solder tags 


to attach wires. Some small holders have contacts which 
may be soldered directly to a circuit board. Lampholders 
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Lamps in Series 


Several lamps can be successfully connected in series provided they all have identical voltage 
and power (or current) ratings. The supply voltage is divided equally between identical lamps so 
their voltage rating must be suitable for this. For example Christmas tree lights may have 20 
lamps connected in series to a 240V supply, so each lamp will have 240V + 20 = 12V across it. 


A disadvantage of connecting lamps in series is that if one lamp blows all of them will go out 
because the circuit is broken. Christmas tree lamps have a special feature to overcome this 
problem; they are designed to short circuit (conduct like a wire link) when they blow, so the 
circuit is not broken and the other lamps remain lit, making it easier to locate the faulty lamp. 
Sets also include one ‘fuse’ lamp which blows normally. 


WARNING! The Christmas tree lamps may seem safe because they use only 12V but they are 
connected to the mains supply which can be lethal. Always unplug from the mains before 
changing lamps. The voltage across the holder of a missing lamp is the full 240V of the mains 


supply! 


Light Emitting Diodes (LEDs) 


Example: la Circuit symbol: 


Function 


LEDs emit light when an electric current passes through them. 


Connecting and Soldering 


a 
k I | 
flat / 
LEDs must be connected the correct way round, the diagram may be labeled a or + for anode 
and k or - for cathode (yes, it really is k, not c, for cathode!). The cathode is the short lead and 


there may be a slight flat on the body of round LEDs. If you can see inside the LED the cathode 
is the larger electrode (but this is not an official identification method). 


LEDs can be damaged by heat when soldering, but the risk is small unless you are very slow. 
No special precautions are needed for soldering most LEDs. 
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MA 


Testing an LED 


Never connect an LED directly to a battery or power supply! 
It will be destroyed almost instantly because too much current will pass through and burn it out. 


LEDs must have a resistor in series to limit the current to a safe value, for quick testing 


purposes a 1ké} resistor is suitable for most LEDs if your supply voltage is 12V or less. 
Remember to connect the LED the correct way round! 


Colors of LEDs 


MULL 


LEDs are available in red, orange, amber, yellow, green, blue and white. Blue and white LEDs 
are much more expensive than the other colors. 


The color of an LED is determined by the semiconductor material, not by the coloring of the 
‘package’ (the plastic body). LEDs of all colors are available in uncolored packages which may 
be diffused (milky) or clear (often described as 'water clear”. The colored packages are also 
available as diffused (the standard type) or transparent. 
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Tri-Color LEDs 


The most popular type of tri-color LED has a red and a green LED combined in one package 
with three leads. They are called tri-color because mixed red and green light appears to be 
yellow and this is produced when both the red and green LEDs are on. 


The diagram shows the construction of a tri-color LED. Note the different lengths of the three 
leads. The centre lead (k) is the common cathode for both LEDs, the outer leads (a1 and a2) 
are the anodes to the LEDs allowing each one to be lit separately, or both together to give the 
third color. 


Bi-Color LEDs 


A bi-color LED has two LEDs wired in ‘inverse parallel’ (one forwards, one backwards) 
combined in one package with two leads. Only one of the LEDs can be lit at one time and they 
are less useful than the tri-color LEDs described above. 


Sizes, Shapes and Viewing Angles of LEDs 


LEDs are available in a wide variety of sizes and shapes. The ‘standard’ 
LED has a round cross-section of 5mm diameter and this is probably the 


best type for general use, but 3mm round LEDs are also popular. La 
Round cross-section LEDs are frequently used and they are very easy to y 
install on boxes by drilling a hole of the LED diameter, adding a spot of glue | 

will help to hold the LED if necessary. LED clips are also available to secure LED Clip 


LEDs in holes. Other cross-section shapes include square, rectangular and 
triangular. 


As well as a variety of colors, sizes and shapes, LEDs also vary in their viewing angle. This tells 


you how much the beam of light spreads out. Standard LEDs have a viewing angle of 60* but 
others have a narrow beam of 30* or less. 
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building circuits, this schematic (along with the 
previous parts list) should provide all the 
information you need to build the circuit. If 
you need a bit more help building the circuit, 
look at the photos of the completed circuit In 
the “Expected Results” section. 


Figure 9.18 
| Re 
Ry 10 kQ 
82 kQ 
| U V "Il 
+ Ci 
9y — | wt 
LC | 
0.1 pF 
/ 0.5 mH 
B En y 
Pe Re 0.22 uF 
5100 
Carefully check your circuit against the 
diagram. 


After you have checked your circuit, follow 
these steps and record your measurements 

in the blank table following the steps. 

1. Connect the oscilloscope probe for Channel 
1 to a jumper wire connected to V out 

Connect the ground clip to a jumper wire 
attached to the ground bus. 

2. Measure and record the period of the sine 
wave. 

3. Disconnect the battery from the circuit, and 


Calculating an LED Resistor Value 


An LED must have a resistor connected in series to limit the current through the LED, otherwise 
It will burn out almost instantly. 


The resistor value, R is given by: 
R= (Vs = VL) lI 


Vs = supply voltage 
Vı = LED voltage (usually 2V, but 4V for blue and white LEDs) 
I = LED current (e.g. 20mA), this must be less than the maximum permitted 


If the calculated value is not available choose the nearest standard resistor value which is 
greater, so that the current will be a little less than you chose. In fact you may wish to choose a 
greater resistor value to reduce the current (to increase battery life for example) but this will 
make the LED less bright. 

For example 

If the supply voltage Vs = 9V, and you have a red LED (V, = 2V), requiring a current | = 20mA = 


0.020A, 
R = (9V - 2V) / 0.02A = 35012, so choose 39011 (the nearest standard value which is greater). 


Working out the LED resistor formula using Ohm's law 


Ohm's law says that the resistance of the resistor, R = V/I, where: 
V = voltage across the resistor (= Vs - V, in this case) 
| = the current through the resistor 


So R=(Vs-V,)/I 
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Connecting LEDs in Series 


If you wish to have several LEDs on at the same time it may be possible to connect them in 
series. This prolongs battery life by lighting several LEDs with the same current as just one 
LED. 


All the LEDs connected in series pass the same current so it is best if they are all the same 
type. The power supply must have sufficient voltage to provide about 2V for each LED (4V for 
blue and white) plus at least another 2V for the resistor. To work out a value for the resistor you 
must add up all the LED voltages and use this for V.. 


Example calculations: 

A red, a yellow and a green LED in series need a supply voltage of at least 3 x 2V + 2V = 8V, 
so a 9V battery would be ideal. 

VL = 2V + 2V + 2V = 6V (the three LED voltages added up). 

If the supply voltage Vs is 9V and the current | must be 15mA = 0.0154, 

Resistor R = (Vs - V_)/1 = (9 - 6) / 0.015 = 3 / 0.015 = 20011, 

so choose R = 22011 (the nearest standard value which is greater). 


Avoid Connecting LEDs in Parallel 


LEDs in 
- parallel! 


Connecting several LEDs in parallel with just one resistor shared between them is generally not 
a good idea. 


If the LEDs require slightly different voltages only the lowest voltage LED will light and it may be 
destroyed by the larger current flowing through it. Although identical LEDs can be successfully 
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connected in parallel with one resistor this rarely offers any useful benefit because resistors are 
very cheap and the current used is the same as connecting the LEDs individually. If LEDs are 
in parallel each one should have its own resistor. 


Reading a table of technical data for LEDs 


Suppliers’ catalogues usually include tables of technical data for components such as LEDs. 
These tables contain a good deal of useful information in a compact form but they can be 
difficult to understand if you are not familiar with the abbreviations used. 


The table below shows typical technical data for some 5mm diameter round LEDs with diffused 
packages (plastic bodies). Only three columns are important and these are shown in bold. 
Please see below for explanations of the quantities. 


lr Vr Ve | Vr Luminous Viewing 


as olor max. typ. max. max. intensity angle Waveiengih 
Standard Red 30mA | 1.7V 2.1V | 5V | 5mcd @ 10mA 60° 660nm 
Standard ¡Bright red 30mA | 2.0V |2.5V | 5V | 80mcd @ 10mA 60° 625nm 
Standard Yellow 30mA 2.1V 2.5V | 5V | 32mcd @ 10mA 60° 590nm 
Standard Green 25mA_ 2.2V 2.5V | 5V | 32mcd @ 10mA 60° 565nm 
High intensity; Blue  30mA 4.5V 5.5V | 5V |60mcd @ 20mA 50° 430nm 
Super bright Red 30mA 1.85V 2.5V | 5V 500mcd @ 20mA. 60° 660nm 
Low current Red 30mA | 1.7V 2.0V | 5V | 5mcd @ 2mA 60° 625nm 
If max. Maximum forward current, forward just means with the LED 
connected correctly. 
Ve typ. Typical forward voltage, V, in the LED resistor calculation. 
This is about 2V, except for blue and white LEDs for which it is 
about 4V. 
Ve max. Maximum forward voltage. 
Ve max. Maximum reverse voltage 


You can ignore this for LEDs connected the correct way round. 
Luminous intensity | Brightness of the LED at the given current, mcd = millicandela. 


Viewing angle Standard LEDs have a viewing angle of 60°, others emita 
narrower beam of about 30°. 

Wavelength The peak wavelength of the light emitted, this determines the color 
of the LED. 


nm = nanometer. 


Flashing LEDs 


Flashing LEDs look like ordinary LEDs but they contain an integrated circuit (IC) as well as the 
LED itself. The IC flashes the LED at a low frequency, typically 3Hz (3 flashes per second). 
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They are designed to be connected directly to a supply, usually 9 - 12V, and no series resistor 
is required. Their flash frequency is fixed so their use is limited and you may prefer to build your 


own circuit to flash an ordinary LED. 


LED Displays 


LED displays are packages of many LEDs arranged in a pattern, the most familiar pattern being 
the 7-segment displays for showing numbers (digits 0-9). The pictures below illustrate some of 


the popular designs: 


ac 
f A 
au 
pe er | 
an | 
BS 
Bargraph 7-segment Starburst 
Pin connections of LED displays 
There are many types of LED display and a supplier's PEE 12.6 
catalogue should be consulted for the pin connections. The ~y. — pay 
f ER | 


1 
diagram on the right shows an example. Like many 7- i 
segment displays, this example is available in two versions: § jp 
Common Anode (SA) with all the LED anodes connected : 
together and Common Cathode (SC) with all the cathodes : 


connected together. Letters a-g refers to the 7 segments, 11 ‘ 

A/C is the common anode or cathode as appropriate (on2 % 4 

pins). Note that some pins are not present (NP) but their aes 126 x 189x 7.87mm 
position is still numbered. Pin connections diagram 


Relays 
i O 


N 
SD 
NC 


Circuit symbol for a Relay 
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Different kind Picture of Relays 


A relay is an electrically operated switch. Current flowing through the coil of the relay creates 
a magnetic field which attracts a lever and changes the switch contacts. The coil current can be 
on or off so relays have two switch positions and they are double throw (changeover) 
switches. 


Relays allow one circuit to switch a second circuit which can be completely separate from the 
first. For example a low voltage battery circuit can use a relay to switch a 230V AC mains circuit. 
There is no electrical connection inside the relay between the two circuits, the link is magnetic 
and mechanical. 


The coil of a relay passes a relatively large current, typically 30mA for a 12V relay, but it can be 
as much as 100mA for relays designed to operate from lower voltages. Most ICs (chips) cannot 
provide this current and a transistor is usually used to amplify the small IC current to the larger 
value required for the relay coil. The maximum output current for the popular 555 timer IC is 
200mA so these devices can supply relay coils directly without amplification. 


Relays are usually SPDT or DPDT but they can have many more sets of switch contacts, for 
example relays with 4 sets of changeover contacts are readily available. For further information 
about switch contacts and the terms used to describe them please see the page on switches. 


Most relays are designed for PCB mounting but you can solder wires directly to the pins 
providing you take care to avoid melting the plastic case of the relay. 


The supplier's catalogue should show you the relay's connections. The coil will be obvious and it 
may be connected either way round. Relay coils produce brief high voltage 'spikes' when they 
are switched off and this can destroy transistors and ICs in the circuit. To prevent damage, you 
must connect a protection diode across the relay coil. 


The animated picture shows a working relay with its coil and switch contacts. You can see a 
lever on the left being attracted by magnetism when the coil is switched on. This lever moves 
the switch contacts. There is one set of contacts (SPDT) in the foreground and another behind 
them, making the relay DPDT. 


The relay's switch connections are usually labeled COM, NC and NO: 
e COM = Common, always connect to this, it is the moving part of the switch. 


e NC = Normally Closed, COM is connected to this when the relay coil is off. 
e NO = Normally Open, COM is connected to this when the relay coil is on. 
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Connect to COM and NO if you want the switched circuit to be on when the relay coil 
Is on. 

Connect to COM and NC if you want the switched circuit to be on when the relay coil is 
off. 


Choosing a relay 


You need to consider several features when choosing a relay: 


1. 


Physical size and pin arrangement 

If you are choosing a relay for an existing PCB you will need to ensure that its 
dimensions and pin arrangement are suitable. You should find this information in the 
supplier's catalogue. 

Coil voltage 

The relay's coil voltage rating and resistance must suit the circuit powering the relay coil. 
Many relays have a coil rated for a 12V supply but 5V and 24V relays are also readily 
available. Some relays operate perfectly well with a supply voltage which is a little lower 
than their rated value. 

Coil resistance 

The circuit must be able to supply the current required by the relay coil. You can use 
Ohm's law to calculate the current: 


. _ supply voltage 
Relay coil current = 
coil resistance 


For example: A 12V supply relay with a coil resistance of 40011 passes a current of 
30mA. This is OK for a 555 timer IC (maximum output current 200mA), but it is too much 
for most ICs and they will require a transistor to amplify the current. 

Switch ratings (voltage and current) 

The relay's switch contacts must be suitable for the circuit they are to control. You will 
need to check the voltage and current ratings. Note that the voltage rating is usually 
higher for AC, for example: "5A at 24V DC or 125V AC". 

Switch contact arrangement (SPDT, DPDT etc) 

Most relays are SPDT or DPDT which are often described as "single pole changeover" 
(SPCO) or "double pole changeover" (DPCO). For further information please see the 
page on switches. 


Protection Diodes for Relays 


“Log = 


Transistors and ICs (chips) must be protected from the brief high voltage 'spike' produced when 
the relay coil is switched off. The diagram shows how a signal diode (e.g. 1N4148) is connected 
across the relay coil to provide this protection. Note that the diode is connected 'backwards' so 
that it will normally not conduct. Conduction only occurs when the relay coil is switched off, at 
this moment current tries to continue flowing through the coil and it is harmlessly diverted 
through the diode. Without the diode no current could flow and the coil would produce a 
damaging high voltage 'spike' in its attempt to keep the current flowing. 


Reed Relays 


Reed relays consist of a coil Surrounding a reed switch. Reed switches 
are normally operated with a magnet, but in a reed relay current flows 
through the coil to create a magnetic field and close the reed switch. 


Reed relays generally have higher coil resistances than standard relays 
(100011 for example) and a wide range of supply voltages (9-20V for 
example). They are capable of switching much more rapidly than 
standard relays, up to several hundred times per second; but they can 
only switch low currents (500mMA maximum for example). 


Reed Relay 


The reed relay shown in the photograph will plug into a standard 14-pin DIL socket (‘chip 
holder’). 


Relays and Transistors Compared 


Like relays, transistors can be used as an electrically operated switch. For switching small DC 
currents (< 1A) at low voltage they are usually a better choice than a relay. However transistors 
cannot switch AC or high voltages (such as mains electricity) and they are not usually a good 
choice for switching large currents (> 5A). In these cases a relay will be needed, but note that a 
low power transistor may still be needed to switch the current for the relay's coil! The main 
advantages and disadvantages of relays are listed below: 


Advantages of relays: 


e Relays can switch AC and DC, transistors can only switch DC. 
e Relays can switch high voltages, transistors cannot. 

e Relays are a better choice for switching large currents (> 5A). 
e Relays can switch many contacts at once. 


Disadvantages of relays: 


e Relays are bulkier than transistors for switching small currents. 

e Relays cannot switch rapidly (except reed relays), transistors can switch many times 
per second. 

e Relays use more power due to the current flowing through their coil. 

e Relays require more current than many chips can provide, so a low power transistor 
may be needed to switch the current for the relay's coil. 
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Resistors 


Example: 


Function 


Circuit symbol: L 


Resistors restrict the flow of electric current, for example a resistor is placed in series with a 


light-emitting diode (LED) to limit the current passing through the LED. 


Connecting and Soldering 


Resistors may be connected either way round. They are not damaged by heat when soldering. 


Resistor Values - the Resistor Color Code 


Resistance is measured in ohms, the symbol for ohm is an omega £2. 
1 Qis quite small so resistor values are often given in k£1 and ML. 
1 ki = 1000 (2 1 Mé} = 1000000 £2. 


Resistor values are normally shown using colored bands. 
Each color represents a number as shown in the table. 


Most resistors have 4 bands: 


The first band gives the first digit. 

The second band gives the second digit. 

The third band indicates the number of zeros. 

The fourth band is used to shows the tolerance (precision) of the 
resistor, this may be ignored for almost all circuits but further details 
are given below. 


This resistor has red (2), violet (7), yellow (4 zeros) and gold bands. 
So its value is 270000 £1= 270 kil. 
On circuit diagrams the £2 is usually omitted and the value is written 270K. 


Small Value Resistors (less than 10 ohm) 


The Resistor 
Color Code 


Color ¡Number 
Black 


Brown 


The standard color code cannot show values of less than 1043. To show these small values two 


special colors are used for the third band: gold which means x 0.1 and 
x 0.01. The first and second bands represent the digits as normal. 


For example: 
red, violet, gold bands represent 27 x 0.1 = 2.74} 
green, blue, bands represent 56 x 0.01 = 0.5642 
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which means 


Tolerance of Resistors (fourth band of color code) 


The tolerance of a resistor is shown by the fourth band of the color code. Tolerance is the 
precision of the resistor and it is given as a percentage. For example a 3900 resistor with a 
tolerance of +10% will have a value within 10% of 39011, between 390 - 39 = 35111 and 390 + 
39 = 42963 (39 is 10% of 390). 


A special color code is used for the fourth band tolerance: 
+10%, gold +5%, red +2%, brown +1%. 
If no fourth band is shown the tolerance is +20%. 


Tolerance may be ignored for almost all circuits because precise resistor values are rarely 
required. 


Resistor Shorthand 


Resistor values are often written on circuit diagrams using a code system which avoids using a 
decimal point because It is easy to miss the small dot. Instead the letters R, K and M are used in 
place of the decimal point. To read the code: replace the letter with a decimal point, then 
multiply the value by 1000 if the letter was K, or 1000000 if the letter was M. The letter R means 
multiply by 1. 


For example: 


560R means 560 4) 

2K7 means 2.7 k&2 = 2700 £) 
39K means 39 kí} 

1MO means 1.0 Mi? = 1000 kil 


Real Resistor Values (the E6 and E12 series) 


You may have noticed that resistors are not available with every possible value, for example 
22k4é2 and 47k&2 are readily available, but 25ké2 and 50ké? are not! 


Why is this? Imagine that you decided to make resistors every 1012 giving 10, 20, 30, 40, 50 
and so on. That seems fine, but what happens when you reach 1000? It would be pointless to 
make 1000, 1010, 1020, 1030 and so on because for these values 10 is a very small difference, 
too small to be noticeable in most circuits. In fact it would be difficult to make resistors 
sufficiently accurate. 


To produce a sensible range of resistor values you need to increase the size of the 'step' as the 
value increases. The standard resistor values are based on this idea and they form a series 
which follows the same pattern for every multiple of ten. 


The E6 series (6 values for each multiple of ten, for resistors with 20% tolerance) 

10, 15, 22, 33, 47, 68, ... then it continues 100, 150, 220, 330, 470, 680, 1000 etc. 

Notice how the step size increases as the value increases. For this series the step (to the next 
value) is roughly half the value. 
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The E12 series (12 values for each multiple of ten, for resistors with 10% tolerance) 
10, 12, 15, 18, 22, 27, 33, 39, 47, 56, 68, 82, ... then It continues 100, 120, 150 etc. 
Notice how this is the E6 series with an extra value in the gaps. 


The E12 series is the one most frequently used for resistors. It allows you to choose a value 
within 10% of the precise value you need. This is sufficiently accurate for almost all projects and 
It is sensible because most resistors are only accurate to +10% (called their ‘tolerance'). For 
example a resistor marked 390112 could vary by +10% x 3904) = +3942, so it could be any value 
between 35111 and 4292. 


Resistors in Series and Parallel 


For information on resistors connected in series and parallel, see the Resistance page, 


Power Ratings of Resistors 


Electrical energy is converted to heat when current flows through a 
resistor. Usually the effect is negligible, but if the resistance is low (or 
the voltage across the resistor high) a large current may pass making 
the resistor become noticeably warm. The resistor must be able to 
withstand the heating effect and resistors have power ratings to show 
this. 


Fiz. OF 
Mic ote A a 


“Cos 


Power ratings of resistors are rarely quoted in parts lists because for 
most circuits the standard power ratings of 0.25W or 0.5W are 
suitable. For the rare cases where a higher power is required it should 
be clearly specified in the parts list, these will be circuits using low 
value resistors (less than about 30011) or high voltages (more than 
15V). 


High power Resistors 


(5W top, 25W bottom) 
The power, P, developed in a resistor is given by: 


P=PxR where: P = power developed in the resistor in watts (W) 
or | = current through the resistor in amps (A) 
P=V?/R R = resistance of the resistor in ohms (42) 
V = voltage across the resistor in volts (V) 


Examples: 


e A4700 resistor with 10V across it, needs a power rating P = V?/R = 102/470 = 0.21W. 
In this case a standard 0.25W resistor would be suitable. 

e A270 resistor with 10V across it, needs a power rating P = V2/R = 102/27 = 3.7W. 
A high power resistor with a rating of 5W would be suitable. 
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make the changes required to set up Circuit 
#2, the Colpitts oscillator circuit with feedback 
to the base, as shown in Figure 9.19 . 

Figure 9.19 


>Re 
> 10kQ 
+ o Mal 
=L Ce 
A | uF | | 
_ > 
0.1 uF -L 
C 0.5 mH 
~ 2 
Re 0.22 uF 
510 £2 


4. Repeat steps 1 and 2. 
Circuit + Period (usec) Frequency (kHz) 
1 


2 
Expected Results 
Figure 9.20 shows the breadboarded Colpitts 
oscillator with feedback to the emitter (Circuit# 
1). 


Figure 9.20 


Switches 


Selecting a Switch 


There are three important features to consider when selecting a p 
switch: a o 


Circuit Symbol for a 
e Contacts (e.g. single pole, double throw) simple ON-OFF Switch 
e Ratings (maximum voltage and current) 
e Method of Operation (toggle, slide, key etc.) 


Switch Contacts 
Several terms are used to describe switch contacts: 


Pole - number of switch contact sets. 

Throw - number of conducting positions, single or double. 

Way - number of conducting positions, three or more. 

Momentary - switch returns to its normal position when released. 

Open - off position, contacts not conducting. 

Closed - on position, contacts conducting, there may be several on positions. 


For example: the simplest on-off switch has one set of contacts (single pole) and one switching 
position which conducts (single throw). The switch mechanism has two positions: open (off) and 
closed (on), but it is called 'single throw' because only one position conducts. 


Switch Contact Ratings 


Switch contacts are rated with a maximum voltage and current, and there may be different 
ratings for AC and DC. The AC values are higher because the current falls to zero many times 
each second and an arc is less likely to form across the switch contacts. 


For low voltage electronics projects the voltage rating will not matter, but you may need to check 
the current rating. The maximum current is less for inductive loads (coils and motors) because 
they cause more sparking at the contacts when switched off. 


Standard Switches 


Type of Switch Circuit Symbol Example 


ON-OFF 
Single Pole, Single Throw = SPST 


A simple on-off switch. This type can be 
used to switch the power supply to a circuit. Do 
D-— 


When used with mains electricity this type of 
switch must be in the live wire, but it is better q. 

to use a DPST switch to isolate both live and SPST toggle switch 
neutral. 
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(ON)-OFF 
Push-to-make = SPST Momentary 


A push-to-make switch returns to its — 
normally open (off) position when you =—0 = 
release the button, this is shown by the 

brackets around ON. This is the standard 

doorbell switch. 


ON-(OFF) 
Push-to-break = SPST Momentary 


A push-to-break switch returns to its 
normally closed (on) position when you 
release the button. 


ON-ON 
Single Pole, Double Throw = SPDT 


This switch can be on in both positions, 
switching on a separate device in each 
case. It is often called a changeover 
switch. For example, a SPDT switch can be 
used to switch on a red lamp in one position 
and a green lamp in the other position. 


A SPDT toggle switch may be used as a 
simple on-off switch by connecting to COM 
and one of the A or B terminals shown in the 


diagram. A and B are interchangeable so A 
switches are usually not labeled. COM 

B 
ON-OFF-ON 


SPDT Centre Off 

A special version of the standard SPDT 
switch. It has a third switching position in the 
centre which is off. Momentary (ON)-OFF- 
(ON) versions are also available where the 
switch returns to the central off position 
when released. 


Dual ON-OFF 

Double Pole, Single Throw = DPST 

A pair of on-off switches which operate ae 
together (shown by the dotted line in the . o— 


circuit symbol). _ 
P O 


A DPST switch is often used to switch mains 
electricity because it can isolate both the live 
and neutral connections. 
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SPDT slide switch 
(PCB mounting) 


SPDT rocker switch 


DPST rocker switch 


Dual ON-ON 
Double Pole, Double Throw = DPDT 


A pair of on-on switches which operate 
together (shown by the dotted line in the 
circuit symbol). 


AA DPDT switch can be wired up as a 
reversing switch for a motor as shown in 
the diagram. 


ON-OFF-ON 

DPDT Centre Off 

A special version of the standard SPDT 
switch. It has a third switching position in the 
centre which is off. This can be very useful 
for motor control because you have forward, 
off and reverse positions. Momentary (ON)- Wiring for Reversing 
OFF-(ON) versions are also avallable where Switch 

the switch returns to the central off position 

when released. 


Special Switches 


Type of Switch Example 


Push-Push Switch (e.g. SPST = ON-OFF) 


This looks like a momentary action push switch but It is a 
standard on-off switch: push once to switch on, push again to 
switch off. This is called a latching action. 


Microswitch (usually SPDT = ON-ON) 


-Microswitches are designed to switch fully open or closed in 
response to small movements. They are available with levers and 
rollers attached. Also called Limit Switch 


Keyswitch 


A key operated switch. The example shown is SPST. 


Tilt Switch (SPST) 


Tilt switches contain a conductive liquid and when tilted this 
bridges the contacts inside, closing the switch. They can be used 
as a sensor to detect the position of an object. Some tilt switches 
contain mercury which is poisonous. 


- 166 - 


Reed Switch (usually SPST) 


The contacts of a reed switch are closed by bringing a small 
magnet near the switch. They are used in security circuits, for 
example to check that doors are closed. Standard reed switches 
are SPST (simple on-off) but SPDT (changeover) versions are 
also avallable. 


Warning: reed switches have a glass body which is easily 
broken! Handling precaution needed. 


DIP Switch (DIP = Dual In-line Parallel) 


This Is a set of miniature SPST on-off switches, the example 
shown has 8 switches. The package is the same size as a 
standard DIL (Dual In-Line) integrated circuit. 


This type of switch is used to set up circuits, e.g. setting the code 
of a remote control. 


Multi-pole Switch 


The picture shows a 6-pole double throw switch, also known as a 
6-pole changeover switch. It can be set to have momentary or 
latching action. Latching action means it behaves as a push-push 
switch, push once for the first position, push again for the second 
position etc. 


Multi-way Switch 


Multi-way switches have 3 or more conducting positions. They 
may have several poles (contact sets). A popular type has a 
rotary action and it is available with a range of contact 
arrangements from 1-pole 12-way to 4-pole 3 way. 


The number of ways (switch positions) may be reduced by 
adjusting a stop under the fixing nut. For example if you need a 2- 
pole 5-way switch you can buy the 2-pole 6-way version and 
adjust the stop. 


Contrast this multi-way switch (many switch positions) with the 
multi-pole switch (many contact sets) described above. 


1-pole 4-way switch symbol 
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Transistors 


This page covers practical matters such as precautions when soldering and identifying leads. 
The operation and use of transistors is covered by the Transistor Circuits page. 


Function 


Transistors amplify current, for example they can be used to amplify the small output current 
from a logic chip so that it can operate a lamp, relay or other high current device. In many 
circuits a resistor is used to convert the changing current to a changing voltage, so the transistor 
is being used to amplify voltage. 


A transistor may be used as a switch (either fully on with maximum current, or fully off with no 
current) and as an amplifier (always partly on). 


The amount of current amplification is called the current gain, symbol Nee. 


Types of Transistor 


There are two types of standard transistors, NPN and PNP, with 
different circuit symbols. The letters refer to the layers of 
semiconductor material used to make the transistor. Most 
transistors used today are NPN because this is the easiest type to 
make from silicon. If you are new to electronics it is best to start by 
learning how to use NPN transistors. NEN PNP 


The leads are labeled base (B), collector (C) and emitter (E). Transistor Symbols 
These terms refer to the internal operation of a transistor but they 
are not much help in understanding how a transistor is used, so just treat them as labels! 


A Darlington pair is two transistors connected together to give a very high current gain. 
In addition to standard (bipolar junction) transistors, there are field-effect transistors which are 


usually referred to as FETs. They have different circuit symbols and properties and they are not 
(yet) covered by this page. 
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Connecting 


Transistors have three leads which must 
be connected the correct way round. 
Please take care with this because a 
wrongly connected transistor may be 
damaged instantly when you switch on. 


If you are lucky the orientation of the 
transistor will be clear from the PCB or 
stripboard layout diagram, otherwise you 
will need to refer to a supplier's catalogue 
to identify the leads. 


The drawings on the right show the leads 


for some of the most common case styles. 


Please note that transistor lead diagrams 
show the view from bottom with the leads 
towards you. This is the opposite of IC 
(chip) pin diagrams which show the view 
from above. 


Soldering 


ECE EBC CBE 


10924 TOS2B TOS2C 


Views are from below with 
ine leads towards you. 


TIPSIA 


ECE 


T0218 C is the metal bi itself 
TO220 TOS 


Transistor leads for some common Case styles. 


Transistors can be damaged by heat when soldering so if you are not an 


expert it is wise to use a heat sink clipped to the lead between the joint 
and the transistor body. A standard crocodile clip can be used as a heat 


sink. 


Do not confuse this temporary heat sink with the permanent heat sink l l 
(described below) which may be required for a power transistor to Crocodile Clip 


prevent it overheating during operation. 


Testing a transistor 


Transistors can be damaged by heat when soldering or by misuse in a circuit. If you suspect 
that a transistor may be damaged there are two easy ways to test it: 
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1. Testing with a multimeter 


Use a multimeter or a simple tester (battery, resistor 
and LED) to check each pair of leads for conduction. 
Set a digital multimeter to diode test and an analogue 
multimeter to a low resistance range. 


Test each pair of leads both ways (six tests in total): 


e The base-emitter (BE) junction should behave 
like a diode and conduct one way only. 

e The base-collector (BC) junction should 
behave like a diode and conduct one way only. 

e The collector-emitter (CE) should not conduct 
either way. 


Testing an NPN transistor 


The diagram shows how the junctions behave in an NPN transistor. The diodes are reversed in 
a PNP transistor but the same test procedure can be used. 


2. Testing in a simple switching circuit 


Connect the transistor into the circuit shown on the right 
which uses the transistor as a switch. The supply voltage is 
not critical, anything between 5 and 12V is suitable. This 
circuit can be quickly built on breadboard for example. Take 
care to include the 10k&2 resistor in the base connection or 
you will destroy the transistor as you test it! 


If the transistor is OK the LED should light when the switch 
Is pressed and not light when the switch is released. 


To test a PNP transistor use the same circuit but reverse 
the LED and the supply voltage. 


Some multimeters have a ‘transistor test' function which 
provides a known base current and measures the collector 
current so as to display the transistor's DC current gain hre. 


A simple switching circuit 
to test an NPN transistor 


Transistor Codes 


There are three main series of transistor codes used in the UK: 


e Codes beginning with B (or A), for example BC108, BC478 
The first letter B is for silicon, A Is for germanium (rarely used now). The second letter 
indicates the type; for example C means low power audio frequency; D means high 
power audio frequency; F means low power high frequency. The rest of the code 
identifies the particular transistor. There is no obvious logic to the numbering system. 
Sometimes a letter is added to the end (e.g. BC108C) to identify a special version of the 
main type, for example a higher current gain or a different case style. If a project 
specifies a higher gain version (BC108C) It must be used, but if the general code is 
given (BC108) any transistor with that code is suitable. 
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e Codes beginning with TIP, for example TIP31A 
TIP refers to the manufacturer: Texas Instruments Power transistor. The letter at the end 
identifies versions with different voltage ratings. 

e Codes beginning with 2N, for example 2N3053 
The initial '2N' identifies the part as a transistor and the rest of the code identifies the 
particular transistor. There is no obvious logic to the numbering system. 


Choosing a Transistor 


Most projects will specify a particular transistor, but if necessary you can usually substitute an 
equivalent transistor from the wide range avallable. The most important properties to look for 
are the maximum collector current Ic and the current gain hfe. To make selection easier most 
suppliers group their transistors in categories determined either by their typical use or 
maximum power rating. 


To make a final choice you will need to consult the tables of technical data which are normally 
provided in catalogues. They contain a great deal of useful information but they can be difficult 
to understand if you are not familiar with the abbreviations used. The table below shows the 
most important technical data for some popular transistors, tables in catalogues and reference 
books will usually show additional information but this is unlikely to be useful unless you are 
experienced. The quantities shown in the table are explained below. 


NPN Transistors 


Code Structure ©5° Ic | Vee hre | Piot Category Possible 
style | max. max. min.| max. (typical use) substitutes 


BC107 NPN TO18 ¡'100mA | 45V 110 300mW | Audio, low power  BC182 BC547 


General purpose, |BC108C BC183 


BC108 NPN TO18 ¡100mA | 20V |110 |300mW low power BC548 


General purpose, 


BC108C, NPN TO18 ¡100mA | 20V | 420 600mW 
low power 


Audio (low noise), 


BC109 NPN TO18 200mA | 20V | 200 300mW 
low power 


BC184 BC549 


General purpose, 


BC182 NPN (TO92C 100mA | 50V |100 350mW 
low power 


BC107 BC182L 


General purpose, 
low power 
BC547B| NPN  'TO92C 1100mA | 45V | 200 500mW | Audio, low power BC107B 


General purpose, 


BC182L NPN |§TO92A 100mA | 50V |100 350mW BC107 BC182 


BC548B’ NPN  [TO92C 100mA | 30V 220 500mW BC108B 
low power 

BC549B | NPN  TO92C [100mA 30V |240 625mw | “dio (low noise), BC109 
low power 

2N3053 NPN | TO39 700mA 40V 50 Soomw General purpose, BEY51 
low power 

BFY51 NPN |TO39 1A 30v 40 ¡soomw General purpose, BC639 

medium power 
BC639 | NPN TO92A\ 1a |gov |40 800mw|“eneral purpose, BFY51 


medium power 


1/15 


TIP29A 


TIP31A 


TIP31C 


TIP41A 


2N3055 


NPN 


NPN 


NPN 


NPN 


NPN 


General purpose, 


TO220, 1A |60V | 40 | 30W , 
high power 


General purpose, 


TO220, 3A |60V | 10 | 40W , 
high power 


TIP31C TIP41A 
General purpose, 


TO220, 3A /100V| 10 | 40W 
high power 


TIP31A TIP41A 
General purpose, 


TO220 6A |60V | 15 | 65W 
high power 


General purpose, 


TO3 | 15A |60V | 20 | 117W 
high power 


Please note: the data in this table was compiled from several sources which are not entirely 
consistent! Most of the discrepancies are minor, but please consult information from your 
supplier if you require precise data. 


Code Structure 


BC177 


BC178 


BC179 
BC477 


BC478 


TIP32A 


TIP32C 


PNP 


PNP 


PNP 


PNP 


PNP 


PNP 


PNP 


PNP Transistors 


Case Ic Vce | hfe Prot Category Possible 
style | max. max. min.| max. (typical use) substitutes 
TO18 100mA 45V |125 300mW | Audio, low power BC477 
TO18 200mA 25V 120 60omw “neral purpose, BC478 
low power 
TO18 200mA | 20v 180 6oomw AUTO (low noise), 
low power 
TO18 150mA) 80V | 125 [360mW | Audio, low power BC177 
TO18 150mA 40V 125 360mw | General purpose, BC178 
low power 
TO220. 3A |60v 25 | 4ow | *eneral purpose, TIP32C 
high power 
T0220 3A 100V 10 4ow | General purpose, TIP32A 


high power 


Please note: the data in this table was compiled from several sources which are not entirely 
consistent! Most of the discrepancies are minor, but please consult information from your 
supplier if you require precise data. 


Structure 


Case style 


Ic max. 
Ves Max. 


hfe 


This shows the type of transistor, NPN or PNP. The polarities of the two 
types are different, so if you are looking for a substitute it must be the 
same type. 


There is a diagram showing the leads for some of the most common 
case styles in the Connecting section above. This information is also 
available in suppliers' catalogues. 


Maximum collector current. 


Maximum voltage across the collector-emitter junction. 
You can ignore this rating in low voltage circuits. 


This is the current gain (strictly the DC current gain). The guaranteed 
minimum value is given because the actual value varies from transistor 
to transistor - even for those of the same type! Note that current gain is 
just a number so it has no units. 

The gain is often quoted at a particular collector current lIc which is 
usually in the middle of the transistor's range, for example '100@20mA' 
means the gain is at least 100 at 20mA. Sometimes minimum and 
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maximum values are given. Since the gain is roughly constant for 
various currents but it varies from transistor to transistor this detail is 
only really of interest to experts. 

Why hee? It is one of a whole series of parameters for transistors, each 
with their own symbol. There are too many to explain here. 


Piot Max. Maximum total power which can be developed in the transistor, note 
that a heat sink will be required to achieve the maximum rating. This 
rating is important for transistors operating as amplifiers, the power is 
roughly Ic x Vez. For transistors operating as switches the maximum 
collector current (Ic max.) is more important. 


Category This shows the typical use for the transistor, it is a good starting point 
when looking for a substitute. Catalogues may have separate tables for 
different categories. 


Possible These are transistors with similar electrical properties which will be 

Substitutes suitable substitutes in most circuits. However, they may have a different 
case style so you will need to take care when placing them on the circuit 
board. 


Darlington Pair 


This is two transistors connected together so that the amplified current from the first is amplified 
further by the second transistor. This gives the Darlington pair a very high current gain such as 
10000. Darlington pairs are sold as complete packages containing the two transistors. They 
have three leads (B, C and E) which are equivalent to the leads of a standard individual 
transistor. 


You can make up your own Darlington pair from two transistors. 
For example: 


e For TR1 use BC548B with hee, = 220. 
e For TR2 use BC639 with Nees = 40. 


The overall gain of this pair is hre1 X Ares = 220 x 40 = 8800. 
The pair's maximum collector current I¿(max) is the same as TR2. 
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5100 8.2 KQ 1 UF 82 kQ 10 KQ 
resistor resistor capacitor resistor resistor 


0.1 uF 
capacitor 


0.22 uF 
capacitor 


E a Ys 
oa. 
_—Á 


III ANA 


DA 
0.5 mH PN2222 1 uF 
inductor transistor capacitor 


Figure 9.21 shows an_ oscilloscope attached to 
the circuit. 
Figure 9.21 


Heatsinks for Transistors 


Heat sinks are needed for transistors passing large currents. 


Why is a Heatsink Needed? 


Waste heat is produced in transistors due to the current flowing through them. 
If you find that a transistor is becoming too hot to touch it certainly needs a 
heat sink! The heat sink helps to dissipate (remove) the heat by transferring it 
to the surrounding alr. 


The rate of producing waste heat is called the thermal power, P. Usually the 
base current lg is too small to contribute much heat, so the thermal power is 
determined by the collector current Ic and the voltage Vce across the Heatsink 
transistor: 


P=IcXVce (see diagram below) 


The heat is not a problem if Ic is small or if the ; > 
transistor is used as a switch because when ‘full on' | o a A 
Vce Is almost zero. However, power transistors used 4 

In circuits such as an audio amplifier or a motor speed 
controller will be partly on most of the time and Vce 
may be about half the supply voltage. These power 
transistors will almost certainly need a heat sink to 
prevent them overheating. 


Power transistors usually have bolt holes for attaching 
heat sinks, but clip-on heat sinks are also available. 
Make sure you use the right type for your transistor. 
Many transistors have metal cases which are Heat-conducting paste 
connected to one of their leads so it may be 

necessary to insulate the heat sink from the transistor. Insulating kits are available with a mica 
sheet and a plastic sleeve for the bolt. Heat-conducting paste can be used to improve heat flow 
from the transistor to the heat sink, this is especially important if an insulation kit is used. 


Heatsink Ratings 


Heat sinks are rated by their thermal resistance (Rth) in °C/W. For example 2°C/W means the 
heat sink (and therefore the component attached to it) will be 2°C hotter than the surrounding air 
for every 1W of heat it is dissipating. Note that a lower thermal resistance means a better 
heatsink. 


This is how you work out the required heat sink rating: 


1. Work out thermal power to be dissipated, P = le x Vez 
If in doubt use the largest likely value for Ic and assume that Vce is half the supply 
voltage. 
For example if a power transistor is passing 1A and connected to a 12V supply, the 
power P is about 1 x % x 12 = 6W. 

2. Find the maximum operating temperature (Tmax) for the transistor if you can, otherwise 
assume Tmax = 100°C. 
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3. Estimate the maximum ambient (surrounding air) temperature (Tair). If the heat sink is 
going to be outside the case Tair = 25°C is reasonable, but inside it will be higher 
(perhaps 40°C) allowing for everything to warm up in operation. 

4. Work out the maximum thermal resistance (Rth) for the heat sink using: Rth = (Tmax - 
Tair) / P 


With the example values given above: Rth = (100-25)/6 = 12.5°C/W. 


5. Choose a heat sink with a thermal resistance which is less than the value calculated 
above (remember lower value means better heat sinking!) for example 5°C/W would be 
a sensible choice to allow a safety margin. A 5°C/W heat sink dissipating 6W will have a 
temperature difference of 5 x 6 = 30°C so the transistor temperature will rise to 
25 + 30 = 55°C (safely less than the 100°C maximum). 

6. All the above assumes the transistor is at the same temperature as the heat sink. This is 
a reasonable assumption if they are firmly bolted or clipped together. However, you may 
have to put a mica sheet or similar between them to provide electrical insulation, then 
the transistor will be hotter than the heat sink and the calculation becomes more difficult. 
For typical mica sheets you should subtract 2°C/W from the thermal resistance (Rth) 
value calculated in step 4 above. 


If this all seems too complex you can try attaching a moderately large heat sink and hope for 
the best. Cautiously monitor the transistor temperature with your finger, if tt becomes painfully 
hot switch off immediately and use a larger heat sink! 


Why Thermal Resistance? 
The term 'thermal resistance’ is used because it is analogous to electrical resistance: 


e The temperature difference across the heat sink (between the transistor and air) is like 
voltage (potential difference) across a resistor. 

e The thermal power (rate of heat) flowing through the heat sink from transistor to air is 
like current flowing through a resistor. 

e SoR=V/I becomes Rth = (Tmax - Tair)/P 

e Just as you need a voltage difference to make current flow, you need a temperature 
difference to make heat flow. 
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Variable Resistors 


Construction 


Variable resistors consist of a resistance track with connections 
at both ends and a wiper which moves along the track as you 
turn the spindle. The track may be made from carbon, cermet 
(ceramic and metal mixture) or a coil of wire (for low resistances). 
The track is usually rotary but straight track versions, usually 
called sliders, are also available. 


Variable resistors may be used as a rheostat with two 
connections (the wiper and just one end of the track) or as a ] 
potentiometer with all three connections in use. Miniature termas 
versions called presets are made for setting up circuits which will 
not require further adjustment. 


Variable resistors are often called potentiometers in books and 
catalogues. They are specified by their maximum resistance, 
linear or logarithmic track, and their physical size. The standard 
spindle diameter is 6mm. 


Standard Variable Resistor 
The resistance and type of track are marked on the body: 
4K7 LIN means 4.7 k&2 linear track. 
1M LOG means 1 M4 logarithmic track. 


Some variable resistors are designed to be mounted directly on the circuit board, but most are 
for mounting through a hole drilled in the case containing the circuit with stranded wire 
connecting their terminals to the circuit board. 


Linear (LIN) and Logarithmic (LOG) tracks 


Linear (LIN) track means that the resistance changes at a constant rate as you move the wiper. 
This is the standard arrangement and you should assume this type is required if a project does 
not specify the type of track. Presets always have linear tracks. 


Logarithmic (LOG) track means that the resistance changes slowly at one end of the track and 
rapidly at the other end, so halfway along the track is not half the total resistance! This 
arrangement is used for volume (loudness) controls because the human ear has a logarithmic 
response to loudness so fine control (slow change) is required at low volumes and coarser 
control (rapid change) at high volumes. It is important to connect the ends of the track the 
correct way round, if you find that turning the spindle increases the volume rapidly followed by 
little further change you should swap the connections to the ends of the track. 
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Rheostat 


This Is the simplest way of using a variable resistor. Two 
terminals are used: one connected to an end of the track, the 
other to the moveable wiper. Turning the spindle changes the 
resistance between the two terminals from zero up to the 
maximum resistance. 


Rheostat Symbol 


Rheostats are often used to vary current, for example to control 
the brightness of a lamp or the rate at which a capacitor charges. 


If the rheostat is mounted on a printed circuit board you may find that all three terminals are 
connected! However, one of them will be linked to the wiper terminal. This improves the 
mechanical strength of the mounting but it serves no function electrically. 


Potentiometer 


Variable resistors used as potentiometers have all three terminals 
connected. 


This arrangement is normally used to vary voltage, for example to 

set the switching point of a circuit with a sensor, or control the 

volume (loudness) in an amplifier circuit. If the terminals at the Potentiometer Symbol 
ends of the track are connected across the power supply then the 

wiper terminal will provide a voltage which can be varied from zero 

up to the maximum of the supply. 


Presets 


These are miniature versions of the standard variable resistor. 
They are designed to be mounted directly onto the circuit board 
and adjusted only when the circuit is built. For example to set the 
frequency of an alarm tone or the sensitivity of a light-sensitive 
circuit. A small screwdriver or similar tool is required to adjust 
presets. Preset Symbol 


Presets are much cheaper than standard variable resistors so they 
are sometimes used in projects where a standard variable resistor would normally be used. 


Multiturn presets are used where very precise adjustments must be made. The screw must be 


turned many times (10+) to move the slider from one end of the track to the other, giving very 
fine control. 
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Preset Presets 
(open style) (closed style) 


Other Components 


Light Dependent Resistor (LDR) 


An LDR is an input transducer (sensor) which converts 
brightness (light) to resistance. It is made from cadmium sulphide 
(CdS) and the resistance decreases as the brightness of light 
falling on the LDR increases. 


A multimeter can be used to find the resistance in darkness and 
bright light, these are the typical results for a standard LDR: 


e Darkness: maximum resistance, about 1ML. 
e Very bright light: minimum resistance, about 1002). 


For many years the standard LDR has been the ORP12, now the 
NORPS12, which ts about 13mm diameter. Miniature LDRs are 
also available and their diameter is about 5mm. 


An LDR may be connected either way round and no special 
precautions are required when soldering. 
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Multiturn preset 


circuit symbol 


Thermistor 


A thermistor is an input transducer (sensor) which converts 
temperature (heat) to resistance. Almost all thermistors have a 
negative temperature coefficient (NTC) which means their 
resistance decreases as their temperature increases. It is possible 
to make thermistors with a positive temperature coefficient 
(resistance increases as temperature increases) but these are 
rarely used. Always assume NTC if no information is given. 


A multimeter can be used to find the resistance at various 
temperatures, these are some typical readings for example: 


e Icy water 0°C: high resistance, about 12ké). 
e Room temperature 25°C: medium resistance, about 5ké2. 
e Boiling water 100°C: low resistance, about 40012. 


Suppliers usually specify thermistors by their resistance at 25°C an] y — 


(room temperature). Thermistors take several seconds to respond 
to a sudden temperature change, small thermistors respond more 
rapidly. 


circuit symbol 


A thermistor may be connected either way round and no special precautions are required when 
soldering. If it is going to be immersed in water the thermistor and its connections should be 
insulated because water is a weak conductor; for example they could be coated with 
polyurethane varnish. 


Piezo Transducer 


Piezo transducers are output transducers which convert an 
electrical signal to sound. They require a driver circuit (Such as a 555 
astable) to provide a signal and if this is near their natural (resonant) 
frequency of about 3KHz they will produce a particularly loud sound. 


Piezo transducers require a small current, usually less than 10mA, so 
they can be connected directly to the outputs of most ICs. They are 
ideal for buzzes and beeps, but are not suitable for soeech or music 
because they distort the sound. They are sometimes supplied with 
red and black leads, but they may be connected either way round. 
PCB-mounting versions are also available. 


circuit symbol 


Piezo transducers can also be used as input transducers for 
detecting sudden loud noises or impacts, effectively behaving as a crude microphone. 
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Loudspeaker 


Loudspeakers are output transducers which convert 
an electrical signal to sound. Usually they are called 
'speakers'. They require a driver circuit, such as a 555 
astable or an audio amplifier, to provide a signal. There 
is a wide range available, but for many electronics 
projects a 300mW miniature loudspeaker is ideal. This 
type is about 7Omm diameter and it is usually available 
with resistances of 8i} and 6442. If a project specifies a 
644} speaker you must use this higher resistance to 
prevent damage to the driving circuit. 


Most circuits used to drive loudspeakers produce an 
audio (AC) signal which is combined with a constant DC output signal 
signal. The DC will make a large current flow through the | Es: 220 F 
speaker due to Its low resistance, possibly damaging from amplifier 

both the speaker and the driving circuit. To prevent this Or other circuit 
happening a large value electrolytic capacitor is 
connected in series with the speaker, this blocks DC but o l 
passes audio (AC) signals. See capacitor coupling. capacitor in series to block DC 


Loudspeakers may be connected either way round 
except in stereo circuits when the + and - markings on 
their terminals must be observed to ensure the two 
speakers are in phase. 


Correct polarity must always be observed for large 
speakers in cabinets because the cabinet may contain a circuit symbol 

small circuit (a ‘crossover network’) which diverts the 

high frequency signals to a small speaker (a 'tweeter') because the large main speaker is poor 
at reproducing them. 


Miniature loudspeakers can also be used as a microphone and they work surprisingly well, 
certainly good enough for speech in an intercom system for example. 


Buzzer and Bleeper 


These devices are output 
transducers converting electrical 
energy to sound. They contain an 
internal oscillator to produce the 
sound which is set at about 400Hz 
for buzzers and about 3kHz for 
bleeper. 


Buzzer (about 400Hz) Bleeper (about 3kHz) 


Buzzers have a voltage rating but 
it is only approximate, for example 
6V and 12V buzzers can be used 
with a 9V supply. Their typical 
current is about 25mA. 


. circuit symbol 
Bleepers have wide voltage y 
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ranges, such as 3-30V, and they pass a low current of about 10mA. 


Buzzers and bleepers must be connected the right way round, their red lead is positive (+). 


Inductor (coil) 


An inductor is a coil of wire which may have a core of air, iron or 
ferrite (a brittle material made from iron). Its electrical property is 
called inductance and the unit for this is the Henry, symbol H. 
1H is very large so MH and UH are used, 1000uH = 1mH and 
1000mH = 1H. Iron and ferrite cores increase the inductance. 
Inductors are mainly used in tuned circuits and to block high 
frequency AC signals (they are sometimes called chokes). They 
pass DC easily, but block AC signals; this is the opposite of 
Capacitors. 


Inductors are rarely found in simple projects, but one exception 
is the tuning coil of a radio receiver. This is an inductor which 
you may have to make yourself by neatly winding enameled Ferrite rod 
copper wire around a ferrite rod. Enameled copper wire has very 

thin insulation, allowing the turns of the coil to be close together, ryy yy 

but this makes it impossible to strip in the usual way - the best 

method is to gently pull the ends of the wire through folded circuit symbol 
emery paper. 

Warning: a ferrite rod is brittle so treat it like glass, not iron! 


An inductor may be connected either way round and no special precautions are required when 
soldering. 


Soldering Guide 


How to Solder 


First a few safety precautions: 


e Never touch the element or tip of the soldering iron. 
They are very hot (about 400°C) and will give you a nasty burn. 

e Take great care to avoid touching the mains flex with the tip of the iron. 
The iron should have a heatproof flex for extra protection. An ordinary plastic flex will 
melt immediately if touched by a hot iron and there is a serious risk of burns and electric 
shock. 

e Always return the soldering iron to its stand when not in use. 
Never put it down on your workbench, even for a moment! 

e Work in a well-ventilated area. 
The smoke formed as you melt solder is mostly from the flux and quite irritating. Avoid 
breathing it by keeping you head to the side of, not above, your work. 

e Wash your hands after using solder. 
Solder contains lead which is a poisonous metal. 


- 181 - 


Preparing the soldering iron: 


e Place the soldering iron in its stand and plug in. 
The Iron will take a few minutes to reach its operating temperature of about 400°C. 

e Dampen the sponge in the stand. 
The best way to do this is to lift it out the stand and hold it under a cold tap for a 
moment, then squeeze to remove excess water. It should be damp, not dripping wet. 

e Wait a few minutes for the soldering iron to warm up. 
You can check if it is ready by trying to melt a little solder on the tip. 

e Wipe the tip of the iron on the damp sponge. 
This will clean the tip. 

e Melt a little solder on the tip of the iron. 
This Is called 'tinning' and it will help the heat to flow from the iron's tip to the joint. It only 
needs to be done when you plug in the iron, and occasionally while soldering if you need 
to wipe the tip clean on the sponge. 


You are now ready to start soldering: 


GOOD JOINT BAD JOINT 


(volcano shape) (dry joint) 


shiny 
dull 
oedh copper tracks ne 


PCB or 
stripboard 


component 


e Hold the soldering iron like a pen, near the base of the handle. 
Imagine you are going to write your name! Remember to never touch the hot element or 
tip. 

e Touch the soldering iron onto the joint to be made. 
Make sure it touches both the component lead and the track. Hold the tip there for a few 
seconds and... 

e Feed alittle solder onto the joint. 
It should flow smoothly onto the lead and track to form a volcano shape as shown in the 
diagram. Apply the solder to the joint, not the iron. 

e Remove the solder, then the iron, while keeping the joint still. 
Allow the joint a few seconds to cool before you move the circuit board. 

e Inspect the joint closely. 
It should look shiny and have a 'volcano' shape. If not, you will need to reheat it and feed 
in a little more solder. This time ensure that both the lead and track are heated fully 
before applying solder. 


Using a Heatsink 


Some components, such as transistors, can be damaged by heat when 
soldering so if you are not an expert it is wise to use a heat sink clipped to 
the lead between the joint and the component body. You can buy a 
special tool, but a standard crocodile clip works just as well and is 
cheaper. 


Crocodile clip 
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Further information 


For a much more detailed guide to soldering, including troubleshooting, please see the 
Basic Soldering Guide on the Everyday Practical Electronics Magazine website. 


Soldering Advice for Components 


It is very tempting to start soldering components onto the circuit board straight away, but please 
take time to identify all the parts first. You are much less likely to make a mistake if you do this! 


1. Stick all the components onto a sheet of paper using sticky tape. 
2. Identify each component and write its name or value beside it. 
3. Add the code (R1, R2, C1 etc.) if necessary. 
Many projects from books and magazines label the components with codes (R1, R2, C1, 
D1 etc.) and you should use the project's parts list to find these codes if they are given. 
4. Resistor values can be found using the resistor color code which is explained on our 
Resistors page. 
5. Capacitor values can be difficult to find because there are many types with different 
labeling systems! The various systems are explained on our Capacitors page. 


Some components require special care when soldering. Many must be placed the correct way 
round and a few are easily damaged by the heat from soldering. Appropriate warnings are given 
in the table below, together with other advice which may be useful when soldering. 


For most projects it is best to put the components onto the board in the order given below: 


Components Pictures Reminders and Warnings 


Connect the correct way 
round by making sure the notch 
Is at the correct end. 

Do NOT put the ICs (chips) in 
yet. 


No special precautions are 
needed with resistors. 


These may be connected either 
way round. 

Take care with polystyrene 
Capacitors because they are 
easily damaged by heat. 


Connect the correct way 
round. They will be marked with 
a + or - near one lead. 


Connect the correct way 
round. 
Diodes — Take care with germanium 
| 2 diodes (e.g. OA91) because 
they are easily damaged by 
heat. 


Chip Holders 
(DIL sockets) 


Resistors 


Small value capacitors 
(usually less than 1uP) 


Electrolytic capacitors 
(1uF and greater) 
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Channel 1 Channel 1 
ground clip oscilloscope probe 


Figure 9.22 shows the sine wave generated 
by the Colpitts oscillator with feedback to the 


emitter. You can determine the period = of this 
waveform by counting the number of 
horizontal divisions the waveform takes to 
complete one cycle, and then multiplying the 
number of divisions by the TIME/DIV setting. 
Figure 9.22 


LEDs 


Transistors 


Wire Links between points 
on the circuit board. 


Battery clips, buzzers and 
other parts with their own 
wires 


Wires to parts off the circuit 
board, including switches, 
relays, variable resistors 
and loudspeakers. 


ICs (chips) 


single core wire 


stranded wire 
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Connect the correct way 
round. 

The diagram may be labeled a 
or + for anode and k or - for 
cathode; yes, it really is k, not c, 
for cathode! The cathode is the 
short lead and there may be a 
slight flat on the body of round 
LEDs. 


Connect the correct way 
round. 

Transistors have 3 'legs' (leads) 
so extra care is needed to 
ensure the connections are 
correct. 

Easily damaged by heat. 


Use single core wire, this is one 
solid wire which is plastic- 
coated. 

If there is no danger of touching 
other parts you can use tinned 
copper wire, this has no plastic 
coating and looks just like solder 
but it is stiffer. 


Connect the correct way 
round. 


You should use stranded wire 
which is flexible and plastic- 
coated. 

Do not use single core wire 
because this will break when it is 
repeatedly flexed. 


Connect the correct way 
round. 

Many ICs are static sensitive. 
Leave ICs in their antistatic 
packaging until you need them, 
then earth your hands by 
touching a metal water pipe or 
window frame before touching 
the ICs. 

Carefully insert ICs in their 
holders: make sure all the pins 
are lined up with the socket then 
push down firmly with your 
thumb. 


What is solder? 


Solder is an alloy (mixture) of tin and lead, typically 60% tin and 40% 
lead. It melts at a temperature of about 200°C. Coating a surface with 
solder is called 'tinning' because of the tin content of solder. Lead is 
poisonous and you should always wash your hands after using solder. 


Solder for electronics use contains tiny cores of flux, like the wires 
inside a mains flex. The flux is corrosive, like an acid, and it cleans the 
metal surfaces as the solder melts. This is why you must melt the 
solder actually on the joint, not on the iron tip. Without flux most joints 
would fail because metals quickly oxidize and the solder itself will not 
flow properly onto a dirty, oxidized, metal surface. Reels of solder 


The best size of solder for electronics is 22swg (SWG = Standard Wire Gauge). 


Desoldering 


At some stage you will probably need to desolder a joint to remove or re-position a wire or 
component. There are two ways to remove the solder: 


1. With a desoldering pump (solder sucker) 


e Set the pump by pushing the spring- 
loaded plunger down until it locks. 

e Apply both the pump nozzle and the 
tip of your soldering iron to the joint. 

e Wait a second or two for the solder to 
melt. 

e Then press the button on the pump to 
release the plunger and suck the 
molten solder into the tool. 

e Repeat if necessary to remove as 
much solder as possible. 

e The pump will need emptying 
occasionally by unscrewing the 
nozzle. 


Using a desoldering pump (solder sucker) 


2. With solder remover wick (copper braid) 


e Apply both the end of the wick and the tip of your soldering iron 


to the joint. 
e As the solder melts most of it will flow onto the wick, away from 
the joint. 
e Remove the wick first, then the soldering iron. > 
e Cut off and discard the end of the wick coated with solder. Solder remover wick 


After removing most of the solder from the joint(s) you may be able to remove the wire or 
component lead straight away (allow a few seconds for it to cool). If the joint will not come apart 
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easily apply your soldering iron to melt the remaining traces of solder at the same time as 
pulling the joint apart, taking care to avoid burning yourself. 


First Aid for Burns 
Most burns from soldering are likely to be minor and treatment is simple: 


e Immediately cool the affected area under gently running cold water. 
Keep the burn in the cold water for at least 5 minutes (15 minutes is recommended). If 
ice is readily available this can be helpful too, but do not delay the initial cooling with cold 
water. 

e Do not apply any creams or ointments. 
The burn will heal better without them. A dry dressing, such as a clean handkerchief, 
may be applied if you wish to protect the area from dirt. 

e Seek medical attention if the burn covers an area bigger than your hand. 


To reduce the risk of burns: 
e Always return your soldering iron to its stand immediately after use. 


e Allow joints and components a minute or so to cool down before you touch them. 
e Never touch the element or tip of a soldering iron unless you are certain it is cold. 


Tools Required for Electronics 


Soldering iron 


For electronics work the best type is one powered by mains electricity (230V in the UK), it 
should have a heatproof cable for safety. The Iron's power rating should be 15 to 25W and it 
should be fitted with a small bit of 2 to 3mm diameter. 


Other types of soldering iron: 


Low voltage soldering irons are available, but their extra safety is undermined if you have a 
mains lead to their power supply! Temperature controlled irons are excellent for frequent use, 
but not worth the extra expense if you are a beginner. Gas-powered irons are designed for use 
where no mains supply is available and are not suitable for everyday use. Pistol shaped solder 
guns are far too powerful and cumbersome for normal electronics use. 


- 186 - 


Soldering iron stand 


You must have a safe place to put the iron when you are not holding it. The stand should 
include a sponge which can be dampened for cleaning the tip of the iron. 


Desoldering pump (solder sucker) 


A tool for removing solder when desoldering a joint to correct a mistake or replace a component. 


Solder remover wick (copper braid) 


This is an alternative to the desoldering pump shown above. 


~~ Reel of solder 


The best size for electronics is 22SWG (SWG = Standard Wire Gauge). 
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=> Side Cutters 


For trimming component leads close to the circuit board. 


- Wire Strippers 


Most designs include a cutter as well, but they are not suitable for trimming component leads. 


Small Pliers 


Usually called 'snipe nose' pliers, these are for bending component leads etc. If you put a strong 
rubber band across the handles the pliers make a convenient holder for parts such as switches 
while you solder the contacts. 


Small flat-blade screwdriver 


For scraping away excess flux and dirt between tracks, as well as driving screws! 


Heat sink 


You can buy a special tool, but a standard crocodile clip works just as well and is cheaper. 


The following tool is only required if you are using stripboard: 
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Track Cutter 


A 3mm drill bit can be used instead; in fact the tool is usually just a 3mm drill bit with a proper 
handle fitted. 


The following tools are only required if you make your own PCBs: 


PCB Rubber 


This is an abrasive rubber for cleaning PCBs. It can also be used to clean stripboard where the 
copper tracks have become dull and tarnished. 


Small Electric Drill 


Ideally this should be mounted in a drill stand. You will need a range of small drill bits, but for 
most holes a 1mm bit is suitable. Larger holes can be drilled with a hand drill but 1mm bits are 
too fragile to use reliably in a hand drill. 


Starter Kit of Components 


If you are new to electronics and would like to try adapting published projects, or designing and 
building your own circuits, you need to have a small stock of components available. However, 
there is a very wide range of components and it can be difficult to know which ones you really 
need! | hope the list below will help you choose a sensible selection which is within your budget. 
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Remember that circuits built on breadboard can be dismantled after use and the components 
re-used. Remember that you will need to organize storage of the components! 


Essential components 


These are the components used in most projects. The individual components are quite cheap, 
but the total cost of the set will be significant! One way to spread the cost is to add a few items 
from this list every time you buy the components for a particular project. Click on the titles for 
further information. 


Resistors 


Hh 


0.25W carbon film resistors are the cheapest type. Choose ones with 4-band colour codes 
because these are easier to read (the precision of 5-band codes is unnecessary). 

Ideally you need a good selection of values over the range 10011 to 1Mé2 such as the 

E6 or E12 series, but that is a large number of resistors! As a minimum | suggest: 470*, 1k*, 
2k2, 4k7, 10k*, 22k, 33k, 47k, 100k, 220k, 470k and 1M£1. Buy at least 10 of each value and 20 
of those marked *. The 47011 resistors are for use with LEDs, even if a project specifies a 
slightly different value. 


Resistors may be combined in series and parallel to obtain extra values, for example 100k{2 
and 220k&2 in series is 320k& which is close enough to 330ké2. 


Capacitors 


Low values: 0.01uF and 0.1uF metallized polyester, 10 of each. 25 = $ E 


High values: 1uF 63V, 10uF 25V, and 100uF 25V electrolytic 


with radial leads, 10 of each; 220uF 25V and 470uF 25V 
electrolytic with axial leads, 3 of each. — our} 
Diodes 
EF 
EF | 1N4148 signal diode and 1N4001 rectifier diode, 5 of each. 
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LEDs 


ja Red, yellow and green 5mm standard LEDs, 10 of each. 


Transistors 


_ 
a 
r 


About 5 general purpose, low power, NPN transistors. These should have a maximum 
collector current (lc max) of 100mA, and a minimum current gain (hre min) of 200. 
For example: BC548B (BC108 equivalent). 


About 5 general purpose, medium power, NPN transistors. These should have a maximum 
collector current (lc max) of 1A, and a minimum current gain (hee min) of 30. 
For example: BC639 (BFY51 equivalent). 


Integrated circuits ('chips”) and holders 


NE555 timer IC, at least 3 (10 if you plan to solder projects). It is not worth ordering 
other ICs at this stage unless you know they are needed for some of the projects 
you wish to try. 


If you are planning to solder circuits on stripboard or PCB you will also need 8-pin, 
14-pin and 16-pin DIL sockets (chip holders), at least 10 of each. 


Variable Resistors 


Presets are cheaper than standard variable resistors but most 

have pins which are too large for breadboards. For breadboard 
circuits is probably best to buy standard variable resistors and 

solder short single core 1/0.6mm wires onto them. 


The useful values are: 10k LIN, 100k LIN and 1M1£2 LIN, buy 2 of 
each. A 1M11 LOG potentiometer is useful too. Knobs are 
optional because it is easy to turn the spindles by hand. If you Standard Variable Resistor 
buy presets the horizontal style are best, all presets are LIN. 
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Battery Clips 


Clip for a 9V PP3 battery; buy 3 (or 10 if you plan to solder 
projects). Remember to buy a battery too! 


Wire 


Red and black 7/0.2mm stranded wire, one color of single-core 
1/0.6mm wire, 10m (or a reel) of each. If you are planning to build 
projects on breadboard buy extra colors of the single-core wire, 
including red and black. 


Aa 


Crocodile Clips 


Buy at least one standard crocodile clip to use as a heat 
sink when soldering. Miniature red and black crocodile 
clips (buy about 10 of each) are useful for making your 
own test leads using 7/0.2mm stranded wire. 


Switches 


Switches are not essential for breadboard circuits because you 
can make or break links with pieces of wire. The on/off switch 
from soldered projects can also be omitted if you are willing to 
unclip the battery instead. 


If you wish to buy a few switches the most useful types are push- TEE, 
to-make and miniature SPDT toggle switches, 3 of each. 


Stripboard 


Buy a large sheet (or two) and cut it up as required. You can 
cut it neatly to size using a junior hacksaw, cutting along the 
lines of holes is easiest. For quickness you can break it over 
the edge of a workbench along the lines of holes - take care 
though because this needs a fairly large force and the edges 
will be rough. You may need to use a large pair of pliers to 
nibble away any jagged parts. 


Avoid handling stripboard that you are not planning to use 
immediately because sweat from your hands will corrode the copper tracks and this will make 
soldering difficult unless you clean the board first. 
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Breadboard 


A small breadboard (such as the Protobloc 1 shown in the 
picture) is suitable for simple circuits with up to two ICs, but if 
you intend to build more complex circuits such as counters it is 
best to buy a larger breadboard (such as the Protobloc 2). 


Breadboards do not require soldering so the components used 
on them can be re-used many times. They are ideal for testing 
your own circuit designs and trying out ideas such as adapting 
a published project. 


Other components to consider 


Buy these if you can afford them, or wait until they are needed for 
a project. 


A light dependent resistor (LDR), ORP12 or NORPS12. 
A thermistor, miniature disc type, NTC about 5k£2@25°C. 
A piezo transducer with flying leads. 

A buzzer or bleeper. 

A miniature loudspeaker 812. Miniature piezo transducer 


Storage Systems for Components 


You can store all your components in a single container, such as a 
plastic food box, but as you accumulate more items it will become 
increasingly difficult to find the smaller components! A cheap 
solution is to organize the parts into small snap-top plastic bags 
which can be labeled, in fact you may find that some components 
are supplied like this. 


Probably the best storage system Is a cabinet of plastic drawers. 
These can be expensive, but you do not need many drawers 
because there is no need to have a drawer for every single 
component value. Many parts can be grouped together, such as 
decades of resistor values. For example you could organize a 15- 
drawer cabinet like this: 


1. Resistors 10¢2+ (third band black) only a few, but they tend 
to be large 

Resistors 100¢2+ (third band brown) 

Resistors 1k£1+ (third band red) 

Resistors 10k£2+ (third band orange) 

Resistors 100k£2+ (third band yellow) 

Resistors 1M£1+ (third band green) and 10M4 (third band 
blue) 

Presets, also variable resistors if they will fit in the drawer 
Capacitors low values, less than 1uF Drawer cabinet 
Capacitors electrolytic 1uF+ 


oO = ON 


O pN 
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3.4 divisions 
per cycle 


As you measure the period, you may need 


to adjust the TIME/DIV, the horizontal 
POSITION, and the vertical POSITION controls 
on the oscilloscope. The controls shown In 
Figure 9.23 are adjusted to measure the 


period for the Colpitts oscillator. 
Figure 9.23 


10. Diodes and transistors 

11. LEDs and lamps (also LED clips and lampholders) 

12. ICs (chips) and their holders (DIL sockets) 

13. Switches and relays 

14. Connectors (crocodile clips, plugs and sockets) 

15. Other components (battery clips, piezo transducers, LDR, thermistors) 


Frequently Asked Questions 


Why is the letter | used to represent current? 


The letter | seem to be an odd choice for the English language, but it was chosen in the early 
days of electricity to represent intensity of current which we simply call current today. The unit 
of current, the ampere, is named after the French scientist André-Marie Ampere in recognition 
of his work on the relationship between electric current and magnetism. Ampere referred to 
electric current as "l'intensité du courant électrique", so | was a logical choice to represent 
intensite (intensity). | am grateful to Barry Caruth for suggesting a search of the internet for 
"Ampere" and "l'intensité du courant électrique" which returns many sites as evidence (most of 
them French) enabling me to answer this question with confidence. 


modern 
Why do some books use zigzag lines for resistors in circuit diagrams? 
The zigzag line is the old symbol for a resistor and you may find it in older books and 


magazines. Unfortunately a few publications still use it! The correct modern symbol for a resistor 
is arectangle. 


My project has a resistor labeled 47, does that mean 47k{2? 
No, it means 47%} which is 1000 times smaller! 47k&2 would be shortened to 47k (or 47K). The 


ohm (£2) symbol is often omitted from circuit diagrams and component layouts but the k 
(meaning kilo = 1000) will always be included if it is needed. 


Why do resistors have odd values like 47k and 56k, but not 50k? 


There is a good reason for these odd values and it is explained on the Resistors page. 
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A project on another website lists a 10kW resistor! What does it mean? 


It almost certainly means a 10kt1 resistor. This is a common error which occurs when the web 
page specifies a Greek font. If this font is not available on your computer you see the character 
in your standard font and it happens to be W which is the symbol for watt, the unit of power! | 
avoid the problem on this website by using a small image for £3. In a few projects a low value 
resistor with a high power rating is required but the power will be something smaller like 5W, 
never 10kW which is more powerful than an electric heater! 


My soldering iron was supplied with a hook, do | really need to buy a stand as well? 


For safety you must buy (or make) a stand for your soldering iron. Please don't use the hook 
because it leaves exposed the very hot element and tip of the iron - it is too easy to accidentally 
touch them and burn yourself. If you can't afford to buy a stand you could try making your own 
with a spiral of stiff galvanized iron wire (a coat-hanger?) screwed to a block of wood. Ideally the 
stand should include a damp sponge for safely wiping the tip of the iron when it needs cleaning. 


My teacher says that Christmas tree lights are a series circuit, so when one lamp blew on 
Christmas Eve why didn't they all go out? 


Traditional Christmas tree lights are connected in series and you are correct in thinking that if 
one lamp blows all the lamps should go out. The problem is that Christmas tree lights are not 
like ordinary lamps! When they blow they automatically short-circuit (they become like a wire 
link) so the circuit is still complete and the other lamps remain lit. This makes It easy to see the 
blown lamp, but do remember to switch off before changing it. 


What component has a black stripe in the centre (it looks like a diode)? 


A small component about the size of a resistor or signal diode with a single black stripe in the 
centre is a zero-ohm resistor, it is really just a wire link! These components are used on 
commercial PCBs because they are easier for machines to handle than small pieces of wire. 
The single black stripe is logical because it means zero in the resistor color code. Ordinary 
resistors have at least four stripes. Diodes have a single stripe near one end, not in the centre. 


What is a "Short circuit"? 


A "short circuit" is a connection of very low resistance such as a wire (almost 012) which 
provides a very easy path for current. Think of it as an electrical short-cut. It is normally used to 
describe a fault or accidental connection rather than a deliberate one. 

For example: if the leads from a battery touch one another they create a very low resistance 
connection across the battery, so we say they have caused a short circuit across the battery. 
Current will flow through this short circuit rather than through the proper circuit. This stops the 
circuit working and it may cause a fire because the leads and battery will become hot witha 
large current flowing. 
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What does "open circuit" mean? 


"Open circuit" means no connection. It is usually used to describe a break in some part of a 
circuit which could be deliberate (such as a switch in the open or off position) or a fault (such as 
a broken wire or burnt out component). 


How do I choose a relay to use with one of your projects? 


The 555 timer chip used in many projects can supply current up to 200mA so It can power most 
relays directly. However, you must connect a signal diode (a 1N4148 for example) in parallel 
across the relay coil to protect the 555. Note that this diode is connected 'backwards' so that it 
will normally not conduct. 


I want to use a large number of LEDs, do I need a resistor for each one? 


No, you can usually connect a few LEDs of the same type in series and just use one resistor. 
The number of LEDs you can connect in series depends on the circuit's supply voltage. This 
arrangement has the advantage of reducing the total current required by the circuit. Please see 
the LEDs page for more details: 


I want to build up a stock of components, what should I buy first? 


Most people build their first few projects from complete kits, but if you want to try adapting 
published projects or designing and building your own circuits you will need to have a small 
stock of components available. There is a page with advice on buying a starter kit of 
components. 


What is a Darlington pair? 


A Darlington pair is two transistors connected together so that the current amplified by the first is 
further amplified by the second transistor, giving a very high gain of 10000 or so. 


What does 'sinking a current' mean? 


It means current is flowing into the output of a chip. This happens when the output is low (OV) if 
there is a device connected between the positive supply (+Vs) and the output. It is the opposite 
of sourcing a current which means current is flowing out of the output. Most chip outputs can 
both sink and source current. 
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Are 'time period' and 'time constant' the same thing? 


No, they have different meanings although both are time. Time period is the duration of a 
single pulse or the time for one cycle of a repeating electrical signal. Time constant is a 
property of a changing system, such as a capacitor charging and discharging. 


What is a PIC? 


A PIC is a Programmable Integrated Circuit microcontroller, a ‘computer-on-a-chip’. They have a 
processor and memory to run a program responding to inputs and controlling outputs, so they 
can easily achieve complex functions which would require several conventional ICs. | can 
strongly recommend the PICAXE system because it is easy to program (and re-program) the 
PICs with a standard computer - no specialist equipment is required other than a low-cost 
download lead. The programming software and extensive documentation is available to 
download free of charge, making the system ideal for education and users at home. 


Why does my circuit count 3 or 4 when | press the switch once? 


This is likely to happen if a switch is connected directly to the clock input of a counter. Switches 
contacts tend to rapidly bounce open and closed a few times when the switch is operated. The 
counter sees this as several clock pulses, not the single pulse you expect. One solution is to 
make the switch trigger a monostable circuit with a short time constant (0.1s for example) and 
use this to drive the clock input. 


What is a schematic? 


It is a circuit diagram. 


What does 'SMD' mean? 


'SMD' means Surface Mount Device. SMDs are components with small pads instead of leads 
for their contacts. They are designed for soldering by machine onto specially designed PCBs 
and are not suitable for educational or hobby circuits constructed on breadboard or stripboard. 
Do not buy SMD components for your projects! 
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1 
SUPPRESSOR 


FIELD OF THE INVENTION 


This invention relates in general to firearms, and in 
particular relates to apparatus for suppressing the muz- 
zle blast and attendant noise of a firearm. 


BACKGROUND OF THE INVENTION 


Suppressors or so-called silencers for firearms gener- 
ally operate to reduce the energy of the gases propelling 
the bullet from the muzzle of the firearm. By reducing 
the energy level of the propellant gases in a relatively 
controlled manner compared to the abrupt discharge of 
gases leaving the muzzle of an unsuppressed firearm, 
the audible noise or sharp report of the firing can be 
suppressed to a significant extent. One technique of 
suppressing the report of firearms calls for reducing the 
temperature of the propellant gases, before these gases 
are released to the atmosphere. Since the internal en- 
ergy of a compressed gas is a function of the gas temper- 
ature, the energy of propellant gases exiting the sup- 
pressor at a reduced temperature thus 1s reduced, bring- 
ing about a corresponding reduction in the noise pro- 
duced by the propellant gases. 

Various kinds of suppressors seeking to accomplish 
the foregoing function are known to the prior art. A 
number of practical disadvantages generally are associ- 
ated with these prior suppressors. For example, some 
suppressors require expansion chambers, baffle plates, 
partitions, or the like, machined or otherwise fabricated 
in a manner requiring relatively costly fabrication and 
assembly techniques. Because suppressors generally are 
attached to the muzzle of a firearm and extend a dis- 
tance in front of the muzzle, the added diameter and 
weight of such existing suppressors frequently is an- 
other disadvantage. 

One such suppressor, disclosed in U.S. Pat. No. 
2,448,382, seeks to reduce these problems by providing 
the suppressor concentric with a portion of the rifled 
barrel of the firearm. Radial holes are drilled through 
the rifled barrel to vent the propellant gases into the 
surrounding suppressor. This arrangement, while re- 
ducing the overall length of firearm-suppressor combi- 
nation, adversely affects the accuracy of the firearm 
unless the radial holes enter the rifled barrel only in the 
grooves of the rifling. This desired placement of the 
radial holes, while not impossible, calls for considerable 
manufacturing precision and thus is impractical. 


SUMMARY OF INVENTION 


The suppressor of the present invention reduces the 
energy of propellant gases, and thus reduces the associ- 
ated firing noise or report, by apparatus including one 
Or more absorbent elements serially disposed within a 
housing attachable to the muzzle of the firearm. Plural 
individual elements of absorbent material are preferred, 
and adjacent elements of the absorbent material are 
separated by a baffle which covers less than the entire 
end area of the adjacent elements, leaving a portion of 
the end area uncovered within the housing. These un- 
covered end portions enhance the passage of propellant 
gases into and through the gas-absorbent elements, im- 
proving the noise-suppressing ability of a suppressor 
according to the present invention having a given mass 
of absorbent material. 

Stated somewhat more specifically, suppressors ac- 
cording to the present invention preferably use absor- 
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bent elements of knitted ferrous or non-ferrous material 
for absorbing and expanding the propellant gases and 
dissipating the heat from these gases. It is believed that 
the use of knitted material provides a labyrinth of close- 
ly-packed wires with interstitial spaces defined between 
the knitted wire mesh, thereby providing an increased 
expansion volume for the propellant gases and also 
substantially increasing the surface area of wire avail- 
able to absorb heat from the propellant gases. 

Accordingly, it is an object of the present invention 
to provide an improved suppressor for firearms or the 
like. 

It is another object of the present invention to pro- 
vide a suppressor which is relatively efficient in opera- 
tion without adversely affecting the accuracy of the 
firearm. 

It is still another object of the present invention to 
provide a suppressor which maximizes gas dispersion 
into the total interior volume of the suppressor. 

Other objects and advantages of the present invention 
will become more readily apparent from the following 
discussion of a preferred embodiment. 


BRIEF DESCRIPTION OF DRAWINGS 


FIG. 1 is a pictorial view showing a suppressor ac- 
cording to a preferred embodiment of the present inven- 
tion, and having a portion of the suppressor tube cut 
away for illustrative purposes. 

FIG. 2 is an exploded view of the suppressor shown 
in FIG. 1, with certain components shown broken away 
for illustration. | 

FIG. 3 is a longitudinal section view of the suppressor 
shown in FIG. 1. 

FIG. 4 is a transverse section view taken along line 
4—4 of FIG. 3. 


DETAILED DESCRIPTION OF PREFERRED 
EMBODIMENT 


Turning first to FIG. 1, there is shown generally at 10 
a suppressor designed to be removably attached to the 
muzzle of a firearm (not shown) such as a hand gun or 
the like. The particular disclosed suppressor embodi- 
ment 10 is designed for use with a firearm chambered to 
fire the .22 long rifle cartridge, although it should be 
understood that the choice of a particular cartridge is 
not critical to the present invention. 

The suppressor 10 includes an elongated tubular 
housing 11 having threaded front and back ends 12 and 
13, respectively, best seen in FIG. 2. At the back end 13 
of the housing 11 is the connector sleeve 14, having an 
exterior-threaded body portion 15 which screws into 
the threaded back end of the housing. The connector 
sleeve 14 has an internal axial passage 16, FIGS. 2 and 
3, which is threaded to fit corresponding external 
threads at the muzzle end of the firearm for which the 
suppressor 10 is to be used. The threads in the axial 
passage 16 preferably are relatively coarse, so as to 
facilitate removal and attachment of the suppressor 
from the firearm barrel. 

A hollow neck 17 extends forwardly from the body 
portion 15 of the connector sleeve 14. The neck 17 has 
an open internal passage coaxial with the threaded axial 
passage 16 through the body portion 15. As seen in 
FIG. 3, it will be appreciated that the internal diameter 
of the passage in the neck 17 is sufficient to accommo- 
date passage of bullets entering the suppressor through 
the connector sleeve 14. It will also be evident that the 
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diameter of the axial passage 16 leading to the neck 17 
is somewhat greater than the diameter of the passage in 
the neck, so as to accommodate the thickness of the 
threaded barrel to which the connector sleeve will be 
attached. 

An encapsulator 21 is fitted to the front end 12 of the 
housing 11, and holds together the suppressor compo- 
nents within the housing. The encapsulator 21 has a 
body portion 22 externally threaded to fit within the 
threaded front end 12 of the suppressor housing 11. An 
axial passage 23 extends through the encapsulator 21, 
and 1t should be understood that the diameter of this 
axial passage is selected to permit unimpeded passage of 
bullets through the suppressor. 

A number of separate absorbent elements are dis- 
posed within the housing 11 of the suppressor. Three 
such absorbent elements 26a, 26b, and 26c, taken from 
the back to the front of the suppressor, are used in the 
disclosed embodiment, although it should be under- 
stood that a greater or lesser number of absorbent ele- 
ments may alternatively be used. Nevertheless, it is 
preferred that at least two such separate absorbent ele- 
ments be utilized, aligned in tandem within the housing 
11 as disclosed herein. Each such absorbent element 
26a-26c is made of a knitted mesh of ferrous or nonfer- 
rous material, preferably metallic wire having relatively 
good heat-transfer characteristics for effective dissipa- 
tion of heat and consequent temperature reduction of 
the propellant gases entering the suppressor. In a spe- 
cific embodiment of suppressor according to the present 
invention, the absorbent elements comprise knitted 
mesh made of copper wire for good thermal conductiv- 
ity and resistance to corrosion. The knitted mesh of the 
absorbent elements 26a~—26c is closely wound, defining a 
multitude of tortuous paths for the flow of gases 
through the absorbent elements. 

Each of the absorbent elements 26a-26c takes the 
shape of an annular cylinder having an axial passage 
allowing bullets to travel through the suppressor. The 
axial passages 27b and 27c of the corresponding absor- 
bent elements 26b and 26c are of relatively small diame- 
ter, just sufficient for unimpeded passage of the bullet 
therethrough. The axial passage 27a through the absor- 
bent element 26a is of somewhat larger diameter to 
accommodate the neck 17 of the connector sleeve 14, as 
best shown in FIG. 3. The absorbent element 26a thus is 
a sliding fit on the neck of the connector sleeve 14. The 
outer diameter of each absorbent element 26a-26c pref- 
erably permits a close sliding fit within the housing 11, 
so that the internal diameter of the housing is substan- 
tially filled by the absorbent elements. 

Interposed between adjacent absorbent elements are 
the triangular-shaped baffles 30a and 30b. These baffles 
preferably are made of a flexible elastomeric material, 
and each baffle has a central opening 31 (FIG. 4) 
through which bullets pass. However, the baffles 30a 
and 305 may be manufactured in the form of blank 
pieces as depicted in FIG. 2, lacking any central open- 
ing; the first round fired through the suppressor will 
form its own boresight central openings through the 
baffles. This arrangement not only reduces to some 
extent the cost of fabricating the baffles, but also assures 
that the openings 31 formed in the baffles are properly 
aligned. 

Referring now to FIG. 4, it is seen that the triangular 
shape of the baffle 305 covers substantially less than the 
entire end surface area 32 of the absorbent element 26b. 
The triangular shape of the baffle 30b exposes three 
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such end surface areas 32 on the end of the absorbent 
element 26b; the corners 33 of the baffle may be trun- 
cated to conform to the inner circumference of the 
suppressor housing 11, thereby keeping the baffle sub- 
stantially centered within the housing. The baffle 30a 
between the adjacent absorbent elements 26a and 26b 
likewise is triangular, leaving the confronting end sur- 
faces of those two absorbent elements partially exposed. 
Each baffle 30a and 306 is sufficiently thick to maintain 
a space 35 between the confronting end surface areas of 
adjacent absorbent elements. 

A circular bullet wiping seal 36 is disposed between 
the back of the encapsulator 21 and the forward end of 
the front absorbent element 26c. The seal 26, which may 
be of an elastomeric material the same as the baffles 30a 
and 300, seals the forward end of the suppressor housing 
11 and provides a close compression fit of all suppressor 
elements within the housing as the encapsulator 21 is 
threaded into the front end 12 of the housing. As seen in 
FIG. 2, the seal 36 may be formed without a central 
opening, the first round fired through the suppressor 
forming the necessary opening as with the baffles 30a 
and 30b. 

When a firearm fitted with the suppressor 10 is fired, 
the bullet serially passes through the several suppressor 
sections defined by the separate absorbent elements 
26a-26c and the baffles 30a, 306 interposed between 
adjacent absorbent elements. The expanding propellant 
gases immediately behind the bullet disperse into the 
absorbent elements, radiating outwardly into these ele- 
ments from the axial passages 27 through the elements. 
These propellant gases enter and disperse through the 
aforementioned tortuous passages defined by the knit- 
ted wire material of the absorbent elements, lowering 
the temperature of the propellant gases by heat transfer 
to the wire mesh. The energy of the propellant gases 
within the suppressor thus is reduced as the gas temper- 
ature falls, so that the noise or report of firing ts muffled 
or significantly suppressed as the bullet exits the axial 
passage 23 through the encapsulator 21 at the front end 
of the suppressor. 

The use of separate absorbent elements 260-26c, set 
off by the baffles 30a and 304, improves the energy- 
absorbing capability of the suppressor by providing 
separate energy-absorbing sections for receiving the 
expanding propellant gases following the bullet through 
the suppressor. The exposed end surface areas 32 of 
confronting adjacent baffles, aided by the space 35 be- 
tween adjacent absorbing elements, increases the ex- 
posed surface area of the absorbent elements available 
for gas dispersion within the suppressor, and thus fur- 
ther enhances the noise-suppressing effectiveness of the 
suppressor without need for increasing the size of the 
absorbent elements. 

It should be understood that the foregoing pertains 
only to a disclosed embodiment of the present inven- 
tion, and that numerous changes and modifications 
therein may be made without departing from the spirit 
or scope of the invention as set forth in the following 
claims. 

I claim: 

1. Sound suppressor apparatus for use with firearms, 
comprising: 

a tubular housing attachable to the muzzle end of a 

firearm and defining a hollow interior surrounding 
a path along which bullets can travel; 

plural elements of absorbent material disposed along 

the hollow interior of said housing, in surrounding 
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relation with said bullet path, said absorbent mate- 
rial Operative to receive propellant gases in the 
bullet path; 

a fluid-impervious baffle between at least two adja- 
cent elements of absorbent material and covering 
substantially less than the entire end area of said 
adjacent elements, leaving the uncovered end area 
portions exposed to permit passage of gas there- 
through, thereby increasing the absorption of pro- 


5 


pellant bases and attendant reduction in energy of 10 


the gases; 

each said fluid-impervious baffle having substantially 
a triangular shape and having a plurality of discrete 
radial extremities which contact the inside of said 
tubular housing and maintain said baffle centrally 
located across the hollow interior of the housing; 
and 

each baffle having noncircular outer edges extending 
between said radial extremities and spaced radially 
inwardly from said extremities, so that the regions 
between said noncircular outer edges and the inside 
of the tubular housing are unoccupied by the baffle 
and thereby leave uncovered the adjacent end por- 
tions of said absorbent elements, allowing the gases 
to flow through the uncovered end portions and 
thereby increasing the reduction in the energy in 
the gases. 
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2. Suppressor apparatus as in claim 1, wherein: 

said baffle maintains a space between said uncovered 
end area portions, so as to facilitate gas flow 
through the uncovered end area portions. 

3. Suppressor apparatus as in claim 1, wherein said 
baffle is an elastomer, and said elements of absorbent 
material are nonelastomers. 

4. Suppressor apparatus as in claim 1, wherein: 

each said element comprises a knitted wire mesh. 

5. Suppressor apparatus as in claim 4, wherein each 
said element comprises an annulus having a hollow 
interior to provide a longitudinal passage aligned with 
the bullet path, and surrounding said path with a laby- 
rinth of interstitial spaces defined by said knitted wire 
mesh, so that propellant gases from the firearm enter the 
interstitial spaces and a portion of the energy in the 
gases thus is absorbed. 

6. Suppressor apparatus as in claim 5, wherein said 
wire mesh is a relatively good thermal conductor so as 
to absorb heat in the propellant gases, thereby reducing 
the energy of the propellant gases. 

7. Suppressor apparatus as in claim 1, wherein: 

said baffles have sufficient thickness to maintain a 

gas-receiving space between the uncovered por- 
tions of the confronting end surfaces of adjacent 


absorbing elements. 
* * * * * 


Horizontal Time/div control set 
position knob to 10 usecídiv 


Channel 1 set to 
0.2 volts/div 


Figure 9.24 shows the breadboarded Colpitts 


oscillator with feedback to the base (Circuit# 
2). 


Figure 9.24 


Channel 1 vertical 
position knob 


CHAPTER 24 


THE SAILINGS 


INTRODUCTION 


2400. Introduction 


Dead reckoning involves the determination of one’s 
present or future position by projecting the ship’s course 
and distance run from a known position. A closely related 
problem is that of finding the course and distance from one 
known point to another known point. For short distances, 
these problems are easily solved directly on charts, but for 
long distances, a purely mathematical solution is often a 
better method. Collectively, these methods are called The 
Sailings. 

Navigational computer programs and calculators com- 
monly contain algorithms for computing all of the problems 
of the sailings. For those situations when a calculator is not 
available, this chapter also discusses sailing solutions by 
Table 4, the Traverse Tables. 


2401. Rhumb Lines And Great Circles 


The principal advantage of a rhumb line is that it main- 
tains constant true direction. A ship following the rhumb 
line between two places does not change true course. A 
rhumb line makes the same angle with all meridians it 
crosses and appears as a straight line on a Mercator chart. 
For any other case, the difference between the rhumb line 
and the great circle connecting two points increases (1) as 
the latitude increases, (2) as the difference of latitude be- 
tween the two points decreases, and (3) as the difference of 
longitude increases. 

A great circle is the intersection of the surface of a 
sphere and a plane passing through the center of the sphere. 
It is the largest circle that can be drawn on the surface of the 
sphere, and is the shortest distance along the surface be- 
tween any two points. Any two points are connected by 
only one great circle unless the points are antipodal (180° 
apart on the earth), and then an infinite number of great cir- 
cles passes through them. Every great circle bisects every 
other great circle. Thus, except for the equator, every great 
circle lies exactly half in the Northern Hemisphere and half 
in the Southern Hemisphere. Any two points 180° apart on 
a great circle have the same latitude numerically, but con- 
trary names, and are 180° apart in longitude. The point of 
greatest latitude is called the vertex. For each great circle, 
there is a vertex in each hemisphere, 180° apart in longi- 
tude. At these points the great circle is tangent to a parallel 
of latitude, and its direction is due east-west. On each side 


of these vertices the direction changes progressively until 
the intersection with the equator is reached, 90° in longi- 
tude away, where the great circle crosses the equator at an 
angle equal to the latitude of the vertex. 

On a Mercator chart a great circle appears as a sine 
curve extending equal distances each side of the equator. 
The rhumb line connecting any two points of the great cir- 
cle on the same side of the equator is a chord of the curve. 
Along any intersecting meridian the great circle crosses at 
a higher latitude than the rhumb line. If the two points are 
on opposite sides of the equator, the direction of curvature 
of the great circle relative to the rhumb line changes at the 
equator. The rhumb line and great circle may intersect each 
other, and if the points are equal distances on each side of 
the equator, the intersection takes place at the equator. 

Great circle sailing takes advantage of the shorter dis- 
tance along the great circle between two points, rather than 
the longer rhumb line. The arc of the great circle between 
the points is called the great circle track. If it could be fol- 
lowed exactly, the destination would be dead ahead 
throughout the voyage (assuming course and heading were 
the same). The rhumb line appears the more direct route on 
a Mercator chart because of chart distortion. The great cir- 
cle crosses meridians at higher latitudes, where the distance 
between them is less. This is why the great circle route is 
shorter than the rhumb line. 

The decision as to whether or not to use great-circle 
sailing depends upon the conditions. The saving in distance 
should be worth the additional effort, and of course the great 
circle route cannot cross land, nor should it carry the vessel 
into dangerous waters. Composite sailing (see section 2402 
and section 2411) may save time and distance over the 
rhumb line track without leading the vessel into danger. 

Since great circles other than a meridian or the equator 
are curved lines whose true direction changes continually, 
the navigator does not attempt to follow it exactly. Rather, 
he selects a number of points along the great circle, con- 
structs rhumb lines between the points, and follows these 
rhumb lines from point to point. 


2402. Kinds Of Sailings 
There are seven types of sailings: 


1. Plane sailing solves problems involving a single 
course and distance, difference of latitude, and de- 
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parture, in which the earth is regarded as a plane 
surface. This method, therefore, provides solution 
for latitude of the point of arrival, but not for longi- 
tude. To calculate the longitude, the spherical 
sailings are necessary. Do not use this method for 
distances of more than a few hundred miles. 

2. Traverse sailing combines the plane sailing solu- 
tions when there are two or more courses and 
determines the equivalent course and distance 
made good by a vessel steaming along a series of 
rhumb lines. 

3. Parallel sailing is the interconversion of departure 
and difference of longitude when a vessel is pro- 
ceeding due east or due west. 

4. Middle- (or mid-) latitude sailing uses the mean lat- 
itude for converting departure to difference of 
longitude when the course is not due east or due west. 

5. Mercator sailing provides a mathematical solution 
of the plot as made on a Mercator chart. It is similar 
to plane sailing, but uses meridional difference and 
difference of longitude in place of difference of lat- 
itude and departure. 

6. Great circle sailing involves the solution of cours- 
es, distances, and points along a great circle 
between two points. 

7. Composite sailing is a modification of great-circle 
sailing to limit the maximum latitude, generally to 
avoid ice or severe weather near the poles. 


2403. Terms And Definitions 


In solutions of the sailings, the following quantities are 


used: 


1. Latitude (L). The latitude of the point of departure 
is designated L;; that of the destination, L»; middle 
(mid) or mean latitude, L,,; latitude of the vertex of 
a great circle, L,; and latitude of any point on a 
great circle, L,. 

2. Mean latitude (L,,). Half the arithmetical sum 


of the latitudes of two places on the same side of 
the equator. 

3. Middle or mid latitude (L,,). The latitude at 
which the arc length of the parallel separating the 
meridians passing through two specific points is 
exactly equal to the departure in proceeding from 
one point to the other. The mean latitude is used 
when there is no practicable means of determining 
the middle latitude. 

4. Difference of latitude (1 or DLat.). 

5. Meridional parts (M). The meridional parts of the 
point of departure are designated M}, and of the 
point of arrival or the destination, M>. 

6. Meridional difference (m). 

7. Longitude (A). The longitude of the point of de- 
parture is designated A,; that of the point of 
arrival or the destination, A»; of the vertex of a 
great circle, l; and of any point on a great cir- 
cle, A, 

8. Difference of longitude (DLo). 

9. Departure (p or Dep.). 

10. Course or course angle (Cn or C). 

11. Distance (D or Dist.). 


GREAT CIRCLE SAILING 


2404. Great Circle Sailing By Chart 


Navigators can most easily solve great-circle sailing 
problems graphically. DMAHTC publishes several gno- 
monic projections covering the principal navigable waters 
of the world. On these great circle charts, any straight line 
is a great circle. The chart, however, is not conformal; 
therefore, the navigator cannot directly measure directions 
and distances as on a Mercator chart. 

The usual method of using a gnomonic chart is to plot 
the route and pick points along the track every 5° of longi- 
tude using the latitude and longitude scales in the immediate 
vicinity of each point. These points are then transferred to a 
Mercator chart and connected by rhumb lines. The course 
and distance for each leg is measured on the Mercator chart. 
See Chapter 25 for a discussion of this process. 


2405. Great Circle Sailing By Sight Reduction Tables 


Any method of solving a celestial spherical triangle can be 
used for solving great circle sailing problems. The point of de- 


parture replaces the assumed position of the observer, the 
destination replaces the geographical position of the body, dif- 
ference of longitude replaces meridian angle or local hour angle, 
initial course angle replaces azimuth angle, and great circle dis- 
tance replaces zenith distance (90° - altitude). See Figure 2405. 
Therefore, any table of azimuths (if the entering values are me- 
ridian angle, declination, and latitude) can be used for 
determining initial great-circle course. Tables which solve for 
altitude, such as Pub. No. 229, can be used for determining great 
circle distance. The required distance is 90° - altitude. 

In inspection tables such as Pub. No. 229, the given 
combination of L4, Lə, and DLo may not be tabulated. In 
this case reverse the name of L, and use 180° - DLo for en- 
tering the table. The required course angle is then 180° 
minus the tabulated azimuth, and distance is 90° plus the al- 
titude. If neither combination can be found, solution cannot 
be made by that method. By interchanging L; and L», one 
can find the supplement of the final course angle. 

Solution by table often provides a rapid approximate 
check, but accurate results usually require triple interpola- 
tion. Except for Pub. No. 229, inspection tables do not 
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PLANE OF 
CELESTIAL EQUATOR 


Figure 2405. Adapting the astronomical triangle to the navigational triangle of great circle sailing. 


provide a solution for points along the great circle. Pub. No. 
229 provides solutions for these points only if interpolation 
is not required. 


2406. Great Circle Sailing By Pub. No. 229 


By entering Pub. No. 229 with the latitude of the point 
of departure as latitude, latitude of destination as declina- 
tion, and difference of longitude as LHA, the tabular 
altitude and azimuth angle may be extracted and converted 
to great-circle distance and course. As in sight reduction, 
the tables are entered according to whether the name of the 
latitude of the point of departure is the same as or contrary 
to the name of the latitude of the destination (declination). 
If the values correspond to those of a celestial body above 
the celestial horizon, 90° minus the arc of the tabular alti- 
tude becomes the distance; the tabular azimuth angle 
becomes the initial great-circle course angle. If the respon- 
dents correspond to those of a celestial body below the 
celestial horizon, the arc of the tabular altitude plus 90° be- 
comes the distance; the supplement of the tabular azimuth 


angle becomes the initial great-circle course angle. 

When the Contrary/Same (CS) Line is crossed in either 
direction, the altitude becomes negative; the body lies be- 
low the celestial horizon. For example: If the tables are 
entered with the LHA (DLo) at the bottom of a right-hand 
page and declination (L>) such that the respondents lie 
above the CS Line, the CS Line has been crossed. Then the 
distance is 90° plus the tabular altitude; the initial course 
angle is the supplement of the tabular azimuth angle. Simi- 
larly, if the tables are entered with the LHA (DLo) at the top 
of a right-hand page and the respondents are found below 
the CS Line, the distance is 90° plus the tabular altitude; the 
initial course angle is the supplement of the tabular azimuth 
angle. If the tables are entered with the LHA (DLo) at the 
bottom of a right-hand page and the name of L, is contrary 
to L4, the respondents are found in the column for L4 on the 
facing page. In this case, the CS Line has been crossed; the 
distance is 90° plus the tabular altitude; the initial course 
angle is the supplement of the tabular azimuth angle. 

The tabular azimuth angle, or its supplement, is pre- 
fixed N or S for the latitude of the point of departure and 
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suffixed E or W depending upon the destination being east 
or west of the point of departure. 

If all entering arguments are integral degrees, the dis- 
tance and course angle are obtained directly from the tables 
without interpolation. If the latitude of the destination 1s 
nonintegral, interpolation for the additional minutes of lati- 
tude is done as in correcting altitude for any declination 
increment; if the latitude of departure or difference of lon- 
gitude is nonintegral, the additional interpolation is done 
graphically. 

Since the latitude of destination becomes the declina- 
tion entry, and all declinations appear on every page, the 
great circle solution can always be extracted from the vol- 
ume which covers the latitude of the point of departure. 


Example 1: Using Pub. No. 229 find the distance and 
initial great circle course from lat. 32°S, long. 
116°E to lat. 30°S, long. 31°E. 


Solution: Refer to Figure 2405. The point of departure 
(lat. 32°S, long. 116°E) replaces the AP of the ob- 
server; the destination (lat. 30°S, long. 31°E) 
replaces the GP of the celestial body; the differ- 
ence of longitude (DLo 85°) replaces local hour 
angle (LHA) of the body. 

Enter Pub. 229, Volume 3 with lat. 32° (Same Name), 
LHA 85°, and declination 30°. The respondents 
correspond to a celestial body above the celestial 
horizon. Therefore, 90° minus the tabular altitude 
(90° - 19°12.4' = 70°47.6') becomes the distance; 
the tabular azimuth angle (S66.0°W) becomes the 
initial great circle course angle, prefixed S for the 
latitude of the point of departure and suffixed W 
due to the destination being west of the point of 
departure. 


Answer: 
D = 4248 nautical miles 
C = $66.0°W = 246.0°. 


Example 2: Using Pub. No. 229 find the distance and 
initial great circle course from lat. 38°N, long. 
122°W to lat. 24°S, long. I151°E. 


Solution: Refer to Figure 2405. The point of departure 
(lat. 35°N, long. 122°W) replaces the AP of the ob- 
server; the destination (lat. 24°S, long. 151°E) 
replaces the GP of the celestial body; the differ- 
ence of longitude (DLo 87°) replaces local hour 
angle (LHA) of the body 

Enter Pub. No. 229 Volume 3 with lat. 38° (Contrary 
Name), LHA 87%, and declination 24°. The re- 
spondents correspond to those of a celestial body 
below the celestial horizon. Therefore, the tabu- 
lar altitude plus 90° (12°17.0' + 90° = 102°17.0') 
becomes the distance; the supplement of tabular 


azimuth angle (180% - 69.0° = 111.0°) becomes 
the initial great circle course angle, prefixed N 
for the latitude of the point of departure and suf- 
fixed W since the destination is west of the point 
of departure. 

Note that the data is extracted from across the CS Line 
from the entering argument (LHA 87°), indicating 
that the corresponding celestial body would be be- 
low the celestial horizon. 


Answer: 
D = 6137 nautical miles 
C= N111.0°W = 249°. 


2407. Great Circle Sailing By Computation 


In Figure 2407, 1 is the point of departure, 2 the desti- 
nation, P the pole nearer 1, 1-X-V-2 the great circle through 
l and 2, V the vertex, and X any point on the great circle. 
The arcs P1, PX, PV, and P2 are the colatitudes of points 1, 
X, V, and 2, respectively. If 1 and 2 are on opposite sides of 
the equator, P2 is 90°+ L». The length of arc 1-2 is the great- 
circle distance between 1 and 2. Arcs 1-2, P1, and P2 form 
a spherical triangle. The angle at 1 is the initial great-circle 
course from 1 to 2, that at 2 the supplement of the final 
great-circle course (or the initial course from 2 to 1), and 
that at P the DLo between 1 and 2. 

Great circle sailing by computation usually in- 
volves solving for the initial great circle course; the 
distance; latitude and longitude, and sometimes the dis- 
tance, of the vertex; and the latitude and longitude of 
various points (X) on the great circle. The computation 
for initial course and the distance involves solution of 
an oblique spherical triangle, and any method of solv- 


Figure 2407. The navigational triangle and great circle 
sailing. 
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ing such a triangle can be used. If 2 is the geographical 
position (GP) of a celestial body (the point at which the 
body is in the zenith), this triangle is solved in celestial 
navigation, except that 90° - D (the altitude) is desired 
instead of D. The solution for the vertex and any point 
X usually involves the solution of right spherical 
triangles. 


2408. Points Along The Great Circle 


If the latitude of the point of departure and the initial 
great-circle course angle are integral degrees, points along 
the great circle are found by entering the tables with the lat- 
itude of departure as the latitude argument (always Same 
Name), the initial great circle course angle as the LHA ar- 
gument, and 90° minus distance to a point on the great 
circle as the declination argument. The latitude of the point 
on the great circle and the difference of longitude between 
that point and the point of departure are the tabular altitude 
and azimuth angle, respectively. If, however, the respon- 
dents are extracted from across the CS Line, the tabular 
altitude corresponds to a latitude on the side of the equator 
opposite from that of the point of departure; the tabular az- 
imuth angle is the supplement of the difference of 
longitude. 


Example 1: Find a number of points along the great 
circle from latitude 38°N, longitude 125°W when 
the initial great circle course angle is NI11°W. 


Solution: Entering the tables with latitude 38° (Same 
Name), LHA 111°, and with successive declina- 
tions of 85°, 80°, 75°, etc., the latitudes and 
differences in longitude from 125°W are found as 
tabular altitudes and azimuth angles respectively: 


Answer: 
D(NM) 300 600 900 3600 
D (arc) 5° 10° jee 60° 
dec 85° 80° IT 30° 
Lat. 36.1°N 339 N 3LLN 3.6°N 
Dep. 125° W 125° W 125° W 125° W 
DLo 5.82 11.39 16.59 54, 1? 
Long I30.8W 136.35°W  141.5°W 179.19 


Example 2: Find a number of points along the great 
circle track from latitude 38°N, long. 125° W when 
the initial great circle course angle is N 69° W. 


Solution: Enter the tables with latitude 38° (Same 
Name), LHA 69°, and with successive declinations 
as shown. Find the latitudes and differences of 
longitude from 125°W as tabular altitudes and az- 
imuth angles, respectively: 


Answer: 
D(NM.) 300 600 900 6600 
D (arc) ia 10° 15° 110° 
dec 85° SO? 75° 20° 
Lat. 39.6°N 40.9 N  41.9°N 3.1° N 
Dep. 125° W 125° W 125° W 125° W 
DLo 6.1° 12.4° 18.9° 118.59 
Long 131.1°W 1374 W  I43.9W  116.5°E 


2409. Finding The Vertex 


Using Pub. No. 229 to find the approximate position of 
the vertex of a great circle track provides a rapid check on 
the solution by computation. This approximate solution is 
also useful for voyage planning purposes. 

Using the procedures for finding points along the great 
circle, inspect the column of data for the latitude of the 
point of departure and find the maximum value of tabular 
altitude. This maximum tabular altitude and the tabular az- 
imuth angle correspond to the latitude of the vertex and the 
difference of longitude of the vertex and the point of 
departure. 


Example 1: Find the vertex of the great circle track 
from lat. 38°N, long. 125°W when the initial great 
circle course angle is N69° W. 


Solution: Enter Pub. No. 229 with lat. 38% (Same 
Name), LHA 69°, and inspect the column for lat. 
38° to find the maximum tabular altitude. The max- 
imum altitude is 42°38.1' at a distance of 1500 
nautical miles (90° - 65° = 25°) from the point of 
departure. The corresponding tabular azimuth an- 
gle is 32.4°. Therefore, the difference of longitude 
of vertex and point of departure is 32.4°. 


Answer: 


Latitude of vertex = 42°38.1'N. 
Longitude of vertex = 125° + 32.4° = 157.4°W. 


2410. Altering A Great Circle Track To Avoid 
Obstructions 


Land, ice, or severe weather may prevent the use of 
great circle sailing for some or all of one’s route. One of the 
principal advantages of solution by great circle chart is that 
the presence of any hazards is immediately apparent. The 
pilot charts are particularly useful in this regard. Often a rel- 
atively short run by rhumb line is sufficient to reach a point 
from which the great circle track can be followed. Where a 
choice is possible, the rhumb line selected should conform 
as nearly as practicable to the direct great circle. 

If the great circle route crosses a navigation hazard, 
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change the track. It may be satisfactory to follow a great cir- 
cle to the vicinity of the hazard, one or more rhumb lines 
along the edge of the hazard, and another great circle to the 
destination. Another possible solution 1s the use of compos- 
ite sailing; still another is the use of two great circles, one 
from the point of departure to a point near the maximum lat- 
itude of unobstructed water and the second from this point 
to the destination. 


2411. Composite Sailing 


When the great circle would carry a vessel to a higher 
latitude than desired, a modification of great circle sailing 
called composite sailing may be used to good advantage. 
The composite track consists of a great circle from the point 
of departure and tangent to the limiting parallel, a course 
line along the parallel, and a great circle tangent to the lim- 
iting parallel and through the destination. 

Solution of composite sailing problems is most easily 


made with a great circle chart. For this solution, draw lines 
from the point of departure and the destination, tangent to 
the limiting parallel. Then measure the coordinates of vari- 
ous selected points along the composite track and transfer 
them to a Mercator chart, as in great circle sailing. Compos- 
ite sailing problems can also be solved by computation, 
using the equation: 


cos DLo = tanL_ cotL 
VX x y 


The point of departure and the destination are used suc- 
cessively as point X. Solve the two great circles at each end 
of the limiting parallel, and use parallel sailing along the 
limiting parallel. Since both great circles have vertices at 
the same parallel, computation for C, D, and DLo,, can be 
made by considering them parts of the same great circle 
with L4, L>, and L, as given and DLo = DLo,, + DLo,». 
The total distance is the sum of the great circle and parallel 
distances. 
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2412. Using Traverse Tables 


Traverse tables can be used in the solution of any of 
the sailings except great circle and composite. They consist 
of the tabulation of the solutions of plane right triangles. 
Because the solutions are for integral values of the course 
angle and the distance, interpolation for intermediate values 
may be required. Through appropriate interchanges of the 
headings of the columns, solutions for other than plane sail- 
ing can be made. For the solution of the plane right triangle, 
any value N in the distance (Dist.) column is the hypote- 
nuse; the value opposite in the difference of latitude (D. 
Lat.) column is the product of N and the cosine of the acute 
angle; and the other number opposite in the departure 
(Dep.) column is the product of N and the sine of the acute 
angle. Or, the number in the D. Lat. column is the value of 
the side adjacent, and the number in the Dep. column is the 
value of the side opposite the acute angle. Hence, 1f the 
acute angle is the course angle, the side adjacent in the D. 
Lat. column is meridional difference m; the side opposite in 
the Dep. column is DLo. If the acute angle 1s the midlati- 
tude of the formula p = DLo cos Lm, then DL o is any value 
N in the Dist. column, and the departure is the value N x cos 
La in the D. Lat. column. 

The examples below clarify the use of the traverse ta- 
bles for plane, traverse, parallel, mid latitude, and Mercator 
sallings. 


2413. Plane Sailing 


In plane sailing the figure formed by the meridian 
through the point of departure, the parallel through the point 
of arrival, and the course line is considered a plane right tri- 


angle. This is illustrated in Figure 2413a. P¡ and P, are the 


points of departure and arrival, respectively. The course an- 
gle and the three sides are as labeled. From this triangle: 


cos C= 5 sin C = 5 tan C= de 
Dep. (p) P, 
(Lo, A2) 
z 
a 


P, (LA) 


Figure 2413a. The plane sailing triangle. 
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From the first two of these formulas the following re- 
lationships can be derived: 


l= D cos C D = [secC p = DsinC. 


Label / as N or S, and p as E or W, to aid in identifica- 
tion of the quadrant of the course. Solutions by calculations 
and traverse tables are illustrated in the following examples: 


Example 1: A vessel steams 188.0 miles on course 00S*. 


Required: (1) (a) Difference of latitude and (b) depar- 
ture by computation. (2) (a) difference of latitude 
and (b) departure by traverse table. 


Solution: 


(1) (a) Difference of latitude by computation: 


diff latitude = D x cos C 
= 188.0 miles x cos (005°) 
= 187.3 arc min 
= 3° 07.3'N 


(1) (b) Departure by computation: 
departure = D x sin C 


= 188.0 miles x sin (005°) 
= 16.4 miles 
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C = arctan 


Answer: 
Diff. Lat. = 3° 07.3'N 
departure = 16.4 miles 


(2) Difference of latitude and departure by traverse 
table: 


Refer to Figure 2413b. Enter the traverse table and 
find course 005° at the top of the page. Using the 
column headings at the top of the table, opposite 
188 in the Dist. column extract D. Lat. 187.3 and 
Dep. 16.4. 


(a) D. Lat. = 187.3'N. 
(b) Dep. = 16.4 mi. E. 


Example 2: A ship has steamed 136.0 miles north and 
203.0 miles west. 


Required: (1) (a) Course and (b) distance by computa- 
tion. (2) (a) course and (b) distance by traverse 
table. 


Solution: 


(1) (a) Course by computation: 


deparature 


diff. lat. 


Table 


119. 5 80 y] 
psi] pen. Jota owe] pen Jo e] op Jo tac is] per. Jpn | per por [p-r 


a 
265° | 095° 


MEA 


Figure 2413b. Extract from Table 4. 
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PT tan 202-0 203 beside each other in the columns labeled D. 
= 136.0 Lat. and Dep., respectively. This occurs most 
nearly on the page for course angle 56°. There- 
fore, the course is 304°. Interpolating for 
C = N 56° 10.8'W intermediate values, the corresponding number in 
the Dist. column is 244.3 miles. 
C = 304°(to nearest degree) Answer: 
(a) C = 304° 
Draw the course vectors to determine the correct (b) D = 244.3 mi. 
course. In this case the vessel has gone north 136 
miles and west 203 miles. The course, therefore, 2414. Traverse Sailing 
must have been between 270° and 360°. No solu- 
tion other than 304° is reasonable. A traverse is a series of courses or a track consisting 
of a number of course lines, such as might result from a sail- 
(1) (b) Distance by computation: ing vessel beating into the wind. Traverse sailing is the 
finding of a single equivalent course and distance. 

D = diff. latitude x sec C Though the problem can be solved graphically on the 
= 136 miles x sec (304°) chart, traverse tables provide a mathematical solution. The 
= 136 miles X 1.8 distance to the north or south and to the east or west on each 
= 244.8 miles course is tabulated, the algebraic sum of difference of lati- 

tude and departure is found, and converted to course and 
Answer: distance. 
C = 304° 


D = 244.8 miles 


(2) Solution by traverse table: 


Refer to Figure 2413c. Enter the table and find 136 and 


Example: A ship steams as follows: course 158°, dis- 
tance 15.5 miles; course 135°, distance 33.7 
miles; course 259°, distance 16.1 miles; course 
293°, distance 39.0 miles; course 169°, distance 
40.4 miles. 


| ed 034° TABLE 4 cae 034° 
214°! 146° Traverse 34" Table 214” |! 146° 


67.7 | 181 | 150.1 |101.2| 241 
82 | 150.9 | 101.8 
83 | 151.7 | 102.3] 43 | 201.. 
84 | 152.5 | 102.9) 44. | 202. 3 | 136.4 
85 | 153.4 | 103.5) 45 | 203. 01 


PS NxCos. | Nxsin_ 


Figure 2413c. Extract from Table 4 . 
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Required: Equivalent single (1) course (2) distance. 


Solution: Solve each leg as a plane sailing and tabu- 
late each solution as follows. For course 158°, 
extract the values for D. Lat. and Dep. opposite 
155 in the Dist. column. Then, divide the values by 
10 and round them off to the nearest tenth. Repeat 
the procedure for each leg of the vessel’s journey. 


Course Dist. N S E W 

degrees mi. mi. mi. mi. mi. 

158 15.5 14.4 5.8 

135 33.7 23.8 23.8 

259 16.1 3.1 15.8 

293 39.0 {5.2 35.9 

169 40.4 39.7 AA 

Subtotals 15.2 81.0 373 51.7 
-15.2 -37.3 

N/S Total 65.8 S 14.4 W 


Thus, the latitude difference is S 65.8 miles and the de- 
parture is W 14.4 miles. Convert this to a course 
and distance using the formulas discussed in sec- 
tion 2413. 


Answer: 


(1) C = 192.32 
(2) D = 67.3 miles. 


2415. Parallel Sailing 


Parallel sailing consists of the interconversion of de- 
parture and difference of longitude. It is the simplest form 
of spherical sailing. The formulas for these transformations 


are: 
DLo = p secL p = DLo cos L 


Example 1: The DR latitude of a ship on course 090° 
is 4930" N. The ship steams on this course until 
the longitude changes 3°30". 


Required: The departure by (1) computation and (2) 
traverse table. 


Solution: 


(1) Solution by computation: 


DLo = 3° 30' 


DLo = 210 arc min 
P = DLo x cos L 
P = 210 arc minutes X cos (49.5%) 
p = ]36.4 miles 
Answer: 


p = 136.4 miles 
(2) Solution by traverse table: 


Refer to Figure 2415a. Enter the traverse table with lat- 
itude as course angle and substitute DLo as the 
heading of the Dist. column and Dep. as the head- 
ing of the D. Lat. column. Since the table is 
computed for integral degrees of course angle (or 
latitude), the tabulations in the pages for 49° and 
50° must be interpolated for the intermediate value 
(49°30'). The departure for latitude 49° and DLo 
210' is 137.8 miles. The departure for latitude 50° 
and DLo 210' is 135.0 miles. Interpolating for the 
intermediate latitude, the departure is 136.4 miles. 


Answer: 

p = 136.4 miles 

Example 2: The DR latitude of a ship on course 270° 
is 38°15'S. The ship steams on this course for a 


distance of 215.5 miles. 


Required: The change in longitude by (1) computation 
and (2) traverse table. 


Solution: 


(1) Solution by computation 


DLo = 215.5 arc min x sec (38.25°) 
DLo = 215.5 arc min X 1.27 
DLo = 274.4 minutes of arc (west) 
DLo = 4° 34.4' W 

Answer: 


DLo = 4° 34.4' W 
(2) Solution by traverse table 


Refer to Figure 2415b. Enter the traverse tables with 
latitude as course angle and substitute DLo as the heading 
of the Dist. column and Dep. as the heading of the D. Lat. 
column. As the table is computed for integral degrees of 
course angle (or latitude), the tabulations in the pages for 
38° and 39° must be interpolated for the minutes of latitude. 
Corresponding to Dep. 215.5 miles in the former is DLo 
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Figure 2415a. Extract fromTable 4. 
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Figure 2415b. Extract from Table 4. 


273.5', and in the latter DLo 277.3". Interpolating for min- 
utes of latitude, the DLo is 274.4'W. 


Answer: 
DLo = 4° 34.4' 
2416. Middle-Latitude Sailing 


Middle-latitude sailing combines plane sailing and 
parallel sailing. Plane sailing is used to find difference 
of latitude and departure when course and distance are 
known, or vice versa. Parallel sailing is used to inter- 
convert departure and difference of longitude. The 
mean latitude (L,,) is normally used for want of a prac- 
ticable means of determining the middle latitude, the 


latitude at which the arc length of the parallel separat- 
ing the meridians passing through two specific points is 
exactly equal to the departure in proceeding from one 
point to the other. The formulas for these transforma- 
tions are: 


DLo = psec La p= DLocosL... 


The mean latitude (E) is half the arithmetical sum of 
the latitudes of two places on the same side of the equator. 
It is labeled N or $ to indicate its position north or south of 
the equator. If a course line crosses the equator, solve each 
course line segment separately. 


Example 1: A vessel steams 1,253 miles on course 070° 
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Figure 9.25 shows the sine wave generated 
by the Colpitts oscillator with feedback to the 
base. You can determine the period of this 
waveform by counting the number of 
horizontal divisions the waveform takes to 
complete one cycle, and then multiplying the 
number of divisions by the TIME/DIV setting. 

The oscilloscope connections and oscilloscope 
control panel settings for the Colpitts oscillator 
with feedback to the base are not shown. 
They are the same as the oscilloscope 
connections and oscilloscope control panel for 
the Colpitts oscillator with feedback to the 
emitter. 

Figure 9.25 
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from lat. 15°17.0' N, long. 151%37.0' E. 


Required: Latitude and longitude of the point of arriv- 


al by (1) computation and (2) traverse table. 


Solution: 
(1) Solution by computation: 


l = D cos C; p = D sin C; and DLo = p sec Lp 


D 1253.0 miles. 

C 070° 

l 428.6'N 

P 1177.4 miles E 

Li 15°17.0' N 

l 7°08.6' N 

L> 22°25.6' N 

L; 18°51.3' N 

DLo 1244.2' E 

Ay 151°37.0'E 

DLo 20°44.2'E 

À> 172° 272 E 
Answer: 


Ly = 22° 25.6' N 
n= Phas ag 


(2) Solution by traverse tables: 


Refer to Figure 24l6a. Enter the traverse table 
with course 070° and distance 1,253 miles. Be- 
cause a number as high as 1,253 is not 
tabulated in the Dist. column, obtain the values 
for D. Lat. and Dep. for a distance of 125.3 
miles and multiply them by 10. Interpolating 
between the tabular distance arguments yields 
D. Lat. = 429' and Dep. = 1,178 miles. Con- 
verting the D. Lat. value to degrees of latitude 
yields 7° 09.0". The point of arrival’s latitude, 
therefore, is 22° 26' N. This results in a mean 
latitude of 18° 51.5'N. 

Reenter the table with the mean latitude as course an- 
gle and substitute DLo as the heading of the Dist. 
column and Dep. as the heading of the D. Lat. col- 
umn. Since the table is computed for integral 
degrees of course angle (or latitude), the tabula- 
tions in the pages for 18% and 19° must be 
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interpolated for the minutes of L,,. In the 18° table, 
interpolate for DLo between the departure values 
of 117.0 miles and 117.9 miles. This results in a 
DLo value of 123.9. In the 19° table, interpolate 
for DLo between the departure values of 117.2 
and 118.2. This yields a DLo value of 124.6. 


Having obtained the DLo values corresponding to 


mean latitudes of 18% and 19°, interpolate for the 
actual value of the mean latitude: 18% 51.5" N. This 
yields the value of DLo: 124.5. Multiply this final 
value by ten to obtain DLo = 1245 minutes = 20° 
45' E. 


Add the changes in latitude and longitude to the origi- 


nal position’s latitude and longitude to obtain the 
final position. 


Answer: 


y y 


¡uE 


Ly = 22° 26'N 
Ay = 172° 22.0'E 


Example 2: A vessel at lat. 8%48.9'S, long. 


59°53.3'W is to proceed to lat. 17°06.9'S, long. 
104°51.6'W. 


Required: Course and distance by (1) computation 


and (2) traverse table. 


Solution: 


(1) Solution by computation: 


p= DLocos£,,,; tanC = 


l 


14° 58.3" 
998.3" 
ILLES 


893.8 arc min X cos (12° 57.9") 


875.4 arc min 


17.1° - 8,8? 
8.32 
498 arc min 


873. 4arc min 


498arc min 


arctan 


S 60.4° W 
240.4° 


498 arc min X sec (60.4°) 
1008.2 miles 


P. and D = lsecC 
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a 020° TABLE 4 340° | 020° 
200°! 160° Traverse 20" Table 200° | 160° 
PIC oS CAS CAs Cs CO 


11 0.9] 03] 61| 57.3 | 20.9] 121 | 113.7 | 41.4 | 181 | 170.1 | 61.9 | 241 | 226.5 | 82.4 
2) 1.9] 0.7] 62] 658.3] 21.2] 22|114.6] 41.7] 82|171.0| 62.2] 42 | 227.4| 82.8 
$| 28] 10] 68] 59.2] 21.5] 23 |115.6 | 42.1] 83 | 172.0] 62.6] 43 | 228.3] 83.1 
4) 38] 14] 64] 60.1|/ 21.9] 24 |116.5 | 424] 84|172.9 | 62.9] 44 | 220.3] 83.5 
B| 4.7] 17] 65] 61.1] 22.28 35: nre “4261 85 |173.8 | 63.3] 45 | 230.2 | 83.8 
6| 56| 2.1] 68| 62.0 | 22.6) 26) 13841 458.1] 86 |174.8 | 63.6] 46 |231.2| 84.1 
7| 66| 24] 67 | 68.0| 22.9] 27 |119.3 | 43.4] 87 | 175.7|64.0] 47 |232.1| 84.5 
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0.9 61 
19 | 0 7| 62 
2.8| 1.0] 63 
3.8| 1.3] 64 
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20. 
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289° o 071° 
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Figure 2416a. Extracts from the Table 4. 
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Answer: 


C = 240.4" 
D = 1008.2 miles 


The labels (N, S, E, W) of l, p, and C are determined by 
noting the direction of motion or the relative posi- 
tions of the two places. 


(2) Solution by traverse tables: 


Refer to Figure 2416b. Enter the traverse table with 
the mean latitude as course angle and substitute 
DLo as the heading of the Dist. column and Dep. 
as the heading of the D. Lat. column. Since the ta- 
ble is computed for integral values of course angle 
(or latitude), it is usually necessary to extract the 
value of departure for values just less and just 
greater than the L,, and then interpolate for the 
minutes of Lm. In this case where L,, is almost 13°, 
enter the table with L, 13° and DLo 898.3' to find 
Dep. 875 miles. The departure is found for DLo 
59.9" and then multiplied by 10. 

Reenter the table to find the numbers 875 and 498 be- 
side each other in the columns labeled Dep. and 
D. Lat., respectively. Because these high numbers 
are not tabulated, divide them by 10, and find 87.5 
and 49.8. This occurs most nearly on the page for 
course angle 60° (fig. 2414c). Interpolating for in- 
termediate values, the corresponding number in 
the Dist. column is about 100.5. Multiplying this 
by 10, the distance is about 1005 miles. 


Answer: 


C = 240° 
D = 1005 miles. 
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367 


The labels (N, S, E, W) of l, p, DLo, and C are deter- 
mined by noting the direction of motion or the 
relative positions of the two places. 


2417. Mercator Sailing 


Mercator sailing problems can be solved graphically 


on a Mercator chart. For mathematical solution, the formu- 
las of Mercator sailing are: 


DLo 


tanC = — DLo = m tanC. 
m 


After solving for course angle by Mercator sailing, 


solve for distance using the plane sailing formula: 


13° 


= | sec E 


Example 1: A ship at lat. 32°14.7'N, long. 66°28.9'W 
is to head for a point near Chesapeake Light, lat. 
36°58.7'N, long. 75°42.2'W. 


Required: Course and distance by (1) computation 
and (2) traverse table. 


Solution: 
(1) Solution by computation: 


DLo 


tanC = —,and D = l sec C. 


First calculate the meridional difference by entering 
Table 6 and interpolating for the meridional parts 
for the original and final latitudes. The meridional 
difference is the difference between these two val- 


347° | 013* 
193° ! 167° 


Table 


Figure 2416b. Extract from Table 4. 
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ues. Having calculated the meridional difference, 
simply solve for course and distance from the 


equations above. 


M» (36° 58.7'N) = 
M; (32° 14.7'N) = 


eo 


Answer: 


C = 301.9° 
D = 537.4 miles 
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Figure 2417a. Mercator and plane sailing relationships. 


2977) 


2032.9 
344.6 


075% 42.2'W 
066° 28.9' W 
9° 13.3'W 
553.3' W 


arctan (553.3+344.6') 


N 58.1° W 
301.9° 


36° 58.7' N 
32° 14.7' N 
4° 44.0' N 
284.0" 


284.0 arc min x sec (58.1°) 
537.4 miles 


(2) Solution by traverse table: 


Refer to Figure 2417b. Substitute m as the heading of 
the D. Lat. column and DLo as the heading of the 
Dep. column. Inspect the table for the numbers 
343.7 and 553.3 in the columns relabeled m and 
DLo, respectively. 

Because a number as high as 343.7 is not tabulated in 
the m column, it is necessary to divide m and DLo 
by 10. Then inspect to find 34.4 and 55.3 abreast 
in the m and DLo columns, respectively. This oc- 
curs most nearly on the page for course angle 58° 
or course 302°. 

Reenter the table with course 302° to find Dist. for D. 
Lat. 284.0'. This distance is 536 miles. 


Answer: 
C = 302° 
D = 536 miles 


Example 2: A ship at lat. 75°31.7' N, long. 79°08.7'W, 
in Baffin Bay, steams 263.5 miles on course 155°. 


Required: Latitude and longitude of point of arrival by 
(1) computation and (2) traverse table. 


Solution: 
(1) Solution by computation: 


l = D cos C; and DLo = m tan C 
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Na 032° TABLE 4 a 032° 
212°! 148° 32" Table 212° | 148° 


Traverse 


2mm EOS COCOS CAES CA 


11 os| osf al 51.7 | 32.3] 121 | 102.6 | 64.1 | 181 | 153.5 95.9 
2| 17| 11] 62 | 52.6|32.9] 22 | 103. .7] 82 | 154.3 

$| 25| 16] 68| 53.4 83 | 155.2 97.0 
4| 34| 21] 64| 54.8 | 84 | 156.0 | 97.5 
5| 42| 26] 65 FrEE 85 | 156.9 | 98.0 
el 5.1| 32] 66| 56.0 86 98. 6 


351 | 29 


1 | 297.7 |186.0] 411 1 | 450.3 4 
52 | 298.5 |186.5] 12 32 | 451.2 |281.9 
53 | 299.4 |187.1] 13 33 | 452.0 |282.4 
54 | 300.2 |187.6] 14 34 | 452.9 0 
| 55 | 301.1 [188.1] 15 ..35 | 453.7 [283.5 
| 56 | 301.9 |188.7| 16 “364 454.6 | 284. 01 
67 | 302.8 |189.2| 17 37 | 455.4 |284.6 
58 | 303.6 1189.71 18 38 | 456.2 |285.1 
59 | 304.4 1190.21 19 | 39 | 457.1 |285.6 
60 | 305.3 |190.8| 20 40 | 457.9 |286. 2 


PA = LL 


Figure 2417b. Extract from Table 4 composed of parts of left and right hand pages for course angle 58°. 


D = 263.5 mi. A) = 072° 34.1' 
GC = 15 
I = 238.8'S (2) Solution by traverse table: 
l = 3 580" S 
Refer to Figure 2417c . Enter the traverse table 
En E 75931. 7" N with course 155° and Dist. 263.5 miles to find 
j 2 30 58.8" 5 D. Lat. 238.8". The latitude of the point of ar- 
E a 719329 N rival is found by subtracting the D. Lat. from 
2 the latitude of the point of departure. Deter- 
= mine the meridional difference by Table Table 
My = MOLE Ar = BI6 3) 
M3 = 6226.1 Reenter the table with course 155° to find the DLo 
A 546.3 corresponding to m = 846.3. Substitute merid- 
ional difference m as the heading of the D. Lat. 
DLo = 394.6' E column and DLo as the heading of the Dep. 
DLo = 6°54.6' E column. Because a number as high as 846.3 is 
not tabulated in the m column, divide m by 10 
Ni S 1908.7' W and then inspect the m column for a value of 
DLo = 6°34.6'E 84.6. Interpolating as necessary, the latter val- 
lL = 072°34.1' W ue is opposite DLo 39.4'. The DLo is 394' 
(39.4' x 10). The longitude of the point of ar- 
The labels (N, S, E, W) of l, DLo, and C are determined VEN S OUE DY) GERI OOOO 


l oe , , longitude of the point of departure. 
by noting the direction of motion or the relative & pneg aep 


ositions of the two places. 
P f P Answer: 


Answer: Ly = 71°32.9'N. 


L» = 71° 32.9' dp = IZ IAS W. 
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TABLE 4 
Traverse 25° 


ae a a m 
Te To E 


335° 025° 
Table 205° | 155° 


e E AE 115.8 


Figure 2417c. Extract from Table 4. 


2418. Additional Problems 


Example: A vessel steams 117.3 miles on course 214°. 

Required: (1) Difference of latitude, (2) departure, by 
plane sailing. 

Answers: (1) 1 97.2'S, (2) p 65.6 mi. W. 


Example: A steamer is bound for a port 173.3 miles 
south and 98.6 miles east of the vessel’s position 

Required: (1) Course, (2) distance, by plane sailing. 

Answers: (1) C 150.4°; (2) D 199.4 mi. by computa- 
tion, 199.3 mi. by traverse table. 


Example: A ship steams as follows: course 359°, dis- 
tance 28.8 miles; course 006°, distance 16.4 
miles; course 266°, distance 4.9 miles; course 
144°, distance 3.1 miles; course 333°, distance 
35.8 miles; course 280°, distance 19.3 miles. 

Required: (1) Course, (2) distance, by traverse sailing. 

Answers: (1) C 334.4°, (2) D 86.1 mi. 


Example: The 1530 DR position of a ship is lat. 
44°36.3'N, long. 31°18.3'W. The ship is on course 
270°, speed 17 knots. 

Required: The 2000 DR position, by parallel sailing. 

Answer: 2000 DR: L 44°36.3'N, à 33°05.7'W. 


Example: A ship at lat. 33°53.3'S, long. 18°23.1'E, 
leaving Cape Town, heads for a destination 
near Ambrose Light, lat. 40%27.1'N, long. 
73°49.4'W. 

Required: (1) Course and (2) distance, by Mercator 
sailing. 

Answers: (1) C 310.9°; (2) D 6,811.5 mi. by computa- 
tion, 6,812.8 mi. by traverse table. 


Example: A ship at lat. 15°03.7'N, long. 151°26.8'E 
steams 57.4 miles on course 035°. 

Required: (1) Latitude and (2) longitude of the point of 
arrival, by Mercator sailing. 

Answers: (1) L 15°50.7'N; (2)  152°00.7'E. 
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3.4 divisions 
per cycle 


Your values should be close to those shown 
in the following table: 

Circuit + Period (usec) Frequency (kHz) 

1 34 29.4 

2 34 29.4 

Notice that the frequency of the sine wave 
generated by both circuits is the same. This 
demonstrates that an oscillator can function 
with feedback to either the emitter or base of 
the transistor. 


24 Figure 9.26 shows a Colpitts oscillator 
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DC resistance = 500 @ 
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Pretace 


This book is for people who want to learn the fundamentals of electricity, electronics, and related 
fields without taking a formal course. The book can also serve as a classroom text. This edition con- 
tains new material on transducers, sensors, antennas, monitoring, security, and navigation. Material 
from previous editions has been updated where appropriate. 

As you take this course, you'll encounter hundreds of quiz, test, and exam questions that can 
help you measure your progress. They are written like the questions found in standardized tests used 
by educational institutions. 

There is a short multiple-choice quiz at the end of every chapter. The quizzes are “open-book.” 
You may refer to the chapter texts when taking them. When you have finished a chapter, take the 
quiz, write down your answers, and then give your list of answers to a friend. Have the friend tell 
you your score, but not which questions you got wrong. Because youre allowed to look at the text 
when taking the quizzes, some of the questions are rather difficult. 

At the end of each section, there is a multiple-choice test. These tests are easier than chapter- 
ending quizzes. Dont look back at the text when taking the tests. A satisfactory score is at least 
three-quarters of the answers correct. 

You will find a final exam at the end of this course. As with the section-ending tests, the ques- 
tions are not as difficult as those in the chapter-ending quizzes. Dont refer back to the text while 
taking the final exam. A satisfactory score is at least three-quarters of the answers correct. 

The answers to all of the multiple-choice quiz, test, and exam questions are listed in an appen- 
dix at the back of this book. 

You dont need a mathematical or scientific background for this course. Middle-school algebra, 
geometry, and physics will suffice. There’s no calculus here! I recommend that you complete one 
chapter a week. That way, in a few months, you'll finish the course. You can then use this book, with 
its comprehensive index, as a permanent reference. 

Suggestions for future editions are welcome. 


Stan Gibilisco 
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1 


CHAPTER 


Basic Physical Concepts 


IT IS IMPORTANT TO UNDERSTAND SOME SIMPLE, GENERAL PHYSICS PRINCIPLES IN ORDER TO HAVE A 
full grasp of electricity and electronics. It is not necessary to know high-level mathematics. In sci- 
ence, you can talk about qualitative things or quantitative things, the “what” versus the “how 
much.” For now, we are concerned only about the “what.” The “how much” will come later. 


Atoms 


All matter is made up of countless tiny particles whizzing around. These particles are extremely 
dense; matter is mostly empty space. Matter seems continuous because the particles are so small, 
and they move incredibly fast. 

Each chemical element has its own unique type of particle, known as its atom. Atoms of differ- 
ent elements are always different. The slightest change in an atom can make a tremendous differ- 
ence in its behavior. You can live by breathing pure oxygen, but you cant live off of pure nitrogen. 
Oxygen will cause metal to corrode, but nitrogen will not. Wood will burn furiously in an atmos- 
phere of pure oxygen, but will not even ignite in pure nitrogen. Yet both are gases at room temper- 
ature and pressure; both are colorless, both are odorless, and both are just about of equal weight. 
These substances are so different because oxygen has eight protons, while nitrogen has only seven. 
There are many other examples in nature where a tiny change in atomic structure makes a major dif- 
ference in the way a substance behaves. 


Protons, Neutrons, and Atomic Numbers 


The part of an atom that gives an element its identity is the nucleus. It is made up of two kinds of 
particles, the proton and the neutron. These are extremely dense. A teaspoonful of either of these par- 
ticles, packed tightly together, would weigh tons. Protons and neutrons have just about the same 
mass, but the proton has an electric charge while the neutron does not. 

The simplest element, hydrogen, has a nucleus made up of only one proton; there are usually 
no neutrons. This is the most common element in the universe. Sometimes a nucleus of hydrogen 
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has a neutron or two along with the proton, but this does not occur very often. These “mutant” 
forms of hydrogen do, nonetheless, play significant roles in atomic physics. 

The second most abundant element is helium. Usually, this atom has a nucleus with two pro- 
tons and two neutrons. Hydrogen is changed into helium inside the sun, and in the process, energy 
is given off. This makes the sun shine. The process, called fusion, is also responsible for the terrific 
explosive force of a hydrogen bomb. 

Every proton in the universe is just like every other. Neutrons are all alike, too. The number of 
protons in an elements nucleus, the atomic number, gives that element its identity. The element with 
three protons is lithium, a light metal that reacts easily with gases such as oxygen or chlorine. The el- 
ement with four protons is beryllium, also a metal. In general, as the number of protons in an ele- 
ment’s nucleus increases, the number of neutrons also increases. Elements with high atomic numbers, 
like lead, are therefore much denser than elements with low atomic numbers, like carbon. Perhaps 
youve compared a lead sinker with a piece of coal of similar size, and noticed this difference. 


Isotopes and Atomic Weights 


For a given element, such as oxygen, the number of neutrons can vary. But no matter what the num- 
ber of neutrons, the element keeps its identity, based on the atomic number. Differing numbers of 
neutrons result in various isotopes for a given element. 

Each element has one particular isotope that is most often found in nature. But all elements 
have numerous isotopes. Changing the number of neutrons in an element’s nucleus results in a dif- 
ference in the weight, and also a difference in the density, of the element. Thus, hydrogen contain- 
ing a neutron or two in the nucleus, along with the proton, is called heavy hydrogen. 

The atomic weight of an element is approximately equal to the sum of the number of protons 
and the number of neutrons in the nucleus. Common carbon has an atomic weight of about 12, and 
is called carbon 12 or C12. But sometimes it has an atomic weight of about 14, and is known as car- 


bon 14 or Cl4. 


Electrons 


Surrounding the nucleus of an atom are particles having opposite electric charge from the protons. 
These are the electrons. Physicists arbitrarily call the electrons charge negative, and the protons 
charge positive. An electron has exactly the same charge quantity as a proton, but with opposite po- 
larity. The charge on a single electron or proton is the smallest possible electric charge. All charges, 
no matter how great, are multiples of this unit charge. 

One of the earliest ideas about the atom pictured the electrons embedded in the nucleus, like 
raisins in a cake. Later, the electrons were seen as orbiting the nucleus, making the atom like a 
miniature solar system with the electrons as the planets (Fig. 1-1). Still later, this view was modified 
further. Today, the electrons are seen as so fast-moving, with patterns so complex, that it is not even 
possible to pinpoint them at any given instant of time. All that can be done is to say that an elec- 
tron will just as likely be inside a certain sphere as outside. These spheres are known as electron 
shells. Their centers correspond to the position of the atomic nucleus. The farther away from the nu- 
cleus the shell, the more energy the electron has (Fig. 1-2). 
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Questions 

A. Calculate CT and fr for each row of the 
preceding table. — 

B. Does increasing C 2, while holding C 1 
constant, increase or decrease the resonance 
frequency? — 
C. What effect does increasing C 1 have on 
the resonance frequency? — 

D. What is the condition that results in the 
highest possible resonance frequency? — 
E. What would be the highest resonance 
frequency if C 1 is fixed at 0.01 pF, and C 2 
can vary from 0.005 uF to 0.5 UF? 

Answers 

A. The following table shows the values of CT 


and fr: 


Electrons 5 


Electron 


1-1 An early model of the Electron 
atom, developed around orbits. 
the year 1900, 
resembled a miniature 
solar system. The 
electrons were held in 
their orbits around the 
nucleus by electrostatic 
attraction. 
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Electrons 


Electrons can move rather easily from one atom to another in some materials. In other sub- 
stances, it is difficult to get electrons to move. But in any case, it is far easier to move electrons than 
it is to move protons. Electricity almost always results, in some way, from the motion of electrons in 
a material. Electrons are much lighter than protons or neutrons. In fact, compared to the nucleus of 
an atom, the electrons weigh practically nothing. 

Generally, the number of electrons in an atom is the same as the number of protons. The neg- 
ative charges therefore exactly cancel out the positive ones, and the atom is electrically neutral. But 
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1-2 Electrons move around the nucleus ofan atom at defined levels, 
called shells, which correspond to discrete energy states. This is a 
simplified illustration of an electron gaining energy within an atom. 
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under some conditions, there can be an excess or shortage of electrons. High levels of radiant energy, 
extreme heat, or the presence of an electric field (discussed later) can “knock” or “throw” electrons 
loose from atoms, upsetting the balance. 


lons 


If an atom has more or less electrons than protons, that atom acquires an electrical charge. A 
shortage of electrons results in positive charge; an excess of electrons gives a negative charge. The 
elements identity remains the same, no matter how great the excess or shortage of electrons. In 
the extreme case, all the electrons might be removed from an atom, leaving only the nucleus. 
However, it would still represent the same element as it would if it had all its electrons. A 
charged atom is called an zon. When a substance contains many ions, the material is said to be 
ionized. 

A good example of an ionized substance is the atmosphere of the earth at high altitudes. 
The ultraviolet radiation from the sun, as well as high-speed subatomic particles from space, re- 
sult in the gases’ atoms being stripped of electrons. The ionized gases tend to be found in lay- 
ers at certain altitudes. These layers are responsible for long-distance radio communications at 
some frequencies. 

Ionized materials generally conduct electricity well, even if the substance is normally not a good 
conductor. lonized air makes it possible for a lightning stroke to take place, for example. The ion- 
ization, caused by a powerful electric field, occurs along a jagged, narrow channel. After the light- 
ning flash, the nuclei of the atoms quickly attract stray electrons back, and the air becomes 
electrically neutral again. 

An element might be both an ion and an isotope different from the usual isotope. For example, 
an atom of carbon might have eight neutrons rather than the usual six, thus being the isotope C14, 
and it might have been stripped of an electron, giving it a positive unit electric charge and making 
it an ion. 


Compounds 


Different elements can join together to share electrons. When this happens, the result is a chemical 
compound. One of the most common compounds is water, the result of two hydrogen atoms join- 
ing with an atom of oxygen. There are literally thousands of different chemical compounds that 
occur in nature. 

A compound is different than a simple mixture of elements. If hydrogen and oxygen are mixed, 
the result is a colorless, odorless gas, just like either element is a gas separately. A spark, however, will 
cause the molecules to join together; this will liberate energy in the form of light and heat. Under 
the right conditions, there will be a violent explosion, because the two elements join eagerly. Water 
is chemically illustrated in Fig. 1-3. 

Compounds often, but not always, appear greatly different from any of the elements that make 
them up. At room temperature and pressure, both hydrogen and oxygen are gases. But water under 
the same conditions is a liquid. If it gets a few tens of degrees colder, water turns solid at standard 
pressure. If it gets hot enough, water becomes a gas, odorless and colorless, just like hydrogen or 
oxygen. 
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1-3 A simplified diagram of a water molecule. 
Note the shared electrons. 


Another common example of a compound is rust. This forms when iron joins with oxygen. 
While iron is a dull gray solid and oxygen is a gas, rust is a maroon-red or brownish powder, com- 
gray yg one) p 
pletely unlike either of the elements from which it is formed. 


Molecules 


When atoms of elements join together to form a compound, the resulting particles are molecules. 
Figure 1-3 is an example of a molecule of water, consisting of three atoms put together. 

The natural form of an element is also known as its molecule. Oxygen tends to occur in pairs 
most of the time in the earth’s atmosphere. Thus, an oxygen molecule is sometimes denoted by the 
symbol O,. The “O” represents oxygen, and the subscript 2 indicates that there are two atoms per 
molecule. The water molecule is symbolized H,O, because there are two atoms of hydrogen and one 
atom of oxygen in each molecule. 

Sometimes oxygen atoms exist all by themselves; then we denote the molecule simply as O. 
Sometimes there are three atoms of oxygen grouped together. This is the gas called ozone, which has 
received much attention lately in environmental news. It is written O3. 

All matter, whether solid, liquid, or gas, is made of molecules. These particles are always mov- 
ing. The speed with which they move depends on the temperature. The hotter the temperature, the 
more rapidly the molecules move around. In a solid, the molecules are interlocked in a sort of rigid 
pattern, although they vibrate continuously (Fig. 1-4A). In a liquid, they slither and slide around 
(Fig. 1-4B). In a gas, they rush all over the place, bumping into each other and into solids and lig- 
uids adjacent to the gas (Fig. 1-4C). 
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1-4 Simplified renditions of molecular arrangements in a 


solid (A), a liquid (B), and a gas (C). 


Conductors 


In some materials, electrons move easily from atom to atom. In others, the electrons move with dif- 
ficulty. And in some materials, it is almost impossible to get them to move. An electrical conductor 
is a substance in which the electrons are mobile. 

The best conductor at room temperature is pure elemental silver. Copper and aluminum are 
also excellent electrical conductors. Iron, steel, and various other metals are fair to good conductors 
of electricity. In most electrical circuits and systems, copper or aluminum wire is used. (Silver is im- 
practical because of its high cost.) 

Some liquids are good electrical conductors. Mercury is one example. Salt water is a fair con- 
ductor. Gases or mixtures of gases, such as air, are generally poor conductors of electricity. This is 
because the atoms or molecules are usually too far apart to allow a free exchange of electrons. But if 
a gas becomes ionized, it can be a fair conductor of electricity. 

Electrons in a conductor do not move in a steady stream, like molecules of water through a gar- 
den hose. Instead, they are passed from one atom to another right next to it (Fig. 1-5). This happens 
to countless atoms all the time. As a result, literally trillions of electrons pass a given point each sec- 
ond in a typical electrical circuit. 


Insulators 


An insulator prevents electrical currents from flowing, except occasionally in tiny amounts. Most gases 
are good electrical insulators. Glass, dry wood, paper, and plastics are other examples. Pure water is a 
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good electrical insulator, although it conducts some current with even the slightest impurity. Metal 
oxides can be good insulators, even though the metal in pure form is a good conductor. 

Electrical insulators can be forced to carry current. Ionization can take place; when electrons are 
stripped away from their atoms, they move more or less freely. Sometimes an insulating material gets 
charred, or melts down, or gets perforated by a spark. Then its insulating properties are lost, and 
some electrons flow. An insulating material is sometimes called a dielectric. This term arises from the 
fact that it keeps electrical charges apart, preventing the flow of electrons that would equalize a 
charge difference between two places. Excellent insulating materials can be used to advantage in cer- 
tain electrical components such as capacitors, where it is important that electrons not flow. 

Porcelain or glass can be used in electrical systems to keep short circuits from occurring. These 
devices, called insulators, come in various shapes and sizes for different applications. You can see 
them on high-voltage utility poles and towers. They hold the wire up without running the risk of a 
short circuit with the tower or a slow discharge through a wet wooden pole. 


Resistors 


Some substances, such as carbon, conduct electricity fairly well but not really well. The conductiv- 
ity can be changed by adding impurities like clay to a carbon paste, or by winding a thin wire into 
a coil. Electrical components made in this way are called resistors. They are important in electronic 
circuits because they allow for the control of current flow. The better a resistor conducts, the lower 
its resistance; the worse it conducts, the higher the resistance. 

Electrical resistance is measured in units called ohms. The higher the value in ohms, the greater 
the resistance, and the more difficult it becomes for current to flow. For wires, the resistance is some- 
times specified in terms of ohms per unit length (foot, meter, kilometer, or mile). In an electrical 
system, it is usually desirable to have as low a resistance, or ohmic value, as possible. This is because 
resistance converts electrical energy into heat. 


Semiconductors 


In a semiconductor, electrons flow, but not as well as they do in a conductor. Some semiconductors 
carry electrons almost as well as good electrical conductors like copper or aluminum; others are al- 
most as bad as insulating materials. 
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1-6 Ina semiconducting material, holes travel in a direction 
opposite to the direction in which the electrons travel. 


Semiconductors are not the same as resistors. In a semiconductor, the material is treated so that 
it has very special properties. 

Semiconductors include certain substances such as silicon, selenium, or gallium, that have been 
“doped” by the addition of impurities such as indium or antimony. Have you heard of such things 
as gallium arsenide, metal oxides, or silicon rectifiers? Electrical conduction in these materials is always 
a result of the motion of electrons. But this can be a quite peculiar movement, and sometimes engi- 
neers speak of the movement of holes rather than electrons. A hole is a shortage of an electron—you 
might think of it as a positive ion—and it moves along in a direction opposite to the flow of elec- 
trons (Fig. 1-6). 

When most of the charge carriers are electrons, the semiconductor is called V-type, because elec- 
trons are negatively charged. When most of the charge carriers are holes, the semiconductor mate- 
rial is known as P-type because holes have a positive electric charge. But P-type material does pass 
some electrons, and N-type material carries some holes. In a semiconductor, the more abundant 
type of charge carrier is called the majority carrier. The less abundant kind is known as the minority 
carrier. Semiconductors are used in diodes, transistors, and integrated circuits. These substances are 
what make it possible for you to have a computer or a television receiver in a package small enough 
to hold in your hand. 


Current 


Whenever there is movement of charge carriers in a substance, there is an electric current. Current 
is measured in terms of the number of electrons or holes passing a single point in 1 second. 

A great many charge carriers go past any given point in 1 second, even if the current is small. In 
a household electric circuit, a 100-watt light bulb draws a current of about six quintillion (6 followed 
by 18 zeros) charge carriers per second. Even the smallest bulb carries guadrillions (numbers fol- 
lowed by 15 zeros) of charge carriers every second. It is impractical to speak of a current in terms of 
charge carriers per second, so it is measured in coulombs per second instead. A coulomb is equal to 
approximately 6,240,000,000,000,000,000 electrons or holes. A current of 1 coulomb per second 
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is called an ampere, and this is the standard unit of electric current. A 100-watt bulb in your desk 
lamp draws about 1 ampere of current. 

When a current flows through a resistance—and this is always the case because even the best con- 
ductors have resistance —heat is generated. Sometimes light and other forms of energy are emitted as 
well. A light bulb is deliberately designed so that the resistance causes visible light to be generated. 

Electric current flows at high speed through any conductor, resistor, or semiconductor. Never- 
theless, it is considerably less than the speed of light. 


Static Electricity 


Charge carriers, particularly electrons, can build up, or become deficient, on things without flow- 
ing anywhere. You've experienced this when walking on a carpeted floor during the winter, or in a 
place where the humidity was low. An excess or shortage of electrons is created on and in your body. 
You acquire a charge of static electricity, It’s called “static” because it doesnt go anywhere. You dont 
feel this until you touch some metallic object that is connected to earth ground or to some large fix- 
ture; but then there is a discharge, accompanied by a spark. 

If you were to become much more charged, your hair would stand on end, because every hair 
would repel every other. Like charges are caused either by an excess or a deficiency of electrons; they 
repel. The spark might jump an inch, 2 inches, or even 6 inches. Then it would more than startle 
you; you could get hurt. This doesnt happen with ordinary carpet and shoes, fortunately. But a de- 
vice called a Van de Graaff generator, found in physics labs, can cause a spark this large (Fig. 1-7). Be 
careful when using this device for physics experiments! 
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1-8 Electrostatic charges can build up between clouds in a thunderstorm (A), or 
between a cloud and the surface of the earth (B). 


In the extreme, lightning occurs between clouds, and between clouds and ground in the earth’s 
atmosphere. This spark, called a stroke, is a magnified version of the spark you get after shuffling 
around on a carpet. Until the stroke occurs, there is a static charge in the clouds, between different 
clouds or parts of a cloud, and the ground. In Fig. 1-8, cloud-to-cloud (A) and cloud-to-ground (B) 
static buildups are shown. In the case at B, the positive charge in the earth follows along beneath the 
storm cloud. The current in a lightning stroke is usually several tens of thousands, or hundreds of 
thousands, of amperes. But it takes place only for a fraction of a second. Still, many coulombs of 


charge are displaced in a single bolt of lightning. 


Electromotive Force 


Current can only flow if it gets a “push.” This can be caused by a buildup of static electric charges, 
as in the case of a lightning stroke. When the charge builds up, with positive polarity (shortage of 
electrons) in one place and negative polarity (excess of electrons) in another place, a powerful elec- 
tromotive force (EMF) exists. This force is measured in units called voles. 

Ordinary household electricity has an effective voltage of between 110 and 130; usually it is 
about 117. A car battery has an EMF of 12 to 14 volts. The static charge that you acquire when 
walking on a carpet with hard-soled shoes is often several thousand volts. Before a discharge of light- 
ning, millions of volts exist. An EME of 1 volt, across a resistance of 1 ohm, will cause a current of 
l ampere to flow. This is a classic relationship in electricity, and is stated generally as Ohms Law. If 
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the EMF is doubled, the current is doubled. If the resistance is doubled, the current is cut in half. 
This important law of electrical circuit behavior is covered in detail later in this book. 

It is possible to have an EMF without having any current. This is the case just before a light- 
ning stroke occurs, and before you touch a metal object after walking on a carpet. It is also true be- 
tween the two wires of an electric lamp when the switch is turned off. It is true of a dry cell when 
there is nothing connected to it. There is no current, but a current is possible given a conductive 
path between the two points. Voltage, or EME, is sometimes called potential or potential difference 
for this reason. 

Even a huge EMF does not necessarily drive much current through a conductor or resistance. 
A good example is your body after walking around on the carpet. Although the voltage seems deadly 
in terms of numbers (thousands), there are not many coulombs of static-electric charge that can ac- 
cumulate on an object the size of your body. Therefore, in relative terms, not that many electrons 
flow through your finger when you touch a radiator. This is why you dont get a severe shock. 

If there are plenty of coulombs available, a small voltage, such as 117 volts (or even less) can 
cause a lethal current. This is why it is dangerous to repair an electrical device with the power on. 
The power plant will pump an unlimited number of coulombs of charge through your body if you 
are not careful. 


Nonelectrical Energy 


In electricity and electronics, there are phenomena that involve other forms of energy besides elec- 
trical energy. Visible light is an example. A light bulb converts electricity into radiant energy that 
you can see. This was one of the major motivations for people like Thomas Edison to work with 
electricity. Visible light can also be converted into electric current or voltage. A photovoltaic cell 
does this. 

Light bulbs always give off some heat, as well as visible light. Incandescent lamps actually give 
off more energy as heat than as light. You are certainly acquainted with electric heaters, designed for 
the purpose of changing electricity into heat energy. This heat is a form of radiant energy called 
infrared (IR). It is similar to visible light, except that the waves are longer and you cant see them. 

Electricity can be converted into other radiant-energy forms, such as radio waves, ultraviolet 
(UV), and X rays. This is done by specialized devices such as radio transmitters, sunlamps, and elec- 
tron tubes. Fast-moving protons, neutrons, electrons, and atomic nuclei are an important form of 
energy. The energy from these particles is sometimes sufficient to split atoms apart. This effect 
makes it possible to build an atomic reactor whose energy can be used to generate electricity. 

When a conductor moves in a magnetic field, electric current flows in that conductor. In this 
way, mechanical energy is converted into electricity. This is how an electric generator works. Gener- 
ators can also work backward. Then you have a motor that changes electricity into useful mechani- 
cal energy. 

A magnetic field contains energy of a unique kind. The science of magnetism is closely related 
to electricity. Magnetic phenomena are of great significance in electronics. The oldest and most uni- 
versal source of magnetism is the geomagnetic field surrounding the earth, caused by alignment of 
iron atoms in the core of the planet. 

A changing magnetic field creates a fluctuating electric field, and a fluctuating electric field pro- 
duces a changing magnetic field. This phenomenon, called electromagnetism, makes it possible to 
send wireless signals over long distances. The electric and magnetic fields keep producing one an- 
other over and over again through space. 
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Chemical energy is converted into electricity in dry cells, wet cells, and batteries. Your car battery 
is an excellent example. The acid reacts with the metal electrodes to generate an electromotive force. 
When the two poles of the batteries are connected, current results. The chemical reaction contin- 
ues, keeping the current going for a while. But the battery can only store a certain amount of chem- 
ical energy. Then it “runs out of juice,” and the supply of chemical energy must be restored by 
charging. Some cells and batteries, such as lead-acid car batteries, can be recharged by driving cur- 
rent through them, and others, such as most flashlight and transistor-radio batteries, cannot. 


Quiz 
Refer to the text in this chapter if necessary. A good score is at least 18 correct answers out of these 
20 questions. The answers are listed in the back of this book. 
1. The atomic number of an element is determined by 
(a) the number of neutrons. 
(b) the number of protons. 
(c) the number of neutrons plus the number of protons. 
(d) the number of electrons. 
2. The atomic weight of an element is approximately determined by 
(a) the number of neutrons. 
(b) 
(c) 


(d) the number of electrons. 


the number of protons. 


the number of neutrons plus the number of protons. 


3. Suppose there is an atom of oxygen, containing eight protons and eight neutrons in the 
nucleus, and two neutrons are added to the nucleus. What is the resulting atomic weight? 


4. Anion 
(a) 
(b) 


(c) has negative electric charge. 


is electrically neutral. 


has positive electric charge. 


(d) can have either a positive or negative charge. 


5. An isotope 
(a) is electrically neutral. 
(b) has positive electric charge. 
(c) has negative electric charge. 


(d) can have either a positive or negative charge. 
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B. Increasing C 2 decreases the resonance 
frequency, and, therefore, decreases the 
output frequency of the oscillator. 
C. Increasing Cl also decreases the 
resonance frequency and the output 


frequency of the oscillator. 
D. When CT is at tts lowest possible value. 
E. When C2 is 0.005 uF, CT will be 0.0033 


UF, which is its lowest possible value. 
Therefore, the frequency is at the highest 
possible value, or approximately 6.9 kHz. The 
lowest frequency occurs when C2 is at its 


highest setting of 0.5 UF. 
The Hartley Oscillator 


25 Figure 9.27 shows a Hartley oscillator 
circuit. In this type of circuit, the feedback IS 
taken from a tap on the coil, or from a 
connection between two inductors. 

Figure 9.27 
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13. 


Quiz 


. A molecule 


(a 
(b 
(c 
(d 


NA 


can consist of a single atom of an element. 


SS” 


always contains two or more elements. 


NA 


always has two or more atoms. 


X= 


is always electrically charged. 


. Ina compound, 


(a) there can be a single atom of an element. 
(b) there must always be two or more elements. 
(c) the atoms are mixed in with each other but not joined. 


(d) there is always a shortage of electrons. 


. An electrical insulator can be made a conductor 


(a) by heating it. 
(b) by cooling it. 
(c) by ionizing it. 
(d) by oxidizing it. 


. Of the following substances, the worst conductor is 


(a) air. 

(b) copper. 

(c) iron. 

(d) salt water. 

Of the following substances, the best conductor is 
(a) air. 

(b) copper. 

(c) iron. 

(d) salt water. 

Movement of holes in a semiconductor 

(a) is like a flow of electrons in the same direction. 
(b) is possible only if the current is high enough. 
(c) results in a certain amount of electric current. 


(d) causes the material to stop conducting. 


If a material has low resistance, then 

(a) it isa good conductor. 

(b) it is a poor conductor. 

(c) the current flows mainly in the form of holes. 
(d) current can flow only in one direction. 

A coulomb 

(a) represents a current of 1 ampere. 

(b) flows through a 100-watt light bulb. 

(c) is equivalent to 1 ampere per second. 


(d) is an extremely large number of charge carriers. 
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A stroke of lightning 

(a) is caused by a movement of holes in an insulator. 
(b) has a very low current. 

(c) is a discharge of static electricity. 

(d) builds up between clouds. 

The volt is the standard unit of 

(a) current. 

(b) 
(c) 


(d) resistance. 


charge. 


electromotive force. 


If an EMF of 1 volt is placed across a resistance of 2 ohms, then the current is 
(a) half an ampere. 

(b) 1 ampere. 

(c) 2 amperes. 


(d) impossible to determine. 


17. A backward-working electric motor, in which mechanical rotation is converted to electricity, 
is best described as 


18. 


19. 


(a) an inefficient, energy-wasting device. 
(b) 
(c) 
(d) a magnetic field. 


a motor with the voltage connected the wrong way. 


an electric generator. 


In a battery, chemical energy can sometimes be replenished by 

(a) connecting it to a light bulb. 

(b) charging it. 

(c) discharging it. 

(d) no means known; when a battery is dead, you must throw it away. 
A fluctuating magnetic field 

(a) produces an electric current in an insulator. 

(b) magnetizes the earth. 

(c) produces a fluctuating electric field. 


(d) results from a steady electric current. 


20. Visible light is converted into electricity 


(a) in a dry cell. 
(b) 
(c) 


(d) in a photovoltaic cell. 


in a wet cell. 


in an incandescent bulb. 
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CHAPTER 


Electrical Units 


THIS CHAPTER EXPLAINS, IN MORE DETAIL, STANDARD UNITS THAT DEFINE THE BEHAVIOR OF DIRECT- 
current (dc) circuits. Many of these rules also apply to utility alternating-current (ac) circuits. 


The Volt 


In Chap. 1, you learned a little about the volt, the standard unit of electromotive force (EMF) or 
potential difference. 

An accumulation of electrostatic charge, such as an excess or shortage of electrons, is always as- 
sociated with a voltage. There are other situations in which voltages exist. Voltage can be generated 
at a power plant, produced in an electrochemical reaction, or caused by light rays striking a semi- 
conductor chip. It can be produced when an object is moved in a magnetic field, or is placed in a 
fluctuating magnetic field. 

A potential difference between two points produces an electric field, represented by electric lines 
of flux (Fig. 2-1). There is a pole that is relatively positive, with fewer electrons, and one that is rel- 
atively negative, with more electrons. The positive pole does not necessarily have a deficiency of 
electrons compared with neutral objects, and the negative pole does not always have a surplus of 
electrons relative to neutral objects. But the negative pole always has more electrons than the posi- 
tive pole. 

The abbreviation for volt (or volts) is V. Sometimes, smaller units are used. The millivolt (mV) 
is equal to a thousandth (0.001) of a volt. The microvolt (UV) is equal to a millionth (0.000001) of 
a volt. It is sometimes necessary to use units larger than the volt. One kilovolt (kV) is one thousand 
volts (1000 V). One megavolt (MV) is 1 million volts (1,000,000 V) or one thousand kilovolts 
(1000 kV). 

In a dry cell, the voltage is usually between 1.2 and 1.7 V; in a car battery, it is 12 to 14 V. In 
household utility wiring, it is a low-frequency alternating current of about 117 V for electric lights 
and most appliances, and 234 V for a washing machine, dryer, oven, or stove. In television sets, 
transformers convert 117 V to around 450 V for the operation of the picture tube. In some broad- 
cast transmitters, the voltage can be several kilovolts. 
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2-1 Electric lines of flux always exist near poles of electric charge. 


The largest voltages on our planet occur between clouds, or between clouds and the ground, in 
thundershowers. This potential difference can build up to several tens of megavolts. The existence 
of a voltage always means that charge carriers, which are electrons in a conventional circuit, flow be- 
tween two points if a conductive path is provided. Voltage represents the driving force that impels 
charge carriers to move. If all other factors are held constant, high voltages produce a faster flow of 
charge carriers, and therefore larger currents, than low voltages. But that's an oversimplification in 
most real-life scenarios, where other factors are hardly ever constant! 


Current Flow 


Ifa conducting or semiconducting path is provided between two poles having a potential difference, 
charge carriers flow in an attempt to equalize the charge between the poles. This flow of current con- 
tinues as long as the path is provided, and as long as there is a charge difference between the poles. 

Sometimes the charge difference is equalized after a short while. This is the case, for example, 
when you touch a radiator after shuffling around on the carpet while wearing hard-soled shoes. It is 
also true in a lightning stroke. In these instances, the charge is equalized in a fraction of a second. 
In other cases, the charge takes longer to be used up. This happens if you short-circuit a dry cell. 
Within a few minutes, the cell “runs out of juice” if you put a wire between the positive and nega- 
tive terminals. If you put a bulb across the cell, say with a flashlight, it takes an hour or two for the 
charge difference to drop to zero. 

In household electric circuits, the charge difference is never equalized, unless there's a power 
failure. Of course, if you short-circuit an outlet (dont!), the fuse or breaker will blow or trip, and the 
charge difference will immediately drop to zero. But if you put a 100-watt bulb at the outlet, the 
charge difference will be maintained as the current flows. The power plant can keep a potential dif- 
ference across a lot of light bulbs indefinitely. 
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Relative voltage 


Have you heard that it is current, not voltage, that kills? This is a literal truth, but it plays on 
semantics. It’s like saying “It’s the heat, not the fire, that burns you.” Naturally! But there can only 
be a deadly current if there is enough voltage to drive it through your body. You don't have to worry 
when handling flashlight cells, but youd better be extremely careful around household utility cir- 
cuits. A voltage of 1.2 to 1.7 V cant normally pump a dangerous current through you, but a volt- 
age of 117 V almost always can. 

In an electric circuit that always conducts equally well, the current is directly proportional to 
the applied voltage. If you double the voltage, you double the current. If the voltage is cut in half, 
the current is cut in half too. Figure 2-2 shows this relationship as a graph in general terms. It as- 
sumes that the power supply can provide the necessary number of charge carriers. 


The Ampere 


Current is a measure of the rate at which charge carriers flow. The standard unit is the ampere. This 
represents one coulomb (6,240,000,000,000,000,000) of charge carriers flowing every second past 
a given point. 

An ampere is a comparatively large amount of current. The abbreviation is A. Often, current 
is specified in terms of milliamperes, abbreviated mA, where 1 mA = 0.001 A, or a thousandth of 
an ampere. You will also sometimes hear of microamperes (UA), where 1 uA = 0.000001 A or 
0.001 mA, which is a millionth of an ampere. It is increasingly common to hear about nanoam- 
peres (nA), where 1 nA = 0.001 uA = 0.000000001 A, which is a thousandth of a millionth of an 
ampere. 

A current of a few milliamperes will give you a startling shock. About 50 mA will jolt you se- 
verely, and 100 mA can cause death if it flows through your chest cavity. An ordinary 100-watt light 
bulb draws about 1 A of current in a household utility circuit. An electric iron draws approximately 
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10 A; an entire household normally uses between 10 and 50 A, depending on the size of the house 
and the kinds of appliances it has, and also on the time of day, week, or year. 

The amount of current that flows in an electrical circuit depends on the voltage, and also on the 
resistance. There are some circuits in which extremely large currents, say 1000 A, can flow. This will 
happen through a metal bar placed directly at the output of a massive electric generator. The resistance 
is extremely low in this case, and the generator is capable of driving huge numbers of charge carriers 
through the bar every second. In some semiconductor electronic devices, such as microcomputers, a 
few nanoamperes will suffice for many complicated processes. Some electronic clocks draw so little 
current that their batteries last as long as they would if left on the shelf without being put to any use. 


Resistance and the Ohm 


Resistance is a measure of the opposition that a circuit offers to the flow of electric current. You can 
compare it to the diameter of a hose. In fact, for metal wire, this is an excellent analogy: small- 
diameter wire has high resistance (a lot of opposition to current), and large-diameter wire has low 
resistance (not much opposition to current). The type of metal makes a difference too. For example, 
steel wire has higher resistance for a given diameter than copper wire. 

The standard unit of resistance is the ohm. This is sometimes symbolized by the uppercase 
Greek letter omega (Q). You'll sometimes hear about kilohms (symbolized k or kO), where 1 kQ = 
1000 Q, or about megohms (symbolized M or MQ), where 1 MQ = 1000 kQ = 1,000,000 Q. 

Electric wire is sometimes rated for resistivity. The standard unit for this purpose is the ohm per 
foot (ohm/ft or Q/ft) or the ohm per meter (ohm/m or Q/m). You might also come across the unit 
ohm per kilometer (ohm/km or Q/km). Table 2-1 shows the resistivity for various common sizes of 
solid copper wire at room temperature, as a function of the wire size as defined by a scheme known 


as the American Wire Gauge (AWG). 


Table 2-1. Approximate resistivity at room 
temperature for solid copper wire as a function of 


the wire size in American Wire Gauge (AWG). 


Wire size, AWG # Resistivity, ohms/km 
2, 0.52 
4 0.83 
6 1.3 
8 27 
10 3.3 
12 5.3 
14 8.4 
16 13 
18 21 
20 34 
22 54 
24 86 
26 140 
28 220 


30 350 
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When 1 V is placed across 1 Q of resistance, assuming that the power supply can deliver an un- 
limited number of charge carriers, there is a current of 1 A. If the resistance is doubled to 2 Q, the 
current decreases to 0.5 A. If the resistance is cut by a factor of 5 to 0.2 Q, the current increases by 
the same factor, to 5 A. The current flow, for a constant voltage, is said to be ¿nversely proportional 
to the resistance. Figure 2-3 is a graph that shows various currents, through various resistances, given 
a constant voltage of 1 V across the whole resistance. 

Resistance has another property. If there is a current flowing through a resistive material, there 
is always a potential difference across the resistive component (called a resistor). This is shown in 
Fig. 2-4. In general, this voltage is directly proportional to the current through the resistor. This be- 
havior of resistors is useful in the design of electronic circuits, as you will learn later in this book. 

Electrical circuits always have some resistance. There is no such thing as a perfect conductor. 
When some metals are chilled to temperatures near absolute zero, they lose practically all of their re- 
sistance, but they never become absolutely perfect, resistance-free conductors. This phenomenon, 
about which you might have heard, is called superconductivity, 
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Just as there is no such thing as a perfectly resistance-free substance, there isnt a truly infinite 
resistance, either. Even air conducts to some extent, although the effect is usually so small that it can 
be ignored. In some electronic applications, materials are selected on the basis of how “nearly infi- 
nite” their resistance is. 

In electronics, the resistance of a component often varies, depending on the conditions under 
which it is operated. A transistor, for example, might have high resistance some of the time, and low 
resistance at other times. High/low resistance variations can be made to take place thousands, mil- 
lions, or billions of times each second. In this way, oscillators, amplifiers, and digital devices func- 
tion in radio receivers and transmitters, telephone networks, digital computers, and satellite links 
(to name just a few applications). 


Conductance and the Siemens 


Electricians and electrical engineers sometimes talk about the conductance of a material, rather than 
about its resistance. The standard unit of conductance is the siemens, abbreviated S. When a com- 
ponent has a conductance of 1 S, its resistance is 1 Q. If the resistance is doubled, the conductance 
is cut in half, and vice versa. Therefore, conductance is the reciprocal of resistance. 

If you know the resistance of a component or circuit in ohms, you can get the conductance in 
siemens: divide 1 by the resistance. If you know the conductance in siemens, you can get the resist- 
ance: divide 1 by the conductance. Resistance, as a variable quantity, is denoted by an italicized, up- 
percase letter R. Conductance, as a variable quantity, is denoted as an italicized, uppercase letter G. If 
we express R in ohms and G in siemens, then the following two equations describe their relationship: 


G=1/R 
R=1/G 


Units of conductance much smaller than the siemens are often used. A resistance of 1 kQ is 
equal to 1 millisienens (1 mS). If the resistance is 1 MQ, the conductance is one microsiemens (1 US). 
You'll sometimes hear about kzlosiemens (kS) or megasiemens (MS), representing resistances of 0.001 
Q and 0.000001 Q (a thousandth of an ohm and a millionth of an ohm, respectively). Short lengths 
of heavy wire have conductance values in the range of kilosiemens. Heavy metal rods can have con- 
ductances in the megasiemens range. 

Suppose a component has a resistance of 50 Q. Then its conductance, in siemens, is 1/50 S, 
which is equal to 0.02 S. We can call this 20 mS. Or imagine a piece of wire with a conductance 
of 20 S. Its resistance is 1/20 Q, which is equal to 0.05 Q. You will not often hear the term mil- 
liohm. But you could say that this wire has a resistance of 50 mQ, and you would be technically 
right. 

Determining conductivity is tricky. If wire has a resistivity of 10 Q/km, you cant say that it has 
a conductivity of 1/10, or 0.1, S/km. It is true that a kilometer of such wire has a conductance of 
0.1 S, but 2 km of the wire has a resistance of 20 Q (because there is twice as much wire). That is 
not twice the conductance, but half. If you say that the conductivity of the wire is 0.1 S/km, then 
you might be tempted to say that 2 km of the wire has 0.2 S of conductance. That would be a mis- 
take! Conductance decreases with increasing wire length. 

Figure 2-5 illustrates the resistance and conductance values for various lengths of wire having a 


resistivity of 10 Q/km. 
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Power and the Watt 


Whenever current flows through a resistance, heat results. The heat can be measured in watts (sym- 
bolized W) and represents electrical power. (As a variable quantity in equations, power is denoted by 
the uppercase italic letter P) Power can be manifested in many forms, such as mechanical motion, 
radio waves, visible light, or noise. But heat is always present, in addition to any other form of 
power, in an electrical or electronic device. This is because no equipment is 100 percent efficient. 
Some power always goes to waste, and this waste is almost all in the form of heat. 

Look again at Fig. 2-4. There is a certain voltage across the resistor, not specifically indicated. 
There's also a current flowing through the resistance, and it is not quantified in the diagram, either. 
Suppose we call the voltage E and the current J, in volts (V) and amperes (A), respectively. Then the 
power in watts dissipated by the resistance, call it P, is the product of the voltage in volts and the 
current in amperes: 


PHT 
If the voltage E across the resistance is caused by two flashlight cells in series, giving 3 V, and if 
the current / through the resistance (a light bulb, perhaps) is 0.1 A, then £= 3 V and /=0.1 A, and 
we can calculate the power P in watts as follows: 


P=Ef=3Xx0.1=0.3 W 


Suppose the voltage is 117 V, and the current is 855 mA. To calculate the power, we must con- 
vert the current into amperes: 855 mA = 855/1000 A =0.855 A. Then: 


P= EI = 117 x 0.855 = 100 W 
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Table 2-2. Prefix multipliers from 0.000000000001 
(trillionths, or units of 10™ to 1,000,000,000,000 
(trillions, or units of 10°”). 


Prefix Symbol Multiplier 

pico- p 0.000000000001 (or 1073 
nano- n 0.000000001 (or 107’) 
micro- u 0.000001 (or 1079) 
milli- m 0.001 (or 107?) 
kilo- k 1000 (or 10°) 
mega- M 1,000,000 (or 10°) 
giga- G 1,000,000,000 (or 10°) 
tera- T 1,000,000,000,000 (or 10?) 


You will often hear about milliwatts (mW), microwatts (UW), kilowatts (KW), and megawatts 
(MW). By now, you should be able to tell from the prefixes what these units represent. Otherwise, 
you can refer to Table 2-2. This table lists the most commonly used prefix multipliers in electricity 
and electronics. 

Sometimes you need to use the power equation to find currents or voltages. Then you should 
use /= P/E to find current, or E= P/I to find voltage. Always remember to convert, if necessary, to 
the standard units of volts, amperes, and watts before performing the calculations. 


A Word about Notation 


Have you noticed some strange things about the notation yet? If you're observant, you have! Why, 
you might ask, are italics sometimes used, and sometimes not used? Something should be said early 
in this course about notation, because it can get confusing with all the different symbols and abbre- 
viations. Sometimes, symbols and abbreviations appear in italics, and sometimes they do not. You'll 
see subscripts often, and sometimes even they are italicized! Here are some rules that apply to nota- 
tion in electricity and electronics: 


Symbols for specific units, such as volts, amperes, and ohms, are not italicized. 

Symbols for objects or components, such as resistors, batteries, and meters, are not italicized. 

Quantifying prefixes, such as “kilo-” or “micro-,” are not italicized. 

Labeled points in drawings might or might not be italicized; it doesn’t matter as long as a di- 

agram is consistent with itself. 

e Symbols for mathematical constants and variables, such as time, are italicized. 

e Symbols for electrical quantities, such as voltage, current, resistance, and power, are itali- 
cized. 

e Symbols and abbreviations for modifiers might or might not be italicized; it doesnt matter 
as long as a document is consistent with itself. 

e Numeric subscripts are not italicized. 

e For nonnumeric subscripts, the same rules apply as for general symbols. 


Some examples are R (not italicized) for resistor, R (italicized) for resistance, P (italicized) for power, 
W (not italicized) for watts, V (not italicized) for volts, E or V (italicized) for voltage, A (not itali- 
cized) for amperes, / (italicized) for current, f (italicized) for frequency, and ¢ (italicized) for time. 


| L=2H 
R Ce DC resistance = 130 © 


har 


Capacitor C L stops the emitter DC voltage 
from being pulled down to O volts through 
the coil. C L should have a reactance of less 
than R E /10, or less than 160 ohms at the 
oscillator frequency. 

Questions 

Work through the following calculations: 
A. What is the resonance frequency? 
fr = 


B. What is the approximate impedance of the 
load? Z= _— 
C. What missing information prevents you 


from calculating the fraction of the voltage 
drop across the coil that is fed back to the 
emitter? 

Answers 

A. 80 Hz (approximately). 

B. 7.7 kQ (approximately). 
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Once in a while you will see the same symbol italicized in one place and not in another—in the 
same circuit diagram or discussion! We might, for example, talk about “resistor number 3” (symbol- 
ized R3), and then later in the same paragraph talk about its value as “resistance number 3” (Sym- 
bolized Rs). Still later we might talk about “the mth resistor in a series connection” (R,,) and then “the 
nth resistance in a series combination of resistances” (R,). 

These differences in notation, while subtle (and, some people will say, picayune) are followed 
in this book, and they are pretty much agreed upon by convention. They are important because they 
tell the reader exactly what a symbol stands for in a diagram, discussion, or mathematical equation. 
“Resistor” and “resistance” are vastly different things—as different from each other as a garden hose 
(the object) and the extent to which it impedes the flow of water (the phenomenon). With this in 
mind, let us proceed! 


Energy and the Watt-Hour 


Have you heard the terms “power” and “energy” used interchangeably, as if they mean the same 
thing? They don't! Energy is power dissipated over a length of time. Power is the rate at which energy 
is expended. Physicists measure energy in units called joules. One joule (1 J) is the equivalent of a 
watt-second, which is the equivalent of 1 watt of power dissipated for 1 second of time (1 W : s or 
Ws). In electricity, you'll more often encounter the watt-hour (symbolized W - h or Wh) or the 
kilowatt-hour (symbolized kW - h or kWh). As their names imply, a watt-hour is the equivalent of 
1 W dissipated for 1 h, and 1 kWh is the equivalent of 1 kW of power dissipated for 1 h. 

A watt-hour of energy can be dissipated in an infinite number of different ways. A 60-W bulb 
consumes 60 Wh in 1 h, the equivalent of a watt-hour per minute (1 Wh/min). A 100-W bulb con- 
sumes 1 Wh in 1/100 h, or 36 s. Besides these differences, the rate of power dissipation in real-life 
circuits often changes with time. This can make the determination of consumed energy compli- 
cated, indeed. 

Figure 2-6 illustrates two hypothetical devices that consume 1 Wh of energy. Device A uses its 
power at a constant rate of 60 W, so it consumes 1 Wh in 1 min. The power consumption rate of 
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device B varies, starting at zero and ending up at quite a lot more than 60 W. How do you know 
that this second device really consumes 1 Wh of energy? You must determine the area under the 
curve in the graph. In this case, figuring out this area is easy, because the enclosed object is a trian- 
gle. The area of a triangle is equal to half the product of the base length and the height. Device B is 
powered up for 72 s, or 1.2 min; this is 1.2/60 = 0.02 h. Then the area under the curve is 1/2 x 
100 x 0.02 = 1 Wh. 

When calculating energy values, you must always remember the units you're using. In this case 
the unit is the watt-hour, so you must multiply watts by hours. If you multiply watts by minutes, or 
watts by seconds, you'll get the wrong kind of units in your answer. 

Often, the curves in graphs like these are complicated. Consider the graph of power consump- 
tion in your home, versus time, for a day. It might look like the curve in Fig. 2-7. Finding the area 
under this curve is not easy. But there is another way to determine the total energy burned by your 
household over a period of time. That is by means of a meter that measures electrical energy in kilo- 
watt-hours. Every month, without fail, the power company sends its representative to read your 
electric meter. This person takes down the number of kilowatt-hours displayed, subtracts the num- 
ber from the reading taken the previous month, and a few days later you get a bill. This meter au- 
tomatically keeps track of total consumed energy, without anybody having to go through high-level 
mathematical calculations to find the areas under irregular curves such as the graph of Fig. 2-7. 


Other Energy Units 


The joule, while standard among scientists, is not the only energy unit in existence! Another unit is 
the erg, equivalent to one ten-millionth (0.0000001) of a joule. The erg is used in lab experiments 
involving small amounts of expended energy. 
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Table 2-3. Conversion factors between joules and various other energy units. 


To convert energy To convert energy 

in this unit to energy in in joules to energy in 
Unit joules, multiply by this unit, multiply by 
British thermal units (Btu) 1055 0.000948 
Electron volts (eV) 1.6 x 107? 6.2 X 10% 
Ergs 0.0000001 (or 107) 10,000,000 (or 107) 
Foot-pounds (ft-lb) 1.356 0.738 
Watt-hours (Wh) 3600 0.000278 
Kilowatt-hours (kWh) 3,600,000 (or 3.6 x 10°) 0.000000278 (or 2.78 x 107) 


Most folks have heard of the British thermal unit (Btu), equivalent to 1055 joules. This is the 
energy unit commonly used to define the cooling or heating capacity of air-conditioning equip- 
ment. To cool your room from 85 to 78°F needs a certain amount of energy, perhaps best specified 
in Btu. If you are getting an air conditioner or furnace installed in your home, an expert will come 
look at your situation, and determine the size of air-conditioning/heating unit that best suits your 
needs. That person will likely tell you how powerful the unit should be in terms of its ability to heat 
or cool in Btu per hour (Btu/h). 

Physicists also use, in addition to the joule, a unit of energy called the electron volt (eV). This is 
a tiny unit of energy, equal to just 0.00000000000000000016 joule (there are 18 zeroes after the 
decimal point and before the 1). The physicists write 1.6 x 107?” to represent this. It is the energy 
gained by a single electron in an electric field of 1 V. Machines called particle accelerators (or atom 
smashers) are rated by millions of electron volts (MeV), billions of electron volts (GeV), or trillions 
of electron volts (TeV) of energy capacity. 

Another energy unit, employed to denote work, is the foot-pound (ft-lb). This is the work 
needed to raise a weight of one pound by a distance of one foot, not including any friction. It’s equal 
to 1.356 joules. 

All of these units, and conversion factors, are given in Table 2-3. Kilowatt-hours and watt-hours 
are also included in this table. In electricity and electronics, you need to be concerned only with the 
watt-hour and the kilowatt-hour for most purposes. 


Alternating Current and the Hertz 


This chapter, and this whole first section, is mostly concerned with direct current (dc). “That's elec- 
tric current that always flows in the same direction and that does not change in intensity (at least 
not too rapidly) with time. But household utility current is not of this kind. It reverses direction pe- 
riodically, exactly once every 1/120 second. It goes through a complete cycle every 1/60 second. 
Every repetition is identical to every other. This is alternating current (ac). 

Figure 2-8 shows the characteristic wave of ac, as a graph of voltage versus time. Notice that the 
maximum positive and negative voltages are not 117 V, as youve heard about household electricity, 
but close to 165 V. There is a reason for this difference. The effective voltage for an ac wave is never 
the same as the instantaneous maximum, or peak, voltage. In fact, for the common waveform shown 
in Fig. 2-8, the effective value is 0.707 times the peak value. Conversely, the peak value is 1.414 
times the effective value. 
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Because the whole cycle repeats itself every 1/60 second, the frequency of the utility ac wave is 
said to be 60 hertz, abbreviated 60 Hz. The German word /ertz literally translates to “cycles per sec- 
ond.” In the United States, this is the standard frequency for ac. In some places it is 50 Hz. 

In wireless communications, higher frequencies are common, and you'll hear about kilohertz 


(kHz), megahertz (MHz), and gigahertz (GHz). The relationships among these units are as follows: 


1 kHz = 1000 Hz 
1 MHz = 1000 kHz = 1,000,000 Hz 
1 GHz = 1000 MHz = 1,000,000 kHz = 1,000,000,000 Hz 


Usually, but not always, the waveshapes are of the type shown in Fig. 2-8. This waveform is known 
as a sine wave or a sinusoidal waveform. 


Rectification and Pulsating Direct Current 


Batteries and other sources of direct current (dc) produce constant voltage. This can be represented 
by a straight, horizontal line on a graph of voltage versus time (Fig. 2-9). For pure dc, the peak and 
effective values are identical. But sometimes the value of dc voltage fluctuates rapidly with time. 
This happens, for example, if the waveform in Fig. 2-8 is passed through a rectifier circuit. 
Rectification is a process in which ac is changed to dc. The most common method of doing this 
uses a device called the diode. Right now, you need not be concerned with how the rectifier circuit 
is put together. The point is that part of the ac wave is either cut off, or turned around upside down, 
so the output is pulsating dc. Figure 2-10 illustrates two different waveforms of pulsating dc. In the 
waveform at A, the negative (bottom) part has been cut off. At B, the negative portion of the wave 
has been inverted and made positive. The situation at A is known as half-wave rectification, because 
it involves only half the waveform. At B, the ac has been subjected to full-wave rectification, because 
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all of the original current still flows, even though the alternating nature has been changed so that the 
current never reverses. 

The effective value, compared with the peak value, for pulsating dc depends on whether half- 
wave or full-wave rectification is applied to an ac wave. In Fig. 2-10A and B, effective voltage is 
shown as dashed lines, and the instantaneous voltage is shown as solid curves. The instantaneous volt- 
age changes all the time, from instant to instant. (That’s how it gets this name!) The peak voltage is 
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2-10 AtA, half-wave rectification of common utility ac. At B, full-wave 
rectification of common utility ac. Effective voltages are shown by the 


dashed lines. 


30 Electrical Units 


the maximum instantaneous voltage. Instantaneous voltage is never any greater than the peak volt- 
age for any wave. 

In Fig. 2-10B, the effective voltage is 0.707 times the peak voltage, just as is the case with ordi- 
nary ac. The direction of current flow, for many kinds of devices, doesnt make any difference. But 
in Fig. 2-10A, half of the wave has been lost. This cuts the effective value in half, so that it’s only 
0.354 times the peak value. 

In household ac that appears in wall outlets for conventional appliances in the United States, 
the peak voltage is about 165 V; the effective value is 117 V. If full-wave rectification is used, the ef- 
fective value is still 117 V. If half-wave rectification is used, the effective voltage is about 58.5 V. 


Safety Considerations in Electrical Work 


For our purposes, one rule applies concerning safety around electrical apparatus: 


Tf you have any doubt about whether or not something is safe, leave it alone. Let a professional 
electrician work on it. 


Household voltage, normally about 117 V (but sometimes twice that for large appliances such 
as electric ranges and laundry machines), is more than sufficient to kill you if it appears across your 
chest cavity. Certain devices, such as automotive spark coils, can produce lethal currents even from 
the low voltage (12 to 14 V) in a car battery. 

Consult the American Red Cross or your electrician concerning what kinds of circuits, proce- 
dures, and devices are safe and which aren't. 


Magnetism 


Electric currents and magnetic fields are closely related. Whenever an electric current flows—that is, 
when charge carriers move—a magnetic field accompanies the current. In a straight wire that car- 
ries electrical current, magnetic lines of flux surround the wire in circles, with the wire at the center, 
as shown in Fig. 2-11. (The lines of flux arent physical objects; this is just a convenient way to rep- 
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resent the magnetic field.) You'll sometimes hear or read about a certain number of flux lines per 
unit cross-sectional area, such as 100 lines per square centimeter. This is a relative way of talking 
about the intensity of the magnetic field. 

Magnetic fields are produced when the atoms of certain materials align themselves. Iron is the 
most common metal that has this property. The atoms of iron in the core of the earth have become 
aligned to some extent; this is a complex interaction caused by the rotation of our planet and its mo- 
tion with respect to the magnetic field of the sun. The magnetic field surrounding the earth is re- 
sponsible for various effects, such as the concentration of charged particles that you see as the aurora 
borealis just after a solar eruption. 

When a wire is coiled up, the resulting magnetic flux takes a shape similar to the flux field sur- 
rounding the earth, or the flux field around a bar magnet. Two well-defined magnetic poles develop, 
as shown in Fig. 2-12. 

The intensity of a magnetic field can be greatly increased by placing a special core inside of a 
coil. The core should be of iron or some other material that can be readily magnetized. Such sub- 
stances are called ferromagnetic. A core of this kind cannot actually increase the total quantity of 
magnetism in and around a coil, but it will cause the lines of flux to be much closer together inside 
the material. This is the principle by which an electromagnet works. It also makes possible the op- 
eration of electrical transformers for utility current. 

Magnetic lines of flux are said to emerge from the magnetic north pole, and to run inward to- 
ward the magnetic south pole. 
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2-12 Magnetic flux lines around a current-carrying coil of 
wire. The flux lines converge at the magnetic poles. 
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Magnetic Units 


The overall magnitude of a magnetic field is measured in units called webers, abbreviated Wb. One 
weber is mathematically equivalent to one volt-second (1 V + s). For weaker magnetic fields, a 
smaller unit, called the maxwell (Mx), is used. One maxwell is equal to 0.00000001 (one hundred- 
millionth) of a weber, or 0.01 microvolt-second (0.01 UV : s). 

The flux density of a magnetic field is given in terms of webers or maxwells per square meter or 
per square centimeter. A flux density of one weber per square meter (1 Wb/m?) is called one tesla 
(1 T). One gauss (1 G) is equal to 0.0001 T, or one maxwell per square centimeter (1 Mx/cm’). 

In general, as the electric current through a wire increases, so does the flux density near the wire. 
A coiled wire produces a greater flux density for a given current than a single, straight wire. And the 
more turns in the coil, the stronger the magnetic field will be. 

Sometimes, magnetic field strength is specified in terms of ampere-turns (At). This is actually a 
unit of magnetomotive force. A one-turn wire loop, carrying 1 A of current, produces a field of 1 At. 
Doubling the number of turns, or the current, doubles the number of ampere-turns. Therefore, if 
you have 10 A flowing in a 10-turn coil, the magnetomotive force is 10 x 10, or 100 At. Or, if you 
have 100 mA flowing in a 100-turn coil, the magnetomotive force is 0.1 X 100, or 10 At. (Remem- 
ber that 100 mA = 0.1 A.) 

A less common unit of magnetomotive force is the gi/bert (Gb). This unit is the equivalent of 


0.796 At. Conversely, 1 At = 1.26 Gb. 


Quiz 
Refer to the text in this chapter if necessary. A good score is at least 18 correct answers. The answers 
are listed in the back of this book. 
1. A positive electric pole 
(a) has a deficiency of electrons. 
(b) has fewer electrons than the negative pole. 
(c) has an excess of electrons. 


(d) has more electrons than the negative pole. 


2. An EMF of 1 V 
(a) cannot drive much current through a circuit. 
(b) represents a low resistance. 
(c) can sometimes produce a large current. 


(d) drops to zero in a short time. 


3. A potentially lethal electric current is on the order of 


(a) 0.01 mA. 


10. 
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. A current of 25 A is most likely drawn by 


(a) a flashlight bulb. 
(b) a typical household. 
(c) a utility power plant. 


(d) a small radio set. 


. A piece of wire has a conductance of 20 S. Its resistance is 


(a) 20 Q. 


(d) 0.02 Q. 


. A resistor has a value of 300 Q. Its conductance is 


(a) 3.33 mS. 
(b) 33.3 mS. 
(c) 333 US. 

(d) 0.333 S. 


. A span of wire 1 km long has a conductance of 0.6 S. What is the conductance of a span of 


this same wire that is 3 km long? 
(a) 1.8 S 
(b) 0.6 S 
(c) 0.2 S 


(d) More information is necessary to determine this. 


. Approximately how much current can a 2-kW generator reliably deliver at 117 V? 


(a) 17 mA 
(b) 234 mA 
(c) 17A 
(d) 234 A 


. A circuit breaker is rated for 15 A at 117 V. Approximately how much power does this represent? 


(a) 1.76 kW 
(b) 1760 kW 
(c) 7.8 kW 

(d) 0.0078 kW 


You are told that an air conditioner has cooled a room by 500 Btu over a certain period of 
time. What is this amount of energy in kWh? 


(a) 147 kWh 
(b) 14.7 kWh 
(c) 1.47 kWh 
(d) 0.147 kWh 
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Electrical Units 


Of the following energy units, the one most often used to define electrical energy is 


(a) the Btu. 

(b) the erg. 

(c) the foot-pound. 
(d) the kilowatt-hour. 


The frequency of common household ac in the United States is 
(a) 60 Hz. 

(b) 120 Hz. 

(c) 50 Hz. 

(d) 100 Hz. 

Half-wave rectification means that 

(a) half of the ac wave is inverted. 

(b) 
(c) 
(d) the effective voltage is half the peak voltage. 


half of the ac wave is cut off. 


the whole ac wave is inverted. 


In the output of a half-wave rectifier, 

(a) half of the ac input wave is inverted. 
(b) 
(c) 


(d) the effective voltage is more than that of the ac input wave. 


the effective voltage is less than that of the ac input wave. 


the effective voltage is the same as that of the ac input wave. 


In the output of a full-wave rectifier, 

(a) half of the ac input wave is inverted. 

(b) the effective voltage is less than that of the ac input wave. 
(c) the effective voltage is the same as that of the ac input wave. 


(d) the effective voltage is more than that of the ac input wave. 


A low voltage, such as 12 V, 

(a) is never dangerous. 

(b) is always dangerous. 

(c) is dangerous if it is ac, but not if it is dc. 

(d) can be dangerous under certain conditions. 

Which of the following units can represent magnetomotive force? 
(a) The volt-turn 

(b) 
(c) 
(d) The gauss-turn 


The ampere-turn 


The gauss 


C. The number of turns in the coil and the 
position of the tap are not known. 

Figure 9.28 shows a Hartley oscillator with 
the parallel LC circuit connected between the 
collector and the supply voltage. As with the 


circuit shown in Figure 9.27 , this circuit 
provides a feedback signal to the emitter from 
a tap in the coil, in the correct phase to 
provide positive feedback. 
Figure 9.28 
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Project 9.2: The Hartley Oscillator 
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Quiz 


18. Which of the following units can represent magnetic flux density? 
(a) The volt-turn 
(b) The ampere-turn 
(c) The gauss 
(d) The gauss-turn 


19. A ferromagnetic material 
(a) concentrates magnetic flux lines within itself. 
(b) increases the total magnetomotive force around a current-carrying wire. 
(c) causes an increase in the current in a wire. 


(d) increases the number of ampere-turns in a wire. 


20. A coil has 500 turns and carries 75 mA of current. The magnetomotive force is 
(a) 37,500 At. 
(b) 375 At. 
(c) 37.5 At. 
(d) 3.75 At. 
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CHAPTER 


Measuring Devices 


NOW THAT YOU RE FAMILIAR WITH THE PRIMARY UNITS COMMON IN ELECTRICITY AND ELECTRONICS, 
let’s look at the instruments that are employed to measure these quantities. Many measuring devices 
work because electric and magnetic fields produce forces proportional to the intensity of the field. 
Such meters work by means of electromagnetic deflection or electrostatic deflection. Sometimes, elec- 
tric current is measured by the extent of heat it produces in a resistance. Such meters work by 
thermal heating principles. Some meters have small motors whose speed depends on the measured 
quantity. The rotation rate, or the number of rotations in a given time, can be measured or counted. 
Still other kinds of meters tally up electronic pulses, sometimes in thousands, millions, or billions. 
These are electronic counters. 


Electromagnetic Deflection 


Early experimenters with electricity and magnetism noticed that an electric current produces a mag- 
netic field. When a magnetic compass is placed near a wire carrying a direct electric current, the 
compass doesnt point toward magnetic north. The needle is displaced. The extent of the displace- 
ment depends on how close the compass is brought to the wire, and also on how much current the 
wire is carrying. 

When this effect was first observed, scientists tried different arrangements to see how much the 
compass needle could be displaced, and how small a current could be detected. An attempt was 
made to obtain the greatest possible current-detecting sensitivity. Wrapping the wire in a coil 
around the compass resulted in a device that could indicate a tiny electric current (Fig. 3-1). This 
effect is known as galvanism, and the meter so devised was called a galvanometer. Once this device 
was made, the scientists saw that the extent of the needle displacement increased with increasing 
current. Then, the only challenge was to calibrate the galvanometer somehow, and to find a stan- 
dard so a universal meter could be engineered. 

You can make your own galvanometer. Buy a cheap compass, about 2 feet of insulated bell wire, 
and a 6-volt lantern battery. Set it up as shown in Fig. 3-1. Wrap the wire around the compass four 
or five times, and align the compass so that the needle points along the wire turns while the wire is 
disconnected from the battery. Connect one end of the wire to the negative (—) terminal of the bat- 
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Intermittently 
touch wire to 
positive 
terminal 


Leave wire 
connected to 
negative 
terminal 


3-1 A simple galvanometer. The compass must lie flat. 


tery. Touch the other end to the positive (+) terminal for a second or two, and watch the compass 
needle. Dont leave the wire connected to the battery for any length of time unless you want to drain 
the battery in a hurry. 

You can buy a resistor and a potentiometer at a place like RadioShack, and set up an experiment 
that shows how galvanometers measure current. For a 6-V lantern battery, the fixed resistor should 
have a value of at least 330 Q and should be rated for at least /4 W. The potentiometer should have 
a maximum value of 10 kQ. Connect the resistor and potentiometer in series between one end of 
the bell wire and one terminal of the battery, as shown in Fig. 3-2. The center contact of the poten- 
tiometer should be short-circuited to one of the end contacts, and the resulting two terminals used 
in the circuit. 

When you adjust the potentiometer, the compass needle should deflect more or less, depend- 
ing on the current through the wire. Early experimenters calibrated their meters by referring to the 
degrees scale around the perimeter of the compass. 


Galvanometer 


3-2 A circuit for 
demonstrating how a Fixed 
galvanometer indicates resistor 


relative current. 


6-V battery 
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Electrostatic Detlection 


Electric fields produce forces, just as magnetic fields do. You have noticed this when your hair feels 
like it’s standing on end in very dry or cold weather. You've heard that people's hair really does stand 
straight out just before a lightning bolt hits nearby. (This is no myth!) 

The most common device for demonstrating electrostatic forces is the electroscope. It consists of 
two foil leaves, attached to a conducting rod, and placed in a sealed container so that air currents can- 
not move the foil leaves (Fig. 3-3). When a charged object is brought near, or touched to, the contact 
at the top of the rod, the leaves stand apart from each other. This is because the two leaves become 
charged with like electric poles—either an excess or a deficiency of electrons—and like poles always 
repel. The extent to which the leaves stand apart depends on the amount of electric charge. It is dif- 
ficult to measure this deflection and correlate it with charge quantity; electroscopes do not make very 
good meters. But variations on this theme can be employed, so that electrostatic forces can operate 
against tension springs or magnets, and in this way, electrostatic meters can be made. 

An electrostatic meter can quantify alternating (or ac) electric charges as well as direct (or dc) 
charges. This gives electrostatic meters an advantage over electromagnetic meters such as the gal- 
vanometers. If you connect a source of ac to the coil of the galvanometer device in Fig. 3-1 or 
Fig. 3-2, the compass needle will not give a clear deflection; current in one direction pulls the meter 
needle one way, and current in the other direction pushes the needle the opposite way. But if a 
source of ac is connected to an electrostatic meter, the plates repel whether the charge is positive or 
negative at any given instant in time. 

Most electroscopes aren't sensitive enough to show much deflection with ordinary 117-V util- 
ity ac. Dont try connecting 117 V to an electroscope anyway. It can present an electrocution hazard 
if you bring it out to points where you can easily come into physical contact with it. 

An electrostatic meter has another property that is sometimes an advantage in electrical or elec- 
tronic work. This is the fact that the device does not draw any current, except a tiny initial current 
needed to put a charge on the plates. Sometimes, an engineer or experimenter doesnt want a meas- 
uring device to draw current, because this affects the behavior of the circuit under test. Galvanome- 
ters, by contrast, always need some current to produce an indication. 


Spherical 


Insulating lid 
J electrode 


Conducting 3-3 An electroscope can 
metal rod detect the presence of 


Glass jar an electrostatic charge. 


Foil leaves 
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If you have access to a laboratory electroscope, try charging it up with a glass rod that has been 
rubbed against a cloth. When the rod is pulled away from the electroscope, the foil leaves remain 
standing apart. The charge just sits there! If the electroscope drew any current, the leaves would fall 
back together again, just as the galvanometer compass needle returns to magnetic north the instant 
you take the wire from the battery. 


Thermal Heating 


Another phenomenon, sometimes useful in the measurement of electric currents, is the fact that 
whenever current flows through a conductor having any resistance, that conductor is heated. All 
conductors have some resistance; none are perfect. The extent of this heating is proportional to the 
amount of current being carried by the wire. 

By choosing the right metal or alloy, and by making the wire a certain length and diameter, and 
by employing a sensitive thermometer, and by putting the entire assembly inside a thermally insu- 
lating package, a hot-wire meter can be made. The hot-wire meter can measure ac as well as dc, be- 
cause the current-heating phenomenon does not depend on the direction of current flow. 

A variation of the hot-wire principle can be used to advantage by placing two different metals 
into contact with each other. If the right metals are chosen, the junction heats up when a current 
flows through it. This is called the thermocouple principle. As with the hot-wire meter, a thermome- 
ter can be used to measure the extent of the heating. But there is also another effect. A thermocou- 
ple, when it gets warm, generates dc. This dc can be measured with a galvanometer. This method is 
useful when it is necessary to have a fast meter response time. 

The hot-wire and thermocouple effects are sometimes used to measure ac at high frequencies, 
in the range of hundreds of kilohertz up to tens of gigahertz. 


Ammeters 


A magnetic compass doesnt make a very convenient meter. It has to be lying flat, and the coil has 
to be aligned with the compass needle when there is no current. But of course, electrical and elec- 
tronic devices aren't all oriented so as to be aligned with the north geomagnetic pole! But the exter- 
nal magnetic field doesnt have to come from the earth. It can be provided by a permanent magnet 
near or inside the meter. This supplies a stronger magnetic force than does the earth’s magnetic field, 
and therefore makes it possible to make a meter that can detect much weaker currents. Such a meter 
can be turned in any direction, and its operation is not affected. The coil can be attached directly to 
the meter pointer, and suspended by means of a spring in the field of the magnet. This type of me- 
tering scheme, called the D'Arsonval movement, has been around since the earliest days of electricity, 
but it is still used in some metering devices today. The assembly is shown in Fig. 3-4. This is the 
basic principle of the ammeter. 

A variation of the D’Arsonval movement can be obtained by attaching the meter needle to a 
permanent magnet, and winding the coil in a fixed form around the magnet. Current in the coil 
produces a magnetic field, and this in turn generates a force if the coil and magnet are aligned cor- 
rectly with respect to each other. This works all right, but the mass of the permanent magnet causes 
a slower needle response. This type of meter is also more prone to overshoot than the true D’Arson- 
val movement; the inertia of the magnet’s mass, once overcome by the magnetic force, causes the 
needle to fly past the actual point for the current reading, and then to wag back and forth a couple 
of times before coming to rest in the right place. 
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3-4 A functional drawing of 
a D’Arsonval meter 
movement (spring 
bearing not shown). 


It is possible to use an electromagnet in place of the permanent magnet in the meter assembly. 
This electromagnet can be operated by the same current that flows in the coil attached to the meter 
needle. This gets rid of the need for a massive, permanent magnet inside the meter. It also eliminates 
the possibility that the meter sensitivity will change in case the strength of the permanent magnet 
deteriorates (such as might be caused by heat, or by severe mechanical vibration). The electromag- 
net can be either in series with, or in parallel with, the meter movement coil. 

The sensitivity of the D’Arsonval-type meter, and of similar designs, depends on several factors. 
First is the strength of the permanent magnet (if the meter uses a permanent magnet). Second is the 
number of turns in the coil. The stronger the magnet, and the larger the number of turns in the coil, 
the less current is needed in order to produce a given magnetic force. If the meter is of the electromag- 
net type, the combined number of coil turns affects the sensitivity. Remember that the strength of a 
magnetomotive force is given in terms of ampere-turns. For a given current (number of amperes), the 
force increases in direct proportion to the number of coil turns. The more force in a meter, the greater 
the needle deflection for a given amount of current, and the smaller the current necessary to cause a 
certain amount of needle movement. The most sensitive ammeters can detect currents of just a mi- 
croampere or two. The amount of current for full-scale deflection (the needle goes all the way up with- 
out banging against the stop pin) can be as little as about 50 HA in commonly available meters. 

Sometimes, it is desirable to have an ammeter that will allow for a wide range of current mea- 
surements. The full-scale deflection of a meter assembly cannot easily be changed, because that 
would mean changing the number of coil turns and/or the strength of the magnet. But all amme- 
ters have a certain amount of internal resistance. If a resistor, having the same internal resistance as 
the meter, is connected in parallel with the meter, the resistor will draw half the current. Then it will 
take twice the current through the assembly to deflect the meter to full scale, as compared with the 
meter alone. By choosing a resistor of just the right value, the full-scale deflection of an ammeter can 
be increased by a large factor, such as 10, or 100, or 1000. This resistor must be capable of carrying 
the current without burning up. It might have to draw practically all of the current flowing through 
the assembly, leaving the meter to carry only 1/10, or 1/100, or 1/1000 of the current. This is called 
a shunt resistance or meter shunt (Fig. 3-5). Meter shunts are used when it is necessary to measure 
very large currents, such as hundreds of amperes. They also allow microammeters or milliammeters 
to be used in a versatile multimeter, with many current ranges. 


Voltmeters 41 


Meter 
3-5 A resistor, called a meter 
shunt, can be connected E 
across a current- 
detecting meter to 
reduce the sensitivity. 
Shunt 


Voltmeters 


Current, as we have seen, consists of a flow of charge carriers. Voltage, or electromotive force 
(EMF), or potential difference, is the “pressure” that makes current possible. Given a circuit whose 
resistance is constant, the current that flows in the circuit is directly proportional to the voltage 
placed across it. Early electrical experimenters recognized that an ammeter could be used to meas- 
ure voltage, because an ammeter is a form of constant-resistance circuit. If you connect an ammeter 
directly across a source of voltage such as a battery, the meter needle deflects. In fact, a milliamme- 
ter needle will probably be “pinned” if you do this with it, and a microammeter might well be 
wrecked by the force of the needle striking the pin at the top of the scale. For this reason, you should 
never connect milliammeters or microammeters directly across voltage sources. An ammeter, per- 
haps with a range of 0 to 10 A, might not deflect to full scale if it is placed across a battery, but it’s 
still a bad idea to do this, because it will rapidly drain the battery. Some batteries, such as automo- 
tive lead-acid cells, can explode under these conditions. 

Ammeters have low internal resistance. They are designed that way deliberately. They are meant 
to be connected in series with other parts of a circuit, not right across a power supply. But if you 
place a large resistor in series with an ammeter, and then connect the ammeter across a battery or 
other type of power supply, you no longer have a short circuit. The ammeter will give an indication 
that is directly proportional to the voltage of the supply. The smaller the full-scale reading of the am- 
meter, the larger the resistance that is needed to get a meaningful indication on the meter. Using a 
microammeter and a very large value of resistance in series, a voltmeter can be devised that will draw 
only a little current from the source. 

A voltmeter can be made to have various ranges for the full-scale reading, by switching differ- 
ent values of resistance in series with the microammeter (Fig. 3-6). The internal resistance of the 
meter is large because the values of the resistors are large. The greater the supply voltage, the larger 
the internal resistance of the meter, because the necessary series resistance increases as the voltage 
increases. 

A voltmeter should have high internal resistance, and the higher the better! The reason for this 
is that you dont want the meter to draw much current from the power source. This current should 
go, as much as possible, toward operating whatever circuit is hooked up to the power supply, and 
not into getting a reading of the voltage. Also, you might not want, or need, to have the voltmeter 
constantly connected in the circuit; you might need the voltmeter for testing many different cir- 
cuits. You dont want the behavior of a circuit to be affected the instant you connect the voltmeter 
to the supply. The less current a voltmeter draws, the less it affects the behavior of anything that is 
working from the power supply. 
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A completely different type of voltmeter uses the effect of electrostatic deflection, rather than elec- 
tromagnetic deflection. Remember that electric fields produce forces, just as do magnetic fields. There- 
fore, a pair of plates attract or repel each other if they are charged. The electrostatic voltmeter takes 
advantage of the attractive force between two plates having opposite electric charge, or having a large 
potential difference. Figure 3-7 is a simplified drawing of the mechanics of an electrostatic voltmeter. 
It draws almost no current from the power supply. The only thing between the plates is air, and air is 
a nearly perfect insulator. The electrostatic meter can indicate ac voltage as well as de voltage. The con- 
struction tends to be fragile, however, and mechanical vibration can influence the reading. 
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3-7 A functional drawing of 
an electrostatic 
voltmeter movement. 
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Ohmmeters 


If all other factors are held constant, the current through a circuit depends on the resistance. This 
provides us with a means for measuring resistance. An ohmmeter can be constructed by placing a 
milliammeter or microammeter in series with a set of fixed, switchable resistances and a battery that 
provides a known, constant voltage (Fig. 3-8). By selecting the resistances appropriately, the meter 
gives indications in ohms over any desired range. The zero point on the milliammeter or microam- 
meter is assigned the value of infinity ohms, meaning a perfect insulator. The full-scale value is set at 
a certain minimum, such as 1 Q, 100 Q, 1 kQ, or 10 kQ. 

An ohmmeter must be calibrated at the factory where it is made, or in an electronics lab. A 
slight error in the values of the series resistors can cause gigantic errors in measured resistance. 
Therefore, precise tolerances are needed for these resistors. That means their values must actually be 
what the manufacturer claims they are, to within a fraction of 1 percent if possible. It is also neces- 
sary that the battery provide exactly the right voltage. 

The scale of an ohmmeter is nonlinear. That means the graduations are not of the same width 
everywhere on the meter scale. The graduations tend to be squashed together toward the infinity 
end of the scale. Because of this, it is difficult to interpolate for high values of resistance unless the 
appropriate meter range is selected. 

Engineers and technicians usually connect an ohmmeter in a circuit with the meter set for the 
highest resistance range first. Then they switch the range down until the meter needle is in a part of 
the scale that is easy to read. Finally, the reading is taken, and is multiplied (or divided) by the ap- 
propriate amount as indicated on the range switch. Figure 3-9 shows an ohmmeter reading. The 
meter itself indicates approximately 4.7, but the range switch says 1 kQ. This indicates a resistance 
of about 4.7 kQ, or 4700 Q. 

Ohmmeters give inaccurate readings if there is a voltage between the points where the meter is 
connected. This is because such a voltage either adds to, or subtracts from, the ohmmeter’s own bat- 
tery voltage. Sometimes, in this type of situation, an ohmmeter might tell you that a circuit has 
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3-8 A circuit using a milliammeter (mA) to measure dc resistance. 
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3-9 An example of an 
ohmmeter reading. This 
device shows about 
4.7 X 1 kQ = 4.7 kQ = 
4700 Q. 


“more than infinity” ohms! The needle will hit the pin at the left end of the scale. Therefore, when 
using an ohmmeter to measure resistance, you must always be sure that there is no voltage between 
the points under test. The best way to do this is to switch off the equipment in question. 


Multimeters 


In the electronics lab, a common piece of test equipment is the multimeter, in which different kinds 
of meters are combined into a single unit. The volt-ohm-milliammeter (VOM) is the most often 
used. As its name implies, it combines voltage, resistance, and current measuring capabilities. You 
should not have trouble envisioning how a single milliammeter can be used for measuring voltage, 
current, and resistance. The preceding discussions for measurements of these quantities have all in- 
cluded methods in which a current meter can be used to measure the intended quantity. 
Commercially available multimeters have certain limits in the values they can measure. The 
maximum voltage is around 1000 V. The measurement of larger voltages requires special probes and 
heavily insulated wires, as well as other safety precautions. The maximum current that a common 
VOM can measure is about 1 A. The maximum measurable resistance is on the order of several 
megohms or tens of megohms. The lower limit of resistance indication is around 0.1 to 1 Q. 


FET Voltmeters 


A good voltmeter disturbs the circuit under test as little as possible, and this requires that the meter 
have high internal resistance. Besides the electrostatic-type voltmeter, there is another way to get 
high internal resistance. This is to sample a tiny current, far too small for any meter to directly in- 
dicate, and then amplify this current so a conventional milliammeter or microammeter can display 
it. When a minuscule current is drawn from a circuit, the equivalent resistance is always extremely 
high. 

The most effective way to accomplish voltage amplification, while making sure that the current 
drawn is exceedingly small, is to use a freld-effect transistor, or FET. (Dont worry about how such 


The objective of this project is to demonstrate 
a Hartley oscillator using two inductors in 
series. 

General Instructions 
After the Hartley oscillator circuit is set up, 
you use your oscilloscope to measure the 
period of the waveform, from which you can 
calculate the frequency of the oscillator. You 
also calculate the frequency from the 
inductance and capacitance used in the 
parallel LC circuit. Note that when two 
inductors in series are used, rather than a 
tapped coil, the total inductance is found by 
adding the individual inductance values, using 
the following equation: 
LT = L1 + L2 
Parts List 
You need the following equipment and 
supplies: 
One 10 k &, 0.25-watt resistor. 
One 510 &, 0.25-watt resistor. 
One 82 k 8, 0.25-watt resistor. 
One 8.2 k$, 0.25-watt resistor. 
Three 1 UF capacitors. (This value of 
capacitor is available in either polarizied or 
unpolarized versions.You Should get 
unpolarized capacitors for this application.) 
One 0.01 uF capacitor. 
One 6.8 mH inductor. 
One 3.1 mH inductor. 
One 9-volt battery pack. 
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amplifiers work right now; you'll learn all about that later in this book.) A voltmeter that uses a FET 
voltage amplifier to minimize the current drain is known as a FET voltmeter (FET VM). It has ex- 
tremely high input resistance, along with good sensitivity and amplification. 


Wattmeters 


The measurement of electrical power requires that voltage and current both be measured simulta- 
neously. Remember that in a de circuit, the power (P) in watts is the product of the voltage (E) in 
volts and the current (7) in amperes. That is, P= ET. In fact, watts are sometimes called volt-amperes 
in de circuits. 

Do you think you can connect a voltmeter in parallel with a circuit, thereby getting a reading 
of the voltage across it, and also hook up an ammeter in series to get a reading of the current through 
the circuit, and then multiply volts times amperes to get watts consumed by the circuit? Well, you 
can. For most dc circuits, this is an excellent way to measure power, as shown in Fig. 3-10. 

Sometimes, it's simpler yet. In many cases, the voltage from the power supply is constant and 
predictable. Utility power is a good example. The effective voltage is always very close to 117 V. Al- 
though it’s ac, and not dc, power in most utility circuits can be measured in the same way as power 
is measured in dc circuits: by means of an ammeter connected in series with the circuit, and cali- 
brated so that the multiplication (times 117) has already been done. Then, rather than 1 A, the 
meter will show a reading of 117 W, because P= EI = 117 X 1 = 117 W. If the meter reading is 300 
W, the current is /= P/E = 300/117 = 2.56 A. An electric iron might consume 1000 W, or a current 
of 1000/117 = 8.55 A. A large heating unit might gobble up 2000 W, requiring a current of 
2000/117 = 17.1 A. You should not be surprised if this blows a fuse or trips a circuit breaker, be- 
cause these devices are often rated for 15 A. 

Specialized wattmeters are necessary for the measurement of radio-frequency (RE) power, or for 
peak audio power in a high-fidelity amplifier, or for certain other specialized applications. But al- 
most all of these meters, whatever the associated circuitry, use simple ammeters, milliammeters, or 
microammeters as their indicating devices. 
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3-11 A utility meter with four rotary analog dials. In this example, the 
reading is a little more than 3875 kWh. 


Watt-Hour Meters 


Electrical energy, as you now know, is measured in watt-hours or kilowatt-hours (kWh). Not 
surprisingly, a metering device that indicates energy in these units is called a watt-hour meter or a 
kilowatt-hour meter. 

The most often used means of measuring electrical energy is by using a small electric motor, the 
speed of which depends on the current, and thereby on the power at a constant voltage. The num- 
ber of turns of the motor shaft, in a given length of time, is directly proportional to the number of 
kilowatt-hours consumed. The motor is placed at the point where the utility wires enter the build- 
ing. This is usually at a point where the voltage is 234 V. At this point the circuit is split into some 
circuits with 234 V (for heavy-duty appliances such as the oven, washer, and dryer) and general 
household circuits at 117 V (for smaller appliances such as lamps, clock radios, and television sets). 

If you've observed a kilowatt-hour meter, you have seen a disk spinning, sometimes fast, other 
times slowly. Its speed depends on the power being used at any given time. The total number of 
turns of this little disk, every month, determines the size of the bill you will get, as a function also, 
of course, of the cost per kilowatt-hour. 

Kilowatt-hour meters count the number of disk turns by means of geared rotary drums or 
pointers. The drum-type meter gives a direct digital readout. The pointer type has several scales cal- 
ibrated from 0 to 9 in circles, some going clockwise and others going counterclockwise. Reading a 
pointer-type utility meter is a little tricky, because you must think in whatever direction (clockwise 
or counterclockwise) the scale goes. An example of a pointer-type utility meter is illustrated in 
Fig. 3-11. Read from left to right. For each meter scale, take down the number that the pointer has 
most recently passed. Write down the rest as you go. The meter shown in the figure reads a little 


more than 3875 kWh. 


Digital Readout Meters 


Increasingly, metering devices are being designed so that they provide a direct readout. The number 
on the meter is the indication. It’s that simple. Such a meter is called a digital meter. 

The main advantage of a digital meter is the fact that it’s easy for anybody to read, and there is no 
chance for interpolation errors. This is ideal for utility meters, clocks, and some kinds of ammeters, 
voltmeters, and wattmeters. It works well when the value of the quantity does not change often or fast. 
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There are some situations in which a digital meter is a disadvantage. One good example is the 
signal-strength indicator in a radio receiver. This meter bounces up and down as signals fade, or as 
you tune the radio, or sometimes even as the signal modulates. A digital meter will show nothing 
but a constantly changing, meaningless set of numerals. Digital meters require a certain length of 
time to lock in to the current, voltage, power, or other quantity being measured. If this quantity 
never settles at any one value for a long enough time, the meter can never lock in. 

Meters with a scale and pointer are known as analog meters. Their main advantages are that they 
allow interpolation, they give the operator a sense of the quantity relative to other possible values, 
and they follow along when a quantity changes. Some engineers and technicians prefer analog me- 
tering, even in situations where digital meters would work just as well. 

One potential hang-up with digital meters is being certain of where the decimal point goes. If 
youre off by one decimal place, the error will be by a factor of 10. Also, you need to be sure you 
know what the units are. For example, a frequency indicator might be reading out in megahertz, and 
you might forget and think it is giving you a reading in kilohertz. That’s a mistake by a factor of 
1000! Of course, this latter type of error can happen with analog meters, too. 


Frequency Counters 


The measurement of energy used by your home is an application to which digital metering is well 
suited. A digital kilowatt-hour meter is easier to read than the pointer-type meter. When measuring 
frequencies of radio signals, digital metering is not only more convenient, but far more accurate. 

A frequency counter measures the frequency of an ac wave by actually counting pulses, in a man- 
ner similar to the way the utility meter counts the number of turns of a motor. But the frequency 
counter works electronically, without any moving parts. It can keep track of thousands, millions, or 
billions of pulses per second, and it shows the rate on a digital display that is as easy to read as a dig- 
ital watch. 

The accuracy of the frequency counter is a function of the lock-in time. Lock-in is usually done 
in 0.1 second, 1 second, or 10 seconds. Increasing the lock-in time by a factor of 10 will cause the 
accuracy to increase by one additional digit. Modern frequency counters are good to six, seven, or 
eight digits; sophisticated lab devices can show frequency to nine or ten digits. 


Other Meter Types 


Here are a few of the less common types of meters that you will occasionally encounter in electrical 
and electronics applications. 


VU and Decibel Meters 


In high-fidelity equipment, especially the more sophisticated amplifiers (“amps”), loudness meters are 
sometimes used. These are calibrated in decibels, a unit that you will often have to use, and interpret, 
in reference to electronic signal levels. A decibel is an increase or decrease in sound or signal level 
that you can just barely detect, if you are expecting the change. 

Audio loudness is given in volume units (VU), and the meter that indicates it is called a VU 
meter. The typical VU meter has a zero marker with a red line to the right and a black line to the 
left, and is calibrated in decibels (dB) below the zero marker and volume units above it (Fig. 3-12). 
The meter might also be calibrated in watts rms, an expression for audio power. As music is played 
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3-12 A VU (volume-unit) 
meter. The heavy 
portion of the scale (to 
the right of 0) is 
usually red, indicating 
the risk of audio 
distortion. 


through the system, or as a voice comes over it, the VU meter needle kicks up. The amplifier vol- 
ume should be kept down so that the meter doesnt go past the zero mark and into the red range. If 
the meter does kick up into the red scale, it means that distortion is taking place within the ampli- 
fier circuit. 

Sound level in general can be measured by means of a sound-level meter, calibrated in decibels 
(dB) and connected to the output of a precision amplifier with a microphone of known sensitivity 
(Fig. 3-13). Have you read that a vacuum cleaner will produce “80 dB” of sound, and a large truck 
going by will subject your ears to “90 dB”? These figures are determined by a sound-level meter, and 
are defined with respect to the threshold of hearing, which is the faintest sound that a person with 
good ears can hear. 


Light Meters 


The intensity of visible light is measured by means of a light meter or illumination meter. It is 
tempting to suppose that it’s easy to make this kind of meter by connecting a milliammeter to a solar 
(photovoltaic) cell. As things work out, this is a good way to construct an inexpensive light meter 
(Fig. 3-14). More sophisticated devices use dc amplifiers, similar to the type found in a FETVM, to 


enhance sensitivity and to allow for several different ranges of readings. 


mA 
Audio 


amplifier 


Meter calibrated 


Microphone in decibels 


3-13 A meter for measuring sound levels. The output of the audio amplifier is 
rectified to produce dc that the meter can detect. 
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Sensitivity 
control 
3-14 A simple light meter. A 
microammeter can be 
substituted for the 
milliammeter if greater 


solar e mA 
% 


E cell 
sensitivity is required. 


One problem with this design is that solar cells are not sensitive to light at exactly the same 
wavelengths as human eyes. This can be overcome by placing a colored filter in front of the solar 
cell, so that the solar cell becomes sensitive to the same wavelengths, in the same proportions, as 
human eyes. Another problem is calibrating the meter. This must usually be done at the factory, in 
standard illumination units such as lumens or candela. 

With appropriate modification, meters such as the one in Fig. 3-14 can be used to measure ¿n- 
frared (IR) or ultraviolet (UV) intensity. Various specialized photovoltaic cells have peak sensitivity 
at nonvisible wavelengths, including IR and UV. 


Pen Recorders 


A meter movement can be equipped with a marking device to keep a graphic record of the level of 
some quantity with respect to time. Such a device is called a pen recorder. The paper, with a cali- 
brated scale, is taped to a rotating drum. The drum, driven by a clock motor, turns at a slow rate, 
such as one revolution per hour or one revolution in 24 hours. A simplified drawing of a pen 
recorder is shown in Fig. 3-15. 


Rotating 
drum 


Armature 


and pen 
Meter 


mechanism 


Input 


3-15 A functional drawing of a pen recorder. 
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A device of this kind, along with a wattmeter, can be employed to get a reading of the power 
consumed by your household at various times during the day. In this way you can find out when 
you use the most power, and at what particular times you might be using too much. 


Oscilloscopes 


Another graphic metering device is the oscilloscope. This measures and records quantities that vary 
rapidly, at rates of hundreds, thousands, or millions of times per second. It creates a “graph” by 
throwing a beam of electrons at a phosphor screen. A cathode-ray tube, similar to the kind in a tele- 
vision set, is employed. Some oscilloscopes have electronic conversion circuits that allow for the use 
of a solid-state liquid crystal display (LCD). 

Oscilloscopes are useful for observing and analyzing the shapes of signal waveforms, and also 
for measuring peak signal levels (rather than just the effective levels). An oscilloscope can also be 
used to approximately measure the frequency of a waveform. The horizontal scale of an oscillo- 
scope shows time, and the vertical scale shows the instantaneous signal voltage. An oscilloscope 
can indirectly measure power or current, by using a known value of resistance across the input 
terminals. 

Technicians and engineers develop a sense of what a signal waveform should look like, and then 
they can often tell, by observing the oscilloscope display, whether or not the circuit under test is be- 
having the way it should. This is a subjective measurement, because it is qualitative as well as quan- 
titative. 


Bar-Graph Meters 


A cheap, simple kind of meter can be made using a string of light-emitting diodes (LEDs) or an 
LCD along with a digital scale to indicate approximate levels of current, voltage, or power. This type 
of meter, like a digital meter, has no moving parts to break. To some extent, it offers the relative- 
reading feeling you get with an analog meter. Figure 3-16 is an example of a bar-graph meter that is 
used to show the power output, in kilowatts, for a radio transmitter. This meter can follow along 
quite well with rapid fluctuations in the reading. In this example, the meter indicates about 0.8 kW, 
or 800 W. 

The chief drawback of the bar-graph meter is that it isn’t very accurate. For this reason it is not 
generally used in laboratory testing. In addition, the LED or LCD devices sometimes flicker when 
the level is between two values given by the bars. This creates an illusion of circuit instability. With 
bright LEDs, it can also be quite distracting. 


3-16 A bar-graph meter. In 


CI CI CI CI CI CI CI C E this case, the 
0.0 0.2 0.4 0.6 08 10 indication is about 80 


percent of full-scale, 


representing 0.8 kW, 
Kilowatts or 800 W. 
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Quiz 
Refer to the text in this chapter if necessary. A good score is 18 out of 20 correct. Answers are in the 
back of the book. 
1. The attraction or repulsion between two electrically charged objects is called 
(a) electromagnetic deflection. 
(b) electrostatic force. 
(c) magnetic force. 
(d) electroscopic force. 
2. The change in the direction of a compass needle, when a current-carrying wire is brought 
near, is called 
(a) electromagnetic deflection. 
(b) 
(c) 


(d) electroscopic force. 


electrostatic force. 


magnetic force. 


3. Suppose a certain current in a galvanometer causes the compass needle to deflect by 20 
degrees, and then this current is doubled while the polarity stays the same. The angle of the needle 
deflection will 


(a) decrease. 
(b) 
(c) 


(d) reverse direction. 


stay the same. 


increase. 


4. One important advantage of an electrostatic meter is the fact that 
(a) it measures very small currents. 
(b) it can handle large currents. 
(c) it can detect and indicate ac voltages as well as dc voltages. 


(d) it draws a large current from a power supply. 


5. A thermocouple 
(a) gets warm when dc flows through it. 
(b) is a thin, straight, special wire. 
(c) generates dc when exposed to visible light. 
(d) generates ac when heated. 
6. An important advantage of an electromagnet-type meter over a permanent-magnet meter is 
the fact that 
(a) the electromagnet meter costs much less. 
(b) 
(c) 


(d) the electromagnet meter is more rugged. 


the electromagnet meter need not be aligned with the earth’s magnetic field. 


the permanent-magnet meter has a more sluggish coil. 
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7. Ammeter shunts are useful because 
(a) they increase meter sensitivity. 
(b) 
(c) 


(d) they prevent overheating of the meter movement. 


they make a meter more physically rugged. 


they allow for measurement of large currents. 


8. Voltmeters should generally have 
(a) high internal resistance. 
(b) 
(c) 


(d) the ability to withstand large currents. 


low internal resistance. 


the greatest possible sensitivity. 


9. In order to measure the power-supply voltage that is applied to an electrical circuit, a 
voltmeter should be placed 


(a) in series with the circuit that works from the supply. 

(b) between the negative pole of the supply and the circuit working from the supply. 
(c) between the positive pole of the supply and the circuit working from the supply. 
(d) in parallel with the circuit that works from the supply. 


10. Which of the following will not normally cause a large error in an ohmmeter reading? 
(a) A small voltage between points under test 
(b) A slight change in switchable internal resistance 
(c) A small change in the resistance to be measured 


(d) A slight error in the range switch position 


11. The ohmmeter in Fig. 3-17 shows a reading of approximately 
(a) 34,000 Q. 
(b) 3.4 kQ. 
(c) 340 Q. 
(d) 34 Q. 


12. The main advantage of a FETVM over a conventional voltmeter is the fact that the FETVM 
(a) can measure lower voltages. 
(b) draws less current from the circuit under test. 
(c) can withstand higher voltages safely. 
(d) is sensitive to ac voltage as well as to dc voltage. 
13. Which of the following is 201 a function of a fuse? 
(a) To ensure there is enough current available for an appliance to work right 
(b) To make it impossible to use appliances that are too large for a given circuit 
(c) 


(d) To make sure the current drawn by an appliance cannot exceed a certain limit 


To limit the amount of power that a device can draw from the electrical circuit 


14. 


15. 


16. 


176 


3-17 Illustration for Quiz 
Question 11. 


A utility meters motor speed depends directly on 

(a) the number of ampere-hours being used at the time. 
(b) the number of watt-hours being used at the time. 
(c) the number of watts being used at the time. 


(d) the number of kilowatt-hours being used at the time. 


A utility meter’s readout indicates 

(a) voltage. 

(b) power. 

(c) current. 

(d) energy. 

A typical frequency counter 

(a) has an analog readout. 

(b) is accurate to six digits or more. 

(c) works by indirectly measuring current. 


(d) works by indirectly measuring voltage. 


A VU meter is never used to get a general indication of 
(a) sound intensity. 

(b) decibels. 

(c) power in an audio amplifier. 


(d) visible light intensity. 
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Flickering 


Fully lit Dark 


3-18 Illustration for Quiz 
Question 20. 


18. The meter movement in an illumination meter directly measures 
(a) current. 
(b) voltage. 
(c) power. 
(d) energy. 
19. An oscilloscope cannot be used to indicate 
(a) frequency. 
(b) wave shape. 
(c) energy. 
(d) peak signal voltage. 
20. What voltage would be expected to produce the reading on the bar-graph meter shown in 
Fig. 3-18? 
(a) 6.0 V 
(b) 6.5 V 
(c) 7.0 V 


(d) There is no way to tell because the meter, as shown, is malfunctioning. 


One breadboard. 

One oscilloscope. 

One PN2222 _ transistor. Figure 9.29 shows 
the pinout diagram for PN2222 transistors. 
Figure 9.29 

Oe PN2222 


Emitter 1 Collector 
Jase 

Step-by-Step Instructions 
Set up the Hartley oscillator circuit shown in 
Figure 9.30 . If you have some experience In 
building circuits, this schematic (along with the 
previous parts list) should provide all the 
information you need to build the circuit. If 
you need a bit more help building the circuit, 
look at the photos of the completed circuit’ in 
the “Expected Results” section. 
Figure 9.30 
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CHAPTER 


Direct-Current 
Circuit Basics 


YOU VE ALREADY SEEN SOME SIMPLE ELECTRICAL CIRCUIT DIAGRAMS. IN THIS CHAPTER, YOU'LL GET 
more acquainted with this type of diagram. You'll also learn more about how current, voltage, resis- 
tance, and power are related in dc and low-frequency ac circuits. 


Schematic Symbols 


In this course, the idea is to familiarize you with schematic symbols by getting you to read and use 
them in action. But right now, why not check out Appendix B, which is a comprehensive table of 
symbols? Then refer to it frequently in the future, especially when you see a symbol you dont re- 
member or recognize. 

The simplest schematic symbol is the one representing a wire or electrical conductor: a straight, 
solid line. Sometimes, dashed lines are used to represent conductors, but usually, dashed lines are 
drawn to partition diagrams into constituent circuits, or to indicate that certain components interact 
with each other or operate in step with each other. Conductor lines are almost always drawn either 
horizontally across or vertically up and down the page. This keeps the diagram neat and easy to read. 

When two conductor lines cross, they arent connected at the crossing point unless a heavy 
black dot is placed where the two lines meet. The dot should always be clearly visible wherever con- 
ductors are to be connected, no matter how many of them meet at the junction. A resistor is indi- 
cated by a zigzag. A variable resistor, or potentiometer, is indicated by a zigzag with an arrow through 
it, or by a zigzag with an arrow pointing at it. These symbols are shown in Fig. 4-1. 


4-1 Schematic symbols for 
a fixed resistor (A), a 
two-terminal variable 
resistor (B), anda 


three-terminal 
A B C 


potentiometer (C). 
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An electrochemical cell (such as a common dime-store battery) is shown by two parallel lines, one 
longer than the other. The longer line represents the plus terminal. A true battery, which is a com- 
bination of two or more cells in series, is indicated by several parallel lines, alternately long and 
short. It’s not necessary to use more than four lines to represent a battery, although you'll often see 
6, 8, 10, or even 12 lines. Symbols for a cell and a battery are shown in Fig. 4-2. 


a pr Š + 4-2 Schematic symbols for 
—H — | | | | an a 
cell (A) and an 
electrochemical battery 
A B (B). 


Meters are portrayed as circles. Sometimes the circle has an arrow inside it, and the meter type, 
such as mA (milliammeter) or V (voltmeter) is written alongside the circle, as shown in Fig. 4-34. 
Sometimes the meter type is indicated inside the circle, and there is no arrow (Fig. 4-3B). It doesnt 
matter which way you draw them, as long as youre consistent throughout a schematic diagram. 


mA 4-3 Meter symbols can have 
the designator either 
outside the circle (A) or 
inside (B). In this case, 
both symbols represent 


a milliammeter (mA). 
A B 


Some other common symbols include the incandescent lamp, the capacitor, the air-core coil, the 
iron-core coil, the chassis ground, the earth ground, the ac source, the set of terminals, and the black box 
(general component or device), a rectangle with the designator written inside. These are shown in 


Fig. 4-4. 


Schematic and Wiring Diagrams 


Look back through the earlier chapters of this book and observe the electrical diagrams. These are 
all simple examples of how professionals would draw schematic diagrams. In a schematic diagram, 
the interconnection of the components is shown, but the actual values of the components are not 
necessarily indicated. You might see a diagram of a two-transistor audio amplifier, for example, with 
resistors and capacitors and coils and transistors, but without any data concerning the values or rat- 
ings of the components. This is a schematic diagram, but not a true wiring diagram. It gives the 
scheme for the circuit, but you cant wire the circuit and make it work, because there isn’t enough 
information. 
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F 


G 


4-4 Schematic symbols for incandescent lamp (A), fixed capacitor (B), fixed 
inductor with air core (C), fixed inductor with laminated-iron core (D), 
chassis ground (E), earth ground (F), signal generator or source of 
alternating current (G), pair of terminals (H), and specialized component 
or device (I). 


Suppose you want to build the circuit. You go to an electronics store to get the parts. What val- 
ues of resistors should you buy? How about capacitors? What type of transistor will work best? Do 
you need to wind the coils yourself, or can you get ready-made coils? Are there test points or other 
special terminals that should be installed for the benefit of the technicians who might have to repair 
the amplifier? How many watts should the potentiometers be able to handle? All these things are in- 
dicated in a wiring diagram. You might have seen this kind of diagram in the back of the instruc- 
tion manual for a hi-fi amplifier, a stereo tuner, or a television set. Wiring diagrams are especially 
useful when you want to build, modify, or repair an electronic device. 


Voltage/Current/Resistance Circuits 


Most dc circuits can be boiled down to three major components: a voltage source, a set of conduc- 
tors, and a resistance. This is shown in Fig. 4-5. The voltage or EMF source is £; the current in the 
conductor is J; the resistance is R. 

You already know that there is a relationship among these three quantities. If one of them 
changes, then one or both of the others will change. If you make the resistance smaller, the current 
will get larger. If you reduce the applied voltage, the current will also decrease. If the current in the 
circuit increases, the voltage across the resistor will increase. There is a simple arithmetic relation- 
ship among these three quantities. 
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4-5 The basic elements of a 
dc circuit. The voltage is 
E, the current is J, and 
the resistance is R. 


Ohm's Law 


The interdependence among current, voltage, and resistance in dc circuits is called Ohms Law, 
named after the scientist who supposedly first quantified it. Three formulas denote this law: 


E=IR 
I= E/R 
R=E/I 


You need only remember the first of these formulas in order to derive the others. The easiest way to 
remember it is to learn the abbreviations £ for voltage, / for current, and R for resistance, and then 
remember that they appear in alphabetical order with the equal sign after the £. Sometimes the 
three symbols are arranged in the so-called Ohm’s Law triangle, shown in Fig. 4-6. To find the value 
of a quantity, cover it up and read the positions of the others. 


4-6 The Ohm’s Law 
triangle. The voltage is 
E, the current is J, and 
the resistance is R. These 
quantities are expressed 
in volts, amperes, and 
ohms, respectively. 


Remember that you must use units of volts, amperes, and ohms for the Ohm's Law formulas to 
yield a meaningful result! If you use, say, volts and microamperes to calculate a resistance, you can- 
not be sure of the units you'll end up with when you derive the final result. If the initial quantities 
are given in units other than volts, amperes, and ohms, convert to these units, and then calculate. 
After that, you can convert the calculated current, voltage, or resistance value to whatever size unit 


you want. For example, if you get 13,500,000 Q as a calculated resistance, you might prefer to say 
that it’s 13.5 MQ. 
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Current Calculations 


The first way to use Ohm’s Law is to determine current in dc circuits. In order to find the current, 
you must know the voltage and the resistance, or be able to deduce them. Refer to the schematic 
diagram of Fig. 4-7. It consists of a de voltage source, a voltmeter, some wire, an ammeter, and a cal- 
ibrated, wide-range potentiometer. 


Problem 4-1 


Suppose that the dc generator in Fig. 4-7 produces 10 V and the potentiometer is set to a value of 
10 Q. What is the current? 

This is solved by the formula /= E/R. Plug in the values for E and R; they are both 10, because 
the units are given in volts and ohms. Then /= 10/10 = 1.0 A. 


Problem 4-2 


Imagine that dc generator in Fig. 4-7 produces 100 V and the potentiometer is set to 10 kQ. What 
is the current? 

First, convert the resistance to ohms: 10 kQ = 10,000 (2. Then plug the values in: / = 
100/10,000 = 0.01 A. You might prefer to express this as 10 mA. 


Problem 4-3 


Suppose that dc generator in Fig. 4-7 is set to provide 88.5 V, and the potentiometer is set to 
477 MQ. What is the current? 

This problem involves numbers that arent exactly round, and one of them is huge. But you can 
use a calculator. First, change the resistance value to ohms, so you get 477,000,000 Q. Then plug 
into the Ohm's Law formula: Z= E/R = 88.5 / 477,000,000 = 0.000000186 A. It is more reasonable 
to express this as 0.186 WA or 186 nA. 


|—_—-> 
4-7 A circuit for working 
Ohm’s Law problems. 
Volt 
Source 
of dc 


Current 


Resistance 
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Voltage Calculations 


The second application of Ohm’s Law is to find unknown dc voltages when the current and the re- 
sistance are known. Let's work out some problems of this kind. 


Problem 4-4 


Suppose the potentiometer in Fig. 4-7 is set to 100 (2, and the measured current is 10 mA. What is 
the de voltage? 

Use the formula E= ZR. First, convert the current to amperes: 10 mA = 0.01 A. Then multiply: 
E= 0.01 x 100 = 1.0 V. That's a little less than the voltage produced by a flashlight cell. 


Problem 4-5 


Adjust the potentiometer in Fig. 4-7 to a value of 157 kQ, and suppose the current reading is 17.0 
mA. What is the voltage of the source? 

You must convert both the resistance and the current values to their proper units. Á resistance 
of 157 kQ is 157,000 Q, and a current of 17.0 mA is 0.0170 A. Then E= /R=0.017 x 157,000 = 
2669 V = 2.669 kV. You should round this off to 2.67 kV. This is a dangerously high voltage. 


Problem 4-6 


Suppose you set the potentiometer in Fig. 4-7 so that the meter reads 1.445 A, and you observe that 
the potentiometer scale shows 99 (2. What is the voltage? 

These units are both in their proper form. Therefore, you can plug them right in and use your 
calculator: E = IR = 1.445 x 99 = 143.055 V. This can and should be rounded off—but to what ex- 
tent? This is a good time to state an important rule that should be followed in all technical calcula- 
tions. 


The Rule of Significant Figures 


Competent engineers and scientists go by the rule of significant figures, also called the rule of signif- 
icant digits. After completing a calculation, you should always round the answer off to the /east num- 
ber of digits given in the input data numbers. 

If you follow this rule in Problem 4-6, you must round off the answer to two significant digits, 
getting 140 V, because the resistance (99 Q) is only specified to that level of accuracy. If the resist- 
ance were given as 99.0 (2, then you would round off the answer to 143 V. If the resistance were 
given as 99.00 Q, then you could state the answer as 143.1 V. However, any further precision in the 
resistance value would not entitle you to go to any more digits in your answer, unless the current 
were specified to more than four significant figures. 

This rule takes some getting used to if you havent known about it or practiced it before. But 
after a while, it will become a habit. 


Resistance Calculations 


Ohms’ Law can be used to find a resistance between two points in a dc circuit when the voltage and 
the current are known. 
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Problem 4-7 


If the voltmeter in Fig. 4-7 reads 24 V and the ammeter shows 3.0 A, what is the resistance of the 
potentiometer: 

Use the formula R= F/I, and plug in the values directly, because they are expressed in volts and 
amperes: R = 24/3.0 = 8.0 Q. Note that you can specify this value to two significant figures, the 8 
and the 0, rather than saying simply 8 Q. This is because you are given both the voltage and the cur- 
rent to two significant figures. If the ammeter reading had been given as 3 A, you would only be en- 
titled to express the answer as 8 Q, to one significant digit. The digit 0 can be, and often is, just as 
important in calculations as any of the other digits 1 through 9. 


Problem 4-8 


What is the value of the resistance in Fig. 4-7 if the current is 18 mA and the voltage is 229 mV? 
First, convert these values to amperes and volts. This gives = 0.018 A and E= 0.229 V. Then 
plug into the equation: R = EII = 0.229/0.018 = 13 Q. 


Problem 4-9 


Suppose the ammeter in Fig. 4-7 reads 52 UA and the voltmeter indicates 2.33 kV. What is the re- 
sistance? 

Convert to amperes and volts, getting 7= 0.000052 A and E= 2330 V. Then plug into the for- 
mula: R = E/T = 2330/0.000052 = 45,000,000 Q = 45 MQ. 


Power Calculations 


You can calculate the power P, in watts, in a de circuit such as that shown in Fig. 4-7, by using the 
formula P = ET. This formula tells us that the power in watts is the product of the voltage in volts 
and the current in amperes. If you are not given the voltage directly, you can calculate it if you know 
the current and the resistance. 

Recall the Ohm's Law formula for obtaining voltage: E = ZR. If you know Jand R but you dont 
know E, you can get the power P this way: 


P= El=(IRI=PR 


Suppose youre given only the voltage and the resistance. Remember the Ohm's Law formula for ob- 
taining current: = E/R. Therefore: 


P=E=EE/R)=ER 


Problem 4-10 


Suppose that the voltmeter in Fig. 4-7 reads 12 V and the ammeter shows 50 mA. What is the power 
dissipated by the potentiometer? 

Use the formula P= EI. First, convert the current to amperes, getting /= 0.050 A. (Note that the 
last O counts as a significant digit.) Then multiply by 12 V, getting P= EI = 12 x 0.050 = 0.60 W. 
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Problem 4-11 


If the resistance in the circuit of Fig. 4-7 is 999 Q and the voltage source delivers 3 V, what is the 
power dissipated by the potentiometer? 
Use the formula P = E”/R= 3 x 3/999 = 9/999 = 0.009 W = 9 mW. You are justified in going 


to only one significant figure here. 


Problem 4-12 


Suppose the resistance in Fig. 4-7 is 47 kQ and the current is 680 mA. What is the power dissipated 
by the potentiometer? 

Use the formula P = I?R, after converting to ohms and amperes. Then P = 0.680 x 0.680 x 
47,000 = 22,000 W = 22 kW. (This is an unrealistic state of affairs: an ordinary potentiometer, such 
as the type you would use as the volume control in a radio, dissipating 22 kW, several times more 


than a typical household!) 


Problem 4-13 


How much voltage would be necessary to drive 680 mA through a resistance of 47 kQ, as is de- 
scribed in the previous problem? 

Use Ohm’s Law to find the voltage: E = ZR = 0.680 x 47,000 = 32,000 V = 32 kV. That's the 
level of voltage youd expect to find on a major utility power line, or in a high-power tube-type radio 
broadcast transmitter. 


Resistances in Series 


When you place resistances in series, their ohmic values add together to get the total resistance. This 
is easy to imagine, and it’s easy to remember! 


Problem 4-14 


Suppose resistors with the following values are connected in series, as shown in Fig. 4-8: 112 Q, 
470 Q, and 680 Q. What is the total resistance of the series combination? 

Simply add up the values, getting a total of 112 + 470 + 680 = 1262 Q. You might round this 
off to 1260 Q. It depends on the tolerances of the resistors—how precise their actual values are to the 
ones specified by the manufacturer. 


112 470 680 


4-8 Three resistors in series. 
Illustration for Problem 
4-14. Resistance values 
are in ohms. 
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Resistances in Parallel 


When resistances are placed in parallel, they behave differently than they do in series. One way to 
look at resistances in parallel is to consider them as conductances instead. In parallel, conductances 
add up directly, just as resistances add up in series. If you change all the ohmic values to siemens, 
you can add these figures up and convert the final answer back to ohms. 

The symbol for conductance is G. This figure, in siemens, is related to the resistance R, in ohms, 
by these formulas, which you learned in Chap. 2: 


G=1/R 
R=1/G 


Problem 4-15 


Consider five resistors in parallel. Call them R; through Rs, and call the total resistance R as shown 
in Fig. 4-9. Let the resistance values be as follows: R, = 100 Q, R = 200 Q, R = 300 Q, R; = 400 
Q, and R; = 500 Q. What is the total resistance, R, of this parallel combination? 


$ 
R Rs 
ES 


4-9 Five resistors of values R, through Rs, connected in parallel, 
produce a net resistance R. Illustration for Problems 4-15 


and 4-16. 


Converting the resistances to conductance values, you get: G; = 1/100 = 0.01 S, G, = 1/200 = 
0.005 S, G; = 1/300 = 0.00333 S, G; = 1/400 = 0.0025 S, and G; = 1/500 = 0.002 S. Adding these 
gives G= 0.01 + 0.005 + 0.00333 + 0.0025 + 0.002 = 0.0228 S. The total resistance is therefore 
R= 1/G = 1/0.0228 = 43.8 Q. 


Problem 4-16 


Suppose you have five resistors, called R; through Rs, connected in parallel as shown in Fig. 4-9. 
Suppose all the resistances, R, through R;, are 4.70 kQ. What is the total resistance, R, of this com- 
bination? 

When you have two or more resistors connected in parallel and their resistances are all the same, 
the total resistance is equal to the resistance of any one component divided by the number of com- 
ponents. In this example, convert the resistance of any single resistor to 4700 Q, and then divide 
this by 5. Thus, you can see that the total resistance is 4700/5 = 940 Q. 

In a situation like this, where you have a bunch of resistors connected together to operate as a 
single unit, the total resistance is sometimes called the net resistance. Take note, too, that R is not 
italicized when it means resistor, but R is italicized when it means resistance! 
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Division of Power 


When combinations of resistances are connected to a source of voltage, they draw current. You can 
figure out how much current they draw by calculating the total resistance of the combination, and 
then considering the network as a single resistor. 

If the resistors in the network all have the same ohmic value, the power from the source is evenly 
distributed among them, whether they are hooked up in series or in parallel. For example, if there 
are eight identical resistors in series with a battery, the network consumes a certain amount of 
power, each resistor bearing /s of the load. If you rearrange the circuit so that the resistors are in par- 
allel, the circuit will dissipate a certain amount of power (a lot more than when the resistors were in 
series), but again, each resistor will handle Ys of the total power load. 

If the resistances in the network do not all have identical ohmic values, they divide up the power 
unevenly. Situations like this are discussed in the next chapter. 


Resistances in Series-Parallel 


Sets of resistors, all having identical ohmic values, can be connected together in parallel sets of series 
networks, or in series sets of parallel networks. By doing this, the total power-handling capacity of 
the resistance can be greatly increased over that of a single resistor. 

Sometimes, the total resistance of a series-parallel network is the same as the value of any one of 
the resistors. This is always true if the components are identical, and are in a network called an 
n-by-n matrix. That means, when n is a whole number, there are 7 parallel sets of 7 resistors in 
series (Fig. 4-10A), or else there are » series sets of 7 resistors in parallel (Fig. 4-10B). Either arrange- 
ment gives the same practical result. 

Engineers and technicians sometimes use series-parallel networks to obtain resistances with 
large power-handling capacity. A series-parallel array of 7 by 7 resistors will have n° times that of a 
single resistor. Thus, a 3 X 3 series-parallel matrix of 2 W resistors can handle up to 3° x 2 = 9 x 


4-10  Series-parallel 
resistances. At A, sets 
of series resistors are 

A connected in parallel. 
At B, sets of parallel 
resistances are 
connected in series. 
These examples show 
symmetrical 2-by-1 
matrices with 7 = 3. 


| Re 
Ry , > 10kQ 


(J V 


F 
FAL 


6.8 mH 


| 0.01 uF 
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Re | uF 
510 03 


q Es 
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Carefully check your circuit against the 
diagram. 

When you have checked your circuit, follow 
these steps. 

1. Connect the oscilloscope probe for Channel 
1 to a jumper wire connected to V out 
Connect the ground clip to a jumper wire 
attached to the ground bus. 

2. Measure and record the period of the sine 
wave. 

Period = — 

3. Calculate the frequency of the sine wave. 


Frequency = — č 
4. Calculate the expected resonance 
frequency from the value of the capacitor and 
inductors used in the parallel LC circuit using 
the following equation: 

l 


f= 
2Tra | L7C 
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2 = 18 W, for example. A 10 x 10 array of 1-W resistors can dissipate up to 100 W. The total power- 
handling capacity is multiplied by the total number of resistors in the matrix. But this is true only 
if all the resistors have the same ohmic values, and the same power-dissipation ratings. 

It is unwise to build series-parallel arrays from resistors with different ohmic values or power 
ratings. If the resistors have values and/or ratings that are even a little nonuniform, one of them 
might be subjected to more current than it can withstand, and it will burn out. Then the current 
distribution in the network can change so a second component fails, and then a third. It’s hard to 
predict the current and power distribution in an array when its resistor values are all different. 

If you need a resistance with a certain power-handling capacity, you must be sure the network 
can handle at least that much power. If a 50-W rating is required, and a certain combination will 
handle 75 W, that's fine. But it isnt good enough to build a circuit that will handle only 48 W. Some 
extra tolerance, say 10 percent over the minimum rating needed, is good, but it’s silly to make a 
500-W network using far more resistors than necessary, unless that's the only convenient combina- 
tion given the parts available. 

Nonsymmetrical series-parallel networks, made up from identical resistors, can increase the power- 
handling capability over that of a single resistor. But in these cases, the total resistance is not the same as 
the value of the single resistors. The overall power-handling capacity is always multiplied by the total 
number of resistors, whether the network is symmetrical or not, provided all the ohmic values are iden- 
tical. In engineering work, cases sometimes arise where nonsymmetrical networks fit the need. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct answers. The answers 


are in the back of the book. 
1. Suppose you double the voltage in a simple de circuit, and cut the resistance in half. The 
current will 
(a) become four times as great. 
(b) 
(c) 
(d) become half as great. 


become twice as great. 


stay the same as it was before. 


2. You can expect to find a wiring diagram 
(a) on a sticker on the back of a television receiver. 
(b) in an advertisement for an electric oven. 
(c) 


(d) in the photograph of the front panel of a stereo hi-fi tuner. 


in the service/repair manual for a two-way radio. 


For questions 3 through 11, please refer to Fig. 4-7. Remember to take significant figures into account 
when completing your calculations! 


3. Given a dc voltage source delivering 24 V and a resistance of 3.3 kQ, what is the current? 
(a) 0.73 A 
(b) 138A 
(c) 138 mA 
(d) 7.3 mA 
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4. Suppose the resistance is 472 (2, and the current is 875 mA. The source voltage must 
therefore be 


(a) 413 V. 

(b) 0.539 V. 

(c) 1.85 V. 

(d) none of the above. 


5. Suppose the dc voltage is 550 mV and the current is 7.2 mA. Then the resistance is 
(a) 0.76 Q. 
(b) 76 Q. 
(c) 0.0040 Q. 
(d) none of the above. 


6. Given a dc voltage source of 3.5 kV and a resistance of 220 Q, what is the current? 
(a) 16 mA 
(b) 6.3 mA 
(c) 6.3 A 
(d) None of the above 


7. Suppose the resistance is 473,332 Q, and the current flowing through it is 4.4 mA. The best 


expression for the voltage of the source is 
(a) 2082 V. 
(b) 110 kV. 
(c) 2.1 kV. 
(d) 2.08266 kV. 


8. A source delivers 12 V and the current is 777 mA. The best expression for the resistance is 
(a) 15 Q. 
(b) 15.4 Q. 
(c) 9.3 Q. 
(d) 9.32 Q. 


9. Suppose the voltage is 250 V and the current is 8.0 mA. The power dissipated by the 


potentiometer is 
(a) 31 mW. 
(b) 31 W. 
(c) 2.0 W. 
(d) 2.0 mW. 


10. Suppose the voltage from the source is 12 V and the potentiometer is set for 470 Q. The 
power dissipated in the resistance is approximately 


(a) 310 mW. 
(b) 25.5 mW. 
(c) 39.2 W. 
(d) 3.26 W. 
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11. If the current through the potentiometer is 17 mA and its resistance is set to 1.22 kQ, 
what is the power dissipated by it? 


(a) 0.24 uW 

(b) 20.7 W 

(c) 20.7 mW 

(d) 350 mW 
12. Suppose six resistors are hooked up in series, and each of them has a value of 540 Q. 
What is the resistance across the entire combination? 

(a) 90 Q 

(b) 3.24 kQ 

(c) 540 Q 

(c) 
13. If four resistors are connected in series, each with a value of 4.0 kQ, the total 
resistance is 


(a) 1 kQ. 
(b) 4 kQ. 
(c) 8 kQ. 
(d) 16 kQ. 
14. Suppose you have three resistors in parallel, each with a value of 0.069 MQ. Then the total 


resistance is 
(a) 23 Q. 
(b) 23 kQ. 
(c) 204 Q. 
(d) 0.2 MQ. 
15. Imagine three resistors in parallel, with values of 22 Q, 27 Q, and 33 Q. Ifa 12-V battery is 


connected across this combination, as shown in Fig. 4-11, what is the current drawn from the 
battery? 


(a) 1.4A 
(b) 15 mA 
(c) 150 mA 
(d) 1.5 A 


None of the above 


4-11 Illustration for Quiz 
Question 15. 
Resistance values are 
in ohms. 
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16. Imagine three resistors, with values of 47 Q, 68 Q, and 82 Q, connected in series with a 50-V 
dc generator, as shown in Fig. 4-12. The total power consumed by this network of resistors is 


(a) 250 mW. 
(b) 13 mW. 
(c) 


(d) ipashi to determine from the data given. 


47 68 82 


4-12 Illustration for Quiz 
Question 16. 
Resistance values 


are in ohms. 
50-V dc 
Source 


17. Suppose you have an unlimited supply of 1-W, 100-Q resistors. You need to get a 100-Q, 
10-W resistor. This can be done most cheaply by means of a series-parallel matrix of 


(a) 3 x 3 resistors. 
(b) 4 X 3 resistors. 
(c) 4 x 4 resistors. 
(d) 2 x 5 resistors. 


18. Suppose you have an unlimited supply of 1-W, 1000-Q resistors, and you need a 500-Q 
resistance rated at 7 W or more. This can be done by assembling 


(a) four sets of two resistors in series, and connecting these four sets in parallel. 
(b) four sets of two resistors in parallel, and connecting these four sets in series. 
(c) a 3 X 3 series-parallel matrix of resistors. 

(d) a series-parallel matrix, but something different than those described above. 


19. Suppose you have an unlimited supply of 1-W, 1000-Q resistors, and you need to get a 
3000-02, 5-W resistance. The best way is to 


(a) make a 2 X 2 series-parallel matrix. 

(b) connect three of the resistors in parallel. 
(c) make a 3 x 3 series-parallel matrix. 

(d) do something other than any of the above. 


20. Good engineering practice usually requires that a series-parallel resistive network be assembled 
(a) from resistors that are all different. 
(b) from resistors that are all identical. 
(c) from a series combination of resistors in parallel but not from a parallel combination of 
resistors in series. 
(d) from a parallel combination of resistors in series, but not from a series combination of 
resistors in parallel. 


CHAPTER 


Direct-Current 
Circuit Analysis 


IN THIS CHAPTER, YOU LL LEARN MORE ABOUT DC CIRCUITS AND HOW THEY BEHAVE UNDER VARIOUS 
conditions. These principles apply to most ac utility circuits as well. 


Current through Series Resistances 


Have you ever used those tiny holiday lights that come in strings? If one bulb burns out, the whole 
set of bulbs goes dark. Then you have to find out which bulb is bad, and replace it to get the lights 
working again. Each bulb works with something like 10 V; there are about a dozen bulbs in the 
string. You plug in the whole bunch and the 120-V utility mains drive just the right amount of cur- 
rent through each bulb. 

In a series circuit, such as a string of light bulbs (Fig. 5-1), the current at any given point is the 
same as the current at any other point. The ammeter, A, is shown in the line between two of the 
bulbs. If it were moved anywhere else along the current path, it would indicate the same current. 


(A) 
0 0 @ j 0 ê 


)@ © © © 


Y SS 
5-1 Light bulbs in series, with an ammeter (A) in the circuit. 
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This is true in any series de circuit, no matter what the components actually are, and regardless of 
whether or not they all have the same resistance. 

If the bulbs in Fig. 5-1 had different resistances, some of them would consume more power 
than others. In case one of the bulbs in Fig. 5-1 burns out, and its socket is then shorted out instead 
of filled with a replacement bulb, the current through the whole chain will increase, because the 
overall resistance of the string will go down. This will force each of the remaining bulbs to carry 
more current, and pretty soon another bulb would burn out because of the excessive current. If it, 
too, were replaced with a short circuit, the current would be increased still further. A third bulb 
would blow out almost right away thereafter. 


Voltages across Series Resistances 


The bulbs in the string of Fig. 5-1, being all the same, each get the same amount of voltage from the 
source. If there are a dozen bulbs in a 120-V circuit, each bulb has a potential difference of 10 V 
across it. This will remain true even if the bulbs are replaced with brighter or dimmer ones, as long 
as all the bulbs in the string are identical. 

Look at the schematic diagram of Fig. 5-2. Each resistor carries the same current. Each resist- 
ance R, has a potential difference E, across it equal to the product of the current and the resistance 
of that particular resistor. The voltages E,, are in series, like cells in a battery, so they add together. 
What if the voltages across all the resistors added up to something more or less than the supply volt- 
age, E? Then there would have to be a “phantom EMF” someplace, adding or taking away voltage. 
But that’s impossible. Voltage cannot come out of nowhere! 

Look at this another way. The voltmeter V in Fig. 5-2 shows the voltage F of the battery, be- 
cause the meter is hooked up across the battery. The voltmeter V also shows the sum of the voltages 
E, across the set of resistances, because it’s connected across the whole combination. The meter says 
the same thing whether you think of it as measuring the battery voltage E or as measuring the sum 
of the voltages E, across the series combination of resistances. Therefore, E is equal to the sum of the 
voltages E,,. 

How do you find the voltage across any particular resistance R, in a circuit like the one in 
Fig. 5-2? Remember Ohm's Law for finding voltage: E = JR. Remember, too, that you must use 
volts, ohms, and amperes when making calculations. 

In order to find the current in the circuit, /, you need to know the total resistance and the sup- 
ply voltage; then /= E/R. First find the current in the whole circuit; then find the voltage across any 


particular resistor. 
> Er — 


5-2 Analysis of voltages in a series circuit. 
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Problem 5-1 


In Fig. 5-2, there are 10 resistors. Five of them have values of 10 Q, and the other five have values 
of 20 Q. The power source is 15-V dc. What is the voltage across any one of the 10-Q resistors? 
Across any one of the 20-Q resistors? 

First, find the total resistance: R=(10Xx 5) + (20 x 5) = 50 + 100 = 150 Q. Then find the cur- 
rent: l= E/R= 15/150 = 0.10 A. This is the current through each of the resistances in the circuit. 


e IfR,=10 Q, then £,=/R,=0.1x 10 = 1.0 V. 
e IfR,=20Q, then E, = IR, = 0.1 x 20 = 2.0 V. 


Let's check to be sure all of these voltages add up to the supply voltage. There are five resistors 
with 1.0 V across each, for a total of 5.0 V; there are also five resistors with 2.0 V across each, for a 
total of 10 V. So the sum of the voltages across the resistors is 5.0 + 10 = 15 V. 


Problem 5-2 


In the circuit of Fig. 5-2, what will happen to the voltages across the resistances if one of the 20-42 
resistances is replaced with a short circuit? 

In this case the total resistance becomes R = (10 x 5) + (20 x 4) = 50 + 80 = 130 Q. The cur- 
rent is therefore /= E/R= 15/130 = 0.12 A. This is the current at any point in the circuit, rounded 
off to two significant figures. 

The voltage E, across any of the 10-Q resistances R, is equal to /R,, which is 0.12 x 10 = 1.2 V. 
The voltage E, across any of the 20-Q resistances R, is equal to /R,, which is 0.12 x 20 = 2.4 V. 
Checking the total voltage, add (5 x 1.2) + (4 x 2.4) = 6.0 + 9.6 = 15.6 V. This rounds off to 


16 V when we cut it down to two significant figures. 


A “Rounding-Off Bug” 


Compare the result for total voltage in Problem 5-2 with the result for total voltage in Problem 5-1. 
What is going on here? Where does the extra volt come from in the second calculation? Certainly, 
shorting out one of the resistances cannot cause the battery voltage to change! 

This is an example of what can happen when you round off to a certain number of signifi- 
cant figures after calculating the value of some parameter X in a circuit, then change a different 
parameter Y in the circuit, and finally calculate the value of X again, rounding off to the same 
number of significant digits as you did the first time. The discrepancy is the result of a “rounding- 
off bug.” 

If this bug bothers you (and it should), keep all the digits your calculator will hold while you go 
through the solution process for Problem 5-2. The current in the circuit, as obtained by means of a 
calculator that can show 10 digits, should come out as 0.115384615 A. When you find the voltages 
across all the resistances R,, accurate to all these extra digits, and then add them up, you'll get a final 
rounded-off voltage of 15 V. 

This example shows why it is a good idea to wait until you get the final answer in a calculation, 
or set of calculations, involving a particular circuit before you round off to the allowed number of 
significant digits. Rounding-off bugs of the sort we have just seen can be more than mere annoy- 
ances. They are easy to overlook, but they can generate large errors in iterative processes involving cal- 
culations that are done over and over. 
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5-3 Light bulbs in parallel. 


Voltage across Parallel Resistances 


Imagine a set of ornamental light bulbs connected in parallel (Fig. 5-3). This is the method used for 
outdoor holiday lighting or for bright indoor lighting. It’s easier to repair a parallel-wired string of 
such lights if one bulb should burn out than it is to fix a series-wired string. And in the parallel con- 
figuration, the failure of one bulb does not cause total system failure. 

In a parallel circuit, the voltage across each component is equal to the supply or battery voltage. 
The current drawn by each component depends only on the resistance of that particular device. In 
this sense, the components in a parallel-wired circuit operate independently, as opposed to the se- 
ries-wired circuit in which they all interact. 

If any one branch of a parallel circuit opens up, is disconnected, or is removed, the conditions 
in the other branches do not change. If new branches are added, assuming the power supply can 
handle the load, conditions in previously existing branches are not affected. 


Currents through Parallel Resistances 


Refer to the schematic diagram of Fig. 5-4. The resistances are called R,. The total parallel resistance 
in the circuit is R. The battery voltage is £. The current in any particular branch x, containing re- 
sistance R,, is measured by ammeter A and is called /,. The sum of all the currents J, is equal to the 
total current, /, drawn from the battery. The current is divided up in the parallel circuit in a man- 
ner similar to the way that voltage is divided up in a series circuit. 


Conventional Current 


Have you noticed that the direction of current flow in Fig. 5-4 is portrayed as outward from the pos- 
itive battery terminal? Don’t electrons, which are the actual charge carriers in a wire, flow out of the 
minus terminal of a battery? Yes, that's true; but scientists consider theoretical current, more often 
called conventional current (because it is defined by convention), to flow from positive to negative 
voltage points, rather than from negative to positive. 


Problem 5-3 


Suppose that the battery in Fig. 5-4 delivers 12 V. Further suppose that there are 12 resistors, each 
with a value of 120 Q in the parallel circuit. What is the total current, /, drawn from the battery? 

First, find the total resistance. This is easy, because all the resistors have the same value. Just 
divide R, = 120 by 12 to get R= 10 Q. Then the current can be found by Ohm’s Law: /= E/R = 
12/10 = 1.2 A. 
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5-4 Analysis of current in a 
parallel circuit. 


Problem 5-4 


In the circuit of Fig. 5-4, what does the ammeter say? 

This involves finding the current in any given branch. The voltage is 12 V across every branch, 
and R, = 120 Q. Therefore /,, the ammeter reading, is found by Ohm's Law: J, = E/R, = 12/120 = 
0.10 A. 

Because this is a parallel circuit, all of the branch currents /, should add up to get the total cur- 
rent, /. There are 12 identical branches, each carrying 0.10 A; therefore the total current is 0.10 x 
12 = 1.2 A. It checks out. 


Problem 5-5 


Suppose three resistors are in parallel across a battery that supplies E = 12 V. The resistances are 
R, = 22 Q, R = 47 Q, and R; = 68 Q. These resistances carry currents J, 4, and B, respectively. 
What is the current, /;, through R? 

This problem is solved by means of Ohm’s Law as if R; is the only resistance in the circuit. 
There's no need to worry about the parallel combination. The other branches do not affect 4. Thus 


L = E/R, = 12/68 = 0.18 À. 


Problem 5-6 


What is the total current drawn by the circuit described in Problem 5-5? 

There are two ways to go at this. One method involves finding the total resistance, R, of R,, R, 
and R; in parallel, and then calculating / based on R. Another way is to find the currents through 
R,, R, and R; individually, and then add them up. 
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Using the first method, first change the resistances R, into conductances G,. This gives G; = 
1/R, = 1/22 = 0.04545 S, G» = 1/R, = 1/47 = 0.02128 S, and G; = 1/R, = 1/68 = 0.01471 S. Adding 
these gives G = 0.08144 S. The resistance is therefore R= 1/G= 1/0.08144 = 12.279 Q. Use Ohm’s 
Law to find /= E/R= 12/12.279 = 0.98 A. Note that extra digits are used throughout the calcula- 
tion, rounding off only at the end. 

Now let's try the other method. Find J, = F/R, = 12/22 = 0.5455 A, L = E/R, = 12/47 = 0.2553 
A, and /; = E/R; = 12/68 = 0.1765 A. Adding these gives Z= J, + L + L = 0.5455 + 0.2553 + 
0.1765 = 0.9773 A, which rounds off to 0.98 A. 


Power Distribution in Series Circuits 


When calculating the power in a circuit containing resistors in series, all you need to do is find out 
the current, /, that the circuit is carrying. Then it’s easy to calculate the power P,, dissipated by any 
one of the resistances R, based on the formula P, = 1?R,. 


Problem 5-7 


Suppose we have a series circuit with a supply of 150 V and three resistances: R, = 330 Q, R, = 680 
Q, and R; = 910 Q. What is the power dissipated by R? 

First, find the current that flows through the circuit. Calculate the total resistance first. 
Because the resistors are in series, the total is R= 330 + 680 + 910 = 1920 Q. The current is /= 
150/1920 = 0.07813 A. The power dissipated by R, is therefore P, = I*R, = 0.07813 x 0.07813 x 
680 = 4.151 W. Round this off to three significant digits, because that’s all we have in the data, 
to obtain 4.15 W. 

The total wattage dissipated in a series circuit is equal to the sum of the wattages dissipated in 
each resistance. 


Problem 5-8 


Calculate the total dissipated power P in the circuit of Problem 5-7 by two different methods. 

First, let’s figure out the power dissipated by each of the three resistances separately, and then 
add the figures up. The power P, is already known. Let's use all the significant digits we have while 
we calculate. Thus, as found in Problem 5-7, P, = 4.151 W. Recall that the current is Z= 0.07813 A. 
Then P, = 0.07813 x 0.07813 x 330 = 2.014 W, and P; = 0.07813 x 0.07813 x 910 = 5.555 W. 
Adding the three power figures gives us P= P, + P, + Ps = 2.014 + 4.151 + 5.555 = 11.720 W. We 
should round this off to 11.7 W. 

The second method is to find the total series resistance and then calculate the power. The series 
resistance is R= 1920 Q, as found in Problem 5-7. Then P = /*R = 0.07813 x 0.07813 x 1920 = 
11.72 W. Again, we should round this to 11.7 W. 


Power Distribution in Parallel Circuits 


When resistances are wired in parallel, they each consume power according to the same formula, 
P= IPR. But the current is not the same in each resistance. An easier method to find the power P, 
dissipated by each of the various resistances R, is to use the formula P, = E’/R,, where E is the volt- 
age of the supply or battery. This voltage is the same across every branch resistance in a parallel cir- 
cult. 


Expected Results 


Figure 9.31 shows the breadboarded Hartley 
oscillator. 


Figure 9.31 
5100 8.2 KQ 1 uF 82 kQ 10 kQ 
resistor resistor capacitor resistor resistor 
lad 
1 uF | 
capacitor = 
3.3 mH 
inductor 


0.01 uF 6.8 mH PN2222 1 uF 
capacitor inductor transistor capacitor 


Figure 9.32 shows an_ oscilloscope attached to 
the circuit. 


Figure 9.32 
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Problem 5-9 


Suppose a dc circuit contains three resistances R = 22 Q, R = 47 Q, and R; = 68 Q across a battery 
that supplies a voltage of E= 3.0 V. Find the power dissipated by each resistance. 

Let's find the square of the supply voltage, E”, first. We'll be needing this figure often: £? = 3.0 x 
3.0 = 9.0. Then the wattages dissipated by resistances R,, R, and R; respectively are P, = 9.0/22 = 
0.4091 W, P, = 9.0/47 = 0.1915 W, and P; = 9.0/68 = 0.1324 W. These should be rounded off to 
P,=0.41 W, P, = 0.19 W, and P; = 0.13 W. (But let's remember the values to four significant fig- 
ures for the next problem!) 

In a parallel circuit, the total dissipated wattage is equal to the sum of the wattages dissipated 
by the individual resistances. 


Problem 5-10 


Find the total consumed power of the resistor circuit in Problem 5-9 using two different methods. 

The first method involves adding P,, P>, and P}. Let's use the four-significant-digit values to 
avoid the possibility of encountering the rounding-off bug. The total power thus calculated is P = 
0.4091 + 0.1915 + 0.1324 = 0.7330 W. Now that we've finished the calculation, we should round 
it off to 0.73 W. 

The second method involves finding the net resistance R of the parallel combination. You can 
do this calculation yourself. Determining it to four significant digits, you should get a net resistance 
of R= 12.28 Q. Then P= E*/R= 9.0/12.28 = 0.7329 W. Now that the calculation is done, this can 
be rounded to 0.73 W. 


It’s the Law! 


In electricity and electronics, dc circuit analysis can be made easier if you are acquainted with cer- 
tain axioms, or laws. Here they are: 


e The current in a series circuit is the same at every point along the way. 

e The voltage across any resistance in a parallel combination of resistances is the same as the 
voltage across any other resistance, or across the whole set of resistances. 

e The voltages across resistances in a series circuit always add up to the supply voltage. 

e The currents through resistances in a parallel circuit always add up to the total current drawn 
from the supply. 

e The total wattage consumed in a series or parallel circuit is always equal to the sum of the 
wattages dissipated in each of the resistances. 


Now, let's get acquainted with two of the most famous laws that govern dc circuits. These rules 
are broad and sweeping, and they make it possible to analyze complicated series-parallel dc networks. 


Kirchhoft’s First Law 


The physicist Gustav Robert Kirchhoff (1824—1887) was a researcher and experimentalist in a time 
when little was understood about how electric currents flow. Nevertheless, he used certain common- 
sense notions to deduce two important properties of dc circuits. 
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Kirchhoff reasoned that de ought to behave something like water in a network of pipes, and 
that the current going into any point ought to be the same as the current going out of that point. 
This, Kirchhoff thought, must be true for any point in a circuit, no matter how many branches lead 
into or out of the point. 

Two examples of this principles are shown in Fig. 5-5. Examine illustration A. At point X, J, the 
current going in, equals /, + L, the current going out. At point Y, L + /;, the current going in, equals 
I, the current going out. Now look at illustration B. In this case, at point Z, the current 1, + L going 
in is equal to the current £ + /, + J; going out. These are examples of Kirchhoffs First Law. We can 
also call it Kirchhoffs Current Law or the principle of conservation of current. 


5-5 Kirchhoff's First Law. At A, the current into point X or point Y 
is the same as the current out of that point. That is, Z= 1, + L. 


At B, the current into point Z equals the current flowing out of 
point Z. That is, + h = 5 + 4 + A. Illustration for Quiz 
Questions 13 and 14. 
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Problem 5-11 


Refer to Fig. 5-5A. Suppose all three resistors have values of 100 Q, and that /, = 2.0 A and L=1.0 
A. What is the battery voltage? 

First, find the current / drawn from the battery: /=/, + L=2.0+1.0= 3.0 A. Next, find the 
resistance of the entire network. The two 100-Q resistances in series give a value of 200 Q, and this 
is in parallel with 100 Q. You can do the calculations and find that the total resistance, R, connected 


across the battery is 66.67 Q. Then E= IR = 66.67 x 3.0 = 200 V. 


Problem 5-12 


In Fig. 5-5B, suppose each of the two resistors below point Z has a value of 100 Q, and all three re- 
sistors above point Z have values of 10.0 Q. Suppose the current through each 100-Q resistor is 500 
mA. What is the current through any one of the 10.0-Q resistors, assuming that the current through 
all three 10.0-Q resistors is the same? What is the voltage across any one of the three 10.0-Q resistors? 

The total current into point Z is 500 mA + 500 mA = 1.00 A. This is divided equally among 
the three 10-Q resistors. Therefore, the current through any one of them is 1.00/3 A=0.333 A. The 
voltage across any one of the 10.0-Q resistors can thus found by Ohm's Law: E= ZR = 0.333 x 10.0 = 
3.33 V. 


Kirchhott’s Second Law 


The sum of all the voltages, as you go around a circuit from some fixed point and return there from 
the opposite direction, and taking polarity into account, is always zero. Does this seem counterin- 
tuitive? Let’s think about it a little more carefully. 

What Kirchhoff was expressing, when he wrote his second law, is the principle that voltage can- 
not appear out of nowhere, nor can it vanish. All the potential differences must ultimately cancel each 
other out in any closed dc circuit, no matter how complicated that circuit happens to be. This is Kirch- 
hoff s Second Law. We can also call it Kirchhoffs Voltage Law or the principle of conservation of voltage. 

Remember the rule you've already learned about series dc circuits: The sum of the voltages 
across all the individual resistances adds up to the supply voltage. This statement is true as far as it 
goes, but it is an oversimplification, because it ignores polarity. The polarity of the potential differ- 
ence across each resistance is opposite to the polarity of the potential difference across the battery. So 
when you add up the potential differences all the way around the circuit, taking polarity into ac- 
count for every single component, you always get a net voltage of zero. 

An example of Kirchhoff's Second Law is shown in Fig. 5-6. The voltage of the battery, E, has 
polarity opposite to the sum of the potential differences across the resistors, E, + E, + E, + Ey. There- 
fore, E+ E, + E, + E3+ E,¿=0. 


5-6 Kirchhoff's Second Law. The 
sum of the voltages across the 
resistances is equal to, but has 
opposite polarity from, the 
supply voltage. Therefore, 
ERE EEE oe 
Illustration for Quiz Questions 


15 and 16. 
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Problem 5-13 


Refer to the diagram of Fig. 5-6. Suppose the four resistors have values of 50 Q, 60 Q, 700, and 
80 Q, and that the current through each of them is 500 mA. What is the battery voltage, £? 

Find the voltages E,, E», £3, and Ex across each of the resistors. This can be done using Ohm’s 
Law. For E, say with the 50-02 resistor, calculate E, = 0.500 x 50 = 25 V. In the same way, you can 
calculate £, = 30 V, E, = 35 V, and E, = 40 V. The supply voltage is the sum E, + E + £, + E, = 
25 + 30 + 35 + 40 = 130 V. Kirchhoff's Second Law tells us that the polarities of the voltages across 
the resistors are in the opposite direction from that of the battery. 


Problem 5-14 


In the situation shown by Fig. 5-6, suppose the battery provides 20 V. Suppose the resistors labeled 
with voltages E,, F,, Ez, and E, have ohmic values in the ratio 1:2:3:4 respectively. What is the volt- 
age Es? 

This problem does not provide any information about current in the circuit, nor does it give 
you the exact resistances. But you dont need to know these things to solve for Ez. Regardless of what 
the actual ohmic values are, the ratio £,:E):E,:Ez will be the same as long as the resistances are in the 
ratio 1:2:3:4. We can plug in any ohmic values we want for the values of the resistors, as long as they 
are in that ratio. 

Let R, be the resistance across which the voltage is E,,, where n can range from 1 to 4. Now that 
we have given the resistances specific names, suppose R, = 1.0 Q, R,=2.0 Q, R = 3.0 Q, and Rk, = 
4.0 Q. These are in the proper ratio. The total resistance is R= R, + Ry + R + Re = 1.0 + 2.0 + 
3.0 + 4.0 = 10 Q. You can calculate the current as 7 = E/R= 20/10 = 2.0 A. Then the voltage Es, 
across the resistance R;, is given by Ohm's Law as £; = IR, = 2.0 x 3.0 = 6.0 V. 


Voltage Divider Networks 


Resistances in series produce ratios of voltages, and these ratios can be tailored to meet certain needs 
by means of voltage divider networks. 

When a voltage divider network is designed and assembled, the resistance values should be as 
small as possible without causing too much current drain on the battery or power supply. (In prac- 
tice, the optimum values depend on the nature of the circuit being designed. This is a matter for en- 
gineers, and specific details are beyond the scope of this course.) The reason for choosing the smallest 
possible resistances is that, when the divider is used with a circuit, you do not want that circuit to 
upset the operation of the divider. The voltage divider “fixes” the intermediate voltages best when the 
resistance values are as small as the current-delivering capability of the power supply will allow. 

Figure 5-7 illustrates the principle of voltage division. The individual resistances are R,, R), 
R;,...,R,. The total resistance is R= Ri + R + R +... + R, The supply voltage is E, and the cur- 
rent in the circuit is therefore /= F/R. At the various points P,, P>, P3,..., P,, the potential differ- 
ences relative to the negative battery terminal are E,, E», E, . . . , Ep respectively. The last voltage, 
E, is the same as the battery voltage, £. All the other voltages are less than E, and ascend in succes- 
sion, so that E, < E < E <... < E, (The mathematical symbol < means “is less than.”) 

The voltages at the various points increase according to the sum total of the resistances up to 
each point, in proportion to the total resistance, multiplied by the supply voltage. Thus, the voltage 
E, is equal to ER, /R. The voltage E, is equal to E(R, + R,)/R. The voltage E; is equal to F(R, + R, + 
R,)/R. This process goes on for each of the voltages at points all the way up to E, = E(R, + R, + 
Ra+...+k,)/R= ER/R= E. 
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Problem 5-15 


Suppose you are building an electronic circuit, and the battery supplies 9.0 V. The minus terminal 
is at common (chassis) ground. You need to provide a circuit point where the dc voltage is +2.5 V. 
Give an example of a pair of resistors that can be connected in a voltage divider configuration, such 
that +2.5 V appears at some point. 

Examine the schematic diagram of Fig. 5-8. There are infinitely many different combinations 
of resistances that will work here! Pick some total value, say R= R, + R = 1000 Q. Keep in mind 
that the ratio R):R will always be the same as the ratio E;:E. In this case, E, = 2.5 V, so E&E = 
2.5/9.0 = 0.28. This means that you want the ratio R¡:R to be equal to 0.28. You have chosen to 


+25V 


5-8 A voltage divider 
network in which 2.5 V 
de is derived from a 


9.0-V dc source. 
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make R equal to 1000 Q. This means R, must be 280 Q in order to get the ratio R¡:R= 0.28. The 
value of R; is the difference between R and R,. That is 1000 — 280 = 720 Q. 

In a practical circuit, you would want to choose the smallest possible value for R. This might be 
less than 1000 Q, or it might be more, depending on the nature of the circuit and the current- 
delivering capability of the battery. It’s not the actual values of R, and X, that determine the voltage 
you get at the intermediate point, but their ratio. 


Problem 5-16 


What is the current /, in milliamperes, drawn by the entire network of series resistances in the situ- 
ation described in Problem 5-15 and its solution? 


Use Ohm's Law to get /= E/R = 9.0/1000 = 0.0090 A= 9.0 mA. 


Problem 5-17 


Suppose that it is all right for the voltage divider network to draw up to 100 mA of current in the 
situation shown by Fig. 5-8 and posed by Problem 5-15. You want to design the network to draw 
this amount of current, because that will offer the best voltage regulation for the circuit to be oper- 
ated from the network. What values of resistances R, and R, should you use? 

Calculate the total resistance first, using Ohm’s Law. Remember to convert 100 mA to amperes! 
That means you use the figure / = 0.100 A in your calculations. Then R = E/T = 9.0/0.100 = 
90 Q. The ratio of resistances that you need is R¡:R, = 2.5/9.0 = 0.28. You should use R, = 
0.28 x 90 = 25 Q. The value of R, is the difference between R and R,. That is, R, = R — 
R, = 90 — 25 = 65 Q. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct answers. The answers 


are in the back of the book. 


1. Ina series-connected string of ornament bulbs, if one bulb gets shorted out, which of the 
following will occur? 


(a) All the other bulbs will go out. 
(b) 
(c) 


(d) The current in the string will stay the same. 


The current in the string will go up. 


The current in the string will go down. 


2. Imagine that four resistors are connected in series across a 6.0-V battery, and the ohmic values 
are R = 10 Q, R = 20 Q, R = 50 Q, and R; = 100 Q, as shown in Fig. 5-9. What is the voltage 


across the resistance R? 
(a) 0.18 V 
(b) 33 mV 
(c) 5.6 mV 
(d) 0.67 V 


Quiz 


5-9 Illustration for Quiz 
Questions 2, 3, 8, and 
9. Resistance values are 
in ohms. 


(a) 0.22 V 


4. Suppose three resistors are connected in parallel across a battery that delivers 15 V, and the 
ohmic values are R, = 470 Q, R, = 2.2 kQ, and R; = 3.3 kQ, as shown in Fig. 5-10. The voltage 


across the resistance R, 1s 
(a) 4.4 V. 
(b) 5.0 V. 
(c) 15 V. 


(d) not determinable from the data given. 


5-10 Illustration for Quiz 
Questions 4, 5, 6, 7, 10, and 
11. Resistances are in ohms, 
where k indicates 
multiplication by 1000. 


5. In the situation shown by Fig. 5-10, what is the current through R,? 
(a) 6.8 mA 
(b) 43 mA 
(c) 0.15 A 
(d) 6.8 A 


6. In the situation shown by Fig. 5-10, what is the total current drawn from the source? 
(a) 6.8 mA 
(b) 43 mA 
(c) 0.15 A 

(d) 6.8 A 
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7. In the situation shown by Fig. 5-10, suppose that resistor R, opens up. The current through 
the other two resistors will 


(a) increase. 
(b) decrease. 
(c) drop to zero. 
(d) not change. 


8. Suppose that four resistors are connected in series with a 6.0-V supply, with values shown in 


Fig. 5-9. What is the power dissipated by the whole combination? 
(a) 0.2 W 


9. In the situation shown by Fig. 5-9, what is the power dissipated by R,? 
(a) 11 mW 
(b) 0.11 W 
(c) 0.2 W 
(d) 6.5 mW 


10. Suppose that three resistors are in parallel as shown in Fig. 5-10. What is the power dissipated 
by the whole set of resistors? 


(a) 5.4 W 

(b) 5.4 UW 

(c) 650 W 
(d) 0.65 W 

11. In the situation shown by Fig. 5-10, what is the power dissipated in resistance R;? 
(a) 32 mW 


(b) 0.48 W 

(c) 2.1 W 

(d) 31 W 
12. Fill in the blank in the following sentence to make it true: “In a series or parallel dc circuit, the 
sum of the s in each component is equal to the total_____ provided by the power supply.” 


(a) current 

(b) voltage 

(c) wattage 

(d) resistance 
13. Look at Fig. 5-5A. Suppose the resistors each have values of 33 Q and the battery supplies 24 
V. What is the current /,? 

(a) LIA 

(b) 0.73 A 
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(c) 0.36 A 
(d) Not determinable from the information given 


14. Look at Fig. 5-5B. Let each resistor have a value of 820 Q. Suppose the top three resistors all 
lead to identical light bulbs. If 7, = 50 mA and /, = 70 mA, what is the power dissipated in the 


resistor carrying current 74? 


(a) 33 W 


(d) It cant be found using the information given. 
15. Refer to Fig. 5-6. Suppose the resistances R;, R,, R, and R, are in exactly the ratio 1:2:4:8 
from left to right, and the battery supplies 30 V. What is the voltage £;? 

(a) 40 V 

(b) 8.0 V 

(c) 16V 

(d) It is not determinable from the data given. 
16. Refer to Fig. 5-6. Suppose the resistances are each 3.3 kQ, and the battery supplies 12 V. If the 
plus terminal of a de voltmeter is placed between resistances R, and R, (with voltages £; and Æ, 


across them, respectively), and the minus terminal of the voltmeter is placed between resistances R; 
and FR, (with voltages Ez and E, across them, respectively), what will the meter register? 


(a) 0.0 V 


17. In a voltage divider network, the total resistance 
(a) should be large to minimize current drain. 
(b) should be as small as the power supply will allow. 
(c) is not important. 


(d) should be such that the current is kept to 100 mA. 


18. The maximum voltage output from a voltage divider 
(a) is a fraction of the power supply voltage. 
(b) 

(c) is equal to the supply voltage. 


depends on the total resistance. 


(d) depends on the ratio of resistances. 


19. Refer to Fig. 5-7. Suppose the battery voltage F is 18.0 V, and there are four resistances in the 
network such that R = 100 Q, R, = 22.0 Q, R = 33.0 Q, and Ry = 47.0 Q. What is the voltage 
Ez at Ps? 

(a) 4.19 V 

(b) 13.8 V 
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(c) 1.61 V 
(d) 2.94 V 
20. Refer to Fig. 5-7. Suppose the battery voltage is 12 V, and you want to obtain intermediate 


voltages of 3.0 V, 6.0 V, and 9.0 V. Suppose that a maximum of 200 mA is allowed to be drawn 
from the battery. What should the resistances, R;, R, R, and R; be, respectively? 


(a) 15 Q, 30 Q, 45 Q, and 60 Q 
(b) 60 Q, 45 Q, 30 Q, and 15 Q 
(c) 15 Q, 15 Q, 15 Q, and 15 Q 


(d) There isnt enough information given here to design the circuit. 


Channel 1 Channel 1 
ground clip oscilloscope probe 


Figure 9.33 shows the sine wave generated 
by the Hartley oscillator. You can determine 


the period of this waveform by counting the 
number of horizontal divisions the waveform 
takes to complete one cycle, and then 
multiplying the number of divisions by the 
TIME/DIV setting. 

Figure 9.33 
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CHAPTER 


Resistors 


ALL ELECTRICAL COMPONENTS, DEVICES, AND SYSTEMS HAVE SOME RESISTANCE. IN EVERYDAY PRACTICE, 
there is no such thing as a perfect electrical conductor. You've seen some examples of circuits con- 
taining components that are deliberately designed to oppose the flow of current. These components 
are resistors. In this chapter, you'll learn all about them. 


Purpose of the Resistor 


Resistors play diverse roles in electrical and electronic equipment. Here are a few of the more com- 
mon ways they are used. 


Voltage Division 


You've learned how voltage dividers can be designed using resistors. The resistors dissipate some 
power in doing this job, but the resulting voltages can provide the proper biasing of electronic cir- 
cuits. This ensures, for example, that an amplifier or oscillator will function in the most efficient, re- 
liable way possible. 


Bias 
The term dias means, in the case of a bipolar transistor, a field-effect transistor, or a vacuum tube, that 
the control electrode—the base, gate, or grid—is provided with a certain voltage, or made to carry a 
certain current, relative to the emitter, source, or cathode. Networks of resistors can accomplish this. 
A radio transmitting amplifier is biased differently than an oscillator or a low-level receiving 
amplifier. Sometimes voltage division is required for biasing. Other times it isn’t necessary. Figure 
6-1 shows a bipolar transistor whose base is biased using a pair of resistors in a voltage divider con- 
figuration. 


Current Limiting 


Resistors interfere with the flow of electrons in a circuit. Sometimes this is essential to prevent 
damage to a component or circuit. A good example is a receiving amplifier. A resistor can keep the 
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+ 
Base 
(B) 
PONERTE) 6-1 A pair of resistors can 
act as a voltage divider 
Input to bias the base of a 


transistor. 


Emitter (E) 


transistor from using up a lot of power just getting hot. Without resistors to limit or control the cur- 
rent, the transistor can be overstressed carrying direct current that doesnt contribute to the signal. 
Figure 6-2 shows a current-limiting resistor between the emitter of a bipolar transistor and electri- 
cal ground. 


Power Dissipation 


The dissipation of power in the form of heat is not always a bad thing. Sometimes a resistor can be 
used as a dummy component, so a circuit sees the resistor as if it were something more complicated. 
When testing a radio transmitter, for example, a resistor can be used to take the place of an antenna. 
This keeps the transmitter from interfering with communications on the airwaves. The transmitter 
output heats the resistor without radiating any signal. But as far as the transmitter knows, it's con- 
nected to a real antenna (Fig. 6-3)—and a perfect one, too, if the resistor has just the right ohmic 
value! 


B 6-2 A resistor can limit the 
current that passes 
through the emitter of 
a transistor. 
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Transmitter 
A Feed line 
Resistor 
Transmitter 
B Feed line 


6-3 At A, a radio transmitter is connected to a real 
antenna. At B, the same transmitter is connected 
to a resistive dummy antenna. 


Another situation in which power dissipation is useful is at the input of a power amplifier, such 
as the sort used in high-fidelity audio equipment. Sometimes the circuit driving the amplifier (sup- 
plying its input signal) has too much power. A resistor, or network of resistors, can dissipate this 
excess so that the amplifier doesn’t get too much drive. In any type of amplifier, overdrive (an exces- 
sively strong input signal) can cause distortion, inefficiency, and other problems. 


Bleeding Off Charge 


In a high-voltage, dc power supply, capacitors are used to smooth out the fluctuations in the out- 
put. These capacitors acquire an electric charge, and they store it for a while. In some power sup- 
plies, these filter capacitors hold the full output voltage of the supply, say something like 750 V, even 
after the supply has been turned off, and even after it is unplugged from the wall outlet. If you at- 
tempt to repair such a power supply, you can be electrocuted by this voltage. Bleeder resistors, con- 
nected across the filter capacitors, drain their stored charge so that servicing the supply is not 
dangerous. In Fig. 6-4, the bleeder resistor, R, should have a value high enough so that it doesn’t in- 
terfere with the operation of the power supply, but low enough so it will discharge the capacitor, C, 
in a short time after the power supply has been shut down. 
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6-4 A bleeder resistor (R) is 


connected across the 


Unfiltered dc Filtered dc 


filter capacitor (C) in a 
power supply. 


It’s a good idea to short out all filter capacitors, using a screwdriver with an insulated handle and 
wearing heavy, insulated gloves, before working on a de power supply. Even if the supply has bleeder 
resistors, they might take a while to get rid of the residual charge. In addition, bleeder resistors can, 
and sometimes do, fail. 


Impedance Matching 


A more sophisticated application for resistors is in the coupling in a chain of amplifiers, or in the 
input and output circuits of amplifiers. In order to produce the greatest possible amplification, the 
impedances must agree between the output of a given amplifier and the input of the next. The same 
is true between a source of signal and the input of an amplifier. Also, this applies between the out- 
put of an amplifier and a load, whether that load is a speaker, a headset, or whatever. 

Impedance is the ac “big brother” of dc resistance. You will learn about impedance in Part 2 of 


this book. 


Fixed Resistors 


There are several ways in which fixed resistors (units whose resistance does not change, or cannot be 
adjusted) are manufactured. Here are the most common types. 


Carbon-Composition Resistors 


The cheapest method of making a resistor is to mix up powdered carbon (a fair electrical conduc- 
tor) with some nonconductive substance, press the resulting claylike stuff into a cylindrical shape, 
and insert wire leads in the ends (Fig. 6-5). The resistance of the final product depends on the ratio 


Carbon 
composition 


6-5 Construction of a 
carbon-composition 
resistor. 


Electrodes 
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of carbon to the nonconducting material, and also on the physical distance between the wire leads. 
This results in a carbon-composition resistor. 

Carbon-composition resistors can be manufactured in a wide range of resistance values. This 
kind of resistor also has the advantage of being nonreactive, meaning that it introduces almost 
pure resistance into the circuit, and not much capacitance or inductance. This makes carbon- 
composition resistors useful in radio receivers and transmitters. 

Carbon-composition resistors dissipate power according to how big, physically, they are. Most 
of the carbon-composition resistors you see in electronics stores can handle 1⁄4 W or '/2 W. There are 
Ye W units available for miniaturized, low-power circuitry, and 1- or 2-W units for circuits where 
some electrical ruggedness is needed. Occasionally you'll see a carbon-composition resistor with a 
much higher power rating, but these are rare. 


Wirewound Resistors 


Another way to get resistance is to use a length of wire that isn't a good conductor. The wire can be 
wound around a cylindrical form as a coil (Fig. 6-6). The resistance is determined by how well the 
wire metal conducts, by its diameter or gauge, and by its stretched-out length. This type of compo- 
nent is called a wirewound resistor. 


Coil of 
Insulating resistive 


material Nire 


6-6 Construction ofa 
wirewound resistor. 


Wire Wire 


Cap Cap 


Wirewound resistors can be manufactured to have values within a very close range. They are 
precision components. Also, wirewound resistors can be made to handle large amounts of power. A 
disadvantage of wirewound resistors, in some applications, is that they act like inductors. This 
makes them unsuitable for use in most radio-frequency circuits. Wirewound resistors usually have 
low to moderate values of resistance. 


Film-Type Resistors 


Carbon, resistive wire, or some mixture of ceramic and metal can be applied to a cylindrical form as 
a film, or thin layer, in order to obtain a specific resistance. This type of component is called a car- 
bon-film resistor or metal-film resistor. Superficially, it looks like a carbon-composition resistor, but 
the construction is different (Fig. 6-7). 
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Film-coated 
cylinder 


6-7 Construction of a 
film-type resistor. 


Wire 


Cap Cap 


The cylindrical form is made of an insulating substance, such as porcelain. The film is deposited 
on this form by various methods, and the value tailored as desired. Metal-film resistors can be made 
to have nearly exact values. Film-type resistors usually have low to medium-high resistance. 

A major advantage of film-type resistors is that they, like carbon-composition resistors, do not 
have much inductance or capacitance. A disadvantage, in some applications, is that they cant han- 
dle as much power as carbon-composition or wirewound types. 


Integrated-Circuit (IC) Resistors 


Resistors can be fabricated on a semiconductor wafer known as an integrated circuit (IC), also called 
a chip. The thickness, and the types and concentrations of impurities added, control the resistance 
of the component. Integrated-circuit resistors can handle only a tiny amount of power because of 
their small size. 


The Potentiometer 


Figure 6-8 is a simplified drawing of the construction of a potentiometer, or variable resistor. A resis- 
tive strip, similar to that found on film-type fixed resistors, is bent into a nearly complete circle, and 
terminals are connected to either end. This forms a fixed resistance. To obtain the variable resist- 
ance, a sliding contact is attached to a rotatable shaft and bearing, and is connected to a third ter- 
minal. The resistance between the middle terminal and either of the end terminals can vary from 
zero up to the resistance of the whole strip. 

Some potentiometers use a straight strip of resistive material, and the control moves up and 
down or from side to side. This type of variable resistor, called a slide potentiometer, is used in hi-fi 
audio graphic equalizers, as the volume controls in some hi-fi audio amplifiers, and in other applica- 
tions when a linear scale is preferable to a circular scale. Potentiometers are manufactured to handle 
low levels of current, at low voltage. 


Linear-Taper Potentiometer 


One type of potentiometer uses a strip of resistive material whose density is constant all the way 
around. This results in a linear taper. The resistance between the center terminal and either end ter- 
minal changes at a steady rate as the control shaft is turned. 
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6-8 A simplified functional drawing of a rotary potentiometer (A), and the 
schematic symbol (B). 


Suppose a linear-taper potentiometer has a value of zero to 280 Q. In most units the shaft can be 
rotated through about 280°, or a little more than three-quarters of a circle. The resistance between 
the center and one end terminal will increase right along with the number of angular degrees that 
the shaft is turned. The resistance between the center and the other end terminal will be equal to 
280 minus the number of degrees the shaft is turned. The resistance is a linear function of the angu- 
lar shaft position. 

Linear-taper potentiometers are commonly used in electronic test instruments and in various 
consumer electronic devices. Figure 6-9 is a graph of relative resistance versus relative angular shaft 
displacement for a linear-taper potentiometer. 


Audio-Taper Potentiometer 


In some applications, linear taper potentiometers dont work well. The volume control of a radio re- 
ceiver or hi-fi audio amplifier is a good example. Humans perceive sound intensity according to the 
logarithm of the actual sound power. If you use a linear-taper potentiometer as the volume control 
for a radio or other sound system, the sound volume will vary too slowly in some parts of the con- 
trol range, and too fast in other parts of the control range. 

To compensate for the way in which people perceive sound level, an audio-taper potentiometer 
is used. In this device, the resistance between the center and end terminal increases as a nonlinear 
function of the angular shaft position. The device is sometimes called a logarithmic-taper potentiome- 
ter or log-taper potentiometer because the nonlinear function is logarithmic. This precisely compen- 
sates for the way the human ear-and-brain “machine” responds to sounds of variable intensity. 
Audio-taper potentiometers are manufactured so that as you turn the shaft, the sound intensity 
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6-9 Resistance as a function 
of angular displacement 
for a linear-taper 
potentiometer. 


Relative resistance 


Relative angular shaft displacement 


seems to increase in a smooth, natural way. Figure 6-10 is a graph of relative resistance versus rela- 
tive angular shaft displacement for an audio-taper potentiometer. 


The Rheostat 


A variable resistor can be made from a wirewound element, rather than a solid strip of material. This 
is called a rheostat. It can have either a rotary control or a sliding control. This depends on whether 
the resistive wire is wound around a donut-shaped form (toroid) or a cylindrical form (solenoid). 
Rheostats have inductance as well as resistance. They share the advantages and disadvantages of 
fixed wirewound resistors. 

A rheostat is not continuously adjustable, as is a potentiometer. This is because the movable 
contact slides along from turn to turn of the wire coil. The smallest possible increment is the resist- 
ance in one turn of the coil. 


6-10 Resistance as a 
function of angular 
displacement for an 
audio-taper 
potentiometer. 
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6-11 Connection of a 
rheostat in a variable- Si 
| To rectifier 
voltage power supply. 


Rheostats are used in high-voltage, high-power applications. A good example is in a variable- 
voltage power supply. This kind of supply uses a transformer that steps up the voltage from the 117-V 
utility mains, and diodes to change the ac to dc. The rheostat can be placed between the utility outlet 
and the transformer (Fig. 6-11). This results in a variable voltage at the power-supply output. 


The Decibel 


As stated in the preceding paragraphs, perceived levels of sound change according to the logarithm 
of the actual sound power level. The same is true for various other phenomena, too, such as visible- 
light intensity and radio-frequency signal strength. Specialized units have been defined to take this 
into account. 

The fundamental unit of sound-level change is called the decibel, symbolized as dB. A change 
of +1 dB is the minimum increase in sound level that you can detect if you are expecting it. A 
change of —1 dB is the minimum detectable decrease in sound volume, when you are anticipating 
the change. Increases in volume are given positive decibel values, and decreases in volume are given 
negative decibel values. 

If you aren't expecting the level of sound to change, then it takes about +3 dB or —3 dB to make 
a noticeable difference. 

Changes in intensity, when expressed in decibels, are sometimes called gain and Joss. Positive 
decibel changes represent gain, and negative decibel changes represent loss. The sign (plus or minus) 
is usually absent when speaking of changes in terms of decibel gain or decibel loss. If you say that a 
certain system causes 5 dB of loss, you are saying that the gain of that circuit is —5 dB. 


Calculating Decibel Values 


Decibel values are calculated according to the logarithm of the ratio of change. Suppose a sound 
produces a power of P watts on your eardrums, and then it changes (either getting louder or softer) 
to a level of Q watts. The change in decibels is obtained by dividing out the ratio Q/P, taking its base- 
10 logarithm (symbolized as logio or simply as log), and then multiplying the result by 10. Mathe- 
matically: 


dB = 10 log (Q/P) 


94 = Resistors 


As an example, suppose a speaker emits 1 W of sound, and then you turn up the volume so that it 
emits 2 W of sound power. Then P= 1 and Q=2, and dB = 10 log (2/1) = 10 log 2 = 10 x 0.3 = 
3 dB. This is the minimum detectable level of volume change if you aren't expecting it: doubling of 
the actual sound power! 

If you turn the volume level back down again, then P/Q = 1/2 = 0.5, and you can calculate 
dB = 10 log 0.5 = 10 x —0.3 = —3 dB. 

A gain or loss of 10 dB (that is, a change of +10 dB or —10 dB, often shortened to +10 dB) rep- 
resents a 10-fold increase or decrease in sound power. A change of +20 dB represents a 100-fold in- 
crease or decrease in sound power. It is not unusual to encounter sounds that vary in intensity over 
ranges of +60 dB, which represents a 1,000,000-fold increase or decrease in sound power! 


Sound Power in Terms of Decibels 


The preceding formula can be worked inside out, so that you can determine the final sound power, 
given the initial sound power and the decibel change. To do this, you use the inverse of the logarith- 
mic function, symbolized as log or antilog. This function, like the logarithmic function, can be per- 
formed by any good scientific calculator, or by the calculator program in a personal computer when 
set to scientific mode. 

Suppose the initial sound power is P, and the change in decibels is dB. Let Q be the final sound 


power. Then: 
Q = P antilog (dB/10) 


As an example, suppose the initial power, P, is 10 W, and the perceived volume change is —3 dB. 


Then the final power, Q, is equal to 10 antilog (-3/10) = 10 x 0.5 = 5 W. 


Decibels in the Real World 


Sound levels are sometimes specified in decibels relative to the threshold of hearing, defined as the 
faintest possible sound that a person can detect in a quiet room, assuming his or her hearing is nor- 
mal. This threshold is assigned the value 0 dB. Other sound levels can then be quantified as figures 
such as 30 dB or 75 GB. 

If a certain noise has a loudness of 30 dB, that means it’s 30 dB above the threshold of hearing, 
or 1000 times as loud as the quietest detectable noise. A noise at 60 dB is 1,000,000 (or 10°) times 
as powerful as a sound at the threshold of hearing. Sound-level meters are used to determine the deci- 
bel levels of various noises and acoustic environments. 

A typical conversation occurs at a level of about 70 dB. This is 10,000,000 (or 10’) times the 
threshold of hearing, in terms of actual sound power. The roar of the crowd at a rock concert might 
be 90 dB, or 1,000,000,000 (10°) times the threshold of hearing. A sound at 100 dB, typical of the 
music at a large rock concert if you are sitting in the front row, is 10,000,000,000 (10'”) times as 
loud, in terms of power, as a sound at the threshold of hearing. 


Resistor Specifications 


When choosing a resistor for a particular application in an electrical or electronic device, it’s important 
to get a unit that has the correct properties, or specifications. Here are some of the most important spec- 
ifications to watch for. 


3.7 divisions 
per cycle 


OSCILLOSCOPE GOS-62 


As you measure the period, you may need 
to adjust the TIME/DIV, the horizontal 
POSITION, and the vertical POSITION controls 
on the oscilloscope. The controls shown in 
Figure 9.34 are adjusted to measure the 
period for the Hartley oscillator. 

Your values should be close to those shown 
here: 

Period = 74 usec 

Frequency = 13.5 kHz 

This measured frequency is close to the 
calculated resonance frequency of 15.8 kHz. 
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Ohmic Value 


In theory, a resistor can have any ohmic value from the lowest possible (such as a shaft of solid sil- 
ver) to the highest (dry air). In practice, it is unusual to find resistors with values less than about 0.1 
(2 or more than about 100 MQ. 

Resistors are manufactured with ohmic values in power-of-10 multiples of 1.0, 1.2, 1.5, 1.8, 
2.2, 2.7, 3.3, 3.9, 4.7, 5.6, 6.8, and 8.2. Thus, you will often see resistors with values of 47 Q, 180 
Q, 6.8 kQ, or 18 MQ, but hardly ever with values such as 384 Q, 4.54 kQ, or 7.297 MQ. 

In addition to these standard values, there are others that are used for resistors made with 
greater precision, or tighter tolerance. These are power-of-10 multiples of 1.1, 1.3, 1.6, 2.0, 2.4, 3.0, 
3.6, 4.3, 5.1, 6.2, 7.5, and 9.1. 


Tolerance 


The first set of numbers above represents standard resistance values available in tolerances of plus or 
minus 10 percent (+ 10%). This means that the resistance might be as much as 10 percent more or 
10 percent less than the indicated amount. In the case of a 470-Q resistor, for example, the value 
can be larger or smaller than the rated value by as much as 47 Q, and still be within tolerance. That's 
a range of 423 to 517 Q. 

Tolerance is calculated according to the specified value of the resistor, not the actual value. You 
might measure the value of a 470-Q resistor and find it to be 427 Q, and it would be within + 10% 
of the specified value. But if it measures 420 Q, it’s outside the rated range, and is therefore a reject. 
The second set, along with the first set, of numbers represents standard resistance values available in 
tolerances of plus or minus 5 percent (+5%). A 470-Q, 5 percent resistor will have an actual value 
of 470 Q plus or minus 24 Q, or a range of 446 to 494 Q. 

Some resistors are available in tolerances tighter than +5%. These precision units are employed 
in circuits where a little error can make a big difference. In most audio and radio-frequency oscilla- 
tors and amplifiers, the +10% or +5% tolerance is good enough. In many cases, even a +20% 
tolerance is satisfactory. 


Power Rating 


All resistors are given a specification that determines how much power they can safely dissipate. Typ- 
ical values are /4 W, 1⁄2 W, and 1 W. Units also exist with ratings of /s W or 2 W. These dissipation 
ratings are for continuous duty, meaning they can dissipate this amount of power constantly and 
indefinitely. 

You can figure out how much current a given resistor can handle by using the formula for power 
(P) in terms of current (/) and resistance (R). That formula, you should recall, is P= J*R. Work this 
formula backward, plugging in the power rating in watts for P and the resistance in ohms for R, and 
solve for the current / in amperes. Alternatively, you can find the square root of P/R. 

The power rating for a given resistor can, in effect, be increased by using a network of 2 x 2, 
3 x 3, 4X 4, or more units in series-parallel. If you need a 47-Q, 45-W resistor, but all you have is 
a bunch of 47-Q, 1-W resistors, you can make a 7 X 7 network in series-parallel, and this will han- 
dle 49 W. 

Resistor power dissipation ratings are specified with a margin for error. A good engineer never 
tries to take advantage of this and use, say, a '4,W unit in a situation that needs to draw 0.27 W. In 
fact, good engineers usually include their own safety margin. Allowing 10 percent, a /4-W resistor 
should not be called upon to handle more than about 0.225 W. 
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Temperature Compensation 


All resistors change value when the temperature changes dramatically. And because resistors dissi- 
pate power, they can get hot just because of the current they carry. Often, this current is so tiny that 
it doesnt appreciably heat the resistor. But in some cases it does, and the resistance will change. 
Then a circuit might behave differently than it did when the resistor was still cool. 

There are various ways to approach problems of resistors changing value when they get hot. 
One method is to use specially manufactured resistors that do not appreciably change value when 
they get hot. Such units are called temperature-compensated. But one of these can cost several times 
as much as an ordinary resistor. Another approach is to use a power rating that is much higher than 
the actual dissipated power in the resistor. This will keep the resistor from getting very hot. Still an- 
other scheme is to use a series-parallel network of identical resistors to increase the power dissipa- 
tion rating. Alternatively, you can take several resistors, say three of them, each with about three 
times the intended resistance, and connect them all in parallel. Or you can take several resistors, say 
four of them, each with about one-fourth the intended resistance, and connect them in series. 

It is unwise to combine resistors with different values. This can result in one of them taking 
most of the load while the others “loaf,” and the combination will be no better than the single hot 
resistor you started with. 

How about using two resistors with half (or twice) the value you need, but with opposite resist- 
ance-versus-temperature characteristics, and connecting them in series or parallel? It is tempting to 
suppose that if you do this, the component whose resistance decreases with heat (negative tempera- 
ture coefficient) will have a canceling-out effect on the component whose resistance goes up ( positive 
temperature coefficient). This can sometimes work, but in practice it’s difficult to find a pair of resist- 
ances that will do this job just right. 


The Color Code for Resistors 


Some resistors have color bands that indicate their values and tolerances. You'll see three, four, or five 
bands around carbon-composition resistors and film resistors. Other units are large enough so that 
the values can be printed on them in ordinary numerals. 

On resistors with axial leads (wires that come straight out of both ends), the first, second, third, 
fourth, and fifth bands are arranged as shown in Fig. 6-12A. On resistors with radial leads (wires 
that come off the ends at right angles to the axis of the component body), the colored regions are 
arranged as shown in Fig. 6-12B. The first two regions represent numbers 0 through 9, and the third 
region represents a multiplier of 10 to some power. (For the moment, don’t worry about the fourth 
and fifth regions.) Refer to Table 6-1. 

Suppose you find a resistor whose first three bands are yellow, violet, and red, in that order. 
Then the resistance is 4700 Q. Read yellow = 4, violet = 7, red = X100. As another example, sup- 
pose you find a resistor with bands of blue, gray, orange. Refer to Table 6-1 and determine blue = 6, 
gray = 8, orange = X1000. Therefore, the value is 68,000 Q = 68 kQ. 

The fourth band, if there is one, indicates tolerance. If it’s silver, it means the resistor is rated 
at +10%. If it’s gold, the resistor is rated at +5%. If there is no fourth band, the resistor is rated 
at +20%. 

The fifth band, if there is one, indicates the maximum percentage that the resistance can be ex- 
pected to change after 1000 hours of use. A brown band indicates a maximum change of +1% of 
the rated value. A red band indicates +0.1%. An orange band indicates 0.01%. A yellow band in- 
dicates =0.001%. If there is no fifth band, it means that the resistor might deviate by more than 
+ 1% of the rated value after 1000 hours of use. 
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6-12 AtA, locations of 


color-code bands on a 


resistor with axial 
leads. At B, locations 


of color code #4 #3 #2 


designators on a 
resistor with radial 
leads. - 


#1 


B 


Table 6-1. The color code for the first three bands that appear on fixed resistors. See text 
for discussion of the fourth and fifth bands. 


Color of band Numeral Multiplier 
(first and second bands) (third band) 

Black 0 1 

Brown 1 10 

Red 2 100 

Orange 3 1000 (1 k) 

Yellow 4 10% (10 k) 

Green 5 10? (100 k) 

Blue 6 10° (1 M) 

Violet F 10’ (10 M) 

Gray 8 10% (100 M) 

White 9 10° (1000 M or 1 G) 
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Resistors 


A competent engineer or technician always tests a resistor with an ohmmeter before installing 
it in a circuit. If the component happens to be labeled wrong, or if it is defective, it’s easy to catch 
this problem while assembling or servicing a circuit. But once the circuit is all together, and it wont 
work because some resistor is labeled wrong or is bad, it’s difficult to troubleshoot. 


Quiz 


Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 


l. 


Proper biasing in an amplifier circuit 

(a) causes it to oscillate. 

(b) prevents an impedance match. 

(c) can be obtained using a voltage divider network. 


(d) maximizes current flow. 


. A transistor can be protected from needless overheating by 


(a) a current-limiting resistor. 
(b) bleeder resistors. 
(c) maximizing the drive. 


(d) shorting out the power supply when the circuit is off. 


. A bleeder resistor 


(a 
(b 
(c 
(d 


Carbon-composition resistors 


NA 


is connected across the capacitor in a power supply. 


A 


keeps a transistor from drawing too much current. 


NA 


prevents an amplifier from being overdriven. 


Nh 


optimizes the efficiency of an amplifier. 


(a) can handle gigantic levels of power. 
(b) have capacitance or inductance along with resistance. 
(c) have essentially no capacitance or inductance. 


(d) work better for ac than for dec. 


. A logical place for a wirewound resistor is 


(a 
(b 
(c 
(d 


Nh 


in a radio-frequency amplifier. 


in a circuit where a noninductive resistor is called for. 


Y” NS 


in a low-power radio-frequency circuit. 


NA 


in a high-power dc circuit. 


. A metal-film resistor 


(a) 15 made using a carbon-based paste. 


(b) does not have much inductance. 
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(c) can dissipate large amounts of power. 
(d) has considerable inductance. 
7. What type of resistor, or combination of resistors, would you use as the meter-sensitivity 
control in a test instrument, when continuous adjustment is desired? 
(a) A set of switchable, fixed resistors 
(b) A linear-taper potentiometer 
(c) An audio-taper potentiometer 
(d) A wirewound resistor 
8. What type of resistor, or combination of resistors, would you use as the volume control in a 
stereo compact-disc (CD) player? 
(a) A set of switchable, fixed resistors 
(b) 
(c) 


(d) A wirewound resistor 


A linear-taper potentiometer 


An audio-taper potentiometer 


9. Ifa sound triples in actual power level, approximately what is this, expressed in decibels? 


(a) +3 dB 


10. Suppose a sound changes in volume by —13 dB. If the original sound power is 1.0 W, what is 
the final sound power? 


(a) 13 W 

(b) 77 mW 

(c) 50 mW 

(d) There is not enough information given here to answer this question. 


11. The sound from a portable radio is at a level of 50 dB. How many times the threshold of 
hearing is this, in terms of actual sound power? 


(a) 50 

(b) 169 

(c) 5000 
(d) 100,000 


12. An advantage of a rheostat over a potentiometer is the fact that 
(a) a rheostat can handle higher frequencies. 
(b) 
(c) 


(d) a rheostat works better with dc. 


a rheostat is more precise. 


a rheostat can handle more current. 
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13. A resistor is specified as having a value of 68 Q, but is measured with an ohmmeter as 63 Q. 
The value is off by which of the following percentages? 


(a) 7.4% 

(b) 7.9% 

(c) 5% 

(d) 10% 
14. Suppose a resistor is rated at 3.3 kQ +5%. This means it can be expected to have a value 
between 

(a) 2970 Q and 3630 Q. 

(b) 3295 Q and 3305 Q. 
(c) 3135 Q and 3465 Q. 

(d) 2.8 kQ and 3.8 kQ. 
15. A package of resistors is rated at 56 (2 10%. You test them with an ohmmeter. Which of 
the following values indicates a reject? 

(a) 50.0 Q 

(b) 53.0 Q 

(c) 597 Q 

(d) 61.1 Q 
16. A resistor has a value of 680 Q, and you expect that it will have to draw 1 mA maximum 


continuous current in a circuit youre building. What power rating is good for this application, 


but not needlessly high? 
(a) Ya W 


17. Suppose a 1-kQ resistor will dissipate 1.05 W, and you have a good supply of 1-W resistors of 
various ohmic values. If there’s room for 20 percent resistance error, the cheapest solution is to use 


(a) four 1-kQ, 1-W resistors in series-parallel. 
(b) 
(c) 


(d) a single 1-kQ, 1-W resistor, because all manufacturers allow for a 10 percent margin of 
safety when rating resistors for their power-handling capability. 


a pair of 2.2-kQ, 1-W resistors in parallel. 
a set of three 3.3-kQ, 1-W resistors in parallel. 


18. Suppose a carbon-composition resistor has the following colored bands on it: red, red, red, 
gold. This indicates a resistance of 


(a) 22 Q. 

(b) 220 Q. 
(c) 2.2 KQ. 
(d) 22 kQ. 
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19. The actual resistance of the component described in the previous question can be expected to 
vary above or below the specified ohmic value by up to what amount? 


(a) 11Q 


20. Suppose a carbon-composition resistor has the following colored bands on it: gray, red, 
yellow. This unit can be expected to have a value within approximately what range? 


(a) 660 kQ to 980 kQ 
(b) 740 kQ to 900 kQ 
(c) 7.4 kQ to 9.0 kQ 


(d) The manufacturer does not make any claim. 
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CHAPTER 


Cells and Batteries 


IN ELECTRICITY AND ELECTRONICS, A CELL IS A UNIT SOURCE OF DC ENERGY. WHEN TWO OR MORE 
cells are connected in series, the result is known as a battery. There are many types of cells and bat- 
teries, and new types are constantly being invented. 


Electrochemical Energy 


Early in the history of electrical science, laboratory physicists found that when metals came into 
contact with certain chemical solutions, voltages appeared between the pieces of metal. These were 
the first electrochemical cells. 

A piece of lead and a piece of lead dioxide immersed in an acid solution (Fig. 7-1) acquire a per- 
sistent potential difference. This can be detected by connecting a galvanometer between the pieces 
of metal. A resistor of about 1000 Q must be used in series with the galvanometer in experiments 
of this kind, because connecting the galvanometer directly will cause too much current to flow, pos- 
sibly damaging the galvanometer and causing the acid to boil. 

The chemicals and the metal have an inherent ability to produce a constant exchange of charge 
carriers. If the galvanometer and resistor are left hooked up between the two pieces of metal for a 
long time, the current will gradually decrease, and the electrodes will become coated. All the chem- 
ical energy in the acid will have been turned into electrical energy as current in the wire and gal- 
vanometer. In turn, this current will have heated the resistor (another form of kinetic energy), and 
escaped into the air and into space. 


Primary and Secondary Cells 


Some electrical cells, once their chemical energy has all been changed to electricity and used up, 
must be thrown away. These are called primary cells. Other kinds of cells, such as the lead-and-acid 
type, can get their chemical energy back again by means of recharging. Such a cell is a secondary cell. 

Primary cells include the ones you usually put in a flashlight, in a transistor radio, and in vari- 
ous other consumer devices. They use dry electrolyte pastes along with metal electrodes. They go by 
names such as dry cell, zinc-carbon cell, or alkaline cell. Go into a department store and find a rack 
of batteries, and you'll see various sizes and types of primary cells, such as AAA batteries, D batteries, 
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camera batteries, and watch batteries. (These are actually cells, not true batteries.) You'll also see 9-V 
transistor batteries and large 6-V lantern batteries. 

Secondary cells can also be found in consumer stores. Nickel-based cells are common. The most 
common sizes are AA, C, and D. These cost several times as much as ordinary dry cells, and a charg- 
ing unit also costs a few dollars. But if you take care of them, these rechargeable cells can be used hun- 
dreds of times and will pay for themselves several times over if you use a lot of batteries in everyday life. 

The battery in your car is made from secondary cells connected in series. These cells recharge 
from the alternator or from an outside charging unit. This battery has cells like the one in Fig. 7-1. 
It is dangerous to short-circuit the terminals of such a battery, because the acid (sulfuric acid) can 
bubble up and erupt out of the battery casing. Serious skin and eye injuries can result. In fact, it’s a 
bad idea to short-circuit any cell or battery, because it can get extremely hot and cause a fire, or rup- 
ture and damage surrounding materials, wiring, and components. 


The Weston Standard Cell 


Most electrochemical cells produce 1.2 to 1.8 V. Different types vary slightly. A mercury cell has a 
voltage that is a little less than that of a zinc-carbon or alkaline cell. The voltage of a cell can also be 
affected by variables in the manufacturing process. Most consumer-type dry cells can be assumed to 
produce 1.5 V. 

There are certain cells whose voltages are predictable and exact. These are called standard cells. 
A good example is the Weston cell, which produces 1.018 V at room temperature. It has a solution 
of cadmium sulfate, a positive electrode made from mercury sulfate, and a negative electrode made 
from mercury and cadmium. The device is set up in a container, as shown in Fig. 7-2. 


Storage Capacity 


Recall that the common electrical units of energy are the watt-hour (Wh) and the kilowatt-hour 
(kWh). Any electrochemical cell or battery has a certain amount of electrical energy that can be ob- 
tained from it, and this can be specified in watt-hours or kilowatt-hours. More often, though, it’s 
given in ampere-hours (Ah). 

A battery with a rating of 2 Ah can provide 2 A for 1 h, or 1 A for 2 h, or 100 mA for 20 h. 
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7-2 Simplified drawing of the construction of a Weston standard cell. 


There are infinitely many possibilities here, as long as the product of the current in amperes and the 
use time in hours is equal to 2. The limitations are the shelf life at one extreme, and the maximum 
deliverable current at the other. Shelf life is the length of time the battery will last if it is never used; 
this can be years. The maximum deliverable current is the highest amount of current that the bat- 
tery can provide before its voltage drops because of its own internal resistance. 

Small cells have storage capacity of a few milliampere-hours (mAh) up to 100 or 200 mAh. 
Medium-sized cells can supply 500 mAh to 1 Ah. Large automotive or truck batteries can provide 
upward of 50 Ah. The energy capacity in watt-hours is the ampere-hour capacity multiplied by the 
battery voltage. 

An ideal cell or ideal battery (a theoretically perfect cell or battery) delivers a constant current for 
a while, and then the current starts to drop (Fig. 7-3). Some types of cells and batteries approach 
this level of perfection, which is represented by a flat discharge curve. But many cells and batteries 
are far from perfect; they deliver current that declines gradually, almost right from the start. When 
the current that a battery can provide has tailed off to about half of its initial value, the cell or bat- 
tery is said to be weak. At this time, it should be replaced. If it’s allowed to run all the way out, until 
the current actually goes to zero, the cell or battery is dead. The area under the curve in Fig. 7-3 is a 
graphical representation the total capacity of the cell or battery in ampere-hours. 
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The Armstrong Oscillator 


The Armstrong oscillator shown in Figure 9.35 
IS Somewhat more difficult to design and build. 
Here, the oscillations depend more on the 
extra winding on the coil than on any other 
factor. 

Figure 9.35 
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Grocery Store Cells and Batteries 


The cells you see in grocery stores, department stores, drugstores, and hardware stores provide 
1.5 V, and are available in sizes known as AAA (very small), AA (small), C (medium large), and 
D (large). Batteries are widely available that deliver 6 or 9 V. 


Zinc-Carbon Cells 


Figure 7-4 is a translucent drawing of a zinc-carbon cell. The zinc forms the case and is the negative 
electrode. A carbon rod serves as the positive electrode. The electrolyte is a paste of manganese diox- 
ide and carbon. Zinc-carbon cells are inexpensive and are good at moderate temperatures and in ap- 
plications where the current drain is moderate to high. They are not very good in extreme cold. 


Alkaline Cells 


The alkaline cell has granular zinc as the negative electrode, potassium hydroxide as the electrolyte, 
and a device called a polarizer as the positive electrode. The construction is similar to that of the 
zinc-carbon cell. An alkaline cell can work at lower temperatures than a zinc-carbon cell. It lasts 
longer in most electronic devices, and is therefore preferred for use in transistor radios, calculators, 
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and portable cassette players. Its shelf life is much longer than that of a zinc-carbon cell. As you 
might expect, 1t costs more. 


Transistor Batteries 


A transistor battery consists of six tiny zinc-carbon or alkaline cells in series. Each of the six cells sup- 
plies 1.5 V. Thus, the battery supplies 9 V. Even though these batteries have more voltage than in- 
dividual cells, the total energy available from them is less than that from a C cell or D cell. This is 
because the electrical energy that can be obtained from a cell or battery is directly proportional to 
the amount of chemical energy stored in it, and this, in turn, is a direct function of the volume 
(physical size) of the cell or the mass (quantity of chemical matter) of the cell. Cells of size C or D 
have more volume and mass than a transistor battery, and therefore contain more stored energy for 
the same chemical composition. 

Transistor batteries are used in low-current electronic devices such as remote-control garage- 
door openers, television (TV) and hi-fi remote controls, and electronic calculators. 


Lantern Batteries 


The lantern battery has much greater mass than a common dry cell or transistor battery, and conse- 
quently it lasts much longer and can deliver more current. Lantern batteries are usually rated at 6 V, 
and consist of four good-size zinc-carbon or alkaline cells. Two lantern batteries connected in series 
make a 12-V battery that can power a 5-W citizens band (CB) or ham radio transceiver for a while. 
They're also good for scanner radio receivers in portable locations, for camping lamps, and for other 
medium-power needs. 


Miniature Cells and Batteries 


In recent years, cells and batteries—especially cells—have become available in many different sizes 
and shapes besides the old cylindrical cells, transistor batteries, and lantern batteries. These are used 
in wristwatches, small cameras, and various microminiature electronic devices. 


Silver-Oxide Cells and Batteries 


A silver-oxide cell is usually found in a buttonlike shape, and can fit inside a small wristwatch. These 
types of cells come in various sizes and thicknesses, all with similar appearances. They supply 1.5 V, 
and offer excellent energy storage for the weight. They also have a nearly flat discharge curve, like 
the one shown in the graph of Fig. 7-3. Zinc-carbon and alkaline cells and batteries, in contrast, 
have current output that declines more steadily with time, as shown in Fig. 7-5. This is known as a 
declining discharge curve. 

Silver-oxide cells can be stacked to make batteries. Several of these miniature cells, one on top 
of the other, can provide 6, 9, or even 12 V for a transistor radio or other light-duty electronic de- 
vice. The resulting battery is about the size of an AAA cylindrical cell. 


Mercury Cells and Batteries 


A mercury cell, also called a mercuric-oxide cell, has properties similar to those of silver-oxide cells. 
They are manufactured in the same general form. The main difference, often not of significance, is 
a somewhat lower voltage per cell: 1.35 V. If six of these cells are stacked to make a battery, the re- 
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sulting voltage will be about 8.1 V rather than 9 V. One additional cell can be added to the stack, 
yielding about 9.45 V. 

There has been a decline in the popularity of mercury cells and batteries in recent years, because 
of the fact that mercury is toxic to humans and animals, even in trace amounts. When mercury cells 
and batteries are dead, they must be discarded. Eventually the mercury or mercuric oxide leaks into 
the soil and groundwater. Mercury pollution has become a significant concern throughout the 
world. 


Lithium Cells and Batteries 


Lithium cells gained popularity in the early 1980s. There are several variations in the chemical 
makeup of these cells; they all contain lithium, a light, highly reactive metal. Lithium cells can be 
made to supply 1.5 to 3.5 V, depending on the particular chemistry used. These cells, like silver- 
oxide and mercury cells, can be stacked to make batteries. 

The first application of lithium batteries was in memory backup for electronic microcomput- 
ers. Lithium cells and batteries have superior shelf life, and they can last for years in very-low- 
current applications such as memory backup or the powering of a digital liquid crystal display 
(LCD) watch or clock. These cells also provide high energy capacity per unit volume or mass. 


Lead-Acid Batteries 


You've seen the basic configuration for a lead-acid cell. This has a solution of sulfuric acid, along 
with a lead electrode (negative) and a lead-dioxide electrode (positive). These cells are rechargeable. 

Automotive batteries are made from sets of lead-acid cells having a free-flowing liquid acid. You 
cannot tip such a battery on its side, or turn it upside-down, without running the risk of having 
some of the acid electrolyte spill out. Lead-acid batteries are also available in a construction that 
uses a semisolid electrolyte. These batteries are sometimes used in consumer electronic devices that 
require a moderate amount of current. The most common example is an uninterruptible power 
supply (UPS) that can keep a desktop personal computer running for a few minutes if the utility 
power fails. 
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A large lead-acid battery, such as the kind in your car or truck, can store several tens of ampere- 
hours. The smaller ones, like those in a UPS, have less capacity but more versatility. T'heir main at- 
tributes are that they can be charged and recharged many times, and they are not particularly 
expensive. 


Nickel-Based Cells and Batteries 


Nickel-based cells include the nickel-cadmium (NICAD or NiCd) type and the nickel-metal-hydride 
(NiMH) type. Nickel-based batteries are available in packs of cells. These packs can be plugged into 
equipment, and sometimes form part of the case for a device such as a portable radio transceiver. 
All nickel-based cells are rechargeable, and can be put through hundreds or even thousands of 


charge/discharge cycles if they are properly cared for. 


Configurations and Applications 


Nickel-based cells are found in various sizes and shapes. Cylindrical cells look like ordinary dry cells. 
Button cells are those little things you find in cameras, watches, memory backup applications, and 
other places where miniaturization is important. Flooded cells are used in heavy-duty applications, 
and can have storage capacity in excess of 1000 Ah. Spacecraft cells are made in packages that can 
withstand the rigors of a deep-space environment. 

Most orbiting satellites are in darkness half the time and in sunlight half the time. Solar panels 
can be used while the satellite is in sunlight, but during the times that the earth eclipses the sun, bat- 
teries are needed to power the electronic equipment on board the satellite. The solar panels can 
charge a nickel-based battery, in addition to powering the satellite, for the daylight half of each 
orbit. The nickel-based battery can provide the power during the dark half of each orbit. 


Cautions 


Never discharge nickel-based cells all the way until they totally die. This can cause the polarity of a 
cell, or of one or more cells in a battery, to reverse. Once this happens, the cell or battery is ruined. 

A phenomenon peculiar to nickel-based cells and batteries is known as memory or memory 
drain. If a nickel-based unit is used over and over, and is discharged to the same extent every time, 
it might begin to die at that point in its discharge cycle. Memory problems can usually be solved. 
Use the cell or battery almost all the way up, and then fully recharge it. Repeat the process several 
times. 

Nickel-based cells and batteries work best if used with charging units that take several hours to 
fully replenish the charge. So-called high-rate or quick chargers are available, but these can some- 
times force too much current through a cell or battery. It’s best if the charger is made especially for 
the cell or battery type being charged. An electronics dealer, such as the manager at a RadioShack 
store, should be able to tell you which chargers are best for which cells and batteries. 

In recent years, concern has grown about the toxic environmental effects of discarded heavy 
metals, including cadmium. For this reason, NiMH cells and batteries have replaced NICAD types 
in many applications. In most practical scenarios, a NICAD battery can be directly replaced with a 
NiMH battery of the same voltage and current-delivering capacity, and the powered-up device will 
work satisfactorily. 

Some vendors and dealers will call a nickel-based cell or battery a NICAD, even when it is ac- 


tually a NiMH cell or battery. 
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Photovoltaic Cells and Batteries 


The photovoltaic (PV) cellis different from any electrochemical cell. It’s also known as a solar cell. This 
device converts visible light, infrared (IR), and/or ultraviolet (UV) directly into electric current. 


Solar Panels 


Several, or many, photovoltaic cells can be combined in series-parallel to make a solar panel. An ex- 
ample is shown in Fig. 7-6. Although this shows a 3 x 3 series-parallel array, the matrix does not have 
to be symmetrical. And it’s often very large. It might consist of, say, 50 parallel sets of 20 series- 
connected cells. The series scheme boosts the voltage to the desired level, and the parallel scheme in- 
creases the current-delivering ability of the panel. It’s not unusual to see hundreds of solar cells 
combined in this way to make a large panel. 


Construction and Performance 


The construction of a photovoltaic cell is shown in Fig. 7-7. The device is a flat semiconductor 
P-N junction, and the assembly is made transparent so that light can fall directly on the P-type sili- 
con. The metal ribbing, forming the positive electrode, is interconnected by means of tiny wires. 
The negative electrode is a metal backing or substrate, placed in contact with the N-type silicon. 
Most solar cells provide about 0.5 V. If there is very low current demand, dim light will result 
in the full-output voltage from a solar cell. As the current demand increases, brighter light is needed 
to produce the full-output voltage. There is a maximum limit to the current that can be provided 
from a solar cell, no matter how bright the light. This limit is increased by connecting solar cells in 


parallel. 


Practical Applications 


Solar cells have become cheaper and more efficient in recent years, as researchers have looked to 
them as an alternative energy source. Solar panels are used in satellites. They can be used in conjunc- 
tion with rechargeable batteries, such as the lead-acid or nickel-cadmium types, to provide power 
independent of the commercial utilities. 

A completely independent solar/battery power system is called a stand-alone system. It uses large 
solar panels, large-capacity lead-acid batteries, power converters to convert the dc into ac, and a 
sophisticated charging circuit. These systems are best suited to environments where there is sun- 
shine a high percentage of the time. 


7-6 Connection of cells in series-parallel. 
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Solar cells, either alone or supplemented with rechargeable batteries, can be connected into a home 
electric system in an interactive arrangement with the electric utilities. When the solar power system 
cant provide for the needs of the household all by itself, the utility company can take up the slack. 
Conversely, when the solar power system supplies more than enough for the needs of the home, the 
utility company can buy the excess. 


Fuel Cells 


In the late 1900s, a new type of electrochemical power device emerged that is believed by some sci- 
entists and engineers to hold promise as an alternative energy source: the fuel cell. 


Hydrogen Fuel 


The most talked-about fuel cell during the early years of research and development became known 
as the hydrogen fuel cell. As its name implies, it derives electricity from hydrogen. The hydrogen 
combines with oxygen (that is, it oxidizes) to form energy and water. There is no pollution, and there 
are no toxic by-products. When a hydrogen fuel cell “runs out of juice,” all that is needed is a new 
supply of hydrogen, because its oxygen is derived from the atmosphere. 

Instead of combusting, the hydrogen in a fuel cell oxidizes in a more controlled fashion, and at 
a much lower temperature. There are several schemes for making this happen. The proton exchange 
membrane (PEM) fuel cell is one of the most widely used. A PEM hydrogen fuel cell generates ap- 
proximately 0.7 V of dc. In order to obtain higher voltages, individual cells are connected in series. 
A series-connected set of fuel cells is technically a battery, but the term used more often is stack. 

Fuel-cell stacks are available in various sizes. A stack about the size and weight of an airline suit- 
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case filled with books can power a subcompact electric car. Smaller cells, called micro fuel cells, can 
provide dc to run devices that have historically operated from conventional cells and batteries. These 
include portable radios, lanterns, and notebook computers. 


Other Fuels 


Hydrogen is not the only chemical that can be used to make a fuel cell. Almost anything that will 
combine with oxygen to form energy has been considered. 

Methanol, a form of alcohol, has the advantage of being easier to transport and store than hy- 
drogen, because it exists as a liquid at room temperature. Propane is another chemical that has been 
used for powering fuel cells. This is the substance that is stored in liquid form in tanks for barbecue 
erills and some rural home heating systems. Methane, also known as natural gas, has been used 
as well, 

Some scientists and engineers object to the use of these fuels because they, especially propane 
and methane, closely resemble fuels that are already commonplace, and on which society has devel- 
oped the sort of dependence that purists would like to get away from. In addition, they are derived 
from so-called fossil fuel sources, the supplies of which, however great they might be today, are nev- 
ertheless finite. 


A Promising Technology 


As of this writing (2006), fuel cells have not yet replaced conventional electrochemical cells and bat- 
teries. Cost is the main reason. Hydrogen is the most abundant and simplest chemical element in 
the universe, and it does not produce any toxic by-products. This would at first seem to make it the 
ideal choice for use in fuel cells. But storage and transport of hydrogen has proven to be difficult and 
expensive. This is especially true for fuel cells and stacks intended for systems that aren't fixed to per- 
manent pipelines. 

An interesting scenario, suggested by one of my physics teachers all the way back in the 1970s, 
is the piping of hydrogen gas through the lines designed to carry methane. Some modification of ex- 
isting lines would be required in order to safely handle hydrogen, which escapes through small 
cracks and openings more easily than methane. But hydrogen, if obtained at reasonable cost and in 
abundance, could be used to power large fuel-cell stacks in common households and businesses. The 
dc from such a stack could be converted to utility ac by power inverters similar to those used with 
PV energy systems. The entire home power system would be about the size of a gas furnace. 


Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 


the book. 


1. The chemical energy in a battery or cell 
(a) is a form of kinetic energy. 
(b) 
(c) 


(d) is caused by electric current. 


cannot be replenished once it is gone. 


changes to electrical energy when the cell is used. 
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3. 


A cell that cannot be recharged is known as 
(a) a dry cell. 

(b) a wet cell. 

(c) a primary cell. 

(d) secondary cell. 

A Weston cell is generally used 

(a) as a current reference source. 

(b) as a voltage reference source. 


(c) as a power reference source. 


(d) as a fuel cell. 


4. The voltage produced by a battery of multiple cells connected in series is 


5. 


(a) less than the voltage produced by a cell of the same composition. 
(b) the same as the voltage produced by a cell of the same composition. 
(c) more than the voltage produced by a cell of the same composition. 
(d) always a whole-number multiple of 1.018 V. 

A direct short-circuit of a large battery can cause 

(a) an increase in its voltage. 

(b) no harm other than a rapid discharge of its energy. 

(c) the current to drop to zero. 


(d) a physical rupture or explosion. 


6. Suppose a cell of 1.5 V delivers 100 mA for 7 hours and 20 minutes, and then it is replaced. 
How much energy is supplied during this time? 


(a) 0.49 Wh 
(b) 1.1 Wh 
(c) 7.33 Wh 
(d) 733 mWh 


7. Suppose a 12-V automotive battery is rated at 36 Ah. If a 100-W, 12-V bulb is connected 
across this battery, approximately how long will the bulb stay aglow, assuming the battery has been 
fully charged? 


8. 


(a) 4 hours and 20 minutes 

(b) 432 hours 

(c) 3.6 hours 

(d) 21.6 minutes 

Alkaline cells 

(a) are cheaper than zinc-carbon cells. 
(b) 
(c) 


(d) have shorter shelf lives than zinc-carbon cells. 


generally work better in radios than zinc-carbon cells. 


have higher voltages than zinc-carbon cells. 


10. 


11. 


12. 


IES A 


Quiz 


. The energy in a cell or battery depends mainly on 


(a) its physical size. 
(b) 
(c) 1ts voltage. 


(d) all of the above. 


the current drawn from it. 


In which of the following devices would a lantern battery most likely be found? 
(a) A heart pacemaker 

(b) An electronic calculator 

(c) An LCD wall clock 

(d) A two-way portable radio 


In which of the following devices would a transistor battery be the best power choice? 
(a) A heart pacemaker 

(b) An electronic calculator 

(c) An LCD wall clock 

(d) A two-way portable radio 


For which of the following applications would you choose a lithium battery? 
(a) A microcomputer memory backup 

(b) A two-way portable radio 

(c) A stand-alone solar-electric system 


(d) A rechargeable lantern 


Where would you most likely find a lead-acid battery? 
(a) In a portable audio CD player 

(b) In an uninterruptible power supply 

(c) In an LCD wall clock 

(d) In a flashlight 
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14. A cell or battery that maintains a constant current-delivering capability almost until it dies is 
said to have 


I5. 


(a) a large ampere-hour rating. 
(b) excellent energy capacity. 
(c) a flat discharge curve. 


(d) good energy storage capacity per unit volume. 


Where might you find a nickel-based battery? 
(a) In a satellite 

(b) 
(c) 


(d) More than one of the above 


In a portable cassette player 


In a handheld radio transceiver 
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16. 


17 


18. 


19. 


20. 


A disadvantage of mercury cells and batteries is the fact that 
(a) they dont last as long as other types. 

(b) they have a flat discharge curve. 

(c) mercury is destructive to the environment. 


(d) they need to be recharged often. 
Which kind of battery should never be used until it dies? 


(a) Silver-oxide 
(b) Lead-acid 
(c) Nickel-based 
(d) Mercury 


The useful current that is delivered by a solar panel can be increased by 
(a) connecting capacitors in parallel with the solar cells. 

(b) connecting resistors in series with the solar cells. 

(c) connecting two or more groups of solar cells in parallel. 


(d) connecting resistors in parallel with the solar cells. 


An interactive solar power system 


( 


a) allows a homeowner to sell power to the electric company. 
(b) lets the batteries recharge at night. 
(c) powers lights, but not electronic devices. 


(d) is totally independent from the electric company. 


An advantage of methanol over hydrogen for use in fuel cells is the fact that 


(a) methanol is the most abundant element in the universe. 
) methanol is not flammable. 


(b 
(c) methanol is a solid at room temperature. 


(d) methanol is easier to transport and store. 


—— 


Because of the large variety of transformers 


and coils available, it is almost impossible to 
give you a simple procedure for designing an 
Armstrong oscillator. Instead, the 
manufacturer Specifies the number of turns 
required on the coils, which guarantees that 


the oscillator will work in its most common 
operation, at high radio frequencies. 

Because of the practical difficulties, the 
Armstrong oscillator and its variations are not 
explored any further. 


Practical Oscillator Design 


26 This section briefly covers some practical 
problems with oscillators. 
Before you proceed, review the important 
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CHAPTER 


Magnetism 


ELECTRIC AND MAGNETIC PHENOMENA INTERACT. MAGNETISM WAS MENTIONED BRIEFLY NEAR THE 
end of Chap. 2. Here, we'll look at it more closely. 


The Geomagnetic Field 


The earth has a core made up largely of iron, heated to the extent that some of it is liquid. As the 
earth rotates, the iron flows in complex ways. It is thought that this flow is responsible for the mag- 
netic field that surrounds the earth. Some other planets, notably Jupiter, have magnetic fields as 
well. Even the sun has one. 


The Poles and Axis 


The geomagnetic field, as it is called, has poles, just as a bar magnet does. The geomagnetic poles are 
near, but not at, the geographic poles. The north geomagnetic pole is located in far northern Canada. 
The south geomagnetic pole is near Antarctica. The geomagnetic axis is therefore tilted relative to the 
axis on which the earth rotates. 


The Solar Wind 


Charged subatomic particles from the sun, streaming outward through the solar system, distort the 
geomagnetic lines of flux (Fig. 8-1). This stream of particles is called the solar wind. That's a good 
name for it, because the fast-moving particles produce measurable forces on sensitive instruments in 
space. This force has actually been suggested as a possible means to drive space ships, equipped with 
solar sails, out of the solar system! 

At and near the earth’s surface, the geomagnetic field is not affected very much by the solar 
wind, so the geomagnetic field is nearly symmetrical. As the distance from the earth increases, the 
distortion of the field also increases, particularly on the side of the earth away from the sun. 


The Magnetic Compass 


The presence of the geomagnetic field was first noticed in ancient times. Some rocks, called /ode- 
stones, when hung by strings, would always orient themselves a certain way. This was correctly at- 
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8-1 Geomagnetic flux lines (dashed curves) are distorted by the solar 
wind, so the geomagnetic field is not symmetrical with respect to 
the earth. 


tributed to the presence of a “force” in the air. This effect was put to use by early seafarers and land 
explorers. Today, a magnetic compass can still be a valuable navigation aid, used by mariners, back- 
packers, and others who travel far from familiar landmarks. 

The geomagnetic field interacts with the magnetic field around a compass needle, and a force 
is thus exerted on the needle. This force works not only in a horizontal plane (parallel to the earth’s 
surface), but vertically at most latitudes. The vertical component is zero only at the geomagnetic 
equator, a line running around the globe equidistant from both geomagnetic poles. 

As the geomagnetic latitude increases, toward either the north or the south geomagnetic pole, 
the magnetic force pulls up and down on the compass needle more and more. One end of the nee- 
dle seems to insist on touching the compass face, while the other end tilts up toward the glass. The 
needle tries to align itself parallel to the geomagnetic lines of flux. The vertical angle, in degrees, at 
which the geomagnetic lines of flux intersect the earth’s surface at any given location is called the 
geomagnetic inclination. 

Because geomagnetic north is not the same as geographic north in most places on the earth’s 
surface, there is an angular difference between the two. This horizontal angle, in degrees, is called 
geomagnetic declination. It, like inclination, varies with location. 


Causes and Effects 


Magnets are attracted to some, but not all, metals. Iron, nickel, and alloys containing either or 
both of these elements are known as ferromagnetic materials. They “stick” to magnets. They can 
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also be made into permanent magnets. When a magnet is brought near a piece of ferromagnetic ma- 
terial, the atoms in the material become lined up, so that the material is temporarily magnetized. 
This produces a magnetic force between the atoms of the ferromagnetic substance and those in the 
magnet. 


Attraction and Repulsion 


If a magnet is brought near another magnet, the force can be repulsive or attractive, depending on 
the way the magnets are oriented. The force gets stronger as the magnets are brought near each 
other. Some magnets are so strong that no human being can pull them apart if they get stuck to- 
gether, and no person can bring them all the way together against their mutual repulsive force. This 
is especially true of electromagnets, discussed later in this chapter. 

The tremendous forces produced by electromagnets are of use in industry. A large electromag- 
net can be used to carry heavy pieces of scrap iron from place to place. Other electromagnets can 
provide sufficient repulsion to suspend one object above another. This phenomenon is called mag- 
netic levitation. It is the basis for low-friction, high-speed commuter trains now in use in some met- 
ropolitan areas. 


Charge in Motion 


Whenever the atoms in a ferromagnetic material are aligned, a magnetic field exists. A magnetic field 
can also be caused by the motion of electric charge carriers, either in a wire or in free space. 

The magnetic field around a permanent magnet arises from the same cause as the field around 
a wire that carries an electric current. The responsible factor in either case is the motion of electri- 
cally charged particles. In a wire, electrons move along the conductor, being passed from atom to 
atom. In a permanent magnet, the movement of orbiting electrons occurs in such a manner that an 
effective electrical current is produced. 

Magnetic fields are also generated by the motion of charged particles through space. The sun is 
constantly ejecting protons and helium nuclei. These particles carry a positive electric charge. Be- 
cause of this, and the fact that they are in motion, they are surrounded by tiny magnetic fields. 
When the particles approach the earth and their magnetic fields interact with the geomagnetic field, 
the particles are accelerated toward the geomagnetic poles. 

When there is a solar flare, the sun ejects far more charged particles than normal. When these 
approach the geomagnetic poles, the result is considerable disruption of the geomagnetic field. This 
type of event is called a geomagnetic storm. lt causes changes in the earths ionosphere, affecting long- 
distance radio communications at certain frequencies. If the fluctuations are intense enough, even 
wire communications and electric power transmission can be interfered with. Aurora (northern or 
southern lights) are frequently observed at night during these events. 


Flux Lines 


Have you seen the well-known experiment in which iron filings are placed on a horizontal sheet of 
paper, and then a magnet is placed underneath the paper? The filings arrange themselves in a pat- 
tern that shows, roughly, the shape of the magnetic field in the vicinity of the magnet. A bar mag- 
net has a field with a characteristic form (Fig. 8-2). Another popular experiment involves passing a 
current-carrying wire through a horizontal sheet of paper at a right angle, as shown in Fig. 8-3. The 
iron filings become grouped along circles centered at the point where the wire passes through the 


paper. 
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8-2 The pattern of magnetic 
flux lines (dashed 
curves) around a bar 


Magnetic 
magnet (rectangle). The 


lines of flux 
N and S represent north 


Bar magnet and south magnetic 
poles, respectively. 


The intensity of a magnetic field is determined according to the number of flux lines passing 
through a certain cross section, such as a square centimeter or a square meter. The lines don’t exist 
as real objects, but it is intuitively appealing to imagine them that way. The iron filings on the paper 
really do bunch themselves into lines (curves, actually) when there is a magnetic field of sufficient 
strength to make them move. Sometimes lines of flux are called lines of force. But technically, this is 
a misnomer. 


Magnetic lines 
of flux 


Current-carrying 


8-3 The pattern of magnetic 
wire 


flux lines (dashed 


curves) around a 


straight, current- 
carrying wire can be 
seen when the wire 
passes through a 
horizontal sheet of 
paper sprinkled with 


iron filings. 
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Poles 


A magnetic field has a specific direction, as well as a specific intensity, at any given point in space 
near a current-carrying wire or a permanent magnet. The flux lines run parallel with the direction 
of the field. A magnetic field is considered to begin at the north magnetic pole, and to terminate 
at the south magnetic pole. In the case of a permanent magnet, it is obvious where the magnetic 
poles are. In the case of a current-carrying wire, the magnetic field goes in endless circles around 
the wire. 

A charged electric particle, such as a proton or electron, hovering all by itself in space, consti- 
tutes an electric monopole. The electric lines of flux around an isolated, charged particle in free space 
are straight, and they “run off to infinity” (Fig. 8-4). A positive electric charge does not have to be 
mated with a negative electric charge. 

A magnetic field is different. All magnetic flux lines, at least in ordinary real-world situations, 
are closed loops. With permanent magnets, there is a starting point (the north pole) and an ending 
point (the south pole). Around a straight, current-carrying wire, the loops are closed circles, even 
though the starting and ending points are not obvious. A pair of magnetic poles is called a magnetic 
dipole. 

At first you might think that the magnetic field around a current-carrying wire is caused by a 
monopole, or that there arent any poles at all, because the concentric circles dont actually converge 
anywhere. But you can envision a half plane, with the edge along the line of the wire, as a magnetic 
dipole. Then the lines of flux go around once in a 360° circle from the “north face” of the half plane 
to the “south face.” 

The greatest flux density, or field strength, around a bar magnet is near the poles, where the 
lines converge. Around a current-carrying wire, the greatest field strength is near the wire. 


Electric 
lines of flux. 


8-4 Electric flux lines (dashed lines) around an electrically charged object. This 
example shows a positive charge. The pattern of flux lines for a negative 
charge is identical. 
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Magnetic Field Strength 


The overall magnitude of a magnetic field is measured in units called webers (Wb). A smaller unit, 
the maxwell (Mx), is sometimes used if a magnetic field is weak. One weber is equivalent to 


100,000,000 (10°) maxwells. Conversely, 1 Mx = 0.00000001 Wb = 10°° Wb. 


The Tesla and the Gauss 


If you have access to a permanent magnet or electromagnet, you might see its strength expressed in 
terms of webers or maxwells. But usually you'll hear units called teslas (T) or gauss (G). These units 
are expressions of the concentration, or intensity, of the magnetic field within a certain cross section. 
The flux density, or number of lines per square meter or per square centimeter, is a more useful ex- 
pression for magnetic effects than the overall quantity of magnetism. A flux density of 1 tesla (1 T) 
is equal to 1 weber per square meter (1 Wb/m?). A flux density of 1 gauss (1 G) is equal to 1 maxwell 
per square centimeter (1 Mx/cm?). It turns out that the gauss is equal to 0.0001 tesla (10% T). Con- 
versely, the tesla is equivalent to 10,000 gauss (104 G). 


The Ampere-Turn and the Gilbert 


With electromagnets, another unit is employed: the ampere-turn (At). This is technically a unit of 
magnetomotive force, which is the magnetic counterpart of electromotive force. A wire, bent into a cir- 
cle and carrying 1 A of current, produces 1 At of magnetomotive force. If the wire is bent into a loop 
having 50 turns, and the current stays the same, the resulting magnetomotive force is 50 At. If the 
current is then reduced to 1/50 A or 20 mA, the magnetomotive force will go back down to 1 At. 
The gilbert (Gb) is also used to express magnetomotive force, but it is less common than the 


ampere-turn. One gilbert (1 Gb) is equal to 0.796 At. Conversely, 1 At = 1.26 Gb. 


Electromagnets 


Any electric current, or movement of charge carriers, produces a magnetic field. This field can be- 
come intense in a tightly coiled wire that has many turns and carries a large current. When a ferro- 
magnetic core is placed inside the coil, the magnetic lines of flux are concentrated in the core, and the 
field strength in and near the core can become tremendous. This is the principle of an electromagnet 
(Fig. 8-5). Electromagnets are almost always cylindrical in shape. Sometimes the cylinder is long and 
thin; in other cases it is short and fat. But whatever the ratio of diameter to length for the core, the 
principle is the same: the magnetic field produced by the current results in magnetization of the core. 


Direct-Current Types 


You can build a dc electromagnet by taking a large bolt, such as a stove bolt, and wrapping a few 
dozen or a few hundred turns of wire around it. These items are available in any good hardware 
store. Be sure the bolt is made of ferromagnetic material. (If a permanent magnet sticks to the bolt, 
the bolt is ferromagnetic.) Ideally, the bolt should be at least 1 cm (approximately % in) in diameter 
and several inches long. You must use insulated wire, preferably made of solid, soft copper. “Bell 
wire” works well. Be sure all the wire turns go in the same direction. A large 6-V lantern battery can 
provide plenty of current to work the electromagnet. Never leave the coil connected to the battery 
for more than a few seconds at a time. And never use a car battery for this experiment! The acid can 
boil out of this type of battery, because the electromagnet places a heavy load on it. 
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Direct-current electromagnets have defined north and south poles, just like permanent mag- 
nets. The main difference is that an electromagnet can get much stronger than any permanent mag- 
net. You will see evidence of this if you do the preceding experiment with a large enough bolt and 
enough turns of wire. 


Alternating-Current Types 


Do you get the idea that an electromagnet can be made far stronger if, rather than using a lantern 
battery for the current source, you plug the wires into a wall outlet? In theory, this is true. In prac- 


North 
1/120 s 
8-6 Polarity change in an ac 
electromagnet. The 
polarity changes every Time 


1/120 second for 60-Hz 
utility current. 


south 


122 Magnetism 


tice, youll blow the fuse or circuit breaker. Do not try this! The electrical circuits in some buildings 
are not adequately protected and it can create a fire hazard. Also, you can get a lethal shock from the 
utility mains. 

Some electromagnets use ac, and these magnets will stick to ferromagnetic objects. But the polar- 
ity of the magnetic field reverses every time the direction of the current reverses. With conventional 
household ac in the United States, there are 120 fluctuations, or 60 complete north-to-south-to-north 
polarity changes (Fig. 8-6), per second. If a permanent magnet, or a dc electromagnet, is brought near 
either “pole” of an ac electromagnet, there is no net force because the poles are alike half the time and 
opposite half the time, producing an equal amount of attractive and repulsive force. But if a piece of 
iron or steel is brought near a strong ac electromagnet, watch out! The attractive force will be powerful. 


Magnetic Properties of Materials 


There are four important properties that materials can have with respect to magnetic flux. These 
properties are ferromagnetism, diamagnetism, permeability, and retentivity, 


Ferromagnetism 


Some substances cause magnetic lines of flux to bunch closer together than they would in the 
medium of air or a vacuum. This property is called ferromagnetism, and materials that exhibit it are 
called ferromagnetic. You've already learned something about this! 


Diamagnetism 


Another property is known as diamagnetism, and materials that exhibit it are called diamagnetic. This 
type of substance decreases the magnetic flux density by causing the magnetic flux lines to diverge. 
Wax, dry wood, bismuth, and silver are examples. No diamagnetic material reduces the strength of a 
magnetic field by anywhere near the factor that ferromagnetic substances can increase it. Diamag- 
netic materials are generally used to keep magnetic objects apart, while minimizing the interaction 
between them. In recent years, they have also found some application in magnetic levitation devices. 


Permeability 


Permeability is a quantitative indicator of the extent to which a ferromagnetic material concentrates 
magnetic lines of flux. It is measured on a scale relative to a vacuum, or free space. Free space is as- 
signed permeability 1. If you have a coil of wire with an air core, and a current is forced through the 
wire, then the flux in the coil core is at a certain density, just about the same as it would be in a vac- 
uum. Therefore, the permeability of pure air is about equal to 1. If you place an iron core in the coil, 
the flux density increases by a large factor. The permeability of iron can range from 60 (impure) to 
as much as 8000 (highly refined). 

If you use certain ferromagnetic alloys as the core material in electromagnets, you can increase 
the flux density, and therefore the local strength of the field, by as much as a million times. Such 
substances thus have permeability as great as 1,000,000 (10°). 

Table 8-1 gives permeability values for some common materials. 


Retentivity 


When a substance, such as iron, is subjected to a magnetic field as intense as it can handle, say by 
enclosing it in a wire coil carrying a massive current, there will be some residual magnetism left 
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Table 8-1. Permeability values for some 
common materials. 


Substance Permeability (approx.) 
Air, dry, at sea level 1 

Alloys, ferromagnetic 3000-1,000,000 
Aluminum Slightly more than 1 
Bismuth Slightly less than 1 
Cobalt 60—70 

Iron, powdered and pressed 100-3000 
Iron, solid, refined 3000-8000 
Iron, solid, unrefined 60-100 
Nickel 50-60 

Silver Slightly less than 1 
Steel 300-600 
Vacuum 1 

Wax Slightly less than 1 
Wood, dry Slightly less than 1 


when the current stops flowing in the coil. Retentivity, also sometimes called remanence, is a meas- 
ure of how well the substance “memorizes” the magnetism and thereby becomes a permanent 
magnet. 

Retentivity is expressed as a percentage, and is symbolized B,. If the flux density in the material 
is x tesla or gauss when it is subjected to the greatest possible magnetomotive force, and then goes 
down to y tesla or gauss when the current is removed, the retentivity is equal to 100(y/x)%. 

Suppose that a metal rod can be magnetized to 135 G when it is enclosed by a coil carrying an 
electric current. Imagine that this is the maximum possible flux density that the rod can be forced 
to have. (For any substance, there is always such a maximum.) Now suppose that the current is shut 
off, and 19 G remain in the rod. Then the retentivity, B,, is calculated as follows: 


B, = 100(19/135)% = (100 x 0.14)% = 14% 


Some ferromagnetic substances have high retentivity. These materials are excellent for making per- 
manent magnets. Other substances have low retentivity. They work well as electromagnets, but not 
as permanent magnets. 

If a ferromagnetic substance has poor retentivity, it is especially well-suited for use as the core 
material for an ac electromagnet, because the polarity of the magnetic flux can reverse within the 
material at a rapid rate. Materials with high retentivity do not work well for ac electromagnets, be- 
cause they resist the polarity reversal that takes place with ac. 


Practical Magnetism 


Magnetism has numerous applications in common consumer devices and systems. Here are some of 
the more common ways in which magnetic phenomena can be put to use. 
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Permanent Magnets 


Permanent magnets are manufactured by using a high-retentivity ferromagnetic material as the core 
of an electromagnet for an extended period of time. The coil of the electromagnet carries a large di- 
rect current, causing intense magnetic flux of constant polarity within the material. (Dont try to do 
this at home. The high current can heat the coil and overload a battery or power supply, which pro- 
duces a fire hazard and/or the risk of battery explosion.) 

If you want to magnetize a screwdriver a little bit so that it will hold onto screws, just stroke the 
shaft of the screwdriver with the end of a bar magnet several dozen times. Once you have magnet- 
ized a tool in this way, however, it is nearly impossible to demagnetize it. 


A Ringer Device 


Figure 8-7 is a simplified diagram of a bell ringer, also called a chime. The main functional compo- 
nent is called a solenoid, and it is an electromagnet. The core has a hole going along its axis. The coil 
has several layers, but the wire is always wound in the same direction, so that the electromagnet is 
powerful. A movable steel rod runs through the hole in the electromagnet core. 

When there is no current flowing in the coil, the steel rod is held down by the force of gravity. 
When a pulse of current passes through the coil, the rod is pulled forcibly upward so that it strikes 
the ringer plate. This plate is like one of the plates in a xylophone. The current pulse is short, so the 
steel rod falls back down again to its resting position, allowing the plate to reverberate. 


steel plate 
(ringer) 


Current pulse 8-7 A solenoid-coil bell 
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points of this chapter by answering the 
following questions. 

Questions 

A. What three elements must an oscillator 
have present to work? ——__ 
B. What determines the frequency of an 
oscillator's output signal? 

C. What provides the feedback? 

D. How many feedback methods for 
oscillators have been discussed? 

E. What do you need to start the oscillations 


once the circuit has been built? 


Answers 

A. An amplifier, a resonant LC circuit (or 
some other frequency determining 
components), and feedback. 


B. The frequency of the output signal is the 
same as the resonance frequency. 

C. A voltage divider on the resonant circuit. 
D. Three: the  Colpitts, Hartley, and the 
Armstrong. 


E: Nothing: The oscillations should start 
spontaneously if the component values in the 
circuit are correct. 

The main practical problem with building 
oscillators Is selecting the coil. For mass 
production, a manufacturer can specify and 


purchase the exact coil required. But in a lab 
or workshop (where you are building only a 
single circuit), it is often difficult or impossible 
to find the exact inductor specified in a circuit 
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The Relay 


A relay makes use of a solenoid to allow remote-control switching of high-current circuits. A dia- 
gram of a relay is shown in Fig. 8-8. The movable lever, called the armature, is held to one side by a 
spring when there is no current flowing through the electromagnet. Under these conditions, termi- 
nal X is connected to Y, but not to Z. When a sufficient current is applied, the armature is pulled 
over to the other side. This disconnects terminal X from terminal Y, and connects X to Z. 

There are numerous types of relays. Some are meant for use with dc, and others are for ac; a few 
will work with either dc or ac. A normally closed relay completes the circuit when there is no current 
flowing in its electromagnet coil, and breaks the circuit when current flows through the coil. A nor- 
mally open relay is just the opposite, completing the circuit when current flows through the electro- 
magnet coil, and opening the circuit when current ceases to flow through the coil. Normal, in this 
context, refers to the condition of no current applied to the electromagnet. 

The relay shown in Fig. 8-8 can be used as either a normally open or normally closed relay, de- 
pending on which contacts are selected. It can also be used to switch a line between two different 
circuits. 
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Some relays have several sets of contacts. Some relays are meant to remain in one state (either 
with current or without) for a long time, while others are meant to switch several times per second. 
The fastest relays can operate several dozen times per second. In recent years, relays have been largely 
supplanted by switching transistors and diodes, except in applications where extremely high current 
or high voltage is involved. 


The DC Motor 


Magnetic forces can be harnessed to do work. One common device that converts direct-current en- 
ergy into rotating mechanical energy is a de motor. In a de motor, the source of electricity is con- 
nected to a set of coils, producing magnetic fields. The attraction of opposite poles, and the 
repulsion of like poles, is switched in such a way that a constant torque, or rotational force, results. 
As the current in the coils increases, the torque that the motor can provide also increases. 

Figure 8-9 is a simplified, cutaway drawing of a dc motor. One set of coils, called the ar- 
mature coil, rotates along with the motor shaft. The other set of coils, called the field coil, is sta- 
tionary. The current direction is periodically reversed during each rotation by means of the 
commutator. This keeps the rotational force going in the same angular direction, so the motor 
continues to rotate rather than oscillating back and forth. The shaft is carried along by its own in- 
ertia, so that it doesnt come to a stop during those instants when the current is being switched in 
polarity. 

Some dc motors can also be used to generate dc. These motors contain permanent magnets in 
place of one of the sets of coils. When the shaft is rotated, a pulsating dc flows in the coil. 


Armature coil 


Field coil Field coil 


LVVAAAA Vf OPI Y 


8-9 A functional diagram of 
Commutator daemi 


Practical Magnetism 127 


Magnetic Tape 


Magnetic tape, also called recording tape, consists of millions of ferromagnetic particles attached to a 
flexible, thin plastic strip. In the tape recorder, a fluctuating magnetic field, produced by the record- 
ing head, polarizes these particles. As the field changes in strength next to the recording head, the 
tape passes by at a constant speed. This produces regions in which the ferromagnetic particles are 
polarized in either direction (Fig. 8-10). 

When the tape is run at the same speed through the recorder in the playback mode, the 
magnetic fields around the individual particles cause a fluctuating field that is detected by the 
pickup head. This field has the same pattern of variations as the original field from the recording 
head. 

Magnetic tape is available in various widths and thicknesses. Thicker tapes result in cassettes 
that dont play as long, but the tape is more resistant to stretching. The speed of the tape determines 
the fidelity of the recording. Higher speeds are preferred for music and video, and lower speeds for 
voice and data. 

The impulses on a magnetic tape can be distorted or erased by external magnetic fields. There- 
fore, tapes should be protected from such fields. Keep the tape away from magnets. Extreme heat 
can also result in loss of data, and can cause permanent physical damage to the tape. 
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Magnetic Disk 


Since the advent of the personal computer, ever-more compact data-storage systems have evolved. 
One of the most versatile is the magnetic disk. 

Hard disks, also called hard drives, store the most data, and are generally found inside of computer 
units. Diskettes are 8.9 cm (3.5 in) across, and can be inserted and removed from recording/playback 
machines called diskette drives. In recent years, magnetic diskettes have been largely supplanted by non- 
magnetic compact disc recordable (CD-R) and compact disc rewritable (CD-RW) media. 

The principle of the magnetic disk, on the microscale, is the same as that of magnetic tape. 
The information is stored in binary digital form; that is, there are only two different ways that the 
particles are magnetized. This results in almost perfect, error-free storage. On a larger scale, the 
disk works differently than the tape because of the difference in geometry. On a tape, the informa- 
tion is spread out over a long span, and some bits of data are far away from others as measured 
along the medium itself. But on a disk, no two bits are ever farther apart than the diameter of the 
disk. This means that data can be stored to, and retrieved from, a disk much faster than is possible 
with tape. 

The same precautions should be observed when handling and storing magnetic disks as are nec- 
essary with magnetic tape. 


Bubble Memory 


Bubble memory is a sophisticated method of storing data that gets rid of the need for moving parts 
such as are required in tape machines and disk drives. Data is stored as tiny magnetic fields, in a 
medium that is made from magnetic film and semiconductor materials. 

Bubble memory makes use of all the advantages of magnetic data storage, as well as the favor- 
able aspects of electronic data storage. Advantages of electronic memory include rapid storage and 
recovery, and high density (a lot of data can be put in a tiny volume of space). Advantages of mag- 
netic memory include nonvolatility (it can be stored for a long time without needing a constant cur- 
rent source), high density, and comparatively low cost. 

Bubble memory seems to go through phases. Just as it is declared obsolete, someone comes up 
with a new and improved way to make it work. Check the Internet to find out its current status; 
enter “bubble memory” or “magnetic bubble memory” into a search engine. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 
1. The geomagnetic field 


(a) makes the earth like a huge horseshoe magnet. 
(b) 
(c) 


(d) makes an electromagnet work. 


runs exactly through the geographic poles. 


makes a compass work. 


2. Geomagnetic lines of flux 
(a) are horizontal at the geomagnetic equator. 


(b) are vertical at the geomagnetic equator. 
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(c) are never horizontal, no matter where you go. 

(d) are perfectly symmetrical around the earth, even far out in space. 
. A material that can be permanently magnetized is generally said to be 
(a) ultramagnetic. 

(b) electromagnetic. 

(c) diamagnetic. 

(d) ferromagnetic. 

. The force between a magnet and a piece of ferromagnetic metal that has not been magnetized 
(a) can be either repulsive or attractive. 

(b) is never repulsive. 

(c) gets smaller as the magnet gets closer to the metal. 

(d) depends on the geomagnetic field. 

. The presence of a magnetic field can always be attributed to 
(a) ferromagnetic materials. 

(b) diamagnetic materials. 

(c) motion of electric charge carriers. 

(d) the north geomagnetic pole. 

. Lines of magnetic flux are said to originate 

(a) in atoms of ferromagnetic materials. 

(b) at a north magnetic pole. 

(c) at points where the lines are straight. 

(d) in electric charge carriers. 

. The magnetic flux around a straight, current-carrying wire 
(a) gets stronger with increasing distance from the wire. 

(b) is strongest near the wire. 

(c) does not vary in strength with distance from the wire. 
(d) consists of straight lines parallel to the wire. 

. The gauss is a unit of 

(a) overall magnetic field strength. 

(b) ampere-turns. 

(c) magnetic flux density. 

(d) magnetic power. 

. A unit of overall magnetic field quantity is the 

(a) maxwell. 

(b) gauss. 

(c) tesla. 


(d) ampere-turn. 
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10. 


11. 


12. 


13. 


14. 


15. 


16. 


If a wire coil has 10 turns and carries 500 mA of current, what is the magnetomotive force? 


(a) 5000 At 


(d) 0.02 At 


If a wire coil has 100 turns and carries 1.30 A of current, what is the magnetomotive force? 
(a) 130 Gb 
(b) 76.9 Gb 
(c) 164 Gb 
(d) 61.0 Gb 


Which of the following can occur during a geomagnetic storm? 
(a) Charged particles stream out from the sun. 

(b) The earth’s magnetic field is affected. 

(c) Electrical power transmission is disrupted. 


(d) More than one of the above can occur. 


An ac electromagnet 

(a) attracts only permanent magnets. 
(b) attracts pure, unmagnetized iron. 
(c) repels all permanent magnets. 


(d) either attracts or repels permanent magnets, depending on the polarity. 


An advantage of an electromagnet over a permanent magnet is the fact that 
(a) an electromagnet can be switched on and off. 

(b) an electromagnet does not have specific polarity. 

(c) an electromagnet requires no power soutce. 


(d) permanent magnets must always be cylindrical, but electromagnets can have any shape. 


A substance with high retentivity 

(a) can make a good ac electromagnet. 

(b) repels both north and south magnetic poles. 
(c) is always a diamagnetic material. 


(d) is well suited to making a permanent magnet. 


Suppose a relay is connected into a circuit so that a device gets a signal only when the relay 


coil carries current. The relay is 


(a) an ac relay. 
(b) 
(c) 
(d) normally open. 


a dc relay. 


normally closed. 
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17. A device that repeatedly reverses the polarity of a magnetic field in order to keep a de motor 
rotating is known as 


(a) a solenoid. 
(b) an armature coil. 


(c) a commutator. 


(d) a field coil. 
18. A high tape-recorder motor speed is generally used for 


(a) voice recording and playback. 

(b) video recording and playback. 

(c) digital data storage and retrieval. 

(d) all of the above. 
19. An advantage of a magnetic disk, compared with magnetic tape, for data storage and retrieval 
is that 

(a) a disk lasts longer. 

(b) data can be stored and retrieved more quickly with disks than with tapes. 

(c) disks look better. 

(d) disks are less susceptible to magnetic fields. 


20. A magnetic hard disk is usually part of 
(a) a computer. 
(b) a de motor. 
(c) a tape recorder. 


(d) an electromagnet. 


Test: Part 1 


Do not refer to the text when taking this test. A good score is at least 37 correct. Answers are in the 
back of the book. It's best to have a friend check your score the first time, so you wont memorize 
the answers if you want to take the test again. 


1. An application in which an analog meter would almost always be preferred over a digital 
meter 1s 


(a) the signal-strength indicator in a radio receiver. 
(b) a meter that shows power-supply voltage. 
(c) a utility watt-hour meter. 


(d) a clock. 


(e) a device in which a direct numeric display is wanted. 


2. Which of the following statements is false? 
(a) The current in a series de circuit is divided up among the resistances. 
(b) In a parallel de circuit, the voltage is the same across each component. 


(c) In a series de circuit, the sum of the voltages across all the components, going once 
around a complete circle and taking polarity into account, is zero. 


(d) The net resistance of a parallel set of resistors is less than the value of the smallest resistor. 


(e) The total wattage consumed in a series circuit is the sum of the wattages consumed by 
each of the components. 


3. The ohm is a unit of 
(a) electrical charge quantity. 
(b) the rate at which charge carriers flow. 
(c) opposition to electrical current. 
(d) electrical conductance. 


(e) potential difference. 
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. A wiring diagram differs from a schematic diagram in that 
(a) a wiring diagram is less detailed than a schematic diagram. 
(b) a wiring diagram always shows the component values, but a schematic diagram might not. 


(c) a schematic does not show all the interconnections between the components, but a wiring 
diagram does. 


(d) a schematic diagram shows pictures of components, while a wiring diagram shows the 
electronic symbols. 


(e) a schematic diagram shows the electronic symbols, while a wiring diagram shows pictures 
of the components. 


. In which of the following places would you be most likely to find a wirewound resistor? 
(a) A dc circuit location where a large amount of power must be dissipated 

(b) The input circuit of a radio-frequency amplifier 

(c) The output circuit of a radio-frequency amplifier 

(d) In an antenna system, to limit the transmitter power 


(e) Between ground and the chassis of a power supply 


. The number of protons in the nucleus of an element is known as the 
(a) electron number. 
(b) atomic number. 


(c) valence number. 


SS 


d) charge number. 


(e) proton number. 


. A hot-wire ammeter 

(a) can measure ac as well as dc. 

(b) registers current changes very fast. 
(c) can indicate very low voltages. 

(d) measures electrical energy. 


(e) works only when current flows in one direction. 


. Which of the following units indicates the rate at which energy is expended? 


(a) The volt 

(b) The ampere 

(c) The coulomb 

(d) The ampere-hour 
(e) The watt 


. Which of the following correctly states Ohm's Law? 
(a) Volts equal amperes divided by ohms. 
(b) Ohms equal amperes divided by volts. 
(c) Amperes equal ohms divided by volts. 
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(d) Amperes equal ohms times volts. 


(e) Ohms equal volts divided by amperes. 


10. The current flowing into a point in a dc circuit is always equal to the current 
(a) delivered by the power supply. 
(b) through any one of the resistances. 
(c) flowing out of that point. 
(d) at any other point. 


(e) in any single branch of the circuit. 


11. A loudness meter in a hi-fi system is generally calibrated in 
(a) volts. 
(b) amperes. 
(c) decibels. 
(d) watt-hours. 
(e) ohms. 
12. An electrically charged atom (either positive or negative) is known as 
(a) a molecule. 
(b) 
(c) 
) 


(d) an electron. 


an isotope. 


an ion. 


(e) a fundamental particle. 
13. Suppose a battery delivers 12.0 V to a bulb, and current flowing through the bulb is 3.00 A. 
The resistance of the bulb is which of the following? 

(a) 36.0 Q 

(b) 4.00 Q 

(c) 0.250 Q 

(d) 108 Q 

(e) 0.750 Q 


14. The peak voltage in an ac wave is always 
(a) greater than the average voltage. 
(b 
(c 
(d 
(e 
15. Suppose a resistor is specified a having a value of 680 Q, and a tolerance of =5%. You 


measure the actual resistance with a precision digital ohmmeter. Which of the following meter 
readings indicates a reject? 


(a) 648 Q 
(b) 712 Q 


Nh 


less than the average voltage. 


A 


greater than or equal to the average voltage. 


NA 


less than or equal to the average voltage. 


NA 


fluctuating. 


design. What usually happens is that you use 
the most readily available coil, and design the 
rest of the circuit around it. This presents 
three possible problems: 

You may not know the exact value of the 

inductance. 

The inductance value may not be the best 
for the wanted frequency range. 

The coil may or may not have tap points or 

extra windings, and this may cause a 

change in the circuit design. For example, if 

there are no taps, then you cannot build a 

Hartley oscillator. 

Because Colpitts is the easiest oscillator to 
make work in practice, and provides an easy 
way around some of the practical difficulties, 
you can focus on that oscillator. 

You can use almost any coil when building 
a Colpitts oscillator, provided it is Suitable for 
the frequency range you want. For example, 
a coil from the tuner section of a television 
set would not be suitable for a 1-kHz audio 


oscillator because its inductance value IS 
outside the range best suited to a 
low-frequency audio circuit. 


Simple Oscillator Design 
Procedure 


27 Following IS a simple step-by-step 
procedure for the design of a Colpitts 
oscillator. The Colpitts can work over a wide 


16. 


I7: 


18. 


19. 


20. 


2l; 


Test: Part 1 135 


(c) 699 Q 

(d) 636 Q 

(e) 707 Q 

A primitive device for indicating the presence of an electric current is 
(a) an electrometer. 

(b) a galvanometer. 

(c) a voltmeter. 

(d) a coulometer. 


(e) a wattmeter. 


A disadvantage of mercury cells is the fact that they 

(a) can adversely affect the environment when discarded. 

(b) supply dangerously high voltage. 

(c) can reverse polarity unexpectedly. 

(d) must be physically larger than other types of cells that have the same current-delivering 
capacity. 

(e) must be kept right-side up to keep the mercury from spilling out. 

Suppose a battery supplies 6.0 V to a bulb rated at 12 W. The bulb draws how much current? 

(a) 2.0 A 

(b) 0.5 A 

(c) 72A 

(d) 40 mA 

(e) 72 mA 


Which of the following is not a common use for a resistor or set of resistors? 


(a) Biasing for a transistor 

(b) Voltage division 

(c) Current limiting 

(d) As a dummy antenna 

(e) Helping a capacitor to hold its charge for a long time 


When an electrical charge exists but there is no flow of current, the charge is said to be 

(a) ionizing. 

(b) atomic. 

(c) molecular. 

(d) electronic. 

(e) static. 

The sum of the voltages, going around a dc circuit, but not including the power supply, has 
(a) an equal value and the same polarity as the supply. 

(b) a value that depends on the ratio of the resistances. 


(c) a different value from, but the same polarity as, the supply. 
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22; 


23. 


(d) an equal value as, but the opposite polarity from, the supply. 
(e) a different value from, and the opposite polarity from, the supply. 


A watt-hour meter measures 
(a) voltage. 

(b) current. 

(c) power. 

(d) energy. 

(e) charge. 

Every chemical element has its own unique type of particle, which is known as its 
(a) neutron. 

(b) electron. 

(c) proton. 

(d) atom. 


(e) isotope. 


24. An advantage of a magnetic disk over magnetic tape for data storage is the fact that 


2: 


(a) data is too closely packed on the tape. 

(b) the disk is immune to the effects of magnetic fields. 
(c) data storage and retrieval is faster on disk. 

(d) disks store computer data in analog form. 


(e) tapes cannot be used to store digital data. 


Suppose a 6-V battery is connected across a series combination of resistors. The resistance 


values are 1.0 Q, 2.0 Q, and 3.0 Q. What is the current through the 2.0-Q resistor? 


(a) LOA 
(b) 3.0 A 
(c) 12A 
(d) 24A 
(e) 72 A 


26. A sample of material with resistance so high that it can be considered infinite for most 
practical purposes is known as 


(a) a semiconductor. 
(b 
(c 
(d 
(e 


A 


a paraconductor. 


an insulator. 


NA 


a resistor. 


Y No 


a diamagnetic substance. 


27. Primary cells 


(a) can be used over and over. 
(b) have higher voltage than other types of cells. 
(c) all supply exactly 1.500 V. 


28. 


29; 


30. 


31. 
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(d) cannot be recharged. 


(e) are made of zinc and carbon. 


A rheostat 

(a) can be used in high-voltage and/or high-power dc circuits. 
(b) is ideal for tuning a radio receiver. 

(c) is often used as a bleeder resistor. 

(d) is better than a potentiometer for low-power audio. 


(e) offers the advantage of having no inductance. 


How much dc voltage does a typical dry cell provide? 
(a) 12V 

(b) 6 
(c) 1. : V 

(d) 117 V 

(e) Any of the above 


A geomagnetic storm 

(a) causes solar wind. 

(b) causes the earths magnetic field to disappear. 
(c) can disturb the earth’s magnetic field. 

(d) can pollute the earth’s atmosphere. 

(e) stabilizes the ac utility grid. 


An advantage of an alkaline cell over a zinc-carbon cell is the fact that 


(a) the alkaline cell provides more voltage. 
(b) the alkaline cell can be recharged. 
(c) the alkaline cell can deliver useful current at lower temperatures. 


(d) the alkaline cell is far less bulky for the same amount of energy capacity. 


(e) the alkaline cell can produce ac as well as dc. 
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32. Suppose a battery delivers 12 V across a set of six 4.0-Q resistors in a series voltage dividing 
combination. This provides six different voltages, differing by equal increments of which of the 
following? 


33. 


(a) 0.25 V 

(b) 0.33 V 

(c) 1.0 V 

(d) 2.0 V 

(e) 3.0 V 

A unit of electrical charge quantity is the 
(a) volt. 

(b) ampere. 

(c) watt. 
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(d) tesla. 


(e) coulomb. 


34. A unit of conductance is the 
(a) volt per meter. 
(b) ampere per meter. 
(c) anti-ohm. 
(d) siemens. 
(e) ohm per meter. 
35. Suppose a 24-V battery is connected across a set of four resistors in parallel. Each resistor has 
a value of 32 (2. What is the total power dissipated by the set of resistors? 
(a) 0.19 W 
(b) 3.0 W 
(c) 0.19 kW 
(d) 0.33 W 
(e) 72 W 


36. The main difference between a lantern battery and a transistor battery is the fact that 
(a) a lantern battery has higher voltage than a transistor battery. 
(b) a fresh lantern battery has more energy stored in it than a fresh transistor battery. 


(c) a lantern battery cannot be used with electronic devices such as transistor radios, but a 
transistor battery can. 


(d) a lantern battery can be recharged, but a transistor battery cannot. 


(e) a lantern battery is more compact than a transistor battery. 


37. Nickel-based batteries would most likely be found 
(a) in disposable flashlights. 
(b) in large lanterns. 
(c) as car and truck batteries. 
(d) in handheld radio transceivers. 


(e) in electromagnets. 


38. A voltmeter should have 
(a) low internal resistance. 
(b) electrostatic plates. 
(c) a sensitive amplifier. 
(d) high internal resistance. 


(e) the highest possible full-scale value. 
39. The purpose of a bleeder resistor is to 
(a) provide bias for a transistor. 


(b) serve as a voltage divider. 
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(c) protect people against the danger of electric shock. 

(d) reduce the current in a power supply. 

(e) smooth out the ac ripple in a power supply. 
40. A dc electromagnet 

(a) has constant polarity. 

(b) requires an air core. 

(c) does not attract or repel a permanent magnet. 

(d) has polarity that periodically reverses. 

(e) cannot be used to permanently magnetize anything. 
41. The rate at which charge carriers flow is measured in 

(a) amperes. 

(b) coulombs. 

(c) volts. 

(d) watts. 

(e) watt-hours. 


42. Suppose a 12-V battery is connected to a set of three resistors in series. The resistance values 
are 1.0 Q, 2.0 Q, and 3.0 Q. What is the voltage across the 3.0-Q resistor? 


(a) 10V 
(b) 2.0 V 
(c) 4.0 V 
(d) 6.0 V 
(e) 12 V 


43. Suppose nine 90-Q resistors are connected in a 3 X 3 series-parallel network. What is the total 
(net) resistance of the network? 


(a) 10 Q 
(b) 30 Q 
(c) 90 Q 
(d) 270 Q 
(e) 810 Q 
44. A device commonly used for remote switching of high-current circuits is 
(a) a solenoid. 
(b) an electromagnet. 
(c) a potentiometer. 
(d) a photovoltaic cell. 
(e) a relay. 
45. Memory in a nickel-based cell or battery 
(a) occurs whenever the battery is discharged. 


(b) indicates that the cell or battery is dead. 
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(c) can usually be remedied by repeated discharging and recharging. 
(d) can cause an explosion. 


(e) causes a reversal in polarity. 


46. Suppose a 100-W bulb burns for 100 hours. It has consumed how many units of energy? 
(a) 0.10 kWh 
(b) 1.00 kWh 
(c) 10.0 kWh 
(d) 100 kWh 
(e) 1000 kWh 


47. A material with high permeability 


(a) increases magnetic field quantity. 


roy 


b) is necessary if a coil is to produce a magnetic field. 


SS 


c) always has high retentivity. 


royo 


d) concentrates magnetic lines of flux. 
(e) reduces flux density. 
48. A chemical compound 


(a) consists of two or more atoms. 


roy 


b) contains an unusual number of neutrons. 
(c) is technically the same as an ion. 
(d) has a shortage of electrons. 
(e) has an excess of electrons. 
49. Suppose a 6.00-V battery is connected to a parallel combination of two resistors whose values 
are 8.00 Q and 12.0 Q. What is the power dissipated in the 8-Q resistor? 
(a) 0.300 W 
(b) 0.750 W 
(c) 1.25 W 
(d) 1.80 W 
(e) 4.50 W 


50. The main problem with bar-graph meters is the fact that 
(a) they are not very sensitive. 
(b) they are unstable. 
(c) they cannot give very precise readings. 
(d) you need special training to read them. 


(e) they can display only peak values. 
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CHAPTER 


Alternating-Current Basics 


DIRECT CURRENT CAN BE EXPRESSED IN TERMS OF TWO VARIABLES: DIRECTION (POLARITY) AND 
intensity (amplitude). Alternating current (ac) is a little more complicated. This chapter will ac- 
quaint you with some common forms of ac. 


Definition of Alternating Current 


You have learned that dc has polarity that stays constant over time. Although the amplitude (the 
number of amperes, volts, or watts) can fluctuate from moment to moment, the charge carriers al- 
ways flow in the same direction at any point in the circuit. 

In ac, the polarity reverses at regular intervals. The instantaneous amplitude (that is, the amplitude 
at any given instant in time) of ac usually varies because of the repeated reversal of polarity. But there 
are certain cases where the amplitude remains constant, even though the polarity keeps reversing. 

The rate of change of polarity is the variable that makes ac so much different from dc. The be- 
havior of an ac wave depends largely on this rate: the frequency. 


Period and Frequency 


In a periodic ac wave, the kind that is discussed in this chapter (and throughout the rest of this 
book), the function of instantaneous amplitude versus time repeats itself over and over, so that the 
same pattern recurs indefinitely. The length of time between one repetition of the pattern, or one 
cycle, and the next is called the period of the wave. This is illustrated in Fig. 9-1 for a simple ac wave. 
The period of a wave can, in theory, be anywhere from a minuscule fraction of a second to many 
centuries. Period, when measured in seconds, is denoted by 7. 

Originally, ac frequency was specified in cycles per second (cps). High frequencies were some- 
times given in kzlocycles, megacycles, or gigacycles, representing thousands, millions, or billions 
(thousand-millions) of cycles per second. But nowadays, the unit is known as the hertz (Hz). Thus, 
1 Hz= 1 cps, 10 Hz= 10 cps, and so on. Higher frequencies are given in kilohertz (kHz), megahertz 
(MHz), or gigahertz (GHz). The relationships are as follows: 
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Positive current 


or voltage 
a 
Time 

9-1 A sine wave. The period 
is the length of time it 
takes for one cycle to be 
completed. 

—>| Period 


T 


Negative current 
or voltage 


1 kHz = 1000 Hz 
1 MHz = 1000 kHz = 1,000,000 Hz = 10° Hz 
1 GHz = 1000 MHz = 1,000,000,000 Hz = 10”? Hz 


Sometimes an even bigger unit, the terahertz (THz), is used to specify ac frequency. This is a trillion 
(1,000,000,000,000, or 10") hertz. Electrical currents generally do not attain such frequencies, al- 
though some forms of electromagnetic radiation do. 

The frequency of an ac wave, denoted ff in hertz is the reciprocal of the period in seconds. 
Mathematically, these two equations express the relationship: 


f=UT and  T=1/f 


Some ac waves have only one frequency. These waves are called pure. But often, there are com- 
ponents at multiples of the main, or fundamental, frequency. There can also be components at odd 
frequencies. Some ac waves have hundreds, thousands, or even infinitely many different component 
frequencies. 


The Sine Wave 


Sometimes, alternating current has a sine-wave, or sinusoidal, nature. This means that the direction 
of the current reverses at regular intervals, and that the current-versus-time curve is shaped like the 
trigonometric sine function. The waveform in Fig. 9-1 is a sine wave. 

Any ac wave that consists of a single frequency has a perfectly sinusoidal shape. Any perfect si- 


frequency range. (A Hartley can be designed 
using a similar set of steps.) 

By following this procedure, you can design 
an oscillator that works in the majority of 
cases. There is a procedure you can use that 
guarantees that the oscillator will work, but it 
is far more complex. 

Follow these steps: 

1. Choose the frequency of the oscillator 
output signal. 

2. Choose a suitable coil. This step presents 
the greatest practical difficulty. Some values of 
coil are often not available, so you must use 


whatever is readily available. Fortunately, you 
can use a wide range of inductance values 
and still obtain the desired resonance 
frequency by adjusting the value of the 
capacitor. 
3. If you know the value of the inductance, 
calculate the capacitor value using this 
formula: 
l 


f, = —— 
= E 


Use this value of capacitor for C 1 in the next 


steps. 

4. If you don't know the inductance value, 
choose any value of capacitance and call this 
CL This may produce a frequency 
considerably different from what you require. 
However, at this stage, the main thing is to 


get the circuit oscillating. You can adjust 
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nusoidal ac source has only one component frequency. In practice, a wave might be so close to a sine 
wave that it looks exactly like the sine function on an oscilloscope, when in reality there are traces 
of other frequencies present. Imperfections are often too small to see. But pure, single-frequency ac 
not only looks perfect, but actually is a perfect replication of the trigonometric sine function. 

The current at the wall outlets in your house is an almost perfect ac sine wave with a frequency 


of 60 Hz. 


Square Waves 


Earlier in this chapter, it was said that there can be an ac wave whose instantaneous amplitude re- 
mains constant, even though the polarity reverses. Does this seem counterintuitive? Think some 
more! Á square wave is such a wave. 

On an oscilloscope, a square wave looks like a pair of parallel, dashed lines, one with positive 
polarity and the other with negative polarity (Fig. 9-2A). The oscilloscope shows a graph of voltage 
on the vertical scale and time on the horizontal scale. The transitions between negative and positive 
for a theoretically perfect square wave would not show up on the oscilloscope, because they would 
be instantaneous. But in practice, the transitions can often be seen as vertical lines (Fig. 9-2B). 

True square waves have equal negative and positive peaks. Thus, the absolute amplitude of the 
wave is constant. Half of the time it’s +x, and the other half of the time it’s —x (where x can be ex- 
pressed in volts, amperes, or watts). 

Some squared-off waves are lopsided; the negative and positive amplitudes are not the same. 
Still others remain at positive polarity longer than they remain at negative polarity (or vice versa). 
These are examples of asymmetrical square waves, more properly called rectangular waves. 


Positive current Positive current 
or voltage or voltage 
——=> ——> 
Time Time 
Negative current Negative current 
or voltage or voltage 


A B 


9-2 AtA, a perfect square wave; the transitions are instantaneous and therefore 
do not show up on the graph. At B, the more common rendition of a square 
wave, showing the transitions as vertical lines. 
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Sawtooth Waves 


Some ac waves rise and/or fall in straight, sloping lines as seen on an oscilloscope screen. The slope 
of the line indicates how fast the magnitude is changing. Such waves are called sawtooth waves be- 
cause of their appearance. Sawtooth waves are generated by certain electronic test devices. They can 
also be generated by electronic sound synthesizers. 


Fast Rise, Slow Decay 


Figure 9-3 shows a sawtooth wave in which the positive-going slope (called the rise) is extremely 
steep, as with a square wave, but the negative-going slope (called the decay) is not so steep. The pe- 
riod of the wave is the time between points at identical positions on two successive pulses. 


Slow Rise, Fast Decay 


Another form of sawtooth wave is just the opposite, with a defined, finite rise and an instantaneous 
decay. This type of wave is often called a ramp because it looks like an incline going upward (Fig. 
9-4). This waveshape is useful for scanning in television sets and oscilloscopes. It tells the electron 
beam to move, or trace, at constant speed from left to right across the screen during the rise. Then 
it retraces, or brings the electron beam back, instantaneously during the decay so the beam can trace 
across the screen again. 


Variable Rise and Decay 


Sawtooth waves can have rise and decay slopes in an infinite number of different combinations. One 
common example is shown in Fig. 9-5. In this case, the rise and the decay are both finite and equal. 
This is known as a triangular wave. 


Positive current 
or voltage 


Time 


9-3 A sawtooth wave with 
a fast rise and a slow 
decay. 


Negative current 
or voltage 
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Positive current 
or voltage 


| 


Time 


9-4 A sawtooth wave with 
a slow rise and a fast 
decay. 


Negative current 
or voltage 


Positive current 
or voltage 


| 


Time 


9-5 A triangular wave with 
rise and decay rates that 
are the same. 


Negative current 
or voltage 


Complex and Irregular Wavetorms 


As long as a wave has a definite period, and as long as the polarity keeps switching back and forth 
between positive and negative, it is ac, no matter how complicated the actual shape of the waveform. 
Figure 9-6 shows an example of a complex ac wave. There is a definable period, and therefore a de- 
finable frequency. The period is the time between two points on succeeding wave repetitions. 
With some waves, it can be difficult or almost impossible to ascertain the period. This is be- 
cause the wave has two or more components that are of nearly the same amplitude. When this hap- 
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Positive current 
or voltage 


Time 
9-6 An irregular waveform. 


—> Period 


T 


Negative current 
or voltage 


pens, the frequency spectrum of the wave is multifaceted. That means the wave energy is split up 
more or less equally among multiple frequencies. 


Frequency Spectrum 


An oscilloscope shows a graph of amplitude as a function of time. Because time is on the horizon- 
tal axis and represents the independent variable or domain of the function, the oscilloscope is said to 
be a time-domain instrument. But suppose you want to see the amplitude of a complex signal as a 
function of frequency, rather than as a function of time? This can be done with a spectrum analyzer. 
It is a frequency-domain instrument. Its horizontal axis shows frequency as the independent variable, 
ranging from some adjustable minimum frequency (at the extreme left) to some adjustable maxi- 
mum frequency (at the extreme right). 

An ac sine wave, as displayed on a spectrum analyzer, appears as a single pip, or vertical line (Fig. 
9-7A). This means that all of the energy in the wave is concentrated at one frequency. But many, if 
not most, ac waves contain harmonic energy along with energy at the fundamental frequency. A har- 
monic frequency is a whole-number multiple of the fundamental frequency. For example, if 60 Hz 
is the fundamental frequency, then harmonics can exist at 120 Hz, 180 Hz, 240 Hz, and so on. The 
120-Hz wave is the second harmonic; the 180-Hz wave is the third harmonic; the 240-Hz wave is the 
fourth harmonic; and so on. 
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In general, if a wave has a frequency equal to 7 times the fundamental (where 7 is some whole 
number), then that wave is called the nth harmonic. In Fig. 9-7B, a wave is shown along with sev- 
eral harmonics, as it would look on the display screen of a spectrum analyzer. 

Square waves and sawtooth waves contain harmonic energy in addition to energy at the funda- 
mental frequency. Other waves can get more complicated. The exact shape of a wave depends on the 
amount of energy in the harmonics, and the way in which this energy is distributed among them. 

Irregular waves can have any imaginable frequency distribution. Figure 9-8 shows an example. 
This is a spectral (frequency-domain) display of an amplitude-modulated (AM) voice radio signal. 
Much of the energy is concentrated at the center of the pattern, at the frequency shown by the ver- 
tical line. That is the carrier frequency. There is also plenty of energy near, but not exactly at, the car- 
rier frequency. That’s the part of the signal that contains the voice. 


Pure sine wave 


Relative amplitude 


0 100 200 300 


9-7 AtA, a spectral diagram 
Frequency, Hz 


of a pure, 60-Hz sine 
wave. At B, a spectral 
diagram of a 60-Hz 
wave with three 


Fundamental 
harmonics. 


Harmonics 


00 
Relative amplitude 


0 100 200 300 
Frequency, Hz 
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9-8 A spectral diagram of a 


modulated radio signal. 


Relative amplitude 


Relative frequency 


Fractions of a Cycle 


Engineers break the ac cycle down into small parts for analysis and reference. One complete cycle 
can be compared to a single revolution around a circle. 


Degrees 


One method of specifying the phase of an ac cycle is to divide it into 360 equal parts, called degrees 
or degrees of phase, symbolized by a superscript, lowercase letter o (°). The value 0° is assigned to the 
point in the cycle where the magnitude is zero and positive-going. The same point on the next cycle 
is given the value 360°. The point one-fourth of the way through the cycle is 90°; the point halfway 
through the cycle is 180°; the point three-fourths of the way through the cycle is 270°. This is illus- 
trated in Fig. 9-9. Degrees of phase are used mainly by engineers and technicians. 


Start of End of 
cycle “cycle “cycle cycle cycle 
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9-9 A cycle is divided into 
360 equal parts, called 
degrees. 


Relative amplitude 
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Radians 


The other method of specifying phase is to divide the cycle into 27 equal parts, where m (pi) is a geo- 
metric constant equal to the number of diameters of any circle that can be laid end to end around 
the circumference of that circle. This constant is approximately equal to 3.14159. A radian (rad) of 
phase is thus equal to about 57.3°. Sometimes, the frequency of an ac wave is measured in radians 
per second (rad/s) rather than in hertz. Because there are about 6.28 radians in a complete cycle of 
360°, the angular frequency of a wave, in radians per second, is equal to about 6.28 times the fre- 
quency in hertz. Radians of phase are used mainly by physicists. 


Phase Difference 


Even if two ac waves have exactly the same frequency, they can have different effects because they 
are out of sync with each other. This is especially true when ac waves are added together to produce 
a third, or composite, wave. 

If two pure ac sine waves have identical frequencies and identical amplitudes but differ in phase 
by 180° (a half cycle), they cancel each other out, and the composite wave is zero; it ceases to exist! 
If the two waves are exactly in phase, the composite wave has the same frequency, but twice the am- 
plitude, of either signal alone. 

If two pure ac sine waves have the same frequency but different amplitudes, and if they differ 
in phase by 180°, the composite signal has the same frequency as the originals, and an amplitude 
equal to the difference between the two. If two such waves are exactly in phase, the composite has 
the same frequency as the originals, and an amplitude equal to the sum of the two. 

If two pure ac sine waves have the same frequency but differ in phase by some odd amount such 
as 75° or 110°, the resulting signal has the same frequency, but does not have the same waveshape 
as either of the original signals. The variety of such cases is infinite. 

Household electricity from 117-V wall outlets consists of a 60-Hz sine wave with only one 
phase component. But the energy is transmitted over long distances in three phases, each differing 
by 120° or one-third of a cycle. This is what is meant by three-phase ac. Each of the three ac waves 
carries one-third of the total power in a utility transmission line. 


Expressions of Amplitude 


Amplitude is also called magnitude, level, strength, or intensity. Depending on the quantity being 
measured, the amplitude of an ac wave can be specified in amperes (for current), volts (for voltage), 
or watts (for power). In addition to this, there are several different ways in which amplitude can be 
expressed. 


Instantaneous Amplitude 


The instantaneous amplitude of an ac wave is the amplitude at some precise moment, or instant, in 
time. This constantly changes. The manner in which it varies depends on the waveform. Instanta- 
neous amplitudes are represented by individual points on the wave curves. 


Peak Amplitude 


The peak (pk) amplitude of an ac wave is the maximum extent, either positive or negative, that the 
instantaneous amplitude attains. In many situations, the positive and negative peak amplitudes of 
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+ 


9-10 A wave with unequal 
positive and negative 
peak amplitudes. 


Relative amplitude 


an ac wave are the same. But sometimes they differ. Figure 9-9 is an example of a wave in which the 
positive peak amplitude is the same as the negative peak amplitude. Figure 9-10 is an illustration of 
a wave that has different positive and negative peak amplitudes. 


Peak-to-Peak Amplitude 


The peak-to-peak (pk-pk) amplitude of a wave is the net difference between the positive peak am- 
plitude and the negative peak amplitude (Fig. 9-11). The peak-to-peak amplitude is equal to the 
positive peak amplitude plus the negative peak amplitude. When the positive and negative 
peak amplitudes of an ac wave are equal, the peak-to-peak amplitude is exactly twice the peak 
amplitude. 


9-11 Peak-to-peak (pk-pk) 
Pk-pk amplitude of a 


sine wave. 


Relative amplitude 
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Root-Mean-Square Amplitude 


Often, it is necessary to express the effective amplitude of an ac wave. This is the voltage, current, or 
power that a dc source would have to produce in order to have the same general effect as a given ac 
wave. When you say a wall outlet provides 117 V, you mean 117 effective volts. This is not the same 
as the peak or peak-to-peak voltage. 

The most common expression for effective ac intensity is called the root-mean-square (rms) am- 
plitude. The terminology reflects the fact that the ac wave is mathematically operated on by taking 
the square root of the mean (average) of the square of all its instantaneous amplitudes. 

In the case of a perfect ac sine wave, the rms value is equal to 0.707 times the peak value, or 
0.354 times the peak-to-peak value. Conversely, the peak value is 1.414 times the rms value, and the 
peak-to-peak value is 2.828 times the rms value. The rms amplitude is often specified when talking 
about utility ac, radio-frequency (RF) ac, and audio-frequency (AF) ac. 

For a perfect square wave, the rms value is the same as the peak value, and half the peak-to-peak 
value. For sawtooth and irregular waves, the relationship between the rms value and the peak value 
depends on the exact shape of the wave. But the rms value is never greater than the peak value for 
any type of ac wave. 


Superimposed DC 


Sometimes a wave has components of both ac and dc. The simplest example of an ac/dc combina- 
tion is illustrated by the connection of a dc voltage source, such as a battery, in series with an ac volt- 
age source, like the utility mains. An example is shown in the schematic diagram of Fig. 9-12. 
Imagine connecting a 12-V automotive battery in series with the wall outlet. (Do not try this exper- 
iment in real life!) When this is done, the ac wave is displaced either positively or negatively by 
12 V, depending on the polarity of the battery. This results in a sine wave at the output, but one 
peak is 24 V (twice the battery voltage) more than the other. 

Any ac wave can have dc components along with it. If the dc component exceeds the peak 
value of the ac wave, then fluctuating, or pulsating, dc will result. This would happen, for exam- 
ple, if a 200-V dc source were connected in series with the output of a common utility ac outlet, 
which has peak voltages of approximately £165 V. Pulsating dc would appear, with an average 
value of 200 V but with instantaneous values much higher and lower. The waveshape in this case 
is shown in Fig. 9-13. 


117 Vac 12 Vdc 


Mi 


Output 


9-12 Connection of a dc 
source in series with 
an ac source. 
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100 source. 


Time 


The Generator 


Alternating current can be generated by a rotating coil of wire inside a powerful magnet, as shown 
in Fig. 9-14. An ac voltage appears between the ends of the wire coil. The ac voltage that a genera- 
tor can produce depends on the strength of the magnet, the number of turns in the wire coil, and 
the speed at which the magnet or coil rotates. The ac frequency depends only on the speed of rota- 


Motor shaft 
rai : 
a Rotating coil 
Insulator Magnet 
9-14 A functional diagram 
pos pos of an ac generator. 
Bearing and 
Magnet slip rings 


Output (ac) 


values later. 

5. Choose a capacitor C2 that is between 3 
and 10 times the value of C1. Figure 9.36 
shows the two Capacitors and the coll 
connected in a parallel circuit, with the two 
capacitors acting as a voltage divider. 

Figure 9.36 


C 

— I 
At this point, stop and make some 
assumptions. Suppose you need a frequency 


of 10 kHz and have a coil with a 16 mH 
inductance. 
Questions 
A. What approximate value of C 1 do you 


B. What value of C 2 do you need? 


Answers 
A. C 1 = 0.016 UF 
B. C2 = 0.048 pF to 0.16 UF 

28 Now, continue with the design 
procedure by following the next steps. 
6. Design an amplifier with a common emitter 
gain of about 20. Choose a Collector DC 


voltage that is about half the supply voltage. 
The main point to keep in mind here is that 
the collector resistor R C should be about 
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tion. Normally, for utility ac, this speed is 3600 revolutions per minute (rpm), or 60 complete rev- 
olutions per second (rps), so the ac output frequency is 60 Hz. 

When a load, such as a light bulb or heater, is connected to an ac generator, it becomes more 
difficult, mechanically, to turn the generator shaft, compared to when there is nothing connected to 
the output. As the amount of electrical power demanded from a generator increases, so does the me- 
chanical power required to drive it. This is why it is impossible to connect a generator to a station- 
ary bicycle and pedal an entire city into electrification. There's no way to get something for nothing. 
The electrical power that comes out of a generator can never be more than the mechanical power 
driving it. In fact, there is always some energy lost, mainly as heat in the generator. Your legs might 
generate enough power to run a small radio or television set, but nowhere near enough to provide 
electricity for a household. 

The efficiency of a generator is the ratio of the electrical power output to the mechanical driv- 
ing power, both measured in the same units (such as watts or kilowatts), multiplied by 100 to get a 
percentage. No generator is 100 percent efficient, but a good one can come fairly close. 

At power plants, generators are driven by massive turbines. The turbines are turned by various 
natural sources of energy such as moving water, steam heated by combustion of fossil fuels, or steam 
taken directly from deep inside the earth. These energy sources can provide tremendous mechanical 
power, and this is why power plants can produce megawatts of electrical power. 


Why Alternating and Not Direct? 


Do you wonder why ac is used at all? Isn't it a lot more complicated than dc? Well, ac may be more 
complicated in theory, but in practice it is a lot simpler to use when it is necessary to provide elec- 
tricity to a large number of people. 

Alternating current lends itself well to being transformed to lower or higher voltages, according 
to the needs of electrical apparatus. It is not so easy to change dc voltages. Electrochemical cells pro- 
duce dc directly, but they are impractical for the needs of large populations. Serving millions of con- 
sumers requires the immense power of falling or flowing water, the ocean tides, wind, fossil fuels, 
controlled nuclear reactions, or geothermal heat. All of these energy sources can be used to drive tur- 
bines that turn ac generators. 

Technology is advancing in the realm of solar-electric energy; someday a significant part of our 
electricity might come from photovoltaic power plants. These would generate dc. High voltages 
could be attained by connecting giant arrays of solar panels in series. But there would be a problem 
transforming this voltage down to manageable levels for consumer use. 

Thomas Edison is said to have favored dc over ac for electrical power transmission in the early 
days, as the electric utilities were first being devised and constructed. His colleagues argued that ac 
would work better. But perhaps Edison knew something that his contemporaries did not. There is 
one advantage to dc in utility applications, and it involves the transmission of energy over great 
distances using wires. Direct currents, at extremely high voltages, are transported more efficiently 
than alternating currents. The wire has less effective resistance with dc than with ac, and there is 
less energy lost in the magnetic fields around the wires. Direct-current high-tension transmission 
lines are being considered for future use. Right now, the main problem is expense. Sophisticated 
power-conversion equipment is needed. If the cost can be brought within reason, Edison will be 
vindicated. 
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Quiz 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 
back of the book. 
1. Which of the following can vary with ac, but never with dc? 
(a) Power 
(b) Voltage 
(c) Frequency 
(d) Amplitude 
2. The length of time between a point in one cycle and the same point in the next cycle of an ac 
wave is the 
(a) frequency. 
(b) 
(c) 
(d) polarity. 


magnitude. 


period. 


3. On a spectrum analyzer, an ac signal having only one frequency component looks like 
(a) a single pip. 
(b) a sine wave. 
(c) a square wave. 


(d) a sawtooth wave. 


4. The period of an ac wave, in seconds, is 
(a) the same as the frequency in hertz. 
(b) 
(c) 
(d) equal to the peak amplitude in volts divided by the frequency in hertz. 


not related to the frequency in any way. 


equal to 1 divided by the frequency in hertz. 


5. The sixth harmonic of an ac wave whose period is 1.000 millisecond (1.000 ms) has a 
frequency of 


(a) 0.006 Hz. 
(b) 167.0 Hz. 
(c) 7.000 kHz. 
(d) 6.000 kHz. 


6. A degree of phase represents 
(a) 6.28 cycles. 
(b) 57.3 cycles. 
(c) Yeo of a cycle. 
(d) 1360 of a cycle. 
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7. Suppose that two ac waves have the same frequency but differ in phase by exactly /20 of a 
cycle. What is the phase difference between these two waves? 


(a) 18° 


8. Suppose an ac signal has a frequency of 1770 Hz. What is its angular frequency? 
(a) 1770 rad/s 
(b) 11,120 rad/s 

(c) 282 rad/s 


(d) Impossible to determine from the data given 


9. A triangular wave exhibits 
(a) an instantaneous rise and a defined decay. 
(b) a defined rise and an instantaneous decay. 
(c) a defined rise and a defined decay, and the two are equal. 


(d) an instantaneous rise and an instantaneous decay. 


10. Three-phase ac 
(a) has sawtooth waves that add together in phase. 
(b) 
(c) 


(d) is of interest only to physicists. 


consists of three sine waves in different phases. 


is a sine wave with exactly three harmonics. 


11. If two perfect sine waves have the same frequency and the same amplitude, but are in 
opposite phase, the composite wave 


(a) has twice the amplitude of either input wave alone. 
(b) 
(c) 


(d) has zero amplitude (that is, it does not exist), because the two input waves cancel each 
other out. 


has half the amplitude of either input wave alone. 


is complex, but has the same frequency as the originals. 
p q y g 


12. If two perfect sine waves have the same frequency and the same phase, the composite wave 


(a) is a sine wave with an amplitude equal to the difference between the amplitudes of the 
two input waves. 


(b) is a sine wave with an amplitude equal to the sum of the amplitudes of the two original 
waves. 


(c) is not a sine wave, but has the same frequency as the two input waves. 


(d) has zero amplitude (that is, it does not exist), because the two input waves cancel each 
other out. 
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13. In a 117-V rms utility circuit, the positive peak voltage is approximately 
(a) +82.7 V. 
(b) +165 V. 

(c) +234 V. 

(d) +331 V. 


14. Ina 117-V rms utility circuit, the peak-to-peak voltage is approximately 
(a) 82.7 V. 
(b) 165 V. 
(c) 234 V. 
(d) 331 V. 


15. In a perfect sine wave, the peak-to-peak amplitude is equal to 
(a) half the peak amplitude. 
(b) the peak amplitude. 

(c) 1.414 times the peak amplitude. 


(d) twice the peak amplitude. 
16. Ifa 45-V dc battery is connected in series with the 117-V rms utility mains as shown in 
Fig. 9-15, the peak voltages will be approximately 

(a) +210 V and -120 V. 

(b) +162 V and -72 V. 

(c) +396 V and —286 V. 

(d) +117 V and -117V. 


117 Vac 45 Vdc 


=f 
qu 
9-15 Illustration for Quiz 
Question 16. 


Output 


17. In the situation described in question 16 and illustrated in Fig. 9-15, the peak-to-peak voltage 
will be approximately 


(a) 117 V. 
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18. Which one of the following does not affect the power output available from a particular ac 
generator? 


(a) The strength of the magnet 
(b) 
(c) 


(d) The speed of rotation of the coil or magnet 


The number of turns in the coil 


The type of natural energy source used 


19. Ifa 175-V de source were connected in series with the utility mains from a standard wall 
outlet, the result would be 


(a) smooth dc at a constant voltage. 
(b) pure ac with equal peak voltages. 
(c) ac with one peak voltage greater than the other. 


(d) fluctuating dc. 


20. An advantage of ac over dc in utility applications is the fact that 
(a) ac is easier to transform from one voltage to another. 
(b) ac is transmitted with lower loss in wires. 


(c) ac can be easily obtained from dc generators. 


(d 


NA 


ac can be generated with less-dangerous by-products. 
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CHAPTER 


Inductance 


IN THIS CHAPTER, YOU'LL LEARN ABOUT ELECTRICAL COMPONENTS THAT OPPOSE THE FLOW OF AC BY 
temporarily storing energy as magnetic fields. These devices are called inductors, and their action is 
known as inductance. Inductors often, but not always, consist of wire coils. Sometimes a length of 
wire, or a pair of wires, is used as an inductor. 


The Property of Inductance 


Suppose you have a wire 1 million miles long (about 1.6 million kilometers). Imagine that you 
make this wire into a huge loop, and connect its ends to the terminals of a battery (Fig. 10-1). An 
electrical current will flow through the loop of wire, but this is only part of the picture. 

If the wire was short, the current would begin to flow immediately, and it would attain a 
level limited by the resistance in the wire and in the battery. But because the wire is extremely 
long, it takes a while for the electrons from the negative terminal to work their way around the 
loop to the positive terminal. It will take a little time for the current to build up to its maximum 
level. 


----------- > Movement of electrons in wire 


10-1 A huge, imaginary 


. loop of wire can be 
Loop circumference 


= 1,000,000 miles 


used to illustrate the 
principle of 


inductance. 


160 
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10-2 Relative magnetic flux 
in and around a huge 
loop of wire connected 


Relative flux 


to a current source, as 
a function of time. 


Passage of time 


—> 
Current is Leading electrons 
first applied reach positive 
to wire loop battery terminal 


The magnetic field produced by the loop will be small during the first few moments when cur- 
rent flows in only part of the loop. The magnetic field will build up as the electrons get around the 
loop. Once a steady current is flowing around the entire loop, the magnetic field will have reached 
its maximum quantity and will level off (see Fig. 10-2). A certain amount of energy is stored in this 
magnetic field. The amount of stored energy depends on the inductance of the loop, which is a func- 
tion of its overall size. Inductance, as a property or as a mathematical variable, is symbolized by an 
italicized, uppercase letter L. The loop constitutes an inductor, the symbol for which is an uppercase, 
nonitalicized letter L. 


Practical Inductors 


It is impractical to make wire loops 1 million miles in circumference. But lengths of wire can be 
coiled up. When this is done, the magnetic flux is increased for a given length of wire compared 
with the flux produced by a single-turn loop. 

The magnetic flux density inside a coil is multiplied when a ferromagnetic core is placed within 
it. The increase in flux density has the effect of increasing the inductance, too, so L is many times 
greater with a ferromagnetic core than with an air core or a nonmagnetic core such as plastic or 
wood. The current that an inductor can handle depends on the diameter (gauge) of the wire. But 
the value of Z is a function of the number of turns in the coil, the diameter of the coil itself; and the 
overall shape of the coil. 

In general, the inductance of a coil is directly proportional to the number of turns of wire. In- 
ductance is directly proportional to the diameter of the coil. The length of a coil, given a certain 
number of turns and a certain diameter, has an effect as well. If a coil having a certain number of 
turns and a certain diameter is “stretched out,” its inductance decreases. Conversely, if it is 
“squashed up,” its inductance increases. 
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The Unit of Inductance 


When a battery is first connected across an inductor, the current builds up at a rate that depends on 
the inductance. The greater the inductance, the slower the rate of current buildup for a given bat- 
tery voltage. The unit of inductance is an expression of the ratio between the rate of current buildup 
and the voltage across an inductor. An inductance of 1 henry (1 H) represents a potential difference 
of 1 volt (1 V) across an inductor within which the current is changing at the rate of 1 ampere per 
second (1 A/s). 

The henry is a huge unit of inductance. You wont often see an inductor this large, although 
some power-supply filter chokes have inductances up to several henrys. Usually, inductances are ex- 
pressed in millihenrys (mH), microhenrys (UH), or nanohenrys (nH). You should know your prefix 


. . . ) 
3 . 
multipliers by now, but in case you've forgotten 


1 mH = 0.001 H=10°H 
1 uH = 0.001 mH = 10% H 
1 nH = 0.001 uH = 10” H 


Small coils with few turns of wire produce small inductances, in which the current changes 
quickly and the induced voltages are small. Large coils with ferromagnetic cores, and having many 
turns of wire, have high inductances in which the current changes slowly and the induced voltages 
are large. The current from a battery, building up or dying down through a high-£ coil, can give rise 
to a deadly potential difference between the end terminals of the coil —many times the voltage of 
the battery itself. This is how spark coils work in internal combustion engines. Be careful around 
them! 


Inductors in Series 


When the magnetic fields around inductors do not interact, inductances in series add like resist- 
ances in series. The total value is the sum of the individual values. It’s important to be sure that you 
are using the same size units for all the inductors when you add their values. After that, you can con- 
vert the result to any inductance unit you want. 


Problem 10-1 


Suppose three 40.0-UH inductors are connected in series, and there is no interaction, or mutual in- 
ductance, among them (Fig. 10-3). What is the total inductance? 


Li L> L3 


10-3 Inductances in series 
simply add up, as long 
as the inductors do 
not interact. 
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Add up the values. Call the inductances of the individual components £;, L2, and L3, and the 
total inductance L. Then Z = L, + L, + L; = 40.0 + 40.0 + 40.0 = 120 uH. 


Problem 10-2 


Imagine three inductors, with no mutual inductance, with values of 20.0 mH, 55.0 WH, and 400 
nH. What is the total inductance, in millihenrys, of these components if they are connected in se- 
ries as shown in Fig. 10-3? 

First, convert all the inductances to the same units. Microhenrys are a good choice because that 
unit makes the calculation process the least messy. Call Z; = 20.0 mH = 20,000 uH, L, = 55.0 uH, 
and L, = 400 nH = 0.400 uH. The total inductance is therefore L = 20,000 + 55.0 + 0.400 = 
20,055.4 WH. This is 20.1 mH after converting and rounding off. 


Inductors in Parallel 


If there is no mutual inductance among two or more parallel-connected inductors, their values add 
up like the values of resistors in parallel. Suppose you have inductances £;, Ly, L3,..., L, all con- 
nected in parallel. Then you can find the reciprocal of the total inductance, 1/Z, using the follow- 
ing formula: 


l/L=1/L, + 1/L+1/£3+...+1/L£, 


The total inductance, £, is found by taking the reciprocal of the number you get for 1/Z. Again, as 
with inductances in series, it’s important to remember that all the units have to agree during the cal- 
culation process. Once you have completed the calculation, you can convert the result to any induc- 
tance unit. 


Problem 10-3 


Suppose there are three inductors, each with a value of 40 WH, connected in parallel with no mu- 
tual inductance, as shown in Fig. 10-4. What is the net inductance of the combination? 

Let's call the inductances L, = 40 WH, L, = 40 WH, and L; = 40 WH. Use the preceding formula 
to obtain 1/L = 1/40 + 1/40 + 1/40 = 3/40 = 0.075. Then Z = 1/0.075 = 13.333 WH. This should be 
rounded off to 13 uH, because the original inductances are specified to only two significant digits. 


Problem 10-4 


Imagine four inductors in parallel, with no mutual inductance and values of L; = 75.0 mH, L, = 


40.0 mH, L; = 333 WH, and L, = 7.00 H. What is the net inductance of this combination? 


10-4 Inductances in parallel. 
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You can use henrys, millihenrys, or microhenrys as the standard units in this problem. Suppose 
you decide to use henrys. Then L = 0.0750 H, L, = 0.0400 H, L; = 0.000333 H, and L; = 7.00 
H. Use the preceding formula to obtain 1/Z = 13.33 + 25.0 + 3003 + 0.143 = 3041.473. The re- 
ciprocal of this is the inductance L = 0.00032879 H = 328.79 WH. This should be rounded off to 
329 WH. This is only a little less than the value of the 333 WH inductor alone. 

If there are several inductors in parallel, and one of them has a value that is much smaller than 
the values of all the others, then the total inductance is a little smaller than the value of the smallest 
inductor. 


Interaction among Inductors 


In real-world circuits, there is almost always some mutual inductance between or among solenoidal 
coils. The magnetic fields extend significantly outside such coils, and mutual effects are difficult to 
avoid or eliminate. The same is true between and among lengths of wire, especially at high ac fre- 
quencies. Sometimes, mutual inductance has no detrimental effect, but in some situations it is not 
wanted. Mutual inductance can be minimized by using shielded wires and toroidal inductors. The 
most common shielded wire is coaxial cable. Toroidal inductors are discussed later in this chapter. 


Coefficient of Coupling 


The coefficient of coupling, symbolized k, is an expression of the extent to which two inductors inter- 
act. It is specified as a number ranging from 0 (no interaction) to 1 (the maximum possible interac- 
tion). Two coils separated by a sheet of solid iron, or by a great distance, have a coefficient of 
coupling of zero (k = 0); two coils wound on the same form, one right over the other, have the max- 
imum possible coefficient of coupling (k = 1). Sometimes, the coefficient of coupling is multiplied 
by 100 and expressed as a percentage from 0 to 100 percent. 


Mutual Inductance 


The mutual inductance between two inductors is symbolized M, and is expressed in the same units 
as inductance: henrys, millihenrys, microhenrys, or nanohenrys. The value of M is a function of the 
values of the inductors, and also of the coefficient of coupling. 

In the case of two inductors having values of L, and L, (both expressed in the same size units), 
and with a coefficient of coupling equal to &, the mutual inductance M is found by multiplying the 
inductance values, taking the square root of the result, and then multiplying by k. Mathematically: 


M= k(LL 


where the /2 power represents the square root. The value of M thus obtained will be in the same size 
unit as the values of the inductance you input to the equation. 


Effects of Mutual Inductance 


Mutual inductance can either increase or decrease the net inductance of a pair of series-connected 
coils, compared with the condition of zero mutual inductance. The magnetic fields around the coils 
either reinforce each other or oppose each other, depending on the phase relationship of the ac ap- 
plied to them. If the two ac waves (and thus the magnetic fields they produce) are in phase, the in- 
ductance is increased compared with the condition of zero mutual inductance. If the two waves are 


one-tenth the value of the impedance of the 


LC circuit at the resonance frequency. This is 
often a difficult choice to make, especially if 
you don't know the coil value. Usually, you 
have to make an assumption, so RC is an 


arbitrary choice. 
7. Draw the circuit. 
8. Calculate the value of CC. Do this by 


making X C 160 ohms at the desired 
frequency. This is another “rule of thumb” 
that happens to work, and you can justify it 
mathematically. Use the following formula: 

,. I 

| 

271, Xe 

Question 


Substitute the values given so far into the 
formula to calculate CC. | 
Answer 


l 
a _=9 
27 X10kHzX1600) 


CC 

29 Now, complete one last step. 
9. Calculate the value of CB. Again, choose 
a value so that XC is 160 ohms at the 
desired frequency. 
Question 
What is the value of CB? 
Answer 


Lyk 


C.=0108 

30 Continue the design procedure steps. 
10. After you build an oscillator, apply power 
to the circuit and look at the output signal on 
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in opposing phase, the net inductance is decreased relative to the condition of zero mutual induc- 
tance. 

When two inductors are connected in series and there is reinforcing mutual inductance between 
them, the total inductance L is given by the following formula: 


L=L,+L,+2M 


where L and L, are the inductances, and M is the mutual inductance. All inductances must be ex- 
pressed in the same size units. 

When two inductors are connected in series and the mutual inductance is opposing, the total in- 
ductance L is given by this formula: 


L=L,+1,-2M 


where, again, L and L, are the values of the individual inductors. 

It is possible for mutual inductance to increase the total series inductance of a pair of coils by as 
much as a factor of 2, if the coupling is total and if the flux reinforces. Conversely, it is possible for 
the inductances of two coils to completely cancel each other. If two equal-valued inductors are con- 
nected in series so their fluxes oppose (or buck each other) and k = 1, the result is theoretically zero 
inductance. 


Problem 10-5 


Suppose two coils, having inductances of 30 UH and 50 uH, are connected in series so that their 
fields reinforce, as shown in Fig. 10-5. Suppose that the coefficient of coupling is 0.500. What is the 
total inductance of the combination? 


Lı Lo 


10-5 Illustration for 30 pH 50 uH 
Problem 10-5. 


First, calculate M from &. According to the formula for this, given previously, M = 0.500(50 x 
30)? = 19.4 WH. Then figure the total inductance. It is equal to Z = L, + L, + 2M = 30 + 50 + 38.8 
= 118.8 WH, rounded to 120 uH because only two significant digits are justified. 


Problem 10-6 


Imagine two coils with inductances of L, = 835 uH and L, = 2.44 mH. Suppose they are connected 
in series so that their coefficient of coupling is 0.922, acting so that the coils oppose each other, as 
shown in Fig. 10-6. What is the net inductance of the pair? 
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10-6 Illustration for 
Problem 10-6. 


First, calculate M from &. The coil inductances are specified in different units. Let's use micro- 
henrys for our calculations, so L, = 2440 WH. Then M = 0.922(835 x 2440)'? = 1316 uH. Then 
figure the total inductance. It is L = L, + L, — 2M = 835 + 2440 — 2632 = 643 uH. 


Air-Core Coils 


The simplest inductors (besides plain, straight lengths of wire) are coils. A coil can be wound on a 
hollow cylinder of plastic or other nonferromagnetic material, forming an air-core coil. In practice, 
the maximum attainable inductance for such coils is about 1 mH. 

Air-core coils are used mostly in radio-frequency transmitters, receivers, and antenna networks. 
In general, the higher the frequency of ac, the less inductance is needed to produce significant ef- 
fects. Air-core coils can be made to have almost unlimited current-carrying capacity, simply by using 
heavy-gauge wire and making the radius of the coil large. Air does not dissipate much energy in the 
form of heat. It’s efficient, even though it has low permeability. 


Ferromagnetic Cores 


Ferromagnetic substances can be crushed into dust and then bound into various shapes, providing 
core materials that greatly increase the inductance of a coil having a given number of turns. Depend- 
ing on the mixture used, the increase in flux density can range from a factor of a few times, up 
through many thousands of times. A small coil can thus be made to have a large inductance. There 
are two main types of ferromagnetic material in common use as coil cores. These substances are 
known as powdered iron and ferrite. 


Advantages and Limitations 


Powdered-iron cores are common at high and very high radio frequencies. Ferrite is a special form 
of powdered iron that has exceptionally high permeability, causing a great concentration of mag- 
netic flux lines within the coil. Ferrite is used at audio frequencies, as well as at low, medium, and 
high radio frequencies. Coils using these materials can be made much smaller, physically, than can 
air-core coils having the same inductance. 

The main trouble with ferromagnetic cores is that, if the coil carries more than a certain 
amount of current, the core will saturate. This means that the ferromagnetic material is holding as 
much flux as it possibly can. When a core becomes saturated, any further increase in coil current will 
not produce a corresponding increase in the magnetic flux in the core. The result is that the induc- 
tance changes, decreasing with coil currents that are more than the critical value. In extreme cases, 
ferromagnetic cores can also waste considerable power as heat. This makes a coil /ossy. 
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Permeability Tuning 


Solenoidal coils can be made to have variable inductance by sliding ferromagnetic cores in and out 
of them. The frequency of a radio circuit can be adjusted in this way, as you'll learn later in this 
book. 

Because moving the core in and out of a coil changes the effective permeability within the coil, 
this method of tuning is called permeability tuning. The in/out motion can be precisely controlled 
by attaching the core to a screw shaft, and anchoring a nut at one end of the coil (Fig. 10-7). As the 
screw shaft is rotated clockwise, the core enters the coil, and the inductance increases. As the screw 
shaft is rotated counterclockwise, the core moves out of the coil, and the inductance decreases. 


Toroids 


Inductor coils do not have to be wound on cylindrical forms, or on cylindrical ferromagnetic cores. 
There's another coil geometry, called the toroid. It gets its name from the shape of the ferromagnetic 
core. The coil is wound over a core having this shape (Fig. 10-8), which resembles a donut or bagel. 


Ferromagnetic core Coil 


Screw shaft 


EPIA 


10-7 Permeability tuning 
can be accomplished | 
by moving a ferro- ——> Y | 
magnetic core in and 
out of a solenoidal 
coil. , 

Coil form 


Variable inductance 


Insulated or enameled 
wire coll 


10-8 A toroidal coil is 
wound on a donut- 
shaped ferromagnetic 
core. 


Ferromagnetic 
core 
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There are several advantages to toroidal coils over solenoidal, or cylindrical, ones. First, fewer 
turns of wire are needed to get a certain inductance with a toroid compared to a solenoid. Second, 
a toroid can be physically smaller for a given inductance and current-carrying capacity. Third, prac- 
tically all the flux is contained within the core material. T'his reduces unwanted mutual inductances 
with components near the toroid. 

Toroidal coils have limitations, too. It is more difficult to permeability-tune a toroidal coil than 
it is to tune a solenoidal one. Toroidal coils are harder to wind than solenoidal ones. Sometimes, 
mutual inductance between or among physically separate coils is actually desired; with a toroid, the 
coils have to be wound on the same form for this to be possible. 


Pot Cores 


There is another way to confine the magnetic flux in a coil so that unwanted mutual inductance 
does not occur: wrap ferromagnetic core material around a coil (Fig. 10-9). A wraparound core of 
this sort is known as a pot core. 

A typical pot core comes in two halves, inside one of which the coil is wound. Then the parts 
are assembled and held together by a bolt and nut. The entire assembly looks like a miniature oil 
tank. The wires come out of the core through small holes or slots. 

Pot cores have the same advantages as toroids. The core tends to prevent the magnetic flux from 
extending outside the physical assembly. Inductance is greatly increased compared to solenoidal 
windings having a comparable number of turns. In fact, pot cores are even better than toroids if the 
main objective is to get a large inductance in a small space. The main disadvantage of a pot core is 
that tuning, or adjustment of the inductance, is all but impossible. The only way to do it is by 
switching in different numbers of turns, using taps at various points on the coil. 


Bolt —————- 


Ferromagnetic shell 
— Insulated or enameled 


wire coil 


Nut ——— = 


10-9 Exploded view of a pot core. The coil winding is inside the ferromagnetic shell. 
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Filter Chokes 


The largest values of inductance that can be obtained in practice are on the order of several henrys. 
The primary use of a coil this large is to smooth out the pulsations in direct current that result when 
ac is rectified in a power supply. This type of coil is known as a filter choke. Youll learn more about 
power supplies later in this book. 


Inductors at AF 


Inductors for audio frequency (AF) applications range in value from a few millihenrys up to about 
1 H. They are almost always toroidally wound, or are wound in a pot core, or comprise part of an 
audio transformer. Ferromagnetic cores are the rule. 

Inductors can be used in conjunction with moderately large values of capacitance in order to 
obtain AF-tuned circuits. However, in recent years, audio tuning has been largely taken over by ac- 
tive components, particularly integrated circuits. 


Inductors at RE 


The radio frequency (RF) spectrum ranges from a few kilohertz to well above 100 GHz. At the low 
end of this range, inductors are similar to those at AE As the frequency increases, cores having lower 
permeability are used. Toroids are common up through about 30 MHz. Above that frequency, air- 
core coils are more often used. 

In RF applications, coils are routinely connected in series or in parallel with capacitors to ob- 
tain tuned circuits. Other arrangements yield various characteristics of attenuation versus frequency, 
serving to let signals at some frequencies pass through, while rejecting signals at other frequencies. 
Youll learn more about this in the discussion about resonance in Chap. 17. 


Transmission-Line Inductors 


At frequencies about 100 MHz, another type of inductor becomes practical. This is the type formed 
by a length of transmission line. A transmission line is generally used to get energy from one place to 
another. In radio communications, transmission lines get energy from a transmitter to an antenna, 
and from an antenna to a receiver. 

Most transmission lines are found in either of two geometries, the parallel-wire type or the coax- 
ial type. A parallel-wire transmission line consists of two wires running alongside each other with 
constant spacing (Fig. 10-10). The spacing is maintained by polyethylene rods molded at regular in- 


Wires 


10-10  Parallel-wire 
transmission line. 
The spacers are made 
of sturdy insulating 
material. 


Yi, 


spacers 
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Tubular shield 
(solid metal or braid) 


Dielectric 10-11 Coaxial transmission 


line. The dielectric 
material keeps the 
center conductor 


along the axis of the 
tubular shield. 


Center 
conductor 


tervals to the wires, or by a solid web of polyethylene. The substance separating the wires is called the 
dielectric of the transmission line. A coaxial transmission line has a wire conductor surrounded by a 
tubular braid or pipe (Fig. 10-11). The wire is kept at the center of this tubular shield by means of 
polyethylene beads, or more often, by solid or foamed polyethylene, all along the length of the line. 


Line Inductance 


Short lengths of any type of transmission line behave as inductors, as long as the line length is less 
than 90° (4 of a wavelength). At 100 MHz, 90° in free space is 75 cm, or a little more than 2 ft. In 
general, if fis the frequency in megahertz, then VA wavelength in free space, expressed in centime- 
ters (Sm), is given by this formula: 


Sem = 7500/f 


The length of a quarter-wavelength section of transmission line is shortened from the free-space 
quarter wavelength by the effects of the dielectric. In practice, ve wavelength along the line can be 
anywhere from about 0.66 (or 66 percent) of the free-space length for coaxial lines with solid poly- 
ethylene dielectric to about 0.95 (or 95 percent) of the free-space length for parallel-wire line with 
spacers molded at intervals of several centimeters. The factor by which the wavelength is shortened 
is called the velocity factor of the line. 

The shortening of the wavelength in a transmission line, compared with the wavelength in free 
space, is a result of a slowing down of the speed with which the radio signals move in the line com- 
pared with their speed in space (the speed of light). If the velocity factor of a line is given by v, then 
the preceding formula for the length of a quarter-wave line, in centimeters, becomes: 


Sem = 75000/f 


Very short lengths of line—a few electrical degrees—produce small values of inductance. As 
the length approaches Ya wavelength, the inductance increases. 

Transmission line inductors behave differently than coils in one important way: the inductance 
of a coil, particularly an air-core coil, is independent of the frequency. But the inductance of a trans- 
mission-line section changes as the frequency changes. At first, the inductance becomes larger as the 
frequency increases. At a certain limiting frequency, the inductance becomes theoretically infinite. 
Above that frequency, the line becomes capacitive rather than inductive. You'll learn about capaci- 
tance in the next chapter. 
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Unwanted Inductances 


Any length of wire has some inductance. As with a transmission line, the inductance of a wire in- 
creases as the frequency increases. Wire inductance is more significant at RF than at AE 

In some cases, especially in radio communications equipment, the inductance of, and among, 
wires can become a major problem. Circuits can oscillate when they should not. A receiver might re- 
spond to signals that it’s not designed to intercept. A transmitter can send out signals on unautho- 
rized and unintended frequencies. The frequency response of any circuit can be altered, degrading the 
performance of the equipment. Sometimes the effects of this stray inductance are so small that they 
are not important; this might be the case in a stereo hi-fi set located at a distance from other electronic 
equipment. But in some situations, stray inductance can cause serious equipment malfunctions. 

A good way to minimize stray inductance is to use coaxial cables between and among sensitive 
circuits or components. The shield of the cable is connected to the common ground of the apparatus. 
In some cases, enclosing individual circuits in metal boxes can prevent stray inductance from caus- 


ing feedback and other problems. 


Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 
the book. 
1. An inductor works by 
(a) charging a piece of wire. 
(b) storing energy as a magnetic field. 
(c) choking off dc. 
(d) introducing resistance into a circuit. 
2. Which of the following does not affect the inductance of an air-core coil, if all other factors 
are held constant? 
(a) The frequency 
(b) The number of turns 
) 


(c) The diameter of the coil 
(d) The length of the coil 


3. In a small inductance 
(a) energy is stored and released slowly. 
(b) the current flow is always large. 
(c) the current flow is always small. 


(d) energy is stored and released quickly. 


4. A ferromagnetic core is placed in an inductor mainly to 
(a 
(b 
(c 
(d 


Nh 


increase the current carrying capacity. 


increase the inductance. 


A 


limit the current. 


NA 


reduce the inductance. 


Nh 
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5. Inductors in series, assuming there is no mutual inductance, combine 
(a) like resistors in parallel. 
(b) 
(c) 


(d) in a way unlike any other type of component. 


like resistors 1n series. 


like batteries in series with opposite polarities. 


6. Suppose two inductors are connected in series, without mutual inductance. Their values are 
33 mH and 55 mH. What is the net inductance of the combination? 


(a) 1.8 H 

(b) 22 mH 
(c) 88 mH 
(d) 21 mH 


7. Ifthe same two inductors (33 mH and 55 mH) are connected in parallel without mutual 
inductance, the combination will have a value of 


(a) 1.8 H. 

(b) 22 mH. 
(c) 88 mH. 
(d) 21 mH. 


8. Suppose three inductors are connected in series without mutual inductance. Their values are 
4.00 nH, 140 uH, and 5.07 H. For practical purposes, the net inductance will be very close to 


(a) 4.00 nH. 

(b) 140 uH. 

(c) 5.07 H. 

(d) none of the above. 


9. Suppose the three inductors mentioned above are connected in parallel without mutual 
inductance. The net inductance will be close to 


(a) 4.00 nH. 

(b) 140 uH. 

(c) 5.07 H. 

(d) none of the above. 


10. Suppose two inductors, each of 100 uH, are connected in series, and the coefficient of 
coupling is 0.40. The net inductance, if the coil fields reinforce each other, is 


(a) 50.0 uH. 
(b) 120 uH. 
(c) 200 uH. 
(d) 280 uH. 
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11. If the coil fields oppose in the foregoing series-connected arrangement, assuming the 
coefficient of coupling does not change, the net inductance is 


(a) 50.0 WH. 
(b) 120 WH. 
(© 200 uH. 
(d) 280 uH. 


12. Suppose two inductors, having values of 44.0 mH and 88.0 mH, are connected in series with 
a coefficient of coupling equal to 1.0 (the maximum possible mutual inductance). If their fields 
reinforce, the net inductance is approximately 


(a) 7.55 mH. 
(b) 132 mH. 
(c) 194 mH. 
(d) 256 mH. 


13. If the fields in the previous situation oppose, assuming the coefficient of coupling does not 
change, the net inductance will be approximately 


(a) 7.55 mH. 
(b) 132 mH. 
(c) 194 mH. 
(d) 256 mH. 


14. With permeability tuning, moving the core further into a solenoidal coil 
(a) increases the inductance. 
(b) reduces the inductance. 
(c) 


(d) raises the frequency. 


has no effect on the inductance, but increases the current-carrying capacity of the coil. 


15. A significant advantage, in some situations, of a toroidal coil over a solenoid is the fact that 


(a) the toroid is easier to wind. 


Qa os 


b) the solenoid cannot carry as much current. 
(c) the toroid is easier to tune. 


(d) the magnetic flux in a toroid is practically all within the core. 


16. A major feature of a pot core inductor is 
(a) high current capacity. 
(b) large inductance in small volume. 
(c) excellent efficiency at very high frequencies. 


(d) ease of inductance adjustment. 
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17. As an inductor core material, air 
(a) has excellent efficiency. 
(b) has high permeability. 
(c) allows large inductance to exist in a small volume. 


(d) has permeability that can vary over a wide range. 


18. Ata frequency of 400 Hz, which is in the AF range, the most likely form for an inductor 
would be 


(a) air-core. 

(b) solenoidal. 

(c) toroidal. 

(d) transmission-line. 


19. Ata frequency of 95.7 MHz, which is in the frequency-modulation (FM) broadcast band and 


is considered part of the very high frequency (VHE) radio spectrum, a good form for an inductor 
would be 


(a) air-core. 
(b) pot core. 
(c) either (a) or (b). 
(d) neither (a) nor (b). 
20. A transmission-line inductor made from coaxial cable having velocity factor of 0.66 and 


working at 450 MHz, which is in the ultrahigh frequency (UHF) radio spectrum, should, in order 


to measure less than 4 electrical wavelength, be cut shorter than 
(a) 16.7 m. 
(b) 11 m. 

(c) 16.7 cm. 

(d) 11 cm. 


an oscilloscope. If the output Signal IS 
oscillating, check the frequency. If the 
frequency varies significantly from the desired 

frequency, then change C 1 until you get the 
wanted frequency. Change C2 to keep the 


ratio of the capacitance values about the 
same as discussed in step 5. C 2 affects the 
output level. 

11. If the circuit does not oscillate, go 
through the steps outlined In the 
troubleshooting checklist that follows. 


Oscillator Troubleshooting 
Checklist 


If an oscillator does not work, most often the 
trouble is with the feedback connections. A 
little experimenting (as outlined in steps 2 
through 6 of the following checklist) Should 
produce the right results. This is especially 
true when you use an unknown coil that may 
have several taps or windings. However, you 
Should try each of the following steps if you 
have trouble. 

1. Ensure that CB, CC, and CE are all 
large enough to have a reactance value less 
than 160 ohms. Ensure that C E is less than 
one-tenth of RE. 

2. Check the C 1 /C 2 ratio. It should be 
between 3:1 and 10:1. 

3. Swap out Cl and C2. They may be 
connected to the wrong end of the LC circuit. 
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CHAPTER 


Capacitance 


ELECTRICAL COMPONENTS CAN OPPOSE THE FLOW OF AC IN THREE WAYS, TWO OF WHICH YOU VE 
learned about. Resistance slows the flow of ac or de charge carriers (usually electrons) by brute force. 
Inductance impedes the flow of ac charge carriers by temporarily storing the energy as a magnetic 
field. Capacitance, about which you'll learn in this chapter, impedes the flow of ac charge carriers by 
temporarily storing the energy as an electric field. 


The Property of Capacitance 


Imagine two huge, flat sheets of metal that are excellent electrical conductors. Suppose they are each 
the size of the state of Nebraska, and are placed one over the other, separated by only 1 foot of space. 
If these two sheets of metal are connected to the terminals of a battery, as shown in Fig. 11-1, they 
will become charged electrically, one positively and the other negatively. 

If the plates were small, they would both become charged almost instantly, attaining a relative 
voltage equal to the voltage of the battery. But because the plates are gigantic, it will take a little time 
for the negative plate to reach full negative potential, and an equal time for the other plate to reach 
full positive potential. Eventually, the voltage between the two plates will equal the battery voltage, 


Narrow gap Huge metal plates 
11-1 A hypothetical gigantic capacitor. 
175 


Copyright © 2006, 2002, 1997, 1993 by The McGraw-Hill Companies, Inc. Click here for terms of use. 


176 Capacitance 


11-2 Relative electric field 


intensity between 


Relative electric field 


metal plates connected 
to a voltage source, as 
a function of time. 


Passage of time 


—_———__ > 
Voltage is Plates become 
first applied fully charged 


to plates 


and an electric field will exist in the space between the plates. This electric field will be small at first, 
because the plates dont charge up right away. But the charge will increase over a period of time, de- 
pending on how large the plates are, and also depending on how far apart they are. Figure 11-2 is a 
relative graph showing the intensity of the electric field between the plates as a function of time, 
elapsed from the instant the plates are connected to the battery terminals. 

Energy will be stored in this electric field. The ability of the plates, and of the space between 
them, to store this energy is the property of capacitance. As a quantity or variable, capacitance is de- 
noted by the uppercase italic letter C. 


Practical Capacitors 


It’s out of the question to make a capacitor of the preceding dimensions. But two sheets, or strips, 
of foil can be placed one on top of the other, separated by a thin, nonconducting sheet such as paper, 
and then the whole assembly can be rolled up to get a large effective surface area. When this is done, 
the electric flux becomes great enough so that the device exhibits significant capacitance. Alterna- 
tively, two sets of several plates each can be meshed together with air in between them, and the re- 
sulting capacitance is significant at high ac frequencies. 

In a capacitor, the electric flux concentration is multiplied when a dielectric of a certain type is 
placed between the plates. This increases the effective surface area of the plates, so that a physically 
small component can be made to have a large capacitance. The voltage that a capacitor can handle 
depends on the thickness of the metal sheets or strips, on the spacing between them, and on the type 
of dielectric used. 

In general, capacitance is directly proportional to the surface area of the conducting plates or 
sheets. Capacitance is inversely proportional to the separation between conducting sheets. In other 
words, the closer the sheets are to each other, the greater the capacitance. The capacitance also de- 
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pends on the dielectric constant of the material between the plates. A vacuum has a dielectric constant 
of 1; some substances have dielectric constants that multiply the effective capacitance many times. 


The Unit of Capacitance 


When a battery is connected between the plates of a capacitor, the potential difference between the 
plates builds up at a rate that depends on the capacitance. The greater the capacitance, the slower 
the rate of change of voltage in the plates. The unit of capacitance is an expression of the ratio be- 
tween the current that flows and the rate of voltage change between the plates as the plates become 
charged. A capacitance of 1 farad (1 F) represents a current flow of 1 A while there is a voltage in- 
crease of 1 V/s. A capacitance of 1 F also results in 1 V of potential difference for an electric charge 
of 1 C. 

The farad is a huge unit of capacitance. You'll almost never see a capacitor with a value of 1 E 
Commonly employed units of capacitance are the microfarad (UF) and the picofarad (pF). A ca- 
pacitance of 1 UF represents 0.000001 (107%) E and 1 pF is a millionth of a microfarad, or 
0.000000000001 (10*”) F 

Physically small components can be made to have fairly large capacitance values. Conversely, 
some capacitors with small values take up large physical volumes. The physical size of a capacitor, if 
all other factors are held constant, is proportional to the voltage that it can handle. The higher the 
rated voltage, the bigger the component. 


Capacitors in Series 


With capacitors, there is rarely any mutual interaction. This makes capacitors easier to work with 
than inductors. We don't have to worry about mutual capacitance very often, the way we have to be 
concerned about mutual inductance when working with wire coils. 

Capacitors in series add together like resistors or inductors in parallel. Suppose you have several 
capacitors with values C), C3, C3, . . . , C, connected in series. You can find the reciprocal of the total 
capacitance, 1/C, using the following formula: 


1/C=1/Ci+1/G+1/G+...+1/C, 


The net capacitance of the series combination, C, is found by taking the reciprocal of the number 
you get for 1/C. 

If two or more capacitors are connected in series, and one of them has a value that is tiny com- 
pared with the values of all the others, the net capacitance is roughly equal to the smallest capaci- 
tance. 


Problem 11-1 


Suppose two capacitors, with values of C, = 0.10 uF and C, = 0.050 UF, are connected in series (Fig. 
11-3). What is the net capacitance? 

Using the preceding formula, first find the reciprocals of the values. They are 1/C, = 10 and 
1/C, = 20. Then 1/C= 10 + 20 = 30, and C= 1/30 = 0.033 uF. Note that we can work with recip- 
rocal capacitances in this calculation only because the values of the components are specified in the 
same units. 


178 Capacitance 


C1 C2 


— 


0.10uF 0.050 uF 


11-3 Capacitors in series. 
Illustration for 
Problem 11-1. 


Problem 11-2 


Suppose two capacitors with values of 0.0010 uF and 100 pF are connected in series. What is the 
net capacitance? 

In this case, you must convert to the same size units before doing any calculations. A value of 
100 pF represents 0.000100 uE Thus, C, = 0.0010 uF and C, = 0.000100 uE The reciprocals are 
1/C, = 1000 and 1/C, = 10,000. Therefore, 1/C = 1000 + 10,000 = 11,000, so C= 1/11,000 = 
0.000091 uF. (You might rather say it’s 91 pE) 


Problem 11-3 


Suppose five capacitors, each of 100 pE are in series. What is the total capacitance? 

If there are n capacitors in series, all of the same value so that €, = G = G =... = Cp the net 
capacitance C is equal to 1/n of the capacitance of any of the components alone. Because there are 
five 100-pF capacitors here, the total is C= 100/5 = 20.0 pF 


Capacitors in Parallel 


Capacitances in parallel add like resistances in series. The total capacitance is the sum of the indi- 
vidual component values. If two or more capacitors are connected in parallel, and one of the capac- 
itances is far larger than any of the others, the total capacitance can be taken as approximately the 
value of the biggest one. 


Problem 11-4 


Suppose three capacitors are in parallel, having values of C, = 0.100 UK C = 0.0100 uE and G = 
0.001000 uE as shown in Fig. 11-4. What is the total capacitance? 

Add them up: C= 0.100 + 0.0100 + 0.001000 = 0.111000. Because two of the values are given 
to only three significant figures, the final answer should be stated as C= 0.111 HE 


11-4 Capacitors in parallel. 
Illustration for 
Problem 11-4. 


0.100 0.0100 C 0.001000 
HF 3 HF 
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Problem 11-5 


Suppose two capacitors are in parallel, one with a value of 100 UF and one with a value of 100 pE 
What is the net capacitance? 

In this case, you can say right away that the net capacitance is 100 uF for practical purposes. The 
100-pF capacitor has a value that is only one-millionth of the capacitance of the 100-UF component. 
The smaller capacitance contributes essentially nothing to the net capacitance of this combination. 


Fixed Capacitors 


A fixed capacitor has a value that cannot be adjusted, and that (ideally) does not vary when environ- 
mental or circuit conditions change. Here are some of the characteristics, and common types, of 
fixed capacitors. 


Dielectric Materials 


Just as certain solids can be placed within a coil to increase the inductance, materials exist that can 
be sandwiched in between the plates of a capacitor to increase the capacitance. The substance be- 
tween the plates is called the dielectric of the capacitor. Air is an efficient dielectric; it has almost no 
loss. But it is difficult to get very much capacitance using air as the dielectric. Some kind of solid 
material is usually employed as the dielectric for most fixed capacitors. 

Dielectric materials accommodate electric fields well, but they are poor conductors of electric 
currents. In fact, dielectric materials are known as good insulators. Solid dielectrics increase the ca- 
pacitance for a given surface area and spacing of the plates. Solid dielectrics also allow the plates to 
be rolled up, squashed, and placed very close together (Fig. 11-5). This geometry acts to maximize 
the capacitance per unit volume. 


Paper Capacitors 


In the early days of electronics, capacitors were commonly made by placing paper, soaked with min- 
eral oil, between two strips of foil, rolling the assembly up, attaching wire leads to the two pieces of 
foil, and enclosing the rolled-up foil and paper in an airtight cylindrical case. Paper capacitors can 
still sometimes be found in older electronic equipment. They have values ranging from about 0.001 
UF to 0.1 UF, and can handle low to moderate voltages, usually up to about 1000 V. 


Dielectric 


11-5 A cross-sectional 
drawing of a capacitor 
consisting of two foil 
sheets rolled up, and 
two sheets of dielectric 
material rolled up 
between them. 


f! /— Dielectric 
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Mica Capacitors 


Mica is a naturally occurring, solid, transparent mineral substance that flakes off in thin sheets. It 
makes an excellent dielectric for capacitors. Mica capacitors can be manufactured by alternately 
stacking metal sheets and layers of mica, or by applying silver ink to sheets of mica. The metal sheets 
are wired together into two meshed sets, forming the two terminals of the capacitor. This scheme is 
shown in Fig. 11-6. 

Mica capacitors have low loss, and are therefore highly efficient, provided their voltage rating is 
not exceeded. Voltage ratings can be up to several thousand volts if thick sheets of mica are used. But 
mica capacitors are large physically in proportion to their capacitance. The main application for 
mica capacitors is in radio receivers and transmitters. Their capacitances are a little lower than those 
of paper capacitors, ranging from a few tens of picofarads up to about 0.05 uE 


Ceramic Capacitors 


Ceramic materials work well as dielectrics. Sheets of metal are stacked alternately with wafers of ce- 
ramic to make these capacitors. The meshing/layering geometry of Fig. 11-6 is used. Ceramic, like 
mica, has low loss and allows for high efficiency. 

For small values of capacitance, only one layer of ceramic is needed, and two metal plates can 
be glued to the disk-shaped material, one on each side. This type of component is known as a disk- 
ceramic capacitor. Alternatively, a tube or cylinder of ceramic can be employed, and metal ink ap- 
plied to the inside and outside of the tube. Such units are called tubular capacitors. Ceramic 
capacitors have values ranging from a few picofarads to about 0.5 WE Their voltage ratings are com- 
parable to those of paper capacitors. 


Plastic-Film Capacitors 


Plastics make good dielectrics for the manufacture of capacitors. Polyethylene and polystyrene are 
commonly used. The method of manufacture is similar to that for paper capacitors. Stacking meth- 
ods can be used if the plastic is rigid. The geometries can vary, and these capacitors are therefore 
found in various shapes. 


Plate 
setA 


11-6 A cross-sectional 
drawing of a capacitor 
3 Dielectric aa 


consisting of two 
meshed sets of several 


Dielectric === 


metal plates, separated 
by layers of dielectric 
material. 


Plate 
set B 
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Capacitance values for plastic-film units range from about 50 pF to several tens of microfarads. 
Most often they are in the range of 0.001 uF to 10 uE Plastic capacitors are employed at AF and 
RE, and at low to moderate voltages. The efficiency is good, although not as high as that for mica- 
dielectric or air-dielectric units. 


Electrolytic Capacitors 


All of the aforementioned types of capacitors provide relatively small values of capacitance. They are 
also nonpolarized, meaning that they can be hooked up in a circuit in either direction. An electrolytic 
capacitor provides greater capacitance than any of the preceding types, but it must be connected in 
the proper direction in a circuit to work right. An electrolytic capacitor is a polarized component. 

Electrolytic capacitors are made by rolling up aluminum foil strips, separated by paper saturated 
with an electrolyte liquid. The electrolyte is a conducting solution. When dc flows through the com- 
ponent, the aluminum oxidizes because of the electrolyte. The oxide layer is nonconducting, and 
forms the dielectric for the capacitor. The layer is extremely thin, and this results in a high capaci- 
tance per unit volume. Electrolytic capacitors can have values up to thousands of microfarads, and 
some can handle thousands of volts. These capacitors are most often seen in AF circuits and in dc 
power supplies. 


Tantalum Capacitors 


Another type of electrolytic capacitor uses tantalum rather than aluminum. The tantalum can be 
foil, as is the aluminum in a conventional electrolytic capacitor. It can also take the form of a porous 
pellet, the irregular surface of which provides a large area in a small volume. An extremely thin oxide 
layer forms on the tantalum. 

Tantalum capacitors have high reliability and excellent efficiency. They are often used in mili- 
tary applications because they almost never fail. They can be used in AF and digital circuits in place 
of aluminum electrolytics. 


Semiconductor Capacitors 


Later in this book, you'll learn about semiconductors. These materials have revolutionized electrical 
and electronic circuit design in the past several decades. 

Semiconductor materials can be employed to make capacitors. A semiconductor diode conducts 
current in one direction, and refuses to conduct in the other direction. When a voltage source is 
connected across a diode so that it does not conduct, the diode acts as a capacitor. The capacitance 
varies depending on how much of this reverse voltage is applied to the diode. The greater the reverse 
voltage, the smaller the capacitance. This makes the diode act as a variable capacitor. Some diodes 
are especially manufactured to serve this function. Their capacitances fluctuate rapidly along with 
pulsating dc. They are called varactor diodes or simply varactors. 

Capacitors can be formed in the semiconductor materials of an integrated circuit (also called an 
IC or chip) in much the same way. Sometimes, IC diodes are fabricated to serve as varactors. An- 
other way to make a capacitor in an IC is to sandwich an oxide layer into the semiconductor mate- 
rial, between two layers that conduct well. Most ICs look like little boxes with protruding metal 
prongs (Fig. 11-7). The prongs provide the electrical connections to external circuits and systems. 

Semiconductor capacitors usually have small values of capacitance. They are physically tiny, and 
can handle only low voltages. The advantages are miniaturization and an ability, in the case of the 
varactor, to change in value at a rapid rate. 
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Plastic 
package 


11-7 A typical integrated- 
circuit package is a 
tiny plastic box with 
protruding metal pins. 


Variable Capacitors 


The capacitance of a component can be varied at will by adjusting the mutual surface area between 
the plates, or by changing the spacing between the plates. The two most common types of variable 
capacitors (besides varactors) are the air variable and the trimmer. You will also sometimes encounter 
coaxial capacitors. 


Air Variables 


By connecting two sets of metal plates so that they mesh, and by affixing one set to a rotatable shaft, 
a variable capacitor is made. The rotatable set of plates is called the rotor, and the fixed set is called 
the stator. This is the type of component you might have seen in older radio receivers, used to tune 
the frequency. Such capacitors are still used in transmitter output tuning networks. Figure 11-8 is a 
functional drawing of an air-variable capacitor. 

Air variables have maximum capacitance that depends on the number of plates in each set, and 
also on the spacing between the plates. Common maximum values are 50 to 500 pF; minimum val- 
ues are a few picofarads. The voltage-handling capability depends on the spacing between the plates. 
Some air variables can handle many kilovolts. 

Air variables are used primarily in RF applications. They are highly efficient, and are nonpolar- 
ized, although the rotor is usually connected to common ground (the chassis or circuit board). 


11-8 A simplified drawing 
of an air-variable 
capacitor. 
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Adjusting Top plate 
Screw 
Solid 
dielectric 
11-9 A cross-sectional 
drawing of a trimmer En Bottom 
capacitor. plate 
Base 


Trimmer Capacitors 


When it is not necessary to change the value of a capacitor very often, a trimmer can be used. It con- 
sists of two plates, mounted on a ceramic base and separated by a sheet of plastic, mica, or some 
other solid dielectric. The plates are flexible, and can be squashed together more or less by means of 
a screw (Fig. 11-9). Sometimes two sets of several plates are interleaved to increase the capacitance. 

Trimmers can be connected in parallel with an air variable, so that the range of the air variable 
can be adjusted. Some air-variable capacitors have trimmers built in. Typical maximum values for 
trimmers range from a few picofarads up to about 200 pE They handle low to moderate voltages, 
are highly efficient, and are nonpolarized. 


Coaxial Capacitors 


You recall from the previous chapter that sections of transmission lines can work as inductors. They 
can act as capacitors, too. If a section of transmission line is less than ye wavelength long, and is left 
open at the far end (rather than shorted out), it behaves as a capacitor. The capacitance increases 
with length. 

The most common transmission-line capacitor uses two telescoping sections of metal tubing. 
This is called a coaxial capacitor. It works because there is a certain effective surface area between the 
inner and the outer tubing sections. A sleeve of plastic dielectric is placed between the sections of 
tubing, as shown in Fig. 11-10. This allows the capacitance to be adjusted by sliding the inner sec- 
tion in or out of the outer section. 


Solid dielectric 
Fixed outer sleeve 
tubing (not shown) 


11-10 A simplified drawing 
of a coaxial variable 
capacitor. 


Sliding inner tubing 
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Coaxial capacitors are used in RF applications, particularly in antenna systems. Their values are 
generally from a few picofarads up to about 100 pF. 


Capacitor Specifications 


When you are looking for a capacitor for a particular application, it’s important to find a compo- 
nent that has the right specifications for the job. Here are two of the most important specifications 
to watch for. 


Tolerance 


Capacitors are rated according to how nearly their values can be expected to match the rated capac- 
itance. The most common tolerance is + 10%; some capacitors are rated at +5% or even at 51%. 

The lower (or tighter) the tolerance number, the more closely you can expect the actual compo- 
nent value to match the rated value. For example, a +10% capacitor rated at 100 pF can range from 
90 to 110 pF. But if the tolerance is + 1%, the manufacturer guarantees that the capacitance will be 


between 99 and 101 pF. 


Problem 11-6 


A capacitor is rated at 0.10 UF 10%. What is its guaranteed range of capacitance? 

First, multiply 0.10 by 10 percent to get the plus-or-minus variation. This is 0.10 x 0.10 = 
0.010 uE Then add and subtract this from the rated value to get the maximum and minimum pos- 
sible capacitances. The result is a range of 0.09 to 0.11 WE 


Temperature Coefficient 


Some capacitors increase in value as the temperature increases. These components have a positive 
temperature coefficient. Some capacitors decrease in value as the temperature rises; these have a neg- 
ative temperature coefficient. Some capacitors are manufactured so that their values remain constant 
over a certain temperature range. Within this span of temperatures, such capacitors have zero tem- 
perature coefficient. 

The temperature coefficient is specified in percent per degree Celsius (%/°C). Sometimes, a ca- 
pacitor with a negative temperature coefficient can be connected in series or parallel with a capaci- 
tor having a positive temperature coefficient, and the two opposite effects cancel out over a range of 
temperatures. In other instances, a capacitor with a positive or negative temperature coefficient can 
be used to cancel out the effect of temperature on other components in a circuit, such as inductors 
and resistors. 


Interelectrode Capacitance 


Any two pieces of conducting material, when they are brought near each other, can act as a capaci- 
tor. Often, this interelectrode capacitance is so small that it can be neglected. It rarely amounts to 
more than a few picofarads. In utility circuits and at AF, interelectrode capacitance is not usually 
significant. But it can cause problems at RE The chances for trouble increase as the frequency in- 
creases. The most common phenomena are feedback, and/or a change in the frequency characteris- 
tics of a circuit. 

Interelectrode capacitance can be minimized by keeping wire leads as short as possible, by using 
shielded cables, and by enclosing sensitive circuits in metal housings. 


4. Check that you made the feedback 
connection to and from the correct place. 

5. Check both ends of the LC circuit to see 
that they are connected to the correct place. 

6. Check the DC voltage level of the collector, 
base, and emitter. 

7. Check the capacitor values of the LC 
circuit. If necessary, try some other values 
until the circuit oscillates. 

8. If none of the previous actions produce 


oscillations, check to see if any of the 
components are defective. The coil may be 
opened or shorted. The capacitor may be 


Shorted. The transistor may be dead, or its 6B 
may be too low. Check the circuit wiring 
carefully. 

In most cases, one or more of these steps 
produces oscillations. 


When an oscillator works, it may still have 
one or two main faults, including the following: 
Distorted output waveform —This can 
happen when CB, CC, or CE are not low 
enough in value, or when an output 


amplitude is too high. 

Output level too low —When this happens, 
the sine wave is usually “clean” and = “pure.” 
In a Colpitts oscillator, changing the ratio of 
C 1 and C 2 often helps raise the output 
level. If not, you can use another transistor 
as an amplifier after the oscillator, as 
discussed in Chapter 8, problem 21. 
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Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 


the book. 


l. 


T: 


Capacitance acts to store electrical energy as 
(a) current. 

(b) voltage. 

(c) a magnetic field. 


(d) an electric field. 


. As capacitor plate area increases, all other things being equal, 


(a) the capacitance increases. 
(b) the capacitance decreases. 
(c) the capacitance does not change. 


(d) the current-handling ability decreases. 


. As the spacing between plates in a capacitor is made smaller, all other things being equal, 


(a) the capacitance increases. 
(b) the capacitance decreases. 
(c) the capacitance does not change. 


(d) the resistance increases. 


. A material with a high dielectric constant 


(a) acts to increase capacitance per unit volume. 
(b) acts to decrease capacitance per unit volume. 
(c) has no effect on capacitance. 


(d) causes a capacitor to become polarized. 


. A capacitance of 100 pF is the same as which of the following? 


(a) 0.01 uF 
(b) 0.001 uF 
(c) 0.0001 uF 
(d) 0.00001 uF 


. A capacitance of 0.033 UF is the same as which of the following? 


(a) 33 pF 

(b) 330 pF 
(c) 3300 pF 
(d) 33,000 pF 


If five 0.050-UF capacitors are connected in parallel, what is the net capacitance of the 


combination? 


(a) 0.010 uF 
(b) 0.25 uF 
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(c) 0.50 uF 
(d) 0.025 uF 


8. If five 0.050-UF capacitors are connected in series, what is the net capacitance of the 
combination? 


9, 


(a) 0.010 uF 
(b) 0.25 uF 
(c) 0.50 uF 
(d) 0.025 uF 


Suppose that two capacitors are connected in series, and their values are 47 pF and 33 pE 


What is the net capacitance of this combination? 


10. 


(a) 80 pF 
(b) 47 pF 
(c) 33 pF 
(d) 19 pF 


Suppose that two capacitors are in parallel. Their values are 47.0 pF and 470 uE What is the 


net capacitance of this combination? 


11. 


(a) 47.0 pF 
(b) 517 pF 
(c) 517 WF 
(d) 470 uF 


Suppose that three capacitors are in parallel. Their values are 0.0200 uE 0.0500 uE and 


0.10000 WE What is the net capacitance of this combination? 


(a) 0.0125 uF 
(b) 0.1700 uF 
(c) 0.1000 uF 
(d) 0.1250 uF 


12. The main advantage of air as a dielectric material for capacitors is the fact that it 


(a) has a high dielectric constant. 
(b) 
(c) 


(d) allows for large capacitance in a small volume. 


is not physically dense. 


has low loss. 


13. Which of the following is not a characteristic of mica capacitors? 


(a) Excellent efficiency 
(b) 
(c) High voltage-handling capacity 


(d) Low loss 


Small size, even for large values of capacitance 


14. 


15. 


16. 


¡EA 


18. 


Quiz 
Which of the following capacitance values is most typical of a disk-ceramic capacitor? 
(a) 100 pF 
(b) 33 uF 
(c) 470 uF 


(d) 10,000 uF 

Which of the following capacitance values is most typical of a paper capacitor? 
(a) 0.001 pF 

(b) 0.01 uF 

(c) 100 uF 

(d) 3300 uF 

Which of the following capacitance ranges is most typical of an air-variable capacitor? 
(a) 0.01 uF to 1 UF 

(b) 1 uF to 100 uF 

(c) 1 pF to 100 pF 

(d) 0.001 pF to 0.1 pF 


Which of the following types of capacitors is polarized? 
(a) Paper 

(b) Mica 

(c) Interelectrode 


(d) Electrolytic 


If a capacitor has a negative temperature coefficient, then 
(a) its capacitance decreases as the temperature rises. 

(b) its capacitance increases as the temperature rises. 

(c) its capacitance does not change with temperature. 


(d) it will not work if the temperature is below freezing. 
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19. Suppose that a capacitor is rated at 33 pF +10%. Which of the following actual capacitance 
values is outside the acceptable range? 


20. Suppose that a capacitor, rated at 330 pE shows an actual value of 317 pF. By how many 


(a) 30 pF 
(b) 37 pF 
(c) 35 pF 
(d) 31 pF 


percent does its actual capacitance differ from its rated capacitance? 


(a) —0.039% 
(b) -3.9% 
(c) —0.041% 
(d) —4.1% 
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CHAPTER 


Phase 


IN ALTERNATING CURRENT, EACH 360° CYCLE IS EXACTLY THE SAME AS EVERY OTHER. IN EVERY CYCLE, 
the waveform of the previous cycle is repeated. In this chapter, you'll learn about the most common 
type of ac waveform: the sine wave. 


Instantaneous Values 


An ac sine wave has a characteristic shape, as shown in Fig. 12-1. This is the way the graph of the 
function y = sin x looks on an (x,y) coordinate plane. (The abbreviation sim stands for sine in 
trigonometry.) Suppose that the peak voltage is +1 V, as shown. Further imagine that the period is 
1 s, so the frequency is 1 Hz. Let the wave begin at time ż = 0. Then each cycle begins every time 
the value of ¢ is a whole number. At every such instant, the voltage is zero and positive-going. 


+1.0 f= 0.50 


Time, 


\ seconds 


t= 1.00 


Instantaneous voltage 
© 


-1.0 


12-1 A sine wave with a period of 1 second. It thus has a frequency of 1 Hz. 
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If you freeze time at, say, t= 446.00, the voltage is zero. Looking at the diagram, you can see 
that the voltage will also be zero every so-many-and-a-half seconds, so it will be zero at t= 446.5. 
But instead of getting more positive at these instants, the voltage will be negative-going. 

If you freeze time at so-many-and-a-quarter seconds, say t = 446.25, the voltage will be +1 V. 
The wave will be exactly at its positive peak. If you stop time at so-many-and-three-quarter seconds, 
say t= 446.75, the voltage will be exactly at its negative peak, —1 V. At intermediate times, say, so- 
many-and-three-tenths seconds, the voltage will have intermediate values. 


Instantaneous Rate of Change 


Figure 12-1 shows that there are times the voltage is increasing, and times it is decreasing. /ncreas- 
ing, in this context, means “getting more positive,” and decreasing means “getting more negative.” 
The most rapid increase in voltage occurs when t= 0.0 and t= 1.0. The most rapid decrease takes 
place when ¢= 0.5. 

When ¢ = 0.25, and also when ¢ = 0.75, the instantaneous voltage neither increases nor de- 
creases. But this condition exists only for a vanishingly small moment, a single point in time. 

Suppose 7 is some whole number. Then the situation at 1= 7.25 is the same as it is for t= 0.25; 
also, for ż = 1.75, things are the same as they are when ¢ = 0.75. The single cycle shown in Fig. 
12-1 represents every possible condition of the ac sine wave having a frequency of 1 Hz anda peak value 
of +1 V. The whole wave recurs, over and over, for as long as the ac continues to flow in the circuit. 

Now imagine that you want to observe the instantaneous rate of change in the voltage of the wave 
in Fig. 12-1, as a function of time. A graph of this turns out to be a sine wave, too—but it is dis- 
placed to the left of the original wave by /4 of a cycle. If you plot the instantaneous rate of change 
of a sine wave against time (Fig. 12-2), you get the derivative of the waveform. The derivative of a 
sine wave is a cosine wave. This wave has the same shape as the sine wave, but the phase is different 


by '/ of a cycle. 


Increasing 
positively “Y 


Time, 
seconds 


Relative rate of change 
© 


Increasing 
negatively 


12-2 A sine wave representing the rate of change in the instantaneous 
voltage of the wave shown in Fig. 12-1. 
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Circles and Vectors 


An ac sine wave represents the most efficient possible way that an electrical quantity can alternate. 
It has only one frequency component. All the wave energy is concentrated into this smoothly see- 
sawing variation. It is like a pure musical note. 


Circular Motion 


Suppose that you swing a ball around and around at the end of a string, at a rate of one revolution 
per second (1 rps). The ball describes a circle in space (Fig. 12-3A). If a friend stands some distance 
away, with his or her eyes in the plane of the ball’s path, your friend sees the ball oscillating back and 
forth (Fig. 12-3B) with a frequency of 1 Hz. That is one complete cycle per second, because you 
swing the ball around at 1 rps. 

If you graph the position of the ball, as seen by your friend, with respect to time, the result is a 
sine wave (Fig. 12-4). This wave has the same fundamental shape as all sine waves. Some sine waves 
are taller than others, and some are stretched out horizontally more than others. But the general 
waveform is the same in every case. By multiplying or dividing the amplitude and the wavelength 
of any sine wave, it can be made to fit exactly along the curve of any other sine wave. The standard 
sine wave is the function y = sin x in the coordinate plane. 

You might whirl the ball around faster or slower than 1 rps. The string might be made longer 
or shorter. This would alter the height and/or the frequency of the sine wave graphed in Fig. 12-4. 
But the sine wave can always be reduced to the equivalent of constant, smooth motion in a circular 
orbit. This is known as the circular motion model of a sine wave. 


Rotating Vectors 

Back in Chapter 9, degrees of phase were discussed. If you wondered then why phase is spoken of in 
terms of angular measure, the reason should be clearer now. A circle has 360°. A sine wave can be 
represented as circular motion. Points along a sine wave thus correspond to angles, or positions, 
around a circle. 


Path of ball 
e Y; 
/ You a / Ball Path of ball Ball 
i W: A A O 
, x String , / Vail 
Top view Side view 


A B 


12-3 Swinging ball and string as seen from above (A) and from the side (B). 
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12-4 Position of ball 
(horizontal axis) as 
seen from the side, 
graphed as a function 
of time (vertical axis). 


Right 
Position of ball 


Figure 12-5 shows the way a rotating vector can be used to represent a sine wave. Á vector is a 
quantity with two independent properties, called magnitude (or amplitude) and direction. At A, the 
vector points east, and this is assigned the value of 0°, where the wave amplitude is zero and is in- 
creasing positively. At B, the vector points north; this is the 90° instant, where the wave has attained 
its maximum positive amplitude. At C, the vector points west. This is 180°, the instant where the 
wave has gone back to zero amplitude and is getting more negative. At D, the wave points south. 
This is 270°, and it represents the maximum negative amplitude. When a full circle (360°) has been 
completed, the vector once again points east. 

The four points in Fig. 12-5 are shown on a sine wave graph in Fig. 12-6. Think of the vector as 
revolving counterclockwise at a rate that corresponds to one revolution per cycle of the wave. If the 
wave has a frequency of 1 Hz, the vector goes around at a rate of 1 rps. If the wave has a frequency of 


90° 


12-5 Rotating-vector 
representation of a sine 
wave. At A, at the start 
of the cycle; at B, one- 
fourth of the way 
through the cycle; at 
C, halfway through 
the cycle; at D, three- 
fourths of the way 
through the cycle. 


210° 
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12-6 The four points for the 
vector model of Fig. 
12-5, shown in the 
standard amplitude- 
versus-time graphical 


Time 


manner. 


Instantaneous amplitude 


100 Hz, the speed of the vector is 100 rps, or a revolution every 0.01 s. If the wave is 1 MHz, then 
the speed of the vector is 1 million rps (10% rps), and it goes once around every 0.000001 s (107 s). 

The peak amplitude of a pure ac sine wave corresponds to the length of its vector. In Fig. 12-5, 
time is shown by the angle counterclockwise from due east. Amplitude is independent of time. The 
vector length never changes, but its direction does. 


Expressions of Phase Difference 


The phase difference, also called the phase angle, between two waves can have meaning only when 
those two waves have identical frequencies. If the frequencies differ, even by just a little bit, the rel- 
ative phase constantly changes, and it’s impossible to specify a value for it. In the following discus- 
sions of phase angle, let's assume that the two waves always have identical frequencies. 


Phase Coincidence 


Phase coincidence means that two waves begin at exactly the same moment. They are “lined up.” 
This is shown in Fig. 12-7 for two waves having different amplitudes. The phase difference in this 


Time 12-7 ‘Two sine waves in 
phase coincidence. 


Instantaneous amplitude 
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case is 0°. You could say it’s some whole-number multiple of 360°, too—but engineers and techni- 
cians rarely speak of any phase angle of less than 0° or more than 360°. 

If two sine waves are in phase coincidence, and if neither wave has dc superimposed, then the 
resultant is a sine wave with positive or negative peak amplitudes equal to the sum of the positive 
and negative peak amplitudes of the composite waves. The phase of the resultant is the same as that 
of the composite waves. 


Phase Opposition 


When two sine waves begin exactly Y cycle, or 180°, apart, they are said to be in phase opposition. 
This is illustrated by the drawing of Fig. 12-8. In this situation, engineers sometimes say that the 
waves are out of phase, although this expression is a little nebulous because it could be taken to mean 
some phase difference other than 180°. 

If two sine waves have the same amplitudes and are in phase opposition, they cancel each other 
out. This is because the instantaneous amplitudes of the two waves are equal and opposite at every 
moment in time. 

If two sine waves are in phase opposition, and if neither wave has dc superimposed, then the re- 
sultant is a sine wave with positive or negative peak amplitudes equal to the difference between the 
positive and negative peak amplitudes of the composite waves. The phase of the resultant is the same 
as the phase of the stronger of the two composite waves. 

Any sine wave without superimposed dc has the unique property that, if its phase is shifted by 
180°, the resultant wave is the same as turning the original wave upside down. Not all waveforms 
have this property. Perfect square waves do, but some rectangular and sawtooth waves don't, and ir- 
regular waveforms almost never do. 


Intermediate Phase Differences 


Two sine waves can differ in phase by any amount from 0° (phase coincidence), through 90° (phase 
quadrature, meaning a difference a quarter of a cycle), 180° (phase opposition), 270° (phase quad- 
rature again), to 360° (phase coincidence again). 


12-8 ‘Two sine waves in 
a Time 
phase opposition. 


Instantaneous amplitude 
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12-9 Wave X leads wave Y 
Time by 90° of phase (4 of 
a cycle). 


Instantaneous amplitude 


Wave X 
(leading) 


Leading Phase 


Imagine two sine waves, called wave X and wave Y, with identical frequency. If wave X begins a 
fraction of a cycle earlier than wave Y, then wave X is said to be leading wave Y in phase. For this 
to be true, X must begin its cycle less than 180° before Y. Figure 12-9 shows wave X leading wave 
Y by 90°. 

Note that if wave X (the dashed line in Fig. 12-9) is leading wave Y (the solid line), then wave 
X is displaced to the left of wave Y. In a time-domain graph or display, displacement to the left rep- 
resents earlier moments in time, and displacement to the right represents later moments in time. 


Lagging Phase 
Suppose that some sine wave X begins its cycle more than 180°, but less than 360°, ahead of wave 
Y. In this situation, it is easier to imagine that wave X starts its cycle /ater than wave Y, by some value 


between 0° and 180°. Then wave X is not leading, but dagging, wave Y. Figure 12-10 shows wave X 
lagging wave Y by 90°. 


T Wave X 
(lagging) 


210° 


12-10 Wave X lags wave Y 
Time by 90° of phase 
(4 of a cycle). 


Instantaneous amplitude 


Wave Y 


31 Now, work through a design example. 
Design an oscillator with an output frequency 
of 25 kHz using a coil with a value of 4 mH 
and address each of the steps in problems 
27-30 as described in these questions. 
Questions 
The value of fr is given as 25 KHz. 

L is given as 4 MH. 

Use the formula to find Cl. 

1 = 
You do not need this step. 
Choose C2. 


The procedure to design amplifiers 
shown in Chapter 8. 


OC): Bi ge oe NS Ie 


7. The circuit is shown in Figure 9.37 . 
8. Find CC. 


CB = 
Figure 9.37 


, 
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Vector Diagrams of Phase Difference 


The vector renditions of sine waves, such as are shown in Fig. 12-5, are well suited to showing phase 
relationships. 

If a sine wave X leads a sine wave Y by some number of degrees, then the two waves can be 
drawn as vectors, with vector X being that number of angular degrees counterclockwise from vector 
Y. If a sine wave X lags a sine wave Y by some number of degrees, then X appears to point in a di- 
rection that is clockwise from Y by that number of angular degrees. If two waves are in phase coinci- 
dence, then their vectors point in exactly the same direction. If two waves are in phase opposition, 
then their vectors point in exactly opposite directions. 

The drawings of Fig. 12-11 show four phase relationships between two sine waves X and Y At 
A, X is in phase with Y. At B, X leads Y by 90°. At C, Xand Yare 180° apart in phase. At D, X lags 
Y by 90°. In all of these examples, think of the vectors rotating counterclockwise as time passes, but 
always maintaining the same angle with respect to each other, and always staying at the same 
lengths. If the frequency in hertz is f, then the pair of vectors rotates together, counterclockwise, at 
an angular speed of f, expressed in complete 360° revolutions per second. 


180° 


180° 


12-11 Vector representations of phase difference. At A, waves X and Y are in 
phase. At B, X leads Y by 90°. At C, Xand Y are 180° out of phase. At 
D, X lags Y by 90°. Time is represented by counterclockwise motion of 
both vectors at a constant angular speed. 
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Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 
the book. 
1. Which of the following is not a general characteristic of an ac wave? 
(a) The wave shape is identical for each cycle. 
(b) The polarity reverses periodically. 
(c) The electrons always flow in the same direction. 


(d) There is a definite frequency. 


2. All sine waves 
(a) have similar general appearance. 
(b) have instantaneous rise and fall times. 
(c) are in the same phase as cosine waves. 
(d) rise instantly, but decay slowly. 
3. The derivative of a sine wave 
(a) is shifted in phase by '/2 cycle from the sine wave. 
(b) 
(c) 


(d) rises instantly, but decays slowly. 


is the rate of change in the instantaneous value. 


has instantaneous rise and decay times. 


4. A phase difference of 180° in the circular motion model of a sine wave represents 
(a) Y4 revolution. 
(b) Y revolution. 
(c) a full revolution. 
(d) two full revolutions. 
5. You can add or subtract a certain number of degrees of phase to or from a wave, and end up 
with exactly the same wave again. This number is 
(a) 90, or any whole-number multiple of it. 
(b) 
(c) 


(d) 360, or any whole-number multiple of it. 


180, or any whole-number multiple of it. 


270, or any whole-number multiple of it. 


6. You can add or subtract a certain number of degrees of phase to or from a sine wave, and end 
8 p 
up with an inverted (upside-down) representation of the original. This number is 


(a) 90, or any odd whole-number multiple of it. 
(b) 
(c) 
(d) 360, or any odd whole-number multiple of it. 


180, or any odd whole-number multiple of it. 


270, or any odd whole-number multiple of it. 
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7. Suppose a wave has a frequency of 300 kHz. How long does one complete cycle take? 
(a) 1.300 s 
(b) 0.00333 s 
(c) 1/3000 s 
(d) 3.33 x 107 s 


8. Ifa wave has a frequency of 440 Hz, how long does it take for 10° of a cycle to occur? 
(a) 0.00273 s 
(b) 0.000273 s 
(c) 0.0000631 s 
(d) 0.00000631 s 
9. Suppose two waves are in phase coincidence. One has peak values of +3 V and the other has 
peak values of +5 V. The resultant has voltages of 
(a) +8 V pk, in phase with the composites. 
(b) +2 V pk, in phase with the composites. 
(c) 


(d) +2 V pk, in phase opposition with respect to the composites. 


+8 V pk, in phase opposition with respect to the composites. 


10. As shown on a graph, shifting the phase of an ac sine wave by 90° is the same thing as 
(a) moving it to the right or left by a full cycle. 
(b) 
(c) 


(d) leaving it alone. 


moving it to the right or left by /4 cycle. 


turning it upside down. 


11. Two pure sine waves that differ in phase by 180° can be considered to 
(a) be offset by two full cycles. 
(b) 
(c) 
(d) have a frequency of /2 cycle. 


be in phase opposition. 


be separated by less than 1⁄4 cycle. 


12. Suppose two sine waves are in phase opposition. Wave X has a peak amplitude of +4 V and 
wave Y has a peak amplitude of +8 V. The resultant has voltages of 


(a) +4 V pk, in phase with the composites. 

(b) 

(c) +4 V pk, in phase with wave X. 

(d) +4 V pk, in phase with wave Y 
13. If wave X leads wave Y by 45°, then 

(a) wave Y is /4 cycle ahead of wave X. 

(b) 

(c) wave Yis '/s cycle behind wave X. 

(d) wave Yis 1.16 cycle ahead of wave X. 


+4 V pk, out of phase with the composites. 


wave Y is /4 cycle behind wave X. 
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14. If wave X lags wave Y by '% cycle, then 
(a) wave Y is 120° ahead of wave X. 
(b) wave Y is 90° ahead of wave X. 
(c) wave Y is 60° ahead of wave X. 
(d) wave Y is 30° ahead of wave X. 


pi 


5. Refer to Fig. 12-12. In this example, 
(a) Xlags Y by 45°. 
(b) Xleads Y by 45°. 
(c) Xlags Y by 135°. 
(d) Xleads Y by 135°. 


6. Which of the drawings in Fig. 12-13 represents the situation of Fig. 12-12? 


pi 


(a) Drawing A 
(b) 

(c) Drawing C 
(d) Drawing D 


Drawing B 


pi 


7. In vector diagrams such as those of Fig. 12-13, the length of the vector represents 
(a) the average amplitude of a sine wave. 
(b) 
(c) 


(d) the peak amplitude of a sine wave. 


the frequency of a sine wave. 


the phase of a sine wave. 


pi 


8. In vector diagrams such as those of Fig. 12-13, the angle between two vectors represents 
(a) the average of the peak amplitudes of two sine waves. 
(b) 
(c) 


(d) the difference between the peak amplitudes of two sine waves. 


the frequency difference between two sine waves. 


the phase difference between two sine waves. 


12-12 Illustration for Quiz 
Question 15. 


Instantaneous amplitude 
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90° 90° 


180° 


12-13 Illustration for Quiz Questions 16 through 20. 


19. In vector diagrams such as those of Fig. 12-13, the distance from the center of the graph 
represents 


(a) average amplitude. 
(b) 
(c) 
(d) peak amplitude. 


frequency. 


phase. 


20. In diagrams like those of Fig. 12-13, the progression of time is sometimes depicted as 
(a) movement of a vector to the right. 
(b) 
(c) 


(d) clockwise rotation of a vector. 


movement of a vector to the left. 


counterclockwise rotation of a vector. 
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CHAPTER 


Inductive Reactance 


IN DC CIRCUITS, RESISTANCE CAN BE EXPRESSED AS A NUMBER RANGING FROM ZERO (REPRESENTING 
a perfect conductor) to extremely large values. Physicists call resistance a scalar quantity, because it 
can be expressed on a one-dimensional scale, as shown in Fig. 13-1. 


Ohms, kilohms, megohms ... 
AAA HH HAHAHAHA No limit 
0 2 4 6 8 10 


13-1 Resistance can be represented as numerical values (corresponding to 
ohms) along a half line or ray. 


Coils and Direct Current 


Suppose you have some wire that conducts electricity very well. If you wind a length of the wire into 
a coil and connect it to a source of dc (Fig. 13-2), the wire draws a large current. It doesnt matter 


Resistance of 
wire = R 


13-2 An inductor connected 
across a source of dc. 


Battery voltage = E 
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whether the wire is a single-turn loop, or whether it’s lying haphazardly on the floor, or whether it’s 
wrapped around a stick. The current amperes is equal to the applied voltage in volts divided by the 
wire resistance in ohms. It’s that simple. 

You can make an electromagnet, as youve already seen, by passing de through a coil wound 
around an iron rod. Electromagnets are known for the high current they draw from batteries or 
power supplies. The coil of an electromagnet heats up as energy is dissipated in the resistance of the 
wire. If the voltage of the battery or power supply increases, the wire in the coil gets hotter. Ulti- 
mately, if the supply can deliver enough current, the wire will melt. 


Coils and Alternating Current 


Suppose you change the voltage source, connected across the coil, from dc to ac (Fig. 13-3). Imag- 
ine that you can vary the frequency of the ac, from a few hertz to hundreds of hertz, then kilohertz, 
then megahertz. 

At first, the current will be high, just as it is with dc. But the coil has a certain amount of 
inductance, and it takes some time for current to establish itself in the coil. Depending on how 
many turns there are and on whether the core is air or a ferromagnetic material, you'll reach a 
point, as the ac frequency increases, when the coil starts to get sluggish. That is, the current wont 
have time to get established in the coil before the polarity of the ac voltage reverses. At high ac fre- 
quencies, the current through the coil will have difficulty following the voltage placed across the 
coil. This sluggishness in a coil for ac is, in effect, similar to dc resistance. As the frequency is raised, 
the effect gets more pronounced. Eventually, if you keep increasing the frequency of the ac source, 
the coil will not even come near establishing a current with each cycle. Then the coil will act like a 
high resistance. 

The opposition that the coil offers to ac is called inductive reactance. It, like resistance, is mea- 
sured in ohms. It can vary, just as resistance does, from near zero (a short piece of wire) to a few 
ohms (a small coil) to kilohms or megohms (bigger and bigger coils). Like resistance, inductive re- 
actance affects the current in an ac circuit. But, unlike simple resistance, reactance changes with fre- 
quency. This effect is not merely a decrease in the current, although in practice this does happen. 
Inductive reactance produces a change in the way the current flows with respect to the voltage. 


Inductance of 
coil = L 


13-3 An inductor connected 
across a source of ac. 


Source of ac with 
voltage = E 
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Reactance and Frequency 


Inductive reactance is one of two form of reactance. (The other form, called capacitive reactance, will 
be discussed in the next chapter.) Reactance in general is symbolized by the italic uppercase letter X. 
Inductive reactance is symbolized Xz. 

If the frequency of an ac source is given, in hertz, as f, and the inductance of a coil in henrys is 
given as L, then the inductive reactance in ohms, X7, is calculated as follows: 


In this formula, the symbol T stands for the mathematical constant pz, which is the number of di- 
ameters around the circumference of a circle. It is equal to approximately 3.14. We can consider the 
value of 27 to be equal to 6.28 in most practical situations. Therefore, the preceding formula can be 
written a little more simply as: 


This same formula applies if the frequency, f, is in kilohertz and the inductance, L, is in milli- 
henrys. And it also applies if f is in megahertz and L is in microhenrys. Just remember that if fre- 
quency is in thousands, inductance must be in thousandths, and if frequency is in millions, 
inductance must be in millionths. 

Inductive reactance increases /inearly with increasing ac frequency. This means that the function 
of X; versus f is a straight line when graphed. Inductive reactance also increases linearly with induc- 
tance. Therefore, the function of X; versus L also appears as a straight line on a graph. The value of 
X_ is directly proportional to f, and is also directly proportional to L. These relationships are graphed, 
in relative form, in Fig. 13-4. 


Problem 13-1 


Suppose a coil has an inductance of 0.500 H, and the frequency of the ac passing through it is 60.0 
Hz. What is the inductive reactance? 


Reactance 
VS 
inductance 


13-4 Inductive reactance is 


directly proportional 
Reactance 


vs 
frequency 


to inductance, and is 
also directly 
proportional to 
frequency. 


Relative inductive reactance 


Relative inductance or frequency 
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Using the preceding formula, calculate X; = 6.28 x 60.0 x 0.500 = 188 Q. This is rounded to 
three significant figures. 


Problem 13-2 


What will be the inductive reactance of the preceding coil if the supply is a battery that supplies 
pure dc? 

Because dc has a frequency of zero, X; = 6.28 x 0 x 0.500 = 0 Q. That is, there will be no in- 
ductive reactance. Inductance doesnt have any practical effect with pure dc. 


Problem 13-3 


If a coil has an inductive reactance of 100 Q at a frequency of 5.00 MHz, what is its inductance? 
In this case, you need to plug numbers into the formula and solve for the unknown L. Start out 

with the equation 100 = 6.28 x 5.00 x L = 31.4 x L. Because the frequency is given in megahertz, 

the inductance will come out in microhenrys. You can divide both sides of the equation by 31.4, 


getting L = 100/31.4 = 3.18 WH. 


Points in the RL Plane 


Inductive reactance can be plotted along a half line, just as can resistance. In a circuit containing 
both resistance and inductance, the characteristics become two-dimensional. You can orient the re- 
sistance and reactance half lines perpendicular to each other to make a quarter-plane coordinate sys- 
tem, as shown in Fig. 13-5. Resistance is plotted horizontally, and inductive reactance is plotted 
vertically upward. 


Xy 
je 
D 
13-5 The quarter plane for 2 
inductive reactance E -4 
(X,) and resistance (R). D J 
This is also known as © 
the RL quarter-plane, 5 
or simply as the RL = j2 
plane. = 
jo R 
0 2 4 6 


Resistance 
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In this scheme, resistance-inductance (RL) combinations form complex impedances. (The term 
impedance comes from the root impede, and fully describes how electrical components impede, or 
inhibit, the flow of ac. You'll learn all about this in Chap. 15.) Each point on the RL plane corre- 
sponds to one unique complex impedance value. Conversely, each complex impedance value corre- 
sponds to one unique point on the RL plane. 

You might ask, “What’s the little 7 doing in Fig. 13-5?” For reasons that will be made clear in 
Chap. 15, impedances on the RL plane are written in the form R + jX;, where R is the resistance in 
ohms, and X; is the inductive reactance in ohms. The little 7 is called a 7 operator and is a mathemat- 
ical way of expressing the fact that reactance is denoted at right angles to resistance in complex- 
impedance graphs. 

If you have a pure resistance, say R= 5 Q, then the complex impedance is 5 + 70, and is at the 
point (5,0) on the RL plane. If you have a pure inductive reactance, such as X; = 3 Q, then the com- 
plex impedance is 0 + 73, and is at the point (0,73) on the RL plane. These points, and a couple of 
others, are shown in Fig. 13-6. 

In real life, all coils have some resistance, because no wire is a perfect conductor. All resistors 
have at least a tiny bit of inductive reactance, because they take up some physical space and they 
have wire leads. So there is really no such thing as a mathematically perfect pure resistance such as 
5 +70, or a mathematically perfect pure reactance like O + 73. But sometimes you can get extremely 
close to theoretical ideals in real life. 

Often, resistance and inductive reactance are both deliberately placed in a circuit. Then you get 
impedances values such as 2 + 73 or 4 + /1.5. These are shown in Fig. 13-6 as points on the RL plane. 

Remember that values for X; are reactances, not actual inductances. Because of this, they vary 
with the frequency in an RL circuit. Changing the frequency has the effect of making complex im- 
pedance points move around in the RL plane. They move vertically, going upward as the ac fre- 
quency increases, and downward as the ac frequency decreases. If the ac frequency goes down to 
zero, the inductive reactance vanishes. Then X; = 0, we have pure dc, and the point is right on the 
resistance axis. 


xX, 

j6 , 
D 0 +j3 
Z 
3. 2 + j3 
a 4+j15 o 
a 13-6 Four points in the 
E: AA 0 RL plane. 
O E 
3 j2 de 
= 


Resistance 


O 

0.01 uF A 
L 

| J 4mH 


Answers 
C 1 = 0.01 UF 
C2 = 0.1 yu 
CC 0.047 uF (use 0.1 UF) 
C B 0.047 pF (use 0.1 pF) 
Steps 10-11 are the procedure you use to 
ensure that the oscillator works. If you built 
this circuit, go through steps 10-11. You 
don't need to do them if you didn't actually 
build the circuit. 

32 Figure 9.37 shows the circuit designed 
in problem 31. | 

Measurements of the output signal of this 
oscillator confirm a frequency close to 25 kHz. 
Question 
Find the impedance of the LC circuit at 
resonance. Note that r (the DC resistance of 
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13-7 Four vectors in the RL 
plane, corresponding 
to the points shown in 


Fig. 13-6. 


Inductive reactance 


0 2 4 6 
Resistance 


Vectors in the RL Plane 


Engineers sometimes represent points in the RZ plane as vectors. Recall that a vector is a mathemat- 
ical quantity that has a defined magnitude (length) and defined direction (orientation). Expressing 
a point in the RZ plane as a vector thus gives that point a unique magnitude and a unique direction. 

In Fig. 13-6, four different points are shown. Each point is represented by a certain distance to 
the right of the origin (0,70), and a certain distance upward from the origin. The first of these is the 
resistance, R, and the second is the inductive reactance, X. Thus, the RL combination is a two- 
dimensional quantity. There is no way to uniquely define RL combinations as single numbers, or 
scalars, because there are two different quantities that can vary independently. 

Another way to depict these points is to draw lines from the origin out to them. Then you can 
think of the points as rays, each having a certain length, or magnitude, and a certain direction, or 
angle counterclockwise from the resistance axis. These rays, going out to the points, are complex 
impedance vectors (Fig. 13-7). 


Current Lags Voltage 


When an ac voltage is placed across an inductor and starts to increase (either positively or nega- 
tively) from zero, it takes a fraction of a cycle for the current to follow. Once the voltage starts de- 
creasing from its maximum peak (either positive or negative) in the cycle, it again takes a fraction of 
a cycle for the current to follow. The instantaneous current cant quite keep up with the instanta- 
neous voltage, as it does in a pure resistance. Thus, in a circuit containing inductive reactance, the 
current is said to g the voltage in phase. 


Pure Inductance 


Suppose that you place an ac voltage across a coil, with a frequency high enough so that the induc- 
tive reactance, X;, is much larger than the resistance, R. In this situation, the current is "4 of a cycle 
behind the voltage. That is, the current lags the voltage by 90°, as shown in Fig. 13-8. 

At very low frequencies, large inductances are normally needed in order for the current lag to be 
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s 90° 
=e 


Current 


210° 


13-8 [In a pure inductive 


Ti reactance, the current 
ny lags the voltage by 90°. 


Instantaneous amplitude 


Voltage 


a full 90°. This is because any coil has some resistance; no wire is a perfect conductor. If some wire 
were found that had a mathematically zero resistance, and if a coil of any size were wound from this 
wire, then the current would lag the voltage by 90° in this inductor, no matter what the ac frequency. 

When the value of X; is very large compared with the value of R in a circuit—that is, when there 
is an essentially pure inductive reactance—the vector in the RL plane points straight up along the 
XG; axis. Its angle is 90° from the R axis, which is considered the zero line in the RL plane. 


Inductance with Resistance 


When the resistance in a resistance-inductance (RL) circuit is significant compared with the induc- 
tive reactance, the current lags the voltage by something less than 90° (Fig. 13-9). If R is small com- 
pared with X;, the current lag is almost 90°, but as R gets larger relative to Xz, the lag decreases. 
The value of R in an RL circuit can increase relative to X; because resistance is deliberately 
placed in series with the inductance. It can also happen because the ac frequency gets so low that X; 


Current 


Y 270° 


13-9 In a circuit with 
inductive reactance 
l and resistance, the 
Time 
current lags the voltage 


by less than 90°. 


Instantaneous amplitude 


Voltage 
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R 
13-10 Schematic 
representation of a 
aes containin To other 
8 circuits 
resistance and 
inductive reactance. x A 


decreases until it is comparable to the loss resistance R in the coil winding. In either case, the situa- 
tion can be schematically represented by an inductance in series with a resistance (Fig. 13-10). 

If you know the values of X; and R, you can find the angle of lag, also called the RL phase angle, 
by plotting the point R + 7X; on the RL plane, drawing the vector from the origin out to that point, 
and then measuring the angle of the vector, counterclockwise from the resistance axis. You can use 
a protractor to measure this angle, or you can compute its value using trigonometry. 

Actually, you don't have to know the actual values of X; and R in order to find the angle of lag. 
All you need to know is their ratio. For example, if X; = 5 Q and R=3 Q, you get the same RL phase 
angle that you get if X; = 50 Q and R= 30 Q, or if X; = 20 Q and R= 12 Q. The angle of lag is the 


same for any values of X; and R in the ratio 5:3. 


Pure Resistance 


As the resistance in an RL circuit becomes large with respect to the inductive reactance, the angle of 
lag gets small. The same thing happens if the inductive reactance gets small compared with the re- 
sistance. When R is many times greater than X7, the vector in the RZ plane lies almost on the R axis, 
going east (to the right). The RZ phase angle in this case is close to 0°. The current is nearly in phase 
with the voltage. 

In a pure resistance, with no inductance at all, the current is precisely in phase with the voltage 
(Fig. 13-11). A pure resistance doesn’t store and release energy as an inductive circuit does, so there 
is no sluggishness in it. 


Current 


180° 


13-11 [Ina circuit with pure 
resistance (no 
reactance), the Time 

current is in phase 

with the voltage. 


Instantaneous amplitude 


Voltage 
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How Much Lag? 


If you know the ratio of the inductive reactance to the resistance (X7/R) in an RL circuit, then you 
can find the phase angle. Of course, you can also find the phase angle if you know the actual values 


of X; and R. 


Pictorial Method 


It isn't necessary to construct an entire RZ plane to find phase angles. You can use a ruler that has 
centimeter (cm) and millimeter (mm) markings, and a protractor. First, draw a line a little more 
than 10 cm long, going from left to right on a sheet of paper. Use the ruler and a sharp pencil. Then, 
with the protractor, construct a line off the left end of this first line, going vertically upward. Make 
this line at least 10 cm long. The horizontal line, or the one going to the right, is the R axis of a 
coordinate system. The vertical line, or the one going upward, is the X; axis. 

If you know the values of X; and R, divide them down or multiply them up so they're both be- 
tween 0 and 100. For example, if X; = 680 Q and R= 840 Q, you can divide them both by 10 to 
get X, = 68 and R= 84. Plot these points lightly by making hash marks on the vertical and horizon- 
tal lines you've drawn. The R mark in this example will be 84 mm to the right of the origin, and the 
X; mark will be 68 mm up from the origin. 

Next, draw a line connecting the two hash marks, as shown in Fig. 13-12. This line will run at 
a slant, and will form a triangle along with the two axes. Your hash marks, and the origin of the co- 
ordinate system, form the three vertices of a right triangle. The triangle is called right because one of 
its angles is a right angle (90°). Measure the angle between the slanted line and the R axis. Extend 
one or both of the lines if necessary in order to get a good reading on the protractor. This angle will 
be between 0 and 90°, and represents the phase angle in the RZ circuit. 

The complex impedance vector, R + 7X7, is found by constructing a rectangle using the origin 
and your two hash marks as three of the four vertices, and drawing new horizontal and vertical lines 
to complete the figure. The vector is the diagonal of this rectangle, as shown in Fig. 13-13. The 


13-12 Pictorial method 
of finding phase 
angle in a circuit 
containing resistance 
and inductive 
reactance. 
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13-13 Another pictorial 4 
method of finding = —_— @*--------------------------------3 
phase angle in a 
circuit containing 
resistance and 840 + j 680 
inductive reactance. 
This method shows 
the actual impedance 
vector. 
Phase angle 


68 mm 


phase angle is the angle between this vector and the R axis. It will be the same as the angle of the 
slanted line in Fig. 13-12. 


Trigonometric Method 


If you have a good scientific calculator that can find the arctangent of a number (also called the in- 
verse tangent and symbolized either as arctan or tan”), you can determine the RL phase angle more 
precisely than the pictorial method allows. Given the values of X; and R, the RL phase angle is the 
arctangent of their ratio. Phase angle is symbolized by the lowercase Greek letter phi (pronounced 
“fie” or “fee” and written 0). Therefore: 


b = tan” (X;/R) or o = arctan (X;/R) 


Problem 13-4 


Suppose the inductive reactance in an RL circuit is 680 (2 and the resistance is 840 (2. What is the 
phase angle? 

The ratio X¿/R is 680/840. A calculator will display this quotient as something like 0.8095 and 
some more digits. Find the arctangent of this number. You should get 38.99 and some more digits. 


This can be rounded off to 39.0°. 


Problem 13-5 


Suppose an RL circuit operates at a frequency of 1.0 MHz with a resistance of 10 Q and an induc- 
tance of 90 WH. What is the phase angle? What does this tell us about the nature of this RL circuit 
at this frequency? 

Find the inductive reactance using the formula X; = 6.28/L = 6.28 x 1.0 x 90 = 565 Q. Then 
find the ratio X;/R = 565/10 = 56.5. The phase angle is equal to arctan 56.5, which, rounded to two 
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significant figures, is 89°. The circuit contains an almost pure inductive reactance, because the phase 
angle is close to 90°. The resistance contributes little to the behavior of this RZ circuit at 1.0 MHz. 


Problem 13-6 


What is the phase angle for the preceding circuit at a frequency of 10 kHz? With that information, 
what can we say about the behavior of the circuit at 10 kHz? 

This requires that X; be calculated again, for the new frequency. Let's use megahertz, so it goes 
in the formula with microhenrys. A frequency of 10 kHz is the same as 0.010 MHz. Calculating, 
we get X; = 6.28fL = 6.28 x 0.010 x 90 = 5.65 Q. The ratio X;/R is 5.65/10 = 0.565. Therefore, the 
phase angle is arctan 0.565, which, rounded to two significant figures, is 29°. This is not close to 
either 0° or 90°. Thus, at 10 kHz, the resistance and the inductive reactance both play significant 
roles in the behavior of the circuit. 


Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 


the book. 
1. As the number of turns in a coil that carries ac increases without limit, the current in the coil 
will 
(a) eventually become very large. 
(b) stay the same. 
(c) decrease, approaching zero. 
(d) be stored in the core material. 
2. As the number of turns in a coil increases, the reactance at a constant frequency 
(a) increases. 
(b) 
(c) 


(d) is stored in the core material. 


decreases. 


stays the same. 


3. As the frequency of an ac wave gets lower, the value of X; for a particular coil of wire 
(a) increases. 
(b) 
(c) 
(d) depends on the voltage. 


decreases. 


stays the same. 


4. Suppose a coil has an inductance of 100 mH. What is the reactance at a frequency of 1000 
Hz? 


(a) 0.628 Q 
(b) 6.28 Q 
(c) 62.8 (2 
(d) 628 Q 
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5. Suppose a coil shows an inductive reactance of 200 Q at 500 Hz. What is its inductance? 
(a) 0.637 H 
(b) 628 H 
(c) 63.7 mH 
(d) 628 mH 


6. Imagine a 400-WH inductor with a reactance of 33 Q. What is the frequency? 
(a) 13 kHz 
(b) 0.013 kHz 
(c) 83 kHz 
(d) 83 MHz 


7. Suppose an inductor has X; = 555 Q at f= 132 kHz. What is L? 
(a) 670 mH 
(b) 670 uH 
(c) 460 mH 
(d) 460 uH 
8. Suppose a coil has L = 689 uH at f= 990 kHz. What is Xz? 
(a) 682 Q 
(b) 4.28 Q 
(c) 4.28 kQ 
(d) 4.28 MQ 


9. Suppose an inductor has Z = 88 mH with X; = 100 Q. What is f? 
(a) 55.3 kHz 
(b) 55.3 Hz 
(c) 181 kHz 
(d) 181 Hz 


10. Each point in the RL plane 
(a) corresponds to a unique resistance. 
(b) corresponds to a unique inductance. 
(c) corresponds to a unique combination of resistance and inductive reactance. 
(d) corresponds to a unique combination of resistance and inductance. 
11. Ifthe resistance R and the inductive reactance X; both are allowed to vary from zero to 


unlimited values, but are always in the ratio 3:1, the points in the RL plane for all the resulting 
impedances will lie along 


(a) a vector pointing straight up. 
(b) 
(c) 


(d) a ray of indefinite length, pointing outward from the origin. 


a vector pointing east. 


a circle. 
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12. Each specific complex impedance value defined in the form R + jX; 
(a) corresponds to a specific point in the RL plane. 
(b) 
(c) corresponds to a specific resistance. 


(d) All of the above are true. 


corresponds to a specific inductive reactance. 


13. A vector is defined as a mathematical quantity that has 
(a) magnitude and direction. 
(b) resistance and inductance. 
(c) 


(d) inductance and reactance. 


resistance and reactance. 


14. In an RL circuit, as the ratio of inductive reactance to resistance (X¿/R) decreases, the phase 
angle 


(a) increases. 
(b) decreases. 
(c) stays the same. 


(d) becomes alternately positive and negative. 


15. In a circuit containing inductive reactance but no resistance, the phase angle is 
(a) constantly increasing. 
(b) constantly decreasing. 
(c) equal to 0°. 
(d) equal to 90°. 
16. If the inductive reactance and the resistance in an RL circuit are equal (as expressed in ohms), 
then what is the phase angle? 
(a) 0° 
(b) 
(c) 


(d) It depends on the actual values of the resistance and the inductive reactance. 


17. In Fig. 13-14, the impedance shown is which of the following? 
(a) 8.0 Q 
(b) 90 Q 
(c) 90 + 78.0 
(d) 8.0 +790 
18. Note that in the diagram of Fig. 13-14, the R and X; scale divisions are of different sizes. The 
phase angle can nevertheless be determined. It is 
(a) about 50°, from the looks of it. 


(b) 48°, as measured with a protractor. 
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(c) 85°, as calculated using trigonometry. 

(d) 6.5°, as calculated using trigonometry. 
19. Consider an RL circuit that consists of a 100-WH inductor and a 100-Q resistor. What is the 
phase angle at a frequency of 200 kHz? 

(a) 45.0° 

(b) 51.5° 

(c) 38.5° 

(d) There isn’t enough data given to calculate it. 
20. Suppose an RL circuit has an inductance of 88 mH, and the resistance is 95 Q. At 800 Hz, 
what is the phase angle? 

(a) 78° 
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CHAPTER 


Capacitive Reactance 


CAPACITIVE REACTANCE IS THE NATURAL COUNTERPART OF INDUCTIVE REACTANCE. IT, LIKE INDUCTIVE 
reactance, can be represented as a ray. The capacitive-reactance ray goes in a negative direction and 
is assigned negative ohmic values. When the capacitive-reactance and inductive-reactance rays are 
joined at their endpoints (both of which correspond to a reactance of zero), a complete number line 
is the result, as shown in Fig. 14-1. This line depicts all possible values of reactance. 


Capacitors and Direct Current 


Suppose you have two big, flat metal plates, both of which are excellent electrical conductors. Imag- 
ine that you stack them one on top of the other, with only air in between. If you connect a source 
of dc across the plates (Fig. 14-2), the plates will become electrically charged, and will reach a 
potential difference equal to the dc source voltage. It wont matter how big or small the plates are; 
their mutual voltage will always be the same as that of the source, although, if the plates are huge, it 
will take awhile for them to become fully charged. Once the plates are fully charged, the current will 
drop to zero. 

If you put some insulating material, such as glass, between the plates, their mutual voltage will 
not change, although the charging time will increase. If you increase the source voltage, the poten- 


No reactance 


No limit <—$} HI No limit 


-8 -6 -4 -2 0 2 4 6 8 
Capacitive reactance Inductive reactance 


14-1 Inductive and capacitive reactance can be represented as numerical values (corresponding 
to ohms multiplied by 7) along a number line. 
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the inductor) is 12 ohms. 


Answer 
L 4X10? 

CXr 0.01Xx10*X12 
This is about three times the value used for 
RC, instead of being 10 times the value of R 
C , as suggested in step 6 of problem 28. 

33 If you want, work through this second 
oscillator design example. Design an oscillator 
with an output frequency of 250 kHz using a 
coil with a value of 500 UH. 


=33kQ (approximately) 


Questions 

1. fr = 250 kHz 

2. L = 500 uH = 0.5 MH 

3. Find C 1. 

CIs Y 

4. You do not need this step. 

5. Find C2. 

C2=  ŽŻŽ 

6. Use the same amplifier as in the last 


example. 
7. The circuit is shown in Figure 9.38 . 
8. Find CC. 


CC = 

9. Find CB. 

CB = — 

Answer 

C 1 = 0.0008 uF; therefore, choose a 


standard value of 0.001 UF. 
C 2 = 0.0047 uF, which is a standard value. 
CB = CC = 0.004 uF (minimum). 
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Resistance of 
capacitor = oo 


14-2 A capacitor connected 
across a source of dc. /=0 


Battery voltage = E 


tial difference between the plates will follow along, more or less rapidly, depending on how large the 
plates are and on what is between them. If the voltage is increased without limit, arcing will eventu- 
ally take place. That is, sparks will begin to jump between the plates. 


Capacitors and Alternating Current 


Now, imagine that the voltage source connected across the plates is changed from dc to ac (Fig. 14-3). 
Imagine that you can adjust the frequency of this ac from a low value of a few hertz, to hundreds of 
hertz, to many kilohertz, megahertz, and gigahertz. 

At first, the voltage between the plates will follow just about exactly along as the ac source po- 
larity reverses. But the set of plates has a certain amount of capacitance. Perhaps they can charge up 
fast, if they are small and if the space between them is large, but they cant charge instantaneously. 
As you increase the frequency of the ac voltage source, there will come a point at which the plates 
do not get charged up very much before the source polarity reverses. The charge won't have time to 
get established with each ac cycle. At high ac frequencies, the voltage between the plates will have 
trouble following the current that is charging and discharging them. Just as the plates begin to get a 
good charge, the ac current will pass its peak and start to discharge them, pulling electrons out of 
the negative plate and pumping electrons into the positive plate. 


Capacitance = C 


14-3 A capacitor connected 
across a source of ac. 


Source of ac with 
voltage = E 


216 Capacitive Reactance 


As the frequency is raised without limit, the set of plates starts to act more and more like a short 
circuit. When the frequency is low, there is a small charging current, but this quickly drops to zero 
as the plates become fully charged. As the frequency becomes high, the current flows for more and 
more of every cycle before dropping off; the charging time remains constant while the period of the 
charging/discharging wave is getting shorter. Eventually, if you keep on increasing the frequency, the 
period of the wave will be much shorter than the charging/discharging time, and current will flow 
in and out of the plates in just about the same way as it would flow if the plates were shorted out. 

The opposition that the set of plates offers to ac is the capacitive reactance. lt is measured in 
ohms, just like inductive reactance, and just like resistance. But it is, by convention, assigned nega- 
tive values rather than positive ones. Capacitive reactance, denoted Xç, can vary, just as resistance 
and inductive reactance do, from near zero (when the plates are huge and close together, and/or the 
frequency is very high) to a few negative ohms, to many negative kilohms or megohms. 

Capacitive reactance, like inductive reactance, varies with frequency. But X¢ gets larger (nega- 
tively) as the frequency goes down. This is the opposite of what happens with inductive reactance, 
which gets larger (positively) as the frequency goes up. 

Often, capacitive reactance is talked about in terms of its absolute value, with the minus sign re- 
moved. Then we say that the absolute value of Xc increases as the frequency goes down, or that the 
absolute value of Xc is decreases as the frequency goes up. 


Capacitive Reactance and Frequency 


In one sense, capacitive reactance behaves like a reflection of inductive reactance. But looked at an- 
other way, Xc is an extension of X; into negative values. 

If the frequency of an ac source (in hertz) is given as f, and the capacitance (in farads) is given 
as C, then the capacitive reactance in ohms, Xo is calculated as follows: 


Xc=—lWQnfc) 


Again, we meet our friend 7! And again, for most practical purposes, we can take 27 to be equal to 
6.28. Thus, the preceding formula can be expressed like this: 


Xc = —1/(6.28fC) 


This same formula applies if the frequency, f is in megahertz and the capacitance, C, is in microfarads. 

Capacitive reactance varies inversely with the frequency. This means that the function Xc versus 
fappears as a curve when graphed, and this curve “blows up” as the frequency gets close to zero. 
Capacitive reactance also varies inversely with the actual value of capacitance, given a fixed fre- 
quency. Therefore, the function of Xc versus C also appears as a curve that blows up as the capaci- 
tance approaches zero. 

The negative of Xc is inversely proportional to frequency, and also to capacitance. Relative graphs 
of these functions are shown in Fig. 14-4. 


Problem 14-1 


Suppose a capacitor has a value of 0.00100 uF at a frequency of 1.00 MHz. What is the capacitive 
reactance? 


14-4 Capacitive reactance 
is negatively, and 
inversely, proportional 


to capacitance. 
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Relative capacitance or frequency 


Reactance 


Relative capacitive reactance 


+ 

Capacitive reactance is Q VS 
also negatively, and : capacitance 
inversely, proportional : 
to frequency. a 

x Reactance 

: vs 

J frequency 


Use the formula and plug in the numbers. You can do this directly, because the data is specified 
in microfarads (millionths) and in megahertz (millions): 


X¿=-—1/(6.28 x 1.0 x 0.00100) = —1/(0.00628) = -159 Q 


This is rounded to three significant figures, because all the data is given to that many digits. 


Problem 14-2 


What is the capacitive reactance of the preceding capacitor if the frequency decreases to zero (that 
is, if the voltage source is pure dc)? 

In this case, if you plug the numbers into the formula, you get a zero denominator. Mathemati- 
cians will tell you that such a quantity is undefined. But we can say that the reactance is negative in- 
finity for all practical purposes. 


Problem 14-3 


Suppose a capacitor has a reactance of —100 Q at a frequency of 10.0 MHz. What is its capacitance? 
In this problem, you need to put the numbers in the formula and solve for the unknown C. 
Begin with this equation: 


—100 =-1/(6.28 x 10.0 x C) 
Dividing through by —100, you get: 
1 = 1/(628 x 10.0 x C) 


Multiply each side of this by C, and you obtain C = 1/(628 x 10.0). This can be worked out with a 
calculator. You should find that C= 0.000159 to three significant figures. Because the frequency is 
given in megahertz, the capacitance comes out in microfarads. That means C= 0.000159 WE You 


can also say it is 159 pE (Remember that 1 pF = 0.000001 uE) 
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Points in the RC Plane 


In a circuit containing resistance and capacitive reactance, the characteristics are two-dimensional 
in a way that is analogous to the situation with the RL plane from the previous chapter. The resis- 
tance ray and the capacitive-reactance ray can be placed end to end at right angles to make a quar- 
ter plane called the RC plane (Fig. 14-5). Resistance is plotted horizontally, with increasing values 
toward the right. Capacitive reactance is plotted downward, with increasingly negative values as 
you go down. 

The combinations of Rand Xin this RC plane form impedances. You'll learn about impedance 
in greater detail in the next chapter. Each point on the RC plane corresponds to one and only one 
impedance. Conversely, each specific impedance coincides with one and only one point on the 
plane. 

Any impedance that consists of a resistance R and a capacitive reactance Xç can be written in 
the form R+ 7X¢. Remember that Xc is always negative or zero. Because of this, engineers will often 
write R— ¡X¿ instead. 

If an impedance is a pure resistance R with no reactance, then the complex impedance is 
R—j0 (or R+ 70; it doesn’t matter if 7 is multiplied by 0!). If R= 3 Q with no reactance, you get 
an impedance of 3 — j0, which corresponds to the point (3,70) on the RC plane. If you have a 
pure capacitive reactance, say Xc = —4 Q, then the complex impedance is 0 — 74, and this is at the 
point (0,74) on the RC plane. Again, it’s important, for completeness, to write the “0” and not 
just the “—74.” The points for 3 — 70 and 0 — 74, and two others, are plotted on the RC plane in 
Fig. 14-6. 

In practical circuits, all capacitors have some leakage resistance. If the frequency goes to zero 
(pure dc), a tiny current always flows, because no capacitor has a perfect insulator between its plates. 
In addition to this, all resistors have a little capacitive reactance because they occupy a finite physi- 
cal space. So there is no such thing as a mathematically perfect resistor, either. The points 3 — 70 and 


Resistance 
0 2 4 6 


14-5 The quarter plane for 
-j2 capacitive reactance 
(Xc) and resistance 
(R). This is also 
known as the RC 
—j4 quarter-plane, or 
simply as the RC 


Capacitive reactance 


plane. 
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Resistance 


14-6 Four points in the 
RC plane. 


Capacitive reactance 


O — 74 represent an ideal resistor and an ideal capacitor, respectively —components that can be 
worked with in theory, but that you will never see in the real world. 

Sometimes, resistance and capacitive reactance are both placed in a circuit deliberately. Then 
you get impedances such as 2 — 73 and 5 — 75, both shown in Fig. 14-6. 

Remember that the values for X¢ are reactances, not the actual capacitances. If you raise or 
lower the frequency, the value of Xc will change. A higher frequency causes Xc to get smaller nega- 
tively (closer to zero). A lower frequency causes Xc to get larger negatively (farther from zero, or 
lower down on the RC plane). If the frequency goes to zero, then the capacitive reactance drops off 
the bottom of the RC plane to negative infinity! 


Vectors in the RC Plane 


Recall from the last chapter that RL impedances can be represented as vectors. The same is true for 
RC impedances. 

In Fig. 14-6, four different complex impedance points are shown. Each point is represented by 
a certain distance to the right of the origin (0,70), and a certain displacement downward. The first 
of these is the resistance, R, and the second is the capacitive reactance, Xc. The complex RC imped- 
ance is a two-dimensional quantity. 

Impedance points in the RC plane can be rendered as vectors, just as they can in the RL plane. 
Then the points become rays, each with a certain length and direction. The magnitude and direc- 
tion for a vector, and the coordinates for the point, both uniquely define the same complex imped- 
ance. The length of the vector is the distance of the point from the origin, and the direction is the 
angle measured clockwise from the resistance (R) line, and specified in negative degrees. The equiva- 
lent vectors, for the points in Fig. 14-6, are shown in Fig. 14-7. 
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Resistance 


14-7 Four vectors in the RC 
plane, corresponding 
to the points shown in 


Fig. 14-6. 


Capacitive reactance 


Current Leads Voltage 


When ac is driven through a capacitor and starts to increase (in either direction), it takes a fraction 
of a cycle for the voltage between the plates to follow. Once the current starts decreasing from its 
maximum peak (in either direction) in the cycle, it again takes a fraction of a cycle for the voltage 
to follow. The instantaneous voltage can’t quite keep up with the instantaneous current, as it does in 
a pure resistance. Thus, in a circuit containing capacitive reactance, the voltage lags the current in 
phase. Another, and more often used, way of saying this is that the current /eads the voltage. 


Pure Capacitance 


Suppose an ac voltage source is connected across a capacitor. Imagine that the frequency is low 
enough, and/or the capacitance is small enough, so the absolute value of the capacitive reactance, 
Xo is extremely large compared with the resistance, R. Then the current leads the voltage by just 
about 90° (Fig. 14-8). 

The situation depicted in Fig. 14-8 represents a pure capacitive reactance. The vector in the RC 
plane in this situation points straight down. Its angle is —90° from the R axis. 


Capacitance and Resistance 


When the resistance in a resistance-capacitance circuit is significant compared with the absolute value 
of the capacitive reactance, the current leads the voltage by something less than 90° (Fig. 14-9). If R 
is small compared with the absolute value of Xo the difference is almost a quarter of a cycle. As R gets 
larger, or as the absolute value of Xc becomes smaller, the phase difference decreases. A circuit con- 
taining resistance and capacitance is called an RC circuit. 

The value of R in an RC circuit might increase relative to the absolute value of Xc because re- 
sistance is deliberately put into a circuit. It can also happen if the frequency becomes so high that 
the absolute value of the capacitive reactance drops to a value comparable with the loss resistance in 
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t Voltage 


180° 


14-8 In a pure capacitive 
reactance, the current Time 
leads the voltage 


by 90°. 


Instantaneous amplitude 


Current 


t Voltage 


180° 


210° 


360° 


14-9 Ina circuit with 
capacitive reactance 
and resistance, the Time 

current leads the 

voltage by less 


than 90°. 


Instantaneous amplitude 


90° 


Current 


the circuit conductors. In either case, the situation can be represented by a resistance, R, in series 
with a capacitive reactance, Xc (Fig. 14-10). 

If you know the values of Xc and R, you can find the angle of lead, also called the RC phase angle, 
by plotting the point R—¡X¿on the RC plane, drawing the vector from the origin 0 — 70 out to that 
point, and then measuring the angle of the vector clockwise from the R axis. You can use a protrac- 
tor to measure this angle, as you did in the previous chapter for RL phase angles. Or you can use 
trigonometry to calculate the angle. 

As with RL circuits, you need only know the ratio of Xc to R to determine the phase angle. For 
example, if X¿=-4 Q and R=7 Q, you'll get the same angle as with Xc = —400 Q and R= 700 Q, 
or with X¿=-—16 Q and R= 28 Q. The phase angle will be the same whenever the ratio of Xc to R 
is equal to —4:7. 
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14-10 Schematic 


R 
To other representation of a 
circule circuit containing 
resistance and 
Xo capacitive reactance. 


Pure Resistance 


As the resistance in an RC circuit gets large compared with the absolute value of the capacitive reac- 
tance, the angle of lead becomes smaller. The same thing happens if the absolute value of X¢ gets 
small compared with the value of R. 

When R is many times larger than the absolute value of Xc, whatever their actual values, the 
vector in the RC plane points almost along the R axis. Then the RC phase angle is close to 0°. The 
voltage comes nearly into phase with the current. The plates of the capacitor do not come anywhere 
near getting fully charged with each cycle. The capacitor is said to “pass the ac” with very little loss, 
as if it were shorted out. But it will still have an extremely high Xc for any ac signals at much lower 
frequencies that might exist across it at the same time. (This property of capacitors can be put to use 
in electronic circuits. An example is when an engineer wants to let radio-frequency signals get 
through while blocking signals at audio frequencies.) 

Ultimately, if the absolute value of the capacitive reactance gets small enough, the circuit acts as 
a pure resistance, and the current is in phase with the voltage. 


How Much Lead? 


If you know the ratio of capacitive reactance to resistance, or X-/R, in an RC circuit, then you can 
find the phase angle. Of course, you can find this angle if you know the precise values, too. 


Pictorial Method 


You can use a protractor and a ruler to find phase angles for RC circuits, just as you did with RL cir- 
cuits in the previous chapter, as long as the angles arent too close to 0° or 90°. First, draw a line 
somewhat longer than 10 cm, going from left to right on the paper. Then, use the protractor to con- 
struct a line going somewhat more than 10 cm vertically downward, starting at the left end of the 
horizontal line. The horizontal line is the R axis of an RC plane. The line going down is the Xc axis. 

If you know the actual values of Xç and R, divide or multiply them by a constant, chosen to 
make both values fall between —100 and 100. For example, if Xc = 3800 Q and R= 7400 Q, di- 
vide them both by 100, getting —38 and 74. Plot these points on the lines. The Xc point goes 38 
mm down from the intersection point between your two axes. The R point goes 74 mm to the right 
of the intersection point. Next, draw a line connecting the two points, as shown in Fig. 14-11. This 
line will be at a slant and will form a triangle along with the two axes. This is a right triangle, with 
the right angle at the origin of the RC plane. Measure the angle between the slanted line and the R 
axis. Use the protractor for this. Extend the lines, if necessary, using the ruler, to get a good reading 


14-11 


Pictorial method 

of finding phase 
angle in a circuit 
containing resistance 
and capacitive 
reactance. 


How Much Lead? 
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on the protractor. This angle will be between 0 and 90°. Multiply this reading by —1 to get the RC 
phase angle. That is, if the protractor shows 27°, the RC phase angle is —27°. 

The actual vector is found by constructing a rectangle using the origin and your two points, 
making new perpendicular lines to complete the figure. The vector is the diagonal of this rectangle, 
running out from the origin (Fig. 14-12). The phase angle is the angle between the R axis and this 
vector, multiplied by —1. It will have the same measure as the angle of the slanted line you con- 
structed in Fig. 14-11. 


14-12 


Another pictorial 
method of finding 
phase angle in a 
circuit containing 
resistance and 
capacitive reactance. 
This method shows 
the actual impedance 
vector. 
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Trigonometric Method 


Using trigonometry, you can determine the RC phase angle more precisely than the pictorial 
method allows. Given the values of Xc and R, the RC phase angle is the arctangent of their ratio. 
Phase angle in RC circuits is symbolized by the lowercase Greek letter , just as it is in RL circuits. 
Here are the formulas: 


Q = tan” (Xc/R) or o = arctan (Xc/R) 


When doing problems of this kind, remember to use the capacitive reactance values for Xc, and not 
the capacitance values. This means that, if you are given the capacitance, you must use the formula 
for Xc in terms of capacitance and frequency and then calculate the phase angle. You should get an- 
gles that come out negative or zero. This indicates that they're RC phase angles rather than RL phase 
angles (which are always positive or zero). 


Problem 14-4 


Suppose the capacitive reactance in an RC circuit is —3800 Q and the resistance is 7400 (2. What is 
the phase angle? 

Find the ratio Xc/R = 3800/7400. The calculator display should show you something like 
—0.513513513. Find the arctangent, or tan”, getting a phase angle of —27.18111109° on the cal- 
culator display. Round this off to —27.18°. 


Problem 14-5 


Suppose an RC circuit works at a frequency of 3.50 MHz. It has a resistance of 130 (2 and a capac- 
itance of 150 pE What is the phase angle? 

First, find the capacitive reactance for a capacitor of 150 pF at 3.50 MHz. Convert the capaci- 
tance to microfarads, getting C= 0.000150 uE Remember that microfarads go with megahertz (mil- 
lionths go with millions to cancel each other out). Then: 


X¿=-—1/(6.28 x 3.50 x 0.000150) 
= —1/0.003297 =-303 Q 


Now you can find the ratio X-/R = —303/130 = —2.33. The phase angle is equal to the arctangent 
of —2.33, or —66.8°. 


Problem 14-6 


What is the phase angle in the preceding circuit if the frequency is raised to 7.10 MHz? 
You need to find the new value for Xc, because it will change as a result of the frequency change. 
Calculating: 


X¿=-—1/(6.28 x 7.10 x 0.000150) 
= —1/0.006688 = -150 Q 


The ratio X-/R in this case is equal to —150/130, or —1.15. The phase angle is the arctangent of 
—1.15, which turns out to be —49.0°. 


34 The circuit you designed in problem 33 
is shown in Figure 9.38 . 


Figure 9.38 
lû kO <$ 
Ce 
0.005 uF 
C] 
0.001 uF A 
3 500 uH 
Cp r | 
0.005 uF - “E ree 
0.0047 ur 
Measurements of the output signal of this 
oscillator confirm a frequency close to 250 
KHz. 
Question 
Find the impedance of the LC circuit at 
resonance. Note that r (the DC resistance of 
the inductor) is 20 ohms. _— 
Answer 
Z = 30 kQ 


This is about 3 times the value of RC, rather 
than 10 times the value of RC, as suggested 
in step 6 of problem 28. 

35 Figure 9.39 shows several other 


Quiz 225 


Quiz 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 
back of the book. 
1. As the size of the plates in a capacitor increases, all other things being equal, 
(a) the value of Xc increases negatively. 
(b) 
(c) 


(d) we cannot say what happens to Xc without more data. 


the value of Xc decreases negatively. 


the value of Xc does not change. 


2. If the dielectric material between the plates of a capacitor is changed, all other things being 
equal, 


(a) the value of Xc increases negatively. 
(b) the value of Xc decreases negatively. 
(c) the value of Xc does not change. 
(d) we cannot say what happens to Xc without more data. 
3. As the frequency of a wave gets lower, all other things being equal, the value of Xc for a 
capacitor 
(a) increases negatively. 
(b) decreases negatively. 
(c) does not change. 


(d) depends on the current. 


4. What is the reactance of a 330-pF capacitor at 800 kHz? 


(a) —1.66 Q 

(b) —0.00166 Q 
(c) —603 Q 

(d) -603 kQ 


5. Suppose a capacitor has a reactance of —4.50 Q at 377 Hz. What is its capacitance? 
(a) 9.39 WF 
(b) 93.9 UF 
(c) 7.42 WF 
(d) 74.2 uF 


6. Suppose a 47-UF capacitor has a reactance of —47 Q. What is the frequency? 
(a) 72 Hz 
(b) 7.2 MHz 
(c) 0.000072 Hz 
(d) 7.2 Hz 
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7. Suppose a capacitor has Xc = —8800 Q at f= 830 kHz. What is C? 


10. 


11. 


12; 


(a) 2.18 WF 
(b) 21.8 pF 
(c) 0.00218 uF 
(d) 2.18 pF 


. Suppose a capacitor has C= 166 pF at f= 400 kHz. What is Xc? 


(a) 2.4kQ 

(b) -2.4 Q 

() -2.4x 10% Q 

(d) 2.4 MQ 

Suppose a capacitor has C= 4700 uF and Xc = —33 Q. What is f? 
(a) 1.0 Hz 

(b) 10 Hz 

(c) 1.0 kHz 

(d) 10 kHz 


Each point in the RC plane 

(a) corresponds to a unique inductance. 

(b) corresponds to a unique capacitance. 

(c) corresponds to a unique combination of resistance and capacitance. 


(d) corresponds to a unique combination of resistance and reactance. 


If R increases in an RC circuit, but Xc is always zero, the vector in the RC plane will 
(a) rotate clockwise. 

(b) rotate counterclockwise. 

(c) always point straight toward the right. 

(d) always point straight down. 


If the resistance R increases in an RC circuit, but the capacitance and the frequency are 


nonzero and constant, then the vector in the RC plane will 


15, 


(a) get longer and rotate clockwise. 
(b) 
(c) 


(d) get shorter and rotate counterclockwise. 


get longer and rotate counterclockwise. 


get shorter and rotate clockwise. 


Each complex impedance value R—-jX¢ 

(a) represents a unique combination of resistance and capacitance. 
(b) 

(c) represents a unique combination of resistance and frequency. 


(d) All of the above are true. 


represents a unique combination of resistance and reactance. 


14. 


15. 


16. 


Te 


In an RC circuit, as the ratio Xc/R approaches zero, the phase angle 


(a) approaches —90°. 
(b) 
(c) 


(d) cannot be found. 


approaches 0°. 


stays the same. 


In a purely resistive circuit, the phase angle is 
(a) increasing. 

(b) decreasing. 

(c) O°. 

(d) —90°. 

If Xc/R = —1, then what is the phase angle? 
(a) 0° 

(b) —45° 

(c) —90° 


(d) Impossible to find because there’s not enough data given 


In Fig. 14-13, the impedance shown is 
(a) 8.02 + 7323. 
(b) 323 + 78.02. 
(c) 8.02 — ¡323. 
(d) 323 — 78.02. 


Resistance, ohms 
2 4 6 


8 
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18. In Fig. 14-13, note that the Rand Xc scale divisions are not the same size. What is the actual 
phase angle? 


(a) —1.42° 
(b) About —60°, from the looks of it 
(c) —58.9° 
(d) —88.6° 


19. Suppose an RC circuit consists of a 150-pF capacitor and a 330-Q resistor in series. What is 
the phase angle at a frequency of 1.34 MHz? 


(a) —67.4° 
(b) —22.6° 
(c) —24.4° 
(d) —65.6° 


20. Suppose an RC circuit has a capacitance of 0.015 uE The resistance is 52 Q. What is the 
phase angle at 90 kHz? 


(a) —24° 
(b) —0.017° 
(c) —66° 


(d) None of the above 


15 


CHAPTER 


Impedance and Admittance 


IN THIS CHAPTER, A COMPLETE, WORKING DEFINITION OF COMPLEX IMPEDANCE IS DEVELOPED. YOU'LL 
also get acquainted with admittance, the extent to which an ac circuit allows (or admits) current 
flow, rather than impeding it. As we develop these concepts, let’s review, and then expand on, some 
of the material presented in the previous couple of chapters. 


Imaginary Numbers 


Have you been wondering what j actually means in expressions of impedance? Well, 7 is nothing but 
a number: the positive square root of —1. There's a negative square root of —1, too, and it is equal 
to —j. When either 7 or —7 is multiplied by itself, the result is —1. (Pure mathematicians often denote 
these same numbers as ¿ or —2.) 

The positive square root of —1 is known as the unit imaginary number. The set of imaginary 
numbers is composed of real-number multiples of 7 or —j. Some examples are 74, 735.79, —j25.76, 
and —j25,000. 

The square of an imaginary number is always negative. Some people have trouble grasping this, 
but when you think long and hard about it, all numbers are abstractions. Imaginary numbers are no 
more imaginary (and no less real) than so-called real numbers such as 4, 35.79, —25.76, or —25,000. 

The unit imaginary number j can be multiplied by any real number on a conventional 
real number line. If you do this for all the real numbers on the real number line, you get an imag- 
inary number line (Fig. 15-1). The imaginary number line should be oriented at a right angle to 
the real number line when you want to graphically portray real and imaginary numbers at the 
same time. 

In electronics, real numbers represent resistances. Imaginary numbers represent reactances. 


Complex Numbers 


When you add a real number and an imaginary number, you get a complex number. In this context, 
the term complex does not mean “complicated.” A better word would be composite. Examples are 
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4 +475, 8 — j7, -7 +713, and —6 — 787. The set of complex numbers needs two dimensions—a 
plane—to be graphically defined. 


Adding and Subtracting Complex Numbers 


Adding complex numbers is just a matter of adding the real parts and the complex parts separately. 
For example, the sum of 4 + 77 and 45 — 783 works out like this: 


(4 + 45) +7(7 — 83) 
= 49 + j(-76) 
=49 576 


Subtracting complex numbers is a little more involved; it’s best to convert a difference to a sum. For 
example, the difference (4 + 77) — (45 — 783) can be found by multiplying the second complex 
number by —1 and then adding the result: 


(4+77) — (45 —783) 
= (4+ 77) + [-1(45 — /83)] 
= (4+ 77) + (+45 +783) 
=-41 +790 


Complex Numbers 231 


Multiplying Complex Numbers 


When you multiply these numbers, you should treat them as sums of number pairs, that is, as b7- 
nomials. It’s easier to give the general formula than to work with specifics here. If a, b, c, and d are 
real numbers (positive, negative, or zero), then: 


(a+ 7b) (c+ jd) 
=ac+ jad + jbc+ j*bd 
= (ac — bd) + j(ad + bc) 


Fortunately, you wont encounter complex number multiplication problems very often in electron- 
ics. Nevertheless, a working knowledge of how complex numbers multiply can help you get a solid 


grasp of them. 


The Complex Number Plane 


A complete complex number plane is made by taking the real and imaginary number lines and plac- 
ing them together, at right angles, so that they intersect at the zero points, 0 and 70. This is shown 
in Fig. 15-2. The result is a Cartesian coordinate plane, just like the ones people use to make graphs 
of everyday things such as stock price versus time. 
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15-2 The complex number plane. 
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Direction 


15-3 Magnitude and 
direction of a vector 
—_ +++ X in the complex 


number plane. 


Complex Number Vectors 


Complex numbers can also be represented as vectors. This gives each complex number a unique 
magnitude and a unique direction. The magnitude is the distance of the point a + jb from the origin 
0 + 70. The direction is the angle of the vector, expressed counterclockwise from the positive real- 
number axis. This is shown in Fig. 15-3. 


Absolute Value 


The absolute value of a complex number a + 76 is the length, or magnitude, of its vector in the com- 
plex plane, measured from the origin (0,0) to the point (a,b). 

In the case of a pure real number a + ¡0, the absolute value is simply the real number itself, a, if 
a is positive. If a is negative, then the absolute value of a + 70 is equal to —a. 

In the case of a pure imaginary number 0 + jb, the absolute value is equal to b, if b (a real num- 
ber) is positive. If 6 is negative, the absolute value of 0 + fb is equal to —d. 

If the number a + fb is neither pure real or pure imaginary, the absolute value must be found by 
using a formula. First, square both 4 and 6. Then add them. Finally, take the square root. This is the 
length, c, of the vector a + jb. The situation is illustrated in Fig. 15-4. 


Problem 15-1 


Find the absolute value of the complex number —22 — 70. 
This is a pure real number. Actually, it is the same as —22 + j0, because ¡0 = 0. Therefore, the 
absolute value of this complex number is —(—22) = 22. 


Problem 15-2 


Find the absolute value of 0 — 734. 
This is a pure imaginary number. The value of 6 in this case is —34, because 0 — 734 = 0 + 
j(—34). Therefore, the absolute value is —(—34) = 34. 
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15-4 Calculation of absolute 
value, or vector length. 
Here, the vector length 
is represented by c. 


Problem 15-3 


Find the absolute value of 3 — 74. 

In this number, a = 3 and b = —4. Squaring both of these, and adding the results, gives us 37 + 
(—4)* =9 + 16 = 25. The square root of 25 is 5. Therefore, the absolute value of this complex num- 
ber is 5. 


The RX Plane 


Recall the planes for resistance (R) and inductive reactance (X,) from Chap. 13. This is the same as 
the upper-right quadrant of the complex number plane shown in Fig. 15-2. Similarly, the plane for 
resistance and capacitive reactance (Xo) is the same as the lower-right quadrant of the complex num- 
ber plane. Resistances are represented by nonnegative real numbers. Reactances, whether they are 
inductive (positive) or capacitive (negative), correspond to imaginary numbers. 


No Negative Resistance 


There is no such thing, strictly speaking, as negative resistance. You cannot have anything better 
than a perfect conductor. In some cases, a supply of direct current, such as a battery, can be treated 
as a negative resistance; in other cases, you can have a device that acts as if its resistance were nega- 
tive under certain changing (or dynamic) conditions. But for most practical applications in the RX 
plane, the resistance value is always positive. You can remove the negative axis, along with the upper- 
left and lower-left quadrants, of the complex number plane, obtaining a half plane, as shown in Fig. 
15-5, and still get a complete set of coordinates for depicting complex impedances. 


“Negative Inductors” and “Negative Capacitors” 


Capacitive reactance, Xo is effectively an extension of inductive reactance, X;, into the realm of neg- 
atives. Capacitors act like “negative inductors.” It’s equally true to say that inductors act like “nega- 
tive capacitors,” because the negative of a negative number is a positive number. Reactance can vary 
from extremely large negative values, through zero, to extremely large positive values. 
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[x 


15-5 The complex 
impedance plane, also 
called the resistance- 
reactance (RX) plane. 


Vector Representation of Impedance 


Any impedance R + 7X can be represented by a complex number of the form a + 76. Just let R= a 
and X= 6. Now try to envision how the impedance vector changes as either R or X, or both, are var- 
ied. If X remains constant, an increase in R causes the vector to get longer. If R remains constant and 
X; gets larger, the vector grows longer. If R stays the same but Xc gets larger negatively, the vector 
grows longer. 

Think of the point R + jX moving around in the RX plane, and imagine where the correspon- 
ding points on the axes lie. These points can be found by drawing dashed lines from the point R + 
¡X to the Rand X axes, so that the dashed lines intersect the axes at right angles. Some examples are 
shown in Fig. 15-6. 

Now think of the points for Rand X moving toward the right and left, or up and down, on their 
axes. Imagine what happens to the point R+ 7X in various scenarios. This is how impedance changes 
as the resistance and reactance in a circuit are varied. 

Resistance is one-dimensional. Reactance is also one-dimensional. But impedance is two- 
dimensional. To fully define impedance, you must render it on a two-dimensional coordinate sys- 
tem such as the RX plane. The resistance and the reactance can change independently of one 
another. 


oscillator circuits. Calculate the expected 
output frequency for each circuit and build as 
many as you want. Check the measured 
oscillator output frequency against the 
calculated values for each circuit you build. 
Figure 9,39 


(a) 


56 mH 


0.1 uF 


(c) 


Questions 

What is the output 
A fs ç çć 

B. fs ç č 

C fs 

D. fs —ć č 
Answers 

A. 8.8 kHz 


B. 10 kHz 


0.1 


ur 9100 


(b) 


10 V 


0.1 uF 


0.1 uF 


(d) 


each 


for 


frequency 


2 mH 


circuit? 
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15-6 Some points in the 
complex impedance 
plane, and their 
resistive and reactive 
components on 
the axes. 


Absolute-Value Impedance 


Youll occasionally read or hear that the “impedance” of some device or component is a certain num- 
ber of ohms. For example, in audio electronics, there are “8-Q” speakers and “600-Q” amplifier in- 
puts. How, you ask, can manufacturers quote a single number for a quantity that is two-dimensional 
and needs two numbers to be completely expressed? 

That's a good question, and there are two answers. First, figures like this refer to devices that 
have purely resistive impedances, also known as nonreactive impedances. Thus, the 8-Q speaker really 
has a complex impedance of 8 + 70, and the 600-Q input circuit is designed to operate with a com- 
plex impedance at, or near, 600 + 70. Second, you can talk about the length of the impedance vec- 
tor (that is, the absolute value of the complex impedance), calling this a certain number of ohms. If 
you talk about impedance this way, however, you are being ambiguous. There can exist an infinite 
number of different vectors of any given length in the RX plane. 

Sometimes, the uppercase italic letter Z is used in place of the word impedance in general dis- 
cussions. This is what engineers mean when they say things like “Z = 50 Q” or “Z = 300 Q nonre- 
active.” In this context, if no specific impedance is given, “Z = 8 Q” can theoretically refer to 8 + 70, 
0 +78, 0 —78, or any other complex impedance point on a half circle consisting of all points 8 units 


from 0 + 70. This is shown in Fig. 15-7. 


Problem 15-4 


Name seven different complex impedances that can theoretically be meant by the expression “Z = 
10 Q.” 

It’s easy name three: 0 + 710, 10 +70, and 0 — 710. These represent pure inductance, pure resist- 
ance, and pure capacitance, respectively. 

A right triangle can exist having sides in a ratio of 6:8:10 units. This is true because 6? + 8° = 
107. (Check it and see!) Therefore, you can have 6 + 78, 6 — 78, 8 + 76, and 8 — j6, all complex im- 
pedances whose absolute value is 10. 
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Characteristic Impedance 


There is a rather exotic property of certain electronic components that you'll sometimes hear or read 
about. It is called characteristic impedance or surge impedance, and is symbolized Z,. It is a specifica- 


tion of an important property of transmission lines. It can always be expressed as a positive real num- 
ber, in ohms. 


Transmission Lines 


When it is necessary to get energy or signals from one place to another, a transmission line is re- 
ytog SY 8 p 
quired. These almost always take either of two forms, coaxial or two-wire (also called parallel-wire). 
Cross-sectional renditions of both types are shown in Fig. 15-8. Examples of transmission lines in- 
yP g Pp 
cc . >>) . o . . . 
clude the “ribbon” that goes from a television antenna to the receiver, the cable running from a hi- 
fi amplifier to the speakers, and the set of wires that carries electricity over the countryside. 


Factors Affecting Z, 


The Z, of a parallel-wire transmission line depends on the diameter of the wires, on the spacing be- 
tween the wires, and on the nature of the insulating material separating the wires. In general, the Z, 
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15-8 Edge-on views of coaxial transmission line (A) and parallel-wire line (B). In 


either type of line, Z, depends on the conductor diameters and spacing, and 
on the nature of the dielectric material between the conductors. See text for 
discussion. 


increases as the wire diameter gets smaller, and decreases as the wire diameter gets larger, all other 
things being equal. 

In a coaxial line, as the center conductor gets thicker, the Z, decreases if the shield stays the same 
size. If the center conductor stays the same size and the shield increases in diameter, the Z, increases. 

For either type of line, the Z, increases as the spacing between wires, or between the center con- 
ductor and the shield, gets larger. The Z, decreases as the spacing is reduced. Solid dielectric mate- 
rials such as polyethylene reduce the Z, of a transmission line, compared with air or a vacuum, when 
placed between the conductors. 


An Example of Z, in Practice 


In rigorous terms, the ideal characteristic impedance for a transmission line is determined accord- 
ing to the nature of the /oad with which the line works. 

For a system having a purely resistive impedance of a certain number of ohms, the best line Z, 
value is that same number of ohms. If the load impedance is much different from the characteristic 
impedance of the transmission line, excessive power is wasted in heating up the transmission line. 

Imagine that you have a so-called 300-Q frequency-modulation (FM) receiving antenna, such 
as the folded-dipole type that you can mount indoors. Suppose that you want the best possible re- 
ception. Of course, you should choose a good location for the antenna. You should make sure that 
the transmission line between your radio and the antenna is as short as possible. But you should also 
be sure that you purchase 300-Q TV ribbon. It has a value of Z, that has been optimized for use 
with antennas whose impedances are close to 300 + 70. 
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Impedance matching is the process of making sure that the impedance of a load (such as an an- 
tenna) is purely resistive, with an ohmic value equal to the characteristic impedance of the transmis- 
sion line connected to it. This concept will be discussed in more detail in the next chapter. 


Conductance 


In an ac circuit, electrical conductance works the same way as it does in a de circuit. Conductance is 
symbolized by the capital letter G. It was introduced in Chap. 2. The relationship between conduc- 
tance and resistance is simple: G = 1/R. The standard unit of conductance is the siemens. The larger 
the value of conductance, the smaller the resistance, and the more current will flow. Conversely, the 
smaller the value of G, the greater the value of R, and the less current will flow. 


Susceptance 


Sometimes, you'll come across the term susceptance in reference to ac circuits. Susceptance is sym- 
bolized by the capital letter B. It is the reciprocal of reactance. Susceptance can be either capacitive 
or inductive. These quantities are symbolized as Bc and B;, respectively. Therefore we have these two 
relations: 


Bo= 1/Xc 
B; = 1/X; 


All values of B theoretically contain the 7 operator, just as do all values of X. But when it comes 
to finding reciprocals of quantities containing 7, things get tricky. The reciprocal of 7 is equal to its 
negative! Expressed mathematically, we have these two facts: 


y= 
li(-j) =j 


As a result of these properties of 7, the sign reverses whenever you find a susceptance value in terms 
of a reactance value. When expressed in terms of 7, inductive susceptance is negative imaginary, and 
capacitive susceptance is positive imaginary—yust the opposite situation from inductive reactance 
and capacitive reactance. 

Suppose you have an inductive reactance of 2 (2. This is expressed in imaginary terms as /2. To 
find the inductive susceptance, you must find 1/( 2). Mathematically, this expression can be con- 
verted to a real-number multiple of 7 in the following manner: 


1/(j2) = A4) CA) 
= (1/7)0.5 
=—j0.5 


Now suppose you have a capacitive reactance of 10 Q. This is expressed in imaginary terms as 
—¡10. To find the capacitive susceptance, you must find 1/(—710). Here's how this can be converted 
to the straightforward product of ¡and a real number: 
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1/(—710) = (1/10/40) 
= (1/-j)0.1 
=70.1 


When you want to find an imaginary value of susceptance in terms of an imaginary value of reac- 
tance, first take the reciprocal of the real-number part of the expression, and then multiply the re- 
sult by —1. 


Problem 15-5 
Suppose you have a capacitor of 100 pF at a frequency of 3.00 MHz. What is Bc? 


First, find Xc by the formula for capacitive reactance: 
Note that 100 pF = 0.000100 WE Therefore: 


Xc = —1/(6.28 x 3.00 x 0.000100) 
= —1/0.001884 =-531 Q 


The imaginary value of Xc is equal to —7531. The susceptance, Be, is equal to 1/X¢. Thus, Bc = 
1/(-7531) =70.00188, rounded to three significant figures. 

The general formula for capacitive susceptance in siemens, in terms of frequency in hertz and 
capacitance in farads, is: 


This formula also works for frequencies in megahertz and capacitances in microfarads. 


Problem 15-6 


Suppose an inductor has L = 163 WH at a frequency of 887 kHz. What is Bz? 
Note that 887 kHz = 0.887 MHz. You can calculate X, from the formula for inductive 
reactance: 


= 6.28 X 0.887 x 163 
= 908 Q 


The imaginary value of X; is equal to 7908. The susceptance, B; = is equal to 1/X;. It follows that 
B; = —1/7908 = —70.00110. 

The general formula for inductive susceptance in siemens, in terms of frequency in hertz and 
inductance in henrys, is: 


B; =-1/(6.28fL) 


This formula also works for frequencies in kilohertz and inductances in millihenrys, and for fre- 
quencies in megahertz and inductances in microhenrys. 
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Admittance 


Real-number conductance and imaginary-number susceptance combine to form complex admit- 
tance, symbolized by the capital letter Y This is a complete expression of the extent to which a cir- 
cuit allows ac to flow. 

As the absolute value of complex impedance gets larger, the absolute value of complex admit- 
tance becomes smaller, in general. Huge impedances correspond to tiny admittances, and vice 
versa. 

Admittances are written in complex form just like impedances. But you need to keep track of 
which quantity youre talking about! This will be obvious if you use the symbol, such as Y= 3 — 70.5 
or Y=7+ 73. When you see Y instead of Z, you know that negative 7 factors (such as in the quan- 
tity 3 — 70.5) mean there is a net inductance in the circuit, and positive 7 factors (such as in the 
quantity 7 + 73) mean there is net capacitance. 

Admittance is the complex composite of conductance and susceptance. Thus, complex admit- 
tance values always take the form Y= G + jB. When the j factor is negative, a complex admittance 
may appear in the form Y= G—7B. 

Do you remember how resistances combine with reactances in series to form complex imped- 
ances? In Chaps. 13 and 14, you saw series RL and RC circuits. Did you wonder why parallel cir- 
cuits were ignored in those discussions? The reason was the fact that admittance, not impedance, is 
best for working with parallel ac circuits. Resistance and reactance combine in a messy fashion in 
parallel circuits. But conductance (G ) and susceptance (B) merely add together in parallel circuits, 
yielding admittance (Y). Parallel circuit analysis is covered in detail in the next chapter. 


The GB Plane 


Admittance can be depicted on a plane similar to the complex impedance (RX) plane. Actually, it’s 
a half plane, because there is ordinarily no such thing as negative conductance. (You cant have a 
component that conducts worse than not at all.) Conductance is plotted along the horizontal, or G, 
axis on this coordinate half plane, and susceptance is plotted along the B axis. The GB plane is 
shown in Fig. 15-9, with several points plotted. 


It’s Inside Out 


The GB plane looks superficially identical to the RX plane. But mathematically, the two could not 
be more different! The GB plane is mathematically inside out with respect to the RX plane. The 
center, or origin, of the GB plane represents the point at which there is no conduction for dc or for 
ac. It is the zero-admittance point, rather than the zero-impedance point. In the RX plane, the ori- 
gin represents a perfect short circuit, but in the GB plane, the origin corresponds to a perfect open 
circuit. 

As you move out toward the right (east) along the G, or conductance, axis of the GB plane, the 
conductance improves, and the current gets greater. When you move upward (north) along the jB 
axis from the origin, you have ever-increasing positive (capacitive) susceptance. When you go 
down (south) along the 7B axis from the origin, you encounter increasingly negative (inductive) 
susceptance. 
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15-9 Some points in the IB, 
complex admittance j B, 
plane, and their 
conductive and 
susceptive components 
on the axes. 


-j B} 


Vector Representation of Admittance 


Complex admittances can be shown as vectors, just as can complex impedances. In Fig. 15-10, the 
points from Fig. 15-9 are rendered as vectors. 

Generally, long vectors in the GB plane indicate large currents, and short vectors indicate 
small currents. Imagine a point moving around on the GB plane, and think of the vector getting 
longer and shorter and changing direction. Vectors pointing generally northeast, or upward and to 
the right, correspond to conductances and capacitances in parallel. Vectors pointing in a more or 
less southeasterly direction, or downward and to the right, are conductances and inductances in 


parallel. 


j B, 
, jB 
15-10 Vectors representing 2 


the points of 
Fig. 15-9. 


-j B} 
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Qui 
Refer to the text in this chapter if necessary. A good score is 18 or more correct. Answers are in the 


back of the book. 


1. The square of an imaginary number 
(a) can never be negative. 
(b) 
(c) 
(d) is equal to 7. 


can never be positive. 


can be either positive or negative. 


2. A complex number 
(a) 1s the same thing as an imaginary number. 
(b) has a real-number part and an imaginary-number part. 
(c) is one-dimensional. 


(d) is a concept reserved for elite mathematicians. 


3. What is the sum of 3 + 7 and —3 — j7? 
(a) 0+ 0 
(b) 6+ 714 
(c) -6— 14 
(d) 0-714 
4. What is (-5 +77) — (4 — j5)? 
(a) —1 +72 
(b) -9-72 
(c) -1 — j2 
(d) —9 + 712 
5. What is the product (—4 — 7 7)(6 — j2)? 
(a) 24-714 
(b) -38 — ¡34 
(c) -24— 14 
(d) —24 + 714 
6. What is the magnitude of the vector 18 — ¡24? 
(a) 6 
(b) 21 
(c) 30 
(d) 52 
7. The complex impedance value 5 + ¡0 represents 
(a) a pure resistance. 


(b) a pure inductance. 
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(c) a pure capacitance. 

(d) an inductance combined with a capacitance. 
8. The complex impedance value 0 — ¡22 represents 

(a) a pure resistance. 

(b) a pure inductance. 

(c) a pure capacitance. 


(d) an inductance combined with a resistance. 


9. What is the absolute-value impedance of 3.0 — 76.0? 


(a) Z=9.0Q 
(b) Z=3.0 Q 
(e) Z=45Q 
(d) Z=6.7Q 
10. What is the absolute-value impedance of 50 — ¡235? 
(a) Z=240 (2 
(b) Z= 58,000 Q 
(c) Z=285Q 
(d) Z=-185 Q 


11. If the center conductor of a coaxial cable is made to have a smaller diameter, all other things 
being equal, what will happen to the Z, of the transmission line? 


(a) It will increase. 
(b) 
(c) 


(d) There is no way to determine this without knowing the actual dimensions. 


It will decrease. 


It will not change. 


12. Ifa device is said to have an impedance of Z = 100 Q, you can reasonably expect that this 
indicates 


(a) R+jX= 100 + 70. 

(b) R+jX=0 +100. 

(c) R+¡X= 100 + 100. 

(d) the reactance and the resistance add up to 100 Q. 
13. Suppose a capacitor has a value of 0.050 UF at 665 kHz. What is the capacitive susceptance, 
stated as an imaginary number? 

(a) Bo =7j4.79 

(b) Be =-j4.79 

(c) Bo=j0.209 

(d) Be=-j0.209 
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14. An inductor has a value of 44 mH at 60 Hz. What is the inductive susceptance, stated as an 
imaginary number? 


(a) B,=-j0.060 


(b) B; =j0.060 
(c) B,=-j17 
(d) B,=j17 


15. Susceptance and conductance add to form 
(a) complex impedance. 
(b) complex inductance. 
(c) complex reactance. 


(d) complex admittance. 


16. Absolute-value impedance is equal to the square root of which of the following? 
(a) G° +B? 
(b) R +X? 
(c) Lo 
(d) Y° + R° 
17. Inductive susceptance is defined in 
(a) imaginary ohms. 
(b) 
(c) 


(d) imaginary siemens. 


imaginary henrys. 


imaginary farads. 


18. Capacitive susceptance values can be defined by 
(a) positive real numbers. 
(b) negative real numbers. 
(c) positive imaginary numbers. 
(d) negative imaginary numbers. 
19. Which of the following is false? 
(a) Bo= 1/Xc. 
(b) 
(c) Characteristic impedance is complex. 


(d) G=1/R. 


20. In general, as the absolute value of the impedance in a circuit increases, 


Complex impedance can be depicted as a vector. 


(a) the flow of ac increases. 
(b) 
(c) 


(d) the resistance decreases. 


the flow of ac decreases. 


the reactance decreases. 


C. 3 kHz 
D. 1 kHz 


Summary and Applications 


This chapter covered the following topics 
related to oscillators: 
The main elements that make up an 
oscillator 
How to differentiate between positive and 


negative feedback 

The type of feedback that causes a circuit 
to oscillate 

Two methods to obtain feedback in oan 
oscillator circuit 

How resonant LC circuits set the frequency 
of an oscillator 

You also practiced designing a simple 
oscillator circuit to solidify your understanding 
of its elements and operation. 


Self-Test 

These questions test your understanding of 
the concepts and equations presented in this 
chapter. Use a separate Sheet of paper for 
your diagrams or calculations. Compare your 
answers with the answers provided following 
the test. 

1. What are the three sections necessary In 


an oscillator? 


2. What is the difference between positive and 
negative feedback? 
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CHAPTER 


RLC and GLC 
Circuit Analysis 


WHEN YOU SEE AN AC CIRCUIT THAT CONTAINS COILS AND/OR CAPACITORS, YOU SHOULD ENVISION a 
complex-number plane, either RX (resistance-reactance) or GB (conductance-admittance). The RX 
plane applies to series circuit analysis. The GB plane applies to parallel circuit analysis. 


Complex Impedances in Series 


When you see resistors, coils, and capacitors in series, each component has an impedance that can 
be represented as a vector in the RX plane. The vectors for resistors are constant, regardless of the 
frequency. But the vectors for coils and capacitors vary with frequency. 


Pure Reactances 

Pure inductive reactances (X,) and capacitive reactances (Xc) simply add together when coils and 
capacitors are in series. Thus, X= X; + Xc. In the RX plane, their vectors add, but because these vec- 
tors point in exactly opposite directions—inductive reactance upward and capacitive reactance 
downward (Fig. 16-1)—the resultant sum vector inevitably points either straight up or straight 
down, unless the reactances are equal and opposite, in which case they cancel and the result is the 
zero vector. 


Problem 16-1 


Suppose a coil and capacitor are connected in series, with 7X; = 7200 and ¡X¿=-—/150. What is the 
net reactance? 
Just add the values: 7X = /X; + jX c= 7200 + (-j150) =7(200 — 150) = 750. This is a pure induc- 


tive reactance, because it is positive imaginary. 


Problem 16-2 


Suppose a coil and capacitor are connected in series, with jX; = ¡30 and jX- = —7j110. What is the 
net reactance? 
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jX 


16-1 Pure inductance and 
pure capacitance 
are represented by 
reactance vectors that 
point straight up and 
down. 


Again, add the values: ¡X= 730 + (+/110) = 7(30 — 110) = 80. This is a pure capacitive reac- 


tance, because it is negative imaginary. 


Problem 16-3 


Suppose a coil of inductance L = 5.00 WH and a capacitor of capacitance C= 200 pF are connected 
in series. Suppose the frequency is f= 4.00 MHz. What is the net reactance? 
First, calculate the reactance of the inductor at 4.00 MHz. Proceed as follows: 


jX = j6.28fL 
= (6.28 x 4.00 x 5.00) 
= j126 


Next, calculate the reactance of the capacitor at 4.00 MHz. Proceed as follows: 
IXc = -j [1/(6.28fC)] 


—/11/(6.28 x 4.00 x 0.000200)] 
-/199 


Finally, add the inductive and capacitive reactances to obtain the net reactance: 


JX = JX, + jXc 
= j126 + (—/199) 
=-773 


This is a pure capacitive reactance. 


Problem 16-4 


What is the net reactance of the aforementioned inductor and capacitor combination at the fre- 


quency f= 10.0 MHz? 
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First, calculate the reactance of the inductor at 10.0 MHz. Proceed as follows: 


¡X,=¡6.28fL 
= (6.28 x 10.0 x 5.00) 


Next, calculate the reactance of the capacitor at 10.00 MHz. Proceed as follows: 


= —7[1/(6.28 x 10.0 x 0.000200)] 
= -j79.6 


Finally, add the inductive and capacitive reactances to obtain the net reactance: 


JX = IX, + jXc 
= 7314 + (-j79.6) 
= 4234 


This is a pure inductive reactance. For series-connected components, the condition in which the 
capacitive and inductive reactances cancel is known as series resonance. We'll deal with this in more 
detail in the next chapter. 


Adding Impedance Vectors 


In the real world, there is resistance, as well as reactance, in an ac series circuit containing a coil and 
capacitor. This occurs because the coil wire has some resistance (it’s never a perfect conductor). It 
can also be the case because a resistor is deliberately connected into the circuit. 

Whenever the resistance in a series circuit is significant, the impedance vectors no longer point 
straight up and straight down. Instead, they run off toward the northeast (for the inductive part of 
the circuit) and southeast (for the capacitive part). This is illustrated in Fig. 16-2. 


16-2 When resistance is 
present along with 
reactance, impedance 
vectors point at 
angles; they are 
neither vertical nor 
horizontal. 
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JX 


> Z4 + Zo 16-3 Parallelogram method 


i of complex-impedance 
vector addition. 


When two impedance vectors dont lie along a single line, you must use vector addition to be 
sure that you get the correct net impedance. In Fig. 16-3, the geometry of vector addition is shown. 
Construct a parallelogram, using the two vectors Z, = R, + jX, and Z = R, + jX; as two adjacent sides 
of the figure. The diagonal of the parallelogram is the vector representing the net complex imped- 
ance. (Note that in a parallelogram, pairs of opposite angles have equal measures. These equalities 
are indicated by single and double arcs in Fig. 16-3.) 


Formula for Complex Impedances in Series 
Suppose you are given two complex impedances, Z, = R, + ¡X, and Z, = R, + jX. The net imped- 
ance, Z, of these in series is their vector sum, given by the following formula: 


Z= (Ri + ¡X,) A (R, + 4X) 
= (Ri + R) +/(X +%) 


Calculating a vector sum using the formula is easier than doing it geometrically with a parallelo- 
gram. The arithmetic method is also more exact. The resistance and reactance components add sep- 
arately. Just remember that if a reactance is capacitive, then it is negative imaginary in this formula. 


Series RLC Circuits 


When an inductance, capacitance, and resistance are connected in series (Fig. 16-4), the resistance 
R can be imagined as belonging entirely to the coil, when you use the preceding formulas. Then you 
have two vectors to add, when finding the impedance of the series RLC circuit containing three such 
components: 


Z=(R+jX,) + (0 + jX0) 


Again, remember that Xc is never positive! So, although the formulas here have addition symbols in 
them, you're adding a negative number when you add in a capacitive reactance. 
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R 
16-4 A series resistance- 
inductance-capacitance 
(RLC) circuit. 
C L 


Problem 16-5 


Suppose a resistor, a coil, and a capacitor are connected in series with R = 50 Q, X; = 22 Q, and 
Xc = —33 Q. What is the net impedance, Z? 

Consider the resistor to be part of the coil, obtaining two complex vectors, 50 + ¡22 and 0 — 
733. Adding these gives the resistance component of 50 + 0 = 50, and the reactive component of 
322-333 = 11. Therefore, Z = 50 — 11. 


Problem 16-6 


Consider a resistor, a coil, and a capacitor that are connected in series with R = 600 Q, X; = 444 Q, 
and Xc = —444 Q. What is the net impedance, Z? 

Again, imagine the resistor to be part of the inductor. Then the complex impedance vectors are 
600 + ¡444 and 0 — 7444. Adding these, the resistance component is 600 + 0 = 600, and the reac- 
tive component is ¡444 — 7444 = 70. Thus, Z = 600 + 70. This is a purely resistive impedance, and 
you can rightly call it 600 Q. 


Problem 16-7 


Suppose a resistor, a coil, and a capacitor are connected in series. The resistor has a value of 330 Q, 
the capacitance is 220 pF, and the inductance is 100 WH. The frequency is 7.15 MHz. What is the 
complex impedance of this series RLC circuit at this frequency? 

First, calculate the inductive reactance. Remember that X; = 6.28fL and that megahertz and 
microhenrys go together in the formula. Multiply to obtain the following: 


JXL = (6.28 x 7.15 x 100) 
= 74490 


Next, calculate the capacitive reactance using the formula X-=—1/(6.28fC’). Convert 220 pF to mi- 
crofarads to obtain C= 0.000220 uE Then calculate: 


¡X¿=-j[1/(6.28 x 7.15 x 0.000220) 
=-f101 


Now, lump the resistance and the inductive reactance together, so one of the impedance vectors 
is 330 + 74490. The other is 0 — 7101. Adding these gives Z = 330 + 74389; this rounds off to 
Z = 330 + 74390. 
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Problem 16-8 


Suppose a resistor, a coil, and a capacitor are connected in series. The resistance is 50.0 Q, the in- 
ductance is 10.0 WH, and the capacitance is 1000 pF The frequency is 1592 kHz. What is the com- 
plex impedance of this series RLC circuit at this frequency? 

First, calculate X; = 6.28fL. Convert the frequency to megahertz; 1592 kHz = 1.592 MHz. 
Then: 


JX, = (6.28 x 1.592 x 10.0) 
= 7100 


Then calculate Xc = —1/(6.28fC). Let's convert picofarads to microfarads, and use megahertz for 
the frequency. Therefore: 


¡Xo=-j[1/(6.28 x 1.592 x 0.001000)] 
= ¿100 


Let the resistance and inductive reactance go together as one vector, 50.0 + 100. Let the capacitive 
reactance be represented as 0 — (100. The sum is Z= 50.0 + 7100 — 7100 = 50.0 + 70. This is a pure 
resistance of 50.0 (2. You can correctly say that the impedance is 50.0 Q in this case. 


Complex Admittances in Parallel 


When you see resistors, coils, and capacitors in parallel, remember that each component, whether it 
is a resistor, an inductor, or a capacitor, has an admittance that can be represented as a vector in the 
GB plane. The vectors for pure conductances are constant, even as the frequency changes. But the 
vectors for the coils and capacitors vary with frequency. 


Pure Susceptances 


Pure inductive susceptances (B,) and capacitive susceptances (Bc) add together when coils and ca- 
pacitors are in parallel. Thus, B= B; + Bc. Remember that B; is never positive, and Bc is never neg- 
ative. This is just the opposite situation from reactances. 

In the GB plane, pure jB; and ¡B¿ vectors add. Because such vectors always point in exactly op- 
posite directions—inductive susceptance down and capacitive susceptance up—the sum, 7B, in- 
evitably points either straight down or straight up (Fig. 16-5), unless the susceptances are equal and 
opposite, in which case they cancel and the result is the zero vector. 


Problem 16-9 


Suppose a coil and capacitor are connected in parallel, with 7B, = —j0.05 and ¡B¿= 0.08. What is 
the net susceptance? 
Just add the values as follows: jB = jB; + jBc = —j0.05 + j0.08 = 70.03. This is a capacitive sus- 


ceptance, because it is positive imaginary. 


Problem 16-10 


Suppose a coil and capacitor are connected in parallel, with 7B, = —j0.60 and ¡B¿= 0.25. What is 
the net susceptance? 
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16-5 Pure capacitance and 
pure inductance 
are represented by 
susceptance vectors 
that point straight 
up and down. 


Again, add the values: 7B = —70.60 + ¡0.25 =—0.35. This is an inductive susceptance, because 
it is negative imaginary. 


Problem 16-11 


Suppose a coil of L = 6.00 WH and a capacitor of C= 150 pF are connected in parallel. The fre- 
quency is f= 4.00 MHz. What is the net susceptance? 
First calculate the susceptance of the inductor at 4.00 MHz, as follows: 


jB, = —j[1/(6.28fL)] 
= —j[1/(6.28 x 4.00 x 6.00)] 


Next, calculate the susceptance of the capacitor (converting its value to microfarads) at 4.00 MHz, 
as follows: 


jBc=j(6.28fC) 
= (6.28 x 4.00 x 0.000150) 
= j0.00377 


Finally, add the inductive and capacitive susceptances to obtain the net susceptance: 
JB = jB; + 7Bc 
= —j0.00663 + 70.00377 
= -40.00286 


This is a pure inductive susceptance. 


Problem 16-12 


What is the net susceptance of the above parallel-connected inductor and capacitor at a frequency 


of f= 5.31 MHz? 
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First calculate the susceptance of the inductor at 5.31 MHz, as follows: 


jB, = —¡[1/(6.28fL)] 
=-—/[1/(6.28 x 5.31 x 6.00)] 
= —j0.00500 


Next calculate the susceptance of the capacitor (converting its value to microfarads) at 5.31 MHz, 
as follows: 


jBc= j(6.28fC) 
= j(6.28 x 5.31 x 0.000150) 
= 0.00500 


Finally, add the inductive and capacitive susceptances to obtain the net susceptance: 


7B = Br, + jBc 
= —70.00500 + 70.00500 
= 70 


This means that the circuit has no susceptance at 5.31 MHz. The situation in which there is no sus- 
ceptance in an LC circuit is known as parallel resonance. It is discussed in the next chapter. 


Adding Admittance Vectors 


In real life, there is a small amount of conductance, as well as susceptance, in an ac parallel circuit 
containing a coil and capacitor. This occurs when the capacitor lets a little bit of current leak 
through. More often, though, it is the case because a load is connected in parallel with the coil and 
capacitor. This load can be an antenna, the input to an amplifier circuit, a test instrument, a trans- 
ducer, or some other device. 

When the conductance in a parallel circuit containing inductance and capacitance is signifi- 
cant, the admittance vectors do not point straight up and down. Instead, they run off toward the 
northeast (for the capacitive part of the circuit) and southeast (for the inductive part). This is illus- 


trated in Fig. 16-6. 


jB 


16-6 When conductance 
is present along 
with susceptance, 
admittance vectors 
point at angles; they 
are neither vertical nor 
horizontal. 
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You've seen how vectors add in the RX plane. In the GB plane, the principle is the same. The 
net admittance vector is the sum of the component admittance vectors. 


Formula for Complex Admittances in Parallel 


Given two admittances, Y, = G, + jB; and Y, = G, + jB,, the net admittance Y of these in parallel is 
their vector sum, as follows: 


Y= (Gi + 7B,) T (G + ¡B,) 
= (Gi T G2) +3(B; g3 B,) 


The conductance and susceptance components add separately. Just remember that if a susceptance 
is inductive, then it is negative imaginary in this formula. 


Parallel GLC Circuits 


When a coil, capacitor, and resistor are connected in parallel (Fig. 16-7), the resistance should be 
thought of as a conductance, whose value in siemens (symbolized S) is equal to the reciprocal of the 
value in ohms. Think of the conductance as all belonging to the inductor. Then you have two vec- 
tors to add, when finding the admittance of a parallel GLC (conductance-inductance-capacitance) 
circuit: 


Y= (G + B,) + (0+ jBo) 


Again, remember that B; is never positive! So, although the formulas here have addition symbols in 
them, you're adding a negative number when you add in an inductive susceptance. 


Problem 16-13 


Suppose a resistor, a coil, and a capacitor are connected in parallel. Suppose the resistor has a con- 
ductance G = 0.10 S, and the susceptances are jB; = —j0.010 and ¡B¿= 0.020. What is the com- 
plex admittance of this combination? 

Consider the resistor to be part of the coil. Then there are two complex admittances in parallel: 
0.10 — 70.010 and 0.00 + 70.020. Adding these gives a conductance component of 0.10 + 0.00 = 
0.10 and a susceptance component of —j0.010 + 70.020 = 70.010. Therefore, the complex admit- 
tance is 0.10 + 70.010. 


16-7 A parallel 
conductance- | G C 
inductance-capacitance 


(GLC) circuit. 
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Problem 16-14 


Suppose a resistor, a coil, and a capacitor are connected in parallel. Suppose the resistor has a con- 
ductance G = 0.0010 S, and the susceptances are jB; = —j0.0022 and ¡B¿= 0.0022. What is the 
complex admittance of this combination? 

Again, consider the resistor to be part of the coil. Then the complex admittances are 0.0010 — 
70.0022 and 0.0000 + 70.0022. Adding these, the conductance component is 0.0010 + 0.0000 = 
0.0010, and the susceptance component is —/0.0022 + 70.0022 = 70. Thus, the admittance is 
0.0010 + 70. This is a purely conductive admittance. 


Problem 16-15 


Suppose a resistor, a coil, and a capacitor are connected in parallel. The resistor has a value of 100 
Q, the capacitance is 200 pF, and the inductance is 100 WH. The frequency is 1.00 MHz. What is 
the net complex admittance? 

First, you need to calculate the inductive susceptance. Recall the formula, and plug in the num- 
bers as follows: 


jB, = —j[1/(6.28fL)] 
= —j[1/(6.28 x 1.00 x 100)] 
= -j0.00159 


Megahertz and microhenrys go together in the formula. Next, you must calculate the capacitive 
susceptance. Convert 200 pF to microfarads to go with megahertz in the formula; thus C = 


0.000200 WE Then: 


jBc=j(6.28fC) 
= j(6.28 x 1.00 x 0.000200) 
= 0.00126 


Finally, consider the conductance, which is 100 = 0.0100 S, and the inductive susceptance as exist- 
ing together in a single component. That means that one of the parallel-connected admittances is 


0.0100 — 0.00159. The other is 0.0000 + j0.00126. Adding these gives 0.0100 — j0.00033. 


Problem 16-16 


Suppose a resistor, a coil, and a capacitor are in parallel. The resistance is 10.0 Q, the inductance is 
10.0 WH, and the capacitance is 1000 pE The frequency is 1592 kHz. What is the complex admit- 
tance of this circuit at this frequency? 

First, calculate the inductive susceptance. Convert the frequency to megahertz; 1592 kHz = 


1.592 MHz. Plug in the numbers as follows: 


jB, = —¡[1/(6.28fL)] 
= —j[1/(6.28 x 1.592 x 10.0)] 
= —j0.0100 


Next, calculate the capacitive susceptance. Convert 1000 pF to microfarads to go with megahertz in 


the formula; thus C= 0.001000 WE Then: 


3. What type of feedback is required in an 
oscillator? | 

4. What is the formula for the frequency of 
an oscillator? | 

5. Draw the circuit for a Colpitts oscillator. 

6. Draw the circuit for a Hartley oscillator. 

Ts Draw the circuit for an Armstrong 
oscillator. 


8. Problems 27-30 give a design procedure 


for oscillators. How well do the circuits In 
problem 35 fulfill the criteria for that 
procedure? In other words, check the values 
of Vf, AV (for a common emitter amplifier), 
C-L fG 2 ratio, R C /Z ratio, and the 
frequency. 
A 
Bo 
Ga os 
D. 
9. For the circuit shown in Figure 9.38 , 


calculate the values of Cl, C2, CC, and C 
B for an oscillator with an output frequency of 
10 kHz using a 100 mH coil. 


Answers to Self-Test 


If your answers do not agree with those 
provided here, review the problems indicated 
in parentheses before you go on to Chapter 
10. 


1. An amplifier, feedback, and a resonant 
load. (problem 1) 
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jBc=j(6.28fC) 
= (6.28 x 1.592 x 0.001000) 
= 0.0100 


Finally, consider the conductance, which is 1/10.0 = 0.100 S, and the inductive susceptance as 
existing together in a single component. That means that one of the parallel-connected admittances 


is 0.100 — 70.0100. The other is 0.0000 + 70.0100. Adding these gives 0.100 + 70. 


Converting Complex Admittance to Complex Impedance 


The GB plane is, as you have seen, similar in appearance to the RX plane, although mathematically 
they are different. Once you've found a complex admittance for a parallel RLC circuit, you will usu- 
ally want to transform this back to a complex impedance. 

The transformation from a complex admittance G + jB to a complex impedance R + jX can be 
carried out using the following two formulas, one for R and the other for X: 


R= G/(G* + B^ 
X= —BI (G° + B’) 


If you know the complex admittance, first find the resistance and reactance components individu- 
ally using the preceding formulas. Then assemble the two components into the complex impedance, 


R+ jX. 


Problem 16-17 


Suppose the complex admittance of a certain parallel circuit is 0.010 — 70.0050. What is the com- 
plex impedance of this same circuit, assuming the frequency does not change? 


In this case, G = 0.010 S and B = —0.0050 S. First find G* + B’, as follows: 


G* + B? = 0.010% + (-0.0050) 
= 0.000100 + 0.000025 
= 0.000125 


Now it is easy to calculate R and X, like this: 


R= G/0.000125 
= 0.010/0.000125 
=80 0 


X= —B/0.000125 
= 0.0050/0.000125 
=40 Q 


The complex impedance is therefore 80 + 740. 
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Putting It All Together 


When youre confronted with a parallel circuit containing resistance, inductance, and capacitance, 
and you want to determine the complex impedance of the combination, do these things: 


k; 


Find the conductance G = 1/R for the resistor. (It will be positive or zero.) 


2. Find the susceptance B; of the inductor using the appropriate formula. (It will be negative or 


Zero.) 


. Find the susceptance Bç of the capacitor using the appropriate formula. (It will be positive or 


Zero.) 


. Find the net susceptance B = B; + Be. (It might be positive, negative, or zero.) 
. Compute Rand X in terms of G and B using the appropriate formulas. 
. Assemble the complex impedance R + jX. 


Problem 16-18 


Suppose a resistor of 10.0 Q, a capacitor of 820 pE and a coil of 10.0 WH are in parallel. The fre- 
quency is 1.00 MHz. What is the complex impedance? 


pi 


Proceed according to the above steps, as follows: 


. Calculate G = 1/R = 1/10.0 = 0.100. 


2. Calculate B; = —1/(6.28fL) =—1/(6.28 x 1.00 x 10.0) = —0.0159. 


. Calculate Be = 6.28fC = 6.28 x 1.00 x 0.000820 = 0.00515. (Remember to first convert the 


capacitance to microfarads, to go with megahertz.) 


. Calculate B = B; + Bc = —0.0159 + 0.00515 = —0.0108. 
. Define G* + B* = 0.100° + (—0.0108) = 0.010117. Then R= G/0.010117 = 


0.100/0.010117 = 9.88 Q, and X = —B/0.010117 = 0.0108/0.010117 = 1.07 Q. 


. The complex impedance is R + ¿X= 9.88 + 71.07. 


Problem 16-19 


Suppose a resistor of 47.0 Q, a capacitor of 500 pF and a coil of 10.0 WH are in parallel. What is 
their complex impedance at a frequency of 2.252 MHz? 


pi 


Proceed as before: 


. Calculate G = 1/R= 1/47.0 = 0.021277. 


2. Calculate B; = —1/(6.28fL) = —1/(6.28 x 2.252 x 10.0) = —0.00707. 


. Calculate Be = 6.28fC = 6.28 x 2.252 x 0.000500 = 0.00707. (Remember to first convert 


the capacitance to microfarads, to go with megahertz.) 


. Calculate B = B; + Be = —0.00707 + 0.00707 = 0.00000. 
. Define G? + B? = 0.021277 + 0.00000? = 0.00045271. Then R= G/0.00045271 = 


0.021277/0.00045271 = 46.999 Q, and X= —B/0.00045271 = 0.00000/0.00045271 = 
0.00000. 


. The complex impedance is R + ¡X= 46.9999 + 70.00000. When we round it off to three 


significant figures, we get 47.0 + 70.00. This a pure resistance equal to the value of the resistor 
in the circuit. 


Reducing Complicated RLC Circuits 257 


Reducing Complicated RLC Circuits 


Sometimes you'll see circuits in which there are several resistors, capacitors, and/or coils in series and 
parallel combinations. Such a circuit can be reduced to an equivalent series or parallel RLC circuit 
that contains one resistance, one capacitance, and one inductance. 


Series Combinations 


Resistances in series simply add. Inductances in series also add. Capacitances in series combine in a 
somewhat more complicated way. If you dont remember the formula, here it is: 


1/C= 1/C, + 1/C, +: + 1/C, 


where Ci, C>, ..., and C, are the individual capacitances, and C is the total capacitance. Once 
youve found 1/C, take its reciprocal to obtain C. Figure 16-8A shows an example of a complicated 
series RLC circuit. The equivalent circuit, with one resistance, one capacitance, and one inductance, 
is shown in Fig. 16-8B. 


Parallel Combinations 


In parallel, resistances and inductances combine the way capacitances do in series. Capacitances 
simply add up. An example of a complicated parallel RLC circuit is shown in Fig. 16-9A. 
The equivalent circuit, with one resistance, one capacitance, and one inductance, is shown in 


Fig. 16-9B. 
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16-9 At A, a complicated 
parallel circuit 
containing multiple 


resistances and 
reactances. At B, the 
same circuit simplified. 
Resistances are in 
ohms; inductances are 
in microhenrys (uH); 
capacitances are in 


picofarads (pF). 


Nightmare Scenarios 


Imagine an RLC circuit like the one shown in Fig. 16-10. How would you find the complex imped- 
ance of this circuit at some particular frequency, such as 8.54 MHz? Don't waste much time worry- 
ing about circuits like this. You'll rarely encounter them. But rest assured that, given a frequency, a 
complex impedance does exist, no matter how complicated an RLC circuit happens to be. 

An engineer could use a computer to find the theoretical complex impedance of a circuit such 
as the one in Fig. 16-10 at a specific frequency, or as a function of the frequency. The experimental 
approach would be to build the circuit, connect a signal generator to it, and then measure Rand X 
at various frequencies with a device called an impedance bridge. 
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Ohm's Law for AC Circuits 


Ohms Law for a dc circuit is a simple relationship among three variables: the current / (in amperes), the 
voltage E (in volts), and the resistance R (in ohms). Here are the formulas, in case you dont recall them: 


E=IR 
I= E/R 
R= Ef 


In ac circuits containing no reactance, these same formulas apply, as long as you work with root- 
mean-square (rms) voltages and currents. If you need a refresher concerning the meaning of rms, 


refer to Chapter 9. 


Purely Resistive Impedances 


When the impedance Z in an ac circuit contains no reactance, so that all of the current and voltage 
exist through and across a pure resistance R, Ohm’s Law for an ac circuit is expressed as follows: 


ESTZ 
I= E/Z 
Z= Eff 


where Z = R, and the values J and F are rms current and voltage. 


Complex Impedances 


When you want to determine the relationship among current, voltage, and resistance in an ac cir- 
cuit that contains resistance and reactance, things get interesting. Recall the formula for the square 
of the absolute-value impedance in a series RLC circuit: 
Z =R+X? 
This means that Z is equal to the square root of the quantity R* + X?, as follows: 
Z= (R? ie)? 

This is the length of the vector R + jX in the complex impedance plane. You learned this in Chap. 
15. This formula applies only for series RLC circuits. 

The square of the absolute-value impedance for a parallel REC circuit, in which the resistance 
is R and the reactance is X, is defined this way: 

Z= REX (R+ X^ 

This means that the absolute-value impedance, Z, must be calculated using the rather arcane formula: 


Z = [R?X?/(R? +X" 


The 1⁄2 power of a quantity represents the positive square root of that quantity. 
p q p p q q 
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Problem 16-20 


Suppose a series RX circuit (shown by the generic block diagram of Fig. 16-11) has a resistance of 
R= 50.0 Q and a capacitive reactance of X = —50.0 (2. Suppose 100-V rms ac is applied to this cir- 
cuit. What is the current? 

First, calculate Z* = R? + X* = 50.0° + (—50.0)* = 2500 + 2500 = 5000. Then Zis the square 
root of 5000, or 70.7. Therefore, /= E/Z= 100/70.7 = 1.41 A rms. 


Problem 16-21 


What are the rms ac voltages across the resistance and the reactance, respectively, in the circuit de- 
scribed in Problem 16-20? 

The Ohm’s Law formulas for dc will work here. Because the current is /= 1.41 A rms, the volt- 
age drop across the resistance is equal to Eg = IZR = 1.41 x 50.0 = 70.5 V rms. The voltage drop 
across the reactance is the product of the current and the reactance: Ey = ZX = 1.41 x (—50.0) = 
—70.5 V rms. This is an rms ac voltage of equal magnitude to that across the resistance. But the 
phase is different. 

Note that voltages across the resistance and the reactance—a capacitive reactance in this case, 
because it’s negative—dont add up to 100 V rms, which is placed across the whole circuit. This is 
because, in an RX ac circuit, there is always a difference in phase between the voltage across the re- 
sistance and the voltage across the reactance. The voltages across the components always add up to 
the applied voltage vectorially, but not always arithmetically. 


Problem 16-22 
Suppose a series RX circuit (Fig. 16-11) has R= 10.0 Q. and X= 40.0 Q. The applied voltage is 100- 


V rms ac. What is the current? 
Calculate Z? = R? + X* = 100 + 1600 = 1700. This means that Z is the square root of 1700, or 
41.2. Therefore, l= £/Z= 100/41.2 = 2.43 A rms. 


Problem 16-23 


What are the rms ac voltages across the resistance and the reactance, respectively, in the circuit de- 
scribed in Problem 16-22? 

Knowing the current, calculate Ep = JR = 2.43 x 10.0 = 24.3 V rms. Also, Ey = IX = 2.43 x 
40.0 = 97.2 V rms. If you add Ez + Ex arithmetically, you get 24.3 + 97.2 = 121.5 V as the total 


q 6 A 6 pe 


16-11 A series circuit 
containing resistance 


and reactance. 

| Illustration for 
Problems 16-20 
through 16-23. 
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16-12 A parallel circuit 
containing resistance 
and reactance. 
Illustration for 
Problems 16-24 
and 16-25. 


across Rand X. Again, this differs from the applied voltage! The simple de rule does not work here, 


for the same reason it didnt work in the scenario of Problem 16-21. 


Problem 16-24 


Suppose a parallel RX circuit (shown by the generic block diagram of Fig. 16-12) has R = 30.0 Q 
and X= —20.0 Q. The ac supply voltage is 50.0 V rms. What is the total current drawn from the ac 
supply? 

First, find the square of the absolute-value impedance, remembering the formula for parallel 
circuits: Z* = R*X?/(R* + X?) = 360,000/1300 = 277. The absolute-value impedance Z is the 
square root of 277, or 16.6. The total current is therefore /= E/Z= 50/16.6 = 3.01 A rms. 


Problem 16-25 


What are the rms currents through the resistance and the reactance, respectively, in the circuit de- 
scribed in Problem 16-24? 

The Ohm’s Law formulas for de will work here. For the resistance, Jp = E/R = 50.0/30.0 = 1.67 
A rms. For the reactance, Jy = E/X = 50.0/(—20.0) = —2.5 A rms. Note that these currents dont add 
up to 3.01 A, the total current. The reason for this is the same as the reason ac voltages dont add 
arithmetically in ac circuits that contain reactance. The constituent currents, /z and Jy, differ in 
phase. Vectorially, they add up to 3.01 A rms, but arithmetically, they dont. 


Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 


the book. 
1. Suppose a coil and capacitor are connected in series. The inductive reactance is 250 (2, and 
the capacitive reactance is —300 Q. What is the complex impedance? 
(a) 0 +7550 
(b) 0 —750 
(c) 250 — 7300 
(d) 300 + j250 
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2. Suppose a coil of 25.0 UH and capacitor of 100 pF are connected in series. The frequency is 
5.00 MHz. What is the complex impedance? 


(a) 0+ 7467 
(b) 25 + 7100 
(c) 0 — 7467 
(d) 25 — 7100 
3. When R= 0 in a series RLC circuit, but the net reactance is not zero, the impedance vector 
(a) always points straight up. 
(b) always points straight down. 
(c) always points straight toward the right. 
(d) None of the above is correct. 
4. Suppose a resistor of 150 Q, a coil with a reactance of 100 Q, and a capacitor with a 
reactance of —200 (2 are connected in series. What is the complex impedance? 
(a) 150+ 7100 
(b) 150 — 7200 
(c) 100 — 7200 
(d) 150-7100 
5. Suppose a resistor of 330 Q, a coil of 1.00 WH, and a capacitor of 200 pF are in series. What 
is the complex impedance at 10.0 MHz? 
(a) 330-7199 
(b) 300 + 201 
(c) 300 + 7142 
(d) 330 — 716.8 
6. Suppose a coil has an inductance of 3.00 WH and a resistance of 10.0 Q in its winding. A 
capacitor of 100 pF is in series with this coil. What is the complex impedance at 10.0 MHz? 
(a) 10 + 73.00 
(b) 10+ 729.2 
(c) 10-797 
(d) 10 +7348 
7. Suppose a coil has a reactance of 4.00 Q. What is the complex admittance, assuming there is 
nothing else is in the circuit? 
(a) 0+ 70.25 
(b) 0+ 74.00 
(c) 0-70.25 
(d) 0-74.00 
8. What will happen to the susceptance of a capacitor if the frequency is doubled and all other 
factors remain constant? 
(a) It will decrease to half its former value. 


(b) It will not change. 
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(c) It will double. 
(d) It will quadruple. 
9. Suppose a coil and capacitor are in parallel, with jB; = 0.05 and ¡B=/0.03. What is the 
complex admittance, assuming that nothing is in series or parallel with these components? 
(a) 0-70.02 
(b) 0 — 70.07 
(c) 0+70.02 
(d) —0.05 + 70.03 
10. Imagine a coil, a resistor, and a capacitor connected in parallel. The resistance is 1.0 Q, the 


Capacitive susceptance is 1.0 S, and the inductive susceptance is —1.0 S. Then, suddenly, the 
frequency is cut to half its former value. What is the complex admittance at the new frequency? 


(a) 1.0+70.0 


(b) 1.0+ 1.5 
(c) 1.0—f1.5 
(d) 1.0 — 72.0 


11. Suppose a coil of 3.50 WH and a capacitor of 47.0 pF are in parallel. The frequency is 9.55 
MHz. There is nothing else in series or parallel with these components. What is the complex 
admittance? 


(a) 0+70.00282 

(b) 0 -70.00194 

(c) 0+70.00194 
(d) 0 —70.00758 

12. A vector pointing southeast in the GB plane would indicate 
(a) pure conductance with zero susceptance. 
(b) 
(c) 


(d) pure susceptance with zero conductance. 


conductance and inductive susceptance. 


conductance and capacitive susceptance. 


13. Suppose a resistor with conductance 0.0044 S, a capacitor with susceptance 0.035 S, and a 
coil with susceptance —0.011 S are all connected in parallel. What is the complex admittance? 


(a) 0.0044 + 70.024 

(b) 0.035 — 70.011 

(c) 0.011 + 70.035 

(d) 0.0044 + ¡0.046 
14. Suppose a resistor of 100 Q, a coil of 4.50 WH, and a capacitor of 220 pF are in parallel. 
What is the complex admittance at a frequency of 6.50 MHz? 

(a) 100 + 70.00354 

(b) 0.010 + j0.00354 

(c) 100 — 70.0144 

(d) 0.010 + j0.0144 
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15. Suppose the complex admittance of a circuit is 0.02 + 70.20. What is the complex impedance, 
assuming the frequency does not change? 


(a) 50 +75.0 

(b) 0.495 — 74.95 

(c) 50 — 75.0 

(d) 0.495 + 74.95 
16. Suppose a resistor of 51.0 Q, an inductor of 22.0 uH, and a capacitor of 150 pF are in 
parallel. The frequency is 1.00 MHz. What is the complex impedance? 

(a) 51.0 — 714.9 

(b) 51.0 + 714.9 

(c) 46.2 — 714.9 

(d) 46.2 + 714.9 
17. Suppose a series circuit has 99.0 Q of resistance and 88.0 Q of inductive reactance. An ac rms 
voltage of 117 V is applied to this series network. What is the current? 

(a) 1.18A 

(b) 1.13 A 

(c) 0.886 A 

(d) 0.846 A 


18. What is the voltage across the reactance in the preceding example? 
(a) 78.0 V 
(b) 55.1 V 
(c) 99.4 V 
(d) 74.4 V 
19. Suppose a parallel circuit has 10 Q of resistance and 15 Q of reactance. An ac rms voltage of 
20 V is applied across it. What is the total current? 
(a) 2.00 A 
(b) 2.40 A 
(c) 1.33 A 
(d) 0.800 A 


20. What is the current through the resistance in the preceding example? 
(a) 2.00 A 
(b) 2.40 A 
(c) 1.33 A 
(d) 0.800 A 


2. Positive feedback 
and negative 
phase” with the input. 
3. Positive feedback. 
4. f = l 

' 2m LC 
5. See Figure 9.15 
6. See Figure 9.27 
7. See Figure 9.35 


8A. B 0.047 (problems 


¢ = — 


0.147 


A V cannot be calculated. 
C 1 /C 2 = 0.047/0.1 = 
Z cannot be calculated 


input, 


(problem 


unknown. 
fr = 8.8 kHz 


SB. 


AV = 
C 1 /C 2 = 1/3 
Z cannot be calculated. 
10 kHz 


0.1 


fr = 
8C. 


A v cannot be calculated. 
C 1/C2 = 1 


Z cannot be calculated. 
fr = 3 kHz 
8D. 0.3 

V: =— 


l 


is “in phase” 
feedback is 
(problems 
(problem 3) 


(problem 
(problem 
(problem 


2.2 (approximately). 


with the 
“out of 
2-3) 


11) 


20) 
25) 
25) 
27-30) 


0.47 


because r is 


(approximately). 


(approximately). 


(approximately). 


17 


CHAPTER 


Power and Resonance in 
Alternating-Current Circuits 


ONE OF THE BIGGEST CHALLENGES IN ELECTRICITY AND ELECTRONICS IS OPTIMIZING THE EFFICIENCY 
with which power is transferred from one place to another, or converted from one form to another. 
Also important, especially for the radio-frequency (RF) engineer, is the phenomenon of resonance. 
Power and resonance are closely related. 


Forms ot Power 


What is power, exactly? Here is an all-encompassing definition: Power is the rate at which energy is 
expended, radiated, or dissipated. This definition can be applied to mechanical motion, chemical ef- 
fects, dc and ac electricity, sound waves, radio waves, sound, heat, infrared (IR), visible light, ultra- 
violet (UV), X rays, gamma rays, and high-speed subatomic particles. In all cases, the energy is 
converted from one form into another form at a certain rate. 


Units of Power 


The standard unit of power is the watt, abbreviated W. A watt is equivalent to a joule per second (J/s). 
Sometimes power is given as kilowatts (kW or thousands of watts), megawatts (MW or millions of 
watts), or gigawatts (GW or billions of watts). It is also sometimes expressed as milliwatts (mW or 
thousandths of watts), microwatts (UW or millionths of watts), or nanowatts (nW or billionths of 
watts). 


Volt-Amperes 


In dc circuits, and also in ac circuits having no reactance, power can be defined this way: Power is the 
product of the voltage across a circuit or component and the current through that same circuit or component. 
Mathematically this is written P= El. If E is in volts and Zis in amperes, then Pis in volt-amperes (VA). 
This translates into watts when there is no reactance in the circuit (Fig. 17-1). The root-mean-square 
(rms) values for voltage and current are always used to derive the effective, or average, power. 
Volt-amperes, also called VA power or apparent power, can take various forms. A resistor converts 
electrical energy into heat energy, at a rate that depends on the value of the resistance and the cur- 
rent through it. A light bulb converts electricity into light and heat. A radio antenna converts high- 


265 


Copyright © 2006, 2002, 1997, 1993 by The McGraw-Hill Companies, Inc. Click here for terms of use. 


266 Power and Resonance in Alternating-Current Circuits 


Nonreactive 
component 17-1 When there is no 


reactance in an ac 

component, the power 

P is the product of the 

voltage E across the 

component and the 

current / through the 
| component. 


frequency ac into radio waves. A speaker converts low-frequency ac into sound waves. The power in 
these forms is a measure of the intensity of the heat, light, radio waves, or sound waves. 


Instantaneous Power 


Usually, but not always, engineers think of power based on the rms, or effective, ac value. But for 
VA power, peak values are sometimes used instead. If the ac is a sine wave, the peak current is 1.414 
times the rms current, and the peak voltage is 1.414 times the rms voltage. If the current and the 
voltage are exactly in phase, the product of their peak values is twice the product of their rms values. 

There are instants in time when the VA power in a reactance-free, sine-wave ac circuit is twice 
the effective power. There are other instants in time when the VA power is zero; at still other mo- 
ments, the VA power is somewhere between zero and twice the effective power level (Fig. 17-2). 
This constantly changing power is called instantaneous power. 

In some situations, such as with a voice-modulated radio signal or a fast-scan television signal, 
the instantaneous power varies in an extremely complicated fashion. Have you ever seen the modu- 
lation envelope of such a signal displayed on an oscilloscope? 


Peak Effective 
power power 


17-2 Peak versus effective 
power for a sine wave. 
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Imaginary Power 


Ifan ac circuit contains reactance, things get interesting. In a pure resistance, the rate of energy 
expenditure per unit time (or true power) is the same as the VA power (also known as apparent 
power). But when inductance and/or capacitance exists in an ac circuit, the VA power is greater than 
the power actually manifested as heat, light, radio waves, or whatever. The apparent power is then 
greater than the true power! The extra power is called imaginary power, because it exists in the reac- 
tance, and reactance can be, as you have learned, rendered in mathematically imaginary numerical 
form. Imaginary power is also known as reactive power. 

Inductors and capacitors store energy and then release it a fraction of a cycle later. This phe- 
nomenon, like true power, is expressible as the rate at which energy is changed from one form to an- 
other. But rather than existing as a usable form of power, such as heat, light, radio waves, sound 
waves, or mechanical motion, imaginary power is stored up as a magnetic or electric field, and then 
released back into the circuit or system. This storage and release of power takes place over and over 
with each repeating ac cycle. 


True Power Does Not Travel 


A common and usually harmless misconception about true power is the notion that it can travel. 
For example, if you connect a radio transmitter to a cable that runs outdoors to an antenna, you 
might say youre “feeding power’ through the cable to the antenna. Everybody says this, even engi- 
neers and technicians. But true power always involves a change in form, such as from electrical cur- 
rent and voltage into radio waves. It doesnt go from place to place. It simply happens in a specific 
place. It’s the imaginary power that moves in situations like this, especially in transmission lines 
between power stations and power users, or between radio transmitters and radio antennas. 

In a real-life radio antenna system, some true power is dissipated as heat in the transmitter am- 
plifiers and in the feed line (Fig. 17-3). The useful dissipation of true power occurs when the imag- 
inary power, in the form of electric and magnetic fields, gets to the antenna, where it is changed into 
electromagnetic waves. 

You will often hear expressions such as “forward power” and “reflected power,” or “power is fed 
from this amplifier to these speakers.” It is all right to talk like this, but it can sometimes lead to 
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17-3 True power and imaginary power in a radio transmitter and antenna system. 
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wrong conclusions, especially concerning impedance and standing waves. Then, you need to be 
keenly aware of the distinction among true, imaginary, and apparent power. 


Reactance Does Not Consume Power 


A pure inductance or a pure capacitance cannot dissipate any power. The only thing that such a 
component can do is store energy and then give it back to the circuit a fraction of a cycle later. In 
real life, the dielectrics or wires in coils and capacitors dissipate some power as heat, but ideal com- 
ponents would not do this. 

A capacitor, as you have learned, stores energy as an electric field. An inductor stores energy as 
a magnetic field. 

A component that contains reactance causes ac to shift in phase, so that the current is no longer 
exactly in step with the voltage. In a circuit with inductive reactance, the current lags the voltage by 
up to 90°, or one-quarter cycle. In a circuit with capacitive reactance, the current leads the voltage 
by up to 90°. 

In a resistance-reactance circuit, true power is dissipated only in the resistive components. The 
reactive components exaggerate the VA power compared with the true power. Why, you ask, does 
reactance cause this discrepancy? In a circuit that is purely resistive, the voltage and current march 
right along in step with each other, and therefore, they combine in the most efficient possible way 
(Fig. 17-4A). But in a circuit containing reactance, the voltage and current are out of step with each 
other (Fig. 17-4B) because of their phase difference. Therefore, the actual energy expenditure, or 
true power, is not as great as the product of the voltage and the current. 


True Power, VA Power, and Reactive Power 


In an ac circuit or system containing nonzero resistance and nonzero reactance, the relationships 
among true power Py, apparent (VA) power Pya, and imaginary (reactive) power Px are as follows: 


Pyk = Py + PL 
Pr < Pya 
Px < Pya 
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If there is no reactance in the circuit or system, then Py, = Py, and Py = 0. Engineers strive to min- 
imize, and if possible eliminate, the reactance in power-transmission systems. 


Power Factor 


In an ac circuit, the ratio of the true power to the VA power, Pr/ Pya, is called the power factor. If there 
is no reactance, the ideal case, then Py = Pya, and the power factor (PF) is equal to 1. If the circuit 
contains all reactance and no resistance of any significance (that is, zero or infinite resistance), then 
Py = 0, and therefore PF = 0. 

When a load, or a circuit in which you want power to be dissipated, contains resistance and re- 
actance, then PF is between 0 and 1. That is, 0 < PF< 1. The power factor can also be expressed as 
a percentage between 0 and 100, written PF. Mathematically, we have these formulas for the 
power factor: 


TIS Prl Pya 
Pky, = 100Pr/ Pya 


When a load has some resistance and some reactance, then some of the power is dissipated as true 
power, and some is rejected by the load as imaginary power. In a sense, this imaginary power is sent 
back to the power source. 

There are two ways to determine the power factor in an ac circuit that contains reactance and 
resistance. One method is to find the cosine of the phase angle. The other method involves the ratio 
of the resistance to the absolute-value impedance. 


Cosine of Phase Angle 


Recall that in a circuit having reactance and resistance, the current and the voltage are not in phase. 
The phase angle (0) is the extent, expressed in degrees, to which the current and the voltage differ 
in phase. If there is no reactance, then ọ = 0°. If there is a pure reactance, then either 6 = +90" (if 
the reactance is inductive) or else o = —90° (if the reactance is capacitive). The power factor is equal 
to the cosine of the phase angle: 


PF= cos 0 


Problem 17-1 


Suppose a circuit contains no reactance, but a pure resistance of 600 Q. What is the power factor? 

Without doing any calculations, it is evident that PF= 1, because Py, = Py in a pure resistance. 
That means P;/Py, = 1. But you can also look at this by noting that the phase angle is 0°, because 
the current is in phase with the voltage. Using your calculator, you can see that cos 0° = 1. There- 
fore, PF= 1 = 100%. The vector for this case is shown in Fig. 17-5. 


Problem 17-2 


Suppose a circuit contains a pure capacitive reactance of —40 Q, but no resistance. What is the 
power factor? 

Here, the phase angle is —90° (Fig. 17-6). A calculator will tell you that cos —90° = 0. There- 
fore, PF= 0, and Py/Pya = 0 = 0%. None of the power is true; all of it is reactive. 
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a angle for a purely 
R resistive impedance of 
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{X scales are relative. 


Problem 17-3 


Suppose a circuit contains a resistance of 50 Q and an inductive reactance of 50 Q in series. What 
is the power factor? 

The phase angle in this case is 45° (Fig. 17-7). The resistance and reactance vectors have equal 
lengths and form two sides of a right triangle, with the complex impedance vector forming the hy- 
potenuse. To determine the power factor, you can use a calculator to find cos 45° = 0.707. This 


means that Py/Py, = 0.707 = 70.7%. 


The Ratio R/Z 


The second way to calculate the power factor is to find the ratio of the resistance R to the absolute- 
value impedance Z. In Fig. 17-7, this is visually apparent. A right triangle is formed by the resist- 
ance vector R (the base), the reactance vector ¡X (the height), and the absolute-value impedance Z 
(the hypotenuse). The cosine of the phase angle is equal to the ratio of the base length to the hy- 
potenuse length; this represents R/Z. 


jX 


17-6 Vector diagram 
showing the phase 
angle for a purely 

R capacitive impedance 
—90° of 0 — 740. The Rand 


¡X scales are relative. 
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Problem 17-4 


Suppose a circuit has an absolute-value impedance Z of 100 Q, with a resistance R= 80 Q. What is 
the power factor? 
Simply find the ratio PF = R/Z= 80/100 = 0.8 = 80%. Note that it doesn’t matter whether the 


reactance in this circuit is capacitive or inductive. 


Problem 17-5 


Suppose a circuit has an absolute-value impedance of 50 Q, purely resistive. What is the power factor? 


Here, R= Z = 50 Q. Therefore, PF = R/Z = 50/50 = 1 = 100%. 


Problem 17-6 


Suppose a circuit has a resistance of 50 Q and a capacitive reactance of —30 Q in series. What is the 
power factor? Use the cosine method. 

First, find the phase angle. Remember the formula: ( = arctan (X/R), where X is the reactance 
and R is the resistance. Therefore, ġ = arctan (-30/50) = arctan (—0.60) = —31°. The power factor 
is the cosine of this angle; PF = cos (—31°) = 0.86 = 86%. 


Problem 17-7 


Suppose a circuit has a resistance of 30 Q and an inductive reactance of 40 Q. What is the power 
factor? Use the R/Z method. 

Find the absolute-value impedance: Z* = R* + X* = 30° + 40? = 900 + 1600 = 2500. There- 
fore, Z= 2500'” = 50 Q, so PF = R/Z = 30/50 = 0.60 = 60%. This problem can be represented vec- 
torially by a 30:40:50 right triangle, as shown in Fig. 17-8. 


How Much of the Power Is True? 


The preceding formulas allow you to figure out, given the resistance, reactance, and VA power, how 
many watts are true or real power, and how many watts are imaginary or reactive power. This is im- 
portant in RF equipment, because some RF wattmeters display VA power rather than true power. 
When there is reactance in a circuit or system, the wattage reading is therefore exaggerated. 
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Problem 17-8 
Suppose a circuit has 50 Q of resistance and 30 Q of inductive reactance in series. A wattmeter 
shows 100 W, representing the VA power. What is the true power? 

First, calculate the power factor. Suppose you use the phase-angle method. Then: 


ò = arctan (X/R) 
= arctan (30/50) = 31° 


The power factor is the cosine of the phase angle. Thus: 
PF = cos 31° = 0.86 = 86% 
Remember that PF = Pr/ Pya. This formula can be rearranged to solve for true power: 


Pr= PFX Pya 
= 0.86 x 100 
= 86 W 


Problem 17-9 


Suppose a circuit has a resistance of 1000 Q in parallel with a capacitance of 1000 pE The frequency 
is 100 kHz. If a wattmeter designed to read VA power shows a reading of 88.0 W, what is the true 
power? 

This problem is rather complicated because the components are in parallel. To begin, be sure 
the units are all in agreement so the formulas will work right. Convert the frequency to megahertz: 
f= 100 kHz = 0.100 MHz. Convert capacitance to microfarads: C= 1000 pF = 0.001000 uF. From 


the previous chapter, recall the formula for capacitive susceptance, and calculate it for this situation: 


= 6.28 x 0.100 x 0.001000 
= 0.000628 S 
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The conductance of the resistor, G, is the reciprocal of the resistance, R, as follows: 


G=1/R 
= 1/1000 
= 0.001000 S 


Now, use the formulas for calculating resistance and reactance in terms of conductance and suscep- 
tance in parallel circuits. First, find the resistance: 


R= GI(G? + B’) 
= 0.001000/(0.001000* + 0.000628’) 
= 0.001000/0.000001394 
=717 Q 


Then, find the reactance: 


X=-BI(G? + B?) 
= —0,000628/0.000001394 
=-451 Q 


Next, calculate the phase angle: 


o = arctan (X/R) 
= arctan (-451/717) 
= arctan (—0.629) 
=D 


The power factor is found from the phase angle as follows: 


PF= cos Q 
= cos (—32.2°) 
= 0.846 = 84.6% 


The VA power, Pya, is given as 88.0 W. Therefore: 


Py = PFX Pya 
= 0.846 x 88.0 
= 74.4 W 


Power Transmission 


Consider how electricity gets to your home. Generators produce large voltages and currents at a power 
plant. The problem: getting the electricity from the plant to the homes, businesses, and other facilities 
that need it. This process involves the use of long wire transmission lines. “Transformers are also required 
to step the voltages up or down. As another example, consider a radio broadcast or communications sta- 
tion. The transmitter produces high-frequency ac. The problem is getting the power to be radiated by 


274 Power and Resonance in Alternating-Current Circuits 


the antenna, located some distance from the transmitter. This involves the use of an RF transmission 
line. The most common type is coaxial cable. Two-wire line is also sometimes used. At ultrahigh and 
microwave frequencies, another kind of transmission line, known as a waveguide, is often employed. 


Loss: The Less, The Better! 


The overriding concern in any power transmission system is minimizing the loss. Power wastage 
occurs almost entirely as heat in the transmission line conductors and dielectric, and in objects near 
the line. Some loss can take the form of unwanted electromagnetic radiation from the line. Loss also 
occurs in transformers. Power loss in an electrical system is analogous to the loss of usable work pro- 
duced by friction in a mechanical system. The less of it, the better! 

In an ideal power transmission system, all of the power is VA power; that is, it is in the form of 
ac in the conductors and an alternating voltage between them. It is undesirable to have power in a 
transmission line or transformer exist in the form of true power, because that translates into either 
heat loss, or radiation loss, or both. The place for true power dissipation or radiation is in the load, 
such as electrical appliances or radio antennas. 


Power Measurement in a Transmission Line 


In an ac transmission line, power is measured by placing an ac voltmeter between the conductors, 
and an ac ammeter in series with one of the conductors (Fig. 17-9). Then the power P (in watts) is 
equal to the product of the rms voltage E (in volts) and the rms current / (in amperes). This tech- 
nique can be used in any transmission line. But this is not necessarily an indication of the true power 
dissipated by the load at the end of the line. 

Recall that any transmission line has a characteristic impedance. This value, Z,, depends on the 
diameters of the line conductors, the spacing between the conductors, and the type of dielectric ma- 
terial that separates the conductors. If the load is a pure resistance R containing no reactance, and if 
R= Z,, then the power indicated by the voltmeter/ammeter scheme will be the same as the true 
power dissipated by the load—provided that the voltmeter and ammeter are placed at the load end 


of the transmission line. 
Q - 
a A 
Source = Load 


Voltmeter reading = E 
Ammeter reading = / 
Power = El 
17-9 Power measurement in a transmission line. Ideally, the voltage and 


the current should be measured at the same physical point on the 
line. 


A v cannot be calculated. 

C1/C2= 03 

Z cannot be calculated. 

fr = 1kHz (approximately) 

9. C1 = 0.0033 uF; C2 = 0.01 uF; CB = 
CC = 0.1 uF (problems 26-30) 
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If the load is a pure resistance but it differs from the characteristic impedance of the line, then 
the voltmeter and ammeter will not give an indication of the true power. Also, if there is any reac- 
tance in the load, the voltmeter/ammeter method will not be accurate, even if the resistive compo- 
nent happens to be the same as the characteristic impedance of the line. The physics of this is rather 
complicated, and we wont get into the details here. But you should remember that it is optimum 
for the impedance of a load to be a pure resistance R, such that R= Z,. When this is not the case, an 
impedance mismatch is said to exist. 

Small impedance mismatches can often be tolerated in power transmission systems. But this is 
not always the case. In very high frequency (VHF), ultrahigh frequency (UHF), and microwave 
radio transmitting systems, even a small impedance mismatch between the load and the line can 
cause excessive power losses in the line. An impedance mismatch can usually be corrected by means 
of a matching transformer between a transmission line and the load, and/or the deliberate addition 
of reactance at the load end of the line to cancel out any existing load reactance. 


Loss in a Mismatched Line 


When a transmission line is terminated in a resistance R = Z, then the current and the voltage are 
constant all along the line, provided the line has no loss. The ratio of the voltage to the current, E//, 
is equal to R and also equal to Z,. But this is an idealized case. No line is completely lossless. 

In a real-world transmission line, the current and voltage gradually decrease as a signal makes 
its way from the source to the load. But if the load is a pure resistance equal to the characteristic 
impedance of the line, the current and voltage remain in the same ratio at all points along the line 


(Fig. 17-10). 


Standing Waves 


If the load is not perfectly matched to the line, the current and voltage vary in a complicated way 
along the length of the line. In some places, the current is high; in other places it is low. The max- 


Relative levels 


Current 


Position along line 


source Feed line 


17-10 Ina matched line, the ratio of the voltage to the current (E//) is 
constant everywhere along the line, although the actual values of 
E and J decrease with increasing distance from the source. 
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ima and minima are called loops and nodes, respectively. At a current loop, the voltage is minimum (a 
voltage node), and at a current node, the voltage is maximum (a voltage loop). The current and volt- 
age loops and nodes along a mismatched transmission line, if graphed as functions of the position 
on the line, form wavelike patterns that remain fixed over time. They just stand there. For this rea- 
son, they are called standing waves. 


Standing-Wave Loss 


At current loops, the loss in line conductors reaches a maximum. At voltage loops, the loss in the 
dielectric reaches a maximum. At current nodes, the loss in the conductors reaches a minimum. At 
voltage nodes, the loss in the dielectric reaches a minimum. It is tempting to suppose that every- 
thing would average out here, but it doesnt work that way! Overall, in a mismatched line, the line 
losses are greater than they are in a perfectly matched line. This extra line loss increases as the mis- 
match gets worse. 

Transmission-line mismatch loss, also called standing-wave loss, occurs in the form of heat dissipa- 
tion. It is true power. Any true power that goes into heating up a transmission line is wasted, because 
it cannot be dissipated in the load. 

The greater the mismatch, the more severe the standing-wave loss becomes. The more loss a line 
has to begin with (that is, when it is perfectly matched), the more loss is caused by a given amount 
of mismatch. Standing-wave loss also increases as the frequency increases, if all other factors are held 
constant. This loss is the most significant, and the most harmful, in long lengths of transmission 
line, especially in RF practice at VHF, UHE and microwave frequencies. 


Line Overheating 


A severe mismatch between the load and the transmission line can cause another problem: physical 
damage to, or destruction of, the line! 

A feed line might be able to handle a kilowatt (1 kW) of power when it is perfectly matched. 
But if a severe mismatch exists and you try to feed 1 kW into the line, the extra current at the cur- 
rent loops can heat the conductors to the point where the dielectric material melts and the line 
shorts out. It is also possible for the voltage at the voltage loops to cause arcing between the line con- 
ductors. This perforates and/or burns the dielectric, ruining the line. 

When an RF transmission line must be used with a mismatch, derating functions are required to 
determine how much power the line can safely handle. Manufacturers of prefabricated lines such as 
coaxial cable can supply you with this information. 


Resonance 


One of the most important phenomena in ac circuits, especially in RF engineering, is the property 
of resonance. This is a condition that occurs when capacitive and inductive reactance cancel each 
other out. 


Series Resonance 


Recall that capacitive reactance, Xc, and inductive reactance, X;, can be equal in magnitude, al- 
though they are always opposite in effect. In any circuit containing an inductance and capacitance, 
there exists a frequency at which X; = —X¢. This condition constitutes resonance. In a simple LC cir- 
cuit, there is only one such frequency. But in some circuits involving transmission lines or antennas, 
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R L C 


17-11 A series RLC circuit. - AAA A (000001 [ o 


there can be many such frequencies. The lowest frequency at which resonance occurs is called the 
resonant frequency, symbolized fo. 

Refer to the schematic diagram of Fig. 17-11. You should recognize this as a series RLC circuit. 
At some particular frequency, X; = —Xc. This is inevitable if L and Care finite and nonzero. This fre- 
quency is f for the circuit. At f}, the effects of capacitive reactance and inductive reactance cancel out. 
The result is that the circuit appears as a pure resistance, with a value that is theoretically equal to R. 

If R= 0, that is, if the resistor is a short circuit, then the circuit is called a series LC circuit, and 
the impedance at resonance will be theoretically 0 + 70. The circuit will offer no opposition to the 
flow of alternating current at the frequency f. This condition is series resonance. In a practical series 
LC circuit, there is always a little bit of loss in the coil and capacitor, so the real part of the complex 
impedance is not exactly equal to 0 (although it can be extremely small). 


Parallel Resonance 


Refer to the circuit diagram of Fig. 17-12. This is a parallel RLC circuit. Remember that, in this sort 
of situation, the resistance R should be thought of as a conductance G, with G= 1/R. Then the cir- 
cuit can be called a parallel GLC circuit. 

At some particular frequency fy, the inductive susceptance B; will exactly cancel the capacitive 
susceptance Bc; that is, B; = —Be. This is inevitable for some frequency f, as long as the circuit con- 
tains finite, nonzero inductance and finite, nonzero capacitance. At the frequency f, the suscep- 
tances cancel each other out, leaving theoretically zero susceptance. The admittance through the 
circuit is then very nearly equal to the conductance, G, of the resistor. 

If the circuit contains no resistor, but only a coil and capacitor, it is called a parallel LC circuit, 
and the admittance at resonance will be theoretically 0 + 70. That means the circuit will offer great 
Opposition to alternating current at fj, and the complex impedance will theoretically be infinite! 
This condition is parallel resonance. In a practical parallel LC circuit, there is always a little bit of loss 
in the coil and capacitor, so the real part of the complex impedance is not infinite (although it can 
be extremely large). 


Calculating Resonant Frequency 


The formula for calculating resonant frequency f, in terms of the inductance £ in henrys and the 
capacitance C in farads, is as follows: 


7 = Pre) =| 


17-12 A parallel RLC 


circuit. 
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Considering T = 3.14 to three significant figures, this formula can be simplified to: 
f= OSI LE) 


The /2 power of a quantity represents the positive square root of that quantity. The preceding for- 
mulas are valid for series-resonant and parallel-resonant RLC circuits. 

The formula will also work if you want to find f in megahertz (MHz) when L is given in mi- 
crohenrys (UH) and C is in microfarads (UF). These values are far more common than hertz, hen- 
rys, and farads in electronic circuits. Just remember that millions of hertz go with millionths of 
henrys, and with millionzhs of farads. 


The Effects of R and G 


Interestingly, the value of R or G does not affect the resonant frequency in either type of circuit. But 
these quantities are significant, nevertheless! The presence of nonzero resistance in a series-resonant 
circuit, or nonzero conductance in a parallel-resonant circuit, makes the resonant frequency less well. 
defined. Engineers say that the resonant frequency response becomes “more broad” or “less sharp.” 

In a series circuit, the resonant frequency response becomes more broad as the resistance in- 
creases. In a parallel circuit, the resonant frequency response becomes more broad as the conductance 
increases. The sharpest possible responses occur when R= 0 in a series circuit, and when G = 0 (that 
is, R=00) in a parallel circuit. 


Problem 17-10 


Find the resonant frequency of a series circuit with an inductance of 100 uH and a capacitance of 
100 pE. 

First, convert the capacitance to microfarads: 100 pF = 0.000100 uE Then find the product 
LC= 100 x 0.000100 = 0.0100. Take the square root of this, getting 0.100. Finally, divide 0.159 by 
0.100, getting £, = 1.59 MHz. 


Problem 17-11 


Find the resonant frequency of a parallel circuit consisting of a 33-uH coil and a 47-pF capacitor. 

Again, convert the capacitance to microfarads: 47 pF = 0.000047 uE Then find the product 
LC = 33 x 0.000047 = 0.00155. Take the square root of this, getting 0.0394. Finally, divide 0.159 
by 0.0394, getting f = 4.04 MHz. 


Problem 17-12 


Suppose you want to design a circuit so that it has f = 9.00 MHz. You have a 33-pF fixed capacitor 
available. What size coil will be needed to get the desired resonant frequency? 

Use the formula for the resonant frequency, and plug in the values. This will allow you to use 
simple arithmetic to solve for L. Convert the capacitance to microfarads: 33 pF = 0.000033 UF. 
Then calculate as follows: 


f=0.159/(LC)!? 
9.00 = 0.159/(L x 0.000033)!” 
9.00? = 0.1597/(0.000033 x L) 
81.0 = 0.0253/(0.000033 x L) 
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81.0 x 0.000033 x £ = 0.0253 
0.00267 x L= 0.0253 
L = 0.0253/0.00267 
= 9.48 uH 


Problem 17-13 
Suppose a circuit must be designed to have f = 455 kHz. A coil of 100 uH is available. What size 


capacitor is needed? 
Convert the frequency to megahertz: 455 kHz = 0.455 MHz. Then the calculation proceeds in 
the same way as with the preceding problem: 


(20.159 LO)” 
0.455 = 0.159/(100 x C)!” 
0.455* = 0.1597/(100 x C) 
0.207 = 0.0253/(100 x C) 
0.207 x 100 x C= 0.0253 
20.7 x C= 0.0253 
C= 0.0253/20.7 
= 0.00122 UF 
= 1220 pF 


In practical circuits, variable inductors and/or variable capacitors are often placed in tuned circuits, 
so that small errors in the frequency can be compensated for. The most common approach is to 
design the circuit for a frequency slightly higher than f, and to use a padder capacitor in parallel with 
the main capacitor (Fig. 17-13). 


17-13 Padding capacitors 
(C,) allow limited 
adjustment of the A 
resonant frequency in 
a series LC circuit 
(as shown at A), or in 
a parallel LC circuit 
(as shown at B). 
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Resonant Devices 


Resonant circuits often consist of coils and capacitors in series or parallel, but there are other kinds 
of hardware that exhibit resonance. Some of these are as follows. 


Piezoelectric Crystals 


Pieces of quartz, when cut into thin wafers and subjected to voltages, will vibrate at high frequencies. 
Because of the physical dimensions of such a piezoelectric crystal, these vibrations occur at a precise fre- 
quency f, and also at whole-number multiples of f£. These multiples, 2%, 3£, 4f and so on, are called 
harmonic frequencies or simply harmonics. The frequency f, is called the fundamental frequency or sim- 
ply the fundamental. The fundamental, f, is defined as the lowest frequency at which resonance oc- 
curs. Quartz crystals can be made to act like LC circuits in electronic devices. A crystal exhibits an 
impedance that varies with frequency. The reactance is zero at f and the harmonic frequencies. 


Cavities 


Lengths of metal tubing, cut to specific dimensions, exhibit resonance at very high, ultrahigh, and 
microwave radio frequencies. They work in much the same way as musical instruments resonate 
with sound waves. But the waves are electromagnetic, rather than acoustic. Such cavities, also called 
cavity resonators, have reasonable physical dimensions at frequencies above about 150 MHz. Below 
this frequency, a cavity can be made to work, but it is long and unwieldy. Like crystals, cavities res- 
onate at a fundamental frequency f, and also at harmonic frequencies. 


Sections of Transmission Line 


When a transmission line is cut to Y4 wavelength, or to any whole-number multiple of this, it 
behaves as a resonant circuit. The most common length for a transmission-line resonator is a 
7/4 wavelength. Such a piece of transmission line is called a quarter-wave section. 

When a quarter-wave section is short-circuited at the far end, it acts like a parallel-resonant LC 
circuit, and has a high resistive impedance at the resonant frequency f. When it is open at the far 
end, it acts as a series-resonant LC circuit, and has a low resistive impedance at f. In effect, a quarter- 
wave section converts an ac short circuit into an ac open circuit and vice versa, at a specific 
frequency fo. 

The length of a quarter-wave section depends on the desired f. It also depends on how fast the 
electromagnetic energy travels along the line. This speed is specified in terms of a velocity factor, 
abbreviated v. The value of v is given as a fraction of the speed of light. Typical transmission lines 
have velocity factors ranging from about 0.66 to 0.95 (or 66 percent to 95 percent). This factor is 
provided by the manufacturers of prefabricated lines such as coaxial cable. 

If the frequency in megahertz is f and the velocity factor of a line is v, then the length LZ, of a 
quarter-wave section of transmission line, in feet, is given by this formula: 


La = 246v/f, 
The length Lm in meters is given by this: 
En =75.00/f, 


We use L here to stand for “length,” not “inductance”! 
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17-14 The half-wave, 
center-fed dipole is a 
simple and efficient ~~ Fe ed 
antenna. line 


To radio 


Antennas 


Many types of antennas exhibit resonant properties. The simplest type of resonant antenna, and the 
only kind that will be mentioned here, is the center-fed, half-wavelength dipole antenna (Fig. 17-14). 

The length Lp, in feet, for a dipole antenna at a frequency of f, in megahertz, is given by the 
following formula: 


Ls = 468/f, 


This takes into account the fact that electromagnetic fields travel along a wire at about 95 percent 
of the speed of light. A straight, thin wire in free space has a velocity factor of approximately 0.95. 
If the length of the half-wave dipole is specified in meters as Lm, then: 


La = 143/6 


A half-wave dipole has a purely resistive impedance of about 73 Q at its fundamental frequency f. 
But this type of antenna is also resonant at all harmonics of f. The dipole is a full wavelength long at 
2f; it is Y, wavelength long at 3%; it is two full wavelengths long at 4f, and so on. 


Radiation Resistance 


At f, and all of the odd harmonics, the antenna behaves like a series-resonant RLC circuit with a 
fairly low resistance. At all even harmonics, the antenna acts like a parallel-resonant RLC circuit with 
a high resistance. Does this confuse you? There’s no resistor in Fig. 17-14! Where, you ask, does the 
resistance come from in the half-wave dipole? The answer to this is rather esoteric, and it brings to 
light an interesting property that all antennas have. It is called radiation resistance, and is a crucial 
factor in the design and construction of all RF antenna systems. 

When electromagnetic energy is fed into an antenna, power is radiated into space in the form 
of radio waves. This is a manifestation of true power, just as the dissipation of power in a pure re- 
sistance is a manifestation of true power. Although there is no physical resistor in Fig. 17-14, the ra- 
diation of radio waves is like power dissipation in a pure resistance. In fact, if a half-wave dipole 
antenna were replaced with a 73-Q nonreactive resistor that could dissipate enough power without 
burning out, a radio transmitter connected to the opposite end of the line wouldnt know the dif- 
ference. (But a receiver would!) 


Problem 17-14 


How many feet long is a quarter-wave section of transmission line at 7.05 MHz, if the velocity fac- 
tor is 0.800? 
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Just use the formula: 


Lg = 2460/f, 
= (246 x 0.800)/7.05 
= 197/7.05 
= 27.9 Tt 


Qui 
Refer to the text in this chapter if necessary. A good source is 18 or more correct. Answers are in the 


back of the book. 


1. The power in a pure reactance is 
(a) radiated. 
(b) true. 
(c) imaginary. 
(d) apparent. 
2. Which of the following is not an example of true power? 
(a) Power in the form of heat, produced by dc flowing through a resistor 
(b) Power in the form of electromagnetic fields, radiated from a radio antenna 
(c) 


(d) Power in the form of heat, produced by losses in an RF transmission line 


The product of the rms ac through a capacitor and the rms voltage across it 


3. Suppose the apparent power in a circuit is 100 W, and the imaginary power is 40 W. What is 
the true power? 


(a) 92 W 

(b) 100 W 

(c) 140 W 

(d) It is impossible to determine from this information. 


4. Power factor is equal to 
(a) apparent power divided by true power. 
(b) 
(c) 
(d) true power divided by apparent power. 


imaginary power divided by apparent power. 


imaginary power divided by true power. 


5. Suppose a circuit has a resistance of 300 Q and an inductance of 13.5 uH in series, and is 
operated at 10.0 MHz. What is the power factor? 


(a) 0.334 
(b) 0.999 
(c) 0.595 


(d) It cannot be determined from the information given. 
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6. Suppose a series circuit has Z= 88.4 (2, with R= 50.0 Q. What is the power factor, expressed 


as a percentage! 
(a) 99.9 percent 
(b) 
(c) 60.5 percent 
(d) 29.5 percent 


56.6 percent 


7. Suppose a series circuit has R= 53.5 Q, with X= 75.5 Q. What is the power factor, expressed 


as a percentage? 
(a) 70.9 percent 
(b) 
(c) 57.8 percent 
(d) 63.2 percent 


81.6 percent 


8. The phase angle in an ac circuit is equal to 
(a) arctan (Z/R). 
(b) arctan (R/Z). 
(c) arctan (R/X). 
(d) arctan (X/R). 


9. Suppose an ac ammeter and an ac voltmeter indicate that there are 220 W of VA power in a 
circuit that consists of a resistance of 50 Q in series with a capacitive reactance of —20 Q. What is 
the true power? 


(a) 237 W 
(b) 204 W 
(c) 88.0 W 
(d) 81.6 W 


10. Suppose an ac ammeter and an ac voltmeter indicate that there are 57 W of VA power in a 
circuit. The resistance is known to be 50 Q, and the true power is known to be 40 W. What is the 
absolute-value impedance? 


(a) 50 Q 
(b) 
(c) 


(d) It is impossible to determine on the basis of this data. 


11. Which of the following should be minimized in an RF transmission line? 
(a) The load impedance 
(b) The load resistance 
(c) The line loss 


(d) The transmitter power 


284 Power and Resonance in Alternating-Current Circuits 


12. Which of the following does not increase the loss in a transmission line? 

(a) Reducing the power output of the source 

(b) Increasing the degree of mismatch between the line and the load 

(c) Reducing the diameter of the line conductors 

(d) Raising the frequency 
13. Which of the following is a significant problem that standing waves can cause in an RF 
transmission line? 

(a) Line overheating 

(b) Excessive power loss 


(c) Inaccuracy in power measurement 

(d) All of the above 
14. Suppose a coil and capacitor are in series. The inductance is 88 mH and the capacitance is 
1000 pE What is the resonant frequency? 

(a) 17 kHz 

(b) 540 Hz 

(c) 17 MHz 

(d) 540 kHz 


15. Suppose a coil and capacitor are in parallel, with Z = 10.0 uH and C= 10 pE What is f? 

(a) 15.9 kHz 

(b) 5.04 MHz 

(c) 15.9 MHz 

(d) 50.4 MHz 
16. Suppose you want to build a series-resonant circuit with f, = 14.1 MHz. A coil of 13.5 WH is 
available. How much capacitance is needed? 

(a) 0.945 uF 

(b) 9.45 pF 

(c) 94.5 pF 

(d) 945 pF 
17. Suppose you want to build a parallel-resonant circuit with f% = 21.3 MHz. A capacitor of 
22.0 pF is available. How much inductance is needed? 

(a) 2.54 mH 

(b) 254 WH 
(c) 25.4 WH 
(d) 2.54 uH 
18. A '/<-wave section of transmission line is cut for use at 21.1 MHz. The line has a velocity 
factor of 0.800. What is its physical length in meters? 

iia 

(b) 3.55 m 


Chapter 10 

The Transformer 
Transformers are used to “transform” an AC 
voltage to a higher or lower level. When you 
charge your cellphone, you use a transformer 
to reduce the 120 volts supplied by the wall 
outlet to the 5 volts or so needed to charge 


your cellphone's battery. Most electrical 
devices that you plug into wall outlets use 
transformers to reduce power coming from 
an outlet to that required by the electrical 
components in the device. 

You can also use transformers to increase 
voltage. For example, some of the equipment 
used to manufacture integrated circuits 
requires thousands of volts to operate. 
Transformers are used to increase the 240 


volts supplied by the power company to the 
required voltage. 

When you complete this chapter, you will be 
able to do the following: 


Recognize a transformer in a circuit. 
Explain and correctly apply the concepts of 
turns ratio and impedance matching 


Recognize two types of transformer. 
Do simple calculations involving transformers. 


Transformer Basics 


1 Consider two coils placed close to each 
other, as shown in Figure 10.1 . If you apply 
an AC voltage to the first (or primary) coil, 
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(c) 8.87 m 
(d) 2.84 m 


19. What is the fourth harmonic of 800 kHz? 
(a) 200 kHz 
(b) 400 kHz 
(c) 3.20 MHz 
(d) 4.00 MHz 
20. Suppose you want to build a '/2-wave dipole antenna designed to have a fundamental 


resonant frequency of 3.60 MHz. How long should you make it, as measured from end to end in 
feet? 


(a) 130 ft 
(b) 1680 ft 


18 


CHAPTER 


Transtormers and 
Impedance Matching 


TRANSFORMERS ARE USED TO OBTAIN THE OPTIMUM VOLTAGE FOR THE OPERATION OF A CIRCUIT OR 
system. Transformers can also match impedances between a circuit and a load, or between two 
different circuits. Transformers can be used to provide dc isolation between electronic circuits 
while letting ac pass. Another application is to mate balanced and unbalanced circuits, feed systems, 


and loads. 


Principle ot the Transtormer 


When two wires are near each other and one of them carries a fluctuating current, a fluctuating cur- 
rent is induced in the other wire. This effect is known as electromagnetic induction. All ac transformers 
work according to the principle of electromagnetic induction. If the first wire carries sine-wave ac of a 
certain frequency, then the induced current is sine-wave ac of the same frequency in the second wire. 
The closer the two wires are to each other, the greater is the induced current, for a given current 
in the first wire. If the wires are wound into coils and placed along a common axis (Fig. 18-1), the 
induced current will be greater than if the wires are straight and parallel. Even more coupling, or ef- 
ficiency of induced-current transfer, is obtained if the two coils are wound one atop the other. 


Primary and Secondary 


The two windings, along with the core on which they are wound, constitute a transformer. The first 
coil is called the primary winding, and the second coil is known as the secondary winding. These are 
often spoken of simply as the primary and the secondary. The induced current in the secondary cre- 
ates a voltage between its end terminals. In a step-down transformer, the secondary voltage is less 
than the primary voltage. In a step-up transformer, the secondary voltage is greater than the primary 
voltage. The primary voltage is abbreviated £,,;, and the secondary voltage is abbreviated Es Un- 
less otherwise stated, effective (rms) voltages are always specified. 

The windings of a transformer have inductance, because they are coils. The required induc- 
tances of the primary and secondary depend on the frequency of operation, and also on the resistive 
part of the impedance in the circuit. As the frequency increases, the needed inductance decreases. At 
high resistive impedances, more inductance is generally needed than at low resistive impedances. 
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Magnetic lines of flux 


18-1 Magnetic lines of flux 
between two aligned 
coils of wire when one 
of the coils carries 
fluctuating or 
alternating current. 


Source of Induced 
fluctuating current 
current in load 


Turns Ratio 


The primary-to-secondary turns ratio in a transformer is the ratio of the number of turns in the pri- 
mary, Tpi to the number of turns in the secondary, 7,... This ratio is written Tpi: Tec Or T pil Tyee. In 
a transformer with excellent primary-to-secondary coupling, the following relationship always 


holds: 


E 


P 


al Ee = Lael dee 
That is, the primary-to-secondary voltage ratio is always equal to the primary-to-secondary turns 
ratio (Fig. 18-2). 


Problem 18-1 


Suppose a transformer has a primary-to-secondary turns ratio of exactly 9:1. The ac voltage at the 
primary is 117 V rms. Is this a step-up transformer or a step-down transformer? What is the voltage 
across the secondary? 
This is a step-down transformer. Simply plug in the numbers in the preceding equation and 
solve for Exo as follows: 
Eal Ecc = Tyal Toe 
117/£,.. = 9.00 
1/E,,. = 9.00/117 
Ev. = 117/9.00 


= 13.0 V rms 
18-2 The primary voltage (£,,;) and 
secondary voltage (Exc) in a 
transformer depend on the number 
P E pri Tori T sec E sec 


of turns in the primary winding 


(T 


P 


the secondary winding (Tyo). 


a) versus the number of turns in 
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Problem 18-2 


Consider a transformer with a primary-to-secondary turns ratio of exactly 1:9. The voltage at the 
primary is 121.4 V rms. Is this a step-up transformer or a step-down transformer? What is the volt- 
age at the secondary? 

This is a step-up transformer. Plug in numbers and solve for Exo as follows: 


121.4/E... = 1/9.000 
E.../121.4 = 9.000 
E...= 9.000 x 121.4 
= 1093 V rms 


Sometimes the secondary-to-primary turns ratio is given, rather than the primary-to-secondary 
turns ratio. This is written T;../T7,,;. In a step-down unit, 7;../T,,; is less than 1. In a step-up unit, 
Tcl Toy; 18 greater than 1. When you hear someone say that such-and-such a transformer has a cer- 
tain “turns ratio,” say 10:1, be sure of which ratio is meant, Toal Tc or Tec Toy! If you get it wrong, 
you ll have the secondary voltage wrong by a factor of the square of the turns ratio. 


Ferromagnetic Cores 


If a ferromagnetic substance such as laminated iron or powdered iron is placed within the pair of 
coils, the extent of coupling is increased far above that possible with an air core. But this improve- 
ment in coupling is obtained at a price. Some energy is invariably lost as heat in the core. Also, fer- 
romagnetic cores limit the maximum frequency at which a transformer will work well. 

The schematic symbol for an air-core transformer consists of two inductor symbols back-to- 
back (Fig. 18-3A). Ifa laminated iron core is used, two parallel lines are added to the schematic sym- 
bol (Fig. 18-3B). If the core is made of powdered iron, the two parallel lines are broken or dashed 
(Fig. 18-3C). 

In transformers for 60-Hz utility ac, and also for low audio-frequency (AF) use, sheets of an 
alloy called silicon steel, glued together in layers, are often employed as transformer cores. The sili- 
con steel is sometimes called transformer iron. The reason layering is used, rather than making the 
core from a single mass of metal, is that the magnetic fields from the coils cause currents to flow in 
a solid core. These eddy currents go in circles, heating up the core and wasting energy that would oth- 
erwise be transferred from the primary to the secondary. Eddy currents are choked off by breaking 
up the core into layers, so that currents cannot flow very well in circles. 

A rather esoteric form of loss, called Aysteresis loss, occurs in all ferromagnetic transformer cores, 
but especially laminated iron. Hysteresis is the tendency for a core material to be sluggish in accept- 


oe 2 


A B C 


18-3 Schematic symbols for transformers. At A, air core. At B, laminated 
iron core. At C, ferrite or powdered iron core. 
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ing a fluctuating magnetic field. Laminated cores exhibit high hysteresis loss above the AF range, 
and are therefore not good above a few kilohertz. 

At frequencies up to several tens of megahertz, powdered iron works well for RF transformers. 
This material has high magnetic permeability and concentrates the flux efficiently. High permeabil- 
ity cores minimize the number of turns needed in the coils, and this minimizes the loss that occurs 
in the wires. 


Geometries 


The properties of a transformer depend on the shape of its core, and on the way in which the wires 
are wound on it. There are several different geometries used with transformers. 


E Core 


A common core for a power transformer is the E core, so named because it is shaped like the capital 
letter E. A bar, placed at the open end of the E, completes the core assembly after the coils have been 
wound on the E-shaped section (Fig. 18-4A). 

The primary and secondary windings can be placed on an E core in either of two ways. The 
simpler winding method is to put both the primary and the secondary around the middle bar of the 
E (Fig. 18-4B). This is called the shell method of transformer winding. It provides maximum cou- 
pling between the windings. However, this scheme results in considerable capacitance between the 
primary and the secondary. Such interwinding capacitance can sometimes be tolerated, but often it 
cannot. Another disadvantage of the shell geometry is that, when windings are placed one on top of 
the other, the transformer cannot handle very much voltage. High voltages cause arcing between the 
windings, which can destroy the insulation on the wires and lead to permanent short circuits. 

Another winding method is the core method. In this scheme, one winding is placed at the bot- 
tom of the E section, and the other winding is placed at the top (Fig. 18-4C). The coupling occurs 


section 2 Primary Primary 
\ \ | > | 
N 7 \ / 
section 1 secondary secondary 


A B C 


18-4 AtA, a utility transformer E core, showing both sections. At B, the shell 
winding method. At C, the core winding method. 
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by means of magnetic flux in the core. The interwinding capacitance is lower than it is in a shell- 
wound transformer because the windings are physically farther apart. Also, a core-wound trans- 
former can handle higher voltages than a shell-wound transformer of the same physical size. 
Sometimes the center part of the E is left out of the core when the core winding scheme is used. 

Shell-wound and core-wound transformers are almost universally employed at 60 Hz. These 
configurations are also common at AE 


Solenoidal Core 


A pair of cylindrical coils, wound around a rod-shaped piece of powdered iron or ferrite, was once 
a common configuration for RF transformers. Sometimes this type of transformer is still seen, al- 
though it is most often used as a loopstick antenna in portable radio receivers and in radio direction- 
finding equipment. The coil windings can be placed one atop the other, or they can be separated 
(Fig. 18-5) to reduce the capacitance between the primary and secondary. 

In a loopstick antenna, the primary serves to pick up the radio signals. The secondary winding 
provides an optimum impedance match to the first amplifier stage, or front end, of the radio re- 
ceiver. The use of transformers for impedance matching is discussed later in this chapter. 


Toroidal Core 


The toroidal core (or toroid) has become common for winding RF transformers. The core is a 
donut-shaped ring of powdered iron. The coils are wound around the donut. The complete assem- 
bly is called a toroidal transformer. The primary and secondary can be wound one over the other, or 
they can be wound over different parts of the core (Fig. 18-6). As with other transformers, when the 
windings are one on top of the other, there is more interwinding capacitance than when they are 
separated. 

Toroids confine practically all the magnetic flux within the core material. This allows toroidal 
coils and transformers to be placed near other components without inductive interaction. Also, a 
toroidal coil or transformer can be mounted directly on a metal chassis, and the operation is not 
affected (assuming the wire is insulated or enameled). 


BELLER 
/ diddi 


18-5 A solenoidal-core 


transformer. 


Core 


Secondary 
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18-6 A toroidal-core 


transformer. 


Secondary 


A toroidal core provides considerably more inductance per turn, for the same kind of ferromag- 
netic material, than a solenoidal core. It is common to see toroidal coils or transformers that have 
inductance values as high as 100 mH. 


Pot Core 


Even more inductance per turn can be obtained with a pot core. This is a shell of ferromagnetic 
material that is wrapped around a loop-shaped coil. The core is manufactured in two halves (Fig. 
18-7). You wind the coil inside one of the halves, and then bolt the two together. The final core 
completely surrounds the loop, and the magnetic flux is confined to the core material. 


Bolt 


Core 
18-7 Exploded view of a 


pot-core transformer. 


Secondary 


Core 


Nut ———— = 
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A B C 


18-8 Schematic symbols for autotransformers. At A, air core, step-down. 
At B, laminated iron core, step-up. At C, ferrite or powdered iron 
core, step-up. 


Like the toroid, the pot core is self-shielding. There is essentially no coupling to external com- 
ponents. A pot core can be used to wind a single, high-inductance coil. Inductance values of more 
than 1 H are possible with a reasonable number of wire turns. 

In a pot-core transformer, the primary and secondary must be wound next to each other. This 
is unavoidable because of the geometry. Therefore, the interwinding capacitance of a pot-core trans- 
former is high. Pot cores are useful at AF and the lowest-frequency parts of the RF spectrum. They 
are rarely employed at high radio frequencies. 


Autotransformer 


In some situations, there is no need to provide dc isolation between the primary and secondary 
windings of a transformer. In a case of this sort, an autotransformer can be used. It has a single, 
tapped winding. 

Figure 18-8 shows three autotransformer configurations. The unit shown at A has an air core, 
and is a step-down type. The unit at B has a laminated iron core, and is a step-up type. The unit at 
C has a powdered iron core, and is a step-up type. 

You ll sometimes see autotransformers in radio receivers or transmitters. Autotransformers work 
well in impedance-matching applications, and also perform well as solenoidal loopstick antennas. 
Autotransformers are occasionally, but not often, used in AF applications and in 60-Hz utility 
wiring. In utility circuits, autotransformers can step the voltage down by a large factor, but they 
arent used to step voltages up by more than a few percent. 


Power Transtormers 


Any transformer used in the 60-Hz utility line, intended to provide a certain rms ac voltage for the 
operation of electrical circuits, is a power transformer. Power transformers exist in a vast range of 
physical sizes, from smaller than a tennis ball to as big as a room. 


At the Generating Plant 


The largest transformers are employed at the places where electricity is generated. Not surprisingly, 
high-energy power plants have bigger transformers that develop higher voltages than low-energy, 
local power plants. These transformers must be able to handle high voltages and large currents 
simultaneously. 
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When electrical energy must be sent over long distances, extremely high voltages are used. This 
is because, for a given amount of power ultimately dissipated by the loads, the current is lower when 
the voltage is higher. Lower current translates into reduced loss in the transmission line. 

Recall the formula P = EI, where P is the power (in watts), E is the voltage (in volts), and J is 
the current (in amperes). If you can make the voltage 10 times larger, for a given power level, then 
the current is reduced to /10 as much. The ohmic losses in the wires are proportional to the square 
of the current. Remember that P = /*R, where P is the power (in watts), / is the current (in am- 
peres), and R is the resistance (in ohms). Engineers can’t do much about the wire resistance or the 
power consumed by the loads, but they can adjust the voltage, and thereby the current. 

Suppose the voltage in a power transmission line is increased by a factor of 10, and the load at 
the end of the line draws constant power. This increase in the voltage reduces the current to /10 of 
its previous value. As a result, the ohmic loss is cut to (/10?, or “00, of its previous amount. That’s 
a major improvement in the efficiency of the transmission line, at least in terms of the loss caused 
by the resistance in the wires—and it is the reason why regional power plants have massive trans- 
formers capable of generating hundreds of thousands of volts. 


Along the Line 


Extreme voltage is good for high-tension power transmission, but it’s certainly of no use to an average 
consumer. The wiring in a high-tension system must be done using precautions to prevent arcing 
(sparking) and short circuits. Personnel must be kept at least several meters away from the wires. Can 
you imagine trying to use an appliance, say a home computer, by plugging it into a 500,000-V rms 
electrical outlet? 

Medium-voltage power lines branch out from the major lines, and step-down transformers are 
used at the branch points. These lines fan out to still lower-voltage lines, and step-down transform- 
ers are employed at these points, too. Each transformer must have windings heavy enough to with- 
stand the product P = El, the amount of VA power delivered to all the subscribers served by that 
transformer, at periods of peak demand. 

Sometimes, such as during a heat wave, the demand for electricity rises above the normal peak 
level. This loads down the circuit to the point that the voltage drops several percent. This is called a 
brownout. If consumption rises further still, a dangerous current load is placed on one or more in- 
termediate power transformers. Circuit breakers in the transformers protect them from destruction 
by opening the circuit. Then there is a temporary blackout. 

At individual homes and buildings, transformers step the voltage down to either 234 V rms or 
117 V rms. Usually, 234-V rms electricity is provided in the form of three sine waves, called phases, 
each separated by 120°, and each appearing at one of the three slots in the outlet (Fig. 18-9A). This 
voltage is commonly employed with heavy appliances, such as the kitchen oven/stove (if they are 
electric), heating (if it is electric), and the laundry washer and dryer. A 117-V rms outlet supplies 
just one phase, appearing between two of the three slots in the outlet. The third opening in the out- 


let leads to an earth ground (Fig. 18-9B). 


In Electronic Devices 


The smallest power transformers are found in electronic equipment such as television sets, ham 
radios, and home computers. Most solid-state devices use low voltages, ranging from about 5 V up 
to perhaps 50 V. This equipment needs step-down power transformers in its power supplies. 
Solid-state equipment usually (but not always) consumes relatively little power, so the trans- 
formers are usually not very bulky. The exception is high-powered AF or RF amplifiers, whose tran- 
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Phase 1 Phase 2 Neutral 117 V 


Phase 3 ~ 


A B 


18-9 At A, an outlet for three-phase, 234-V rms utility ac. At B, a 
conventional single-phase utility outlet for 117-V rms utility ac. 


sistors can demand more than 1000 W (1 kW) in some cases. At 12 V, this translates to a current 
demand of 90 A or more. 

Television sets have cathode-ray tubes that need several hundred volts. This is derived by using 
a step-up transformer in the power supply. Such transformers dont have to supply a lot of current, 
though, so they are not very big or heavy. Another type of device that needs rather high voltage is a 
ham-radio amplifier with vacuum tubes. Such an amplifier requires from 2 kV to 5 kV. 

Any voltage higher than about 12 V should be treated with respect. Warning: The voltages in tel- 
evisions and ham radios can present an electrocution hazard, even after the equipment has been switched 
off. Do not try to service such equipment unless you are trained to do so! 


At Audio Frequencies 


Transformers for use at AF are similar to those employed for 60-Hz electricity. The differences are 
that the frequency is somewhat higher (up to 20 kHz), and that audio signals exist in a band of fre- 
quencies (20 Hz to 20 kHz) rather than at only one frequency. 

Most AF transformers are constructed like miniature utility transformers. They have laminated 
E cores with primary and secondary windings wound around the crossbars, as shown in Fig. 18-4. 
Audio transformers can be either the step-up or the step-down type. However, rather than being 
made to produce a specific voltage, AF transformers are designed to match impedances. 

Audio circuits, and in fact all electronic circuits that handle sine-wave or complex-wave signals, 
exhibit impedance at the input and output. The load has a certain impedance; a source has another 
impedance. Good audio design strives to minimize the reactance in the circuitry, so that the 
absolute-value impedance Z is close to the resistance R. This means that X must be zero or nearly 
zero. In the following discussion of impedance-matching transformers, for both AF and RE appli- 
cations, assume that the reactance is zero, so the impedance is purely resistive with Z= R + 70. 


Isolation and Impedance Matching 


Transformers can provide isolation between electronic circuits. While there is inductive coupling in a 
transformer, there is comparatively little capacitive coupling. The amount of capacitive coupling can 
be reduced by using cores that minimize the number of wire turns needed in the windings, and by 
keeping the windings physically separated from each other (rather than overlapping). 


the alternating current flowing through the coil 


creates a fluctuating magnetic field that 
surrounds the coil. As the strength and 
polarity of this magnetic field changes, it 
induces an alternating current and a 
corresponding AC voltage in the second (or 
secondary) coil. The AC signal induced in the 
secondary coil is at the same frequency as 


the AC signal applied to the primary coil. 
Figure 10.1 


Coil | Coll 2 


Both transformer coils are usually wound 
around a core made of a magnetic material 
such as ¡ron or ferrite to increase the 
strength of the magnetic field. 

Questions 


A. When the two coils are wound around the 
same core, are they connected electrically? 
B. What type of device consists of two wire 
coils wound around an iron or ferrite core? 


C. If you apply an AC voltage to the 


terminals of the primary coil, what occurs In 
the secondary coil? = — 

Answers 

A. No. 


B. A transformer. 


C. An alternating current s induced in the 
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Balanced and Unbalanced Loads and Lines 


A balanced load is one whose terminals can be reversed without significantly affecting circuit behav- 
ior. A plain resistor is a good example. The two-wire antenna input in a television receiver is another 
example of a balanced load. A balanced transmission line is usually a two-wire line, such as old- 
fashioned TV ribbon, also called twinlead. 

An unbalanced load is a \oad that must be connected a certain way. Switching its leads will re- 
sult in improper circuit operation. In this sense, an unbalanced load is a little like a polarized com- 
ponent such as a battery or capacitor. Many wireless antennas are of this type. Usually, unbalanced 
sources and loads have one side connected to ground. The coaxial input of a television receiver is un- 
balanced; the shield (braid) of the cable is grounded. An unbalanced transmission line is usually a 
coaxial line, such as you find in a cable television system. 

Normally, you cannot connect an unbalanced line to a balanced load, or a balanced line to an 
unbalanced load, and expect good performance. But a transformer can allow for mating between 
these two types of systems. In Fig. 18-10A, a balanced-to-unbalanced transformer is shown. Note that 
the balanced side is center-tapped, and the tap is grounded. In Fig. 18-10B, an unbalanced-to- 
balanced transformer is illustrated. Again, the balanced side has a grounded center tap. 

The turns ratio of a balanced-to-unbalanced transformer (also called a balun) or an unbalanced- 
to-balanced transformer (also known as an unbal) can be 1:1, but this need not be the case, and 
often it is not. If the impedances of the balanced and unbalanced parts of the systems are the same, 
then a 1:1 turns ratio is ideal. But if the impedances differ, the turns ratio should be such that the 
impedances are matched. Shortly, we'll see how the turns ratio of a transformer can be manipulated 
to transform one purely resistive impedance into another. 


Transtormer Coupling 


Transformers are sometimes used between amplifier stages in electronic equipment where a large 
amplification factor is needed. There are other methods of coupling from one amplifier stage to an- 
other, but transformers offer some advantages, especially in RF receivers and transmitters. 

Part of the problem in getting a radio to work is that the amplifiers must operate in a stable 
manner. If there is too much feedback, a series of amplifiers will oscillate, and this will severely de- 
grade the performance of the radio. Transformers that minimize the capacitance between the ampli- 
fier stages, while still transferring the desired signals, can help to prevent this oscillation. 


Unb Unb 


Il Il 
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18-10 At A, a balanced-to-unbalanced transformer. At B, an 
unbalanced-to-balanced transformer. 
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Impedance Transfer Ratio 


In RF and AF systems, transformers are employed to match impedances. Thus, you will sometimes 
hear or read about an impedance step-up transformer or an impedance step-down transformer. 

The impedance transfer ratio of a transformer varies according to the square of the turns ratio, 
and also according to the square of the voltage-transfer ratio. If the primary (source) and secondary 
(load) impedances are purely resistive and are denoted Z,,; and Z,.., then the following relations 


p 
hold: 


The inverses of these formulas, in which the turns ratio or voltage-transfer ratio are expressed in 
terms of the impedance-transfer ratio, are: 


Problem 18-3 


Consider a situation in which a transformer is needed to match an input impedance of 50.0 Q, 
purely resistive, to an output impedance of 300 Q, also purely resistive. What is the required turns 


ratio Toril Tec? 


The required transformer will have a step-up impedance ratio of Z,,;/Z,.. = 50.0/300 = 1/6.00. 
From the preceding formulas: 


AAN 
= (1/6.00)'? 
= 0.16667"? 
= 0.408 


= 1/2.45 


Problem 18-4 


Suppose a transformer has a primary-to-secondary turns ratio of 4.00:1. The load, connected to the 
transformer output, is a pure resistance of 37.5 Q. What is the impedance at the primary? 
The impedance-transfer ratio is equal to the square of the turns ratio. Therefore: 
DAT cate) Ty? 
= (4.00/1)* 
= 4,007 
= 16.0 


We know that the secondary impedance, Z, is 37.5 Q. Thus: 
Zi = 16.0 x Za 


= 16.0 x 37.5 
= 600 Q 
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Radio-Frequency Transformers 


In radio receivers and transmitters, transformers can be categorized generally by the method of con- 
struction used. Some have primary and secondary windings, just like utility and audio units. Oth- 
ers employ transmission-line sections. These are the two most common types of transformer found 
at radio frequencies. 


Wire-Wound Types 


In wire-wound RF transformers, powdered-iron cores can be used up to quite high frequencies. 
Toroidal cores are common, because they are self-shielding (all of the magnetic flux is confined 
within the core material). The number of turns depends on the frequency, and also on the perme- 
ability of the core. 

In high-power applications, air-core coils are often preferred. Although air has low permeabil- 
ity, it has negligible hysteresis loss, and will not heat up or fracture as powdered-iron cores some- 
times do. The disadvantage of air-core coils is that some of the magnetic flux extends outside of the 
coil. This affects the performance of the transformer when it must be placed in a cramped space, 
such as in a transmitter final-amplifier compartment. 

A major advantage of coil-type transformers, especially when they are wound on toroidal cores, 
is that they can be made to work over a wide band of frequencies, such as from 3.5 MHz to 


30 MHz. These are called broadband transformers. 


Transmission-Line Types 


As you recall, any transmission line has a characteristic impedance, or Z,, that depends on the line 
construction. This property is sometimes used to make impedance transformers out of coaxial or 
parallel-wire line. 

Transmission-line transformers are always made from quarter-wave sections. From the previous 
chapter, remember the formula for the length of a quarter-wave section: 


La = 246v/f, 


where Lẹ is the length of the section in feet, v is the velocity factor expressed as a fraction, and f, is 
the frequency of operation in megahertz. If the length La is specified in meters, then: 


La = 750/f, 


Suppose that a quarter-wave section of line, with characteristic impedance Z,, is terminated in 
a purely resistive impedance Rouw. Then the impedance that appears at the input end of the line, Rn 
is also a pure resistance, and the following relations hold: 


he = RaR out 
Z = (RaR Ph 


This is illustrated in Fig. 18-11. The first of the preceding formulas can be rearranged to solve for 
R., in terms of Ru or vice versa: 


Rin = Lal Rei 
Koit = Zo IRn 
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in Rout 18-11 A quarter-wave 
matching section of 
transmission line. 
The input impedance 
Source is R» the output 


impedance is Rous 
and the characteristic 
im nce of th 
Y, wavelength OPE 
line is Z. 


These equations are valid at the frequency £, for which the line length measures /4 wavelength. 
Sometimes, the word “wavelength” is replaced by the lowercase Greek letter lambda (A), so you will 
occasionally see the length of a quarter-wave section denoted as AA or 0.252. 

Neglecting line losses, the preceding relations hold at all odd harmonics of f, that is, at 3f, 5f» 
7f» and so on. At other frequencies, a quarter-wave section of line does not act as a transformer. 
Instead, it behaves in a complex manner that is beyond the scope of this discussion. 

Quarter-wave transmission-line transformers are most often used in antenna systems, especially 
at the higher frequencies, where their dimensions become practical. A quarter-wave matching sec- 
tion should be made using unbalanced line if the load is unbalanced, and balanced line if the load 
is balanced. 

A disadvantage of quarter-wave sections is the fact that they work only at specific frequencies. 
But this is often offset by the ease with which they are constructed, if radio equipment is to be used 
at only one frequency, or at odd-harmonic frequencies. 


Problem 18-5 


Suppose an antenna has a purely resistive impedance of 100 Q. It is connected to a /4-wave section 
of 75-Q coaxial cable. What is the impedance at the input end of the section? 
Use the formula from above: 


Kia = Zo | Rout 
= 75°/100 
= 5625/100 
= 56 Q 


Problem 18-6 


Consider an antenna known to have a purely resistive impedance of 600 (2. You want to match it to 
the output of a radio transmitter designed to work into a 50.0-Q pure resistance. What is the char- 
acteristic impedance needed for a quarter-wave matching section? 

Use this formula: 


ZL? = Rinfout 
= 600 x 50 
= 30,000 
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Therefore: 


Z, = (30,000)'” 
=173 Q 


It may be difficult to find a commercially manufactured transmission line that has this particular 
characteristic impedance. Prefabricated lines come in standard Z, values, and a perfect match might 
not be obtainable. In that case, the closest obtainable Z, should be used. In this case, it would prob- 
ably be 150 Q. If nothing is available anywhere near the characteristic impedance needed for a quar- 
ter-wave matching section, then a coil-type transformer can be used instead. 


What about Reactance? 


Things are simple when there is no reactance in an ac circuit using transformers. But often, espe- 
cially in RF antenna systems, pure resistance doesn’t occur naturally. It has to be obtained by using 
inductors and/or capacitors to cancel the reactance out. The presence of reactance in a load makes a 
perfect match impossible with an impedance-matching transformer alone. 

Recall that inductive and capacitive reactances are opposite in effect, and that their magnitudes 
can vary. If a load presents a complex impedance R + 7X, it is possible to cancel the reactance X by 
deliberately introducing an equal and opposite reactance —X. This can be, and often is, done by con- 
necting an inductor or capacitor in series with a load that contains reactance as well as resistance. 
The result is a pure resistance with a value equal to (R + jX ) — 7X, or simply R. 

When wireless communications is contemplated over a wide band of frequencies, adjustable 
impedance-matching and reactance-canceling networks can be placed between the transmitter and 
the antenna system. Such a device is called a transmatch or an antenna tuner. These devices not only 
match the resistive portions of the transmitter and load impedances, but they can tune out reac- 
tances in the load. Transmatches are popular among amateur radio operators, who use equipment 
capable of operation from less than 2 MHz up to the highest known radio frequencies. 


Quiz 
Refer to the text in this chapter if necessary. A good score is 18 or more correct. Answers are in the 
back of the book. 
1. Ina step-up transformer, 
(a) the primary impedance is greater than the secondary impedance. 
(b) the secondary winding is right on top of the primary. 


(c) the primary voltage is less than the secondary voltage. 
(d) All of the above are true. 
2. The capacitance between the primary and the secondary windings of a transformer can be 
minimized by 
(a) placing the windings on opposite sides of a toroidal core. 
(b) 
(c) 


(d) using a center tap on the balanced winding. 


winding the secondary right on top of the primary. 


using the highest possible frequency. 


300 Transformers and Impedance Matching 


3. A transformer steps a voltage down from 117 V to 6.00 V. What is its primary-to-secondary 
turns ratio? 


(a) 1:380 

(b) 380:1 

(c) 1:19.5 

(d) 19.5:1 

4. A step-up transformer has a primary-to-secondary turns ratio of 1:5.00. If 117 V rms appears 
at the primary, what is the ac rms voltage across the secondary? 

(a) 23.4 V rms 

(b) 585 V rms 

(c) 117 V rms 

(d) 2.93 kV rms 


5. A transformer has a secondary-to-primary turns ratio of 0.167. This transformer is 
(a) a step-up unit. 
(b) a step-down unit. 
(c) neither a step-up unit nor a step-down unit. 
(d) a reversible unit. 
6. Which of the following statements is false, concerning air cores compared with ferromagnetic 
cores? 
(a) Air concentrates the magnetic lines of flux. 
(b) Air works at higher frequencies than ferromagnetics. 
(c) Ferromagnetics are lossier than air. 
(d) A ferromagnetic-core transformer needs fewer turns of wire than an equivalent air-core 
transformer. 
7. Eddy currents cause 
(a) an increase in efficiency. 
(b) an increase in coupling between windings. 
(c) an increase in core loss. 
(d) an increase in usable frequency range. 
8. Suppose a transformer has an ac voltage of 117 V rms across its primary, and 234 V rms 


appears across its secondary. If this transformer is reversed (that is, connected backward), assuming 
that this be done without damaging the windings, what will be the voltage at the output? 


(a) 234 V rms 
(b) 468 V rms 
(c) 117 Vrms 
(d) 58.5 V rms 
9. The shell method of transformer winding 
(a) provides maximum coupling. 


(b) minimizes capacitance between windings. 


10. 


11. 


12. 


15 


14. 


15. 


16. 
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(c) withstands more voltage than other winding methods. 


(d) has windings far apart but along a common axis. 


Which of these core types is best if you need a winding inductance of 1.5 H? 
(a) Air core 

(b) Ferromagnetic solenoid core 

(c) Ferromagnetic toroid core 


(d) Ferromagnetic pot core 


An advantage of a toroid core over a solenoid core is the fact that 
(a) the toroid works at higher frequencies. 

(b) the toroid confines the magnetic flux. 

(c) the toroid can work for dc as well as for ac. 


(d) it is easier to wind the turns on a toroid. 


High voltage is used in long-distance power transmission because 
(a) it is easier to regulate than low voltage. 

(b) the /*R losses are minimized. 

(c) the electromagnetic fields are strong. 


(d) small transformers can be used. 


In a household circuit, 234-V rms electricity usually has 
(a) one phase. 

(b) two phases. 

(c) three phases. 

(d) four phases. 


In a transformer, a center tap often exists in 
(a) the primary winding. 

(b) the secondary winding. 

(c) an unbalanced winding. 


(d) a balanced winding. 


An autotransformer 

(a) can be adjusted automatically. 

(b) has a center-tapped secondary. 

(c) consists of a single tapped winding. 


(d) is useful only for impedance matching. 


Suppose a transformer has a primary-to-secondary turns ratio of 2.00:1. The input 


impedance is 300 Q, purely resistive. What is the output impedance? 


(a) 75 Q, purely resistive 
(b) 150 Q, purely resistive 
(c) 600 Q, purely resistive 
(d) 1200 Q, purely resistive 
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17. Suppose a purely resistive input impedance of 50 (2 must be matched to a purely resistive 
output impedance of 450 (2. The primary-to-secondary turns ratio of the transformer must be 


which of the following? 
(a) 9.00 
(b) 3.00 
(c) 1/3.00 
(d) 1/9.00 
18. Suppose a quarter-wave matching section has a characteristic impedance of 75.0 Q. The 
input impedance is 50.0 Q, purely resistive. What is the output impedance? 
(a) 150 Q, purely resistive 
(b) 
(c) 
(d) 113 Q, purely resistive 


125 Q, purely resistive 
100 Q, purely resistive 


19. Suppose a purely resistive impedance of 75 Q must be matched to a purely resistive 
impedance of 300 (2. A quarter-wave section would need to have 


(a) Z,= 188 Q. 
(b) Z= 150 Q. 
(c) Z =225 Q0. 
(d) % = 375 Q. 


20. If there is reactance in the load to which a transformer is connected, then 
(a) the transformer will be destroyed. 
(b) a perfect impedance match cannot be obtained. 
(c) a center tap must be used in the secondary. 


(d) the turns ratio must be changed to obtain an impedance match. 


Test: Part 2 


Do not refer to the text when taking this test. A good score is at least 37 correct. Answers are in the 
back of the book. It's best to have a friend check your score the first time, so you wont memorize 
the answers if you want to take the test again. 


1. Consider a series circuit that has a resistance of 100 Q and a capacitive reactance of —200 Q. 
What is the complex impedance? 


(a) —200 + ¿100 
(b) 100 + 7200 
(c) 200 — 100 
(d) 200 + 100 
(e) 100 — 7200 


ae NSO Nv 


2. Mutual inductance causes the net value of a set of coils to 
(a) cancel out, resulting in zero inductance. 
(b) be greater than what it would be with no mutual coupling. 
(c) be less than what it would be with no mutual coupling. 


(d) double. 


(e) vary, depending on the extent and phase of mutual coupling. 


3. Refer to Fig. Test 2-1. Wave A is 
(a) leading wave B by 90°. 
(b) lagging wave B by 90°. 
(c) leading wave B by 180°. 
(d) lagging wave B by 135°. 
(e) lagging wave B by 45°. 
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Test 2-1 Illustration for Part 


Time 
2 Test Question 3. 


Instantaneous amplitude 


4. If a pure sine wave with no dc component has a positive peak value of +30.0 V pk, what is its 
rms voltage? 


(a) 21.2 V rms 
(b) 30.0 V rms 
(c) 42.4 V rms 
(d) 60.0 V rms 
(e) 90.0 V rms 


5. Suppose four capacitors are connected in parallel. Their values are 100 pF each. What is the 
net capacitance? 


(a) 25 pF 
(b) 50 pF 
(c) 100 pF 
(d) 200 pF 
(e) 400 pF 
6. Suppose an ac transformer has a primary-to-secondary turns ratio of 8.88/1. The input 
voltage is 234 V rms. What is the output voltage? 
(a) 2.08 kV rms 
(b) 18.5 kV rms 
(c) 2.97 V rms 
(d) 26.4 V rms 
(e) 20.8 V rms 
7. In a series RL circuit, as the resistance becomes small compared with the reactance, the angle 
of lag approaches which of the following? 
(a) 0° 
(b) 45° 


secondary coil, which produces an AC voltage 
between the terminals of the secondary coil. 


2 A transformer iS used only with 
alternating currents. A fluctuating magnetic 
field (such as that generated by alternating 
current flowing through a primary coll) IS 
required to induce current in a secondary coil. 
The stationary magnetic field generated by 


direct current flowing through a primary coll 
will not induce any current or voltage in a 
secondary coil. 

When a sine wave signal is applied to a 
primary coil, you can observe a sine wave of 
the same frequency across the secondary 
coil, as shown in Figure 10.2 . 

Figure 10.2 o 


AS — A 


Questions 

A. What will be the difference in frequency 
between a signal applied to a primary coil and 
the signal induced in a secondary coil? = — 
B. What will be the voltage difference across 
a secondary coil if 10 volts DC is applied to 
the primary coil? 
Answers 

A. No difference. The frequencies will be the 


same. 
B. Zero volts. When a DC voltage is applied 
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(c) 90° 
(d) 180° 
(e) 360° 
8. Suppose an ac transmission line carries 3.50 A rms and 150 V rms. Imagine that the line is 


perfectly lossless, and that the load impedance is a pure resistance equal to the characteristic 
impedance of the line. What is the true power in this transmission line? 


(a) 525 W 
(b) 42.9 W 
(c) 1.84 W 
(d) Nonexistent, because true power is dissipated, not transmitted 


(e) Variable, depending on standing-wave effects 


9. In a parallel configuration, susceptances 
(a) simply add up. 
(b) add like capacitances in series. 
(c) add like inductances in parallel. 
(d) must be changed to reactances before you can work with them. 
(e) cancel out. 
10. Consider a sine wave that has a frequency of 200 kHz. How many degrees of phase change 
occur in a microsecond (a millionth of a second)? 
(a) 180° 
(b) 144° 
(c) 120° 
(d) 90° 
(e) 72° 


11. Ata frequency of 2.55 MHz, what is the reactance of a 330-pF capacitor? 
(a) -5.28 Q 
(b) —0.00528 Q 
(c) -—189 Q 
(d) -18.9 kQ 
(e) —0.000189 Q 
12. Suppose a transformer has a step-up turns ratio of 1/3.16. The impedance of the load 
connected to the secondary is 499 Q, purely resistive. What is the impedance at the primary? 
(a) 50.0 Q, purely resistive 
(b) 158 Q, purely resistive 
(c) 1.58 kQ, purely resistive 
(d) 4.98 kQ, purely resistive 


(e) Impossible to calculate from the data given 
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13. Ifa complex impedance is represented by 34 — 723, what is the absolute-value impedance? 


(a) 34 Q 


14. Suppose a coil has an inductance of 750 WH. What is the inductive reactance at 100 kHz? 
(a) 75.0 Q 
(b) 75.0 kQ 
(c) 471 Q 
(d) 47.1 kQ 
(e) 212 Q 


15. If two sine waves are 180° out of phase, it represents a difference of 
(a) Ya of a cycle. 
(b) 1⁄4 of a cycle. 
(c) Y of a cycle. 
(d) 1 full cycle. 
(e) 2 full cycles. 


16. If R denotes resistance and Z denotes absolute-value impedance, then R/Z represents the 
(a) true power. 
(b 
(c 
(d 
(e 
17. Suppose two components are connected in series. One component has a complex impedance 


of 30 + 750, and the other component has a complex impedance of 50 — 730. What is the 
impedance of the series combination? 


(a) 80 + 780 
(b) 20 + 720 
(c) 20-20 
(d) 20 + j20 
(e) 80+ 720 


Nh 


imaginary power. 


NA 


apparent power. 


NA 


absolute-value power. 


Nh 


power factor. 


18. Suppose two inductors, having values of 140 WH and 1.50 mH, are connected in series. What 
is the net inductance? 


(a) 141.5 uH 
(b) 1.64 WH 
(c) 0.1415 mH 
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(d) 1.64 mH 
(e) 0.164 mH 


19. Which of the following types of capacitor is polarized? 
(a) Mica 
(b) Paper 
(c) Electrolytic 
(d) Air variable 


(e) Ceramic 


20. A coil with a toroidal, ferromagnetic core 
(a) has less inductance than an air-core coil with the same number of turns. 
(b) is essentially self-shielding. 
(c) works well as a loopstick antenna. 
(d) is ideal as a transmission-line transformer. 


(e) cannot be used at frequencies below 10 MHz. 


21. The efficiency of an electric generator 
(a) depends on the mechanical driving power source. 
(b) is equal to the electrical output power divided by the mechanical input power. 
(c) depends on the nature of the electrical load. 
(d) is equal to driving voltage divided by output voltage. 


(e) is equal to driving current divided by output current. 


22. Admittance is 
(a) the reciprocal of reactance. 
(b) the reciprocal of resistance. 
(c) a measure of the opposition a circuit offers to ac. 
(d) a measure of the ease with which a circuit passes ac. 


(e) another expression for absolute-value impedance. 
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23. The absolute-value impedance Z of a parallel REC circuit, where R is the resistance and X is 


the net reactance, is found according to which of the following formulas? 
(a) Z=R+X 
(b) Z* = R+ X? 
(c) Z? = RXR +X?) 
(d) Z=1/(R*+X?) 
(e) Z=R*X*/(R+X) 
24. Complex numbers are used to represent impedance because 


(a) reactance cannot store power. 


(b) reactance isn't a real physical thing. 
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(c) they provide a way to represent what happens in resistance-reactance circuits. 
(d) engineers like to work with sophisticated mathematics. 


(e) Forget it! Complex numbers are never used to represent impedance. 


25. Which of the following (within reason) has no effect on the value, in farads, of a capacitor? 


(a) The mutual surface area of the plates 

(b) The dielectric constant of the material between the plates 
(c) The spacing between the plates 

(d) The amount of overlap between plates 


(e) The frequency 


26. The 0° phase point in an ac sine wave is usually considered to be the point in time at which 
the instantaneous amplitude is 


(a) zero and negative-going. 
(b) at its negative peak. 
(c) zero and positive-going. 
(d) at its positive peak. 


(e) any value; it doesnt matter. 


27. The inductance of a coil can be adjusted in a practical way by 


28. 


29. 


(a) varying the frequency of the signal applied to the coil. 
(b) varying the number of turns using multiple taps. 

(c) varying the current in the coil. 

(d) varying the wavelength of the signal applied to the coil. 


(e) varying the voltage across the coil. 


Power factor is defined as the ratio of 
(a) true power to VA power. 

(b) true power to imaginary power. 
(c) imaginary power to VA power. 
(d) imaginary power to true power. 


(e) VA power to true power. 


Consider a situation in which you want to match a feed line with Z, = 50 Q to an antenna 


with a purely resistive impedance of 200 Q. A quarter-wave matching section should have which 
of the following? 


(a) L= 1500 
(b) Z = 250 Q 
(c) Z.2 125-92 
(d) Z,= 133 Q 
(e) Z = 100 Q 
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30. The vector 40 + 730 in the RX plane represents 
(a) 40 Q of resistance and 30 uH of inductance. 
(b) 40 WH of inductance and 30 Q of resistance. 
(c) 40 Q of resistance and 30 (2 of inductive reactance. 
(d) 40 Q of inductive reactance and 30 Q of resistance. 
(e) 40 WH of inductive reactance and 30 Q of resistance. 


31. In a series RC circuit where R = 300 Q and Xc = -30 Q, 
(a) the current leads the voltage by a few degrees. 
(b) the current leads the voltage by almost 90°. 
(c) the voltage leads the current by a few degrees. 
(d) the voltage leads the current by almost 90°. 
(e) the voltage leads the current by 90°. 


32. In a step-down transformer, 
(a) the primary voltage is greater than the secondary voltage. 


(b) the purely resistive impedance across the primary is less than the purely resistive 
impedance across the secondary. 


(c) the secondary voltage is greater than the primary voltage. 

(d) the output frequency is higher than the input frequency. 

(e) the output frequency is lower than the input frequency. 
33. Suppose a capacitor of 470 pF is in parallel with an inductor of 4.44 UH. What is the 
resonant frequency? 

(a) 3.49 MHz 

(b) 3.49 kHz 

(c) 13.0 MHz 

(d) 13.0 GHz 


(e) It cannot be calculated from the data given. 


34. A pure sine wave contains energy at 


IN 


a) only one specific frequency. 

(b) a specific frequency and its even harmonics. 
(c) a specific frequency and its odd harmonics. 
(d) a specific frequency and all its harmonics. 


(e) a specific frequency and its second harmonic only. 


35. Inductive susceptance is 
(a) the reciprocal of inductance. 
(b) negative imaginary. 
(c) equivalent to capacitive reactance. 
(d) the reciprocal of capacitive susceptance. 


(e) positive imaginary. 
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36. The rate of change (derivative) of a pure sine wave is another pure sine wave that has the 
same frequency as the original wave, and 


(a) 1s in phase with the original wave. 

(b) is 180° out of phase with the original wave. 
(c) leads the original wave by 45°. 

(d) lags the original wave by 90°. 

(e) leads the original wave by 90°. 


37. True power is equal to 


38. 


(a) VA power plus imaginary power. 

(b) imaginary power minus VA power. 

(c) the vector difference between VA and reactive power. 
(d) VA power; the two are the same thing. 

(e) 0.707 times the VA power. 


Consider a circuit in which three capacitors are connected in series. Their values are 47 UE 


68 UE and 100 uE The total capacitance of this combination is 


39. 


(a) 215 WE 

(b) between 68 UF and 100 uE 
(c) between 47 UF and 68 uE 
(d) 22 uF 


(e) not determinable from the data given. 


The reactance of a section of transmission line depends on all of the following factors except 
(a) the velocity factor of the line. 

(b) the length of the section. 

(c) the current in the line. 

(d) the frequency of the signal in the line. 

(e) the wavelength of the signal in the line. 


40. When analyzing a parallel RLC circuit to find the complex impedance, you should 


4l. 


(a) add the resistance and reactance to get R + jX. 


(b) find the net conductance and susceptance, convert to resistance and reactance, and then 


add these to get R + jX. 
(c) find the net conductance and susceptance, and add these to get R + jX. 


(d) rearrange the components so they're connected in series, and find the complex impedance 
of that circuit. 


(e) subtract reactance from resistance to get R— jX. 


The illustration in Fig. Test 2-2 shows a vector R + jX representing 
(a) Xc=60 Q and R= 25 Q. 

(b) X, = 60 Q and R= 25 Q. 

(c) X,= 60 UH and R= 25 Q. 
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¡80 

Test 2-2 Illustration for j 60 
Part 2 Test 

Question 41. j40 


j20 


jo 


(d) C= 60 uF and R=25 Q. 
(e) L=60 uH and R= 25 Q. 
42. Suppose two pure sine waves have no dc components, have the same frequency, and have the 


same peak-to-peak voltages, but they cancel each other out when combined. What is the phase 
difference between the waves? 


(a) 45° 
(b) 90° 
(c) 180° 
(d) 270° 
(e) 360° 
43. Suppose a series RC circuit has a resistance of 50 Q and a capacitive reactance of —37 Q. 
What is the phase angle? 
(a) 37° 
(b) 53° 
(Ej 57" 
ys 


(e) It cannot be calculated from the data given. 


2 


44. Suppose a 200-Q resistor is in series with a coil and capacitor, such that X; = 200 Q and Xc = 
—100 Q. What is the complex impedance? 


(a) 200 — ¿100 
(b) 200 — ¿200 
(c) 200 + j100 
(d) 200 + ¿200 


(e) Impossible to determine from the data given 


312 Test: Part 2 


45. The characteristic impedance of a transmission line 
(a) is negative imaginary. 
(b) is positive imaginary. 
(c) depends on the frequency. 
(d) depends on the construction of the line. 


(e) depends on the length of the line. 


46. Suppose the period of a pure sine wave is 2 x 10s. What is the frequency? 
(a) 2x 10% Hz 
(b) 20 MHz 
(c) 50 kHz 
(d) 50 MHz 
(e) 500 MHz 
47. Suppose a series RC circuit has a resistance of 600 (2 and a capacitance of 220 pE What is the 
phase angle? 
(a) —20° 
(b) 20° 
(c) -70° 
(d) 70° 
(e) Not determinable from the data given 
48. A capacitor with a negative temperature coefficient 
(a) works less well as the temperature increases. 
(b) works better as the temperature increases. 
(c) heats up as its value is made larger. 
(d) cools down as its value is made larger. 
(e) exhibits increasing capacitance as the temperature drops. 
49. Suppose three coils are connected in parallel. Each has an inductance of 300 WH. There is no 
mutual inductance. What is the net inductance? 
(a) 100 uH 
(b) 300 WH 
(c) 900 WH 
(d) 17.3 WH 
(e) 173 WH 
50. Suppose a coil has 100 Q of inductive reactance at 30.0 MHz. What is its inductance? 
(a) 0.531 WH 
(b) 18.8 mH 
(c) 531 WH 
(d) 18.8 uH 
(e) It cant be found from the data given. 
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to the primary coil, there is no voltage or 
current induced in the secondary coil. You 
can summarize this by saying that DC does 
not pass through a transformer. 

3 You can compare the output waveform 


measured between the terminals of the 
secondary Coll to the output waveform 
measured between the terminals of the 
primary coil. If the output goes positive when 


the input goes positive, as shown in Figure 
10.3 , then they are said to be in phase 
Figure 10.3 


y ; > E 


The dots on the coils in Figure 10.3 indicate 
the corresponding end of each coil. If one coil 
iS reversed, then the output will be inverted 
from the input. The output is said to be out 
of phase with the input, and a dot is placed 
at the opposite end of the coil. 

Question 

In Figure 10.4 , the output sine wave is out 
of phase with the input sine wave. Place a 
dot in the correct location in the secondary 
coil to show that it is out of phase. 

Figure 10.4 
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CHAPTER 


Introduction to 
Semiconductors 


SINCE THE 1960S, WHEN THE TRANSISTOR BECAME COMMON IN CONSUMER DEVICES, SEMICONDUCTORS 
have acquired a dominating role in electronics. The term semiconductor arises from the ability of these 
materials to conduct some of the time, but not all the time. The conductivity can be controlled to 
produce effects such as amplification, rectification, oscillation, signal mixing, and switching. 


The Semiconductor Revolution 


Decades ago, vacuum tubes, also known as electron tubes, were the only devices available for use as 
amplifiers, oscillators, detectors, and other electronic circuits and systems. A typical tube (called a 
valve in England) ranged from the size of your thumb to the size of your fist. They are still used in 
some power amplifiers, microwave oscillators, and video display units. 

Tubes generally require high voltage. Even in modest radio receivers, 100 V to 200 V dc was re- 
quired when tubes were employed. This mandated bulky power supplies, and created an electrical 
shock hazard. Nowadays, a transistor of microscopic dimensions can perform the functions of a 
tube in most situations. The power supply can be a couple of AA cells or a 9-V transistor battery. 

Even in high-power applications, transistors are smaller and lighter than tubes. Figure 19-1 is a 
size comparison drawing between a transistor and a vacuum tube for use in an AF or RF power am- 
plifier. 

Integrated circuits (ICs), hardly larger than individual transistors, can do the work of hundreds 
or even thousands of vacuum tubes. An excellent example of this technology is found in personal 
computers and the peripheral devices used with them. 


19-1 A power-amplifier 


transistor (at left) 1s 


much smaller than a 
vacuum tube of «> 
comparable power- 


handling capacity 
(right). 


315 


Copyright O 2006, 2002, 1997, 1993 by The McGraw-Hill Companies, Inc. Click here for terms of use. 


316 Introduction to Semiconductors 


Semiconductor Materials 


Various elements, compounds, and mixtures can function as semiconductors. The two most com- 
mon materials are silicon and a compound of gallium and arsenic known as gallium arsenide (often 
abbreviated GaAs). In the early years of semiconductor technology, germanium formed the basis for 
many semiconductors; today it is seen occasionally, but not often. Other substances that work as 
semiconductors are selenium, cadmium compounds, indium compounds, and the oxides of certain 
metals. 


Silicon 

Silicon (chemical symbol Si) is widely used in diodes, transistors, and integrated circuits. Generally, 
other substances, or impurities, must be added to silicon to give it the desired properties. The best 
quality silicon is obtained by growing crystals in a laboratory. The silicon is then fabricated into 
wafers or chips. 


Gallium Arsenide 


Another common semiconductor is the compound gallium arsenide. Engineers and technicians call 
this material by its acronym-like chemical symbol, GaAs, pronounced “gas.” If you hear about “gas- 
fets” and “gas ICs,” youre hearing about gallium-arsenide technology. 

GaAs devices require little voltage, and will function at higher frequencies than silicon devices 
because the charge carriers move faster through the semiconductor material. GaAs devices are rela- 
tively immune to the effects of ionizing radiation such as X rays and gamma rays. GaAs is used in 
light-emitting diodes (LEDs), infrared-emitting diodes (IREDs), laser diodes, visible-light and 
infrared (IR) detectors, ultra-high-frequency (UHF) amplifying devices, and a variety of integrated 


circuits. 


Selenium 


Selenium exhibits conductivity that varies depending on the intensity of visible light or IR radiation 
that strikes it. All semiconductor materials exhibit this property, known as photoconductivity, to 
some degree; but in selenium the effect is especially pronounced. For this reason, selenium is useful 
for making photocells. Selenium is also used in certain types of rectifiers. A rectifier is a component 
or circuit that converts ac to pulsating dc. 

A significant advantage of selenium is the fact that it is electrically rugged. Selenium-based 
components can withstand brief transients, or spikes, of abnormally high voltage, better than com- 
ponents made with most other semiconductor materials. 


Germanium 


Pure elemental germanium is a poor electrical conductor. It becomes a semiconductor only when 
impurities are added. Germanium was used extensively in the early years of semiconductor technol- 
ogy. Some diodes and transistors still use it. 

A germanium diode has a low voltage drop (0.3 V, compared with 0.6 V for silicon and 1 V 
for selenium) when it conducts, and this makes it useful in some situations. But germanium is 
easily destroyed by heat. Extreme care must be used when soldering the leads of a germanium 
component. 
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Metal Oxides 


Certain metal oxides have properties that make them useful in the manufacture of semiconductor 
devices. When you hear about MOS (pronounced moss”) or CMOS (pronounced “sea moss”) 
technology, you are hearing about metal-oxide semiconductor and complementary metal-oxide semi- 
conductor devices, respectively. 

An advantage of MOS and CMOS devices is the fact that they need almost no power to function. 
They draw so little current that a battery in a MOS or CMOS device lasts just about as long as it would 
on the shelf. Another advantage is high speed. This allows operation at high frequencies in RE equip- 
ment, and makes it possible to perform many switching operations per second for use in computers. 

Certain types of transistors, and many kinds of ICs, make use of this technology. In integrated 
circuits, MOS and CMOS allow for a large number of discrete diodes and transistors on a single 
chip. Engineers would say that MOS/CMOS has high component density. 

The biggest problem with MOS and CMOS technology is the fact that the devices are easily 
damaged by static electricity. Care must be used when handling components of this type. Techni- 
cians working with MOS and CMOS components must literally ground themselves by wearing a 
metal wrist strap connected to a good earth ground. Otherwise, the electrostatic charges that nor- 
mally build up on their bodies can destroy MOS and CMOS components when equipment is con- 
structed or serviced. 


Doping and Charge Carriers 


For a semiconductor material to have the properties necessary in order to function as electronic 
components, impurities are usually added. The impurities cause the material to conduct currents in 
certain ways. The addition of an impurity to a semiconductor is called doping. Sometimes the im- 
purity is called a dopant. 


Donor Impurities 


When an impurity contains an excess of electrons, the dopant is called a donor impurity. Adding 
such a substance causes conduction mainly by means of electron flow, as in an ordinary metal such 
as copper or aluminum. The excess electrons are passed from atom to atom when a voltage exists 
across the material. Elements that serve as donor impurities include antimony, arsenic, bismuth, and 
phosphorus. A material with a donor impurity is called an N-type semiconductor, because electrons 
have negative (N) charge. 


Acceptor Impurities 


If an impurity has a deficiency of electrons, the dopant is called an acceptor impurity. When a sub- 
stance such as aluminum, boron, gallium, or indium is added to a semiconductor, the material con- 
ducts by means of hole flow. A hole is a missing electron—or more precisely, a place in an atom where 
an electron should be, but isn’t. A semiconductor with an acceptor impurity is called a P-type semi- 
conductor, because holes have, in effect, a positive (P) charge. 


Majority and Minority Carriers 


Charge carriers in semiconductor materials are either electrons, each of which has a unit negative 
charge, or holes, each of which has a unit positive charge. In any semiconductor substance, some 
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<— e = Electron 


——> O= Hole 

19-2 Pictorial representation 
e è o QU... o o o o o Oe o ooo O of hole flow. Solid 
black dots represent 
electrons, moving in 
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circles represent holes, 
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of the current takes the form of electrons passed from atom to atom in a negative-to-positive direc- 
tion, and some of the current occurs as holes that move from atom to atom in a positive-to-negative 
direction. 

Sometimes electrons account for most of the current in a semiconductor. This is the case if the 
material has donor impurities, that is, if it is of the N type. In other cases, holes account for most of 
the current. This happens when the material has acceptor impurities, and is thus of the P type. The 
dominating charge carriers (either electrons or holes) are called the majority carriers. The less abun- 
dant ones are called the minority carriers. The ratio of majority to minority carriers can vary, depend- 
ing on the way in which the semiconductor material has been manufactured. 

Figure 19-2 is a simplified illustration of electron flow versus hole flow in a sample of N-type 
semiconductor material, where the majority carriers are electrons and the minority carriers are 
holes. The solid black dots represent electrons. Imagine them moving from right to left in this 
illustration as they are passed from atom to atom. Small open circles represent holes. Imagine them 
moving from left to right in the illustration. In this particular example, the positive battery or 
power-supply terminal (or “source of holes”) would be out of the picture toward the left, and the 
negative battery or power-supply terminal (or “source of electrons”) would be out of the picture to- 


ward the right. 


The P-N Junction 


Merely connecting up a piece of semiconducting material, either P or N type, to a source of current 
can be interesting, and a good subject for science experiments. But when the two types of material 
are brought together, the boundary between them, called the P-N junction, behaves in ways that 
make semiconductor materials truly useful in electronic components. 


The Semiconductor Diode 


Figure 19-3 shows the schematic symbol for a semiconductor diode, formed by joining a piece of 
P-type material to a piece of N-type material. The N-type semiconductor is represented by the short, 
straight line in the symbol, and is called the cathode. The P-type semiconductor is represented by the 
arrow, and is called the anode. 
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Anode 
19-3 Schematic symbol for 
a semiconductor 
diode. 
Cathode 


In the diode as shown in Figure 19-3, electrons can move easily in the direction opposite the 
arrow, and holes can move easily in the direction in which the arrow points. But current cannot, 
under most conditions, flow the other way. Electrons normally do not move with the arrow, and 
holes normally do not move against the arrow. 

If you connect a battery and a resistor in series with the diode, you'll get a current to flow if the 
negative terminal of the battery is connected to the cathode and the positive terminal is connected 
to the anode, as shown in Fig. 19-4A. No current will flow if the battery is reversed, as shown in 
Fig. 19-4B. (The resistor is included in the circuit to prevent destruction of the diode by excessive 
current.) 

It takes a specific, well-defined minimum applied voltage for conduction to occur through a 
semiconductor diode. This is called the forward breakover voltage. Depending on the type of mate- 
rial, the forward breakover voltage varies from about 0.3 V to 1 V. If the voltage across the junction 
is not at least as great as the forward breakover voltage, the diode will not conduct, even when it is 
connected as shown in Fig. 19-4A. This effect, known as the forward breakover effect or the P-N 
junction threshold effect, can be of use in circuits designed to limit the positive and/or negative peak 
voltages that signals can attain. The effect can also be used in a device called a threshold detector, in 
which a signal must be stronger than a certain amplitude in order to pass through. 


mA 


Forward bias: 

current flows 

19-4 Series connection of a 
battery, a resistor, a 
current meter, and a 
diode. At A, forward 
bias results in a flow of 
current. At B, reverse 
bias results in no 
current. 


Reverse bias: 
little or no 
current flows 
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How the Junction Works 


When the N-type material is negative with respect to the P type, as in Fig. 19-4A, electrons flow eas- 
ily from N to P. The N-type semiconductor, which already has an excess of electrons, receives more; 
the P-type semiconductor, with a shortage of electrons, has some more taken away. The N-type ma- 
terial constantly feeds electrons to the P type in an attempt to create an electron balance, and the 
battery or power supply keeps robbing electrons from the P-type material. This condition is illus- 
trated in Fig. 19-5A, and is known as forward bias. Current can flow through the diode easily under 
these circumstances. 

When the battery or dc power-supply polarity is switched so the N-type material is positive 
with respect to the P type, the situation is called reverse bias. Electrons in the N-type material are 
pulled toward the positive charge pole, away from the P-N junction. In the P-type material, holes 
are pulled toward the negative charge pole, also away from the P-N junction. The electrons are the 
majority carriers in the N-type material, and the holes are the majority carriers in the P-type mate- 
rial. The charge therefore becomes depleted in the vicinity of the P-N junction, and on both sides 
of it, as shown in Fig. 19-5B. This zone, where majority carriers are deficient, is called the depletion 
region. A shortage of majority carriers in any semiconductor substance means that the substance 
cannot conduct well. Thus, the depletion region acts like an electrical insulator. This is why a semi- 
conductor diode will not normally conduct when it is reverse-biased. A diode is, in effect, a one-way 
current gate—usually! 


Junction Capacitance 


Some P-N junctions can alternate between conduction (in forward bias) and nonconduction (in re- 
verse bias) millions or billions of times per second. Other junctions are slower. The main limiting 


N Junction P 


19-5 AtA, forward bias of a 
P-N junction. At B, 


reverse bias of the 


same junction. Solid 
N Junction p black dots represent 
| electrons. White dots 
represent holes. Arrows 
indicate direction of 
charge-carrier 
movement. 


Depletion 
region 
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factor is the capacitance at the P-N junction during conditions of reverse bias. As the junction ca- 
pacitance of a diode increases, maximum frequency at which it can alternate between the conduct- 
ing state and the nonconducting state decreases. 

The junction capacitance of a diode depends on several factors, including the operating voltage, 
the type of semiconductor material, and the cross-sectional area of the P-N junction. If you exam- 
ine Fig. 19-5B, you might get the idea that the depletion region, sandwiched between two semicon- 
ducting sections, can play a role similar to that of the dielectric in a capacitor. This is true! In fact, a 
reverse-biased P-N junction actually is a capacitor. Some semiconductor components, called varac- 
tor diodes, are manufactured with this property specifically in mind. 

The junction capacitance of a diode can be varied by changing the reverse-bias voltage, because 
this voltage affects the width of the depletion region. The greater the reverse voltage, the wider the 
depletion region gets, and the smaller the capacitance becomes. 


Avalanche Effect 


Sometimes, a diode conducts when it is reverse-biased. The greater the reverse-bias voltage, the more 
like an electrical insulator a P-N junction gets—up to a point. But if the reverse bias rises past a spe- 
cific critical value, the voltage overcomes the ability of the junction to prevent the flow of current, 
and the junction conducts as if it were forward-biased. This phenomenon is called the avalanche ef- 
fect because conduction occurs in a sudden and massive way, something like a snow avalanche on a 
mountainside. 

The avalanche effect does not damage a P-N junction (unless the voltage is extreme). It’s a tempo- 
rary thing. When the voltage drops back below the critical value, the junction behaves normally again. 

Some components are designed to take advantage of the avalanche effect. In other cases, the av- 
alanche effect limits the performance of a circuit. In a device designed for voltage regulation, called 
a Zener diode, youll hear about the avalanche voltage or Zener voltage specification. This can range 
from a couple of volts to well over 100 V. Zener diodes are often used in voltage-regulating circuits. 

For rectifier diodes in power supplies, you'll hear or read about the peak inverse voltage (PIV) or 
peak reverse voltage (PRV) specification. It’s important that rectifier diodes have PIV ratings great 
enough so that the avalanche effect will not occur (or even come close to happening) during any 
part of the ac cycle. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 
back of the book. 
1. The term semiconductor arises from 
(a) resistor-like properties of metal oxides. 
(b) variable conductive properties of some materials. 
(c) the fact that electrons conduct better than holes. 


(d) insulating properties of silicon and GaAs. 


2. Which of the following is not an advantage of semiconductor devices over vacuum tubes? 
(a) Smaller size 


(b) Lower working voltage 
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(c) Lighter weight 
(d) Ability to withstand high voltage spikes 


3. Of the following substances, which is the most commonly used semiconductor? 
(a) Germanium 
(b) Galena 
(c) Silicon 


(d) Copper 
4. GaAs is 


(a) a compound. 
(b) an element. 
(c) a mixture. 


(d) a gas. 
5. A disadvantage of MOS devices is the fact that 


(a) the charge carriers move fast. 

(b) the material does not react to ionizing radiation. 
(c) they can be damaged by electrostatic discharges. 
(d) they must always be used at high frequencies. 


6. Selenium works especially well in 
(a) photocells. 
(b) high-frequency detectors. 
(c) RF power amplifiers. 
(d) voltage regulators. 


7. Of the following, which material allows the lowest forward voltage drop in a diode? 
(a) Selenium 
(b) Silicon 
(c) Copper 


(d) Germanium 


8. A CMOS integrated circuit 
(a) can only work at low frequencies. 
(b) requires very little power to function. 
(c) requires considerable power to function. 


(d) can only work at high frequencies. 


9. The purpose of doping is to 
(a) make the charge carriers move faster. 


(b) cause holes to flow. 


10. 


11. 


12. 


¡ESA 


14. 


[5. 


16. 


Quiz 


(c) give a semiconductor material specific properties. 


(d) protect devices from damage in case of transients. 


A semiconductor material is made into N type by 

(a) adding an acceptor impurity. 

(b) adding a donor impurity. 

(c) injecting protons. 

(d) taking neutrons away. 

Which of the following does not result from adding an acceptor impurity? 
(a) The material becomes P type. 

(b) 
(c) 


(d) The substance acquires an electron surplus. 


Current flows mainly in the form of holes. 


Most of the carriers have positive electric charge. 


In a P-type material, electrons are 
(a) the majority carriers. 

(b) 
(c) 


(d) entirely absent. 


the minority carriers. 


positively charged. 


Holes move from 
(a) minus to plus. 
(b) plus to minus. 
(c) P-type to N-type material. 
(d) N-type to P-type material. 


When a P-N junction does not conduct even though a voltage is applied, the junction is 
(a) reverse-biased at a voltage less than the avalanche voltage. 

(b) 
(c) 


(d) ina state of avalanche effect. 


overdriven. 


biased past the breaker voltage. 


Holes flow the opposite way from electrons because 
(a) charge carriers flow continuously. 

(b) 
(c) 


(d) Forget it! Holes flow in the same direction as electrons. 


they have opposite electric charge. 


they have the same electric charge. 
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If an electron is considered to have a charge of —1 unit, then a hole can be considered to have 


(a) a charge of —1 unit. 


(b) no charge. 
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(c) a charge of +1 unit. 
(d) a charge that depends on the semiconductor type. 


17. When a P-N junction is forward-biased, conduction will not occur unless 
(a) the applied voltage exceeds the forward breakover voltage. 
(b) the applied voltage is less than the forward breakover voltage. 
(c) the junction capacitance is high enough. 


(d) the depletion region is wide enough. 


18. If the reverse bias exceeds the avalanche voltage in a P-N junction, 
(a) the junction will be destroyed. 
(b) the junction will insulate; no current will flow. 
(c) the junction will conduct current. 


(d) the capacitance will become extremely low. 


19. Avalanche voltage is routinely exceeded when a P-N junction acts as a 
(a) current rectifier. 
(b) variable resistor. 
(c) variable capacitor. 
(d) voltage regulator. 
20. Which of the following does not affect the junction capacitance of a diode? 
(a) the cross-sectional area of the P-N junction 
(b) 
(c) 


(d) the reverse-bias voltage 


the width of the depletion region 
the phase of an applied ac signal 


Answer 
The dot should be at the lower end of the 
right coil. 

4 The transformer shown in the right side 


of Figure 10.5 has three terminals. The 
additional terminal, in the middle of the coil, is 
called a center tap 

Figure 10.5 


A 


Center tap 


o 


Question 

What is the difference between the two 
output waveforms shown for the transformer 
on the right side of Figure 10.5 ? | 
Answer 

The two waveforms are 180 degrees out of 


phase. That is, the positive peak of the upper 
output occurs at the same time as the 
negative peak of the lower waveform. 

5 In a transformer, the output voltage 
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CHAPTER 


How Diodes Are Used 


IN THE EARLY YEARS OF ELECTRONICS, NEARLY ALL DIODES WERE VACUUM TUBES. TODAY, MOST ARE 
made from semiconductors. Contemporary diodes can do almost everything that the old ones could, 
and also some things that people in the tube era could only dream about. 


Rectification 


The hallmark of a rectifier diode is that it passes current in only one direction. This makes it useful 
for changing ac to dc. Generally speaking, when the cathode is negative with respect to the anode, 
current flows; when the cathode is positive relative to the anode, there is no current. The constraints 
on this behavior are the forward breakover and avalanche voltages, as you learned about in Chap. 19. 

Examine the circuit shown at A in Fig. 20-1. Suppose a 60-Hz ac sine wave is applied to the 
input. During half the cycle, the diode conducts, and during the other half, it doesn’t. This cuts off 
half of every cycle. Depending on which way the diode is hooked up, either the positive half or the 
negative half of the ac cycle will be removed. Drawing B in Fig. 20-1 shows a graph of the output 


+ 


Input Output 
Time 


Instantaneous amplitude 


A B 


20-1 At A, a half-wave rectifier circuit. At B, the output of the circuit shown at A 
when an ac sine wave is applied to the input. 
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Antenna 


Headphones 
20-2 Schematic diagram of 
Tuning a crystal-set radio 
circuit receiver. 
Detector 


of the circuit at A. Remember that electrons flow from negative to positive, against the arrow in the 
diode symbol. 

The circuit and wave diagram of Fig. 20-1 show a half-wave rectifier circuit. This is the simplest 
possible rectifier. That's its chief advantage over other, more complicated rectifier circuits. You'll learn 
about the various types of rectifier diodes and circuits in Chap. 21. 


Detection 


One of the earliest diodes, existing even before vacuum tubes, was actually a primitive semiconduc- 
tor device. Known as a cat whisker, it consisted of a fine piece of wire in contact with a small piece 
of the mineral galena. This strange-looking contraption had the ability to act as a rectifier for ex- 
tremely weak RF currents. When the cat whisker was connected in a circuit such as the one shown 
in Fig. 20-2, the result was a device capable of picking up amplitude-modulated (AM) radio signals 
and producing audio output that could be heard in the headset. 

The galena, sometimes called a “crystal,” gave rise to the nickname crystal set for this primitive 
radio receiver. You can still build a crystal set today, using a simple RF diode, a coil, a tuning capac- 
itor, a headset, and a long-wire antenna. Notice that there’s no battery! The audio is provided by the 
received signal alone. 

The diode in Fig. 20-2 acts to recover the audio from the radio signal. This process is called de- 
tection; the circuit is called a detector or demodulator. If the detector is to be effective, the diode must 
be of the proper type. It must have low junction capacitance, so that it can work as a rectifier (and 
not as a capacitor) at radio frequencies. Some modern RF diodes are microscopic versions of the old 
cat whisker, enclosed in a glass case with axial leads. 


Frequency Multiplication 


When current passes through a diode, half of the cycle is cut off, as shown in Fig. 20-1B. This 
occurs no matter what the frequency, from 60-Hz utility current through RE as long as the diode 
capacitance is not too great. 

The output wave from the diode looks much different than the input wave. This condition is 
known as nonlinearity. Whenever there is nonlinearity of any kind in a circuit—that is, whenever 
the output waveform is shaped differently from the input waveform—there are harmonics in the 
output. These are waves at integer multiples of the input frequency. (If you've forgotten what har- 
monics are, refer to Chap. 9.) 
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Tuned to harmonic 


20-3 A frequency-multiplier 
circuit using a semi- Input Output 


conductor diode. 


Often, nonlinearity is undesirable. Then engineers strive to make the circuit /inear, so the output 
waveform has exactly the same shape as the input waveform. But sometimes harmonics are desired. 
Then nonlinearity is introduced deliberately to produce frequency multiplication. Diodes are ideal for 
this purpose. A simple frequency-multiplier circuit is shown in Fig. 20-3. The output LC circuit is 
tuned to the desired mth harmonic frequency, nf, rather than to the input or fundamental frequency, f. 

For a diode to work as a frequency multiplier, it must be of a type that would also work well as 
a detector at the same frequencies. This means that the component should act like a rectifier, but 
not like a capacitor. 


Signal Mixing 


When two waves having different frequencies are combined in a nonlinear circuit, new waves are pro- 
duced at frequencies equal to the sum and difference of the frequencies of the input waves. Diodes 
can provide this nonlinearity. 

Suppose there are two signals with frequencies fi and f. For mathematical convenience, let's as- 
sign f to the wave with the higher frequency, and fi to the wave with the lower frequency. If these 
signals are combined in a nonlinear circuit, new waves result. One of them has a frequency of f + 
fi, and the other has a frequency of f — fi. These sum and difference frequencies are known as beat 
frequencies. The signals themselves are called mixing products or heterodynes (Fig. 20-4). 

Figure 20-4, incidentally, is an illustration of a frequency domain display. The amplitude (on the 
vertical scale or axis) is shown as a function of the frequency (on the horizontal scale or axis). This sort 
of display is what engineers see when they look at the screen of a lab instrument known as a spectrum 
analyzer. In contrast, an ordinary oscilloscope displays amplitude (on the vertical scale or axis) as a 
function of time (on the horizontal scale or axis). The oscilloscope provides a time domain display. 


20-4 Spectral (frequency- 
domain) illustration 
of signal mixing. 
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matenal 20-5 The PIN diode has 
P-type N-type a layer of intrinsic 


material material 


(I type) semiconductor 
material at the P-N 
junction. 


Switching 


The ability of diodes to conduct with forward bias, and to insulate with reverse bias, makes them 
useful for switching in some electronic applications. Diodes can perform switching operations 
much faster than any mechanical device. 

One type of diode, made for use as an RF switch, has a special semiconductor layer sandwiched 
in between the P-type and N-type material. The material in this layer is called an intrinsic (or I-type) 
semiconductor. The intrinsic layer (or I layer) reduces the capacitance of the diode, so that it can work 
at higher frequencies than an ordinary diode. A diode with an I-type semiconductor layer sand- 
wiched in between the P- and N-type layers is called a PIN diode (Fig. 20-5). 

Direct-current bias, applied to one or more PIN diodes, allows RF currents to be effectively 
channeled without using relays and cables. A PIN diode also makes a good RF detector, especially 
at very high frequencies. 


Voltage Regulation 


Most diodes have an avalanche breakdown voltage that is much higher than the reverse bias ever 
gets. The value of the avalanche voltage depends on how a diode is manufactured. Zener diodes are 
specially made so they exhibit well-defined, constant avalanche voltages. 


Forward 
current 


20-6 Current through a 


Forward bias Zener diode as a 


Reverse bias 


function of the bias 
voltage. 
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Suppose a certain Zener diode has an avalanche voltage, also called the Zener voltage, of 50 V. 
If reverse bias is applied to the P-N junction, the diode acts as an open circuit as long as the bias is 
less than 50 V. But if the reverse-bias voltage reaches 50 V—even for a brief instant of time—the 
diode conducts. This effectively prevents the reverse-bias voltage from exceeding 50 V. 

The current through a Zener diode, as a function of the voltage, is shown in Fig. 20-6. The 
Zener voltage is indicated by the abrupt rise in reverse current as the reverse-bias voltage increases. 
A simple Zener-diode voltage-limiting circuit is shown in Fig. 20-7. Note the polarity of the diode: 
the cathode is connected to the positive pole, and the anode is connected to the negative pole. 


Amplitude Limiting 


In Chap. 19, you learned that a diode will not conduct until the forward-bias voltage is at least as 
great as the forward breakover voltage. “There's a corollary to this: a diode will always conduct when 
the forward-bias voltage reaches or exceeds the forward breakover voltage, when the device is con- 
ducting current in the forward direction. In the case of silicon diodes this is approximately 0.6 V. 
For germanium diodes it is about 0.3 V, and for selenium diodes it is about 1 V. 

This phenomenon can be used to advantage when it is necessary to limit the amplitude of a sig- 
nal, as shown in Fig. 20-8. By connecting two identical diodes back-to-back in parallel with the sig- 
nal path (A), the maximum peak amplitude is limited, or clipped, to the forward breakover voltage 
of the diodes. The input and output waveforms of a clipped signal are illustrated at B. This scheme 
is sometimes used in radio receivers to prevent “blasting” when a strong signal comes in. 

The downside of the diode limiter circuit, such as the one shown in Fig. 20-8, is the fact that 
it introduces distortion when clipping occurs. This might not be a problem for reception of digi- 
tal signals, for frequency-modulated signals, or for analog signals that rarely reach the limiting volt- 
age. But for amplitude-modulated signals with peaks that rise past the limiting voltage, it can cause 
trouble. 
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Frequency Control 


When a diode is reverse-biased, there is a region at the P-N junction with dielectric (insulating) prop- 
erties. As you know from Chap. 19, this is called the depletion region, because it has a shortage of 
majority charge carriers. The width of this zone depends on several things, including the reverse-bias 
voltage. 

As long as the reverse bias is less than the avalanche voltage, varying the bias affects the width 
of the depletion region. This in turn varies the junction capacitance. This capacitance, which is al- 
ways small (on the order of picofarads), varies inversely with the square root of the reverse-bias volt- 
age, as long as the reverse bias remains less than the avalanche voltage. Thus, for example, if the 
reverse-bias voltage is quadrupled, the junction capacitance drops to one-half; if the reverse-bias 
voltage is decreased by a factor of 9, then the junction capacitance increases by a factor of 3. 

Some diodes are manufactured especially for use as variable capacitors. Such a device is known 
as varactor diode, as you learned in Chap. 19. Varactors are used in a special type of circuit called a 
voltage-controlled oscillator (VCO). Figure 20-9 is a simple example of the LC circuit in a VCO, 
using a coil, a fixed capacitor, and a varactor. This is a parallel-tuned circuit. The fixed capacitor, 
whose value is large compared with that of the varactor, serves to keep the coil from short-circuiting 
the control voltage across the varactor. Notice that the symbol for the varactor has two lines on the 
cathode side. 


Oscillation and Amplitication 


Under certain conditions, diodes can be made to produce microwave RE signals. Three types of 


diodes that can do this are Gunn diodes, IMPATT diodes, and tunnel diodes. 


Gunn Diodes 


A Gunn diode can produce up to 1 W of RF power output, but more commonly it works at levels 
of about 0.1 W. Gunn diodes are usually made from gallium arsenide. A Gunn diode oscillates be- 
cause of the Gunn effect, named after J. Gunn of International Business Machines (IBM), who first 
observed it in the 1960s. A Gunn diode doesn’t work like a rectifier, detector, or mixer. Instead, the 
oscillation takes place as a result of a quirk called negative resistance. 
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Gunn-diode oscillators are often tuned using varactor diodes. A Gunn-diode oscillator, con- 
nected directly to a microwave horn antenna, is known as a Gunnplexer. These devices are popular 
with amateur-radio experimenters at frequencies of 10 GHz and above. 


IMPATT Diodes 


The acronym IMPATT comes from the words impact avalanche transit time. This, like negative re- 
sistance, is a rather esoteric phenomenon. An IMPATT diode is a microwave oscillating device like 
a Gunn diode, except that it uses silicon rather than gallium arsenide. 

An IMPATT diode can be used as an amplifier for a microwave transmitter that employs a 
Gunn-diode oscillator. As an oscillator, an IMPATT diode produces about the same amount of out- 
put power, at comparable frequencies, as a Gunn diode. 


Tunnel Diodes 


Another type of diode that will oscillate at microwave frequencies is the tunnel diode, also known as 
the Esaki diode. It produces enough power so it can be used as a local oscillator in a microwave radio 
receiver, but not much more. 

Tunnel diodes work well as amplifiers in microwave receivers, because they generate very little 
unwanted noise. This is especially true of gallium arsenide devices. 


Energy Emission 


Some semiconductor diodes emit radiant energy when a current passes through the P-N junction in 
a forward direction. This phenomenon occurs as electrons fall from higher to lower energy states 
within atoms. 


LEDs and IREDs 


Depending on the exact mixture of semiconductors used in manufacture, visible light of almost any 
color can be produced by diodes when bias is applied to them in the forward direction. Infrared- 
emitting devices also exist. The most common color for a light-emitting diode (LED) is bright red. 
An infrared-emitting diode (IRED) produces energy at wavelengths slightly longer than those of vis- 
ible red light. 

The intensity of the radiant energy from an LED or IRED depends to some extent on the for- 
ward current. As the current rises, the brightness increases, but only up to a certain point. If the cur- 
rent continues to rise, no further increase in brilliance takes place. The LED or IRED is then said 
to be in a state of saturation. 


Digital Displays 

Because LEDs can be made in various different shapes and sizes, they are ideal for use in digital dis- 
plays. You've seen digital clock radios that use them. They are common in car radios. They make 
good indicators for “on/off,” “a.m./p.m.,” “battery low,” and other conditions. 

In recent years, LED displays have been largely replaced by liquid crystal displays (LCDs). The 
LCD technology has advantages over LED technology, including lower power consumption and 
better visibility in direct sunlight. However, LCDs require backlighting when the ambient illumina- 
tion is low. 
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Communications 


Both LEDs and IREDs are useful in communications because their intensity can be modulated to 
carry information. When the current through the device is sufficient to produce output, but not 
enough to cause saturation, the LED or IRED output follows along with rapid current changes. 
Analog and digital signals can be conveyed over light beams in this way. Some modern telephone 
systems make use of modulated light, transmitted through clear fibers. This is known as fiber-optic 
technology. 

Special LEDs and IREDs produce coherent radiation. These are called laser diodes. The rays from 
these diodes arent the intense, parallel beams that most people imagine when they think about 
lasers. A laser LED or IRED generates a cone-shaped beam of low intensity. But it can be focused 
into a parallel beam, and the resulting rays have some of the same advantages found in larger lasers, 
including the ability to travel long distances with little decrease in their intensity. 


Photosensitive Diodes 


Virtually all P-N junctions exhibit conductivity that varies with exposure to radiant electromagnetic 
energy such as IR, visible light, and UV. The reason that conventional diodes are not affected by 
these rays is that they are enclosed in opaque packages. Some photosensitive diodes have variable de 
resistance that depends on the intensity of the electromagnetic rays. Other types of diodes produce 
their own dc in the presence of radiant energy. 


Silicon Photodiodes 


A silicon diode, housed in a transparent case and constructed in such a way that visible light can 
strike the barrier between the P-type and N-type materials, forms a silicon photodiode. A reverse-bias 
voltage is applied to the device. When radiant energy strikes the junction, current flows. The cur- 
rent is proportional to the intensity of the radiant energy, within certain limits. 

Silicon photodiodes are more sensitive at some wavelengths than at others. The greatest sensi- 
tivity is in the near infrared part of the spectrum, at wavelengths just a little bit longer than the wave- 
length of visible red light. 

When radiant energy of variable intensity strikes the P-N junction of a reverse-biased silicon 
photodiode, the output current follows the light-intensity variations. This makes silicon photodi- 
odes useful for receiving modulated-light signals of the kind used in fiber-optic communications 
systems. 


The Optoisolator 
An LED or IRED and a photodiode can be combined in a single package to get a component 


called an optoisolator. This device, the schematic symbol for which is shown in Fig. 20-10, creates a 
modulated-light signal and sends it over a small, clear gap to a receptor. An LED or IRED converts 
an electrical signal to visible light or IR; a photodiode changes the visible light or infrared back into 
an electrical signal. 

When a signal is electrically coupled from one circuit to another, the two stages interact. The 
input impedance of a given stage, such as an amplifier, can affect the behavior of the circuits that 
feed power to it. This can lead to various sorts of trouble. Optoisolators overcome this effect, be- 
cause the coupling is not done electrically. If the input impedance of the second circuit changes, the 
impedance that the first circuit sees is not affected, because it is simply the impedance of the LED 
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output. 


or IRED. That is where the “isolator” in “optoisolator” comes from. The circuits can be electroni- 
cally coupled, and yet at the same time remain electrically isolated. 


Photovoltaic Cells 


A silicon diode, with no bias voltage applied, can generate dc all by itself if enough electromagnetic 
radiation hits its P-N junction. This is known as the photovoltaic effect. It is the principle by which 
solar cells work. 

Photovoltaic cells are specially manufactured to have the greatest possible P-N junction surface 
area. [his maximizes the amount of light that strikes the junction. A single silicon photovoltaic cell 
can produce about 0.6 V of dc electricity. The amount of current that it can deliver, and thus the 
amount of power it can provide, depends on the surface area of the junction. 

Photovoltaic cells can be connected in series-parallel combinations to provide power for solid- 
state electronic devices such as portable radios. These arrays can also be used to charge batteries, al- 
lowing for use of the electronic devices when radiant energy is not available (for example, at night’). 
A large assembly of solar cells, connected in series-parallel, is called a solar panel. The power pro- 
duced by a solar panel depends on the intensity of the light that strikes it, the sum total of the sur- 
face areas of all the cells, and the angle at which the light strikes the cells. Some solar panels can 
produce several kilowatts of electrical power in direct sunlight that shines in such a way that the 
sun's rays arrive perpendicular to the surfaces of all the cells. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 


1. When a diode is forward-biased, the anode voltage 
(a) is negative relative to the cathode voltage. 
(b) 
(c) 


(d) alternates between positive and negative relative to the cathode voltage. 


is positive relative to the cathode voltage. 


is the same as the cathode voltage. 


2. Ifa diode is connected in series with the secondary winding of an ac transformer, and if the 
peak voltage across the diode never exceeds the avalanche voltage, then the output of the complete 
transformer-diode circuit is 


(a) ac with half the frequency of the input. 
(b) 
(c) 


(d) none of the above. 


ac with the same frequency as the input. 


ac with twice the frequency of the input. 
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3. A crystal set 
(a) can be used to transmit radio signals. 
(b) requires a battery with long life. 
(c) requires no battery. 


(d) is used for rectifying 60-Hz ac. 
4. A diode detector 


(a) is used in power supplies. 
(b) is employed in some radio receivers. 
(c) 1s used to generate microwave RE signals. 


(d) changes dc into ac. 


5. If the output wave in a circuit has the same shape as the input wave, then 
(a) the circuit is operating in a linear manner. 
(b) the circuit is operating as a frequency multiplier. 
(c) the circuit is operating as a mixer. 


(d) the circuit is operating as a rectifier. 


6. Suppose the two input signal frequencies to a mixer circuit are 3.522 MHz and 3.977 MHz. 


At which of the following frequencies can we expect a signal to exist at the output? 
(a) 455 kHz 
(b) 886 kHz 
(c) 14.00 MHz 
(d) 1.129 MHz 


7. Fill in the blanks to make the following sentence correct: “A spectrum analyzer provides a 


»” 


display of as a function of 


(a) amplitude/time 

(b) 
(c) 
(d) amplitude/frequency 


time/frequency 


frequency/time 


8. Zener voltage is a specialized manifestation of 
(a) forward breakover voltage. 
(b) peak forward voltage. 
(c) avalanche voltage. 


(d) reverse bias. 


9. The forward breakover voltage of a silicon diode is 
(a) about 0.3 V. 
(b) about 0.6 V. 
(c) about 1.0 V. 
(d) dependent on the avalanche voltage. 


from the secondary coil is directly proportional 


to the number of turns of wire in the 
secondary coil. If you increase the number of 
turns of wire in the secondary coil, a larger 
output voltage IS induced across the 
secondary coil. If you decrease the number 
of turns of wire in the secondary coil, a 


smaller output voltage is induced across the 
secondary coil. 

Question 

How does increasing the number of turns of 


wire in a secondary coil affect the output 
voltage across the secondary coil? = — 
Answer 

It increases the output voltage across the 


secondary coil. 

6 Figure 10.6 shows the number of turns 
in the primary and secondary coils as N p 
and Ns. 
Figure 10.6 
i V out 


N; 


turas 


turas 


Question 
The ratio of the input to output voltage is the 
same as the ratio of the number of turns in 
the primary coil to the number of turns in the 
secondary coil. Write a simple formula to 
express this. 


Quiz 


10. A diode audio limiter circuit 


11. 


12. 


15; 


(a) is useful for voltage regulation. 
(b) always uses Zener diodes. 
(c) rectifies the audio to reduce distortion. 


(d) can cause distortion under some conditions. 


The capacitance of a varactor varies with the 
(a) forward voltage. 

(b) reverse voltage. 

(c) avalanche voltage. 


(d) forward breakover voltage. 


The purpose of the I layer in a PIN diode is to 
(a) minimize the junction capacitance. 

(b) optimize the avalanche voltage. 

(c) reduce the forward breakover voltage. 


(d) increase the current through the diode. 


Which of these diode types can be used as the key element in the oscillator circuit of a 


microwave radio transmitter? 


(a) A rectifier diode 
(b) A PIN diode 

(c) An IMPATT diode 
(d) None of the above 


14. A Gunnplexer is often used as a 


15. 


16. 


(a) microwave communications device. 
(b) low-frequency RF detector. 
(c) high-voltage rectifier. 


(d) signal mixer or frequency divider. 


The most likely place you would find an LED would be in 
(a) a rectifier circuit. 

(b) 
(c) 


(d) an oscillator circuit. 


a mixer circuit. 


a digital frequency display. 


Coherent electromagnetic radiation is produced by a 
(a) Gunn diode. 

(b) 

(c) rectifier diode. 
(d) laser diode. 


varactor diode. 
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17. Suppose you want a circuit to operate in a stable manner when the load impedance varies. 
You might consider a coupling method that employs 


(a) a Gunn diode. 

(b) an optoisolator. 

(c) a photovoltaic cell. 

(d) a PIN diode. 
18. The electrical power that a solar panel can provide in direct sunlight depends on all of the 
following factors except 

(a) the ac voltage applied to the panel. 

(b) 

(c) 


(d) the intensity of the sunlight that strikes the cells. 


the total surface area of all the cells in the panel. 


the angle at which the sunlight strikes the cells. 


19. Emission of energy in an IRED is caused by 
(a) high-frequency radio waves. 
(b) rectification. 

(c) changes in electron energy within atoms. 


(d) none of the above. 


20. A photodiode, when not used as a photovoltaic cell, has 
(a) reverse bias. 
b) no bias. 


(c) forward bias. 


royo 


(d) negative resistance. 
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CHAPTER 


Power Supplies 


A POWER SUPPLY CONVERTS UTILITY AC TO DC FOR USE WITH CERTAIN ELECTRICAL AND ELECTRONIC 
devices. In this chapter, we'll examine the components of a typical power supply. 


Power Transtormers 


Power transformers can be categorized as step-down or step-up. As you remember, the output, or 
secondary, voltage of a step-down unit is lower than the input, or primary, voltage. The reverse is 
true for a step-up transformer. 


Step-down 


Most solid-state electronic devices, such as radios, need only a few volts. The power supplies for such 
equipment use step-down power transformers. The physical size of the transformer depends on the 
current. Some devices need only a small current and a low voltage. The transformer in a radio re- 
ceiver, for example, can be physically small. A ham radio transmitter or hi-fi amplifier needs more 
current. This means that the secondary winding of the transformer must consist of heavy-gauge 
wire, and the core must be bulky to contain the magnetic flux. 


Step-up 

Some circuits need high voltage. The cathode-ray tube (CRT) in a conventional home television set 
needs several hundred volts. Some ham radio power amplifiers use vacuum tubes working at more 
than 1 kV dc. The transformers in these appliances are step-up types. They are moderate to large in 
size, because of the number of turns in the secondary, and also because high voltages can spark, or 
arc, between wire turns if the windings are too tight. If a step-up transformer needs to supply only 
a small amount of current, it need not be big. But for ham radio transmitters and radio or television 
broadcast amplifiers, the transformers are large, heavy, and expensive. 


Transformer Ratings 


Transformers are rated according to output voltage and current. For a given unit, the volt-ampere 


(VA) capacity is often specified. This is the product of the voltage and current. 
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A transformer with 12-V output, capable of delivering 10 A, has 12 Vx 10 A= 120 VA of ca- 
pacity. The nature of power-supply filtering, to be discussed later in this chapter, makes it necessary 
for the power-transformer VA rating to be greater than the wattage consumed by the load. 

A high-quality, rugged power transformer, capable of providing the necessary currents and/or 
voltages, is crucial in any power supply. The transformer is usually the most expensive component 
to replace. 


Rectitier Diodes 


Rectifier diodes are available in various sizes, intended for different purposes. Most rectifier diodes are 
made of silicon, and are known as silicon rectifiers. Some are fabricated from selenium, and are called 
selenium rectifiers. Two important features of a power-supply diode are the average forward current 


(Z,) rating and the peak inverse voltage (PIV) rating. 


Average Forward Current 


Electric current produces heat. If the current through a diode is too great, the heat will destroy the 
P-N junction. When designing a power supply, it is wise to use diodes with an /, rating of at least 
1.5 times the expected average dc forward current. If this current is 4.0 A, for example, the rectifier 
diodes should be rated at J, = 6.0 A or more. 

Note that /, flows through the diodes. The current drawn by the load is often different from this. 
Also, note that J, is an average figure. The instantaneous forward current is another thing, and can 
be 15 or 20 times the /,, depending on the nature of the filtering circuit. 

Some diodes have heatsinks to help carry heat away from the P-N junction. A selenium diode 
can be recognized by the appearance of its heatsink, which looks something like a baseboard radia- 
tor built around a steam pipe. 

Diodes can be connected in parallel to increase the current rating over that of an individual 
diode. When this is done, small-value resistors should be placed in series with each diode in the set 
to equalize the current. Each resistor should have a value such that the voltage drop across it is about 
1 V under normal operating conditions. 


Peak Inverse Voltage 


The PIV rating of a diode is the instantaneous reverse-bias voltage that it can withstand without the 
avalanche effect taking place. A good power supply has diodes whose PIV ratings are significantly 
greater than the peak ac input voltage. If the PIV rating is not great enough, the diode or diodes in 
a supply conduct for part of the reverse cycle. This degrades the efficiency of the supply because the 
reverse current bucks the forward current. 

Diodes can be connected in series to get a higher PIV capacity than a single diode alone. This 
scheme is sometimes seen in high-voltage supplies, such as those needed for tube-type power ampli- 
fiers. High-value resistors, of about 500 Q for each peak-inverse volt, are placed across each diode 
in the set to distribute the reverse bias equally among the diodes. In addition, each diode is shunted 
by (that is, connected in parallel with) a capacitor of 0.005 UF or 0.1 uE 


Halt-Wave Circuit 


The simplest rectifier circuit, called the half-wave rectifier (Fig. 21-1A), has a single diode that 
chops off half of the ac cycle. The effective (eff) output voltage from a power supply that uses a 
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half-wave rectifier is much less than the peak transformer output voltage, as shown in Fig. 21-24. 
The peak voltage across the diode in the reverse direction can be as much as 2.8 times the applied 
rms ac voltage. 

Most engineers like to use diodes whose PIV ratings are at least 1.5 times the maximum ex- 
pected peak reverse voltage. Therefore, in a half-wave rectifier circuit, the diodes should be rated for 
at least 2.8 X 1.5, or 4.2, times the rms ac voltage that appears across the secondary winding of the 
power transformer. 

Half-wave rectification has shortcomings. First, the output is difficult to filter. Second, the out- 
put voltage can drop considerably when the supply is required to deliver high current. Third, half- 
wave rectification puts a strain on the transformer and diodes because it pumps them. The circuit 
works the diodes hard during half the ac cycle, and lets them loaf during the other half. 

Half-wave rectification is usually adequate for use in a power supply that is not required to de- 
liver much current, or when the voltage can vary without affecting the behavior of the equipment 
connected to it. The main advantage of a half-wave circuit is that it costs less than more sophisti- 
cated circuits. 
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21-2 AtA, the output of a 
half-wave rectifier. At 
B, the output of a full- 
wave rectifier. Note the 
difference in how the 
effective (eff) voltages 
compare with the peak 
voltages. 


Voltage 


Full-Wave Center-Tap Circuit 


A better scheme for changing ac to dc takes advantage of both halves of the ac cycle. A full-wave 
center-tap rectifier has a transformer with a tapped secondary (Fig. 21-1B). The center tap is con- 
nected to electrical ground, also called chassis ground. This produces voltages and currents at the ends 
of the winding that are in phase opposition with respect to each other. These two ac waves can be 
individually half-wave rectified, cutting off one half of the cycle and then the other, over and over. 

The effective output voltage from a power supply that uses a full-wave center-tap rectifier is 
greater, relative to the peak voltage, than is the case with the half-wave rectifier (Fig. 21-2B). The 
PIV across the diodes can, nevertheless, be as much as 2.8 times the applied rms ac voltage. There- 
fore, the diodes should have a PIV rating of at least 4.2 times the applied rms ac voltage to ensure 
that they won't break down. 

The output of a full-wave center-tap rectifier is easier to filter than that of a half-wave rectifier 
because the frequency of the pulsations in the dc (known as the ripple frequency) from a full-wave rec- 
tifier is twice the ripple frequency of the pulsating dc from a half-wave rectifier, assuming identical ac 
input frequency in either situation. If you compare Fig. 21-2B with Fig. 21-2A, you will see that the 
full-wave-rectifier output is closer to pure dc than the half-wave rectifier output. Another advantage 
of a full-wave center-tap rectifier is the fact that it’s gentler with the transformer and diodes than a 
half-wave rectifier. Yet another asset: When a load is applied to the output of a power supply that uses 
a full-wave center-tap rectifier circuit, the voltage drops less than is the case with a half-wave supply. 
But because the transformer is more sophisticated, the full-wave center-tap circuit costs more than a 
half-wave circuit that delivers the same output voltage at the same rated maximum current. 


Full-Wave Bridge Circuit 


Another way to get full-wave rectification is the full-wave bridge rectifier, often called simply a 
bridge. It is diagrammed in Fig. 21-1C. The output waveform is similar to that of the full-wave cen- 
ter-tap circuit (Fig. 21-2B). 
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The effective output voltage from a power supply that uses a full-wave bridge rectifier is some- 
what less than the peak transformer output voltage, as shown in Fig. 21-2B. The peak voltage across 
the diodes in the reverse direction is about 1.4 times the applied rms ac voltage. Therefore, each 
diode needs to have a PIV rating of at least 1.4 X 1.5, or 2.1, times the rms ac voltage that appears 
at the transformer secondary. 

The bridge circuit does not require a center-tapped transformer secondary. It uses the entire sec- 
ondary winding on both halves of the wave cycle, so it makes even more efficient use of the trans- 
former than the full-wave center-tap circuit. The bridge is also easier on the diodes than half-wave 
or full-wave center-tap circuits. 


Voltage-Doubler Circuit 


Diodes and capacitors can be interconnected to deliver a de output that is approximately twice the 
positive or negative peak ac input voltage. This is called a voltage-doubler power supply. This circuit 
works well only when the load draws low current. Otherwise, the voltage regulation is poor; the volt- 
age drops a lot when the current demand is significant. 

The best way to build a high-voltage power supply is to use a step-up transformer, not a voltage- 
doubling scheme. Nevertheless, a voltage-doubler power supply can be, and sometimes is, used 
when the cost of the circuit must be minimized and the demands placed on it are expected to be 
modest. 

Figure 21-3 is a simplified diagram of a voltage-doubler power supply. It works on the entire ac 
cycle, so it is called a full-wave voltage doubler. This circuit subjects the diodes to voltage peaks in the 
reverse direction that are 2.8 times the applied rms ac voltage. Therefore, the diodes should be rated 
for PIV of at least 4.2 times the rms ac voltage that appears across the transformer secondary. When 
the current drawn is low, the dc output voltage of this type of power supply is approximately 
2.8 times the rms ac input voltage. 

Proper operation of a voltage-doubler power supply depends on the ability of the capacitors to 
hold a charge under maximum load. The capacitors must have large values, as well as be capable of 
handling high voltages. The capacitors serve two purposes: to boost the voltage and to filter the out- 


Filter 
capacitors 


21-3 A full-wave voltage- 
doubler power supply. 


Connections to 
equipment chassis 
(for electrical grounding) 
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put. The resistors, which have low ohmic values and are connected in series with the diodes, protect 
the diodes against surge currents that occur when the power supply is first switched on. 


Filtering 


Most dc-powered devices need something better—more pure—than the rough, pulsating dc that 
comes right out of a rectifier circuit. The pulsations (ripple) in the rectifier output can be eliminated 


by a filter. 


Capacitors Alone 


The simplest power-supply filter consists of one or more large-value capacitors, connected in paral- 
lel with the rectifier output (Fig. 21-4). A good component for this purpose is known as an elec- 
trolytic capacitor. This type of capacitor is polarized, meaning that it must be connected in the correct 
direction in the circuit. Each capacitor is also rated for a certain maximum voltage. Pay attention to 
these ratings if you ever work with electrolytic capacitors! 

Filter capacitors work by trying to maintain the dc voltage at its peak level, as shown in Fig. 
21-5. This is easier to do with the output of a full-wave rectifier (drawing A) than with the output 
of a half-wave rectifier (drawing B). With a full-wave rectifier recetving a 60-Hz ac electrical input, 
the ripple frequency is 120 Hz, but with a half-wave rectifier it is 60 Hz. The filter capacitors are 
thus recharged twice as often with a full-wave rectifier, as compared with a half-wave rectifier. This 
is why full-wave rectifier circuits produce more pure dc than half-wave rectifier circuits. 


Capacitors and Chokes 


Another way to smooth out the dc from a rectifier is to place a large-value inductor in series with 
the output, and a large-value capacitor in parallel. The inductor is called a filter choke. 

In a filter that uses a capacitor and an inductor, the capacitor can be placed on the rectifier side 
of the choke. This is a capacitor-input filter (Fig. 21-6A). If the filter choke is placed on the rectifier 
side of the capacitor, the circuit is a choke-input filter (Fig. 21-6B). Capacitor-input filtering can be 
used when a power supply is not required to deliver much current. The output voltage, when the 
load is light (not much current is drawn), is higher with a capacitor-input filter than with a choke- 
input filter having identical input. If the supply needs to deliver large or variable amounts of cur- 
rent, a choke-input filter is a better choice, because the output voltage is more stable. 

If the output of a power supply must have an absolute minimum of ripple, two or three capacitor/ 
choke pairs can be connected in cascade (Fig. 21-7). Each pair constitutes a section of the filter. Mul- 
tisection filters can consist of capacitor-input or choke-input sections, but the two types are never 


+ 21-4 A large-value capacitor 
Output can be used all by itself 
as a power-supply 
filter. 


21-5 
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Voltage 


Time 


Full-wave rectifier 
output: less ripple 


Filtering of ripple from A 
a full-wave rectifier (A) 
and from a half-wave 


rectifier (B). Voltage 


Time 


Half-wave rectifier 
output: more ripple 


Filter choke 
(inductor) 
+ RIKI + 
= | + 
From rectifier Output 
21-6 AtA, a capacitor-input A 


filter. At B, a choke- 
input filter. 
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Output 


From rectifier 


B 
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+ OOOO (0000 + 
From rectifier E y Output 


21-7 ‘Two choke-input filter 


sections in cascade. 


mixed. In the example of Fig. 21-7, both capacitor/choke pairs are called L sections. If the second ca- 
pacitor is omitted, the filter becomes a T section. If the second capacitor is moved to the input and 
the second choke is omitted, the filter becomes a pi section. These sections are named because their 
schematic diagrams look something like the uppercase English L, the uppercase English T, and the 
uppercase Greek I, respectively. 


Voltage Regulation 


If a special diode called a Zener diode is connected in parallel with the output of a power supply, the 
diode limits the output voltage. The diode must have an adequate power rating to prevent it from 
burning out. The limiting voltage depends on the particular Zener diode used. Zener diodes are 
available for any reasonable power-supply voltage. 

Figure 21-8 is a diagram of a full-wave bridge dc power supply including a Zener diode for volt- 
age regulation. Note the direction in which the Zener diode is connected in this application: with 
the arrow pointing from minus to plus. This is contrary to the polarity used for rectifier diodes. It's 
important that the polarity be correct with a Zener diode, or it will burn out. 

A Zener-diode voltage regulator is inefficient when the supply is used with equipment that 
draws high current. When a supply must deliver a lot of current, a power transistor is used along with 
the Zener diode to obtain regulation. Figure 21-9 shows such a circuit. 

Voltage regulators are available in integrated-circuit (IC) form. The regulator IC, also called a 
regulator chip, is installed in the power-supply circuit at the output of the filter. In high-voltage 
power supplies, electron tubes are sometimes used as voltage regulators. These are particularly 
rugged, and can withstand much higher temporary overloads than Zener diodes, transistors, or 
chips. However, some engineers consider such regulator tubes archaic. 


Zener diode 


21-8 A power supply with a Zener-diode voltage regulator in the output. 


Answer 


Vout N, 
Note The ratio of primary turns to secondary 
turns is called the turns ratio (TR) 


N, Vout 
7 Use the formula from problem 6 to 


answer the following question. 

Question 

Calculate the output voltage of a transformer 
with a 2 to 1 (2:1) turns ratio when you 
apply a 10 V pp sine wave to the primary 
coil. 


Answer 
F, 
\ no Np _ TR 
Vout Xi 
Nagi = Vin = Vin A ! 
N, TR 
l l 


Vout = Vin ea UATR V pp 
TR 2 


8 Use the input voltage and turns ratio for 


a transformer to answer the following 
questions. 

Questions 

Calculate V out in the following: 

A. Vin = 20 V pp , turns ratio = 5:1. 

V out = 


B. Vin = 1 V pp , turns ratio = 1:10. 
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Transistor for 


voltage 
regulation 
21-9 A voltage-regulator 4 
circuit using a Zener 
diode and an NPN From filter Output 


transistor. 


Protection of Equipment 


The output of a power supply should be free of sudden changes that can damage equipment or 
components, or interfere with their proper performance. It is also important that voltages not ap- 
pear on the external surfaces of a power supply, or on the external surfaces of any equipment con- 
nected to it. 


Grounding 


The best electrical ground for a power supply is the third-wire ground provided in up-to-date 
ac utility circuits. In an ac outlet, this connection appears as a hole shaped like an uppercase letter 
D turned on its side. The contacts inside this hole should be connected to a wire that ultimately ter- 
minates in a metal rod driven into the earth at the point where the electrical wiring enters the build- 
ing. That constitutes an earth ground. 

In older buildings, two-wire ac systems are common. These can be recognized by the presence of 
two slots in the utility outlets, but no ground hole. Some of these systems employ reasonable 
grounding by means of a scheme called polarization, where one slot is longer than the other, the 
longer slot being connected to electrical ground. But this is not as good as a three-wire ac system, in 
which the ground connection is independent of both the outlet slots. 

Unfortunately, the presence of a three-wire or polarized outlet system does not always mean 
that an appliance connected to an outlet is well grounded. If the appliance design is faulty, or if the 
ground holes at the outlets were not grounded by the people who installed the electrical system, a 
power supply can deliver unwanted voltages to the external surfaces of appliances and electronic de- 
vices. This can present an electrocution hazard, and can also hinder the performance of equipment 
connected to the supply. 


e Warning: All exposed metal surfaces of power supplies should be connected to the 
grounded wire of a three-wire electrical cord. The third prong of the plug should never 
be defeated or cut off. Some means should be found to ensure that the electrical system 
in the building has been properly installed, so you don't work under the illusion that 
your system has a good ground when it actually does not. If you are in doubt about 
this, consult a professional electrician. 
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Surge Currents 


At the instant a power supply is switched on, a surge of current occurs, even with nothing con- 
nected to the supply output. This is because the filter capacitors need an initial charge, so they 
draw a large current for a short time. The surge current is far greater than the normal operating 
current. An extreme current surge of this sort can destroy the rectifier diodes if they are not 
sufficiently rated and/or protected. The phenomenon is worst in high-voltage supplies and 
voltage-multiplier circuits. Diode failure as a result of current surges can be prevented in at least 
three ways: 


e Use diodes with a current rating of many times the normal operating level. 

e Connect several diodes in parallel wherever a diode is called for in the circuit. Current- 
equalizing resistors are necessary (Fig. 21-10). The resistors should have small, identical 
ohmic values. The diodes should all be identical. 

e Use an automatic switching circuit in the transformer primary. This type of circuit applies a 
reduced ac voltage to the transformer for a second or two, and then applies the full input 
voltage. 


Transients 


The ac that appears at utility outlets is a sine wave with a constant voltage near 117 V rms or 234 V 
rms. But there are often voltage spikes, known as transients, that can attain positive or negative 
peak values of several thousand volts. Transients are caused by sudden changes in the load in a 
utility circuit. A thundershower can produce transients throughout an entire town. Unless they 
are suppressed, transients can destroy the diodes in a power supply. Transients can also cause 
problems with sensitive electronic equipment such as computers or microcomputer-controlled 
appliances. 

The simplest way to get rid of common transients is to place a small capacitor of about 0.01 uE 
rated for 600 V or more, between each side of the transformer primary and electrical ground, as 
shown in Fig. 21-11. A good component for this purpose is a disk ceramic capacitor (not an elec- 
trolytic capacitor). Disk ceramic capacitors have no polarity issues. They can be connected in either 
direction to work equally well. 

Commercially made transient suppressors are available. These devices, often mistakenly called 
“surge protectors, use sophisticated methods to prevent sudden voltage spikes from reaching levels 
where they can cause problems. It is a good idea to use transient suppressors with all sensitive elec- 
tronic devices, including computers, hi-fi stereo systems, and television sets. In the event of a thun- 
dershower, the best way to protect such equipment is to physically unplug it from the wall outlets 
until the event has passed. 


21-10 Diodes in parallel, 
with current- 
equalizing resistors 
in series with each 


diode. 
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Fuse 


21-11 A full-wave bridge 
rectifier with Input | 
transient-suppression 
capacitors and a fuse 
in the transformer 
primary circuit. 
Transient- 


suppressing — 
capacitors 


-je 
Output 


Fuses 


A fuse is a piece of soft wire that melts, breaking a circuit if the current exceeds a certain level. A fuse 
is placed in series with the transformer primary, as shown in Fig. 21-11. A short circuit or overload 
anywhere in the power supply, or in equipment connected to it, will burn the fuse out. If a fuse 
blows out, it must be replaced with another of the same rating. Fuses are rated in amperes (A). Thus, 
a 5-A fuse will carry up to 5 A before blowing out, and a 20-A fuse will carry up to 20 A. 

Fuses are available in two types: the quick-break fuse and the slow-blow fuse. A quick-break fuse 
is a straight length of wire or a metal strip. A slow-blow fuse usually has a spring inside along with 
the wire or strip. It’s best to replace blown-out fuses with new ones of the same type. Quick-break 
fuses in slow-blow situations can burn out needlessly, causing inconvenience. Slow-blow fuses in 
quick-break environments might not provide adequate protection to the equipment, letting exces- 
sive current flow for too long before blowing out. 


Circuit Breakers 


A circuit breaker performs the same function as a fuse, except that a breaker can be reset by turning 
off the power supply, waiting a moment, and then pressing a button or flipping a switch. Some 
breakers reset automatically when the equipment has been shut off for a certain length of time. Cir- 
cuit breakers are rated in amperes, just like fuses. 

If a fuse or breaker keeps blowing out or tripping, or if it blows or trips immediately after it 
has been replaced or reset, then something is wrong with the power supply or with the equipment 
connected to it. Burned-out diodes, a bad transformer, and shorted filter capacitors in the supply 
can all cause this trouble. A short circuit in the equipment connected to the supply, or the connec- 
tion of a device in the wrong direction (polarity), can cause repeated fuse blowing or circuit- 
breaker tripping. 

Never replace a fuse or breaker with a larger-capacity unit to overcome the inconvenience of re- 
peated fuse/breaker blowing/tripping. Find the cause of the trouble, and repair the equipment as 
needed. The “penny in the fuse box” scheme can endanger equipment and personnel, and it in- 
creases the risk of fire in the event of a short circuit. 


The Complete System 


Figure 21-12 is a block diagram of a complete power supply. Note the sequence in which the por- 
tions of the system, called stages, are connected. A final note of warning is in order here: 
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| i Voltage 


Output: 21-12 Block diagram of 
regulated de a complete power 
supply that can 
deliver high-quality 
dc output with 
ac input. 


Input: 
117 Vac 


e High-voltage power supplies can retain deadly voltages after they have been switched 
off and unplugged. This is because the filter capacitors retain their charge for some 
time. If you have any doubt about your ability to safely build or work with a power 
supply, leave it to a professional. 


Quiz 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 
back of the book. 
1. The output of a rectifier circuit without a filter included is 
(a) 60 Hz ac. 
(b) smooth dc. 
(c) pulsating dc. 
(d) 120 Hz ac. 
2. Which of the following components is not necessarily required in a power supply designed to 
produce 12-V de output with 117-V rms ac input? 
(a) The transformer 
(b) The filter 
(c) 


(d) All of the above components are required. 


The rectifier 
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3. Of the following appliances, which would need the biggest transformer? 
(a) A clock radio 
(b) 
(c) 


(d) A home television set 


A television broadcast transmitter 


A shortwave radio receiver 


4. An advantage of full-wave bridge rectification is the fact that 
(a) it uses the whole transformer secondary for the entire ac input cycle. 
(b) it costs less than other rectifier types. 
(c 


(d) it never needs a filter. 


NA 


it cuts off half of the ac wave cycle. 


5. In a power supply designed to provide high power at low voltage, the best rectifier circuit 


would probably be the 
(a) half-wave arrangement. 
(b) full-wave, center-tap arrangement. 
(c) quarter-wave arrangement. 


(d) voltage doubler arrangement. 


6. The part of a power supply immediately preceding the regulator is 
(a) the transformer. 
(b) the rectifier. 

(c) the filter. 


(d) the ac input. 


7. Ifa half-wave rectifier is used with 165-V pk ac input, the effective dc output voltage is 
(a) considerably less than 165 V. 
(b) slightly less than 165 V. 
(c) exactly 165 V. 
(d) slightly more than 165 V. 
8. Ifa full-wave bridge circuit is used with a transformer whose secondary provides 50 V rms, 
the peak voltage that occurs across the diodes in the reverse direction is approximately 
(a) 50 V pk. 
(b) 70 V pk. 
(c) 100 V pk. 
(d) 140 V pk. 
9. What is the principal disadvantage of a voltage-doubler power supply circuit? 
(a) Excessive current 
(b) 
(c) 
(d) Poor regulation under heavy loads 


Excessive voltage 


Insufficient rectification 
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10. Suppose a transformer secondary provides 10-V rms ac to a voltage-doubler circuit. What is 


the approximate dc output voltage with no load? 
(a) 14 V 
(b) 20 V 
(c) 28 V 
(d) 36 V 


11. The ripple frequency from a full-wave rectifier is 
(a) twice that from a half-wave circuit. 
(b) the same as that from a half-wave circuit. 
(c) half that from a half-wave circuit. 
(d) '/ that from a half-wave circuit. 
12. Which of the following would make the best filter for a power supply? 
(a) A capacitor in series 
(b) 
(c) 


(d) A capacitor in parallel and a choke in series 


A choke in series 


A capacitor in series and a choke in parallel 


13. If you need exceptionally good ripple filtering for a power supply, which of the following 


alternatives will yield the best results? 
(a) Connect several capacitors in parallel. 
(b) 
(c) 


(d) Use two capacitor/choke filtering sections in cascade. 


Use a choke-input filter. 


Connect several chokes in series. 


14. Voltage regulation can be accomplished by a Zener diode connected in 
(a) parallel with the filter output, forward-biased. 
(b) 
(c) 


(d) series with the filter output, reverse-biased. 


parallel with the filter output, reverse-biased. 


series with the filter output, forward-biased. 


15. A current surge takes place when a power supply is first turned on because 


(a) the transformer core is suddenly magnetized. 


roy 


b) the diodes suddenly start to conduct. 
(c) the filter capacitor(s) must be initially charged. 
(d) arcing takes place in the power switch. 

16. Transient suppression is of importance mainly because it minimizes the risk of 
(a) diode failure. 
(b) 
(c) 


(d) poor voltage regulation. 


transformer imbalance. 


filter capacitor overcharging. 


Quiz 351 


17. Ifa fuse blows, and it is replaced with one having a lower current rating, there is a good 
chance that 


(a) the power supply will be severely damaged. 
(b) 
(c) 


(d) transient suppressors won't work. 


the diodes will not rectify. 


the fuse will blow out right away. 


18. Suppose you see a fuse with nothing but a straight wire inside. You can assume that this fuse 


(a) is a slow-blow type. 
(b) 
(c) 
(d) has a high current rating. 


is a quick-break type. 


has a low current rating. 


19. In order to minimize the risk of diode destruction as a result of surge currents that can occur 


when a power supply is first switched on, which of the following techniques can be useful? 


(a) Connecting multiple diodes in parallel, with low-value resistors in series with each diode 


(b) Connecting multiple diodes in parallel, with low-value capacitors in series with each 


diode 
(c) Connecting multiple diodes in series, with low-value chokes across each diode 


(d) Connecting multiple diodes in series, with low-value resistors across each diode 
20. To repair a damaged power supply with which you are not completely familiar, you should 
(a) install bleeder resistors before beginning your work. 
(b) remove the fuse before beginning your work. 
(c) leave it alone and have a professional work on it. 


(d) short out all the diodes before beginning your work. 
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CHAPTER 


The Bipolar Transistor 


THE WORD TRANSISTOR IS A CONTRACTION OF “CURRENT-TRANSFERRING RESISTOR.” A BIPOLAR 
transistor has two P-N junctions. There are two configurations: a P-type layer sandwiched between 
two N-type layers, or an N-type layer between two P-type layers. 


NPN versus PNP 


A simplified drawing of an NPN bipolar transistor is shown in Fig. 22-1A, and the schematic sym- 
bol is shown in Fig. 22-1B. The P-type, or center, layer is called the base. One of the N-type semi- 
conductor layers is the emitter, and the other is the collector. Sometimes these are labeled B, E, and 
Cin schematic diagrams. A PNP bipolar transistor has two P-type layers, one on either side of a thin 
N-type layer (Fig. 22-2A). The schematic symbol is shown in Fig. 2-22B. 

It’s easy to tell whether a bipolar transistor in a diagram is NPN or PNP. If the device is NPN, 
the arrow at the emitter points outward. If the device is PNP, the arrow at the emitter points in- 
ward. 

Generally, PNP and NPN transistors can perform the same functions. The differences are the 
polarities of the voltages and the directions of the resulting currents. In most applications, an NPN 
device can be replaced with a PNP device or vice versa, the power-supply polarity can be reversed, 
and the circuit will work in the same way—as long as the new device has the appropriate specifi- 
cations. 


22-1 AtA, pictorial diagram 
of an NPN transistor. 
E C B At B, the schematic 
symbol. Electrodes are 
E = emitter, B = base, 


A B B E and C = collector. 
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E N P C 
22-2 AtA, pictorial diagram 


of a PNP transistor. 

At B, the schematic E < B 
symbol. Electrodes are 

E = emitter, B = base, 


and C = collector. A B B E 


Biasing 

Imagine a bipolar transistor as consisting of two diodes in reverse series. You cant normally con- 
nect two diodes this way and get a working transistor, but the analogy is good for modeling the 
behavior of bipolar transistors. A dual-diode NPN transistor model is shown in Fig. 22-3A. The 
base is formed by the connection of the two anodes. The emitter is one of the cathodes, and 


the collector is the other cathode. Figure 22-3B shows the equivalent real-world NPN transistor 
circuit. 


The NPN Case 
The normal method of biasing an NPN transistor is to have the collector voltage positive with re- 
spect to the emitter. This is shown by the connection of the battery in Figs. 22-3A and 22-3B. Typ- 
ical de voltages for a transistor power supply range between 3 V and about 50 V. A typical voltage 
is 12 V. 

In the model and also in the real-world transistor circuit, the base is labeled “control,” because 
the flow of current through the transistor depends critically on what happens at this electrode. 


Zero Bias tor NPN 


Suppose the base of a transistor is at the same voltage as the emitter. This is known as zero bias. 
When the forward bias is zero, the emitter-base current, often called simply base current and de- 


mA 


Control Control 


22-3 AtA, the dual-diode model of a simple NPN circuit. At B, the 


actual transistor circuit. 
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noted Jp, is zero, and the emitter-base (E-B) junction does not conduct. This prevents current from 
flowing between the emitter and collector, unless a signal is injected at the base to change the situ- 
ation. Such a signal must, at least momentarily, attain a positive voltage equal to or greater than the 
forward breakover voltage of the E-B junction. 


Reverse Bias for NPN 


Now imagine that a second battery is connected between the base and the emitter in the circuit of 
Fig. 22-3B, with the polarity such that Eg becomes negative with respect to the emitter. The addi- 
tion of this new battery will cause the E-B junction to be reverse-biased. No current flows through 
the E-B junction in this situation (as long as the new battery voltage is not so great that avalanche 
breakdown occurs). A signal might be injected at the base to cause a flow of current, but such a sig- 
nal must attain, at least momentarily, a positive voltage high enough to overcome both the reverse 
bias and the forward breakover voltage of the junction. 


Forward Bias for NPN 


Now suppose that Ez is made positive with respect to the emitter, starting at small voltages and grad- 
ually increasing. This is forward bias. If the forward bias is less than the forward breakover voltage, 
no current will flow. But as the base voltage Ej reaches the breakover point, the E-B junction will 
start to conduct. 

The base-collector (B-C) junction of a bipolar transistor is normally reverse-biased. It will re- 
main reverse-biased as long as Ey is less than the supply voltage (in this case 12 V). In practical tran- 
sistor Circuits, it is common for Ez to be set at a fraction of the supply voltage. Despite the reverse 
bias of the B-C junction, a significant emitter-collector current, called collector current and denoted 
Ic, will flow once the E-B junction conducts. 

In a real transistor circuit such as the one shown in Fig. 22-3B, the meter reading will jump 
when the forward breakover voltage of the E-B junction is reached. Then even a small rise in Ez, at- 
tended by a rise in J, will cause a large increase in Jc, as shown in Fig. 22-4. 

If Eg continues to rise, a point will eventually be reached where the Jc versus Ej curve levels 
off. The transistor is then said to be saturated or in saturation. It is wide open, conducting as much 
as it can. 


saturation 22-4 


Relative collector 
Forward 


current (c) as a 
breakover 


function of base 
voltage (Ep) for a 
hypothetical NPN 


silicon transistor. 


Relative collector current 


0 +1 +2 


Base voltage 


C. Vin = 100 V rms . Find V out when the 
primary and secondary coil have an equal 
number of turns. 

Vout = —___— 

Answers 


A. 4 V pp (This is a step-down transformer. ) 
B. 10 V pp (This is a step-up — transformer .) 


C. 100 V rms (This IS an isolation 
transformer, which is used to separate or 
isolate the voltage source from the load 


electrically.) 

9 Almost all electronic equipment operated 
from 120 volts AC house current requires a 
transformer to convert the 120 volts AC to a 


more Suitable, lower voltage. Figure 10.7 
shows a transformer that steps down 120 
volts AC to 28 volts AC. 
Figure 10.7 

120 Y 25 V 

AC AC 


Question 
Calculate the turns ratio for this transformer. 


Answer 
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Control Control 


22-5 AtA, the dual-diode model of a simple PNP circuit. At B, the actual 


transistor circuit. 


PNP Biasing 


For a PNP transistor, the situation is a mirror image of the case for an NPN device. The diodes are 
reversed, the arrow points inward rather than outward in the transistor symbol, and all the polari- 
ties are reversed. The dual-diode PNP model, along with the real-world transistor circuit, are shown 
in Fig. 22-5. In the preceding discussion, replace every occurrence of the word “positive” with the 
word “negative.” Qualitatively, the same things happen: small changes in Ez cause small changes in 
lg, which in turn produce large fluctuations in Jc. 


Biasing for Amplitication 


Because a small change in J causes a large variation in Jc when the bias is just right, a transistor can 
operate as a current amplifier. If you look at Fig. 22-6, you'll see that there are some bias values at 
which a transistor wont provide any current amplification. If the transistor is in saturation, the Zc 


Least amplification 


22-6 Three different 


transistor bias 


points. The most 


Some 


amplification is ee oe 
amplification 


obtained when the 
bias is near the middle 
of the straight-line 


portion of the curve. Most amplification 


Relative collector current 


Relative base current 
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versus J curve is horizontal. A small change in J, in these portions of the curve, causes little or no 
change in Jc. But if the transistor is biased near the middle of the straight-line part of the curve in 
Fig. 22-6, the transistor will work as a current amplifier. 

The same situation holds for the curve in Fig. 22-4. At some bias points, a small change in E; 
does not produce much, if any, change in /¿; at other points, a small change in Æg produces a dra- 
matic change in Jc. Whenever we want a transistor to amplify a signal, it’s important that it be bi- 
ased in such a way that a small change in the base current or voltage will result in a large change in 
the collector current. 


Static Current Amplification 


Current amplification is often called beta by engineers. It can range from a factor of just a few times 
up to hundreds of times. The beta of a transistor can be expressed as the static forward current trans- 
fer ratio, abbreviated Hpg. Mathematically, this is the collector current divided by the base current: 


Ar = Lel Ly 


For example, if a base current, J, of 1 mA results in a collector current, Jc, of 35 mA, then Hrg = 
35/1 = 35. If % = 0.5 mA and /¿= 35 mA, then Hrg = 35/0.5 = 70. The Age specification for a 
particular transistor represents the greatest amount of current amplification that can be obtained 
with it. 


Dynamic Current Amplification 


A more practical way to define current amplification is as the ratio of the difference in /¿ to the dif- 
ference in J that occurs when a small signal is applied to the base of a transistor. Abbreviate the 
words “the difference in” by d. Then, according to this second definition: 


Current amplification = d/-/dl, 


Figure 22-6 is a graph of the collector current as a function of the base current (Jc versus Js) 
for a hypothetical transistor. Three different points are shown, corresponding to three different bias 
scenarios. The ratio dlc/dh is different for each of the points in this graph. Geometrically, d/-/dlz 
at a given point is the slope of a line tangent to the curve at that point. The tangent line for point B 
in Fig. 22-6 is a dashed straight line; the tangent lines for points A and C lie right along the curve 
and are therefore not shown. The steeper the slope of the line, the greater is d/¿/dlz. Point A pro- 
vides the highest value of d/-/dIg, provided the input signal is not too strong. This value is very close 
to Agr. 

For small-signal amplification, point A in Fig. 22-6 represents a good bias level. Engineers 
would say that it’s a good operating point. At point B, dI¿/dlz is smaller than at point A, so point B 
is not as good for small-signal amplification. At point C, d/-/dlg is practically zero. The transistor 
wont amplify much, if at all, if it is biased at this point. 


Overdrive 


Even when a transistor is biased for the greatest possible current amplification (at or near point A in 
Fig. 22-6), a strong ac input signal can drive it to point B or beyond during part of the signal cycle. 
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22-7 Excessive input ae Reduced 


reduces amplification. amplification 


Relative collector current 


Relative base current 


Then, d/¿/dly is reduced, as shown in Fig. 22-7. Points Xand Y in the graph represent the instanta- 
neous current extremes during the signal cycle in this particular case. 

When conditions are like those in Fig. 22-7, a transistor amplifier will cause distortion in the 
signal. This means that the output wave will not have the same shape as the input wave. This phe- 
nomenon is known as nonlinearity. It can sometimes be tolerated, but often it is undesirable. When 
the input signal to a transistor amplifier is too strong, the condition is called overdrive, and the am- 
plifier is said to be overdriven. 

Overdrive can cause problems other than signal distortion. An overdriven transistor is in or near 
saturation during part of the input signal cycle. This reduces circuit efficiency, causes excessive col- 
lector current, and can overheat the base-collector (B-C) junction. Sometimes overdrive can destroy 
a transistor. 


Gain versus Frequency 


Another important specification for a transistor is the range of frequencies over which it can be used 
as an amplifier. All transistors have an amplification factor, or gain, that decreases as the signal fre- 
quency increases. Some devices work well only up to a few megahertz; others can be used to several 
gigahertz. 

Gain can be expressed in various ways. In the preceding discussion, you learned a little about 
current gain, expressed as a ratio. You will also hear about voltage gain or power gain in amplifier 
circuits. These, too, can be expressed as ratios. For example, if the voltage gain of a circuit is 15, 
then the output signal voltage (rms, peak, or peak-to-peak) is 15 times the input signal voltage. 
If the power gain of a circuit is 25, then the output signal power is 25 times the input signal 
power. 

Two expressions are commonly used for the gain-versus-frequency behavior of a bipolar transis- 
tor. The gain bandwidth product, abbreviated fr, is the frequency at which the gain becomes equal to 
1 with the emitter connected to ground. If you try to make an amplifier using a transistor at a fre- 
quency higher than its fr specification, you are bound to fail. The alpha cutoff frequency of a transis- 
tor is the frequency at which the gain becomes 0.707 times its value when the input signal frequency 
is 1 kHz. A transistor can have considerable gain at its alpha cutoff frequency. By looking at this 
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specification for a particular transistor, you can get an idea of how rapidly it loses its ability to am- 
plify as the frequency goes up. Some devices die off faster than others. 

Figure 22-8 shows the gain bandwidth product and alpha cutoff frequency for a hypothetical 
transistor, on a graph of gain versus frequency. Note that the scales of this graph are not linear; that 
is, the divisions are not evenly spaced. This type of graph is called a log-log graph because both scales 


are logarithmic rather than linear. 


Common Emitter Circuit 


A transistor can be hooked up in three general ways. The emitter can be grounded for signal, the 
base can be grounded for signal, or the collector can be grounded for signal. An often-used arrange- 
ment is the common emitter circuit. “Common” means “grounded for the signal.” The basic config- 
uration is shown in Fig. 22-9. 

A terminal can be at ground potential for a signal, and yet have a significant dc voltage. In the cir- 
cuit shown, capacitor C, appears as a short circuit to the ac signal, so the emitter is at signal ground. 
But resistor R; causes the emitter to have a certain positive dc voltage with respect to ground (or a neg- 
ative voltage, if a PNP transistor is used). The exact de voltage at the emitter depends on the resistance 
of Ry, and on the bias. The bias is set by the ratio of the values of resistors Ry and R3. The bias can be 
anything from zero, or ground potential, to +12 V, the supply voltage. Normally it is a couple of volts. 

Capacitors C, and C; block dc to or from the input and output circuitry (whatever that might 
be) while letting the ac signal pass. Resistor Ry keeps the output signal from being shorted out 
through the power supply. A signal enters the common emitter circuit through C,, where it causes 
the base current, Jp, to vary. The small fluctuations in /; cause large changes in the collector current, 
Ic. This current passes through resistor Ry, causing a fluctuating dc voltage to appear across this re- 
sistor. The ac part of this passes unhindered through capacitor C; to the output. 

The circuit of Fig. 22-9 is the basis for many amplifiers, from audio frequencies through ultra- 
high radio frequencies. The common emitter configuration produces the largest gain of any arrange- 
ment. The output wave is 180° out of phase with respect to the input wave. 
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22-9 Common emitter configuration. This diagram shows an NPN transistor 
circuit. 


Common Base Circuit 


As its name implies, the common base circuit (Fig. 22-10) has the base at signal ground. The dc bias 
is the same as for the common emitter circuit, but the input signal is applied at the emitter, instead 
of at the base. This causes fluctuations in the voltage across R4, causing variations in J. The result 
of these small current fluctuations is a large change in the current through Ry. Therefore, amplifica- 
tion occurs. The output wave is in phase with the input wave. 

The signal enters through capacitor C;. Resistor R; keeps the input signal from being shorted 
to ground. Bias is provided by R, and R3. Capacitor C, keeps the base at signal ground. Resistor Ry 
keeps the signal from being shorted out through the power supply. The output is taken through C3. 

The common base circuit provides somewhat less gain than a common emitter circuit. How- 
ever, it is more stable than the common emitter configuration in some applications, especially RF 
power amplifiers. 


Common Collector Circuit 


A common collector circuit (Fig. 22-11) operates with the collector at signal ground. The input is ap- 
plied at the base, just as it is with the common emitter circuit. The signal passes through C, onto 
the base of the transistor. Resistors R, and R; provide the correct bias for the base. Resistor Ry lim- 
its the current through the transistor. Capacitor C; keeps the collector at signal ground. A fluctuat- 
ing direct current flows through Rj, and a fluctuating dc voltage therefore appears across it. The ac 
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22-10 Common base configuration. This diagram shows an NPN 
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22-11 Common collector configuration, also known as an emitter follower. 
This diagram shows an NPN transistor circuit. 
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part of this voltage passes through C; to the output. Because the output follows the emitter current, 
this circuit is sometimes called an emitter follower circuit. 

The output wave of a common collector circuit is in phase with the input wave. This circuit is 
unique because its input impedance is high, while its output impedance is low. For this reason, the 
common collector circuit can be used to match high impedances to low impedances. When well de- 
signed, an emitter follower works over a wide range of frequencies, and is a low-cost alternative to a 
broadband impedance-matching transformer. 


Quiz 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 
back of the book. 
1. Ina PNP circuit, the collector 
(a) has an arrow pointing inward. 
(b) is positive with respect to the emitter. 
(c) is biased at a small fraction of the base bias. 


(d) is negative with respect to the emitter. 
2. In many cases, a PNP transistor can be replaced with an NPN device and the circuit will do 
the same thing, provided that 
(a) the power supply or battery polarity is reversed. 
(b) the collector and emitter leads are interchanged. 
(c) the arrow is pointing inward. 


(d) Forget it! A PNP transistor can never be replaced with an NPN transistor. 


3. A bipolar transistor has 
(a) three P-N junctions. 
(b) three semiconductor layers. 
(c) two N-type layers around a P-type layer. 


(d) a low avalanche voltage. 


4. In the dual-diode model of an NPN transistor, the emitter corresponds to 
(a) the point where the cathodes are connected together. 
(b) the point where the cathode of one diode is connected to the anode of the other. 


(c) the point where the anodes are connected together. 


(d) either of the diode cathodes. 

5. The current through a transistor depends on 
(a) Ec. 
(b) Ex relative to Ec. 

(c) J. 


(d) more than one of the above. 
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6. With no signal input, a bipolar transistor would have the least Zc when 
(a) the emitter is grounded. 
(b) the E-B junction is forward-biased. 
(c) the E-B junction is reverse-biased. 


(d) the E-B current is high. 


7. When a transistor is conducting as much as it can, it is said to be 
(a) in a state of cutoff. 
(b) 
(c) 


(d) in a state of avalanche breakdown. 


in a state of saturation. 


in a state of reverse bias. 


8. Refer to the curve shown in Fig. 22-12. Which operating point is best if a large amplification 
factor is desired with a weak signal input? 


(a) Point A 
(b) Point B 
(c) Point C 
(d) Point D 


9. In Fig. 22-12, the forward breakover point for the E-B junction is nearest to 
(a) no point on this graph. 
(b) 
(c) point C. 
(d) point D. 


point D. 


10. In Fig. 22-12, saturation is nearest to 
(a) point A. 
(b) 
(c) point C. 
(d) point D. 


l 


point D. 


C 


22-12 Illustration for 
Quiz Questions 
8 through 11. 
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O 
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12. 


13. 
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In Fig. 22-12, the greatest gain occurs at 
(a) point A. 

(b) 

(c) point C. 
(d) point D. 


point D. 


In a common emitter circuit, the gain bandwidth product is 
(a) the frequency at which the gain is 1. 

(b) 
(c) 


(d) the difference between the frequency at which the gain is greatest, and the frequency at 
which the gain is 1. 


the frequency at which the gain is 0.707 times its value at 1 MHz. 
the frequency at which the gain is greatest. 


The bipolar-transistor configuration most often used for matching a high input impedance to 


a low output impedance puts signal ground at 


14. 


15. 


16. 


We 


(a) the emitter. 
(b) the base. 
(c) the collector. 


(d) any point; it doesnt matter. 
yp 


The output is in phase with the input in 
(a) acommon emitter circuit. 

(b) a common base circuit. 

(c) a common collector circuit. 


(d) more than one of the above. 


The greatest possible amplification is obtained in 
(a) a common emitter circuit. 

(b) a common base circuit. 

(c) a common collector circuit. 


(d) more than one of the above. 


The input is applied to the collector in 

(a) a common emitter circuit. 

(b) a common base circuit. 

(c) a common collector circuit. 

(d) none of the above. 

The configuration noted for its stability in RE power amplifiers is the 
(a) common emitter circuit. 

(b) 
(c) 


(d) emitter follower circuit. 


common base circuit. 


common collector circuit. 
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18. In a common base circuit, the output is taken from 
(a) the emitter. 
(b) 
(c) 


(d) more than one of the above. 


the base. 


the collector. 


19. Suppose that the input signal to a transistor amplifier results in saturation during part of the 


cycle. This produces 
(a) the greatest possible amplification. 
(b) 
(c) 


(d) nonlinear output impedance. 


reduced efficiency. 


avalanche effect. 


20. Suppose that the gain of a transistor in a common emitter circuit is 100 at a frequency of 
1 kHz, and the gain is 70.7 at 335 kHz. The gain drops to 1 at 210 MHz. The alpha cutoff 


frequency is 
(a) 1 kHz. 
(b) 335 kHz. 
(c) 210 MHz. 
(d) impossible to define based on this data. 


10 Figure 10.8 shows an oscilloscope trace 
of the output waveform from the 28-volt 
secondary coil. 

Figure 10.8 


+40 V 
+28 V 


QV 


-28 V 
-40 V 


Questions 
A. Is 28 volts a peak-to-peak or an rms 
value? _—_—_— 

B. What is the peak-to-peak value of the 28 
volts across the secondary coil? 


Answers 
A. rms 
B. 2 x 1.414 x 28 = 79.184 volts 

11 Like the 28-volt transformer output 
value, the 120-volt wall plug value is an rms 
measurement. 
Question 


What is the peak-to-peak value of the voltage 
from the wall plug? _—_—_— 


Answer 
Approximately 340 volts 
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CHAPTER 


The Field Ettect Transistor 


THE BIPOLAR TRANSISTOR ISN’T THE ONLY SEMICONDUCTOR TRANSISTOR THAT CAN AMPLIFY. THE 


other major category of transistor is the field effect transistor (FET). There are two main types of 
FET: the junction FET (JFET) and the metal-oxide FET (MOSFET). 


Principle of the JEET 


In a JFET, the current varies because of the effects of an electric field within the device. Charge car- 
riers (electrons or holes) flow from the source (S) electrode to the drain (D) electrode. This results in 
a drain current, Ip, that is normally the same as the source current, Is. The rate of flow of charge 
carriers—that is, the current—depends on the voltage at a control electrode called the gate (G). 
Fluctuations in gate voltage, Ec, cause changes in the current through the channel, which is the path 
between the source and the drain. The current through the channel is normally equal to Æ. Small 
fluctuations in Æg can cause large variations in /p. This fluctuating drain current can produce signif- 
icant fluctuations in the voltage across an output resistance. 


N-Channel versus P-Channel 
A simplified drawing of an N-channel JFET, and its schematic symbol, are shown in Fig. 23-1. The 


N-type material forms the channel, or the path for charge carriers. The majority carriers are elec- 
trons. The drain is placed at a positive dc voltage with respect to the source. 

In an N-channel device, the gate consists of P-type material. Another section of P-type mate- 
rial, called the substrate, forms a boundary on the side of the channel opposite the gate. The voltage 
on the gate produces an electric field that interferes with the flow of charge carriers through the 
channel. The more negative Es becomes, the more the electric field chokes off the current through 
the channel, and the smaller J) becomes. 

A P-channel JFET (Fig. 23-2) has a channel of P-type semiconductor. The majority charge car- 
riers are holes. The drain is negative with respect to the source. The more positive Eg gets, the more 
the electric field chokes off the current through the channel, and the smaller / becomes. 
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P-type 
gate 


23-1 AtA, pictorial diagram 

S D D of an N-channel JFET. 
At B, the schematic 

symbol. Electrodes are 


N-type G S = source, G = gate, 
channel and D = drain. 
A P-type B S 
substrate 


You can recognize the N-channel JFET in schematic diagrams by the arrow pointing inward at 
the gate, and the P-channel JFET by the arrow pointing outward. Also, you can tell which is which 
(sometimes arrows are not included in schematic diagrams) by the power-supply polarity. A positive 
drain indicates an N-channel JFET, and a negative drain indicates a P-channel JFET. 

In electronic circuits, N-channel and P-channel devices can do the same kinds of things. The 
main difference is the polarity. An N-channel device can almost always be replaced with a P-channel 
JFET, and the power-supply polarity reversed, and the circuit will still work if the new device has 
the right specifications. Just as there are different kinds of bipolar transistors, there are various types 
of JFETs, each suited to a particular application. Some JFETs work well as weak-signal amplifiers 
and oscillators; others are made for power amplification. 

Field effect transistors have certain advantages over bipolar transistors. Perhaps the most im- 
portant is that FETs are available that generate less internal noise than bipolar transistors. This 
makes them excellent for use as weak-signal amplifiers at very high or ultrahigh frequencies. Field 
effect transistors have high input impedance, which can also be an advantage in weak-signal 
amplifiers. 


23-2 At A, pictorial diagram 
S | D D of a P-channel JFET. 
At B, the schematic 
| symbol. Electrodes are 
P-type G S = source, G = gate, 
channel and D = drain. 


A N-type B S 


substrate 
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SGD S G D 


B C 


23-3 AtA, the depletion region (darkest area) is narrow, the 
channel (white area) is wide, and many charge carriers (heavy 
dashed line) flow. At B, the depletion region is wider, the 
channel is narrower, and fewer charge carriers flow. At C, 
the depletion region obstructs the channel, and no charge 
carriers flow. 


Depletion and Pinchoff 


The JFET works because the voltage at the gate causes an electric field that interferes, more or less, 
with the flow of charge carriers along the channel. A simplified drawing of the situation for an 
N-channel device is shown in Fig. 23-3. 

As the drain voltage Ep increases, so does the drain current Jp, up to a certain level-off value. 
This is true as long as the gate voltage Ez is constant, and is not too large negatively. But as Ez be- 
comes increasingly negative (Fig. 23-3A), a depletion region (shown as a solid dark area) begins to 
form in the channel. Charge carriers cannot flow in this region; they must pass through a narrowed 
channel. The more negative Ez becomes, the wider the depletion region gets, as shown in drawing 
B. Ultimately, if the gate becomes negative enough, the depletion region completely obstructs the 
flow of charge carriers. This condition is called pinchoff, and is illustrated at C. 


JFET Biasing 
Two biasing methods for N-channel JFET circuits are shown in Fig. 23-4. In Fig. 23-4A, the 


gate is grounded through resistor R,. The source resistor, Ry, limits the current through the 
JFET. The drain current, Jp, flows through R;, producing a voltage across this resistor. The ac 
output signal passes through C,. In Fig. 23-4B, the gate is connected through potentiometer R, 
to a voltage that is negative with respect to ground. Adjusting this potentiometer results in a 
variable negative Eq between R, and Rs. Resistor R; limits the current through the JFET. The 
drain current, /p, flows through Ry, producing a voltage across it. The ac output signal passes 
through C). 

In both of these circuits, the drain is positive relative to ground. For a P-channel JFET, reverse 
the polarities in Fig. 23-4. Typical power-supply voltages in JFET circuits are comparable to those 
for bipolar transistor circuits. The voltage between the source and drain, abbreviated Ep, can range 
from about 3 V to 150 V dc; most often it is 6 to 12 V dc. The biasing arrangement in Fig. 23-4A 
is preferred for weak-signal amplifiers, low-level amplifiers, and oscillators. The scheme at B is more 
often employed in power amplifiers having substantial input signal amplitudes. 
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23-4 Two methods of biasing an N-channel JFET. At A, fixed gate 


bias; at B, variable gate bias. 
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Amplification 


The graph of Fig. 23-5 shows Jp as a function of Eg for a hypothetical N-channel JFET. The drain 
voltage, Ep, is assumed to be constant. When Ee is fairly large and negative, the JFET is pinched off, 
and no current flows through the channel. As Eg gets less negative, the channel opens up, and Jp be- 
gins flowing. As Ec gets still less negative, the channel gets wider and Jp increases. As Eg approaches 
the point where the S-G junction is at forward breakover, the channel conducts as well as it possi- 
bly can. If Ez becomes positive enough so the S-G junction conducts, some of the current in the 
channel leaks out through the gate. This is usually an unwanted phenomenon. 


The FET Amplifies Voltage 


The best amplification for weak signals is obtained when Eg is such that the slope of the curve in 
Fig. 23-5 is the greatest. This is shown roughly by the range marked X. For power amplification, 
however, results are often best when the JFET is biased at or beyond pinchoff, in the range 
marked Y 

In either circuit shown in Fig. 23-4, Ip passes through the drain resistor. Small fluctuations in 
Eg cause large changes in /p, and these variations in turn produce wide swings in the dc voltage 
across R; (in the circuit at A) or Ry (in the circuit at B). The ac part of this voltage goes through ca- 
pacitor C,, and appears at the output as a signal of much greater ac voltage than that of the input 
signal at the gate. 


Drain Current versus Drain Voltage 


Do you suspect that the current J, passing through the channel of a JFET, increases in a linear man- 
ner with increasing drain voltage Ep? This seems reasonable, but it is not what usually happens. In- 
stead, Jp rises for awhile as Ep increases steadily, and then Jp starts to level off. The current Jp can be 
plotted graphically as a function of Ep for various values of Eg. When this is done, the result is a 
family of characteristic curves for the JFET. The graph of Fig. 23-6 shows a family of characteristic 
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curves for a hypothetical N-channel device. The graph of Jp versus Ec, one example of which is 
shown in Fig. 23-5, is also an important specification that engineers consider when choosing a JFET 
for a particular application. 


Transconductance 


Recall the discussion of dynamic current amplification from the last chapter. This is a measure of how 
well a bipolar transistor amplifies a signal. The JFET equivalent of this is called dynamic mutual con- 
ductance or transconductance. 

Refer again to Fig. 23-5. Suppose that Æg is a certain value, resulting in a certain current Jp. If 
the gate voltage changes by a small amount d Eo, then the drain current will change by a certain in- 
crement dlp. The transconductance is the ratio d/p/4E¿. Geometrically, this translates to the slope 
of a line tangent to the curve of Fig. 23-5. The value of d/p/dE¢ is not the same at every point along 
the curve. When the JFET is biased beyond pinchoff, in the region marked Y, the slope of the curve 
is zero. Then there is no fluctuation in Jp when Ee changes by small amounts. There can be a change 
in Jp when there is a change in Eg only when the channel conducts current. The region where the 
transconductance, d p/d Ec, is the greatest is the region marked X, where the slope of the curve is 
steepest. This region of the curve represents conditions where the most gain can be obtained from 
the device. 


The MOSFET 


The acronym MOSFET (pronounced “moss-fet”) stands for metal-oxide-semiconductor field effect 
transistor. A simplified cross-sectional drawing of an N-channel MOSFET, along with the schematic 
symbol, is shown in Fig. 23-7. The P-channel device is shown in the drawings of Fig. 23-8. 
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23-7 AtA, pictorial diagram of an N-channel MOSFET. At B, the 
schematic symbol. Electrodes are S = source, G = gate, and 


D = drain. 


Extremely High Input Impedance 
When the MOSFET was first developed, it was called an insulated-gate FET or IGFET. That's still 


a good name for it. The gate electrode is insulated from the channel by a thin layer of dielectric ma- 
terial. As a result, the input impedance is even higher than that of a JFET. The gate-to-source resist- 
ance of a typical MOSFET is, as a matter of fact, comparable to that of a typical capacitor! This 
means that a MOSFET draws essentially no current, and therefore no power, from the signal source. 
This makes the device ideal for low-level and weak-signal amplifiers. But MOS devices arent quite 


perfect. They have an Achilles heel. They are electrically fragile. 


Metal Insulating 
electrode layer 
G 
S D D 
P-type 
channel G 
A N-type B S 
substrate 


23-8 AtA, pictorial diagram of a P-channel MOSFET. At B, the 
schematic symbol. Electrodes are S = source, G = gate, and 


D = drain. 
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Beware of Static! 
The trouble with MOSFETs is that they can be easily damaged by electrostatic discharges. When 


building or servicing circuits containing MOS devices, technicians must use special equipment to 
ensure that their hands dont carry electrostatic charges that might ruin the components. If a dis- 
charge occurs through the dielectric of a MOS device, the component is permanently destroyed. 
Warm and humid climates do not offer total protection against the hazard. This author learned that 
fact by ruining several MOSFETs while designing circuits in the summertime—in Miami, Florida! 


Flexibility in Biasing 
In electronic circuits, an N-channel JFET can sometimes be replaced directly with an N-channel 
MOSFET, and P-channel devices can be similarly interchanged. But the characteristic curves 
for MOSFETs are not the same as those for JFETs. The main difference is that the S-G junction in 
a MOSFET is not a P-N junction. Therefore, forward breakover cannot occur. A gate bias voltage, 
EG, more positive than +0.6 V can be applied to an N-channel MOSFET, or an Eo more negative 
than —0.6 V to a P-channel device, without a current leak taking place. 

A family of characteristic curves for a hypothetical N-channel MOSFET is shown in the graph 
of Fig. 23-9. 


Depletion Mode versus Enhancement Mode 


Normally the channel in a JFET is wide open; as the depletion region gets wider and wider, chok- 
ing off the channel, the charge carriers are forced to pass through a narrower and narrower path. 
This is known as the depletion mode of operation for a field effect transistor. A MOSFET can also 
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D D 
23-10 Schematic symbols 


for enhancement 

mode MOSFETs. At 

A, the N-channel G G 
device; at B, the 


P-channel device. A S B S 


be made to work in the depletion mode. The drawings and schematic symbols of Figs. 23-7 and 
23-8 show depletion-mode MOSFETs. 

Metal-oxide semiconductor technology also allows an entirely different means of operation. An 
enhancement-mode MOSFET normally has a pinched-off channel. It is necessary to apply a bias 
voltage, Ec, to the gate so that a channel will form. If Es = 0 in an enhancement-mode MOSFET, 
then J) = 0 when there is no signal input. The schematic symbols for N-channel and P-channel 
enhancement-mode devices are shown in Fig. 23-10. Note that the vertical line is broken. This is 
how you can recognize an enhancement-mode device in circuit diagrams. 


Common Source Circuit 


There are three different circuit hookups for FETs, just as there are for bipolar transistors. These 
three arrangements have the source, the gate, or the drain at signal ground. In the common source 
circuit, the source is placed at signal ground. Signal input is applied to the gate. The general config- 
uration is shown in Fig. 23-11. An N-channel JFET is used here, but the device could be an 
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Output 


Input on R 


23-11 Common source configuration. This diagram shows an N-channel 


JFET circuit. 
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N-channel, depletion-mode MOSFET and the circuit diagram would be the same. For an 
N-channel enhancement-mode device, an extra resistor would be necessary, running from the gate 
to the positive power supply terminal. For P-channel devices, the supply would provide a negative, 
rather than a positive, voltage. 

Capacitor Cy and resistor R; place the source at signal ground while elevating the source above 
ground for dc. The ac signal enters through C). Resistor R, adjusts the input impedance and pro- 
vides bias for the gate. The ac signal passes out of the circuit through C}. Resistor R; keeps the out- 
put signal from being shorted out through the power supply. The circuit of Fig. 23-11 is the basis 
for low-level RF amplifiers and oscillators. 

The common source arrangement provides the greatest gain of the three FET circuit configu- 
rations. The output is 180° out of phase with the input. 


Common Gate Circuit 


In the common gate circuit (Fig. 23-12), the gate is placed at signal ground. The input is applied to 
the source. The illustration shows an N-channel JFET. For other types of FETs, the same consider- 
ations apply as previously described for the common source circuit. Enhancement-mode devices 
would require a resistor between the gate and the positive supply terminal (or the negative terminal 
if the MOSFET is P-channel). 

The dc bias for the common gate circuit is basically the same as that for the common source 
arrangement. But the signal follows a different path. The ac input signal enters through C,. Resis- 
tor R; keeps the input from being shorted to ground. Gate bias is provided by Ry and R3. Capacitor 
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23-12 Common gate configuration. This diagram shows an N-channel 


JFET circuit. 


12 The actual voltage measured across the 
secondary coil of a transformer depends upon 
where and how you make the measurement. 
Figure 10.9 illustrates different ways to 
measure voltage across a 20 V pp secondary 
coil that has a center tap. 

Figure 10.9 


(1) YA 


If the center tap is grounded “as shown In 
diagram (1) of Figure 10.9 , then there is 10 
V pp AC between each terminal and ground. 
You Can see that the two output waveforms 
in diagram (1) are out of phase (180 
degrees out of phase, in this Case) by 
comparing the two sine waves shown next to 
the two terminals. If the bottom terminal IS 
grounded as it is in diagram (2) of Figure 
10.9 and the center tap is not used, then 
there is 20 V pp between the top terminal 
and ground. 

Questions 

A. Assume a center-tapped secondary coil is 
rated at 28 V rms referenced to the center 
tap. What is the rms voltage output when the 
center tap is grounded? ———___ 
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C, places the gate at signal ground. In some common gate circuits, the gate is directly grounded, 
and R, and C; are not necessary. The output signal leaves the circuit through C3. Resistor R; keeps 
the output signal from being shorted through the power supply. 

The common gate arrangement produces less gain than its common source counterpart. But a 
common gate amplifier is not likely to break into unwanted oscillation, making it a good choice for 
power-amplifier circuits, especially at RE The output is in phase with the input. 


Common Drain Circuit 


A common drain circuit is shown in Fig. 23-13. In this circuit, the collector is at signal ground. It is 
sometimes called a source follower. The FET is biased in the same way as for the common source and 
common gate circuits. In the illustration, an N-channel JFET is shown, but any other kind of FET 
could be used, reversing the polarity for P-channel devices. Enhancement-mode MOSFETs would 
need a resistor between the gate and the positive supply terminal (or the negative terminal if the 
MOSFET is P-channel). 

The input signal passes through C, to the gate. Resistors R; and R, provide gate bias. Resistor 
R; limits the current. Capacitor C; keeps the drain at signal ground. Fluctuating dc (the channel 
current) flows through R; as a result of the input signal; this causes a fluctuating dc voltage to ap- 
pear across R;. The output is taken from the source, and its ac component passes through C;. 

The output of the common drain circuit is in phase with the input. This scheme is the FET 
analog of the bipolar common collector arrangement. The output impedance is rather low, making 
this circuit a good choice for broadband impedance matching. 


+12 V 


23-13 Common drain configuration, also known as a source follower. This 
diagram shows an N-channel JFET circuit. 


376 The Field Effect Transistor 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 


l. 


The current through the channel of a JFET is directly affected by all of the following, except the 
(a) drain voltage. 

(b) 
(c) 
(d) gate bias. 


transconductance. 


gate voltage. 


. In an N-channel JFET, pinchoff occurs when the gate bias is 


(a) small and positive. 
(b) zero. 
(c) small and negative. 


(d) large and negative. 


. The current consists mainly of holes when a JFET 


(a) has a P-type channel. 
(b) is forward-biased. 
(c) is zero-biased. 


(d) is reverse-biased. 


. A JFET might work better than a bipolar transistor in 


(a) a high-voltage rectifier. 
(b) 
(c) 


(d) a power transformer. 


a weak-signal RF amplifier. 


a power-supply filter. 


. In a P-channel JFET, 


(a) the drain is forward-biased. 
(b) the source-gate junction is forward-biased. 
(c) the drain is negative relative to the source. 


(d) the gate must be at dc ground. 


. A JFET is sometimes biased at or beyond pinchoff in 


(a) a power amplifier. 
(b) a rectifier. 
(c) a filter. 


(d) a weak-signal amplifier. 


. The gate of a JFET exhibits a 


(a) forward bias. 


(b) high impedance. 


10. 


11. 


12. 


koe 


14. 


Quiz 


(c) low reverse resistance. 


(d) low avalanche voltage. 


. Which of the following conditions is not normally desirable in a JFET? 


(a) A conducting channel 

(b) Holes as the majority carriers 
(c) A forward-biased P-N junction 
(d) A high input impedance 


. When a JFET is pinched off, 


(a) the value of d/p/d Eg is very large with no signal input. 

(b) the value of dip/d Ec might vary considerably with no signal input. 
(c) the value of d/p/d Ec is negative with no signal input. 

(d) the value of d/p/dEg is zero with no signal input. 


Transconductance is the ratio of 

(a) a change in drain voltage to a change in source voltage. 
(b) a change in drain current to a change in gate voltage. 
(c) a change in gate current to a change in source voltage. 


(d) a change in drain current to a change in drain voltage. 


Characteristic curves for JFE Ts generally show 
(a) drain voltage as a function of source current. 
(b) drain current as a function of gate current. 
(c) drain current as a function of drain voltage. 


(d) drain voltage as a function of gate current. 


A disadvantage of MOS components is the fact that 
(a) they can be easily damaged by static electricity. 

(b) they need a high input voltage in order to amplify. 
(c) they draw large amounts of current. 


(d) they produce a great deal of heat. 


The input impedance of a MOSFET is 

(a) lower than that of a JFET. 

(b) lower than that of a bipolar transistor. 

(c) between that of a bipolar transistor and a JFET. 
(d) extremely high. 


A significant difference between MOSFETs and JFETs is the fact that 
(a) MOSFETs can handle a wider range of gate bias voltages. 

(b) MOSFETs can deliver greater output power. 

(c) MOSFETs are more rugged. 

(d) MOSFETs last longer. 
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15. The channel in a zero-biased JFET is normally 
(a) pinched off. 
(b) in a state of avalanche breakdown. 
(c) in a conducting state. 
(d) made of P-type semiconductor material. 
16. When an enhancement-mode MOSFET is at zero bias, 
(a) the drain current is high with no signal. 
(b) 
(c) 


(d) the drain current is zero with no signal. 


the drain current fluctuates with no signal. 


the drain current is low with no signal. 


17. An enhancement-mode MOSFET can be recognized in schematic diagrams by the presence of 
(a) an arrow pointing inward. 
(b) 
(c) 


(d) a solid vertical line inside the circle. 


a broken vertical line inside the circle. 


an arrow pointing outward. 


18. In a source follower, which of the electrodes receives the input signal? 

(a) Any of them (doesn’t matter) 

(b) The source 

(c) The gate 

(d) The drain 
19. Which of the following circuits produces an output signal wave that is 180° out of phase with 
the input signal wave? 

(a) The common source circuit 

(b) The common gate circuit 


(c) The common drain circuit 


(d) All of the above 

20. Which of the following circuits can produce the greatest signal gain (amplification factor)? 
(a) The common source circuit 
(b) 
(c) 


(d) All of the above circuits can amplify to the same extent. 


The common gate circuit 


The common drain circuit 
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CHAPTER 


Amplitiers and Oscillators 


NOW THAT YOU VE LEARNED THE BASICS OF BIPOLAR AND FIELD EFFECT TRANSISTORS, YOU RE READY 
to learn about amplifiers and oscillators that use these devices. As a prelude to that, let’s define the 
most common unit that engineers use to evaluate changes in signal strength. 


The Decibel 


The human senses of hearing and vision dont perceive the intensity of sound and light in a linear 
manner. Instead, our perception of these phenomena is logarithmic. Electronic circuits behave in a 
similar way when subjected to signals that change in amplitude. Because of this, scientists and engi- 
neers invented a unit called the decibel (symbolized dB), in which amplitude changes are expressed 
according to the base-10 logarithm of the actual change. 


More or Less? 


In the decibel scheme, increases in amplitude are assigned positive gain values, and decreases in am- 
plitude are assigned negative gain values. A negative gain figure is sometimes expressed as a /oss by re- 
moving the minus sign. 

If the output signal amplitude from a circuit is +6 dB relative to the input signal amplitude, 
then the output is stronger than the input. If the output is at —14 dB relative to the input, then the 
output is weaker than the input. In the first case, the circuit has a gain of +6 dB. In the second case, 
we can say that the circuit has a gain of —14 dB or a loss of 14 dB. 

How large a unit is the decibel, anyway? The answer is that it has no absolute size; it is a rela- 
tive unit. The decibel has meaning only when two or more signals are compared. An amplitude in- 
crease or decrease of plus or minus one decibel (+1 dB) is roughly the smallest change a listener can 
detect if the change is expected. If the change is not expected, the smallest difference a listener can 
notice is about +3 dB. 
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For Voltage 


Consider a circuit with an rms ac input voltage of £;, and an rms ac output voltage of Eou specified 
in the same units as En. Then the voltage gain of the circuit, in decibels, is given by this formula: 


Gain (dB) = 20 log(Fou/ Ein) 


The base-10 logarithm of a value x is written log x. Log functions of base 10 and base e (another 
type of logarithm sometimes used in physics and engineering) can be determined easily using scien- 
tific calculators. From now on, when we say “logarithm,” we mean the base-10 logarithm unless 
otherwise specified. 


Problem 24-1 


Suppose a circuit has an rms ac input of 1.00 V and an rms ac output of 14.0 V. What is the gain in 


decibels? 

First, find the ratio Epul En. Because Epu = 14.0 V rms and Æ, = 1.00 V rms, the ratio is 
14.0/1.00, or 14.0. Next, find the logarithm of 14.0. This is about 1.146128036. Finally, multiply 
this number by 20, getting something like 22.92256071. Round this off to three significant figures, 
because that's all you're entitled to, getting 22.9 dB. 


Problem 24-2 


Suppose a circuit has an rms ac input voltage of 24.2 V and an rms ac output voltage of 19.9 V. 
What is the gain in decibels? 

Find the ratio Esu Fin = 19.9/24.2 = 0.822... . (The three dots indicate extra digits introduced 
by the calculator. You can leave them in until the final roundoff.) Find the logarithm of this: log 
0.822 ...=—0.0849 ... . The gain is 20 times this, or —1.699 . . . dB, which rounds off to —1.70 dB. 


For Current 


Current gain or loss is calculated in the same way as voltage gain or loss. If Z, is the rms ac input cur- 
rent and Zu is the rms ac output current specified in the same units as Ža, then: 


Gain (dB) = 20 log(Jou./Zin) 


For Power 


The power gain of a circuit, in decibels, is calculated according to a slightly different formula. If Pa 
is the input signal power and P w is the output signal power expressed in the same units as Pia then: 


Gain (dB) = 10 log (Pou/ Pn) 


The coefficient (that is, the factor by which the logarithm is to be multiplied) in the formula for 
power gain is 10, whereas for voltage and current gain it is 20. 


Problem 24-3 


Suppose a power amplifier has an input of 5.03 W and an output of 125 W. What is the gain in 
decibels? 
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Find the ratio Pow/Pi, = 125/5.03 = 24.85... . Then find the logarithm: log 24.85 ...= 
1.395... . Finally, multiply by 10 and round off. The gain is thus 10 x 1.395 . . . = 14.0 dB. 


Problem 24-4 


Suppose an attenuator (a circuit designed deliberately to produce power loss) provides 10 dB power 
reduction. The input power is 94 W. What is the output power? 

An attenuation of 10 dB represents a gain of —10 dB. We know that P., = 94 W, so the un- 
known in the power gain formula is Pou. We must solve for Pow in this formula: 


—10 = 10 log (P,../94) 
First, divide each side by 10, getting: 
-] = log (Pou/94) 
To solve this, we must take the base-10 antilogarithm, also known as the antilog, or the inverse log, of 
each side. The antilog function undoes the log function. The antilog of a value x is written antilog 
x. It can also be denoted as log”*x or 10*. Antilogarithms can be determined with any good scientific 


calculator. The solution process goes like this: 


antilog (1) = antilog [log (P,,,./94)] 


O1=P Ja 
94x0.1=Pi, 
Por = 9.4 W 


Decibels and Impedance 


When determining the voltage gain (or loss) and the current gain (or loss) for a circuit in decibels, 
you should expect to get the same figure for both parameters only when the input impedance is 
identical to the output impedance. If the input and output impedances differ, the voltage gain or 
loss is generally not the same as the current gain or loss. 

Consider how transformers work. A step-up transformer, in theory, has voltage gain, but 
this alone doesn’t make a signal more powerful. A step-down transformer can exhibit theoretical 
current gain, but again, this alone does not make a signal more powerful. In order to make a sig- 
nal more powerful, a circuit must increase the signal power—the product of the voltage and the 
current! 

When determining power gain (or loss) for a particular circuit in decibels, the input and out- 
put impedances dont matter. In this sense, positive power gain always represents a real-world increase 
in signal strength. Similarly, negative power gain (or power loss) always represents a true decrease in 
signal strength. 


Basic Bipolar Transistor Amplifier 


In the previous chapters, you saw some circuits that use bipolar and field effect transistors. A signal 
can be applied to some control point, causing a much greater signal to appear at the output. This is 


the principle by which all amplifiers work. 
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24-1 An amplifier circuit with a bipolar transistor. Component 
designators are discussed in the text. 


In Fig. 24-1, an NPN bipolar transistor is connected as a common emitter amplifier. The input 
signal passes through C, to the base. Resistors R, and R; provide the base bias. Resistor R; and ca- 
pacitor C, allow for the emitter to have a dc voltage relative to ground, while keeping it grounded 
for signals. Resistor R; also limits the current through the transistor. The ac output signal goes 
through capacitor C3. Resistor Ry keeps the ac output signal from being short-circuited through the 
power supply. 

In this amplifier, the optimum capacitance values depend on the design frequency of the am- 
plifier, and also on the impedances at the input and output. In general, as the frequency and/or cir- 
cuit impedance increase, less capacitance is needed. At audio frequencies and low impedances, the 
capacitors might be as large as 100 WE At radio frequencies and high impedances, values will be only 
a fraction of a microfarad, down to picofarads at the highest frequencies and impedances. The op- 
timum resistor values also depend on the application. In the case of a weak-signal amplifier, typical 


values are 470 Q for Ry, 4.7 kQ for Rs, 10 kQ for Rs, and 4.7 kQ for Ry. 


Basic JFET Amplifier 


Figure 24-2 shows an N-channel JFET hooked up as a common source amplifier. The input signal 
passes through C, to the gate. Resistor R, provides the bias. Resistor R; and capacitor C, give the 
source a dc voltage relative to ground, while grounding it for signals. The output signal goes 
through C}. Resistor R; keeps the output signal from being short-circuited through the power 
supply. 

A JFET has a high input impedance, and therefore the value of C, should usually be small. If 
the device is a MOSFET, the input impedance is higher still, and C, will be smaller yet, sometimes 
1 pF or less. The resistor values depend on the application. In some instances, R; and C; are not 
used, and the source is grounded directly. If R; is used, its optimum value will depend on the input 
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Output 


Input 


24-2 An amplifier circuit with an FET. Component designators are 
discussed in the text. 


impedance and the bias needed for the FET. For a weak-signal amplifier, typical values are 680 Q 
for Ri, 10 kQ for R,, and 100 Q for Ra. 


Amplifier Classes 


Amplifier circuits can be categorized as class A, class AB, class B, and class C. Each class has its own 
special characteristics, and works best in its own unique set of applications. 


The Class A Amplifier 


With the previously mentioned component values, the amplifier circuits in Figs. 24-1 and 24-2 op- 
erate in class A. This type of amplifier is linear, meaning that the output waveform has the same 
shape as (although a much greater amplitude than) the input waveform. 

For class A operation with a bipolar transistor, the bias must be such that, with no signal input, 
the device is near the middle of the straight-line portion of the Xc versus ly (collector current versus 
base current) curve. This is shown for an NPN transistor in Fig. 24-3. For PNP, reverse the polarity 
signs. With a JFET or MOSFET, the bias must be such that, with no signal input, the device is near 
the middle of the straight-line part of the Jp versus Ec (drain current versus gate voltage) curve. This 
is shown in Fig. 24-4 for an N-channel JFET. For P channel, reverse the polarity signs. 

In a class A amplifier, it is important that the input signal not be too strong. An excessively 
strong input signal will drive the device out of the straight-line part of the characteristic curve dur- 
ing part of the cycle. When this occurs, the output waveshape will not be a faithful reproduction of 
the input waveshape, and the amplifier will become nonlinear. Class A amplifiers are supposed to 
operate in a linear fashion at all times. 


The Class AB Amplifier 


Class A operation is inefficient because the transistor draws current whether there is a signal input 
or not. For weak-signal work, efficiency is not too critical; the things that matter are the gain and 
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Io 
24-3 Various classes of 
amplifier operation for 
SE — A an NPN bipolar 
transistor. 
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Ip 
O 0 (+) 


the sensitivity. In power amplifiers, efficiency is more important, and gain and sensitivity dont mat- 
ter as much. 

When a bipolar transistor is biased close to cutoff under no-signal conditions, or when an FET 
is near pinchoff, the input signal always drives the device into the nonlinear part of the operating 
curve. Typical bias zones for class AB are shown in Figs. 24-3 and 24-4. A small collector or drain 
current flows when there is no input, but it is less than the no-signal current that flows in a class A 
amplifier. This is called class AB operation. It’s more efficient than class A, but the gain and sensitiv- 
ity are not as high. 

There are two modes of class AB amplification. If the bipolar transistor or FET is never driven 
into cutoff/pinchoff during any part of the signal cycle, the amplifier is working in class AB,. If the 
device goes into cutoff pinchoff for any part of the cycle (up to almost half), the amplifier is work- 
ing in class AB). 

In a class AB amplifier, the output signal waveform is not identical with the input signal wave- 
form. But if the signal wave is modulated, such as in a voice radio transmitter, the waveform of the 
modulating signal comes out undistorted anyway. Thus, class AB operation is useful in RF power 
amplifiers. 


24-4 Various classes of 
amplifier operation for 


an N-channel JFET. 


B. Assume the 28 Vrms is the total output 
voltage across the entire secondary winding. 
What will be the output voltage between each 
end of the coil and the center tap?  ——__ 

Es Assume the output voltage of a 
center-tapped secondary coil is 15 V rms 
between each end of the coil and the center 
tap. What is the peak-to-peak output voltage 
when the center tap is not connected? 
Answers 


A. 28 Vrms between each end of the coll 
and the center tap. 
B. 14 Vrms (one half of the total V out ). 
C. When the center tap is not connected, the 
output is 30 V rms . Therefore, V pp = 2 x 
1.414 x 30 = 84.84 volts. 

13 When the magnetic field induces an AC 


signal on the secondary coil, there is some 
loss of power. The percentage of power out 
of the transformer versus the input power IS 
called the efficiency of the transformer. For 
the sake of this discussion, assume the 
transformer has an efficiency of 100 percent. 
Therefore, the output power of the secondary 
coil equals the power into the primary coil. 

Power in = Power out (or Pin = P out ) 

However, P = VI. Therefore, the following is 
true: 


Vinlin == Y bles 
You can rearrange this to come up with the 
following formula: 
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The Class B Amplitier 


When a bipolar transistor is biased exactly at cutoff, or an FET is biased exactly at pinchoff under 
zero-input-signal conditions, an amplifier is working in class B. These operating points are la- 
beled on the curves in Figs. 24-3 and 24-4. The class B scheme lends itself well to RF power am- 
plification. 

In class B operation, there is no collector or drain current when there is no signal. This saves 
energy, because the circuit does not consume power unless there is a signal going into it. (Class A 
and class AB amplifiers consume some power even when the input is zero.) When there is an 
input signal, current flows in the device during exactly half of the cycle. The output signal wave- 
form is greatly different from the input waveshape in a class B amplifier. In fact, it is half-wave 
rectified. 

Youll sometimes hear of class AB or class B “linear amplifiers,” especially in ham radio. The 
term “linear” refers to the fact that the modulation waveform is not distorted by such an amplifier, 
even though the carrier waveform is distorted because the transistor is not biased in the straight-line 
part of the operating curve. 

Class AB, and class B amplifiers draw power from the input signal source. Engineers say that 
such amplifiers require a certain amount of drive or driving power to function. Class A and class AB, 
amplifiers theoretically need no driving power, although there must be an input voltage. 


The Class B Push-Pull Amplifier 


Sometimes two bipolar transistors or FETs are used in a class B circuit, one for the positive half of 
the cycle and the other for the negative half. In this way, signal waveform distortion is eliminated. 
This is called a class B push-pull amplifier. This type of circuit, using two NPN bipolar transistors, is 
illustrated in Fig. 24-5. Resistor R; limits the current through the transistors. Capacitor C, keeps the 
input transformer center tap at signal ground, while allowing for some dc base bias. Resistors R; and 
R; bias the transistors precisely at their cutoff points. The two transistors must be identical. Not 
only should their part numbers be the same, but ideally they should be chosen by experiment to en- 
sure that their characteristic curves are as closely matched as possible. 

Class B push-pull is a popular arrangement for audio-frequency (AF) power amplification. It 
combines the efficiency of class B with the low distortion of class A. Its main disadvantage is that it 
needs two center-tapped transformers, one at the input and the other at the output. This makes 
push-pull amplifiers rather bulky and expensive compared to other types. 


The Class C Amplifier 


A bipolar transistor or FET can be biased past cutoff or pinchoff, and it will still work as a power 
amplifier (PA), provided that the drive is sufficient to overcome the bias during part of the cycle. 
This is known as class C operation. Bias points for class C are labeled in Figs. 24-3 and 24-4. 

Class C amplifiers are nonlinear, even for amplitude modulation waveforms. Because of this, a 
class C circuit is useful only for signals that are either full-on or full-off. Such signals include old- 
fashioned Morse code, and digital schemes in which the frequency or phase (but not the amplitude) 
of the signal is varied. 

A class C amplifier needs a lot of driving power. The gain is low. For example, it might take 
300 W of signal drive to get 1 kW of signal power output. However, the efficiency is better than 
that of class A, AB, or B amplifiers. Let’s take a closer look, now, at what amplifier efficiency is all 
about. 
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24-5 A class B push-pull amplifier using NPN bipolar transistors. 


Component designators are discussed in the text. 


Efficiency in Power Amplifiers 


In power amplification, efficiency is important. It not only provides optimum output power with 
minimum heat generation and minimum strain on the transistors, but it conserves energy as well. 
This translates into reduced cost, reduced size and weight, and longer equipment life compared with 
inefficient power amplifiers. 


Determining dc Power Input 


Suppose you connect an ammeter or milliammeter in series with the collector or drain of an ampli- 
fier and the power supply. While the amplifier is in operation, this meter will have a certain reading. 
The reading might appear constant, or it might fluctuate with changes in the input signal level. The 
de collector power input to a bipolar-transistor amplifier circuit is the product of the collector current 
(Ic) and the collector voltage (Ec). Similarly, for an FET, the de drain power input is the product of 
the drain current (/p) and the drain voltage (Ep). These power figures can be further categorized as 
average or peak values. This discussion involves only average power. 

The dc collector or drain power input can be high even when there is no input signal applied 
to an amplifier. A class A circuit operates this way. In fact, when a signal is applied to a class A am- 
plifier, the meter reading, and therefore the de collector or drain power input, does not change com- 
pared to the value under conditions of no input signal. In class AB, or class AB,, there is low current 
(and therefore low dc collector or drain power input) with zero input signal, and a higher current 
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(and therefore a higher de power input) with an input signal. In class B and class C, there is no cur- 
rent (and therefore zero de collector or drain power input) when there is no input signal. The cur- 
rent, and therefore the dc power input, increases with increasing signal input. The dc collector or 
drain power input is usually measured in watts, the product of amperes and volts. It can be indicated 
in milliwatts for low-power amplifiers, or kilowatts for high-power amplifiers. 


Power Output 


The power output of an amplifier must be measured by means of a specialized ac wattmeter. The de- 
sign of AF and RF wattmeters is a sophisticated specialty in engineering. 

When there is no signal input to an amplifier, there is no signal output, and therefore the power 
output is zero. This is true no matter what the class of amplification. The greater the signal input, 
in general, the greater the power output of a power amplifier, up to a certain point. 

Power output, like dc input, is measured in watts. For very low power circuits, it can be in mil- 
liwatts; for high-power circuits, it is sometimes given in kilowatts. 


Definition of Efficiency 


The efficiency of a power amplifier is the ratio of the ac power output to the dc collector or drain 
power input. 

In a bipolar-transistor amplifier, let Pc be the de collector power input, and let Pou be the ac 
power output. For an FET amplifier, let Pp be the de drain power input, and let Pouw be the ac power 
output. Then the efficiency, eff, of the bipolar transistor amplifier is given by: 


eff = Poul Po 
For the FET circuit, the efficiency is: 
eff = Polls 


These are ratios, and they are always between 0 and 1. Efficiency is often expressed as a percentage 
instead of a ratio, so the preceding formulas are modified as follows: 


effa = 100 P,,,./Pc 
and 


effo, = 100 Pou! Pp 


Problem 24-5 


Suppose a bipolar-transistor amplifier has a dc collector input of 115 W and an ac power output of 
65.0 W. What is the efficiency in percent? 
Use the formula for the efficiency of a bipolar transistor amplifier expressed as a percentage: 


eff, = 100 P.,,./P- = 100 x 65/115 = 100 x 0.565 = 56.5%. 


Problem 24-6 
Suppose an FET amplifier is 60 percent efficient. If the power output is 3.5 W, what is the de drain 


power input? 
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Plug in values to the formula for the efficiency of an FET amplifier expressed as a percentage. 
The resulting equation is solved as follows: 


60 = 100 x 3.5/Pp 


60 = 350/Pp 

60/350 = 1/Pp 
Pp = 350/60 
=5.8 W 


Efficiency versus Class 


Class A amplifiers have efficiency figures from 25 percent to 40 percent, depending on the nature 
of the input signal and the type of transistor used. A good class AB, amplifier is 35 percent to 
45 percent efficient. A class AB, amplifier, if well designed and properly operated, can be up to about 
50 percent efficient. Class B amplifiers are typically 50 percent to 65 percent efficient. Class C am- 
plifiers can have efficiency levels as high as 75 percent. 


Drive and Overdrive 


Class A and AB, power amplifiers do not, in theory, take any power from the signal source to pro- 
duce significant output power. This is one of the advantages of these classes of operation. It is only 
necessary that a certain voltage be present at the control electrode (the base, gate, emitter, or source) 
for these circuits to produce useful output signal power. Class AB, amplifiers need some driving 
power to produce ac power output. Class B amplifiers require more drive than class AB), and class 
C amplifiers need still more drive. 

Whatever kind of PA is used in a given situation, it is important that the driving signal not be 
too strong. If overdrive takes place, distortion occurs in the output signal. An oscilloscope can be 
used to determine whether or not an amplifier is being overdriven. The scope is connected to the 
amplifier output terminals, and the waveform of the output signal is examined. The output wave- 
form for a particular class of amplifier always has a characteristic shape. Overdrive is indicated by a 
form of distortion known as flat topping. 

In Fig. 24-6A, the output signal waveshape for a properly operating class B amplifier is shown. 
In Fig. 24-6B, the output of an overdriven class B amplifier is shown. Note that the peaks are 
blunted or truncated. The result of this can be distortion in the modulation on a radio signal, and 


24-6 AtA, an oscilloscope 
display of the signal 
output waveform from 
a properly operating 
class B power 
amplifier. At B, a 
display showing 
distortion in the 
waveform caused by 


A B overdrive. 
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also an excessive amount of signal output at harmonic frequencies. The efficiency of the circuit can 
be degraded, as well. The flat tops of the distorted waves don’t contribute anything to the strength 
of the signal at the desired frequency, but they cause a higher-than-normal dc power input, which 
translates into a lower-than-normal efficiency. 


Audio Amplification 


The circuits you've seen so far have been general, not application-specific. With capacitors of several 
microfarads, and when biased for class A, these circuits are representative of audio amplifiers. 


Frequency Response 


High-fidelity audio amplifiers, of the kind used in music systems, must have more or less constant gain 
from 20 Hz to 20 kHz. This is a frequency range of 1000:1. Audio amplifiers for voice communica- 
tions must work from 300 Hz to 3 kHz, a 10:1 span of frequencies. In digital communications, audio 
amplifiers are designed to work over a narrow range of frequencies, sometimes less than 100 Hz wide. 

Hi-fi amplifiers are usually equipped with resistor-capacitor (RC) networks that tailor the fre- 
quency response. These are tone controls, also called bass and treble controls. The simplest hi-fi am- 
plifiers use a single knob to control the tone. More sophisticated amplifiers have separate controls, 
one for bass and the other for treble. The most advanced hi-fi systems make use of graphic equaliz- 
ers, having controls that affect the amplifier gain over several different frequency spans. 


Volume Control 


Audio amplifier systems usually consist of two or more stages. A stage is one bipolar transistor or 
FET (or a push-pull combination), plus peripheral resistors and capacitors. Stages can be cascaded 
one after the other to get high gain. In one of the stages in an audio system, a volume control is used. 
This control can be as simple as a potentiometer that allows the gain of a stage to be adjusted with- 
out affecting its linearity. 

An example of a basic volume control is shown in Fig. 24-7. In this amplifier, the gain through 
the transistor is constant. The ac output signal passes through C, and appears across R,, a poten- 
tiometer. The wiper (indicated by the arrow) of the potentiometer picks off more or less of the ac 
output signal, depending on the position of the control shaft. Capacitor C, isolates the potentiome- 
ter from the dc bias of the following stage. 

A volume control should normally be placed in a stage where the audio power level is low. This 
allows the use of a low-wattage, low-cost potentiometer. 


Transformer Coupling 


Transformers can be used to transfer (or couple) signals from one stage to the next in a cascaded am- 
plifier system (also known as an amplifier chain). An example of transformer coupling is shown in 
Fig. 24-8. Capacitors C, and C, keep one end of the transformer primary and secondary at signal 
ground. Resistor R; limits the current through the first transistor, Q;. Resistors R, and R; provide 
the proper base bias for transistor Q,. 

The main disadvantage of this scheme is that it costs more than capacitive coupling. But trans- 
former coupling can provide an optimum signal transfer between amplifier stages. By selecting a 
transformer with the correct turns ratio, the output impedance of Q, can be perfectly matched to 
the input impedance of Q}. 
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24-7 A basic volume control (potentiometer R,) can be used to vary the gain in a 
low-power audio amplifier. 


Tuned-Circuit Coupling 


In some amplifier systems that employ transformer coupling, capacitors are added across the pri- 
mary and/or secondary of the transformer. This results in resonance at a frequency determined by 
the capacitance and the transformer winding inductance. If the set of amplifiers is intended for use 
at only one frequency (and this is often the case in RF systems), this method of coupling, called 
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24-8 An example of transformer coupling between amplifier 
stages. Component designators are discussed in the text. 
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tuned-circuit coupling, enhances the system efficiency. But care must be taken to be sure that the am- 
plifier chain doesnt oscillate at the resonant frequency of the tuned circuits! 


Radio-Frequency Amplification 


The RF spectrum extends upward in frequency to well over 300 GHz. The exact lower limit is a mat- 
ter of disagreement in the literature. Some texts put it at 3 kHz, some at 9 kHz, some at 10 kHz, 
and some at the upper end of the AF range, which is normally considered to be 20 kHz. 


Weak-Signal Amplifiers versus Power Amplifiers 


Some RF amplifiers are designed for weak-signal work. The front end, or first amplifying stage, of a 
radio receiver requires the most sensitive possible amplifier. Sensitivity is determined by two factors: 
the gain, which has already been discussed here, and the noise figure, a measure of how well a circuit 
can amplify desired signals while generating a minimum of electronic noise. 

All bipolar transistors or FE Ts create some white noise because of the movement of the charge 
carriers among the atoms. In general, JFETs produce less noise than bipolar transistors. Gallium ar- 
senide FETs, also called GaAsFETs (pronounced “gasfets”), are the least noisy of all. 

The higher the frequency at which a weak-signal amplifier is designed, the more important the 
noise figure gets. This is because there is less atmospheric noise at the higher radio frequencies, as 
compared with the lower frequencies. At 1.8 MHz, for example, the airwaves contain much atmos- 
pheric noise, and it doesnt make any difference if the receiver introduces a little noise itself. But at 
1.8 GHz, atmospheric noise is almost nonexistent, and receiver performance depends critically on 
the amount of internally generated noise. 

Weak-signal amplifiers almost always use resonant circuits. This optimizes the amplification at the 
desired frequency, while helping to cut out noise on unwanted frequencies. A typical tuned GaAsFET 
weak-signal RF amplifier is diagrammed in Fig. 24-9. It is designed for operation at about 10 MHz. 


Broadband PAs 
At RE, a PA can be either broadband or tuned. The main advantage of a broadband PA is ease of op- 


eration, because it does not need tuning. The operator need not worry about critical adjustments, 
nor bother to change them when changing the frequency. However, broadband PAs are slightly less 
efficient than tuned PAs. Another disadvantage of broadband PAs is the fact that they will amplify 
any signal in the design frequency range, whether or not this is desired. For example, if some earlier 
stage in a radio transmitter is oscillating at a frequency different from the intended signal frequency, 
and if this undesired energy falls within the design frequency range of the broadband PA, it will be 
amplified. The result will be unintended RF emission from the radio transmitter. Such unwanted 
signals are called spurious emissions. 

Figure 24-10 is a schematic diagram of a typical broadband PA. The NPN bipolar transistor is 
a power transistor. It will reliably provide several watts of continuous RF power output over a range 
of frequencies from 1.5 MHz through 15 MHz. The transformers are a critical part of this circuit. 
They must be designed to work efficiently over a 10:1 range of frequencies. 


Tuned PAs 


A tuned RF power amplifier offers improved efficiency compared with broadband designs. Also, the 
tuning helps to reduce the chances of spurious signals being amplified and transmitted over the air. 
Another advantage of tuned PAs is that they can work into a wide range of load impedances. In ad- 
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24-9 A tuned RF amplifier for use at about 10 MHz. Resistances are in ohms. 
Capacitances are in microfarads (UF) if less than 1, and in picofarads (pF) 


if more than 1. Inductances are in microhenrys (uH). 
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24-10 A broadband RF power amplifier, capable of producing a few watts 


output. Resistances are in ohms. Capacitances are in microfarads (UF). 


Inductances are in microhenrys (uH). 
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24-11 A tuned RF power amplifier, capable of producing a few watts output. 
Resistances are in ohms. Capacitances are in microfarads (UF) if less than 
1, and in picofarads (pF) if more than 1. Inductances are in microhenrys 


(uH). 


dition to a tuning control, or resonant circuit that adjusts the output of the amplifier to the operat- 
ing frequency, there is a loading control that optimizes the signal transfer between the amplifier and 
the load (usually an antenna). 

The main drawback of a tuned PA is that the adjustment takes time, and improper adjustment 
can result in damage to the transistor. If the tuning and/or loading controls are out of kilter, the ef- 
ficiency of the amplifier will be extremely low (sometimes practically zero) while the dc collector or 
drain power input is high. Solid-state devices overheat quickly under these conditions. 

A tuned RF PA, providing a few watts output at 10 MHz or so, is shown in Fig. 24-11. The 
transistor is the same type as for the broadband amplifier discussed previously. The tuning and load- 
ing controls (left-hand and right-hand variable capacitors, respectively) should be adjusted for max- 
imum RF power output as indicated by an RF wattmeter. 


How Oscillators Work 


Once you know how amplifiers work, it’s easy to understand oscillators. All oscillators are amplifiers 
with positive feedback. In radio communications, oscillators generate the waves, or signals, that are 
ultimately sent over the air. Audio-frequency oscillators find applications in such devices as music 
synthesizers, modems, doorbells, sirens, alarms, and electronic toys. 


Positive Feedback 


Feedback can be in phase or out of phase. For a circuit to oscillate, the feedback must be in phase 
(positive). Out-of-phase (negative) feedback reduces the gain of an amplifier. In fact, negative feed- 
back is used in some amplifiers to prevent oscillation. 


394 Amplifiers and Oscillators 


The output of a common emitter or common source amplifier is out of phase from the input. 
If you couple the collector to the base through a capacitor, you wont get oscillation. It is necessary 
to reverse the phase in the feedback process in order for oscillation to occur. In addition, the ampli- 
fier gain must be high, and the coupling from the output to the input must be good. The positive 
feedback path must be easy for a signal to follow. Most oscillators are common emitter or common 
source amplifier circuits with positive feedback. 

The output of a common base or common gate amplifier is in phase with the input. But these 
circuits have limited gain, and it’s hard to make them oscillate. Common collector and common 
drain circuits dont have enough gain to make oscillators. 


Feedback at a Single Frequency 


The frequency of an oscillator is controlled by means of tuned, or resonant, circuits. These are usu- 
ally inductance-capacitance (LC) or resistance-capacitance (RC) combinations. The LC scheme is 
common in radio transmitters and receivers; the RC method is more often used in audio work. The 
tuned circuit makes the feedback path easy for a signal to follow at one frequency, but hard to fol- 
low at all other frequencies. As a result, oscillation takes place at a predictable and stable frequency, 
determined by the inductance and capacitance, or by the resistance and capacitance. 


Common Oscillator Circuits 


Many circuit arrangements can be used to produce oscillation. The following several circuits are all 
known as variable-frequency oscillators (VFOs), because their frequencies are adjustable over a wide 
range. 


The Armstrong Circuit 


A common emitter or common source class A amplifier can be made to oscillate by coupling the 
output back to the input through a transformer that reverses the phase of the fed-back signal. The 
schematic diagram of Fig. 24-12 shows a common-source amplifier whose drain circuit is coupled 
to the gate circuit by means of a transformer. The frequency is controlled by a capacitor in series 
with the secondary winding. The inductance of the secondary, along with the capacitance, forms a 
resonant circuit that passes energy easily at one frequency while attenuating the energy at other fre- 
quencies. This circuit is known as an Armstrong oscillator. A bipolar transistor can be used in place 
of the JFET, as long as the device is biased for class A amplification. 


The Hartley Circuit 


Another method of obtaining controlled feedback at RF is shown in Fig. 24-13. In this circuit, a 
PNP bipolar transistor is used. The circuit uses a single coil with a tap on the windings to provide 
the feedback. A variable capacitor in parallel with the coil determines the oscillating frequency, and 
allows for frequency adjustment. This circuit is called a Hartley oscillator. 

In the Hartley circuit, as well as in most other RF oscillator circuits, it is important to use only 
the minimum amount of feedback necessary to get oscillation. The amount of feedback is con- 
trolled by the position of the coil tap. The circuit shown in Fig. 24-13 uses about 25 percent of its 
amplifier power to produce feedback. The other 75 percent of the power can be used as output. 

Oscillators usually produce less than 1 W of RF power output. If more power is needed, the sig- 
nal can be boosted by one or more stages of amplification. 


Lin Vout 
Questions 
A. What would be the input current for a 
transformer if the input power was 12 watts 
at a voltage of 120 Vrms ? — 
B. What would be the transformer's output 


voltage if the turns ratio was 5:1? ——__ 
C. What would be the output current? 
D. What would be the output power? 


Answers 
In AC power calculations, you must use the 
rms values of current and voltage. 
A Pin 12 
in — = =0.1A rms 
V. 120 
B Va _120_ 7y 
Vout a _ e 24 Vims 
TR 5 
C. | out = lin (TR) = 01 x = = 0.5 A rms 
D. P out = V inl out = 24 x 05 = 12 watts 


(same as the power in) 


Inside the Transformer 
In addition to the turns ratio discussed in this 


chapter, the design of transformers 
incorporates a few more aspects. The 
frequency at which a transformer iS expected 


to operate has a big impact on the design 
and composition of the core. Transformers 
with iron cores work well at low frequencies, 
such as 50 or 60 Hz household AC, and even 
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24-12 An Armstrong oscillator using an N-channel JFET. This is a 
common-source amplifier with positive feedback through a tuned 
circuit. 


The Colpitts Circuit 


The capacitance can be tapped, instead of the inductance, in the tuned circuit of an RF oscillator. 
Such a circuit is called a Colpitts oscillator, and a P-channel JFET version is diagrammed in Fig. 24-14. 
The amount of feedback is controlled by the ratio of the capacitances. A variable inductor provides 
for frequency adjustment. This is a matter of convenience, because it can be difficult to find a dual 
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24-13 A Hartley oscillator using a PNP bipolar transistor. 
The Hartley circuit can be recognized by the tapped 
inductor in the tuned LC circuit. 
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24-14 A Colpitts oscillator using a P-channel JFET. The 
Colpitts circuit can be recognized by the split 
capacitance in the tuned LC circuit. 


variable capacitor that maintains the correct ratio of capacitances throughout its tuning range. 
Using fixed capacitors eliminates this problem, and it costs less, too! 

Unfortunately, finding a good variable inductor for use in a Colpitts oscillator can be just about 
as hard as obtaining a suitable dual-gang variable capacitor. A permeability-tuned coil can be used, 
but ferromagnetic cores impair the frequency stability of an RF oscillator. A roller inductor can be 
employed, but these are bulky and expensive. An inductor with several switch-selectable taps can be 
used, but this does not allow for continuous frequency adjustment. Despite these shortcomings, the 
Colpitts circuit offers exceptional stability and reliability when properly designed, and is preferred 
by some engineers for this reason. 


The Clapp Circuit 


A variation of the Colpitts oscillator makes use of series resonance, instead of parallel resonance, in 
the tuned circuit. Otherwise, the circuit is basically the same as the parallel-tuned Colpitts oscilla- 
tor. Figure 24-15 is a schematic diagram of a series-tuned Colpitts oscillator circuit that uses an NPN 
bipolar transistor. This circuit is also known as a Clapp oscillator. Its frequency wont change much 
when high-quality components are used. The Clapp oscillator is a reliable circuit. It isn't hard to get 
it to oscillate and keep it going. Another advantage of the Clapp circuit is that it allows the use of a 
variable capacitor for frequency control, while accomplishing feedback through a capacitive voltage 


divider. 


Getting the Output 
In the Hartley, Colpitts, and Clapp oscillators just described and shown in Figs. 24-13 through 


24-15, the output is taken from the emitter or source, not from the collector or drain. There’s a rea- 
son for this. The output of an oscillator can be taken from the collector or drain, just as is done in 
a common emitter or common-source amplifier to get maximum gain. But in an oscillator, stabil- 
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24-15 A series-tuned Colpitts oscillator, also known as a 
Clapp oscillator. This circuit uses an NPN bipolar 


transistor. 


ity is more important than gain. The stability of an oscillator is better when the output is taken from 
the emitter or source, as compared with taking it from the collector or drain. Variations in the load 
impedance are less likely to affect the frequency of oscillation, and a sudden decrease in load imped- 
ance is less likely to cause the circuit to stop oscillating. 

To prevent the output signal from being short-circuited to ground, an RF choke (RFC) is con- 
nected in series with the emitter or source in the Colpitts and Clapp oscillator circuits. The choke 
lets dc pass while blocking ac (just the opposite of a blocking capacitor). Typical values for RF chokes 
range from about 100 uH at high frequencies, such as 15 MHz, to 10 mH at low frequencies, such 
as 150 kHz. 


The Voltage-Controlled Oscillator 


The frequency of a VFO can be adjusted by means of a varactor diode in the tuned LC circuit. Re- 
call that a varactor, also called a varicap, is a semiconductor diode that works as a variable capacitor 
when it is reverse-biased. The capacitance depends on the reverse-bias voltage. The greater this volt- 
age, the lower the value of the capacitance. 

The Hartley and Clapp oscillator circuits lend themselves well to varactor-diode frequency con- 
trol. The varactor is placed in series or parallel with the tuning capacitor, and is isolated for dc by 
blocking capacitors. In Chap. 20, we saw an example of how a varactor can be connected in a tuned 
circuit (Fig. 20-9). The resulting oscillator is called a voltage-controlled oscillator (VCO). 

Varactors are cheaper than variable capacitors or inductors. They're also less bulky. These are the 


chief advantages of a VCO over an old-fashioned LC tuned VFO. 


Diode Oscillators 


At ultrahigh frequencies (UHF) and microwave radio frequencies, certain types of diodes can be 
used as oscillators. You learned about these diodes in Chap. 20. 
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Crystal-Controlled Oscillators 


Quartz crystals can be used in place of tuned LC circuits in RF oscillators, as long as it isn’t necessary 
to change the frequency often. Crystal oscillators offer frequency stability far superior to that of LC 
tuned VFOs. 

There are several ways that crystals can be connected in bipolar or FET circuits to get oscilla- 
tion. One common circuit is the Pierce oscillator. An N-channel JFET and quartz crystal are con- 
nected in a Pierce configuration as shown in the schematic diagram of Fig. 24-16. The crystal 
frequency can be varied somewhat (by about 0.1 percent, or 1 part in 1000) by means of an induc- 
tor or capacitor in parallel with the crystal. But the frequency is determined mainly by the thickness 
of the quartz wafer, and by the angle at which it is cut from the original quartz sample. 

Crystals change in frequency as the temperature changes. But they are far more stable than LC 
circuits, most of the time. Some crystal oscillators are housed in temperature-controlled chambers 
called crystal ovens. In this environment, crystals maintain their frequency so well that they are some- 
times used as frequency standards against which other oscillators are calibrated. 


The Phase-Locked Loop 


One type of oscillator that combines the flexibility of a VFO with the stability of a crystal oscillator 
is known as a phase-locked loop (PLL). This makes use of a circuit called a frequency synthesizer. 

The heart of the PLL is a VCO. The output of this oscillator passes through a programmable 
multiplier/divider, a digital circuit that divides and/or multiplies the VCO frequency by integral 
(whole-number) values chosen by the operator. As a result, the output frequency can be any rational- 
number multiple of the crystal frequency. A well-designed PLL circuit can be tuned in small digital 
increments over a wide range of frequencies. 

The output frequency of the multiplier/divider is locked, by means of a phase comparator, to the 
signal from a crystal-controlled reference oscillator. As long as the output from the multiplier/divider 
is exactly on the reference oscillator frequency, the two signals are in phase, and the output of the 
phase comparator is O V dc. If the VCO frequency begins to drift, the output frequency of the 
multiplier/divider will drift, too (although at a different rate). But even a frequency change of less 
than 1 Hz causes the phase comparator to produce a dc error voltage. This error voltage is either pos- 
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Eo 24-16 A Pierce oscillator 


Output circuit using an 
N-channel JFET. 
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24-17 Block diagram of a 
phase-locked loop 
(PLL). 


itive or negative, depending on whether the VCO has drifted higher or lower in frequency. The error 
voltage is applied to a varactor, causing the VCO frequency to change in a direction opposite to that 
of the drift. This forms a de feedback circuit that maintains the VCO frequency at a precise value. It 
is a loop circuit that Jocks the VCO onto a particular frequency by means of phase sensing, hence the 
term phase-locked loop (PLL). 

The key to the stability of the PLL lies in the fact that the reference oscillator is crystal- 
controlled. A block diagram of a PLL circuit is shown in Fig. 24-17. When you hear that a radio re- 
ceiver, transmitter, or transceiver is synthesized, it usually means that the frequency is determined 
by a PLL. 

The stability of a synthesizer can be enhanced by using an amplified signal from the shortwave 
time-and-frequency broadcast station WWV at 2.5, 5, 10, or 15 MHz, directly as the reference 
oscillator. These signals are frequency-exact to a minuscule fraction of 1 Hz, because they are con- 
trolled by atomic clocks. Most people don’t need precision of this caliber, so you wont see consumer 
devices like ham radios and shortwave receivers with primary-standard PLL frequency synthesis. But 
it is employed by some corporations and government agencies. 


Oscillator Stability 


In an oscillator, the term stability has two meanings: constancy of frequency (or minimal frequency 


drift), and reliability of performance. 


Constancy of Frequency 


When designing a VFO of any kind, it’s essential that the components maintain constant values, as 
much as possible, under all anticipated conditions. Some types of capacitors maintain their values bet- 
ter than others as the temperature rises or falls. Among the best are polystyrene capacitors. Silver-mica 
capacitors also work well when polystyrene units cant be found. Inductors are most temperature- 
stable when they have air cores. They should be wound, when possible, from stiff wire with strips 
of plastic to keep the windings in place. Some air-core coils are wound on hollow cylindrical cores, 
made of ceramic or phenolic material. Ferromagnetic solenoidal or toroidal cores aren't very good for 
VFO coils, because these materials change their permeability as the temperature varies. This changes 
the inductance, in turn affecting the oscillator frequency. 
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The best oscillators, in terms of frequency stability, are crystal-controlled. This includes circuits 
that oscillate at the fundamental frequency of the quartz crystal, circuits that oscillate at one of the 
crystal harmonic frequencies, or circuits that oscillate at frequencies derived from the crystal fre- 
quency by multiplier/dividers. 


Reliability 

An oscillator should always start working as soon as power is supplied. It should keep oscillating 
under all normal conditions. The failure of a single oscillator can cause an entire receiver, transmit- 
ter, or transceiver to stop working. 

When an oscillator is built and put to use in a radio receiver, transmitter, or audio device, de- 
bugging is always necessary. This is a trial-and-error process of getting the flaws, or bugs, out of the 
circuit. Rarely can an engineer build something straight from the drawing board and have it work 
just right the first time. In fact, if two oscillators are built from the same diagram, with the same 
component types and values in the same geometric arrangement, one circuit might work fine, and 
the other might not. This usually happens because of differences in the quality of components that 
dont show up until the acid test. 

Oscillators are designed to work into a certain range of load impedances. It’s important that 
the load impedance not be too low. (You need never be concerned that it might be too high. In 
general, the higher the load impedance, the better.) If the load impedance is too low, the load will 
draw significant power from an oscillator. Then, even a well-designed oscillator might become un- 
stable. Oscillators arent meant to produce powerful signals. High power can be obtained using am- 
plification after the oscillator. 


Audio Oscillators 


Audio oscillators are used in myriad electronic devices including doorbells, ambulance sirens, elec- 
tronic games, telephone sets, and toys that play musical tunes. All AF oscillators are, in effect, AF 
amplifiers with positive feedback. 


Audio Waveforms 


At AK, oscillators can use RC or LC combinations to determine frequency. If LC circuits are used, 
the inductances must be large, and ferromagnetic cores are necessary. 

At RE oscillators are usually designed to produce a sine wave output. A pure sine wave represents 
energy at one and only one frequency. Audio oscillators, by contrast, dont always concentrate all their 
energy at a single frequency. (A pure AF sine wave, especially if it is continuous and frequency- 
constant, can be annoying.) The various musical instruments in a band or orchestra all sound dif- 
ferent from each other, even when they play the same note (such as middle C). The reason for this 
is that each instrument has its own unique waveform. A clarinet sounds different than a trumpet, 
which in turn sounds different than a cello or piano. 

Suppose you were to use an oscilloscope to look at the waveforms of musical instruments. 
This can be done using a high-fidelity microphone, a sensitive, low-distortion audio amplifier, 
and an oscilloscope. Youd see that each instrument has its own signature. Thus, each instrument's 
unique sound qualities can be reproduced using AF oscillators whose waveform outputs match 
those of the instrument. Electronic music synthesizers use audio oscillators to generate the tones 
you hear. 
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The Twin T Oscillator 


An audio oscillator circuit that is popular for general-purpose use is the twin T oscillator (Fig. 24-18). 
The frequency is determined by the values of the resistors R and capacitors C. The output is a near- 
perfect sine wave. The small amount of distortion helps to alleviate the irritation produced by an ab- 
solutely pure sinusoid. The circuit shown in this example uses two PNP bipolar transistors. They are 
biased for class A amplification. 


The Multivibrator 


Another popular AF oscillator circuit makes use of two identical common emitter or common 
source amplifier circuits, hooked up so that the signal goes around and around between them. This 
is sometimes called a multivibrator circuit, although that is technically a misnomer, the term being 
more appropriate to various digital signal-generating circuits. 

In the example of Fig. 24-19, two N-channel JFETs are connected to form a multivibrator for 
use at AF Each stage amplifies the signal in class A, and reverses the phase by 180°. Therefore, the 
signal goes through a 360° phase shift each time it gets back to any particular point. A 360° phase 
shift is equivalent to no phase shift at all, so it results in positive feedback. 
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24-18 A twin T audio oscillator using two PNP bipolar 
transistors. The frequency is determined by the 
values of the resistors R and the capacitors C. 
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24-19 A multivibrator audio oscillator using two N-channel JFETs. The 
frequency is determined by the value of the inductor L and the 
capacitor C. 


The frequency of the circuit shown in Fig. 24-19 is set by means of an LC circuit. The coil uses a 
ferromagnetic core, because stability is not of great concern and because such a core is necessary to ob- 
tain the large inductance needed for resonance at AE Toroidal cores or pot cores are excellent in this 
application. The value of Z can range from about 10 mH to as much as 1 H. The capacitance is cho- 
sen according to the formula for resonant circuits, to obtain an audio tone at the frequency desired. 


IC Oscillators 


In recent years, solid-state technology has advanced to the point that whole circuits can be etched 
onto silicon chips. Such devices are called integrated circuits (ICs). The operational amplifier, also 
called an op amp, is a type of IC that is especially useful as an audio oscillator because it has high 
gain, and it can easily be connected to produce positive feedback. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 
1. The decibel is a unit of 


(a) relative signal strength. 


(b) voltage. 
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(c) power. 
(d) current. 

2. An oscillator at RE requires the use of 
(a) a common drain or common collector circuit. 
(b) 
(c) 


(d) a quartz crystal. 


a stage with gain. 


a tapped coil. 


3. Suppose a circuit is found to have a gain figure of —15 dB. Which of the following statements 
1s true? 


(a) The output signal is stronger than the input signal. 
(b) 
(c) 


(d) The output signal is 15 times as strong as the input signal. 


The input signal is stronger than the output signal. 


The input signal is 15 times as strong as the output signal. 


4. In an oscillator circuit, the feedback should be 
(a) as great as possible. 
(b) 
(c) 


(d) done through a transformer whose wires can be switched easily. 


kept to a minimum. 


just enough to sustain oscillation. 


5. A power gain of 44 dB is equivalent to which of the following output/input power ratios? 
(a) 44:1 
(b) 160:1 
(c) 440:1 
(d) 25,000:1 
6. An RF choke 
(a) passes RF signals but blocks dc. 
(b) passes both RF signals and dc. 
(c) passes dc but blocks RF signals. 
(d) blocks both dc and RF signals. 
7. The optimum capacitance values in an amplifier circuit depend on 
(a) the power-supply voltage. 
(b) 
(c) 
(d) the input signal frequency. 


the power-supply polarity. 
the input signal strength. 


8. An oscillator might fail to start for any of the following reasons, except 
(a) low battery voltage. 
(b) low stage gain. 
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9. 


(c) in-phase feedback. 
(d) a high-impedance load. 


In which of the following FET amplifier types does drain current flow for exactly 50 percent 


of the signal cycle? 


10. 


11. 


(a) Class A 
(b) Class AB, 
(c) Class AB, 
(d) Class B 


The frequency at which a quartz crystal oscillator produces energy is largely dependent on 
(a) the load impedance. 

(b) the physical thickness of the quartz wafer. 

(c) the amount of resistance through the crystal. 


(d) the power-supply voltage. 


Which bipolar amplifier type has some distortion in the signal wave, with collector current 


during most, but not all, of the cycle? 


1% 


13. 


14. 


15. 


(a) Class A 
(b) Class AB, 
(c) Class AB, 
(d) Class B 


An RF oscillator usually 
(a) 
(b) 


(c) produces a sound that depends on its waveform. 


produces an output signal with an irregular waveshape. 


has most or all of its energy at a single frequency. 


(d) employs an RC circuit to determine the output amplitude. 


A class C amplifier can be made linear by 


(a) reducing the bias. 


roy 


b) increasing the drive. 
(c) using two transistors in push-pull. 


(d) no means; a class C amplifier is always nonlinear. 


A frequency synthesizer has 
(a) high power output. 

(b) high frequency drift rate. 
(c) exceptional stability. 

(d) an adjustable waveshape. 


A graphic equalizer is a form of 


(a) bias control for an NPN bipolar transistor. 


at audio frequencies. Transformers used at 
these frequencies are often made of 
laminated sheets of iron, instead of one solid 
piece of iron, which increases the electrical 


resistance of the core, which reduces the 
eddy current. The eddy cu r rent iS an 
electrical current induced in the core by the 
fluctuating magnetic field that reduces the 
efficiency of transformers. 

Reducing the eddy current IS especially 
important at high frequencies. A transformer 
designed to work in the MHz range requires 
a core with higher electrical resistance to 
reduce the eddy current. Therefore, 
high-frequency transformers have cores made 
of different materials, such as iron oxides 
(called fe r rites ) or powdered iron. 
Transformers are rated for a particular 


frequency range, which you can find either in 
the supplier's catalog or in the manufacturer's 

data sheet. 

The maximum power that can pass through 
a transformer is stated as a VA rating . VA 
stands for “volts x amperes” and IS 
dependent upon factors such as the gauge of 
wire used. The VA rating makes it easy to 


calculate the maximum amperage when you 
know the voltage your circuit requires. 

Transformers may also be rated by their 
input and output impedance at a particular 


frequency stated in the data sheet. 
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(b) gain control for an RF oscillator. 
(c) tone control that can be used in an audio amplifier. 


(d) circuit for adjusting the waveform of an RF oscillator. 


16. If the impedance of the load connected to the output of an oscillator is extremely high, 
(a) the frequency will drift excessively. 
(b) the power output will be reduced. 
(c) the oscillator might fail to start. 
(d) it is no cause for concern; in fact, it is a good thing. 
17. Suppose a certain bipolar-transistor PA is 66 percent efficient. The output power is 33 W. 
The dc collector power input is 
(a) 22 W. 
(b) 50 W. 
(c) 2.2 W. 


(d) impossible to determine without more information. 


18. The arrangement in the block diagram of Fig. 24-20 represents 
(a) a waveform analyzer. 
(b) an audio oscillator. 
(c) an RF oscillator. 


(d) a sine wave generator. 


19. A tuned RF PA must always be 
(a) set to work over a wide range of frequencies. 
(b) adjusted for maximum power output. 
(c) operated at an even harmonic of the input frequency. 


(d) operated in class C. 


Amplifier 
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Microphone Somi 
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Amplifier output f 
input 


24-20 Illustration for Quiz Question 18. 
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20. Class B amplification can be used to obtain low distortion for audio applications 


(a) by connecting two amplifiers in cascade, thereby maximizing the gain and generating a 
pure sine wave output. 


(b) by biasing the bipolar transistor or FET beyond cutoff or pinchoff, thereby ensuring that 
the output is in phase with the input. 


(c) by connecting two identical bipolar transistors or FETs, biased exactly at cutoff or 
pinchoff, in a push-pull configuration. 


(d) by biasing the bipolar transistor or FET in the middle of the straight-line portion of the 
characteristic curve. 
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CHAPTER 


Wireless Transmitters 
and Receivers 


IN RADIO OR WIRELESS COMMUNICATIONS, A TRANSMITTER CONVERTS DATA INTO ELECTROMAGNETIC 
(EM) waves intended for recovery by one or more receivers. In this chapter, we'll look at how data is 
converted to EM waves and transmitted, and then examine how the resulting EM fields can be in- 
tercepted and received. 


Oscillation and Amplitication 


A radio transmitter employs one or more oscillators to generate an RF signal, and amplifiers to gen- 
erate the required power output. You just learned how these circuits work. Most transmitters have 
mixers in addition to the oscillating and amplifying stages. Signal mixing is commonly done with 
diodes, and was discussed in Chap. 20. 


Modulation 


Modulation is the process of writing data onto an electric current or EM wave. The process can be 
done by varying the amplitude, the frequency, or the phase of the current or wave. Another method 
is to transmit a series of pulses, whose duration, amplitude, or spacing is made to vary. 


The Carrier 


The heart of a wireless signal is a sine wave known as the carrier. The lowest carrier frequency used 
for radio communications is a few kilohertz (kHz). The highest frequency is in the hundreds of giga- 
hertz (GHz). For efficient data transfer, the carrier frequency must be at least 10 times the highest 
frequency of the modulating signal. 


On/Off Keying 
The simplest form of modulation is on/off keying. This can be done in the oscillator of a radio 


transmitter to send Morse code, which is a binary digital mode. The duration of a Morse-code dot 
is one bit (binary digit). A dash is 3 bits long. The space between dots and dashes within a charac- 
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ter is 1 bit. The space between characters in a word is 3 bits. The space between words is 
7 bits. The key-down (full-carrier) condition is called mark, and the key-up (no-signal) condition 
is called space. 

Morse code is slow. Human operators use speeds ranging from about 5 words per minute 
(wpm) to 40 or 50 wpm. A few human operators can work at 60 to 70 wpm. These people usually 
copy the signals in their heads. 


Frequency-Shift Keying 

Digital data can be sent over wireless links by means of frequency-shift keying (FSK). In some FSK 
systems, the carrier frequency is shifted between mark and space conditions, usually by a few hun- 
dred hertz or less. In other systems, a two-tone audio-frequency (AF) sine wave modulates the car- 
rier. This is known as audio-frequency-shift keying (AFSK). 

The two most common codes used with FSK and AFSK are Baudot (pronounced “baw-DOE”) 
and ASCII (pronounced “ASK-ee”). The acronym ASCU stands for American Standard Code for In- 
formation Interchange. 

In radioteletype (RT TY) FSK and AFSK systems, a terminal unit (TU) converts the digital sig- 
nals into electrical impulses that operate a teleprinter or display characters on a computer screen. 
The TU also generates the signals necessary to send RTTY as an operator types on a keyboard. A de- 
vice that sends and receives AFSK is sometimes called a modem. This acronym stands for modulator/ 
demodulator. A modem is basically the same as a TU. Figure 25-1 is a block diagram of an AFSK 
transmitter. 

The main advantage of FSK or AFSK over on/off keying is the fact that there are fewer errors 
or misprints, because the space part of the signal is identified as such, rather than existing as a gap 
or pause in the data. A sudden noise burst in an on/off keyed signal can confuse a receiver into read- 
ing the space as a mark signal, but when the space is positively represented by its own signal, this is 


less likely to happen. 


Antenna 


Oscillator Modulator Amplifier 


2-tone 
oscillator 


Power 
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25-1 Simplified block diagram of an AFSK transmitter. 
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Amplitude Modulation 


An AF voice signal has frequencies mostly in the range between 300 Hz and 3 kHz. Some charac- 
teristic of an RF carrier can be varied, or modulated, by these waveforms, thereby transmitting voice 
information. Figure 25-2 shows a simple circuit for obtaining amplitude modulation (AM). This cir- 
cuit can be imagined as an RF amplifier for the carrier, with the instantaneous gain dependent on 
the instantaneous audio input amplitude. Another way to think of this circuit is as a mixer that 
combines the RF carrier and audio signals to produce sum and difference signals at frequencies just 
above and below that of the carrier. 

The circuit shown in Fig. 25-2 works well, provided the AF input amplitude is not too great. If 
the AF input is excessive, then distortion occurs, intelligibility is degraded, system efficiency is re- 
duced, and the bandwidth of the signal is increased unnecessarily. 

The extent of AM is expressed as a percentage, from 0 percent (an unmodulated carrier) to 
100 percent (full modulation). Increasing the modulation past 100 percent causes the same prob- 
lems as excessive AF input. In an AM signal modulated 100 percent, Y of the power is used to convey 
the data, and the other 73 is consumed by the carrier wave. 

Figure 25-3 shows a spectral display of an AM voice radio signal. The horizontal scale is cali- 
brated in increments of 1 kHz per division. Each vertical division represents 3 dB of change in sig- 
nal strength. The maximum (reference) amplitude is 0 dB relative to 1 mW (abbreviated as 0 dBm). 
The data exists in sidebands above and below the carrier frequency. These sidebands resemble the 
sum and difference signals produced by a mixer. In this case the mixing occurs between the AF input 
signal and the RF carrier. The RF between —3 kHz and the carrier frequency constitutes the lower 
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25-2 An amplitude modulator using an NPN bipolar transistor. 
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25-3 Spectral display of a typical AM voice 


communications signal. 


sideband (LSB); the RF from the carrier frequency to +3 kHz represents the upper sideband (USB). 
The bandwidth is the difference between the maximum and minimum sideband frequencies, in this 
case 6 kHz. 

In an AM signal, the bandwidth is twice the highest audio modulating frequency. In the exam- 
ple of Fig. 25-3, all the voice energy is at or below 3 kHz, so the signal bandwidth is 6 kHz. This is 
typical of a communications signal. In standard AM broadcasting, the AF energy is spread over a 


wider bandwidth, nominally 10 kHz. 


Single Sideband 


In AM, most of the RF signal power is consumed by the carrier alone; the two sidebands are mirror- 
image duplicates. This is inefficient, and is also unnecessarily redundant! If the carrier and one of 
the sidebands is eliminated, these shortcomings can be overcome. That makes the signal stronger for 
a given amount of RF power, or allows the use of lower RF power in a given communications sce- 
nario. Another bonus is the fact that the bandwidth is reduced to less than half that of an AM sig- 
nal modulated with the same data, so more than twice as many signals can fit into a specific range, 
or band, of frequencies. 

When the carrier is removed from an AM signal along with one of the sidebands, the remain- 
ing RF energy has a spectral display resembling Fig. 25-4. This is single sideband (SSB) transmission. 
Either the LSB or the USB alone can be used, with equally good results. 
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25-4 Spectral display of a typical SSB voice 
communications signal. In this example, the carrier 
and the USB energy are eliminated, leaving only the 
LSB energy. 


An SSB signal can be obtained with a balanced modulator, which is an amplitude modulator/ 
amplifier using two transistors with the inputs in push-pull and the outputs in parallel (Fig. 25-5). 
This cancels the carrier wave in the output, leaving only LSB and USB energy. The result is a dou- 
ble sideband suppressed carrier (DSBSC) signal, often called simply double sideband (DSB). At some 
stage following the balanced modulator, one of the sidebands is removed from the DSB signal by a 
bandpass filter to obtain an SSB signal. 

Figure 25-6 is a block diagram of a simple SSB transmitter. The balanced modulator is placed 
in a low-power section of the transmitter. The RF amplifiers that follow any type of amplitude mod- 
ulator, including a balanced modulator, must all be linear to avoid distortion and unnecessary 
spreading of signal bandwidth (“splatter”). They generally work in class A, except for the PA, which 


works in class AB or class B. 


Frequency and Phase Modulation 


In frequency modulation (FM), the instantaneous amplitude of a signal remains constant, and 
the instantaneous frequency is varied instead. A nonlinear PA such as a class C amplifier can be 
used in an FM transmitter without causing signal distortion, because the amplitude does not 
fluctuate. 
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25-5 A balanced modulator using two NPN bipolar transistors. The inputs are in 
push-pull, but the outputs are in parallel. 
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25-6 Block diagram of a basic SSB transmitter. 
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Frequency modulation can be obtained by applying the audio signal to a varactor in a tuned 
oscillator. An example of this scheme, known as reactance modulation, is shown in Fig. 25-7. 
The varying voltage across the varactor causes its capacitance to change in accordance with the 
audio waveform. The changing capacitance results in variation of the resonant frequency of the 
inductance-capacitance (LC) tuned circuit, causing small fluctuations in the frequency generated 
by the oscillator. 

Another way to get FM is to modulate the phase of the oscillator signal. This causes small vari- 
ations in the frequency, because any instantaneous phase change shows up as an instantaneous fre- 
quency change (and vice versa). When phase modulation is used, the audio signal must be processed, 
adjusting the frequency response of the audio amplifiers. Otherwise the signal will sound unnatural 
when it is received. 

Deviation is the maximum extent to which the instantaneous-carrier frequency differs from the 
unmodulated-carrier frequency. For most FM voice communications transmitters, the deviation is 
standardized at +5 kHz. This is known as narrowband FM (NBFM). The bandwidth of an NBFM 
signal is comparable to that of an AM signal containing the same modulating information. In FM 
hi-fi music broadcasting, and in some other applications, the deviation is much greater than 
+5 kHz. This is called wideband FM (WBFM). 

The deviation obtainable by means of direct FM is greater, for a given oscillator frequency, than 
the deviation that can be obtained by means of phase modulation. The deviation of a signal can be 
increased by a frequency multiplier. When an FM signal is passed through a frequency multiplier, the 
deviation is multiplied along with the carrier frequency. 

The deviation in an FM signal should be equal to the highest modulating audio frequency if 
optimum fidelity is to be obtained. Thus, +5 kHz is more than enough for voice. For music, a de- 
viation of +15 kHz or even +20 kHz is required for good reproduction when the signal is received. 
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25-7 Generation of FM by reactance modulation of a Colpitts 
oscillator. Other oscillator types can be similarly modified. 
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In any FM signal, the ratio of the frequency deviation to the highest modulating audio fre- 
quency is called the modulation index. Ideally, this figure is between 1:1 and 2:1. If it is less than 1:1, 
the signal sounds muffled or distorted, and efficiency is sacrificed. Increasing it beyond 2:1 broad- 
ens the bandwidth without providing significant improvement in intelligibility or fidelity. 


Pulse Modulation 


Another method of modulation works by varying some aspect of a constant stream of signal pulses. 
Several types of pulse modulation (PM) are briefly described in the following sections. They are dia- 
grammed in Fig. 25-8 as amplitude-versus-time graphs. The modulating waveform in each case is 
shown as a dashed curve, and the pulses are shown as vertical gray bars. 
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25-8 Time-domain graphs of various modes of pulse modulation. At A, pulse 
amplitude modulation; at B, pulse width modulation; at C, pulse interval 
modulation; at D, pulse code modulation. 


Transformers in 
Communications Circuits 


14 In communications circuits, an input signal 
is often received via a long interconnecting 
wire (usually called a line ) that normally has 


an impedance of 600 ohms. A typical 
example is a telephone line between two 
cities. 
Question 
Communications equipment works best when 
connected to a load that has the same 
impedance as the output of the equipment. 
What output impedance should 
communications equipment have? —___ 
Answer 
600 ohms output impedance, to be connected 
to a 600-ohm line 

15 Because most electronic equipment 
does not have a 600-ohm output impedance, 
a transformer is often used to connect such 
equipment to a line. Often, the transformer IS 
built into the equipment for convenience. The 
transformer is used to “match” the equipment 


to the line, as shown in Figure 10.10 . 
Figure 10.10 


Equip- 


ment Line 
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Pulse Amplitude Modulation 


In pulse amplitude modulation (PAM), the strength of each individual pulse varies according to the 
modulating waveform. In this respect, PAM resembles AM. An amplitude-versus-time graph of a hy- 
pothetical PAM signal is shown in Fig. 25-8A. Normally, the pulse amplitude increases as the instan- 
taneous modulating-signal level increases (positive PAM). But this can be reversed, so higher audio 
levels cause the pulse amplitude to go down (negative PAM). Then the signal pulses are at their 
strongest when there is no modulation. The transmitter works a little harder if negative PAM is used. 


Pulse Width Modulation 


Another way to change the transmitter output is to vary the width (duration) of the pulses. This is 
called pulse width modulation (PWM) or pulse duration modulation (PDM), and is shown in Fig. 
25-8B. Normally, the pulse width increases as the instantaneous modulating-signal level increases 
(positive PWM). But this can be reversed (negative PWM). The transmitter must work harder to ac- 
complish negative PWM. Either way, the peak pulse amplitude remains constant. 


Pulse Interval Modulation 


Even if all the pulses have the same amplitude and the same duration, modulation can still be accom- 
plished by varying how often they occur. In PAM and PWM, the pulses are always sent at the same 
time interval, known as the sampling interval. But in pulse interval modulation (PIM), also called pulse 
frequency modulation (PFM), pulses can occur more or less frequently than they do when there is no 
modulation. A hypothetical PIM signal is shown in Fig. 25-8C. Every pulse has the same amplitude 
and the same duration, but the time interval between them changes. When there is no modulation, 
the pulses are evenly spaced with respect to time. An increase in the instantaneous data amplitude 
might cause pulses to be sent more often, as is the case in Fig. 25-8C ( positive PIM). Or, an increase 
in instantaneous data level might slow down the rate at which the pulses are sent (negative PIM). 


Pulse Code Modulation 


In recent years, the transmission of data has been done more and more by digital means. In digital 
communications, the modulating data attains only certain defined states, rather than continuously 
varying. Digital transmission offers better efficiency than analog transmission. With digital modes, 
the signal-to-noise (S/N) ratio is better, the bandwidth is narrower, and there are fewer errors. In 
pulse-code modulation (PCM), any of the above aspects—amplitude, duration, or interval—of a 
pulse sequence (or pulse train) can be varied. But rather than having infinitely many possible states, 
there are finitely many. The number of states is a power of 2, such as 4, 8, or 16. The greater the 


number of states, the better the fidelity. An example of 8-level PCM is shown in Fig. 25-8D. 


Analog-to-Digital Conversion 


Pulse code modulation, such as is shown at Fig. 25-8D, is one form of analog-to-digital (A/D) con- 
version. A voice signal, or any continuously variable signal, can be digitized, or converted into a train 
of pulses whose amplitudes can achieve only certain defined levels. 


Resolution 


In A/D conversion, the number of states is always a power of 2, so that it can be represented as a 
binary-number code. Fidelity improves as the exponent increases. The number of states is called the 
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sampling resolution, or simply the resolution. A resolution of 2° = 8 (as shown in Fig. 25-8D) is good 
enough for voice transmission, and is the standard for commercial digital voice circuits. A resolu- 
tion of 2* = 16 is adequate for high-fidelity (hi-fi) music reproduction. 


Sampling Rate 


The efficiency with which a signal can be digitized depends on the frequency at which sampling is 
done. In general, the sampling rate must be at least twice the highest data frequency. For an audio 
signal with components as high as 3 kHz, the minimum sampling rate for effective digitization is 
6 kHz; the commercial voice standard is 8 kHz. For hi-fi digital transmission, the standard sampling 
rate is 44.1 kHz, a little more than twice the frequency of the highest audible sound (approximately 
20 kHz). 


Image Transmission 


Nonmoving images can be sent within the same bandwidth as voice signals. For high-resolution, 
moving images, the necessary bandwidth is greater. 


Facsimile 


Nonmoving images (also called still images) are commonly transmitted by facsimile, also called fax. 
If data is sent slowly enough, any amount of detail can be transmitted within a 3-kHz-wide band, 
the standard for voice communications. This is why detailed fax images can be sent over a plain old 
telephone service (POTS) line. 

In an electromechanical fax machine, a paper document or photo is wrapped around a drum. 
The drum is rotated at a slow, controlled rate. A spot of light scans from left to right; the drum 
moves the document so a single line is scanned with each pass of the light spot. This continues, line 
by line, until the complete frame (image) has been scanned. The reflected light is picked up by a 
photodetector. Dark parts of the image reflect less light than bright parts, so the current through the 
photodetector varies. This current modulates a carrier in one of the modes described earlier, such as 
AM, FM, or SSB. Typically, black is sent as a 1.5-kHz audio sine wave, and white as a 2.3-kHz 
audio sine wave. Gray shades produce audio sine waves having frequencies between these extremes. 

At the receiver, the scanning rate and pattern can be duplicated, and a cathode-ray tube (CRT), 
liquid crystal display (LCD), or printer can be used to reproduce the image in grayscale (shades of 


gray ranging from black to white, without color). 


Slow-Scan Television 


One way to think of slow-scan television (SSTV) is to imagine “fast fax.” An SSTV signal, like a fax 
signal, is sent within a band of frequencies as narrow as that of a human voice. And, like fax, SSTV 
transmission is of still pictures, not moving ones. The big difference between SSTV and fax is that 
SSTV images are sent in much less time. The time required to send a complete frame (image or 
scene) is 8 seconds, rather than several minutes. This speed bonus comes with a tradeoff: lower res- 
olution, meaning less image detail. 

Some SSTV signals are received on CRT displays. A computer can be programmed so that its 
monitor will act as an SSTV receiver. Converters are also available that allow SSTV signals to be 
viewed on a consumer-type TV set. 
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An SSTV frame has 120 lines. The black and white frequencies are the same as for fax transmis- 
sion; the darkest parts of the picture are sent at 1.5 kHz and the brightest at 2.3 kHz. Synchroniza- 
tion (sync) pulses, that keep the receiving apparatus in step with the transmitter, are sent at 1.2 kHz. 
A vertical sync pulse tells the receiver that it’s time to begin a new frame; it lasts for 30 milliseconds 
(ms). A horizontal sync pulse tells the receiver that it’s time to start a new line in a frame; its duration 
is 5 ms. These pulses prevent rolling (haphazard vertical image motion) or tearing (lack of horizon- 
tal synchronization). 


Fast-Scan Television 


Conventional television is also known as fast-scan TV (FSTV). The frames are transmitted at the rate 
of 30 per second. There are 525 lines per frame. The quick frame time, and the increased resolution, 
of ESTV make it necessary to use a much wider frequency band than is the case with fax or SSTV. 
A typical video FESTV signal takes up 6 MHz of spectrum space, or 2000 times the bandwidth of a 
fax or SSTV signal. 

Fast-scan TV is almost always sent using conventional AM. Wideband FM can also be used. 
With AM, one of the sidebands can be filtered out, leaving just the carrier and the other sideband. 
This mode is called vestigial sideband (VSB) transmission. It cuts the bandwidth of an FSTV signal 
down to about 3 MHz. 

Because of the large amount of spectrum space needed to send ESTV, this mode isn’t practical 
at frequencies below about 30 MHz. All commercial FSTV transmission is done above 50 MHz, 
with the great majority of channels having frequencies far higher than this. Channels 2 through 13 
on your TV receiver are sometimes called the very high frequency (VHF) channels; the higher chan- 
nels are called the ultrahigh frequency (UHE) channels. 

Figure 25-9 is a time-domain graph of the waveform of a single line in an FST'V video signal. 
This represents /525 of a complete frame. The highest instantaneous signal amplitude corresponds 
to the blackest shade, and the lowest amplitude to the lightest shade. Thus, the FESTV signal is sent 
negatively. The reason that FSTV signals are sent this way is that retracing (moving from the end of 
one line to the beginning of the next) must be synchronized between the transmitter and receiver. 
This is guaranteed by a defined, strong blanking pulse. This pulse tells the receiver when to retrace; 
it also shuts off the beam while the receiver display is retracing. Have you noticed that weak TV sig- 
nals have poor contrast? (You have, if you're old enough to remember “rabbit ears”!) Weakened 
blanking pulses result in incomplete retrace blanking. But this is better than having the TV receiver 
completely lose track of when it should retrace. 

Color FSTV works by sending three separate monochromatic signals, corresponding to the pri- 
mary colors red, blue, and green. The signals are literally black-and-red, black-and-blue, and black- 
and-green. These are recombined at the receiver and displayed on the screen as a fine, interwoven 
matrix of red, blue, and green dots. When viewed from a distance, the dots are too small to be indi- 
vidually discernible. Various combinations of red, blue, and green intensities result in reproduction 
of all possible hues and saturations of color. 


High-Detinition Television 


The term high-definition television (HDTV) refers to any of several similar methods for getting more 
detail into a TV picture, and for obtaining better audio quality, compared with standard FSTV, 

A standard FSTV picture has 525 lines per frame, but HDTV systems have between 787 and 
1125 lines per frame. The image is scanned about 60 times per second. High-definition TV is often 
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25-9 ‘Time-domain graph of a single line in an ESTV video frame. 


sent in a digital mode; this offers another advantage over conventional ESTV. Digital signals prop- 
agate better, are easier to deal with when they are weak, and can be processed in ways that analog 
signals cannot. 

Some HDTV systems use interlacing in which two rasters are meshed together. This effectively 
doubles the image resolution without doubling the cost of the hardware. But it can cause annoying 
jitter in fast-moving or fast-changing images. 


Digital Satellite TV 


Until the early 1990s, a satellite television installation required a dish antenna several feet in diam- 
eter. A few such systems are still in use. The antennas are expensive, they attract attention (some- 
times unwanted), and they are subject to damage from ice storms, heavy snows, and high winds. 
Digitization has changed this situation. In any communications system, digitization allows the use 
of smaller receiving antennas, smaller transmitting antennas, and/or lower transmitter power levels. 
Engineers have managed to get the diameter of the receiving dish down to about 2 ft. 

A pioneer in digital TV was RCA (Radio Corporation of America), which developed the Digi- 
tal Satellite System (DSS). The analog signal is changed into digital pulses at the transmitting station 
via A/D conversion. The digital signal is amplified and sent up to a geostationary satellite. The satel- 
lite has a transponder that receives the signal, converts it to a different frequency, and retransmits it 
back toward the earth. The return signal is picked up by a portable dish. A tuner selects the channel. 
Digital signal processing (DSP) can be used to improve the quality of reception under marginal con- 
ditions. The digital signal is changed back into analog form, suitable for viewing on a conventional 


ESTV set, by means of digital-to-analog (D/A) conversion. 
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The Electromagnetic Field 


In a radio or television transmitting antenna, electrons are moving back and forth at an extreme 
speed. Their velocity is constantly changing as they speed up in one direction, slow down, reverse 
direction, speed up again, and so on. Any change of velocity (that is, of speed and/or direction) con- 
stitutes acceleration. 


How It Happens 


When electrons move, a magnetic (M) field is produced. When electrons accelerate, a changing 
magnetic field is produced. An alternating M field gives rise to an alternating electric (E) field, and 
this generates another alternating M field. This process repeats over and over, endlessly, and the ef- 
fect propagates (travels) through space at the speed of light. The E and M fields expand alternately 
outward from the source in spherical wavefronts. At any given point in space, the E flux is perpen- 
dicular to the M flux. The direction of wave travel is perpendicular to both the E and M flux lines. 
This is an electromagnetic (EM) field. 

An EM field can have any conceivable frequency, ranging from many years per cycle to 
quadrillions of cycles per second. The sun has a magnetic field that oscillates with a 22-year cycle. 
Radio waves oscillate at thousands, millions, or billions of cycles per second. Infrared (IR), visible 
light, ultraviolet (UV), X rays, and gamma rays are EM fields that alternate at many trillions (mil- 
lion millions) of cycles per second. 


Frequency versus Wavelength 


All EM fields have two important properties: the frequency and the wavelength. These are inversely re- 
lated. You've already learned about frequency. Wavelength, for an EM field, is a rather sophisticated 
concept. It is measured between any two adjacent points on the wave at which the E and M fields 
have exactly the same amplitudes, and occur in exactly the same relative directions. The following 
equations relate the frequency and the wavelength of an EM field in free space (the air or a vacuum). 

Let fun, be the frequency of an EM wave in megahertz, and Lg be the wavelength in feet. Then 
the two are related as follows: 


Ls = 984 fun. 
If the wavelength is given as Lm in meters, then 
La = 300 / fm. 
The inverses of these formulas, for finding the frequency if the wavelength is known, are 


fumo = 984 / La 
fam = 300 / Ln 


Velocity Factor 


In media other than free space, the speed at which EM fields propagate is slower than the speed of light. 
As a result, wavelength is shortened by a factor known as the velocity factor, symbolized v. The value of v 
can be anything between 0 (representing zero speed of propagation) and 1 (representing the speed of 
propagation in free space, which is approximately 186,000 mi/s or 300,000 km/s). The velocity factor can 
also be expressed as a percentage va. In that case, the smallest possible value is 0 percent, and the largest is 
100 percent. The velocity factor in practical situations is rarely less than about 0.60, or 60 percent. 


420 Wireless Transmitters and Receivers 


Velocity factor is important in the design of RF transmission lines and antenna systems, when 
sections of cable, wire, or metal tubing must be cut to specific lengths measured in wavelengths or 
fractions of a wavelength. Taking the velocity factor v, expressed as a ratio, into account, the preced- 
ing four formulas become: 


Lg = 9840 / fun. 

La = 3000 / fun» 
fun. = 9840 / La, 
fumo = 300v PL 


The Electromagnetic Spectrum 

The entire range of EM wavelengths is called the electromagnetic (EM) spectrum. Scientists use log- 
arithmic scales to depict the EM spectrum, as shown in Fig. 25-10. The RF spectrum, which includes 
radio, television, and microwaves, is blown up in this illustration, and is labeled for frequency. 
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25-10 At A, the EM spectrum from 10% m to 10? m, 
with each vertical division representing two orders 
of magnitude (an increase or decrease of the 
wavelength by a factor of 100). At B, the RF 
spectrum, with each vertical division representing 
one order of magnitude (an increase or decrease of 
the frequency by a factor of 10). 
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Wave Propagation 


Radio-wave propagation has been a fascinating science ever since Marconi and Tesla discovered, 
around the year 1900, that EM fields can travel over long distances without any supporting infra- 
structure whatsoever. Let's look at a few of the factors that affect wireless communications at radio 
frequencies. 


Polarization 
The orientation of the E field dines of flux is defined as the polarization of an EM wave. If the E field 


flux lines are parallel to the earth's surface, you have horizontal polarization. If the E field flux lines are 
perpendicular to the surface, you have vertical polarization. Polarization can also be slanted, of course. 
In some situations, the E flux lines rotate as the wave travels through space. This is circular polar- 
ization if the E field intensity remains constant. If the E field intensity is more intense in some planes 
than in others, the polarization is elliptical. Rotating polarization can be clockwise or counterclockwise, 
viewed as the wavefronts approach. The rotational direction is called the sense of polarization. 


The Line-of-Sight Wave 


Electromagnetic waves follow straight lines unless something makes them bend. Line-of-sight prop- 
agation can take place even when the receiving antenna cannot be seen from the transmitting an- 
tenna. To some extent, radio waves penetrate nonconducting objects such as trees and frame houses. 
The line-of-sight wave consists of two components: the direct wave and the reflected wave. 

The direct wave: The longest wavelengths are least affected by obstructions. At very low, low, 
and medium frequencies, direct waves can diffract around things. As the frequency rises, especially 
above about 3 MHz, obstructions have a greater and greater blocking effect. 

The reflected wave: Electromagnetic waves reflect from the earth’s surface and from conducting ob- 
jects like wires and steel beams. The reflected wave always travels farther than the direct wave. The two 
waves are usually not in phase at the receiving antenna. If they're equally strong but 180° out of phase, 
a dead spot occurs. This phenomenon is most noticeable at the highest frequencies. At VHF and UHE 
an improvement in reception can sometimes result from moving the transmitting or receiving antenna 
just a few inches. In mobile operation, when the transmitter and/or receiver are moving, dead spots 
produce rapid, repeated interruptions in the received signal. This is called picket fencing. 


The Surface Wave 


At frequencies below about 10 MHz, the earth’s surface conducts ac quite well. Because of this, ver- 
tically polarized EM waves follow the surface for hundreds or even thousands of miles, with the earth 
actually helping to transmit the signals. The lower the frequency, the lower the ground loss, and the 
farther the waves can travel by surface-wave propagation. Horizontally polarized waves do not travel 
well in this mode, because horizontal E field flux is shorted out by the earth. Above about 10 MHz, 
the earth becomes lossy, and surface-wave propagation is not useful for more than a few miles. 


Sky-Wave EM Propagation 


Ionization in the upper atmosphere, caused by solar radiation, can return EM waves to the earth at 
certain frequencies. The ionization takes place at three or four distinct layers. 

The lowest ionized region is called the D layer. It exists at an altitude of about 30 mi (50 km), 
and is ordinarily present only on the daylight side of the planet. This layer absorbs radio waves at 
some frequencies, impeding long-distance ionospheric propagation. 
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The £ layer, about 50 mi (80 km) above the surface, also exists mainly during the day, although 
nighttime ionization is sometimes observed. The E layer can provide medium-range radio commu- 
nication at certain frequencies. 

The uppermost layers are called the F, layer and the F; layer. The E, layer, normally present only 
on the daylight side of the earth, forms at about 125 mi (200 km) altitude; the E) layer exists at 
about 180 mi (300 km) over most, or all, of the earth. Sometimes the distinction between the F; 
and F, layers is ignored, and they are spoken of together as the F /ayer. Communication by means 
of F-layer propagation can usually be accomplished between any two points on the earth at some 


frequencies between 5 MHz and 30 MHz. 


Tropospheric Propagation 


At frequencies above about 30 MHz, the lower atmosphere bends radio waves toward the surface. 
Tropospheric banding occurs because the index of refraction of air, with respect to EM waves, de- 
creases with altitude. The effect is similar to the way sound waves sometimes travel long distances 
over the surface of a calm lake in the early morning or early evening, letting you hear a conversation 
more than a mile away. Tropospheric propagation makes it possible to communicate for hundreds 
of miles when the ionosphere will not return waves to the earth. 

Another type of tropospheric propagation is called ducting. It takes place when EM waves are 
trapped in a layer of cool, dense air sandwiched between two layers of warmer air. Like bending, 
ducting occurs almost entirely at frequencies above 30 MHz. 

Still another tropospheric-propagation mode is known as troposcatter. This takes place because 
air molecules, dust grains, and water droplets scatter some of the EM field. This effect is commonly 
seen at VHF and UHE 

Tropospheric propagation in general, without mention of the specific mode, is sometimes 
called tropo. 


Auroral Propagation 


In the presence of unusual solar activity, the aurora (northern lights or southern lights) can return 
radio waves to the earth. This is known as auroral propagation. The aurora occur at altitudes of about 
40 to 250 mi (65 to 400 km). Theoretically, auroral propagation is possible, when the aurora are ac- 
tive, between any two points on the surface from which the same part of the aurora lie on a line of 
sight. Auroral propagation seldom occurs when one end of the circuit is at a latitude less than 35° 
north or south of the equator. 

Auroral propagation is characterized by rapid and deep fading. This almost always renders ana- 
log voice and video signals unintelligible. Digital modes are most effective for communication via 
auroral propagation, but the carrier is often spread out over several hundred hertz as a result of phase 
modulation induced by auroral motion. This severely limits the maximum data transfer rate. Auro- 
ral propagation is often accompanied by deterioration in ionospheric propagation. 


Meteor Scatter 


Meteors produce ionized trails that persist for approximately 0.5 s up to several seconds, depending 
on the size of a particular meteor, its speed, and the angle at which it enters the atmosphere. This is 
not enough time for the transmission of much data, but during a meteor shower, multiple trails can 
result in almost continuous ionization for a period of hours. Such ionized regions reflect radio waves 
at certain frequencies. This is meteor scatter propagation. It can take place at frequencies considerably 
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above 30 MHz, and occurs over distances ranging from just beyond the horizon up to about 1500 
mi (2400 km), depending on the altitude of the ionized trail and the relative positions of the trail, 
the transmitting station, and the receiving station. 


Moonbounce 


The moon, like the earth, reflects EM fields. This makes it possible to communicate by means of 
earth-moon-earth (EME), also called moonbounce. High-powered transmitters, sophisticated an- 
tenna systems, and sensitive receivers are needed for EME. Some moonbounce communication is 
done by radio amateurs at frequencies from 50 MHz to over 2 GHz. 


Transmission Media 


Data can be transmitted over various media. The most common are cable, radio (also called wireless), 
satellite links (a specialized form of wireless), and fiber optics. Cable, radio/TV, and satellite commu- 
nications use the RE spectrum. Fiber optics uses IR or visible light energy. 


Cable 


The earliest cables were simple wires that carried dc. Nowadays, data transmission cables more often 
carry ac at radio frequencies. One advantage of using RF is the fact that the signals can be amplified 
at intervals on a long span. This greatly increases the distances over which data can be sent by cable. 
Another advantage of using RE is the fact that numerous signals can be carried over a single cable, 
with each signal on a different frequency. 

Cables can consist of pairs of wires, somewhat akin to lamp cords. But more often coaxial cable, 
of the type described and illustrated at the end of Chap. 10, is used. This has a center conductor sur- 
rounded by a cylindrical shield. The shield is grounded, and the center conductor carries the signals. 
The shield keeps signals confined to the cable, and also keeps external EM fields from interfering 
with the signals. 


Radio 


All radio and TV signals are electromagnetic waves. The radio or TV transmitter output is coupled 
into an antenna system located at some distance from the transmitter. The energy follows a transmis- 
sion line, also called a feed line, from the transmitter output to the antenna itself. 

Most radio antenna transmission lines are coaxial cables. There are other types, used in special 
applications. At microwaves, hollow tubes called waveguides are used to transfer the energy from a 
transmitter to the antenna. A waveguide is more efficient than coaxial cable at the shortest radio 
wavelengths. Radio amateurs sometimes use parallel-wire transmission lines, resembling the ribbon 
cable popular for use with consumer TV receiving antennas. In a parallel-wire line, the RF currents 
in the two conductors are always 180° out of phase, so that their EM fields cancel each other. This 
keeps the transmission line from radiating, guiding the EM field along toward the antenna. The en- 
ergy is radiated when it reaches the antenna. 

The RF bands are generally categorized from very low frequency (VLF) through extremely high 
frequency (EHF), according to the breakdown in Table 25-1. As noted in Chap. 24, the exact lower 
limit of the VLF range is a matter of disagreement in the literature. In Table 25-1, it is defined as 
3 kHz, which is consistent with defining the frequency boundaries between RF bands by order of 
magnitude. 
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Table 25-1. Bands in the RF spectrum. 


Frequency designation Frequency range Wavelength range 
Very Low (VLF) 3 kHz-30 kHz 100 km-10 km 
Low (LF) 30 kHz-300 kHz 10 km-1 km 
Medium (MF) 300 kHz-3 MHz 1 km-100 m 
High (HE) 3 MHz-30 MHz 100 m-10 m 
Very High (VHE) 30 MHz-300 MHz 10 m-1 m 
Ultra High (UHF) 300 MHz-3 GHz 1 m-100 mm 
Super High (SHF) 3 GHz-30 GHz 100 mm-10 mm 
Extremely High (EHF) 30 GHz-300 GHz 10 mm-1 mm 


Satellite Systems 


At very high frequencies (VHF) and above, many communications circuits use satellites in geosta- 
tionary orbits around the earth. If a satellite is directly over the equator at an altitude of 22,300 mi 
(36,000 km) and orbits from west to east, it follows the earth’s rotation, thereby staying in the same 
spot in the sky as seen from the surface, and is thus a geostationary satellite. 

A single geostationary satellite is on a line of sight with about 40 percent of the earth’s surface. 
Three such satellites, placed at 120° (/3 circle) intervals around the planet, allow coverage of all 
populated regions. A dish antenna can be aimed at a geostationary satellite, and once the antenna is 
in place, it need not be turned or adjusted. 

Another form of satellite system uses multiple satellites in low orbits that take them over the 
earth’s poles. These satellites are in continuous, rapid motion with respect to the surface. But if there 
are enough of them, they can act like repeaters in a cell phone network, and maintain reliable com- 
munications between any two points on the surface at all times. Directional antennas are not nec- 
essary in these systems, which are called low earth orbit (LEO) satellite networks. 


Fiber Optics 


Beams of IR or visible light can be modulated, just as can RF carriers. The frequency of an IR or vis- 
ible light beam is higher than the frequency of any RF signal, allowing modulation by data at rates 
higher than anything possible with radio. 

Fiber-optic technology offers several advantages over wire cables (which are sometimes called 
copper because the conductors are usually made of that metallic element). A fiber-optic cable is 
cheap. It is light in weight. It is immune to interference from outside EM fields. A fiber-optic cable 
does not corrode as metallic wires do. Fiber-optic cables are inexpensive to maintain and easy to re- 
pair. An optical fiber can carry far more signals than a cable, because the frequency bands are far 
wider in terms of megahertz or gigahertz. 

The whole RF spectrum, from VLF through EHE can (at least in theory) be imprinted on a 
single beam of light and sent through an optical fiber no thicker than a strand of hair! 


Two Basic Receiver Designs 


A wireless or radio receiver converts EM waves into the original messages sent by a distant transmit- 
ter. Let's begin our study of receivers by defining a few of the most important criteria for operation, 
and then we'll look at two common designs. 


To work correctly, the output of the 


transformer secondary coil should have a 
600-ohm impedance to match the line. The 
output impedance of the transformer 

(measured at the secondary winding) IS 


governed by two things. One of these is the 
output impedance of the equipment. 

Question 

What would you expect the other governing 
factor to be? 

Answer 

The turns ratio of the transformer. (The DC 
resistance of each coil has no effect, and you 
can ignore it.) 


16 Figure 10.11 shows a signal generator 
with an output impedance of Z G connected 


to the primary coil of a transformer. A load 
impedance of ZL is connected to the 
secondary coil. 

Figure 10.11 
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Specifications 


The specifications of a receiver indicate how well it can do the functions it is designed to perform. 

Sensitivity: The most common way to express receiver sensitivity is to state the number of mi- 
crovolts that must exist at the antenna terminals to produce a certain signal-to-noise (S/N) ratio or 
signal-plus-noise-to-noise (S+N/N) ratio in decibels (dB). Sensitivity is related to the gain of the front 
end (the amplifier or amplifiers connected to the antenna), but the amount of noise this stage gen- 
erates is more significant, because subsequent stages amplify the front-end noise output as well as 
the signal output. 

Selectivity: The passband, or bandwidth that the receiver can hear, is established by a wideband 
preselector in the early RF amplification stages, and is honed to precision by narrowband filters in 
later amplifier stages. The preselector makes the receiver optimally sensitive within a range of ap- 
proximately plus-or-minus 10 percent (+10%) of the desired signal frequency. The narrowband fil- 
ter responds only to the frequency or channel of a specific signal to be received; signals in nearby 
channels are rejected. 

Dynamic range: The signals at a receiver input vary over several orders of magnitude (multi- 
ples or powers of 10) in terms of absolute voltage. Dynamic range is the ability of a receiver to 
maintain a fairly constant output, and yet to maintain its rated sensitivity, in the presence of sig- 
nals ranging from very weak to very strong. The dynamic range in a good receiver is in excess 
of 100 dB. 

Noise figure: The less internal noise a receiver produces, in general, the better is the S/N ratio. 
Excellent S/N ratio in the presence of weak signals is only possible when the noise figure, a measure 
of internally generated receiver noise, is low. This is paramount at VHE, UHE and microwave fre- 
quencies. Gallium-arsenide field effect transistors (GaAsFETs) are well known for the low levels of 
noise they generate, even at quite high frequencies. Other types of FETs can be used at lower fre- 
quencies. Bipolar transistors tend to be rather noisy. 


Direct-Conversion Receiver 


A direct-conversion receiver derives its output by mixing incoming signals with the output of a tun- 
able (that is, variable frequency) local oscillator (LO). The received signal is fed into a mixer, along 
with the output of the LO. Figure 25-11 is a block diagram of a direct-conversion receiver. 

For the reception of on/off keyed Morse code, also called radiotelegraphy or continuous wave 
(CW), the LO, also called a beat-frequency oscillator (BFO), is set a few hundred hertz above or 
below the signal frequency. This can also be done in order to receive FSK signals. The audio output 
has a frequency equal to the difference between the LO and incoming carrier frequencies. For recep- 
tion of AM or SSB signals, the LO is set to precisely the same frequency as that of the signal carrier. 
This condition is known as zero beat because the beat frequency, or difference frequency, between the 
LO and the signal carrier is equal to zero. 

A direct-conversion receiver provides rather poor selectivity. That means it cant separate incom- 
ing signals very well when they are close together in frequency. This is because signals on either side 
of the LO frequency can be heard at the same time. A selective filter can theoretically eliminate this. 
Such a filter must be designed for a fixed frequency if it is to work well. But in a direct-conversion 
receiver, the RF amplifier works over a wide range of frequencies. 


Superheterodyne Receiver 


A superheterodyne receiver, also called a superhet, uses one or more local oscillators and mixers to ob- 
tain a constant-frequency signal. A fixed-frequency signal is more easily processed than a signal that 
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25-11 Block diagram of a direct-conversion receiver. 


changes in frequency. The incoming signal is first passed through a tunable, sensitive front end. The 
output of the front end is mixed with the signal from a tunable, unmodulated LO. Either the sum 
or the difference signal is amplified. This is the first intermediate frequency (IF), which can be filtered 
to obtain a high degree of selectivity. 

If the first IF signal is detected, the radio is a single-conversion receiver. Some receivers use a sec- 
ond mixer and second LO, converting the first IF to a lower-frequency second IF This is a double- 
conversion receiver. The IF bandpass filter can be constructed for use on a fixed frequency, allowing 
superior selectivity and facilitating adjustable bandwidth. The sensitivity is enhanced because fixed 
IF amplifiers are easy to keep in tune. 

A superheterodyne receiver can intercept or generate unwanted signals. False signals external to 
the receiver are called images; internally generated signals are called birdies. If the LO frequencies are 
carefully chosen, images and birdies do not cause problems during ordinary operation of the 
receiver. 

Figure 25-12 is a block diagram of a generic single-conversion superheterodyne receiver. (Indi- 
vidual receiver designs vary somewhat.) Here’s what each stage does. 

Front end: The front end consists of the first RF amplifier, and often includes LC bandpass fil- 
ters between the amplifier and the antenna. The dynamic range and sensitivity of a receiver are de- 
termined by the performance of the front end. 

Mixer: A mixer stage converts the variable signal frequency to a constant IF. The output is ei- 
ther the sum or the difference of the signal frequency and the tunable LO frequency. 

IF stages: The IF stages are where most of the gain takes place. These stages are also where opti- 
mum selectivity is obtained. 

Detector: The detector extracts the information from the signal. Common circuits are the enve- 
lope detector for AM, the product detector for SSB, FSK, and CW, and the ratio detector for FM. 

Audio amplifier: Following the detector, one or two stages of audio amplification are employed 
to boost the signal to a level suitable for a speaker or headset. Alternatively, the signal can be fed to 
a printer, facsimile machine, or computer. 
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25-12 Block diagram of a single-conversion superheterodyne receiver. 


Predetector Stages 


In a superhet, the stages preceding the first mixer must be designed so they provide reasonable gain, 
but produce as little noise as possible. They must also be capable of handling strong signals without 
desensitization (losing gain), also known as overloading. 


Preamplifier 


All preamplifiers operate in class A, and most employ FETs. An FET has a high input impedance 
that is ideally suited to weak-signal work. Figure 25-13 shows a simple RF preamplifier circuit. 
Input tuning reduces noise and provides some selectivity. This circuit produces 5 dB to 10 dB gain, 
depending on the frequency and the choice of FET. 

It is important that the preamplifier be linear, and that it remain linear in the presence of strong 
input signals. Nonlinearity results in unwanted mixing in RF amplifiers. The mixing products pro- 
duce intermodulation distortion (IMD), or intermod. That can wreak havoc in a receiver, producing 
numerous false signals. It also degrades the S/N ratio by generating hash, the result of complex mix- 
ing of many false signals over a wide range of frequencies. 


The Front End 


At low and medium frequencies, there is considerable atmospheric noise, and the design of a front- 
end circuit is simple. Above 30 MHz, atmospheric noise diminishes, and the main factor that lim- 
its the sensitivity is noise generated within the receiver. For this reason, front-end design becomes 
increasingly critical as the frequency rises through the VHE UHE, and microwave spectra. 
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The front end, like a preamplifier, must be as linear as possible; the greater the degree of non- 
linearity, the more susceptible the circuit is to the generation of mixing products. The front end 
should also have the greatest possible dynamic range. 


Preselector 


The preselector provides a bandpass response that improves the S/N ratio, and reduces the likeli- 
hood of receiver overloading by a strong signal far removed from the operating frequency. The pre- 
selector provides image rejection in a superheterodyne circuit. Most preselectors have a 3-dB 
bandwidth that is a few percent of the received frequency. 

A preselector can be tuned by means of tracking with the tuning dial, but this requires careful 
design and alignment. Some receivers incorporate preselectors that must be adjusted independently 
of the receiver tuning. 


IF Chain 


A high IF (several megahertz) is preferable to a low IF (less than 1 MHz) for image rejection. But a 
low IF is better for obtaining good selectivity. Double-conversion receivers have a comparatively 
high first IF and a low second IF to get the best of both worlds. 

Intermediate-frequency amplifiers can be cascaded with tuned-transformer coupling. The am- 
plifiers follow the mixer and precede the detector. Double-conversion receivers have two chains of 
IF amplifiers. The first IF chain follows the first mixer and precedes the second mixer, and the sec- 
ond IF chain follows the second mixer and precedes the detector. 

The selectivity of the IF chain in a superheterodyne receiver can be expressed mathematically. 
The bandwidths are compared for two power-attenuation values, usually 3 dB and 30 dB. This gives 
an indication of the shape of the bandpass response. The ratio of the 30-dB selectivity to the 3-dB 
selectivity is called the shape factor. A rectangular response is desirable in most applications. The 
smaller the shape factor, the more rectangular the response. 
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25-13 A tunable FET preamplifier for use in a radio receiver. 
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Detectors 


Detection, also called demodulation, is the recovery of information such as audio, images, or printed 
data from a signal. 


Detection of AM 


The modulating waveform can be extracted from an AM signal by rectifying the carrier wave. A 
simplified time-domain view of this is shown in Fig. 25-14A. The rapid pulsations occur at the car- 
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25-14 At A, envelope detection of AM, shown in the time domain. At B, slope 


detection of EM, shown in the frequency domain. 
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25-14 AtC, a ratio detector circuit for demodulating FM signals. 


rier frequency; the slower fluctuation is a duplication of the modulating data. The carrier pulsations 
are smoothed out by passing the output through a capacitor large enough to hold the charge for one 
carrier current cycle, but not so large that it smoothes out the cycles of the modulating signal. This 
scheme is known as envelope detection. 


Detection of CW 


For detection of CW signals, it is necessary to inject a signal into the receiver a few hundred hertz 
from the carrier. The injected signal is produced by a tunable beat-frequency oscillator (BFO). The 
BFO signal and the desired CW signal are mixed, or heterodyned, to produce audio output at the 
difference frequency. The BFO is tuned to a frequency that results in a comfortable listening pitch, 
usually 500 to 1000 Hz. This is called heterodyne detection. 


Detection of FSK 


The detection of FSK signals can be done using the same method as CW detection. The carrier 
beats against the BFO in the mixer, producing an audio tone that alternates between two different 
pitches. 

With FSK, the BFO frequency is set a few hundred hertz above or below both of the carrier fre- 
quencies—that is, of both the mark frequency and the space frequency. The frequency offset, or differ- 


ence between the BFO and signal frequencies, determines the audio output frequencies, and must 
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25-14 At D, a product detector using diodes. At E, a product 
detector using an NPN bipolar transistor biased as a class B 
amplifier. Both of these circuits can also be used as signal 
mixers. 


+12 V 


Detectors 
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be set so certain standard tone pitches result (such as 2125 Hz and 2295 Hz in the case of 170-Hz 
shift). Unlike the situation with CW reception, there is little tolerance for BFO adjustment varia- 
tion or error. 


Detection of FM 


Frequency-modulated (FM) signals can be detected in various ways. These methods also work for 
phase modulation. 

Slope detection: An AM receiver can detect FM in a crude manner by setting the receiver fre- 
quency near, but not on, the FM unmodulated-carrier frequency. An AM receiver has a filter with 
a passband of a few kilohertz, having a selectivity curve such as that shown in Fig. 25-14B. If the 
FM unmodulated-carrier frequency is near either edge, or skirt, of the filter response, frequency 
variations in the incoming signal cause it to swing in and out of the receiver passband. This causes 
the instantaneous receiver output to vary. The relationship between the instantaneous FM devia- 
tion and the instantaneous output amplitude is not linear, however, because the skirt of the pass- 
band is not a straight line, as is apparent in the figure. The result is an unnatural-sounding received 
signal. 

PLL: If an FM signal is injected into a PLL, the loop produces an error voltage that is a dupli- 
cate of the modulating waveform. A /imiter, which keeps the signal amplitude from varying, can be 
placed ahead of the PLL so the receiver does not respond to AM. Weak signals tend to abruptly ap- 
pear and disappear, rather than fading, in an FM receiver that employs limiting. 

Discriminator: This type of FM detector produces an output voltage that depends on the in- 
stantaneous signal frequency. When the signal is at the center of the passband, the output voltage is 
zero. If the frequency falls below center, the output voltage becomes positive. If the frequency rises 
above center, the output becomes negative. The relationship between the instantaneous FM devia- 
tion and the instantaneous output amplitude is linear, so the output is a faithful reproduction of the 
incoming signal data. A discriminator is sensitive to amplitude variations, but this can be overcome 
by a limiter. 

Ratio detector: This type of FM detector is a discriminator with a built-in limiter. The original 
design was developed by RCA (Radio Corporation of America), and is used in high-fidelity receivers 
and in the audio portions of TV receivers. A simple ratio detector circuit is shown in Fig. 25-14C. 
The balance potentiometer should be adjusted for the best received signal quality. 


Detection of SSB 


For reception of SSB signals, a product detector is preferred, although a direct-conversion receiver can 
also do the job. A product detector also works well for the reception of CW and FSK. The incom- 
ing signal combines with the output of an unmodulated LO, producing audio or video. Product de- 
tection is done at a single frequency, rather than at a variable frequency as in direct-conversion 
reception. The single, constant frequency is obtained by mixing the incoming signal with the out- 
put of the LO. 

Two product-detector circuits, which are also representative of the mixers used in superhet re- 
ceivers, are shown in Fig. 25-14D and E. At D, diodes are used; there is no amplification. At E, a 
bipolar transistor is employed; this circuit provides some gain. The essential characteristic of either 
circuit is the nonlinearity of the semiconductor devices. This generates the sum and difference fre- 
quency signals that result in audio or video output. 
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Audio Stages 


Enhanced selectivity can be obtained by tailoring the frequency response in the AF amplifier stages 
following the detector, in addition to the RF selectivity provided in the IF amplifier stages preced- 
ing the detector. 


Filtering 


A voice signal requires a band of frequencies ranging from about 300 Hz to 3000 Hz. An audio 
bandpass filter, with a passband of 300 Hz to 3000 Hz, can improve the quality of reception with 
some voice receivers. An ideal voice audio filter has little or no attenuation within the passband 
range, and high attenuation outside the range, with a near-rectangular response. 

A CW or FSK signal requires only a few hundred hertz of bandwidth to be clearly read. Audio 
CW filters can narrow the response bandwidth to 100 Hz or less, but passbands narrower than 
about 100 Hz produce ringing, degrading the quality of reception. With FSK, the bandwidth of the 
filter must be at least as large as the difference (shift) between mark and space, but it need not, and 
should not, be much greater. 

An audio notch filter is a band-rejection filter with a sharp, narrow response. An interfering car- 
rier that produces a tone of constant frequency in the receiver output can be greatly attenuated with 
this type of filter. Audio notch filters are tunable from at least 300 Hz to 3000 Hz. Some sophisti- 
cated AF notch filters can tune themselves automatically. When an interfering carrier appears and 
remains for a few tenths of a second, the notch is activated and centers itself on the audio frequency 


of the detected offending signal. 


Squelching 


A squelch silences a receiver when no signal is present, allowing reception of signals when they ap- 
pear. Most FM communications receivers use squelching systems. The squelch is normally closed, 
allowing no audio output, when no signal is present. The squelch opens, allowing everything to be 
heard, if the signal amplitude exceeds the squelch threshold, which can be adjusted by the operator. 

In some systems, the squelch does not open unless the signal has certain characteristics. This is 
known as selective squelching. The most common way to achieve this is the use of subaudible (below 
300 Hz) tone generators, or AF tone-burst generators. The squelch opens only when an incoming 
signal is modulated by a tone, or sequence of tones, having the proper characteristics. This can pre- 
vent unauthorized transmissions from accessing repeaters or being picked up by receivers. 


Television Reception 


A television (TV) receiver has a tunable front end, an oscillator and mixer, a set of IF amplifiers, a 
video demodulator, an audio demodulator and amplifier chain, a picture CRT or display with asso- 
ciated peripheral circuitry, and a loudspeaker. 


Fast-Scan TV 


Figure 25-15 is a block diagram of a receiver for conventional analog FSTV. In the United States, 
conventional FSTV broadcasts are made on 68 different channels numbered from 2 through 69. 
Each channel is 6 MHz wide, including video and audio information. Channels 2 through 13 com- 


prise the VHF TV broadcast channels. Channels 14 through 69 are the VHF TV broadcast channels. 
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25-15 Block diagram of a conventional FSTV receiver. 


In digital cable television, there are more channels. The number of possible channels is virtually un- 
limited, because signals are not transmitted over the air and do not consume EM spectrum space. 


Slow-Scan TV 


A slow-scan television (SSTV) communications station needs a transceiver with SSB capability, a stan- 
dard TV set or personal computer, a video camera, and a scan converter that translates between the 
SSTV signal and either ESTV imagery or computer video data. The scan converter consists of two 
data converters (one for receiving and the other for transmitting), some digital memory, a tone gener- 
ator, and a TV detector. Scan converters are commercially available. Computers can be programmed 
to perform this function. Some amateur radio operators build their own scan converters. 


Specialized Wireless Modes 


Some less common wireless communications techniques are effective under certain circumstances. 


Dual-Diversity Reception 


A dual-diversity receiver can reduce the fading that occurs in radio reception at high frequencies (ap- 
proximately 3 to 30 MHz) when signals are propagated by means of the ionosphere. ‘Two receivers 
are used. Both are tuned to the same signal, but they employ separate antennas, spaced several wave- 
lengths apart. The outputs of the receiver detectors are fed into a common audio amplifier, as shown 
in Fig. 25-16. 

Dual-diversity tuning is critical, and the equipment is expensive. In some installations, three or 
more antennas and receivers are employed. This provides superior immunity to fading, but it com- 
pounds the tuning difficulty and further increases the expense. 


You know that P in = P out and that P = V 
2/Z. Therefore, you can write an equation 
equating the power of the generator to the 
power of the load in terms of V and Z, as 
shown here: 


a 
= Vi 


Ly 


You can rearrange this equation to give the 


Ve 
Lc 


ratio of the voltages, as shown here: 


3 
46 _ Va 
Z, Vi 
And, because VG = Vin, and VL = V out 
, and V in/V out = Np/Ns, the following IS 
true: 
2 2 
Lo _ Vin = N, = (TR 
Zi Vout N, 
Therefore, the ratio of the input impedance 
to the output impedance of a transformer IS 


equal to the square of the turns ratio. As you 
can see in the following question A, you can 
determine the turns ratio for a transformer 


that matches impedances between a 
generator and a load. In this way, the 
generator “sees” an impedance equal to its 
own impedance, and the load also “sees” an 


impedance equal to its own impedance. 

For the following problem, a generator has 
an output impedance of 10 kQ and produces 
a 10 V pp (3.53 V rms ) signal. It will be 
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25-16 Block diagram of a dual-diversity radio receiver system. 


Synchronized Communications 


Digital signals require less bandwidth than analog signals to convey a given amount of information 
per unit time. Synchronized communications refers to a specialized digital mode, in which the trans- 
mitter and receiver operate from a common time standard to optimize the amount of data that can 
be sent in a communications channel or band. 

In synchronized digital communications, also called coherent communications, the receiver and 
transmitter operate in lock-step. The receiver evaluates each transmitted binary digit, or bzt, for a 
block of time lasting for the specified duration of a single bit. This makes it possible to use a receiv- 
ing filter having extremely narrow bandwidth. The synchronization requires the use of an external 
frequency/time standard. The broadcasts of standard time-and-frequency radio stations such as 
WWV or WWVH can be used for this purpose. Frequency dividers are employed to obtain the nec- 
essary synchronizing frequencies. A tone or pulse is generated in the receiver output for a particular 
bit if, but only if, the average signal voltage exceeds a certain value over the duration of that bit. False 
signals, such as can be caused by filter ringing, sferics, or ignition noise, are generally ignored, be- 
cause they rarely produce sufficient average bit voltage. 

Experiments with synchronized communications have shown that the improvement in S/N 
ratio, compared with nonsynchronized systems, is several decibels at low to moderate data speeds. 
Further improvement can be obtained by the use of DSP. 


How DSP Can Improve Reception 


In DSP with analog modes such as SSB or SSTV, the signals are first changed into digital form by 
A/D conversion. Then the digital data is cleaned up so the pulse timing and amplitude adhere 
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strictly to the protocol (standards) for the type of digital data being used. Finally, the digital signal 
is changed back to the original voice or video by D/A conversion. 

Digital signal processing can extend the range of a wireless communications circuit, because it 
allows reception under worse conditions than would be possible without it. Digital signal process- 
ing also improves the quality of marginal signals, so that the receiving equipment or operator makes 
fewer errors. In circuits that use only digital modes, A/D and D/A conversion are irrelevant, but 
DSP can still be used to clean up the signal. This improves the accuracy of the system, and also 
makes it possible to copy data over and over many times (that is, to produce multigeneration dupli- 
cates). 

The DSP circuit minimizes noise and interference in a received digital signal as shown in Fig. 
25-17. A hypothetical signal before DSP is shown at the top; the signal after processing is shown at 
the bottom. If the incoming signal is above a certain level for an interval of time, the DSP output is 
high (also called logic 1). If the level is below the critical point for a time interval, then the output is 
low (also called logic 0). 


Multiplexing 


Signals in a communications channel or band can be intertwined, or multiplexed, in various ways. 
The most common methods are frequency division multiplexing (FDM) and time division multiplex- 
ing (TDM). In FDM, the channel is broken down into subchannels. The carrier frequencies of the 
signals are spaced so they do not overlap. Each signal is independent of the others. In TDM, signals 
are broken into segments by time, and then the segments are transferred in a rotating sequence. The 
receiver must be synchronized with the transmitter by means of a time standard such as WWV. 
Multiplexing requires an encoder that combines or intertwines the signals in the transmitter, and a 
decoder that separates or untangles the signals in the receiver. 


Amplitude 
Signal before DSP 25-17 Digital signal 
processing can clean 
Time up a signal, 


improving reception. 


Signal after DSP 
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Spread Spectrum 


In spread-spectrum communications, the main carrier frequency is rapidly varied independently of 
signal modulation, and the receiver is programmed to follow. As a result, the probability of cata- 
strophic interference, in which one strong interfering signal can obliterate the desired signal, is near 
zero. It is difficult for unauthorized people to eavesdrop on a spread-spectrum communications link 
unless they gain access to the sequencing code, also known as the frequency spreading function. Such a 
function can be complex, and can be kept secret. If the transmitting and receiving operator do not 
divulge the function to anyone, and if they do not tell anyone about the existence of their contact, 
then no one else on the band will know the contact is taking place. 

During a spread-spectrum contact between a given transmitter and receiver, the operating fre- 
quency can fluctuate over a range of kilohertz, megahertz, or tens of megahertz. As a band becomes 
occupied with an increasing number of spread-spectrum signals, the overall noise level in the band 
appears to increase. Therefore, there is a practical limit to the number of spread-spectrum contacts 
that a band can handle. This limit is roughly the same as it would be if all the signals were constant 
in frequency, and had their own discrete channels. 

A common method of generating spread spectrum is frequency hopping. The transmitter has a 
list of channels that it follows in a certain order. The receiver must be programmed with this same 
list, in the same order, and must be synchronized with the transmitter. The dwell time is the inter- 
val at which the frequency changes occur, which is the same as the length of time that the signal re- 
mains on any given frequency. The dwell time should be short enough so that a signal will not be 
noticed, and not cause interference, on any frequency. There are numerous dwell frequencies, so the 
signal energy is diluted to the extent that, if someone tunes to any particular frequency in the se- 
quence, the signal is not noticeable. 

Another way to get spread spectrum, called frequency sweeping, is to frequency-modulate the 
main transmitted carrier with a waveform that guides it up and down over the assigned band. This 
FM is independent of signal intelligence. A receiver can intercept the signal if, but only if, its tun- 
ing varies according to the same waveform, over the same band, at the same frequency, and in the 
same phase as that of the transmitter. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 


1. A radio wave has a frequency of 1.55 MHz. The highest modulating frequency that can be 
used effectively is about 


(a) 1.55 kHz. 

(b) 15.5 kHz. 

(c) 155 kHz. 

(d) 1.55 MHz. 

2. The reflected wave 

(a) arrives in phase with the direct wave. 
(b) 
(c) 


(d) is always horizontally polarized. 


arrives out of phase with the direct wave. 


arrives in a variable phase compared with the direct wave. 
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3. An advantage of FSK over on/off keying is the fact that FSK 
(a) offers better frequency stability. 
(b) can provide faster data rates. 
(c) reduces the number of receiving errors. 
(d) Forget it! On-off keying is just as good as FSK. 
4. The highest layer of the ionosphere is 
(a) the D layer. 
(b) the E layer. 
(c) 


(d) none of the above. 


the F layer. 


5. Ifan AM signal is modulated with audio having frequencies up to 5 kHz, then what is the 
complete signal bandwidth? 


(a) 10 kHz 
(b) 20 kHz 
(c) 50 kHz 
(d) 500 kHz 


6. An LSB, suppressed-carrier signal can be demodulated by 
(a) an envelope detector. 
(b) a diode. 
(c) a ratio detector. 


(d) a product detector. 


7. Which of the following modes is used to send image data over telephone lines? 
(a) On/off keying 
(b) Fax 
(c) AM 
(d) Product detection 


8. The S/N ratio is a measure of 
(a) the sensitivity of a receiver. 
(b) the selectivity of a receiver. 
(c) 


(d) the efficiency of a transmitter. 


the dynamic range of a receiver. 


9. Suppose an SSB suppressed carrier is at 14.335 MHz, and audio data is contained in a band 
from 14.335 to 14.338 MHz. What is this mode? 
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10. A receiver that responds to a desired signal, but not to another signal very close by in 
frequency, has good 


(a) sensitivity. 

(b) noise figure. 
(c) dynamic range. 
(d) selectivity. 


11. Fill in the blank in the following sentence to make it true: “The deviation of a narrowband 
voice FM signal normally extends up to either side of the unmodulated-carrier frequency.” 


(a) 3 kHz 
(b) 5 kHz 
(c) 10 kHz 
(d) 3 MHz 


12. An FM detector with built-in limiting is 
(a) a ratio detector. 
(b) 
(c) 


(d) a product detector. 


a discriminator. 


an envelope detector. 


13. In which mode of PM does the peak power level of the pulses vary? 
(a) PAM 


14. A continuously variable signal (such as music audio) can be recovered from a signal having 
only a few discrete levels or states by means of 


(a) a ratio detector. 
(b) 
(c) 


(d) an envelope detector. 


a D/A converter. 


a product detector. 


15. In which mode are signals intertwined in the time domain at the transmitter, and then 
separated again at the receiver? 


(a) FDM 
(b) AFSK 
(c) PCM 
(d) None of the above 
16. Which of the following modes can be demodulated with an envelope detector? 
(a) AM 
(b) CW 
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(c) FSK 
(d) USB 
17. The bandwidth of a fax signal is kept narrow by 
(a) sending the data at a slow rate of speed. 
(b) maximizing the number of digital states. 
(c) optimizing the range of colors sent. 
(d) using pulse modulation. 
18. The dynamic range in a superhet is largely influenced by the performance of the 
(a) local oscillator. 
(b) 
(c) 
(d) selectivity in the IF chain. 


product detector. 


front end. 


19. Frequency sweeping can be used to get a transmitter to produce 

(a) spread-spectrum signals. 

(b) time division multiplexed signals. 

(c) narrowband AM signals. 

(d) double sideband, suppressed carrier signals. 
20. Fill in the blank to make the following sentence true: “The reception of_____ can be 
improved by the use of DSP.” 

(a) SSB signals 

(b) SSTV signals 

(c) synchronized communications signals 


(d) any of the above 
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CHAPTER 


Digital Basics 


A SIGNAL IS DIGITAL WHEN IT CAN ATTAIN ONLY SPECIFIC LEVELS. THIS IS IN CONTRAST TO ANALOG 
signals or quantities that vary over a continuous range. A simple analog waveform is shown at 
Fig. 26-1A; note that the amplitude varies smoothly over time. Figure 26-1B is an example of a dig- 
ital approximation of the same signal. 


Amplitude Amplitude 


Time Time 


A B 


26-1 An analog wave (A), and a digital rendition of this wave (B). 


Numbering Systems 


People are used to dealing with the decimal number system, which has 10 different digits. But ma- 
chines use schemes that have some power of 2 digits, such as 2 (2'), 4 (27), 8 (2°), 16 (2%), 32 (2°), 
64 (2°), and so on. 
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Decimal 


The decimal number system is also called base 10 or radix 10. The set of possible digits is (0, 1, 2, 3, 
4, 5, 6, 7, 8, 9). The first digit to the left of the radix or “decimal” point is multiplied by 10”, or 1. 
The next digit to the left is multiplied by 10*, or 10. The power of 10 increases as you move farther 
to the left. The first digit to the right of the decimal point is multiplied by a factor of 107, or /10. 
The next digit to the right is multiplied by 10°, or 100. This continues as you go farther to the 
right. Once the process of multiplying each digit is completed, the resulting values are added up. For 
example: 


2 x 10° 
+ 7x 10° 
+0 x 10! 
+4x 10° 
+5x107 
+3x107? 
+8x 10° 
+ 1x10% 
+6x 10” 

= 2704.53816 


Binary 


The binary number system is a method of expressing numbers using only the digits O and 1. It is 
sometimes called base 2 or radix 2. The digit immediately to the left of the radix point is the “ones” 
digit. The next digit to the left is a “twos” digit; after that comes the “fours” digit. Moving farther 
to the left, the digits represent 8, 16, 32, 64, and so on, doubling every time. To the right of the 
radix point, the value of each digit is cut in half again and again, that is, Vs Yai, Ys, Yie, (305 Jeh, 
and so on. 

Consider the decimal number 94. In the binary number system, this number is written as 
1011110. It breaks down as follows: 


0 x 2° 
+1x2! 
+1x2? 
+1x2* 
+1x2* 
+ 0x2? 
+1x2° 

= 1011110 


When you work with a computer or calculator, you give it a decimal number that is con- 
verted into binary form. The computer or calculator does its operations entirely using the digits 
0 and 1. When the process is complete, the machine converts the result back into decimal form 
for display. 

In a communications system, binary numbers can represent alphanumeric characters, shades of 
color, frequencies of sound, and other variable quantities. 
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Octal 


Another scheme, sometimes used in computer programming, is the octal number system, so named 
because it has eight symbols (according to our way of thinking), or 2°. Every digit is an element of 
the set {0, 1, 2, 3, 4, 5, 6, 7}. This system is also known as base 8 or radix 8. 


Hexadecimal 


Another system used in computer work is the hexadecimal number system. It has 16 (2*) symbols. 
These digits are the usual 0 through 9 plus six more, represented by A through E, the first six letters 
of the alphabet. The digit set is {0, 1, 2, 3, 4, 5, 6, 7, 8, 9, A, B, C, D, E, F}. This system is some- 
times called base 16 or radix 16. 


Logic 
Logic refers to the reasoning used by electronic machines. The term is also used in reference to the 
circuits that make up digital devices and systems. 


Boolean Algebra 


Boolean algebra is a system of mathematical logic using the numbers 0 and 1 with the operations 
AND (multiplication), OR (addition), and NOT (negation). Combinations of these operations are 
NAND (NOT AND) and NOR (NOT OR). This peculiar form of mathematical logic, which gets 
its name from the nineteenth-century British mathematician George Boole, is used in the design of 
digital logic circuits. 


Symbology 


In Boolean algebra, the AND operation, also called logical conjunction, is written using an asterisk 
(*), a multiplication symbol (x), or by running two characters together, for example, X*Y. 

The NOT operation, also called logical inversion, is denoted by placing a tilde (-) over the 
quantity, as a minus sign (—) or dash (-) followed by the quantity, as a “lazy inverted L” (~) followed 
by the quantity, or as the quantity followed by an accent or “prime sign” (*). An example is —X. 

The OR operation, also called logical disjunction, is written using a plus sign (+), for example, 
X +Y. 

The foregoing are the symbols used by engineers. Table 26-1A shows the values of these func- 
tions, where 0 indicates “falsity” and 1 indicates “truth.” 

In mathematics and philosophy courses involving logic, you may see other symbols used for 
conjunction and disjunction. The AND operation in some texts is denoted by a detached arrow- 


Table 26-1A. Boolean operations. 


X Y -X X*Y X+Y 
0 0 1 0 0 
0 1 l 0 l 
1 0 0 0 1 
1 l 0 l l 
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Table 26-1B. Common theorems in 


Boolean algebra. 
Theorem (logic equation) What it's called 
X+0 =X OR identity 
X*1=X AND identity 
X+1 =1 
X*0=0 
X+X =X 
XX = X 
—(-X) =X Double negation 
X+(-X) = 1 
XX = 0 Contradiction 
X+Y = Y+X Commutativity of OR 
X*Y = Y*X Commutativity of AND 
X+(X*Y) =X 
X*(-Y)+Y = X+Y 
X+Y4+Z = (X+Y)+Z = X+(Y+Z) Associativity of OR 
XY ZXY Zeal (YZ) Associativity of AND 
X*(Y+Z) = (X*Y)+(X*Z) Distributivity 
—(X+Y) = (—X)*(-Y) DeMorgan’s Theorem 
—(X*Y) = (-X)+(-Y) DeMorgan’s Theorem 


head pointing up (/\) or by an ampersand (&), and the OR operation is denoted by a detached ar- 
rowhead pointing down (V). 


Theorems 


Table 26-1B shows several logic equations. Such facts are called theorems. Statements on either side 
of the equals sign in each case are logically equivalent. 

When two statements are logically equivalent, it means that one is true if and only if (iff) the 
other is true. For example, the statement X = Y means that X implies Y, and also that Y implies X. 
Logical equivalence is sometimes symbolized by a double arrow with one or two shafts (<> or S). 

Boolean theorems are used to analyze and simplify complicated logic functions. This makes it 
possible to build a circuit to perform a specific digital function, using the smallest possible number 
of logic switches. 


Digital Circuits 


All binary digital devices and systems employ high-speed electronic switches that perform Boolean op- 
erations. These switches are called logic gates. By combining logic gates, sophisticated digital systems 
can be built up. Even the most advanced computers are, at the basic level, comprised of logic gates. 


Positive and Negative Logic 


Usually, the binary digit 1 stands for “true” and is represented by a voltage of about +5 V. The bi- 
nary digit 0 stands for “false” and is represented by about 0 V. This is positive logic. There are 


connected to a 600-ohm line. 
Questions 

A. To properly match the generator to the 
line, what turns ratio is required? 


B. Find the output voltage across the load. 


C. Find the load current and power. 


Answers 
A | 10,000 0 
TR= [fe = | O ty Te 
La 6000 
B Malos l =245 V which is 0.866V 
TR 4.08 
rms 
C 2 2 
TA — (3.53) =1.25mW 
Ac 10,000 


Note For the power calculation, you must use 
the rms value of the voltage. 


Pp, 125mW sites 
Vin E 3,53 Mo Di di isos soe 


I L lin (TR) = 0.354 x 4.08 = 1.445 
mA rms , which is 4.08 mA pp 


in 


Zi 600 

which is the same as the input power. This 
circuit is shown in Figure 10.12 . 

Figure 10.12 


Digital Circuits 445 


other logic forms, the most common of which is negative logic. In a common form of negative 
logic, the digit 1 (the logic high state) is represented by about 0 V, and the digit 0 (the logic low 
state) is represented by about +5 V. The remainder of this chapter deals with positive logic. 


Basic Gates 


An inverter or NOT gate has one input and one output. It reverses the state of the input. An OR gate 
can have two or more inputs. If both, or all, of the inputs are 0 (low), then the output is 0. If any of 
the inputs is 1 (high), then the output is 1. An AND gate can have two or more inputs. If both, or 
all, of the inputs are 1, then the output is 1. Otherwise the output is 0. 


Other Gates 


Sometimes an inverter and an OR gate are combined. This produces a NOR gate. If an inverter and 
an AND gate are combined, the result is a NAND gate. 

An exclusive OR gate, also called an XOR gate, has two inputs and one output. If the two inputs 
are the same (either both 1 or both 0), then the output is 0. If the two inputs are different, then the 
output is 1. 

The functions of logic gates are summarized in Table 26-2. Their schematic symbols are shown 
in Fig, 26-2. 


Black Boxes 


Logic gates can be combined to form circuits with many inputs and outputs. When two or more 
logic gates are combined, the outputs are always specific logical functions of the inputs. A complex 
combination of logic gates is sometimes called a black box. 

The functions of a black box can always be determined using Boolean algebra, if the gates in- 
side, and the way they are interconnected, is known. Conversely, if a certain complex logical func- 
tion is needed for an application, a black box can be designed to perform that function by using 


Boolean algebra to break the function down into components of NOT, OR, AND, NOR, NAND, 


D 
L% 
> 


26-2 An inverter or NOT 
gate (A), an AND gate 
(B), an OR gate (C), 
an XOR gate (D), a 
NAND gate (E), and 
a NOR gate (F). 
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Table 26-2. Logic gates and their characteristics. 


Gate type 


NOT 
OR 


AND 


NOR 


NAND 


XOR 


Forms of Binary Data 


In communications, binary (two-level) data is less susceptible to noise and other interference than 
analog or multilevel digital data. There are several forms. 


e Morse code is the oldest binary means of sending and receiving messages. It is a binary code 
because it has only two possible states: on (key-down) and off (key-up). It is used mainly by 
amateur radio operators in their hobby activities. A “human ear/brain machine,” scrutiniz- 
ing a Morse code signal, is an amazingly effective digital communications receiver. 

e Baudot, also called the Murray code, is a five-unit digital code not widely used by today’s dig- 


Number of inputs 


1 
2 or more 


2 or more 


2 or more 


2 or more 


Remarks 


Changes state of input. 

Output high if any inputs 
are high. 

Output low if all inputs are 
low. 

Output low if any inputs are 
low. 

Output high if all inputs are 
high. 

Output low if any inputs are 
high. 

Output high if all inputs are 
low. 

Output high if any inputs 
are low. 

Output low if all inputs are 
high. 

Output high if inputs differ. 

Output low if inputs are the 
same. 


ital equipment, except in some radioteletype communications. 


e ASCII (American National Standard Code for Information Interchange) is a seven-unit code 
for the transmission of text and some programs. Letters, numerals, symbols, and control op- 
erations are represented. ASCII is designed for computers. There are 2”, or 128, possible rep- 
resentations. Both upper- and lowercase letters can be represented, along with numerals and 


certain symbols. 


Flip-flops 


A flip-flop is also known as a sequential logic gate. In a sequential gate, the output state depends on 
both the inputs and the outputs. A flip-flop has two states, called set and reset. Usually, the set state 


is logic 1 (high), and the reset state is logic 0 (low). Here are some common types. 
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R-S flip-flop inputs are labeled R (reset) and S (set). The outputs are Q and —Q. (Often, 
rather than —Q, you will see Q’, or perhaps Q with a line over it.) The outputs are always in 
logically opposite states. The symbol for an R-S flip-flop, also known as an asynchronous flip- 
flop, is shown in Fig. 26-3A. The truth table (a specialized form of table denoting logic func- 
tions) for an R-S flip-flop is at Table 26-3A. 

Synchronous flip-flop states change when triggered by the signal from a clock. In static trig- 
gering, the outputs change state only when the clock signal is either high or low. This type 
of circuit is sometimes called a gated flip-flop. In positive-edge triggering, the outputs change 
state at the instant the clock pulse is positive-going. The term edge triggering derives from 
the fact that the abrupt rise or fall of a pulse looks like the edge of a cliff (Fig. 26-3B). In 
negative-edge triggering, the outputs change state at the instant the clock pulse is negative- 
going. 

Master/slave (M/S) flip-flop inputs are stored before the outputs are allowed to change state. 
This device essentially consists of two R-S flip-flops in series. The first flip-flop is called the 
master, and the second is called the slave. The master flip-flop functions when the clock out- 
put is high, and the slave acts during the next low portion of the clock output. This time 
delay prevents confusion between the input and output. 

J-K flip-flop operation is similar to that of an R-S flip-flop, except that the J-K has a pre- 
dictable output when the inputs are both 1. Table 26-3B shows the input and output states 
for this type of flip-flop. The output changes only when a triggering pulse is received. The 
symbol for a J-K flip-flop is shown in Fig. 26-3C. 

R-S-T flip-flop operation is similar to that of an R-S flip-flop, except that a high pulse at the 
T input causes the circuit to change state. 

The T flip-flop has only one input. Each time a high pulse appears at the T input, the out- 


put state is reversed. 


Clocks 


In electronics, the term clock refers to a circuit that generates pulses at high speed and at precise in- 
tervals. It sets the tempo for the operation of digital devices. In a computer, the clock acts like a 
metronome for the microprocessor. Clock speeds are measured and expressed in hertz (Hz), kilohertz 


(kHz), megahertz (MHz), or gigahertz (GHz). 


Positive- Negative- 
ON VS 


EY E 


A B C 


26-3 At A, the symbol for an R-S flip-flop. At B, pulse edges are either 
negative-going or positive-going. At C, the symbol for a J-K flip-flop. 
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Table 26-3. Flip-flop states. 


A: 

R-S Flip-flop 

R S Q -Q 
0 0 Q -Q 
0 1 1 0 

1 0 0 1 

1 1 ? ? 
B: 

J-K Flip-flop 

J K Q Q 
0 0 Q -Q 
0 1 1 0 

1 0 0 1 

1 l -Q Q 


Counters 


A counter consists of a set of flip-flops or equivalent circuits. Each time a pulse is received, the bi- 
nary number stored by the counter increases by 1. A frequency counter measures the frequency of 
a wave by tallying the cycles in a given interval of time. The circuit consists of a gate, which be- 
gins and ends each counting cycle at defined intervals. The accuracy is a function of the length of 
the gate time; the longer the time base, the better the accuracy. The readout is in base-10 digital 
numerals. 


Binary Digital Communications 


The use of binary data provides excellent communications accuracy and efficiency. If multilevel sig- 
naling is required, then all the levels can be represented by groups of binary digits. A group of 3 bi- 
nary digits, for example, can represent 2°, or 8, levels. A group of 4 binary digits can represent 2%, or 
16, levels. The term binary digit is commonly contracted to bit. 


Bits, Bytes, and Baud 


A bit is almost always represented by either 0 or 1. A group of 8 bits is a called an octet, and in many 
systems this also corresponds to a unit called a byte. Large quantities of data can be expressed either 
according to powers of 2, or according to powers of 10. This can cause some confusion and gives 
rise to endless debates over semantics. 

One kilobit (kb) is equal to 1000 bits. A megabit (Mb) is 1000 kilobits, or 1,000,000 bits. A 
gigabit (Gb) is 1000 megabits, or 1,000,000,000 bits. When data is expressed in bits, powers of 10 
are used to define large quantities. If you hear about a modem that operates at 56 kbps, it means 
56,000 bits per second (bps). Bits, kilobits, megabits, and gigabits per second (bps, kbps, Mbps, and 


Gbps) are commonly used to express data in communications. 
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Data quantity in storage and memory is usually specified in kilobytes (units of 2'° = 1,024 bytes), 
megabytes (units of 2” = 1,048,576 bytes), and gigabytes (units of 2°” = 1,073,741,824 bytes). The 
abbreviations for these units are KB, MB, and GB, respectively. Note that the uppercase K repre- 
sents 2'” or 1024, while the lowercase k represents 10° or 1000. But M and G are always uppercase, 
no matter whether powers of 2 or 10 are used. (Is all of this confusing to you? Don't be discouraged. 
It confuses almost everybody.) 

Larger data units are being used as memory and storage media continue to grow. The terabyte 
(TB) is 2% bytes, or 1024 GB. The petabyte (PB) is 2% bytes, or 1024 TB. The exabyte (EB) is 2% bytes, 
or 1024 PB. 

The term baud refers to the number of times per second that a signal changes state. The units 
of bps and baud are not equivalent, even though people often speak of them as if they are. These 
days, baud (or “baud rate”) is seldom used to express data speed. 

When computers are linked in a network, each computer has a modem (modulator/demodulator) 
connecting it to the communications medium. The slowest modem determines the speed at which 
the machines communicate. Table 26-4 shows common data speeds and the approximate time pe- 
riods required to send 1, 10, and 100 pages of double-spaced, typewritten text at each speed. 


Forms of Conversion 


Any analog (continuously variable) signal can be converted into a string of pulses whose amplitudes 
have a finite number of states, usually some power of 2. This is analog-to-digital (A/D) conversion, 
and its reverse is digital-to-analog (D/A) conversion, as you've already learned. The difference be- 
tween analog and digital signals can be intuitively seen by examining Fig. 26-4. This is essentially 
a rendition of 8-level pulse code modulation (PCM), as described in Chap. 25 and illustrated in 
Fig. 25-8D. Imagine the curve being sampled as a train of pulses (A/D), or the pulses being smoothed 
into the curve (D/A). 


Table 26-4. Time needed to send data at various speeds. 
Abbreviations: s = second, ms = millisecond (0.001 s}, us = microsecond (0.000001 s). 


As 


Speed, kbps Time for one page Time for 10 pages Time for 100 pages 
28.8 0.38 s 3.8 s 38 s 

38.4 280 ms 2.8 s 28 s 

57.6 190 ms 1.9 s 19 s 

100 110 ms 1.1 ms lls 

250 44 ms 440 ms 4.4 s 

500 22 ms 220 ms 2.258 

B: 

Speed, Mbps Time for one page Time for 10 pages Time for 100 pages 
1.00 11 ms 110 ms l.ls 

2.50 4.4 ms 44 ms 440 ms 

10.0 1.1 ms 11 ms 110 ms 


100 110 Us 1.1 ms 11 ms 
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26-4 An analog waveform (dashed curve) and an 8-level digital representation 
(vertical bars). 


000 


Binary digital data can be sent and received one bit at a time along a single line or channel. This 
is serial data transmission. Higher data speeds can be obtained by using multiple lines or a wideband 
channel, sending independent sequences of bits along each line or subchannel. This is parallel data 
transmission. 

Parallel-to-serial (PIS) conversion receives bits from multiple lines or channels, and transmits 
them one at a time along a single line or channel. A buffer stores the bits from the parallel lines or 
channels while they are awaiting transmission along the serial line or channel. Serial-to-parallel 
(S/P) conversion receives bits from a serial line or channel, and sends them in batches along sev- 
eral lines or channels. The output of an S/P converter cannot go any faster than the input, but the 
circuit is useful when it is necessary to interface between a serial-data device and a parallel-data 
device. 

Figure 26-5 illustrates a circuit in which a P/S converter is used at the source (transmitting sta- 
tion), and an S/P converter is used at the destination (receiving station). In this example, the words 
are 8-bit bytes. However, the words could have 16, 32, 64, or even 128 bits, depending on the com- 
munications scheme. 


Data Compression 


Data compression is a way of maximizing the amount of digital information that can be stored in a 
given space, or sent in a certain period of time. 

Text files can be compressed by replacing often-used words and phrases with symbols such 
as =, #, 8, $, and @, as long as none of these symbols occurs in the uncompressed file. When 
the data is received, it is uncompressed by substituting the original words and phrases for the 
symbols. 
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1 
po 
26-5 A communications 
circuit employing 1 
parallel-to-serial (P/S) 
conversion at the Data flow 0 
source, and serial- mM 5 
to-parallel (S/P) 
conversion at the 4 
destination. 
1 
ml 


| NS 


Destination 


Digital images can be compressed in either of two ways. In lossless image compression, detail is 
not sacrificed; only the redundant bits are eliminated. In lossy image compression, some detail is lost, 
although the loss is usually not significant. 


Packet Wireless 


In packet wireless, a computer is connected to a radio transceiver using a terminal node controller 
(TNC), which is similar to a modem. An example is shown in Fig. 26-6A. The computer has a tele- 
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26-6 At A, a packet-wireless station. At B, passage of a packet through nodes in a 
wireless communications circuit. 


phone modem as well as a TNC, so messages can be sent and received using conventional online 
services as well as radio. 

Figure 26-6B shows how a packet wireless message is routed. Black dots represent subscribers. Rec- 
tangles represent local nodes, each of which serves subscribers by means of short-range links at very 
high, ultra high, or microwave radio frequencies. The nodes are interconnected by terrestrial radio 
links if they are relatively near each other. If the nodes are widely separated, satellite links are used. 
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The RGB Color Model 


All visible colors can be obtained by combining red, green, and blue light. The red/green/blue (RGB) 


color model takes advantage of this fact. 


Hue, Saturation, and Brightness 


Color, as perceived by the human eye, is a function of the wavelength of optical EM energy. When 
most of the energy is concentrated near a single wavelength, you see an intense hue. The vividness 
of a hue is called the saturation. The brightness of a color is a function of how much total energy 
the light contains. In most video displays, there is a control for adjusting the brightness, also called 
brilliance. 


3D Color 


A color palette is obtained by combining pure red, green, and blue in various ratios. Assign each pri- 
mary color an axis in Cartesian three-dimensional (3D) space as shown in Fig. 26-7. Call the axes R 
(for red), G (for green), and B (for blue). Color brightness can range from 0 to 255, or binary 


Red Yellow White 
axis 


R= 255 


Gray line 


R=127 
Green 
axis 
Cyan 
Black Blue 
axis 


B=127 B = 255 
R=G=B=0 
26-7 The RGB color model, depicted as a cube in Cartesian three-dimensional (3D) space. 
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00000000 to 11111111. The result is 16,777,216 (256°) possible colors. Any point within the cube 
represents a unique color. 

Colors in the RGB model can also be represented by six-digit hexadecimal numbers, such as 
OOSCFE. In this scheme, the first two digits represent the red (R) intensity in 256 levels ranging 
from 00 to FE The middle two digits represent the green (G) intensity, and the last two digits rep- 
resent the blue (B) intensity. 

Some RGB systems use only 16 levels for each primary color (binary 0000 through 1111). This 
results in 4096 possible colors. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 
1. Suppose inverters are placed in series with both inputs of an AND gate. Under what 
conditions is the output of the resulting black box high? 
(a) If and only if both inverter inputs are high 
(b) 
(c) 


(d) Under no conditions (the output is always low) 


If and only if both inverter inputs are low 


If and only if one inverter input is high and the other is low 


2. Suppose an AND gate is followed by an inverter. Under what conditions is the output of the 
resulting black box low? 


(a) If and only if both inputs are high 

(b) If and only if both inputs are low 

(c) If and only if one input is high and the other is low 
(d) Under no conditions (the output is always high) 


3. What is the binary equivalent of decimal 29? 
(a) 10101 
(b) 11101 
(c) 10111 
(d) 11011 


4. In Boolean algebra, addition represents 
(a) the logical NOT operation. 
(b) the logical AND operation. 
(c) the logical OR operation. 
(d) the logical NAND operation. 
5. If the output to a logical inverter is low, it means that 
(a) both of the two inputs are high. 
(b) both of the two inputs are low. 


ee 


600 £2 


LG 
10 kQ 


Note The generator now sees 10 k& when it 
looks toward the load, rather than the actual 
600-ohm load. By the same token, the load 
now sees 600 ohms when it looks toward the 


source. This condition allows the optimum 
transfer of power to take place between the 
source and the load. In practice, however, 
the optimum condition as calculated here 


rarely exists. Because it may be impossible to 
obtain a transformer with a turns ratio of 
4.08:1, you would have to select the closest 
available value, which might be a turns ratio 
of 4:1. The difference in the turns ratio 
affects the conditions at the load side, but 
only slightly. 

17 In this problem, you use a transformer 
to match a generator to a load. 
Questions 
A. What turns ratio is required to match a 
generator that has a 2 kQ output to a 
600-ohm line? —__— 
B. If the generator produces 1 V pp , what is 
the voltage across the load? 


Answers 


6. 


Quiz 


(c) the single input is high. 

(d) the single input is low. 

What is the decimal equivalent of binary 1111? 
(a) 15 

(b) 31 

(c) 63 

(d) 127 


7. The output of an AND gate is high if and only if 


8. 


9, 


(a) one input is high and the others are low. 
(b) 
(c) 
(d) all inputs are high. 


one input is low and the others are high. 


any of the inputs is low. 


DeMorgan's Theorem states that, for all logical statements X and Y, 
(a) —(X*Y) is equivalent to X+Y. 

(b) X*Y is equivalent to —(X+Y). 

(c) (-X)+(-Y) is equivalent to X*Y. 

(d) (-X)+(-Y) is equivalent to —(X*Y). 


If you see a number represented by FF in the documentation for an electronic circuit or 


system, you can be certain that the number is 


10. 


11. 


12. 


(a) radix 16. 

(b) radix 10. 

(c) radix 8. 

(d) radix 2. 

Which of the following codes is digital? 
(a) Morse 

(b) Baudot 

(c) ASCII 

(d) All of the above 


Which of the following voltages could normally represent a 1 in positive logic? 
(a) 0.0 V 

(b) +0.5 V 

(c) +5 V 

(d) +50 V 

Which of the following voltages might normally represent a 1 in negative logic? 
(a) 0.0 V 

(b) +12 V 
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13. 


(c) +5 V 
(d) +50 V 


Fill in the blank to make the following sentence true: 


(<9 


data transmission refers to digital 


bits sent along a single line, one bit after another.” 


14. 


15. 


16. 


ee 


18. 


(a) Serial 

(b) Synchronous 

(c) Parallel 

(d) Analog 

The inputs of an R-S flip-flop are known as 
(a) low and high. 

(b) octal and binary. 

(c) synchronous and asynchronous. 


(d) reset and set. 


When both inputs of an R-S flip-flop are 0, 
(a) the outputs stay as they are. 

(b) Q=0and-Q =1. 

(c) Q=1and-Q =0. 

(d) the resulting outputs can be absurd. 


The fifth digit from the right in a binary number carries which decimal value? 
(a) 64 

(b) 32 

(c) 24 

(d) 16 

What is the octal equivalent of binary 1010? 

(a) 4 

(b) 10 

(c) 12 

(d) There is no way to tell without more information. 


What is the largest possible radix 10 number that can be represented as a six-digit binary 


number? 


19. 


(a) Decimal 256 

(b) Decimal 128 

(c) Decimal 64 

(d) Decimal 63 

If one of the inputs to a two-input NOR gate is high, what is the output state? 


(a) There is not enough information to tell. 


(b) Low 
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(c) High 
(d) It depends on the state of the other input. 


20. Suppose a logic circuit has four inputs W, X, Y, and Z. How many possible input 
combinations are there? 


(a) 4 
(b) 8 
(c) 16 
(d) 32 


Test: Part 3 


DO NOT REFER TO THE TEXT WHEN TAKING THIS TEST. A GOOD SCORE IS AT LEAST 37 CORRECT. 
Answers are in the back of the book. It’s best to have a friend check your score the first time, so you 
wont memorize the answers if you want to take the test again. 
1. Ina JFET, the control electrode is usually the 
(a) source. 
(b) emitter. 
(c) drain. 
(d) base. 
(e) gate. 
2. A diode can be used as a frequency multiplier because of its 
(a) junction capacitance. 
(b) nonlinearity. 
(c) avalanche voltage. 
(d) forward breakover. 


(e) charge carrier concentration. 


3. Which of the following is not a common form of data transmission? 


(a) Polarization modulation 
(b) Frequency modulation 
(c) Amplitude modulation 
(d) Phase modulation 


(e) Pulse modulation 


4. A very brief, high-voltage spike on an ac power line is called 
(a) a bleeder. 


(b) an arc. 
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(c) a transient. 
(d) an avalanche. 
(e) a clipped peak. 


5. Which of the following is not characteristic of an oscillator? 


(a) Negative feedback 
(b) Good output-to-input coupling 
(c) Reasonably high transistor gain 
(d) Alternating current signal output 
(e) Usefulness as a signal generator 
6. Which layer of the ionosphere exists at the lowest altitude? 
(a) The F layer 
(b) The E layer 
(c) The D layer 
(d) The C layer 


(e) The B layer 


7. The beta of a bipolar transistor is another name for its 
(a) current amplification factor. 
(b) voltage amplification factor. 
(c) power amplification factor. 
(d) maximum amplification frequency. 


(e) optimum amplification frequency. 


8. In a schematic diagram, the symbol for a PNP bipolar transistor can be recognized by 
(a) a broken vertical line inside the symbol circle. 
(b) an arrow inside the symbol circle, pointing from the base toward the emitter. 
(c) an arrow inside the symbol circle, pointing outward from the collector. 
(d) a collector biased at a positive voltage with respect to the emitter. 
(e) an arrow inside the symbol circle, pointing from the emitter toward the base. 
9. Fill in the blank in the following sentence to make it true: “In an oscillator, __is an 


expression of the extent to which the circuit maintains constant signal frequency output under 
variable operating conditions, and is also an expression of its overall reliability.” 


(a) sensitivity 
(b) drift ratio 
(c) gain 
(d) selectivity 
(e) stability 
10. A Zener diode would most likely be found in 
(a) the mixer in a superheterodyne receiver. 


(b) the PLL in a circuit for detecting FM. 
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(c) the product detector in a receiver for SSB. 
(d) the voltage regulator in a power supply. 
(e) the AF oscillator in an AFSK transmitter. 


11. When the bias in an FET stops the flow of current, the condition is called 


(a) forward breakover. 
(b) cutoff. 

(c) reverse bias. 

(d) pinchoff. 


(e) avalanche. 


12. The VA rating of a transformer is an expression of 
(a) the maximum frequency at which it can function. 
(b) the type of core material it has. 
(c) the voltage step-up or step-down ratio. 
(d) the impedance transfer ratio. 


(e) none of the above. 


13. In an N-type semiconductor, the minority carriers are 
(a) electrons. 
(b) protons. 
(c) holes. 
(d) neutrons. 


(e) positrons. 


14. A disadvantage of a half-wave rectifier is the fact that 
(a) the output voltage is excessive compared to that of a full-wave rectifier. 


(b) the output current is excessive compared to that of a full-wave rectifier. 


AT 


c) the output waveform is harder to filter than is the case with a full-wave rectifier. 


(d) it requires several expensive diodes, whereas a full-wave rectifier requires only a single 


cheap diode. 

(e) it requires an expensive center-tapped transformer, whereas a full-wave rectifier does not 
need a transformer at all. 

15. A power gain of 30 dB is equivalent to which amplification factor? 

(a) 0.001 

(b) 130 

(c) 30 

(d) 1000 

(e) None of the above 
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16. Suppose an RF power amplifier has a de collector input of 60 W, and is 75 percent efficient. 
What is the RE signal output power? 


(a) 80 W 
(b) 60 W 
(c) 45 W 
(d) 40 W 


(e) Impossible to determine from this data 


17. Ifa listener is not expecting any change in the intensity of a signal or sound, the smallest 
change that can be noticed is approximately which of the following? 


(a) +0.3 dB 
(b) +1 dB 
c) +3 dB 
d) +10 dB 
e) +30 dB 


18. A common base circuit is commonly employed as 


(a) a microwave oscillator. 
(b) a low-pass filter. 

(c) a noise generator. 

(d) a phase-locked loop. 


(e) an RF power amplifier. 


19. A semiconductor material especially noted for its photoconductivity, and which is often used 
in making photocells, is 


(a) selenium. 

(b) lithium salt. 

(c) copper chloride. 
(d) aluminum oxide. 


(e) polyethylene. 


20. Which type of PA circuit provides the highest efficiency when used with the appropriate 


amount of driving power? 


21. 


(a) Class A 

(b) Class AB 

(c) Class B 

(d) Class C 

(e) All of the above circuits are equally efficient. 


Baudot is a form of 


(a) video modulation. 


(b) diode. 
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(c) digital code. 
(d) voice modulation. 


(e) AM detector. 


22. The most stable type of oscillator circuit uses 
(a) a tapped coil. 
(b) a split capacitor. 
(c) negative feedback. 
(d) a common base arrangement. 


(e) a quartz crystal. 


23. If the source-gate junction in an FET conducts, 
(a) it is a sign of improper bias. 
(b) the device will work in class C. 
(c) the device will oscillate. 
(d) the device will work in class A. 


(e) the circuit will have good stability. 


24. What is the radix of the octal number system? 
(a) 2 
(b) 2? 


) 
25. Signal-to-noise ratio (S/N) is often specified when stating 
(a) the selectivity of a receiver. 

(b) the stability of an oscillator. 

(c) the modulation coefficient of a transmitter. 

(d) the sensitivity of a receiver. 


(e) the polarization of an EM wave. 


26. In a reverse-biased semiconductor diode, the junction capacitance depends on 

(a) the width of the depletion region. 

(b) the reverse current. 

(c) the P:N ratio. 

(d) the gate bias. 

(e) the avalanche voltage. 
27. Suppose the bandwidth of the channel in a receiver’s IF filter is 4.5 kHz at 30-dB power 
attenuation, and 3.0 kHz at 3-dB power attenuation. What is the shape factor? 

(a) 10:1 

(b) 1.5:1 
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(c) 1:1 
(d) 1:10 


(e) More information is necessary to determine this. 


28. A simple power supply filter can be built with 


(a) a capacitor in series with the dc output. 

(b) an inductor in parallel with the dc output. 

(c) a rectifier in parallel with the dc output. 

(d) a resistor in series and an inductor in parallel with the dc output. 


(e) a capacitor in parallel with the dc output. 


29. Which of the following bipolar transistor circuits can, in theory, provide the most 
amplification? 


(a) Common emitter 
(b) Common base 

(c) Common collector 
(d) Common gate 


(e) Common drain 


30. The ratio of the difference in /¿ to the difference in J% that occurs when a small signal is 
applied to the base of a bipolar transistor is called the 


31. 


(a) static current amplification. 
(b) dynamic current amplification. 
(c) power factor. 


(d) efficiency. 


(e) current attenuation factor. 


An example of a device that is commonly used as an oscillator at microwave frequencies is 
(a) a rectifier diode. 

(b) a weak-signal diode. 

(c) a Gunn diode. 

(d) a Zener diode. 


(e) an avalanche diode. 


32. In the operation of a PNP bipolar transistor, which of the following is normal concerning the 
emitter and collector voltages? 


(a) The collector is positive relative to the emitter. 

(b) The collector is at the same voltage as the emitter. 

(c) The collector is negative relative to the emitter. 

(d) The collector can be either positive or negative relative to the emitter. 


(e) The collector must be at ground potential. 
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33. What can be done to minimize the capacitance of the P-N junction in a semiconductor 
diode, thereby making the component effective as a high-speed RE switch? 


(a) The surface area of the P-N junction can be maximized. 

(b) A layer of intrinsic semiconductor can be placed between the P- and N-type materials. 

(c) The frequency of the applied signal can be made as high as possible. 

(d) The diode can be forward-biased with a high voltage. 

(e) A small-value resistor can be connected in series with each of several diodes, and the series 

diode-resistor combinations can all be connected in parallel. 

34. Which type of modulation consists of one voice sideband, with a suppressed carrier? 

(a) AM 

(b) LSB 

(c) E 

(d) ais 

(e) PCM 
35. Suppose a series-parallel network of resistors is assembled into an RF attenuator pad, which is 
a circuit deliberately intended to produce a constant signal loss over a wide band of frequencies. If 


the input RF voltage to this attenuator pad is 500 UV and the output RF voltage is 100 uV, what 
is the loss in decibels? 


(a) 14.0 dB 
(b) 6.99 dB 
(c) 5.00 dB 
(d) 1.40 dB 
(e) 0.699 dB 

36. In an AND gate, the output is high 
(a) if any input is high. 
(b) 
(c) 
(d) only when all inputs are high. 


only when all inputs are low. 


if any input is low. 


(e) only when all inputs have identical logic states. 


37. A voltage-controlled oscillator makes use of 
(a) a varactor diode. 
(b) a Zener diode. 
(c) negative feedback. 
(d) a split capacitance. 
(e) adjustable gate or base bias. 


38. The best electrical ground for a power supply is obtained by 


(a) connecting a small-value capacitor between the hot wire and a good earth ground, such as 
an 8-ft copper rod driven into the earth. 


A. TR = 1.83 
B. VL = 0.55 V pp 

18 In this problem you use a transformer 
to match a generator to a 2 kQ load. 
Questions 
A. What turns ratio is required to match a 2 
kQ load with a source that has an output 
impedance of = kQ? | 
B. If the load requires a power of 20 mW, 
what should the source be? (First, find the 
voltage across the load.) 
C. What are the © primary and secondary 


currents and the power supplied by the 
source to the primary side of the 
transformer? — _—_—_—— 

Answers 

A. TR = 1.58 

B 


Vi =,/P, XZ, =,20mWXx2k(0 =6.32 Vim;and 


Va = Vi XTR=6.32 Ving ¥1.58=10 Vims 
C. IL = 3.16 mA rms , |p = 2 mA rms , P in 


= 20 mW 
Summary and Applications 


In this chapter, you learned about the 
following topics related to transformers: 

The principles that allow an AC signal to be 
induced in a secondary coil 

How the AC voltage across the secondary 
coil can be stepped up or down depending 
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(b) ensuring that the ground wire from the power supply is connected to the third wire hole 
in one of the utility outlets of a properly installed three-wire electrical circuit. 


(c) using a center-tapped transformer and a full-wave rectifier circuit, in conjunction with 
good filtering, voltage regulation, and transient suppression. 


(d) connecting a large-value inductor in series with the hot wire, thereby ensuring that the 
voltage on that wire cannot be shunted to ground. 

(e) making sure that all equipment connected to the supply is provided with fuses and/or 
circuit breakers of the proper ratings. 


39. Suppose the output signal voltage from an amplifier is 35 times the input signal voltage. If 
the input and output impedances are both pure resistances of the same value, what is the gain? 


(a) 15 dB 
(b) 31 dB 
(c) 35 dB 
(d) 350 dB 
(e) 700 dB 


40. In an exclusive OR gate, the output is high 
(a) if either input is high. 
(b) only when both inputs are low. 
(c) if either input is low. 
(d) only when both inputs are high. 


(e) only when the inputs have opposite logic states. 


41. A ratio detector is a circuit for demodulating which of the following? 


42. Suppose there is a binary digital black box with two inputs, called X and Y, and an output 
called Z. If X = 0 and Y = 1, then Z = 0. In all other instances, Z = 1. Which of the following 


logical expressions represents the contents of the black box? 


(a) X+ (-Y) 


43. A method of modulation in which the strength of pulses varies is called 
(a) pulse ratio modulation. 


(b) pulse position modulation. 
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(c) pulse frequency modulation. 
(d) pulse amplitude modulation. 


(e) pulse width modulation. 


44. Boolean algebra is 
(a) useful for calculating amplifier gain in decibels. 
(b) a useful tool in binary digital circuit design. 
(c) used to calculate the value of an unknown. 
(d) used with negative pulse modulation schemes. 


(e) used with positive pulse modulation schemes. 


45. A voltage-doubler power supply is best for use in 
(a) circuits that need high voltage but do not draw much current. 
(b) low-voltage devices. 
(c) high-current appliances. 
(d) all kinds of electronic equipment. 


(e) broadcast transmitter power amplifiers. 


46. An optoisolator consists of 
(a) two Zener diodes back-to-back. 
(b) an LED and a photodiode. 
(c) two NPN transistors in series. 
(d) an NPN transistor followed by a PNP transistor. 
(e) a PNP transistor followed by an NPN transistor. 


47. When a semiconductor is reverse-biased with a large enough voltage, it will conduct. This 
phenomenon is known as 


(a) bias effect. 

(b) avalanche effect. 
(c) forward breakover. 
(d) saturation. 


(e) conduction effect. 


48. Synchronizing pulses in a conventional analog TV signal 
keep the brightness constant. 


( 


(a) 
b) keep the contrast constant. 
(c) keep the image from tearing or rolling. 
(d) 

(e) keep the image in good focus. 
49. In an enhancement-mode MOSFET, 


(a) the channel conducts fully with zero gate bias. 


ensure that the colors are right. 


(b) the channel conducts partially with zero gate bias. 
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(c) the channel conducts ac but not dc. 
(d) the channel conducts de but not ac. 


(e) the channel does not conduct with zero gate bias. 


50. In a step-up power transformer, 
(a) the primary voltage is more than the secondary voltage. 
(b) the secondary voltage is more than the primary voltage. 
(c) the primary and secondary voltages are the same. 
(d) the secondary must be center-tapped. 
(e) the primary must be center-tapped. 
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CHAPTER 


Antennas 


ANTENNAS CAN BE CATEGORIZED INTO TWO MAJOR CLASSES: RECEIVING TYPES AND TRANSMITTING 
types. Most transmitting antennas can also function effectively for reception. Some receiving anten- 
nas can efficiently transmit EM signals; others cannot. 


Radiation Resistance 


When RF current flows in an electrical conductor, some EM energy is radiated into space. If a resis- 
tor is substituted for the antenna, in combination with a capacitor or inductor to mimic any inher- 
ent reactance in the antenna, the transmitter behaves in the same manner as when connected to the 
actual antenna. For any antenna operating at a specific frequency, there exists a specific resistance, 
in ohms, for which this can be done. This is known as the radiation resistance (Ry) of the antenna at 
the frequency in question. Radiation resistance is specified in ohms. This phenomenon was intro- 
duced in Chap. 17. Now you'll see why it’s important! 


Determining Factors 


Suppose a thin, straight, lossless vertical antenna is placed over perfectly conducting ground. Then 
Rg is a function of the vertical-antenna conductor height in wavelengths (Fig. 27-1A). Suppose a 
thin, straight, lossless wire is placed in free space and fed at the center. Then Rx is a function of the 
overall conductor length in wavelengths (Fig. 27-1B). 


Antenna Efficiency 


Efficiency is rarely crucial to the performance of a receiving antenna system, but it is important in 
any transmitting antenna system. Radiation resistance always appears in series with Joss resistance 


(R,). The antenna efficiency, Eff, is given by: 


Eff= Ral (Re + R) 
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27-1 Approximate values of radiation resistance for vertical antennas over perfectly 
conducting ground (A) and for center-fed antennas in free space (B). 


which is the ratio of the radiation resistance to the total antenna system resistance. As a percentage, 
Eff = 100 Rg/ (Rg + Ri) 


High efficiency in a transmitting antenna is obtained when the radiation resistance is much 
larger than the loss resistance. Then most of the power goes into useful EM radiation, and relatively 
little is dissipated as heat in the earth and in objects surrounding the antenna. When the opposite 
situation exists—radiation resistance comparable to, or smaller than, the loss resistance, a transmit- 
ting antenna is inefficient. This is often the case for extremely short radiators, because they always 
have low radiation resistance. To some extent this can be overcome by careful antenna design and 
location to minimize loss resistance, but even the most concerted efforts rarely reduce the loss resist- 
ance to less than a few ohms. 

If an antenna system has a high loss resistance, it can nevertheless work efficiently if its radia- 
tion resistance is high enough. When an antenna radiator is just the right length at a given fre- 
quency, and if it is constructed of wire or thin tubing, its radiation resistance can be in excess of 
1000 Q. This makes it easy to construct an efficient antenna even when the loss resistance is fairly 


high. 
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Halt-Wave Antennas 


A half wavelength in free space is given by the equation: 
La = 492/f, 


where Ly, is the linear distance in feet, and f is the fundamental frequency, in megahertz, at which 
the antenna exhibits resonance. A half wavelength in meters, Lm, is given by: 


La = 150/f, 


For ordinary wire, the results as obtained above should be multiplied by a velocity factor, v, of 0.95 
(95 percent). For tubing or large-diameter wire, v can range down to about 0.90 (90 percent). 


Open Dipole 


An open dipole or doublet is a half-wavelength (A/2) radiator fed at the center (Fig. 27-2A). Each leg 
of the antenna is a quarter wavelength (A/4) long. For a straight wire radiator, the length Lp, in feet, 
at a design frequency fo, in megahertz, for a center-fed, A/2 dipole is approximately: 


La = 468/f, 
The length in meters is approximately: 


La = 143/f, 


<—a12 wavelength—>| ¡a 2 wavelength—>| 


Any = Any 90° 
length —— length —— 


To radio To radio 
27-2 Basic half-wave A B 


antennas. At A, dipole 
antenna. At B, folded- 


dipole antenna. At C, k 12 wavelength >] 
zepp antenna. 


A | 
1/4 wavelength—— see 


To radio 


C 
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These values assume v = 0.95. In free space, the impedance at the feed point is a pure resistance of 
approximately 73 Q. This represents the radiation resistance alone, in the absence of reactance at the 
resonant frequency. 


Folded Dipole 


A folded dipole antenna is a M2, center-fed antenna constructed of two parallel wires with their ends 
connected together (Fig. 27-2B). The feed-point impedance of the folded dipole is a pure resistance 
of approximately 290 (2. This makes the folded dipole ideal for use with high-impedance, parallel- 


wire transmission lines in applications where gain and directivity are not especially important. 


Half-Wave Vertical 


A radiator measuring A/2 can be stood up, fed at the base (the bottom end) against an earth ground 
with a transmatch or antenna tuner designed for high impedances, and connected to a radio by a 
coaxial cable feed line. This type of antenna is an efficient radiator even in the presence of consider- 
able loss resistance, because the radiation resistance is extremely high. 


Zepp 


A zeppelin antenna, also called a zepp, is a M2 radiator, fed at one end with a 1/4 section of open- 
wire line (Fig. 27-2C). The impedance at the feed point is an extremely high, pure resistance. At the 
transmitter end of the line, the impedance is a low, pure resistance. A zeppelin antenna can operate 
well at all harmonics of the design frequency. If an antenna tuner, also called a transmatch, is avail- 
able to tune out reactance, the feed line can be of any length. Feed-line radiation can be minimized 
by carefully cutting the radiator to A/2 at the fundamental frequency, and by using the antenna only 
at this frequency or one of its harmonics. Zepp antennas are rarely used at frequencies above 30 


MHz, except when modified to form a J pole. 


J Pole 


A zepp can be oriented vertically, and the feed line placed so it lies in the same line as the radiating 
element. This antenna, called a J pole, radiates equally well in all horizontal directions. The J pole is 
used as a low-budget antenna at frequencies from approximately 10 MHz up through 300 MHz. It 
is, in effect, a A/2 vertical fed with an impedance matching section consisting of a length of transmis- 
sion line measuring A/4. It does not require any radials, and this makes it convenient in locations 
where space is at a premium. 

Some radio amateurs hang long J poles, cut for 3.5 MHz or 1.8 MHz, from kites or helium- 
filled balloons. Such antennas work well, but they are dangerous if they are not properly tethered to 
prevent them from breaking off and flying away, or if they are placed where they might fall on power 
lines. They can develop considerable electrostatic charge, even in clear weather. They are deadly if 
flown in or near thunderstorms. 


Quarter-Wave Verticals 


A quarter wavelength is related to frequency by the equation: 


Ls = 246v/f, 


upon the turns ratio of the transformer 
The use of a center tap to produce various 
voltages from a transformer 


The use of transformers to match 
impedances between a generator and a 
load 

That transformers can cause the output 
signal to be inverted (out of phase) from 


the input signal 


Self-Test 

These questions test your understanding of 
the material in this chapter. Use a separate 
sheet of paper for your diagrams or 
calculations. Compare your answers with the 


answers provided following the test. 

1. How is a transformer constructed? ——__ 

2. What type of signal is used as an input to 
a transformer? 

3. If a sine wave is fed into a transformer 
shown in Figure 10.13 , what does the output 
waveform look like? 


Figure 10.13 


oes 


4. What is meant by the term turns ratio ? 
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where Lp represents A/4 in feet, f represents the frequency in megahertz, and v represents the veloc- 
ity factor. If the length is expressed in meters as Lm, then the formula is: 


Ln = 750/f, 


For a typical wire conductor, v= 0.95 (95 percent); for metal tubing, v can range down to approx- 
imately 0.90 (90 percent). 

A Má antenna must be operated against a low-loss RF ground. The feed-point impedance over 
perfectly conducting ground is approximately 37 Q. This represents radiation resistance in the ab- 
sence of reactance, and provides a reasonable impedance match to most coaxial transmission lines. 


Ground-Mounted Vertical 


The simplest vertical antenna is a A/4 radiator mounted at ground level. The radiator is fed with a 
coaxial cable. The center conductor is connected to the base of the radiator, and the shield is con- 
nected to a ground system. 

Unless an extensive ground radial system is installed, a ground-mounted vertical is likely to be 
inefficient unless the surface happens to be an excellent conductor (saltwater or a salt marsh, for ex- 
ample). Another problem is the fact that vertically polarized antennas receive more human-made 
noise than horizontal antennas. In addition, the EM fields from ground-mounted transmitting an- 
tennas are more likely to cause interference to nearby electronic devices than are the EM fields from 
antennas installed at a height. 


Ground Plane 


A ground-plane antenna is a vertical radiator, usually measuring A/4, operated against a system of A/4 
conductors called radials. The feed point, where the feed line joins the antenna radiator and the hub 
of the radial system, is elevated. When the feed point is at least A/4 above the ground, only three or 
four radials are necessary to obtain a low-loss RF ground system. The radials extend outward from 
the base of the antenna at an angle between 0° and 45° with respect to the horizon. Figure 27-3A 
illustrates a typical ground-plane antenna with four horizontal radials. 

A ground-plane antenna should be fed with coaxial cable. The feed-point impedance of a 
eround-plane antenna having a 1/2 radiator is about 37 Q if the radials are horizontal; the imped- 
ance increases as the radials droop, reaching about 50 Q at a droop angle of 45°. 


1/4 wave 1/4 wave 
radiator radiator 


1/4 wave 
Radials sleeve 


Radials 
27-3 Basic quarter-wave 
verticals. At A, 
eround-plane antenna. 


At B, coaxial antenna. Coaxial 


Coaxial 
feed feed 
line line 
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Coaxial Antenna 


The radials in a ground-plane antenna can extend straight downward, and then can be merged to 
form a A/2 cylinder or sleeve that is concentric with the feed line. In this case, the feed-point imped- 
ance is approximately 73 Q. This is known as a coaxial antenna (Fig. 27-3B). 


Loops 


Any receiving or transmitting antenna, consisting of one or more turns of wire forming a dc short 
circuit, comprises a loop antenna. 


Small Loop 


A small loop antenna has a circumference of less than 0.1A (for each turn) and is suitable for receiv- 
ing, but generally not for transmitting. It is the least responsive to signals coming from along its axis, 
and most responsive in the plane perpendicular to its axis. A capacitor can be connected in series or 
parallel with the loop to provide a resonant response. An example of such an arrangement is shown 
in Fig, 27-4. 

Small loops are useful for radio direction finding (RDF), and also for reducing interference 
caused by human-made noise or strong local signals. The null along the axis is sharp and deep, and 
can be pointed in the direction of an offending signal or noise source. 


Loopstick 


For receiving applications at frequencies up to approximately 20 MHz, a loopstick antenna is some- 
times used. This antenna, a variant of the small loop, consists of a coil wound on a solenoidal (rod- 
shaped), powdered-iron core. A series or parallel capacitor, in conjunction with the coil, forms a 
tuned circuit. A loopstick displays directional characteristics similar to those of the small loop an- 
tenna shown in Fig. 27-4. The sensitivity is maximum off the sides of the coil, and a sharp null oc- 
curs off the ends. 


Loop circumference 
less than 0.1 wavelength 


27-4 A small loop antenna 
with a capacitor for 
adjusting the resonant 
frequency. 


Feed line 
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Large Loop 


A large loop antenna usually has a circumference of either 4/2 or A (a full wavelength), is circular or 
square in shape, and lies entirely in a single plane. It can work well for transmitting or receiving. The 
1/2 loop presents a high impedance at the feed point, and maximum radiation/response occurs in 
the plane of the loop. The A loop presents an impedance of about 100 (2 at the feed point, and the 
maximum radiation/response occurs along the axis (that is, perpendicular to the plane containing 
the loop). 

The A/2 loop exhibits a slight power loss relative to a A/2 dipole in its favored directions. The 
A loop shows a slight gain over a 4/2 dipole in its favored directions. These properties hold for loops 
up to several percent larger or smaller than exact A/2 or A circumferences (as determined for the 
wavelength in free space). Resonance can be obtained by means of an antenna tuner if the loop is 
fed with open-wire transmission line. 

Sometimes, loop antennas measuring several wavelengths in circumference are strung up hori- 
zontally among multiple supports. These are technically large loops, but their gain and directional 
characteristics are hard to predict. If fed with open-wire line and an antenna tuner, and if placed at 
least A/4 above the surface, such an antenna can be exceptionally effective. 


Ground Systems 


End-fed A/4 antennas, such as the ground plane, require low-loss RF ground systems in order to 
perform efficiently. Center-fed A/2 antennas, such as the dipole, do not. However, good grounding 
is advisable for any antenna system in order to minimize interference and electrical hazards. 


Electrical versus RF Ground 


Electrical grounding is important for personal safety. It can help protect equipment from damage if 
lightning strikes in the vicinity. It also minimizes the risk of electromagnetic interference (EMI) to and 
from radio equipment. In a three-wire electrical system, the ground prong on the plug should never 
be defeated, because such modification can result in dangerous voltages appearing on exposed metal 
surfaces. 

A good RF ground system can help minimize EMI, even if it is not necessary for efficient an- 
tenna operation. Figure 27-5 shows a proper RF ground scheme (A) and an improper one (B). Ina 
good RF ground system, each device is connected to a common ground bus, which in turn runs to 
the earth ground through a single conductor. This conductor should be as short as possible. A poor 
ground system contains ground loops that can act like loop antennas and increase the risk of EMI. 


Radials and the Counterpoise 


With a surface-mounted vertical antenna, there should be as many radials as possible, and they 
should be as long as possible. They can lie on the surface or be buried a few inches underground. 
The greater the number of radials of a given length, the better the antenna will work. Also, the 
longer the radials for a given number, the better. The radials should all converge toward, and be con- 
nected to, a ground rod at the feed point. 

A counterpoise is a means of obtaining an RF ground or ground plane without a direct earth- 
ground connection. A grid of wires, a screen, or a metal sheet is placed above the surface and ori- 
ented horizontally, to provide capacitive coupling to the earth. This minimizes RF ground loss. 
Ideally, the radius of a counterpoise should be at least A/4 at the lowest operating frequency. 
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A 


Correct: one ground 


Wrong: many “grounds” 


27-5 AtA, the correct method for grounding multiple units. At B, an 
incorrect method creates RF ground loops. 


Gain and Directivity 


The power gain of a transmitting antenna is the ratio of the maximum effective radiated power (ERP) 
to the actual RF power applied at the feed point. Power gain is expressed in decibels (dB). 
Suppose the ERP, in watts, for a given antenna is Pep, and the applied power, also in watts, is 


P. Then the following equation holds: 
Power gain (dB) = 10 logio (Pirp/P) 


Power gain is always measured in the favored direction or directions of an antenna. These are the di- 
rections in which the antenna performs the best. 

For power gain to be defined, a reference antenna must be chosen with a gain that is defined as 
0 dB. This reference antenna is usually a A/2 dipole in free space. Power-gain figures taken with re- 
spect to a dipole (in its favored directions) are expressed in units called dBd. The reference antenna 
for power-gain measurements can also be an isotropic antenna, which theoretically radiates and re- 
ceives equally well in all directions in three dimensions. In this case, units of power gain are called 
dBi. For any given antenna, the power gains in dBd and dBi are different by approximately 2.15 dB: 


Power gain (dBi) = 2.15 + Power gain (dBd) 


Directivity Plots 


Antenna radiation and response patterns are represented by plots such as those shown in Fig. 27-6. 
The location of the antenna is assumed to be at the center (or origin) of a polar coordinate system. The 
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greater the radiation or reception capability of the antenna in a certain direction, the farther from 
the center the points on the chart are plotted. 

A dipole antenna, oriented horizontally so that its conductor runs in a north-south direction, 
has a horizontal plane (or H plane) pattern similar to that in Fig. 27-6A. The elevation plane (or E 
plane) pattern depends on the height of the antenna above effective ground at the viewing angle. 
With the dipole oriented so that its conductor runs perpendicular to the page, and the antenna 1⁄4 
wavelength above effective ground, the E plane antenna pattern for a half-wave dipole resembles the 


graph shown at B. 


Forward Gain 


Forward gain is expressed in terms of the ERP in the main lobe (favored direction) of a unidirectional 
(one-directional) antenna compared with the ERP from a reference antenna, usually a half-wave di- 
pole, in its favored directions. This gain is calculated and defined in dBd at microwave frequencies; 
large dish antennas can have forward gain upward of 35 dBd. In general, as the wavelength decreases 
(the frequency gets higher), it becomes easier to obtain high forward gain figures. 


Front-to-Back Ratio 


The front-to-back (£/b) ratio of a unidirectional antenna is an expression of the concentration of 
radiation/response in the main lobe, relative to the direction opposite the center of the main lobe. 
Figure 27-7 shows a hypothetical directivity plot for a unidirectional antenna pointed north. The 
outer circle depicts the RE field strength in the direction of the center of the main lobe, and repre- 
sents 0 dB. The next smaller circle represents a field strength 5 dB down with respect to the main 
lobe. Continuing inward, circles represent 10 dB down, 15 dB down, and 20 dB down. The origin 
represents 25 dB down, and also shows the location of the antenna. The f/b ratio is found, in this 
case, by comparing the signal levels between north (azimuth 0°) and south (azimuth 180°). 
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27-6 Directivity plots for a dipole antenna. At A, the H plane (horizontal plane) plot; 
at B, the E plane (elevation plane) plot. 
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27-7  Directivity plot for a hypothetical antenna. Front-to-back and front-to-side ratios 
can be determined from such a graph. This plot is in the H plane. 


Front-to-Side Ratio 


The front-to-side (fls) ratio is another expression of the directivity of an antenna system. The term 
applies to unidirectional antennas, and also to bidirectional antennas. The f/s ratio is expressed in 
decibels (dBd), just as is the f/b ratio. The EM field strength in the favored direction is compared 
with the field strength at right angles to the favored direction. An example is shown in Fig. 27-7. 
The f/s ratios are found, in this case, by comparing the signal levels between north and east (right- 
hand f/s), or between north and west (left-hand f/s). The right-hand and left-hand f/s ratios are usu- 
ally the same in theory, although they can differ slightly in practice. 


Phased Arrays 


A phased array uses two or more driven elements (radiators connected directly to the feed line) to pro- 
duce gain in some directions at the expense of other directions. 


End-Fire Array 


A typical end-fire array consists of two parallel 4/2 dipoles fed 90° out of phase and spaced A/4 
apart (Fig. 27-8A). This produces a unidirectional radiation pattern. Or, the two elements can be 
driven in phase and spaced at a separation of A (Fig. 27-8B). This results in a bidirectional radi- 
ation pattern. In the phasing system, the branches of the transmission line must be cut to pre- 
cisely the correct lengths, and the velocity factor of the line must be known and be taken into 
account. 
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27-8 AtA, a unidirectional 
phased system. At B, 
a bidirectional phased 


system. 
— 1 wavelength — 
0° 
<<—_—— ——> 
Maximum po Maximum 
Longwire 


A wire antenna measuring À or more, and fed at a high-current point or at one end, is a longwire an- 
tenna. A longwire antenna offers gain over a half-wave dipole. As the wire is made longer, the main 
lobes get more nearly in line with the antenna, and their amplitudes increase. The gain is a function 
of the length of the antenna; the longer the wire, the greater the gain. A longwire antenna must be 
as straight as possible for proper operation. 


Broadside Array 


Figure 27-9 shows the geometric arrangement of a broadside array. The driven elements can each 
consist of a single radiator, as shown in the figure, or they can consist of more complex antennas 
with directive properties. In any case, all the elements are identical. If a reflecting screen is placed 
behind the array of dipoles in Fig. 27-9, the system is known as a billboard antenna. The directional 
properties depend on the number of elements, whether or not the elements have gain themselves, 
and on the spacing among the elements. In general, the larger the number of elements, the greater 
the forward gain, and the greater the f/b and f/s ratios. 
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<> 


Maximum 27-9 A broadside array. 
The elements are all 


Phasing 


harness fed in phase. 


Feed line 


Parasitic Arrays 


Parasitic arrays are used at frequencies ranging from approximately 5 MHz into the microwave range 
for obtaining directivity and forward gain. Examples include the Yagi antenna and the quad antenna. 


Concept 


A parasitic element is a conductor that forms an important part of an antenna system, but is not di- 
rectly connected to the feed line. Parasitic elements operate by means of EM coupling to the driven 
element. When gain is produced in the direction of the parasitic element, the element is a director. 
When gain is produced in the direction opposite the parasitic element, the element is a reflector. Di- 
rectors are a few percent shorter than the driven element; reflectors are a few percent longer. 


Yagi 
The Yagi antenna, sometimes called a “beam,” is an array of parallel, straight elements. A two- 
element Yagi is formed by placing a director or a reflector parallel to, and a specific distance away 
from, a single A/2 driven element. The optimum spacing for a driven-element/director Yagi is 0.1 
to 0.2A, with the director tuned 5 percent to 10 percent higher than the resonant frequency of the 
driven element. The optimum spacing for a driven-element/reflector Yagi is 0.15A to 0.2A, with the 
reflector tuned 5 percent to 10 percent lower than the resonant frequency of the driven element. 
The gain of a well-designed two-element Yagi is approximately 5 dBd. 

A Yagi with one director and one reflector, along with the driven element, increases the gain and 
f/b ratio compared with a two-element Yagi. An optimally designed three-element Yagi has approxi- 
mately 7 dBd gain. An example is shown in Fig. 27-10. (This drawing should not be used as an en- 
gineering blueprint.) 

The gain, f/b ratio, and f/s ratio of a properly designed Yagi antenna all increase as elements are 
added. This is usually done by placing extra directors in front of a three-element Yagi. Each director 
is slightly shorter than its predecessor. 


Quad 


A quad antenna operates according to the same principles as the Yagi, except full-wavelength loops 
are used instead of straight half-wavelength elements. 
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Length DE = 470/f, 

Length D = 425/f, 

Length R = 510/f, 

where fo = operating frequency, MHz 


27-10 A three-element Yagi 


antenna. Dimensions 


are discussed in the — 
text. Maximum 
Driven 
element j 
Reflector (R) (DE) A 


A two-element quad can consist of a driven element and a reflector, or it can have a driven ele- 
ment and a director. A three-element quad has one driven element, one director, and one reflector. 
The director has a perimeter of 0.954 to 0.974, the driven element has a perimeter of exactly A, and 
the reflector has a perimeter of 1.03A to 1.054. These dimensions, as all antenna element dimen- 
sions, are electrical dimensions (taking the velocity factor of wire or tubing into account), and not 
free-space dimensions. 

Additional directors can be added to the basic three-element quad design to form quads having 
any desired numbers of elements. The gain increases as the number of elements increases. Each suc- 
ceeding director is slightly shorter than its predecessor. Long quad antennas are practical at frequen- 
cies above 100 MHz. At lower frequencies, their construction tends to be unwieldy. 


Antennas for Ultrahigh and 
Microwave Frequencies 


At ultrahigh frequencies (UHF) and microwave frequencies, high-gain antennas are reasonable in 
size because the wavelengths are short. 


Waveguides 


In Chap. 25, waveguides were briefly mentioned as an option for feeding antenna systems at UHF 
and microwave frequencies. Here’s a little more about them. 

A waveguide is a hollow metal pipe having a rectangular or circular cross section. The EM field 
travels down the pipe, provided that the wavelength is short enough (or the cross-sectional dimen- 
sions of the pipe are large enough). In order to efficiently propagate an EM field, a rectangular wave- 
guide must have height and width that both measure at least 0.54, and preferably more than 0.74. 
A circular waveguide should be at least 0.6A in diameter, and preferably 0.74 or more. 
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The characteristic impedance (Z,) of a waveguide varies with frequency. In this sense, it differs 
from coaxial or parallel-wire lines, whose Z, values are generally independent of the frequency. 

A properly installed and well-maintained waveguide is an exceptional transmission line because 
dry air has practically no loss, even at UHF and microwave frequencies. But it is important that the 
interior of a waveguide be kept free from dirt, dust, insects, spiderwebs, and condensation. Even a 
small obstruction can seriously degrade the performance and cause the waveguide to become Jossy, 

The main limitation of a waveguide, from a practical standpoint, is inflexibility. You can’t run 
a waveguide from one point to another in a haphazard fashion, as you can do with coaxial cable. 
Bends or turns in a waveguide present a particular problem, because they must be made gradually. 
Installing a waveguide for a UHF or microwave antenna is a little like putting in the conduit for a 
new electrical circuit in a home or business. It’s a significant construction project! 

Waveguides are impractical for use at frequencies below approximately 300 MHz, because the 
required cross-sectional dimensions become prohibitively large. 


Dish 
A dish antenna must be correctly shaped and precisely aligned. The most efficient shape, espe- 
cially at the shortest wavelengths, is a paraboloidal reflector. However, a spherical reflector, having 


Feed horn 


——> 


Maximum 
Bani Paraboloidal 
line or spherical 
reflector 27-11 Dish antennas with 
conventional feed 

Paraboloidal Supporting (A) and Cassegrain 
or spherical struts feed (B). 
reflector 


Feed 
horn 


—— 


Maximum 
Feed Convex 
line reflector 


5. If Vin = 1 V pp and TR = 2, what is the 
output voltage? 
V out > 


6. V in = 10 V pp and V out = 7 V pp , what 
is the turns ratio? 


TR = 
7. In the center-tapped secondary winding 
shown in Figure 10.14 , the voltage between 


points A and B may be expressed as V A-B 
= 28 V pp . What is the voltage between C 
and A? 


Figure 10.14 

8. In the center-tapped secondary winding 
shown in Figure 10.14 , the voltage between 
points B and C is V B-C = = V rms . What is 
the peak-to-peak voltage between A and B? 
9. If Iin = 0.5 Arms and I out = 2.0 Arms , 
what is the turns ratio? __—ç — 

10. Is the transformer in problem 9 a 


step-up or a step-down transformer? | 
11. If Z L = 600 ohms and Z G = 6 kQ, find 
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the shape of a section of a sphere, can also work well. The feed system consists of a coaxial line or 
waveguide from the receiver and/or transmitter, and a horn or helical driven element at the focal 
point of the reflector. Conventional dish feed is shown in Fig. 27-11A. Cassegrain dish feed is shown 
in Fig. 27-11B. 

The larger the diameter of the reflector in wavelengths, the greater the gain, the f/b ratio, and 
the f/s ratio, and the narrower the main lobe. A dish antenna must be at least several wavelengths in 
diameter for proper operation. The reflecting element can be sheet metal, a screen, or a wire mesh. 
If a screen or mesh is used, the spacing between the wires must be a small fraction of a wavelength. 


Helical 


A helical antenna is a circularly polarized, high-gain, unidirectional antenna. A typical helical antenna 
is shown in Fig. 27-12. The reflector diameter should be at least 0.8A at the lowest operating fre- 
quency. The radius of the helix should be approximately 0.17A at the center of the intended oper- 
ating frequency range. The longitudinal spacing between helix turns should be approximately 0.25A 
in the center of the operating frequency range. The overall length of the helix should be at least A at 
the lowest operating frequency. A helical antenna can provide about 15 dBd forward gain. Helical 
antennas are sometimes used in space communications systems. 


Corner Reflector 


A corner reflector, employed with a A/2 dipole driven element, is illustrated in Fig. 27-13. This pro- 
vides some gain over a A/2 dipole by itself. The reflector is made of wire mesh, screen, or sheet metal. 
The flare angle of the reflecting element is approximately 90°. Corner reflectors are widely used in 
terrestrial communications at UHF and microwave frequencies. Several A/2 dipoles can be fed in 
phase and placed along a common axis with a single, elongated reflector, forming a collinear corner 
reflector array. 


Horn 


The horn antenna is shaped like a squared-off trumpet or trombone horn. It provides a unidirec- 
tional radiation and response pattern, with the favored direction coincident with the opening of the 
horn. The feed line is a waveguide that joins the antenna at the narrowest point (throat) of the horn. 


Longitudinal 


— spacing | 


| Radius 
27-12 A helical antenna Reflector 


with a flat reflector. diameter 


E 


Maximum 
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Driven element 


Reflector 


| 27-13 A corner reflector 
| | =a with a dipole as the 


Maximum driven element. 


Feed 
line 


Horns are sometimes used all by themselves, but they are also used to feed large dish antennas. This 
optimizes the f/s ratio by minimizing extraneous radiation and response that occurs if a dipole is 
used as the driven element for the dish. 


Satety 


Antennas should never be placed in such a way that they can fall or blow down on power lines. Also, 
it should not be possible for power lines to fall or blow down on an antenna. 

Wireless equipment having outdoor antennas should not be used during thundershowers, or 
when lightning is anywhere in the vicinity. Antenna construction and maintenance should never be 
undertaken when lightning is visible or thunder can be heard, even if a storm appears to be many 
miles away. Ideally, antennas should be disconnected from electronic equipment, and connected to 
a substantial earth ground, at all times when the equipment is not in use. 

Tower and antenna climbing is a job for professionals. Under no circumstances should an inex- 
perienced person attempt to climb such a structure. 

Indoor transmitting antennas can expose operating personnel to EM field energy. The extent of 
the hazard, if any, posed by such exposure has not been firmly established. However, there is suffi- 
cient concern to warrant checking the latest publications on the topic. 

For detailed information concerning antenna safety, consult a professional antenna engineer 
and/or a comprehensive text on antenna design and construction. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 


1. Imagine a center-fed, straight wire antenna in free space, whose length can be varied at will. 
At which of the following lengths is the radiation resistance at the feed point the highest? 


(a) A/4 
(b) A 
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(c) 1/3 
(d) 1/2 
2. What is the approximate length, in meters (m), of a center-fed, 1/2 wire antenna at a 
frequency of 18.1 MHz? Assume the velocity factor is typical for wire. 
(a) 7.90 m 
(b) 8.29 m 
(c) 13.6 m 
(d) 25.9 m 
3. What is the approximate height, in feet (ft), of a ground-mounted, A/4 vertical antenna, 


made of aluminum tubing, at a frequency of 7.025 MHz? Assume the velocity factor is 92 
percent. 


(a) 64.43 ft 
(b) 32.22 ft 
(c) 19.64 ft 
(d) 9.822 ft 
4. In order to obtain reasonable efficiency with a 1/4 vertical antenna mounted over poorly 
conducting soil at a frequency of 10 MHz, it is necessary to 
(a) make the antenna out of large-diameter aluminum or copper tubing. 
(b) suspend the antenna from a kite or balloon. 
(c) feed the antenna with a waveguide. 


(d) minimize the loss resistance by installing numerous ground radials. 


5. A driven element in a parasitic array is 
(a) grounded for dc. 
(b) a loop with a circumference of 1/2. 
(c) connected to the feed line. 


(d) a straight length of wire. 


6. In a zepp antenna, feed-line radiation can be minimized by 
(a) using the antenna only at frequencies where its length is a whole-number multiple of 1/2. 
(b) using the antenna only at frequencies where its length is a whole-number multiple of 1/4. 


(c) using the antenna only at frequencies where its length is an even-number multiple of 


A/10. 
(d) using the antenna only at frequencies where its length is an odd-number multiple of 1/4. 
7. Consider a single-turn, closed loop having a circumference of 95 ft. Suppose this loop is 
circular, lies entirely in a single plane, is fed with open-wire transmission line and an antenna 


tuner, and is operated at 10 MHz. The maximum radiation and response for this loop can be 
expected to occur 


(a) in the plane containing the loop. 


(b) along a line perpendicular to the plane containing the loop. 
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(c) along a line coinciding with the path of the feed line. 


(d) equally in all directions in three-dimensional space. 


8. Suppose an antenna system has a radiation resistance of 40 Q at 8.5 MHz. What is the 
efficiency of this system? 


(a) 25 percent 
(b) 
(c) 


(d) Impossible to determine without more information 


40 percent 
80 percent 


9. Suppose an antenna system has a radiation resistance of 40 Q and a loss resistance of 10 Q. 
What is the efficiency of this system? 


(a) 25 percent 
(b) 
(c) 


(d) Impossible to determine without more information 


40 percent 
80 percent 


10. The null in a loopstick antenna exists 
(a) in the plane perpendicular to the coil axis. 
(b) 
(c) 


(d) nowhere, because a loopstick is an isotropic antenna. 


in the line that coincides with the coil axis. 


at a 45° angle with respect to the coil axis. 


11. As elements are added to a properly designed Yagi antenna, 
(a) the forward gain decreases. 
(b) 
(c) 
(d) None of the above apply. 


the f/b ratio decreases. 


the f/s ratio increases. 


12. When the radiation resistance in an antenna system represents most of the total system 
resistance, 


(a) the system can be expected to have high loss. 
(b) 
(c) 
(d) the system can be expected to have a high f/b ratio. 


the system can be expected to have high efficiency. 
the system can be expected to have a high f/s ratio. 


13. What state of affairs is optimal in a waveguide? 
(a) A colony of spiders inside 
(b) 
(c) Operation at frequencies below 3 MHz 
(d) None of the above 


A cross-sectional measurement of less than 1/4 
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14. Consider a single-turn, closed loop having a circumference of 65 ft. Suppose this loop is 
circular, lies entirely in a single plane, is fed with open-wire transmission line and an antenna 
tuner, and is operated at 7 MHz. The maximum radiation and response for this loop can be 
expected to occur 

(a) in the plane containing the loop. 

(b) 

(c) 


(d) equally in all directions in three-dimensional space. 


along a line perpendicular to the plane containing the loop. 


along a line coinciding with the path of the feed line. 


15. Suppose the total resistance in an antenna system is 80 Q, and the loss resistance is 20 Q. The 
efficiency of the system is 


(a) 80 percent. 
(b) 
(c) 


(d) impossible to determine without more information. 


75 percent. 
25 percent. 


16. In a parasitic array, a director is usually 
(a) tuned to a slightly higher frequency than the driven element. 
(b) 
(c) 


(d) a straight length of wire or tubing. 


connected to a system of ground radials. 


a closed loop that is grounded for RE 


17. AJ pole is a modified form of 
(a) ground-plane antenna. 
(b) 
(c) 


(d) zepp antenna. 


folded dipole antenna. 


quad antenna. 


18. Which of the following antenna types is well suited to use with parallel-wire transmission 
line? 


(a) The ground plane 
(b) The ground-mounted vertical 
(c) The folded dipole 
(d) None of the above 


19. Which of the following antenna types is not designed for transmitting at 10 GHz? 
(a) A horn antenna 
(b) 
(c) A zepp antenna 
(d) A helical antenna 


A dish antenna 
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20. A vertical antenna measuring À/2 in height does not require a ground system with low 
resistance because 


(a) its loss resistance is high. 
(b) 
(c) 
(d) None of the above apply. 


its radiation resistance is low. 


its main lobe is sharp. 
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CHAPTER 


Integrated Circuits 


INTEGRATED CIRCUITS (ICs) , ALSO CALLED CHIPS, HAVE STIMULATED AS MUCH EVOLUTION AS ANY 
single development in the history of electronic technology. Most ICs look like gray or black plastic 
boxes with protruding pins. The schematic symbols are triangles or rectangles with lines emerging 
from them, labeled according to their functions. 


Advantages of IC Technology 


Integrated circuits have advantages over discrete components (individual transistors, diodes, capaci- 
tors, and resistors). Here are some of the most important considerations. 


Compactness 


An obvious asset of IC design is economy of space. They are far more compact than equivalent cir- 
cuits made from discrete components. A corollary to this is the fact that more complex circuits can 
be built, and kept down to a reasonable size, using ICs as compared with discrete components. 


High Speed 

The interconnections among the components within an IC are physically tiny, making high switch- 
ing speeds possible. Electric currents travel fast, but not instantaneously. The less time charge carri- 
ers need to get from component X to component Y, in general, the more computations are possible 
within a given span of time, and the less time is needed for complex operations. 


Low Power Consumption 


Another advantage of ICs is the fact that they use less power than equivalent discrete-component 
circuits. This is crucial if batteries are to be used for operation. Because ICs use so little current, they 
produce less heat than their discrete-component equivalents. This translates into better efficiency. It 
also minimizes the problems that bedevil equipment that gets hot with use, such as frequency drift 
and generation of internal noise. 
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Reliability 

Integrated circuits fail less often, per component-hour of use, than systems that use discrete compo- 
nents. This is because all the component interconnections are sealed within the IC case, preventing 
corrosion or the intrusion of dust. The reduced failure rate translates into less downtime, or time 
during which the equipment is out of service for repairs. 


Ease of Maintenance 


Integrated-circuit technology lowers maintenance costs. Repair procedures are simplified when fail- 
ures occur. Many appliances use sockets for ICs, and replacement is simply a matter of finding the 
faulty IC, unplugging it, and plugging in a new one. Special desoldering equipment is used with ap- 
pliances having ICs soldered directly to the circuit boards. 


Modular Construction 


Modern IC appliances use modular construction. In this scheme, individual ICs perform defined 
functions within a circuit board; the circuit board or card, in turn, fits into a socket and has a spe- 
cific purpose. Computers, programmed with customized software, are used by repair technicians to 
locate the faulty card in an appliance. The whole card can be pulled and replaced, getting the appli- 
ance back to the consumer in the shortest possible time. Then a computer can be used to trou- 
bleshoot the faulty card, getting the card ready for use in the next appliance that happens to come 
along with a failure in the same card. 


Limitations of IC Technology 


No technological advancement ever comes without a downside. Integrated circuits have some limi- 
tations that must be considered when designing an electronic system. 


Inductors Impractical 


While some components are easy to fabricate onto chips, other components defy the IC manufac- 
turing process. Inductances, except for extremely low values, are an example. Devices using ICs 
must generally be designed to work with discrete inductors, external to the ICs themselves. How- 
ever, resistance-capacitance (RC) circuits are capable of doing most things that inductance- 
capacitance (LC) circuits can do, and these can exist inside an IC. 


High Power Impossible 


The small size and low current consumption of ICs comes with an inherent limitation: high-power 
amplifiers cannot, in general, be fabricated onto chips. High power necessitates a certain amount of 
physical mass and volume. High-power devices and systems invariably generate large amounts of 
heat, which must be efficiently radiated or conducted away. 


Linear ICs 


A linear IC is used to process analog signals such as voices, music, and radio transmissions. 
The term /inear arises from the fact that, in general, the amplification factor is constant as the 
input amplitude varies. That is, the output signal strength is a linear function of the input signal 


strength (Fig. 28-1). 
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28-1 In a linear IC, the 
relative output is a 
linear (straight-line) 
function of the relative 
input. The solid lines 
show examples of linear 
IC characteristics. The 
dashed curves show 


Relative output 


functions not char- 


acteristic of properly 
operating linear ICs. Relative input 


Operational Amplifier 


An operational amplifier, or op amp, is a specialized linear IC that consists of several bipolar transis- 
tors, resistors, diodes, and capacitors, interconnected so that high gain is possible over a wide range 
of frequencies. Án op amp might comprise an entire IC. Or, an IC might consist of two or more op 
amps. Thus, youll sometimes hear of dual op amps or quad op amps. Some ICs have op amps in ad- 
dition to other circuits. 

An op amp has two inputs, one noninverting and one inverting, and one output. When a signal 
goes into the noninverting input, the output is in phase with the input; when a signal goes into the 
inverting input, the output is 180° out of phase with the input. An op amp has two power supply 
connections, one for the emitters of the transistors (V..) and one for the collectors (V..). The usual 
schematic symbol for an op amp is a triangle. The inputs, output, and power-supply connections 
are drawn as lines emerging from it (Fig. 28-2). 

The gain of an op amp is determined by one or more external resistors. Normally, a resistor is 
connected between the output and the inverting input. This is called the closed-loop configuration. 
The feedback is negative (out of phase), causing the gain of the op amp to be less than it would be 
if there were no feedback (the open-loop configuration). Figure 28-3 is a schematic diagram of a non- 
inverting closed-loop amplifier. 

The reason for providing negative feedback in an op amp circuit is the fact that without it, the 
gain may be too great. Excessive amplifier gain can cause problems. Open-loop op amps are prone 
to instability, especially at low frequencies. They also generate a lot of internal noise. 

When an RC combination is used in the feedback loop of an op amp, the gain depends on the 
input-signal frequency. It is possible to get a lowpass response, a highpass response, a resonant peak, or 
a resonant notch using an op amp and various RC feedback arrangements. These four types of re- 
sponses are shown in Fig. 28-4. 


Voc 
28-2 Schematic symbol 
for an op amp. Inverting input Guai 
Connections are Noninverting input p 


discussed in the text. 
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Feedback 
resistor 


28-3 A closed-loop op amp 
circuit with negative 


feedback. If the 
> feedback resistor is 


removed, it becomes 


Output an open-loop circuit. 
ce = 
= = 
D O 
> 2 
T © 
D D 
x x 

Relative frequency Relative frequency 28-4 Gain-versus-frequency 


response curves. 


At A, lowpass; at B, 


highpass; at C, 
resonant peak; at D, 
resonant notch. 


Relative frequency Relative frequency 


C D 


Relative gain 
Relative gain 


o— 


Input 28-5 A differentiator circuit 
Output 


that uses an op amp. 


the turns ratio. 

TR = č ç 

12. If ZL = 1 kQ and the turns ratio is 
10:1, what is the generator impedance? 


ZG = 


Answers to Self-Test 


If your answers do not agree with those 
given here, review the problems indicated In 
parentheses before you go to Chapter 11. 


1. Two coils of wire wound around a 
magnetic core (such as iron or ferrite). 
(problem 1) 

2. An AC voltage—DC does not work. 
(problem 2) 

3. An inverted sine wave. (problem 3) 
4. The ratio of the turns in the primary 
winding to the number of turns in the 
secondary coil. (problem 6) 


5. V out = 0.5 volts. (problem 7) 

6. TR = 1.43:1. (problem 7) 

7. V C-A = 14 V pp. (problem 12) 

8. V A-B = 14.14 V pp. (problem 12) 
9. TR = 4:1. (problem 13) 

10. It is a step-down transformer. The 


voltage is lower (stepped down) in the 
secondary coil than in the primary coil if the 
current in the secondary coil is higher than 
the current in the primary coil. This 
maintains the same power on either side of 
the transformer. (problem 13) 
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Op Amp Diíferentiator 


A differentiator is an electronic circuit whose instantaneous output amplitude is proportional to the 
rate at which the input amplitude changes. The circuit mathematically differentiates the input sig- 
nal. Op amps can be used as differentiator circuits. An example is shown in Fig. 28-5. 

When the input to a differentiator is a constant de voltage, the output is zero (no signal). When 
the input amplitude is increasing, the output is a positive de voltage. When the input decreases, the 
output is a negative dc voltage. If the input waveform fluctuates periodically (the usual case), the 
output varies according to the instantaneous rate of change of the input amplitude. This results in 
an output signal with the same frequency as that of the input signal, although the waveform is often 
quite different. A pure sine wave input produces a pure sine wave at the output, but the phase is 
shifted 90° to the left (that is, /4 cycle earlier in time). Complex input waveforms can produce a 
wide variety of outputs from a differentiator. 


Op Amp Integrator 


An integrator is an electronic circuit whose instantaneous output amplitude is proportional to the 
accumulated input signal amplitude as a function of time. The circuit mathematically integrates 
the input signal. The function of an integrator is basically the inverse, or opposite, of the func- 
tion of a differentiator circuit. Figure 28-6 shows how an op amp can be connected to obtain an 
integrator. 

If an integrator circuit is supplied with an input signal waveform that fluctuates periodically 
(the usual case), the output voltage varies according to the integral, or antiderivative, of the input 
voltage. This results in an output signal with the same frequency as that of the input signal, although 
the waveform is likely to be different. A pure sine wave input produces a pure sine wave output, but 
the phase is shifted 90° to the right (that is, Ya cycle later in time). Complex input waveforms can 
produce many types of output waveforms. 

An indefinite rise, either negatively or positively, in output voltage cannot occur in a practical 
integrator. If the mathematical integral (in pure theory) of an input function is an endlessly increas- 
ing output function, the actual output voltage rises to a certaln maximum, either positive or nega- 
tive, and stays there. This maximum is less than or equal to the power supply or battery voltage. 


Voltage Regulator 


A voltage regulator IC acts to control the output voltage of a power supply. This is important with 
precision electronic equipment. These ICs are available with various voltage and current ratings. 
Typical voltage regulator ICs have three terminals, and because of this, they are sometimes mistaken 
for power transistors. 


28-6 An integrator circuit Input 


that uses an op amp. 


Output 
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Timer 


A timer IC is a specialized oscillator that produces a delayed output. The delay is adjustable to suit 
the needs of a particular device. The delay is generated by counting the number of oscillator pulses; 
the length of the delay can be adjusted by means of external resistors and capacitors. Timers are 
commonly used in circuits such as digital frequency counters, where a precise time interval or win- 
dow must be provided. 


Multiplexer 


A multiplexer IC allows several different signals to be combined in a single channel by means of a 
process called multiplexing. An analog multiplexer can also be used in reverse; then it works as a de- 
multiplexer. Thus, you'll sometimes hear or read about a multiplexer/demultiplexer IC. 


Comparator 


A comparator IC has two inputs. It compares the voltages at the two inputs, which are called A and 
B. If the voltage at input A is significantly higher than the voltage at input B, the output is about +5 
V. This is logic 1, or high. If the voltage at input A is lower than or equal to the voltage at input B, 
the output voltage is about +2 V. This is designated as logic 0, or low. 

Voltage comparators are available for a variety of applications. Some can switch between low 
and high states at a rapid rate of speed, while others are slow. Some have low input impedance, and 
others have high impedance. Some are intended for AF or low-frequency RF use; others are fabri- 
cated for video or high-frequency RF applications. Voltage comparators can be used to actuate, or 
trigger, other devices such as relays and electronic switching circuits. 


Digital ICs 


A digital IC, also sometimes called a digital-logic IC, operates using two discrete states: high (logic 
1) and low (logic 0). Digital logic is discussed in Chap. 26. Digital ICs contain massive arrays of 
logic gates that perform Boolean operations at high speed. 


Transistor-Transistor Logic 


In transistor-transistor logic (TTL), arrays of bipolar transistors, some with multiple emitters, oper- 
ate on dc pulses. This technology has several variants, some of which date back to around 1970. A 
basic TTL gate is illustrated in Fig. 28-7. This gate uses two NPN bipolar transistors, one of which 
is a dual-emitter device. The transistors are always either completely cut off, or else completely satu- 
rated. Because of this, TTL is relatively immune to external noise. 


Emitter-Coupled Logic 


Another bipolar-transistor logic form is known as emitter-coupled logic (ECL). In an ECL device, the 
transistors are not operated at saturation, as they are with TTL. This increases the speed. But noise 
pulses have a greater effect in ECL, because unsaturated transistors are sensitive to, and can actually 
amplify, external signals and noise. The schematic of Fig. 28-8 shows a basic ECL gate using four 
NPN bipolar transistors. 
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28-7 A transistor-transistor 
logic (TTL) gate. In 
this gate, two NPN 
bipolar transistors are 
used. Note that one 
of the transistors has 
two emitters. 


Inputs 


Metal-Oxide-Semiconductor Logic 


Digital ICs can also be constructed using metal-oxide-semiconductor (MOS) devices. N-channel 
MOS (NMOS) logic, pronounced “EN-moss logic,” offers simplicity of design, along with high op- 
erating speed. P-channel MOS logic, pronounced “PEA-moss logic,” is similar to NMOS logic, but 
the speed is slower. An NMOS or PMOS digital IC is like a circuit that uses only N-channel MOS- 
FETs, or only P-channel MOSFETs, respectively. 

Complementary-metal-oxide-semiconductor (CMOS) logic, pronounced “SEA-moss logic,” em- 
ploys both N-type and P-type silicon on a single chip. This is analogous to using both N-channel 


Output 


28-8 An emitter-coupled 
logic (ECL) gate using 
four NPN bipolar 


transistors. 


Inputs 
Y 
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and P-channel MOSFETs in a circuit. The advantages of CMOS technology include extremely low 
current drain, high operating speed, and immunity to noise. 

All forms of MOS logic ICs require care in handling to prevent destruction by electrostatic dis- 
charges. The precautions are the same as those that are required when handling MOSFETs. All tech- 
nical personnel who work with the devices should be grounded. This can be achieved by having 
technicians wear metal wrist straps connected to a good electrical ground, and by ensuring that the 
relative humidity in the lab is not allowed to get too low. When MOS ICs are stored, the pins 
should be pushed into special conductive foam that is manufactured for that purpose. 


Component Density 


The number of elements per chip in an IC is called the component density. There has been a steady 
increase in the number of components that can be fabricated on a single chip. There is an absolute 
limit on component density, imposed by the atomic structure of the semiconductor material — 
literally, the size of the atoms! Technology has begun to approach that barrier. 


Small Scale 


In small scale integration (SSI), there are fewer than 10 transistors on a chip. These types of ICs can 
carry the largest currents, and can be useful in voltage regulation and other moderate-power appli- 
cations. 


Medium Scale 


In medium scale integration (MSI), there are 10 to 100 transistors per chip. This allows for consider- 
able miniaturization, but it is not a high level of component density, relatively speaking. An advan- 
tage of MSI (in a few applications) is that fairly large currents can be carried by the individual gates. 
Both bipolar and MOS technologies can be adapted to MSI. 


Large Scale 


In large scale integration (LSI), there are 100 to 1000 transistors per semiconductor chip. This is an 
order of magnitude (a factor of 10 times) more dense than MSI. Electronic wristwatches, single-chip 
calculators, and simple microcomputers are examples of devices using LSI ICs. 


Very-Large-Scale Devices 


Very-large-scale integration (VLSI) devices have from 1000 to 1,000,000 transistors per chip. This 
can be up to three orders of magnitude more dense than LSI. Microcomputers and memory ICs are 


made using VLSI. 


Ultra-Large-Scale Devices 


You might sometimes hear of ultra-large-scale integration (ULSI). Devices of this kind have more 
than 1,000,000 transistors per chip. The principal uses for this technology are in the fields of high- 
level computing, supercomputing, robotics, and artificial intelligence (AI). 
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IC Memory 


Binary digital data, in the form of high and low levels (logic ones and zeros), can be stored in mem- 
ory ICs. These devices can take various physical forms. 


Random Access 


A random access memory (RAM) chip stores binary data in arrays. The data can be addressed (selected) 
from anywhere in the matrix. Data is easily changed and stored back in RAM, in whole or in part. 
A RAM chip is sometimes called a read/write memory. 

An example of the use of RAM is a word-processing computer file that you are actively work- 
ing on. This paragraph, this chapter, and in fact the whole text of this book was written in semicon- 
ductor RAM in small sections before being incrementally stored on the computer hard drive, and 
ultimately on external media. 

There are two major categories of RAM: dynamic RAM (DRAM) and static RAM (SRAM). A 
DRAM chip contains transistors and capacitors, and data is stored as charges on the capacitors. The 
charge must be replenished frequently, or it will be lost through discharge. Replenishing is done au- 
tomatically several hundred times per second. An SRAM chip uses a flip-flop to store the data. This 
gets rid of the need for constant replenishing of charge, but the tradeoff is that SRAM ICs require 
more elements than DRAM chips to store a given amount of data. 

With any RAM chip, the data in it will vanish when power is removed, unless some provision is 
made for memory backup. The most common means of memory backup is the use of a small cell or bat- 
tery with a long shelf life. Modern IC memories need so little current to store their data that a backup 
battery lasts as long in the circuit as it would on the shelf. Memory that disappears when power is re- 
moved is called volatile memory. If memory is retained when power is removed, it is nonvolatile. 


Read Only 


By contrast to RAM chips, the data in a read-only memory (ROM) chip can be easily accessed, in 
whole or in part, but not easily written over. A standard ROM chip is programmed at the factory. 
This permanent programming is known as firmware. But there are also ROM chips that you can 
program and reprogram yourself. The data contents of ROM chips are generally nonvolatile. That 
means a power failure is no cause for concern. 

An erasable programmable ROM (EPROM) chip is an IC whose memory is of the read-only 
type, but that can be reprogrammed by a certain procedure. It is more difficult to rewrite data in an 
EPROM than in a RAM; the usual process for erasure involves exposure to ultraviolet (UV). An 
EPROM IC can be recognized by the presence of a transparent window with a removable cover, 
through which the UV is focused to erase the data. The IC must be taken from the circuit in which 
it is used, exposed to UV for several minutes, and then reprogrammed. 

The data in some EPROM chips can be erased by electrical means. Such an IC is called an elec- 
trically erasable programmable read-only memory (EEPROM) chip. These do not have to be removed 


from the circuit for reprogramming. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 
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1. Because of the small size of ICs compared with equivalent circuits made from discrete 
components, 


(a) more heat is generated. 
(b) higher power output is possible. 
(c) higher switching speeds are attainable. 
(d) fewer calculations need to be done per unit time. 
2. Which of the following is not an advantage of ICs over discrete components? 
(a) Higher component density 
(b) 
(c) 


(d) Lower current consumption 


Ease of maintenance 


Lower gain 


3. In which of the following devices would you never find an IC as the main component? 
(a) The final amplifier in a large radio broadcast transmitter 
(b) The microprocessor in a personal computer 
(c) A battery-powered calculator 
(d) A low-power audio amplifier 
4. Which, if any, of the following component types is not practical for direct fabrication on a 
chip? 
(a) Resistors 
(b) Capacitors 
(c) Diodes 


(d) All three of the above component types are practical for direct fabrication on a chip. 


5. An op amp circuit usually employs negative feedback to 
(a) maximize the gain. 
(b) 
(c) 


(d) Forget it! Op amp circuits never have negative feedback. 


control the gain. 


allow oscillation over a wide band of frequencies. 


6. Suppose a communications channel carries several signals at once. Which type of IC might be 
used to single one of the signals out for reception? 


(a) An op amp 
(b) A timer 
(c) A comparator 
(d) A multiplexer/demultiplexer 
7. Which type of IC is commonly used to determine whether two dc voltages are the same or 
different? 
(a) An op amp 
(b) A timer 
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(c) A comparator 


(d) A multiplexer/demultiplexer 


8. Which type of digital IC is least susceptible to noise? 
(a) Transistor-transistor logic 
(b) Base-coupled logic 
(c) Emitter-coupled logic 
(d) N-channel-coupled logic 
9. Which of the following is not a characteristic of CMOS chips? 
(a) Sensitivity to damage by electrostatic discharge 
(b) Low current demand 
(c) Ability to work at high speed 
(d) Ability to handle extremely high power 
10. An absolute limit to the component density that can be achieved in IC technology is 
determined by 
(a) the maximum current levels needed. 
(b) the maximum attainable impedance. 
(c) the size of the semiconductor atoms. 
(d) Forget it! There is no limit to the component density that can be achieved in IC 
technology. 
11. With a ROM chip, 
(a) it is easier to read data from the device than to write data into it. 
(b) it is more difficult to read data from the device than to write data into it. 
(c) it is easy to read data from the device, and just as easy to write data into it. 
(d) it is difficult to read data from the device, and equally difficult to write data into it. 
12. With a RAM chip, 
(a) it is easier to read data from the device than to write data into it. 
(b) it is more difficult to read data from the device than to write data into it. 
(c) it is easy to read data from the device, and just as easy to write data into it. 


(d) it is difficult to read data from the device, and equally difficult to write data into it. 
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13. Which type of IC must be physically removed from the circuit to have its memory contents 
changed? 


(a) An EEPROM chip 
(b) An EPROM chip 
(c) An SRAM chip 

(d) A DRAM chip 
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14. With respect to memory, which of the following terms means that the data contents vanish if 
power is removed from a chip? 


(a) Volatility 
(b) 
(c) 
(d) Corruptibility 


Component density 


Multiplexing 


15. In terms of the maximum number of transistors on a single chip, how many orders of 


magnitude larger is VLSI than MSI? 
(a) Two 

(b) Three 

(c) Four 


(d) Forget it! The maximum number of transistors on a VLSI chip is not larger, but smaller 
than the maximum number of transistors on an MSI chip. 


16. Which of the following illustrations in Fig. 28-9 shows the input and output of a 
differentiator circuit? 


(a) A 
(b) B 
(0) C 
(d) None of them 


17. Which of the following illustrations in Fig. 28-9 shows the input and output of an integrator 
circuit? 


(a) A 
(b) B 
(c) C 
(d) None of them 


18. Flip-flops are used to store data in 
(a) timers. 
(b) 
(c) 


(d) none of the above. 


op amps. 


multiplexers. 


19. Capacitors are used to store data in 
(a) timers. 
(b) op amps. 

(c) multiplexers. 


(d) none of the above. 
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Time 


Instantaneous amplitude 


28-9 Illustration for Quiz B 


Questions 16 and 17. Time 


Instantaneous amplitude 


Time 


Instantaneous amplitude 


20. The phase of a sine wave signal can be shifted 180° by 
(a) applying the signal to the input of a timer. 
(b) applying the signal to the inverting input of an op amp. 
(c) 

(d) applying the signal to the input of an SRAM chip. 


applying the signal to the input of a flip-flop. 
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CHAPTER 


Electron Tubes 


ELECTRON TUBES, ALSO CALLED TUBES OR VALVES (IN ENGLAND) , ARE USED IN SOME ELECTRONIC 
equipment. In a tube, the charge carriers are free electrons that travel through space between elec- 
trodes inside the device. This makes tubes fundamentally different from semiconductor devices, in 
which charge carriers move among atoms in a solid medium. 


Tube Forms 


There are two basic types of electron tube: the vacuum tube and the gas-filled tube. As their names 
imply, vacuum tubes have virtually all the gases removed from their envelopes. Gas-filled tubes con- 
tain elemental vapor at low pressure. 


Vacuum Tube 


Vacuum tubes accelerate electrons to high speeds, resulting in large currents. This current can be fo- 
cused into a beam and guided in a particular direction. The intensity and/or beam direction can be 
changed with extreme rapidity, producing effects such as rectification, detection, oscillation, ampli- 
fication, signal mixing, waveform displays, spectral displays, and video imaging. 


Gas-Filled Tube 


Gas-filled tubes have a constant voltage drop, no matter what the current. This makes them useful 
as voltage regulators for high-voltage, high-current power supplies. Gas-filled tubes can withstand 
conditions that would destroy semiconductor regulating devices. Gas-filled tubes emit infrared 
(IR), visible light, and/or ultraviolet (UV). This property can be put to use for decorative lighting. 
A small neon bulb can be employed to construct an AF relaxation oscillator (Fig. 29-1). 


Diode Tube 


Even before the year 1900, scientists knew that electrons could carry electric current through a vac- 
uum. They also knew that hot electrodes emit electrons more easily than cool ones. These phenom- 
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11. TR = 3.2:1. (problem 16) 
12. Z G = 100 kQ. (problem 16) 
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Frequency 
adjustment 
29-1 A neon bulb oscillator, 
also known as a 
relaxation oscillator. Neon Sui 
bulb ma 


ena were put to use in the first electron tubes, known as diode tubes, for the purpose of rectification. 
Diode tubes are rarely used nowadays, although they can still be found in some power supplies that 
are required to deliver several thousand volts for long periods at a 100 percent duty cycle (that is, con- 
tinuous operation). 


Electrodes in a Tube 


In a tube, the electron-emitting electrode is the cathode. The cathode is usually heated by means of 
a wite filament, similar to the glowing element in an incandescent bulb. The heat drives electrons 
from the cathode. The cathode of a tube is analogous to the source of an FET, or to the emitter of 
a bipolar transistor. The electron-collecting electrode is the anode, also called the plate. The plate is 
the tube counterpart of the drain of an FET or the collector of a bipolar transistor. In most tubes, 
intervening grids control the flow of electrons from the cathode to the plate. The grids are the coun- 
terparts of the gate of an FET or the base of a bipolar transistor. 


Directly Heated Cathode 


In some tubes, the filament also serves as the cathode. This type of electrode is called a directly 
heated cathode. The negative supply voltage is applied directly to the filament. The filament voltage 
for most tubes is 6 V or 12 V dc. It is important that de be used to heat the filament in this type of 
tube, because ac will tend to modulate the output. The schematic symbol for a diode tube with a di- 
rectly heated cathode is shown in Fig. 29-2A. 


Indirectly Heated Cathode 


In many types of tubes, the filament is enclosed within a cylindrical cathode, and the cathode gets 
hot from the IR radiated by the filament. This is an indirectly heated cathode. The filament normally 
receives 6 V or 12 V ac or dc. In an indirectly heated cathode arrangement, ac does not cause mod- 
ulation problems, as it can with a directly heated cathode tube. The schematic symbol for a diode 
tube with an indirectly heated cathode is shown in Fig. 29-2B. 

Because the electron emission in a tube depends on the filament or heater, tubes need a certain 
amount of time to warm up before they can operate properly. This time can vary from a few seconds 
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(for a small tube with a directly heated cathode) to a couple of minutes (for massive power-amplifier 
tubes with indirectly heated cathodes). The warm-up time for a large tube is about the same as the 
boot-up time for a personal computer. 


Cold Cathode 


In a gas-filled tube, the cathode does not have a filament to heat it. Such an electrode is called a cold 
cathode. Various chemical elements are used in gas-filled tubes. In fluorescent devices, neon, argon, 
and xenon are common. In gas-filled voltage-regulator (VR) tubes, mercury vapor is used. In a 
mercury-vapor VR tube, the warm-up period is the time needed for the elemental mercury, which 
is a liquid at room temperature, to vaporize (approximately 2 minutes). 


Plate 


The plate, or anode, of a tube is a cylinder concentric with the cathode and filament, as shown in 
Fig. 29-2C. The plate is connected to the positive dc supply voltage. Tubes operate at plate voltages 
ranging from 50 V to more than 3 kV. These voltages are potentially lethal. Technicians unfamiliar 
with vacuum tubes should not attempt to service equipment that contains them. The output of a 
tube-type amplifier circuit is almost always taken from the plate circuit. The plate exhibits high im- 
pedance for signal output, similar to that of an FET. 
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Control Grid 


The flow of current can be controlled by means of an electrode between the cathode and the plate. 
This electrode, the control grid (or simply the grid ), is a wire mesh or screen that lets electrons pass 
through. The grid impedes the flow of electrons if it is provided with a negative voltage relative to 
the cathode. The greater the negative grid bias, the more the grid obstructs the flow of electrons 
through the tube. 


Triode Tube 


A tube with one grid is a triode. The schematic symbol is shown at A in Fig. 29-3. In this case the 
cathode is indirectly heated; the filament is not shown. This omission is standard in schematics 
showing tubes with indirectly heated cathodes. When the cathode is directly heated, the filament 
symbol serves as the cathode symbol. The control grid is usually biased with a negative dc voltage 
ranging from near 0 to as much as half the positive dc plate voltage. 


Tetrode Tube 


A second grid can be added between the control grid and the plate. This is a spiral of wire or a coarse 
screen, and is called the screen grid or screen. This grid normally carries a positive dc voltage at 25 to 
35 percent of the plate voltage. 

The screen grid reduces the capacitance between the control grid and plate, minimizing the ten- 
dency of a tube amplifier to oscillate. The screen grid can also serve as a second control grid, allow- 
ing two signals to be injected into a tube. This tube has four elements, and is known as a tetrode. Its 
schematic symbol is shown at B in Fig. 29-3. 


Pentode Tube 


The electrons in a tetrode can bombard the plate with such force that some of them bounce back, 
or knock other electrons from the plate. This so-called secondary emission can hinder tube perfor- 


29-3 Schematic symbols for 
vacuum tubes with A B C 
grids: triode (A), 
tetrode (B), pentode 
(C), hexode (D), and 
heptode (E). 
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mance and, at high power levels, cause screen current so high that the electrode is destroyed. This 
problem can be eliminated by placing another grid, called the suppressor grid or suppressor, between 
the screen and the plate. The suppressor repels secondary electrons emanating from the plate, prevent- 
ing most of them from reaching the screen. The suppressor also reduces the capacitance between the 
control grid and the plate more than a screen grid by itself. 

Greater gain and stability are possible with a pentode, or tube with five elements, than with a 
tetrode or triode. The schematic symbol for a pentode is shown at C in Fig. 29-3. The suppressor is 
often connected directly to the cathode. 


Hexode and Heptode Tubes 


In some older radio and TV receivers, tubes with four or five grids were sometimes used. These 
tubes had six and seven elements, respectively, and were called hexode and heptode. The usual func- 
tion of such tubes was signal mixing. The schematic symbol for a hexode is shown at D in Fig. 
29-3; the symbol for a heptode is at E. You will not encounter hexodes and heptodes in modern 
electronics, because solid-state components are used for signal mixing. 


Interelectrode Capacitance 


In a vacuum tube, the cathode, grid(s), and plate exhibit interelectrode capacitance that is the primary 
limiting factor on the frequency range in which the device can produce gain. The interelectrode ca- 
pacitance in a typical tube is a few picofarads. This is negligible at low frequencies, but at frequen- 
cies above approximately 30 MHz, it becomes a significant consideration. Vacuum tubes intended 
for use as RF amplifiers are designed to minimize this capacitance. 


Circuit Contigurations 


The most common application of vacuum tubes is in amplifiers, especially in radio and television 
transmitters at power levels of more than 1 kW. Some high-fidelity audio systems also employ vac- 
uum tubes. In recent years, tubes have gained favor with some popular music bands. Some musi- 
cians insist that “tube amps” provide richer sound than amplifiers using power transistors. There are 
two basic vacuum-tube amplifier circuit arrangements: the grounded-cathode configuration and the 
grounded-grid configuration. 


Grounded Cathode 


Figure 29-4 is a simplified schematic diagram of a grounded-cathode circuit using a triode tube. 
This circuit is the basis for many tube-type RF power amplifiers and audio amplifiers. The input 
impedance is moderate, and the output impedance is high. Impedance matching between the am- 
plifier and the load can be obtained by tapping a coil in the output circuit, or by using a transformer. 


Grounded Grid 


Figure 29-5 shows a basic grounded-grid RF amplifier circuit. The input impedance is low, and the 
output impedance is high. The output impedance is matched by the same means as with the 
erounded-cathode arrangement. The grounded-grid configuration requires more driving (input) 


power than the grounded-cathode scheme. A grounded-cathode amplifier might produce 1 kW of 
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29-4 Simplified schematic Input o~ Ho Output 


diagram of a 
erounded-cathode RF 
amplifier circuit using 
a triode tube. 


+600 V 


RF output for 10-W input, but a grounded-grid amplifier needs 50 W to 100 W of drive to pro- 
duce 1 kW of RF output. A grounded-grid amplifier has a significant advantage, however: it is less 
likely to break into unwanted oscillation than a grounded-cathode circuit. 


Plate Voltage 


The plate voltages (+600 V dc) in the circuits of Figs. 29-4 and 29-5 are given as examples. The am- 
plifiers shown could produce 75- to 150-W signal output provided they receive sufficient drive and 
are properly biased. An amplifier rated at 1-kW output would require a plate voltage of +2 kV dc to 
+5 kV dc. In high-power radio and TV broadcast transmitters producing in excess of 50-kW RF 


output, even higher dc plate voltages are used. 


Cathode-Ray Tubes 


Many TV receivers, and some desktop computer monitors, use cathode-ray tubes (CRIs). So do 
older oscilloscopes, spectrum analyzers, and radar sets. 


Electron Beam 


In a CRT, a specialized cathode called an electron gun emits an electron beam that is focused and ac- 
celerated as it passes through positively charged anodes. The beam then strikes a glass screen whose 
inner surface is coated with phosphor. The phosphor glows visibly, as seen from the face of the CRT, 
because of the effect of the high-speed electrons striking it. 


29-5 Simplified schematic 
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The beam scanning pattern is controlled by magnetic or electrostatic fields. One field causes the 
beam to scan rapidly across the screen in a horizontal direction. Another field moves the beam ver- 
tically. When complex waveforms are applied to the electrodes that produce the deflection of the 
electron beam, a display pattern results. This pattern can be the graph of a signal wave, a fixed 
image, an animated image, a computer text display, or any other type of visible image. 


Electromagnetic CRT 


A simplified cross-sectional drawing of an electromagnetic CRT is shown in Fig. 29-6. There are two 
sets of deflecting coils, one for the horizontal plane and the other for the vertical plane. (To keep the 
illustration reasonably clear, only one set of deflecting coils is shown.) The greater the current in the 
coils, the greater the intensity of the magnetic field, and the more the electron beam is deflected. 
The electron beam is bent at right angles to the magnetic lines of flux. 

In an oscilloscope, the horizontal deflecting coils receive a sawtooth waveform. This causes the 
beam to scan, or sweep, at a precise, adjustable speed across the screen from left to right as viewed 
from in front. After each timed left-to-right sweep, the beam returns, almost instantly, to the left 
side of the screen for the next sweep. The vertical deflecting coils receive the waveform to be ana- 
lyzed. This waveform makes the electron beam move up and down. The combination of vertical and 
horizontal beam motion produces a display of the input waveform as a function of time. 
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29-6 Simplified cross-sectional rendition of an electromagnetic CRT. 
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Electrostatic CRT 


In an electrostatic CRT, charged metal plates, rather than current-carrying coils, are used to deflect 
the electron beam. When voltages appear on these deflecting plates, the beam is bent in the direction 
of the electric lines of flux. The greater the voltage applied to a deflecting plate, the stronger the elec- 
tric field, and the greater the extent to which the beam is deflected. 

The principal advantage of an electrostatic CRT is the fact that it generates a far less intense 
magnetic field than an electromagnetic CRT. This so-called extremely low frequency (ELF) energy 
is a cause for concern, because it might have adverse effects on people who use CRT-equipped de- 
vices, such as desktop computers, for extended periods of time. In recent years, with the evolution 
of liquid crystal displays (LCDs) and plasma displays as alternatives to the CRT type of display, ELF 


has become a much less significant concern. 


Camera Tubes 


Some video cameras use a form of electron tube that converts visible light into varying electric cur- 
rents. [he two most common types of camera tube are the vidicon and the image orthicon. 


Vidicon 

In the vidicon, a lens focuses the incoming image onto a photoconductive screen. An electron gun 
generates a beam that sweeps across the screen as a result of the effects of deflecting coils, in a man- 
ner similar to the operation of an electromagnetic CRT. The sweep in the vidicon is synchronized 
with any CRT that displays the image. 

As the electron beam scans the photoconductive surface, the screen becomes charged. The rate 
of discharge in a certain region on the screen depends on the intensity of the visible light striking 
that region. A simplified cutaway view of a vidicon tube is shown in Fig. 29-7. 

The main advantage of the vidicon is its small physical size and mass. A vidicon is sensitive, but 
its response can be sluggish when the level of illumination is low. This causes images to persist for a 
short while, resulting in poor portrayal of fast-motion scenes. 
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29-7 Functional diagram of a vidicon. 
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Image Orthicon 


Another type of camera tube, also quite sensitive but having a quicker response to image changes, is 
the image orthicon. It is constructed much like the vidicon, except that there is a target electrode be- 
hind the photocathode (Fig. 29-8). When a single electron from the photocathode strikes the target 
electrode, multiple secondary electrons are emitted as a result. The image orthicon thus acts as a 
video signal amplifier, as well as a camera. 

A fine beam of electrons, emitted from the electron gun, scans the target electrode. The second- 
ary electrons cause some of this beam to be reflected back toward the electron gun. Areas of the tar- 
get electrode with the most secondary electron emission produce the greatest return beam intensity, 
and regions with the least emission produce the lowest return beam intensity. The greatest return 
beam intensity corresponds to the brightest parts of the video image. The return beam is modulated 
as it scans the target electrode and is picked up by a receptor electrode. 

One significant disadvantage of the image orthicon is that it produces considerable noise in ad- 
dition to the signal output. But when a fast response is needed and the illumination ranges from 
dim to very bright, the image orthicon is the camera tube of choice. 


Photomultiplier 


A photomultiplier is a vicuum tube that generates a variable current depending on the intensity of 
the light that strikes it. It multiplies its own output, thereby obtaining high sensitivity. Photomulti- 
pliers can be used to measure light intensity at low levels. 

The photomultiplier consists of a photocathode, which emits electrons in proportion to the in- 
tensity of the light striking it. These electrons are focused into a beam, and this beam strikes an elec- 
trode called a dynode. The dynode emits several secondary electrons for each electron that strikes it. 
The resulting beam is collected by the anode. 

A photomultiplier can have several dynodes, resulting in high gain. The extent to which the 
sensitivity can be increased by cascading dynodes is limited by the amount of background electron 
emission or dark noise from the photocathode. 


Dissector 


A dissector, also known as an image dissector, is a form of photomultiplier in which the light is fo- 
cused by a lens onto a translucent photocathode. This surface emits electrons in proportion to the 
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light intensity. The electrons from the photocathode are directed to a barrier containing a small 
aperture. The vertical and horizontal deflection plates, supplied with synchronized scanning volt- 
ages, move the beam from the photocathode across the aperture. The electron stream passing 
through the aperture is modulated depending on the light and dark nature of the image. 

The image resolution of the dissector tube depends on the size of the aperture. The smaller the 
aperture, the sharper the image, down to a certain limiting point. However, there is a limit to how 
small the aperture can be, while still allowing enough electrons to pass, and avoiding the generation 
of interference patterns. The image dissector tube produces very little dark noise, and this allows for 
excellent sensitivity. 


Tubes tor Use above 300 MHz 


Specialized vacuum tubes are required for RF operation at frequencies above 300 MHz. These 
bands are known as ultrahigh frequency (UHF) band, which ranges from 300 MHz to 3 GHz, and 
the microwave band, which ranges from 3 GHz up. The magnetron and the Klystron are examples of 
tubes that are used to generate and amplify signals at these frequencies. 


Magnetron 


A magnetron contains a cathode and a surrounding anode. The anode is divided into sections, or 
cavities, by radial barriers. The output is taken from an opening in the anode, and passes into a 
waveguide that serves as a transmission line for the RF output energy. 

The cathode is connected to the negative terminal of a high-voltage source, and the anode is 
connected to the positive terminal. Therefore, electrons flow radially outward. A magnetic field is 
applied lengthwise through the cavities. As a result, the electron paths are bent into spirals. The elec- 
tric field produced by the high voltage, interacting with the longitudinal magnetic field and the ef- 
fects of the cavities, causes the electrons to bunch up into clouds. The swirling movement of the 
electron clouds causes a fluctuating current in the anode. The frequency depends on the shapes and 
sizes of the cavities. Small cavities result in the highest oscillation frequencies; larger cavities produce 
oscillation at relatively lower frequencies. 

A magnetron can generate more than 1 kW of RF power at a frequency of 1 GHz. As the fre- 
quency increases, the realizable power output decreases. At 10 GHz, a typical magnetron generates 
about 20 W of RF power output. 


Klystron 


A Klystron has an electron gun, one or more cavities, and a device that modulates the electron 
beam. There are several different types. The most common are the multicavity Klystron and the re- 
flex Klystron. 

In a multicavity Klystron, the electron beam is velocity-modulated in the first cavity. This 
causes the density of electrons (the number of particles per unit volume) in the beam to change 
as the beam moves through subsequent cavities. The electrons tend to bunch up in some regions 
and spread out in other regions. The intermediate cavities increase the magnitude of the electron 
beam modulation, resulting in amplification. Output is taken from the last cavity. Peak power 
levels in some multicavity Klystrons can exceed 1 MW (10° W), although the average power is 
much less. 

A reflex Klystron has a single cavity. A retarding field causes the electron beam to periodically re- 
verse direction. This produces a phase reversal that allows large amounts of energy to be drawn from 


514 Electron Tubes 


the electrons. A typical reflex Klystron can produce signals on the order of a few watts at frequen- 


cies of 300 MHz and above. 


Quiz 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 
back of the book. 
1. A major difference between a triode tube and an N-channel FET is the fact that 
(a) triodes work with lower signal voltages. 
(b) triodes are more compact. 
(c) triodes need higher power-supply voltages. 
(d) triodes don't need filaments. 


2. The control grid of a vacuum tube is the electrical counterpart of the 
(a) source of aMOSFET. 
(b) 
(c) anode of a diode. 
(d) gate of an FET. 


collector of a bipolar transistor. 


3. In a tetrode tube, the charge carriers are 
(a) free electrons, which pass among the electrodes. 
(b) holes, which are conducted within the electrodes. 
(c) holes or electrons, depending on whether the device is P type or N type. 
(d) nuclei of whatever elemental gas happens to exist in the tube. 
4. Which factor is most significant in limiting the maximum frequency at which a tube can 
operate? 
(a) The power-supply voltage 
(b) 
(c) 
(d) The current passing through the filament 


The capacitance among the electrodes 


The physical size of the tube 


5. In a tube with a directly heated cathode, 
(a) the filament is separate from the cathode. 
(b) 
(c) 


(d) there is no filament. 


the grid is connected to the filament. 


the filament serves as the cathode. 


6. In a tube with a cold cathode, 
(a) the filament is separate from the cathode. 
(b) 
(c) 


(d) there is no filament. 


the grid is connected to the filament. 


the filament serves as the cathode. 


Chapter 11 
Power Supply Circuits 
A power supply is incorporated into many 
electronic devices. Power supplies convert the 

120 volts AC from a wall plug to a DC 
voltage, providing power for all types of 
electronic circuits. 

Power supply circuits are simple in principle, 
and those shown in this chapter have been 
around for many years. Because power 
Supplies incorporate many of the features 
covered in this book, they make an excellent 
conclusion to your study of basic electronics. 

Diodes are a major component in power 
supplies. Learning how AC signals are affected 
by diodes IS fundamental to your 
understanding of how power supplies work, 
Therefore, this chapter begins with a brief 
discussion of diodes in AC circuits. 

Throughout this chapter, diagrams show 
how AC signals are affected by diodes and 


other components in power supply — circuits. If 
you have an oscilloscope, you can 
breadboard the circuits and observe these 
waveforms. 


When you complete this chapter, you will be 
able to do the following: 

Describe the function of diodes In AC 
circuits. 

Identify at least two ways to rectify an AC 
Signal. 


Quiz 


7. A screen grid enhances tube operation by 


8. 


J: 


10. An advantage of a grounded-grid RF power amplifier over a grounded-cathode RF power 


(a) increasing the gain, helping the circuit to oscillate more easily. 
(b) decreasing the plate voltage required to produce oscillation. 
(c) minimizing the risk that a tube amplifier will break into oscillation. 


(d) pulling excess electrons from the plate. 


A tube with three grids is called a 
(a) triode. 

(b) tetrode. 

(c) pentode. 

(d) hexode. 


A tube with four grids is called a 
(a) triode. 

(b) tetrode. 

(c) pentode. 

(d) hexode. 


amplifier is the fact that the grounded-grid circuit 


11. 


12. 


LOs 


(a) has excellent sensitivity. 
(b) exhibits high input impedance. 
(c) produces little or no noise in the input. 


(d) 1s more stable. 


A heptode tube has 
(a) one plate. 

(b) two plates. 

(c) three plates. 
(d) four plates. 


The electron gun in a CRT is another name for its 
(a) cathode. 

(b) anode. 

(c) control grid. 

(d) screen grid. 


The electron beam in an electrostatic CRT is bent by 

(a) magnetic fields produced by current-carrying coils. 
(b) 
(c) 
(d) visible light striking the electrodes. 


electric fields produced by charged electrodes. 


a variable voltage on the screen grid. 
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14. A grounded-grid RE power amplifier 


(a) requires more driving power, for a given RF power output, than a grounded-cathode RF 
power amplifier. 


(b) requires less driving power, for a given RE power output, than a grounded-cathode RE 
power amplifier. 


(c) oscillates at a more stable frequency than a grounded-cathode RF power amplifier. 

(d) oscillates at a less stable frequency than a grounded-cathode RF power amplifier. 
15. In a Klystron, the electron-beam density varies as a result of 

(a) amplitude modulation. 

(b) 

(c) 


(d) frequency modulation. 


pulse modulation. 


velocity modulation. 


16. A vidicon camera tube is noted for its 
(a) poor signal-to-noise ratio. 
(b) large size and heavy weight. 
(c) slow response to image movement in dim light. 


(d) excellent selectivity and electrical ruggedness. 


17. The plate in a tetrode tube is normally connected to 
(a) a positive dc power-supply voltage. 
(b) a negative dc power-supply voltage. 
(c) electrical ground. 


(d) RF ground. 


18. The screen grid in a tetrode tube is normally connected to 
(a) a positive dc power-supply voltage. 
(b) a negative dc power-supply voltage. 
(c) electrical ground. 


(d) RF ground. 


19. Which of the following is most suitable for measuring the intensity of dim light? 
(a) A triode gas-filled tube 
(b) A photomultiplier tube 
(c) An electrostatic CRT 
(d) An electromagnetic CRT 


20. In a dissector tube, the aperture size is directly related to the 
(a) operating voltage. 
(b) 
(c) 


(d) image resolution. 


signal-to-noise ratio. 


response speed. 
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CHAPTER 


Transducers, Sensors, 
Location, and Navigation 


IN THIS CHAPTER, YOU'LL LEARN ABOUT ELECTRONIC DEVICES THAT CONVERT ENERGY FROM ONE 
form to another, devices that can detect phenomena and measure their intensity, systems that can 
help you find out where you are (or where some other object is), and devices that facilitate naviga- 
tion for vessels such as ships, aircraft, and robots. 


Wave Transducers 


In electronics, wave transducers convert ac or de into acoustic or electromagnetic (EM) waves. They 
can also convert these waves into ac or dc signals. 


Dynamic Transducer for Sound 


A dynamic transducer is a coil-and-magnet device that translates mechanical vibration into varying 
electrical current, and can also do the reverse. The most common examples are the dynamic micro- 
phone and the dynamic speaker. 

Figure 30-1 shows a functional diagram of a dynamic transducer. A diaphragm is attached to a 
coil that is mounted so it can move back and forth rapidly along its axis. A permanent magnet is 
placed inside the coil. Sound waves cause the diaphragm to move; this moves the coil, which causes 
fluctuations in the magnetic field within the coil. The result is ac output from the coil, having the 
same waveform as the sound waves that strike the diaphragm. 

If an audio signal is applied to the coil, it generates a magnetic field that produces forces on the 
coil. This causes the coil to move, pushing the diaphragm back and forth, creating acoustic waves in 
the surrounding medium. 


Electrostatic Transducer tor Sound 


An electrostatic transducer takes advantage of the forces produced by electric fields. Two metal plates, 
one flexible and the other rigid, are placed parallel to each other and close together (Fig. 30-2). 

In an electrostatic pickup, incoming sound waves vibrate the flexible plate. This produces small, 
rapid changes in the spacing, and therefore the capacitance, between the two plates. A dc voltage is 
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applied between the plates. As the interplate capacitance varies, the electric field intensity between 
them fluctuates. This produces variations in the current through the primary winding of the trans- 
former. Audio signals appear across the secondary. 

In an electrostatic emitter, fluctuating currents in the transformer produce changes in the volt- 
age between the plates. This results in electrostatic field variations, pulling and pushing the flexible 
plate in and out. The motion of the flexible plate produces sound waves. 

Electrostatic transducers can be used in most applications where dynamic transducers are em- 
ployed. Advantages of electrostatic transducers include light weight and good sensitivity. The rela- 
tive absence of magnetic fields can also be an asset in certain situations. 


Piezoelectric Transducer for Sound and Ultrasound 


Figure 30-3 shows a piezoelectric transducer. This device consists of a crystal of quartz or ceramic ma- 
terial, sandwiched between two metal plates. When sound waves strike one or both of the plates, the 
metal vibrates. This vibration is transferred to the crystal. The crystal generates weak electric cur- 
rents when subjected to this mechanical stress. Therefore, an ac voltage develops between the two 
metal plates, with a waveform similar to that of the sound. 

If an ac signal is applied to the plates, it causes the crystal to vibrate in sync with the current. 
The metal plates vibrate also, producing an acoustic disturbance. 

Piezoelectric transducers can function at higher frequencies than can dynamic or electrostatic 
transducers. For this reason, they are favored in ultrasonic applications, such as intrusion detectors 
and alarms. 
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and ultrasound. 


Audio signal 


Transducers for RF Energy 


The term radio-frequency (RF) transducer is a fancy name for an antenna. There are two basic types: 
the receiving antenna and the transmitting antenna. You learned about antennas in Chap. 27. 


Transducers for IR and Visible Light 


Many wireless devices transmit and receive energy at IR wavelengths. Infrared energy has a fre- 
quency higher than that of radio waves, but lower than that of visible light. Some wireless devices 
transmit and receive their signals in the visible range, although these are encountered much less 
often than IR devices. 

The most common IR transmitting transducer is the infrared-emitting diode (IRED). Fluctu- 
ating dc is applied to the device, causing it to emit IR rays. The fluctuations in the current consti- 
tute modulation, and this produces rapid variations in the intensity of the rays emitted by the 
semiconductor P-N junction. The modulation contains information, such as which channel your 
television set should seek, or whether the volume is to be raised or lowered. Infrared energy can be 
focused by optical lenses and reflected by optical mirrors. This makes it possible to collimate IR rays 
(make them parallel) so they can be transmitted for distances up to several hundred meters. 

Infrared receiving transducers resemble photodiodes or photovoltaic cells. The fluctuating IR 
energy from the transmitter strikes the P-N junction of the receiving diode. If the receiving device 
is a photodiode, a current is applied to it, and this current varies rapidly in accordance with the sig- 
nal waveform on the IR beam from the transmitter. If the receiving device is a photovoltaic cell, it 
produces the fluctuating current all by itself, without the need for an external power supply. In ei- 
ther case, the current fluctuations are weak, and must be amplified before they are delivered to what- 
ever equipment (television set, garage door, oven, security system, etc.) is controlled by the wireless 
system. Infrared wireless devices work best on a line of sight. 


Displacement Transducers 


A displacement transducer measures a distance or angle traversed, or the distance or angle separating 
two points. Conversely, it can convert a signal into movement over a certain distance or angle. A de- 
vice that measures or produces movement in a straight line is a linear displacement transducer. If it 
measures or produces movement through an angle, it is an angular displacement transducer. 
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Pointing and Control Devices 


A joystick is a control device capable of producing movement, or controlling variable quantities, in 
two dimensions. The device consists of a movable lever and a ball bearing within a control box. The 
lever can be moved by hand up and down, and to the right and left. Joysticks are used in computer 
games, for entering coordinates into a computer, and for the remote control of robots. In some joy- 
sticks, the lever can be rotated, allowing control in a third dimension. 

A mouse is a peripheral commonly used with personal computers. By sliding the mouse around 
on a flat surface, a cursor or arrow is positioned on the display. Pushbutton switches on the top of 
the unit actuate the computer to perform whatever function the cursor or arrow shows. These ac- 
tions are called clicks. 

A trackball resembles an inverted mouse, or a two-dimensional joystick without the lever. In- 
stead of the device being pushed around on a surface, the user moves a ball bearing, causing the dis- 
play cursor to move vertically and horizontally. Pushbutton switches on a computer keyboard, or on 
the trackball box itself, actuate the functions. 

An eraser-head pointer is a rubber button approximately 5 mm in diameter, usually placed in the 
center of a computer keyboard. The user moves the cursor on the display by pushing against the 
button. Clicking and double clicking are done with button switches on the keyboard. 

A touch pad is a sensitive plate that is about the size of a business card. The user places an index 
finger on the plate and moves the finger around. This results in intuitive movement of the display 
cursor. Clicking and double clicking are done in the same way as with the trackball and eraser-head 
pointer. 


Electric Motor 


An electric motor converts electrical energy into angular (and in some cases linear) mechanical en- 
ergy. Motors can operate from ac or dc, and range in size from tiny devices used in microscopic ro- 
bots to huge machines that pull passenger trains. 

The basics of de motors were discussed in Chap. 8. In a motor designed to work with ac, there 
is no commutator. The alternations in the current keep the polarity correct at all times, so the shaft 
does not lock up. The rotational speed of an ac motor depends on the frequency of the applied ac. 
With 60-Hz ac, for example, the rotational speed is 60 revolutions per second (60 rps) or 3600 rev- 
olutions per minute (3600 rpm). 

When a motor is connected to a load, the rotational force required to turn the shaft increases. 
The greater the required force becomes, the more power is drawn from the source. 


Stepper Motor 


A stepper motor turns in small increments, rather than continuously. The step angle, or extent of each 
turn, varies depending on the particular motor. It can range from less than 1° of arc to a quarter of 
a circle (90°). A stepper motor turns through its step angle and then stops, even if the current is 
maintained. When a stepper motor is stopped with a current going through its coils, the shaft resists 
external rotational force. 

Conventional motors run at hundreds, or even thousands, of revolutions per minute (rpm). But 
a stepper motor usually runs at much lower speeds, almost always less than 180 rpm. A stepper 
motor has the most turning power when it is running at its slowest speeds, and the least turning 
power when it runs at its highest speeds. 

When a pulsed current is supplied to a stepper motor, the shaft rotates in increments, one step 
for each pulse. In this way, a precise speed can be maintained. Because of the braking effect, this 
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speed is constant for a wide range of mechanical turning resistances. Stepper motors can be con- 
trolled using microcomputers. This type of motor is especially well suited for point-to-point mo- 
tion. Complicated, intricate tasks can done by computer-controlled robots using stepper motors. 


Selsyn 


A selsyn is an indicating device that shows the direction in which an object is oriented. It consists of a 
transmitting unit and a receiving (or indicator) unit. As the shaft of the transmitting unit rotates, the 
shaft of the receiving unit, which is a stepper motor, follows along exactly. A common application is as 
a direction indicator for a wind vane (Fig. 30-4). When the wind vane rotates, the indicator unit shaft 
moves through the same number of angular degrees as the transmitting unit shaft. A selsyn for azimuth 
(compass) bearings has a range of 0° to 360°. A selsyn for elevation bearings has range of 0° to 90°. 
A synchro is a selsyn used for the control of mechanical devices. Synchros are well suited for ro- 
botic teleoperation, or remote control. Some synchros are programmable. The operator inputs a num- 
ber into the generator, and the receiver changes position accordingly. Synchros are commonly used as 
rotators and direction indicators for directional communications antennas such as the Yagi or dish. 


Electric Generator 


An electric generator is constructed in much the same way as an ac motor, although it functions in 
the opposite sense. Some generators can also be used as motors; devices of this type are called 
motor/generators. 
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A typical generator produces ac from the mechanical rotation of a coil in a strong magnetic 
field. Alternatively, a permanent magnet can be rotated within a coil of wire. The rotating shaft can 
be driven by a gasoline engine, a steam turbine, a water turbine, a windmill, or even by human 
power. A commutator can be used with a generator to produce pulsating dc output, which can be 
filtered to obtain pure dc for use with electronic equipment. 

Small portable gasoline-powered generators, capable of delivering a few kilowatts, can be pur- 
chased in department stores or home-and-garden stores. Larger generators, which usually burn 
propane or methane (“natural gas”), allow homes or buildings to keep their electrical power in the 
event of an interruption in the utility. The largest generators are found in power plants, and can pro- 
duce many kilowatts. 

Small generators can be used in synchro systems. These specialized generators allow remote 
control of robotic devices. A generator can be used to measure the speed at which a vehicle or rolling 
robot moves. The shaft of the generator is connected to one of the wheels, and the generator output 
voltage and frequency vary directly with the angular speed of the wheel. This is an example of a 
tachometer, a device familiar to people with automotive experience. 


Optical Encoder 


In digital radios, frequency adjustment is done in discrete steps. A typical increment is 10 Hz for 
shortwave radios and 200 kHz for FM broadcast radios. An alternative to mechanical switches or 
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30-5 An optical encoder uses LEDs and photodetectors to sense the direction 
and extent of shaft rotation. 
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gear-driven devices, which wear out with time, is the optical encoder, also called the optical shaft 
encoder. 

An optical encoder consists of two LEDs, two photodetectors, and a device called a chopping 
wheel. The LEDs shine on the photodetectors through the wheel. The wheel has radial bands, alter- 
nately transparent and opaque (Fig. 30-5). The wheel is attached to the tuning shaft, which is at- 
tached to a large knob. As the tuning knob is rotated, the light beams are interrupted. Each 
interruption causes the frequency to change by a specified increment. The difference between “fre- 
quency up” and “frequency down” (clockwise and counterclockwise shaft rotation, respectively) is 
determined according to which photodetector senses each sequential beam interruption first. 


Detection and Measurement 


A sensor employs one or more transducers to detect and/or measure phenomena such as tempera- 
ture, humidity, barometric pressure, texture, proximity, and the presence of certain substances. 


Capacitive Pressure Sensor 


A capacitive pressure sensor is shown in Fig. 30-6. Two metal plates are separated by a layer of dielec- 
tric (electrically insulating) foam, forming a capacitor. This component is connected in parallel with 
an inductor. The resulting inductance/capacitance (LC) circuit determines the frequency of an os- 
cillator. If an object strikes the sensor, the plate spacing momentarily decreases. This increases the 
capacitance, causing a drop in the oscillator frequency. When the object moves away from the trans- 
ducer, the foam springs back, the plates return to their original spacing, and the oscillator frequency 
returns to normal. 

The output of a capacitive pressure sensor can be converted to digital data using an analog-to- 
digital converter (ADC). This signal can be sent to a microcomputer such as a robot controller. Pres- 
sure sensors can be mounted in various places on a mobile robot, such as the front, back, and sides. 
Then, for example, physical pressure on the sensor in the front of the robot can send a signal to the 
controller, which tells the machine to move backward. 

A capacitive pressure sensor can be fooled by massive conducting or semiconducting objects in 
its vicinity. If such a mass comes near the transducer, the capacitance may change even if direct con- 
tact is not made. This phenomenon is known as body capacitance. When the effect must be avoided, 
an elastomer device can be used for pressure sensing. 
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30-7 An elastomer pressure sensor detects applied force without 
unwanted capacitive effects. 


Elastomer 


An elastomer is a flexible substance resembling rubber or plastic that can be used to detect the pres- 
ence or absence of mechanical pressure. Figure 30-7 illustrates how an elastomer can be used to de- 
tect, and locate, a pressure point. The elastomer conducts electricity fairly well, but not perfectly. It 
has a foam-like consistency, so that it can be compressed. Conductive plates are attached to the pad. 

When pressure appears at some point in the elastomer pad, the material is compressed, and this 
lowers its electrical resistance. This is detected as an increase in the current between the plates. The 
greater the pressure becomes, the more the elastomer is compressed, and the greater is the increase 
in the current. The current-change data can be sent to a microcomputer such as a robot controller. 


Back-Pressure Sensor 


A motor produces a measurable pressure that depends on the torque being applied. A back-pressure 
sensor detects and measures the torque that the motor is applying at any given time. The sensor pro- 
duces a signal, usually a variable voltage, that increases as the torque increases. Figure 30-8 is a func- 
tional block diagram of a back-pressure sensor. 

Back-pressure sensors are used to limit the force applied by robot grippers, arms, drills, ham- 
mers, or other end effectors. The back voltage, or signal produced by the sensor, reduces the torque 
applied by the motor. This can prevent damage to objects being handled by the robot. It also helps 


to ensure the safety of people working around the robot. 


Capacitive Proximity Sensor 


A capacitive proximity sensor uses an RE oscillator, a frequency detector, and a metal plate connected 
into the oscillator circuit (Fig. 30-9). The oscillator is designed so that a change in the capacitance 


Draw the output waveforms from rectifier 
and smoothing circuits. 

Calculate the output voltage from a power 
supply circuit. 

Determine the appropriate component values 
for a power supply circuit. 


Diodes in AC Circuits 
Produce Pulsating DC 


1 You can use diodes for several purposes 
in AC circuits, where their characteristic of 
conducting in only one direction is useful. 
Questions 

Assume that you apply + 20 volts DC at 
point A of the circuit, as shown in Figure 11.1 


A. What is the output voltage at point B? 


B. Suppose that you now apply + 10 volts 
DC at point B. What is the voltage at point 
A? o 
Figure 11.1 


A B 


Answers 
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Force 


30-8 A back-pressure sensor 
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Mechanical 
resistance 


of the plate, with respect to the environment, causes the oscillator frequency to change. This change 
is sensed by the frequency detector, which sends a signal to a microcomputer or robot controller. 

Substances that conduct electricity to some extent, such as metal, saltwater, and living tissue, 
are sensed more easily by capacitive transducers than are materials that do not conduct, such as dry 
wood, plastic, glass, or dry fabric. 


Photoelectric Proximity Sensor 


Reflected light can provide a way for a mobile robot to tell if it is approaching something. A photo- 
electric proximity sensor uses a light-beam generator, a photodetector, a frequency-sensitive amplifier, 
and a microcomputer (Fig. 30-10). 

The light beam reflects from the object and is picked up by the photodetector. The light beam 
is modulated at a certain frequency, say 1000 Hz. The amplifier responds only to light modulated 
at that frequency. This prevents false imaging that can otherwise be caused by lamps or sunlight. 
(Such light sources are unmodulated, and will not actuate a sensor designed to respond only to 
modulated light.) If the robot is approaching an object, its controller senses that the reflected, mod- 
ulated beam is getting stronger. The robot can then steer clear of the object. 
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This method of proximity sensing does not work for objects that do not reflect light, or for win- 
dows or mirrors approached at a sharp angle. In these scenarios, the light beam is not reflected back 
toward the photodetector, so the object is invisible. 


Texture Sensor 


Texture sensing is the ability of a machine to determine whether a surface is shiny or rough (matte). 
Basic texture sensing involves the use of a laser and several light-sensitive sensors. 

Figure 30-11 shows how a laser (L) and sensors (S) can be used to tell the difference be- 
tween a shiny surface (at A) and a rough or matte surface (at B). The shiny surface, such as the 
polished hood of a car, reflects light at the incidence angle only. But the matte surface, such as 
a sheet of paper, scatters light in all directions. The shiny surface reflects the beam back entirely 
to the sensor in the path of the beam whose reflection angle equals its incidence angle. The 
matte surface reflects the beam back to all the sensors. A microcomputer can be programmed to 
tell the difference. 

Certain types of surfaces can confuse the texture sensor shown in Fig. 30-11. For example, a pile 
of glass marbles can be defined as shiny on a small scale but irregular on a large scale. Depending on 
the diameter of the laser beam, the texture sensor might interpret such a surface as either shiny or 
matte. The determination can also be affected by motion of the sensor relative to the surface. A sur- 
face that is interpreted as shiny when standing still relative to the sensor might be interpreted as 
matte when moving relative to the sensor. 
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Location Systems 


Transducers and sensors can operate over long distances. The above-described devices are intended 
mainly for short-range applications (with the exception of RF antennas). In this section, a few 
medium-range and long-range applications of transducers and sensors are described. These applica- 


tions fall into the broad category of location systems. 


Radar 


The term radar is derived from the words radio detection and ranging. Electromagnetic (EM) waves 
having certain frequencies reflect from various objects, especially if those objects contain metals or 
other good electrical conductors. By ascertaining the direction(s) from which radio signals are re- 
turned, and by measuring the time it takes for a pulsed beam of EM energy to travel from the trans- 
mitter location to a target and back again, it is possible to pinpoint the geographic positions of 
distant objects. During the Second World War in the 1940s, this property of radio waves was put to 


use for the purpose of locating aircraft. 
In the years following the war, it was discovered that radar can be useful in a variety of applica- 


tions, such as measurement of automobile speed (by the police), weather forecasting (rain and snow 
reflect radar signals), and even the mapping of the moon and the planet Venus. Radar is extensively 
used in aviation, both commercial and military. In recent years, radar has also found uses in robot 


guidance systems. 

A complete radar set consists of a transmitter, a directional antenna with a narrow main lobe 
and high gain, a receiver, and an indicator or display. The transmitter produces intense pulses of 
radio microwaves at short intervals. The pulses are propagated outward in a narrow beam from the 
antenna, and they strike objects at various distances. The reflected signals, or echoes, are picked up 
by the antenna shortly after the pulse is transmitted. The farther away the reflecting object, or tar- 
get, the longer the time before the echo is received. The transmitting antenna is rotated so that all 
azimuth bearings (compass directions) can be observed. 

A typical circular radar display consists of a CRT or LCD. Figure 30-12 shows the basic display 
configuration. The observing station is at the center of the display. Azimuth bearings are indicated 
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30-12 A radar display. The light radial band shows the azimuth 


direction in which the microwave beam is currently transmitted 


and received. (Not all radar displays show this band.) 


in degrees clockwise from true north, and are marked around the perimeter of the screen. The dis- 
tance, or range, is indicated by the radial displacement of the echo; the farther away the target, the 
farther from the display center the echo or blip. The radar display is, therefore, a set of polar coor- 
dinates. In the drawing, a target is shown at an azimuth of about 125° (east-southeast). Its range is 
near the maximum for the display. 

The maximum range of a radar system depends on the height of the antenna above the ground, 
the nature of the terrain in the area, the transmitter output power and antenna gain, the receiver 
sensitivity, and the weather conditions in the vicinity. Airborne long-range radar can detect echoes 
from several hundred kilometers (km) away under ideal conditions. A low-power radar system, with 
the antenna at a low height above the ground, might receive echoes from only 50 to 70 km. 

The fact that precipitation reflects radar echoes is a nuisance to aviation personnel, but it is in- 
valuable for weather forecasting and observation. Radar has made it possible to detect and track se- 
vere thunderstorms and hurricanes. A mesocyclone, which is a severe thunderstorm likely to produce 
tornadoes, causes a hook-shaped echo on radar. The eye of a hurricane, and the eyewall and rain- 
bands surrounding it, all show up clearly on a radar display. 

Some radar sets can detect changes in the frequency of the returned pulse, thereby allowing 
measurement of wind speeds in hurricanes and tornadoes. This is called Doppler radar. This type of 
radar is also employed to measure the speeds of approaching or receding targets. 
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Sonar 


Sonar is a medium-range method of proximity sensing. The acronym derives from the words sonic 
navigation and ranging. The basic principle is simple: Bounce acoustic waves off of objects, and 
measure the time it takes for the echoes to return. 

An elementary sonar system consists of an ac pulse generator, an acoustic emitter, an acoustic 
pickup, a receiver, a delay timer, and an indicating device such as a numeric display, CRT, LCD, or 
pen recorder. The transmitter sends out acoustic waves through the medium, usually water or air. 
These waves are reflected by objects, and the echoes are picked up by the receiver. The distance to 
an object is determined on the basis of the echo delay, provided the speed of the acoustic waves in 
the medium is known. 

A simple sonar system is diagrammed in Fig. 30-13A. A computer map can be generated on the 
basis of sounds returned from various directions in two or three dimensions. This can help a mobile 
robot or vessel navigate in its environment. However, the system can be fooled if the echo delay is 
equal to or longer than the time interval between pulses, as shown at B. To overcome this, a com- 
puter can instruct the generator to send pulses of various frequencies in a defined sequence. The 
computer keeps track of which echo corresponds to which pulse. 

Acoustic waves travel faster in water than in air. The amount of salt in water makes a difference 
in the propagation speed when sonar is used on boats, for example, in depth finding. The density of 
water can vary because of temperature differences as well. If the true speed of the acoustic waves is 
not accurately known, false readings will result. In freshwater, the speed of sound is about 1400 me- 
ters per second (m/s), or 4600 feet per second (ft/s). In saltwater, it is about 1500 m/s (4900 ft/s). 
In air, sound travels at approximately 335 m/s (1100 ft/s). 

In the atmosphere, sonar can make use of audible sound waves, but ultrasound is often used in- 
stead. Ultrasound has a frequency too high to hear, ranging from about 20 kHz to more than 100 
kHz. One advantage of ultrasound is that the signals will not be heard by people working around 
machines equipped with sonar. Another advantage is the fact that it is less likely to be fooled by peo- 
ple talking, machinery operating, and other noises. At frequencies higher than the range of human 
hearing, acoustical disturbances do not normally occur as often, or with as much intensity, as they 
do within the hearing range. 

In its most advanced forms, sonar can rival vision systems (also called machine vision) as a means 
of mapping the environment for a mobile robot or vessel. Sonar has one significant limitation: all 
acoustic waves, including sound and ultrasound, require a gaseous or liquid medium in order to 
propagate. Therefore, sonar is useless in outer space, which is practically a vacuum. 


Signal Comparison 


A machine or vessel can find its geographical position by comparing the signals from two fixed sta- 
tions whose positions are known, as shown in Fig. 30-14A. By adding 180° to the bearings of the 
sources X and Y, the machine or vessel (small square block) obtains its bearings as seen from the 
sources (round dots). The machine or vessel can determine its direction and speed by taking two 
readings separated by a certain amount of time. 

In the old days, diagrams such as the one in Fig. 30-14A were actually plotted on maps by the 
captains of oceangoing vessels and aircraft. Nowadays, computers do that work, with more accurate 
results. 

Figure 30-14B is a block diagram of an acoustic direction finder such as can be used by a mobile 
robot. The receiver has a signal-strength indicator and a servo that turns a directional ultrasonic 
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30-13 At A, a block diagram of medium-range sonar system. At B, a 


sonar system can be confused by long delays. 


transducer. There are two signal sources at different frequencies. When the transducer is rotated so 
the signal from one source is maximum, a bearing is obtained by comparing the orientation of the 
transducer with some known standard such as a magnetic compass. The same is done for the other 
source. A computer determines the precise location of the robot, based on this data. 


Radio Direction Finding (RDF) 


A radio receiver, equipped with a signal-strength indicator and connected to a rotatable, directional 
antenna, can be used to determine the direction from which signals are coming. Radio direction find- 
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30-14 A simple direction-finding scheme (A) and an ultrasonic 
direction finder (B). 


ing (RDF) equipment aboard a mobile vehicle facilitates determining the location of a transmitter. 
An RDF receiver can also be used to find one’s own position with respect to two or more transmit- 
ters operating on different frequencies. 

In an RDF receiver for use at frequencies below about 300 MHz, a small loop or loopstick an- 
tenna is used. It is shielded against the electric component of radio waves, so it picks up only the 
magnetic part of the EM field. The loop is rotated until a sharp dip, or null, occurs in the received 
signal strength, indicating that the axis of the loop lies along a line toward the transmitter. When 
readings are taken from two or more locations separated by a sufficient distance, the transmitter can 
be pinpointed by finding the intersection point of the azimuth bearing lines on a map. 

At frequencies above approximately 300 MHz, a directional transmitting and receiving an- 
tenna, such as a Yagi, quad, dish, or helical type, gives better results than a small loop. When such 
an antenna is employed for RDE the azimuth bearing is indicated by a signal peak rather than by a 
null. 


Navigational Methods 


Navigation involves the use of location devices over a period of time, thereby deriving a function of 
position versus time. This technique can be used to determine whether or not a vessel is on course. 
It can also be used to track the paths of military targets, severe thunderstorms, and hurricanes. 


Fluxgate Magnetometer 


When conventional position sensors do not function in a particular environment for a mobile 
robot, a fluxgate magnetometer can be used. This system employs sensitive magnetic receptors and a 
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microcomputer to sense the presence of, and detect changes in, an artificially generated magnetic 
field. Navigation within a room can be done by checking the orientation of magnetic lines of flux 
generated by electromagnets in the walls, floor, and ceiling of the room. For each point in the room, 
the magnetic flux lines have a unique direction and intensity. There is a one-to-one correspondence 
between the magnetic flux intensity/direction and the points within the robot's operating environ- 
ment. This correspondence can be represented as a two-variable mathematical function of every lo- 
cation in the room. The robot controller is programmed to know this function. This makes it 
possible for the machine to pinpoint its position with extreme accuracy, in some cases to within a 
few millimeters. 


Epipolar Navigation 


Epipolar navigation works by evaluating the way an image changes as viewed from a moving perspec- 
tive. Suppose that you are piloting an aircraft over the ocean. The only land in sight is a small island. 
The on-board computer sees an image of the island that constantly changes shape. Figure 30-15 
shows three sample sighting positions (A, B, C) and the size/shape of the island as seen by a machine 
vision system in each case. The computer has the map data, so it knows the true size, shape, and lo- 
cation of the island. The computer compares the shape and size of the image it sees at each point in 
time, from the vantage point of the aircraft, with the actual shape and size of the island from the 
map data. From this, the computer can ascertain the altitude of the aircraft, its speed and direction 
of movement relative to the surface, its latitude, and its longitude. 


Log Polar Navigation 


In log polar navigation, a computer converts an image in polar coordinates to an image in rectangular 
coordinates. The polar radius is mapped onto the vertical rectangular axis, and the polar angle is 
mapped onto the horizontal rectangular axis. 

Radial coordinates are unevenly spaced in the polar map, but are uniform in the rectangular 
map. During the transformation, the logarithm of the radius is taken to maximize the geographical 
area that the system can observe. As a result of this logarithmic transformation (that’s where the 
“log” comes from in the term), long-distance resolution is sacrificed, but the close-in resolution is 
enhanced. 

The so-called log polar transform distorts the way a scene appears to human observers, but 
translates images and motions into data that can be efficiently dealt with by a computerized scan- 
ning system. 


Loran 


The term Joran is an acronym derived from the words long range navigation. Loran is one of the old- 
est electronic navigation schemes, and is still used by some ships and aircraft. The system employs 
RF pulse transmission at low frequencies from multiple transmitters at specific geographic loca- 
tions. 

In loran, a computer on board a vessel can determine the location of the ship by comparing the 
time difference in the arrival of the signals from two different transmitters at known locations. 
Based on the fact that radio waves propagate at the speed of light in free space (approximately 
299,792 km/s or 186,282 mi/s), it is possible to determine the distance to each transmitter, and 
from this, the location of the ship relative to the transmitters. 


In recent years, loran has been largely supplanted by the Global Positioning System (GPS). 
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30-15 Epipolar navigation is the optoelectronic counterpart of 
human spatial perception. 


Global Positioning System (GPS) 


The Global Positioning System (GPS) is a network of radiolocation/radionavigation apparatus that 
operates on a worldwide basis. The system employs several satellites, and allows determination of 
latitude, longitude, and altitude. 

All GPS satellites transmit signals in the microwave part of the radio spectrum. The signals are 
modulated with codes that contain timing information used by the receiving apparatus to make 
measurements. A GPS receiver determines its location by measuring the distances to several differ- 
ent satellites. This is done by precisely timing the signals as they travel between the satellites and the 
receiver. The process is similar to triangulation, except that it is done in three dimensions (in space) 
rather than in two dimensions (on the surface of the earth). 
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There is some reduction in the propagation speed of EM microwaves in the ionosphere, as com- 
pared with the propagation speed in free space. The extent of this reduction depends on the signal 
frequency. The GPS employs dual-frequency transmission to compensate for this effect. A GPS re- 
ceiver uses a computer to process the information received from the satellites. From this informa- 
tion, it can give the user an indication of position down to a few meters. 

Increasingly, automobiles, trucks, and pleasure boats come with GPS receivers installed as stan- 
dard equipment. If you are driving in a remote area and you get lost, you can use GPS to locate your 
position. Using a cell phone, citizens band (CB) radio transceiver, or amateur (ham) radio trans- 
ceiver, you can call for help and inform authorities of your exact position, which is displayed on a 
detailed map of the area in which you are located. 


Qui 
Refer to the text in this chapter if necessary. A good score is at least 18 correct. Answers are in the 


back of the book. 
1. Which of the following devices would most likely be used for adjusting the frequency setting 
of a digital radio transmitter or receiver? 
(a) A piezoelectric transducer 
(b) 
(c) 


(d) A capacitive proximity sensor 


A dynamic transducer 


An optical shaft encoder 


2. Collimation of IR rays can be done by means of 
(a) an ordinary lens. 
(b) 
(c) 
(d) any of the above. 


a selsyn. 


a log polar transform system. 


3. A computer map 
(a) can help a robot find its way around. 
(b) requires the use of IR beacons. 
(c) is generated using optical encoders. 


(d) requires the use of a low-frequency RDF loop antenna. 


4. The distance of a target from a radar station is called 
(a) the resolution. 
(b) the azimuth. 
(c) the range. 
(d) the transform. 


5. Which of the following devices is best for use as an ultrasonic pickup? 
(a) A back-pressure transducer 


(b) A piezoelectric transducer 


A. 20 volts DC (Ignore, for now, the voltage 
drop of 0.7 volt across the diode.) 
B. O volts (The diode is reverse-biased.) 

2 Figure 11.2 shows the circuit in Figure 
11.1 with a 20 V pp AC input signal centered 
at + 20 volts DC. 

Figure 11.2 

20 V | +20 V 

Questions p 

A. What are the positive and negative peak 
voltages of the input signal? = — 

B. What is the output waveform of this 
circuit? 

Answers 

A. Positive peak voltage is 20 volts +10 volts 
= 30 volts. Negative peak voltage is 20 volts 
— 10 volts = 10 volts. 

B. The diode is always  forward-biased, so it 
always conducts. Thus, the output waveform 
is exactly the same as the input waveform. 

3 Figure 11.3 shows a circuit with 20 V pp 
AC input signal centered at O volts DC. 

Figure 11.3 
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(c) An elastomer pressure transducer 


(d) A capacitive pressure transducer 


6. What do loran and the GPS have in common? 
(a) They both operate using IR energy. 
(b) They both employ loop antennas at the transmitting and receiving stations. 


(c) They both involve measurement of azimuth angles to determine the location of a 
transmitter. 


(d) They both involve measurement of distances to determine the location of a receiver. 


7. A bright spot close to, and directly to the left of, the center of a conventional radar display 
indicates the presence of a target 


(a) right over the observing station. 
(b) 
(c) 


(d) far from the observing station, azimuth unknown. 


at close range, west of the observing station. 


at close range, south of the observing station. 


8. Which of the following systems enables a vessel to navigate entirely from its own frame of 
reference, without the need for any electronic devices external to itself? 


(a) An epipolar navigation system 
(b) The GPS 

(c) Loran 

(d) Forget it! There is no such thing. 


9. Ultrasonic waves travel through a vacuum 
(a) at the same speed as they travel in air. 
(b) 
(c) 


(d) Forget it! No form of acoustic wave can travel through a vacuum. 


at a slightly higher speed than they travel in air. 
at a slightly lower speed than they travel in air. 


10. Which of the following devices or techniques makes use of artificially generated magnetic 
fields to facilitate location within a work environment? 


(a) A dynamic transducer 
(b) 
(c) Capacitive proximity sensing 


(d) None of the above 


Epipolar navigation 


11. Which of the following is not an example of a transducer? 
(a) A microphone 
(b) A radio antenna 


) 
(c) A headset 


(d) All of the above are examples of transducers. 
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12: 


A foam-like material, having a resistance that varies depending on how much it is 


compressed, is known as 


13. 


14. 


ey 


16. 


17: 


18. 


(a) an elastomer. 
(b) 
(c) 


(d) none of the above. 


a fluxgate magnetometer. 


a piezoelectric substance. 


A stepper motor 

(a) has torque that increases as its speed increases. 

(b) resists applied torque when stopped with current going through its coils. 
(c) has turning power that does not depend on the speed. 

(d) is easily fooled by body capacitance. 


A permanent magnet is a key component of 
(a) an elastomer pressure sensor. 

(b) a capacitive pressure sensor. 

(c) a dynamic microphone. 


(d) a piezoelectric microphone. 


An electric motor is an example of 


( 


a) an electromechanical transducer. 
(b) a pressure sensor. 
(c) a proximity sensor. 


(d) a texture sensor. 


A capacitive proximity sensor should not be expected to detect the presence of 
(a) a wooden chair. 

(b) a metal desk. 

(c) a large dog. 

(d) a steel post. 

A well-designed photoelectric proximity sensor 

(a) is easily fooled by loud noises. 

(b) 
(c) 
(d) is not easily fooled by stray sources of light. 


cannot detect the presence of objects that reflect light. 


is sensitive to magnetic fields. 


An acoustic transducer can translate an ac electrical signal into 


( 


a) 
(b) sound or ultrasound. 
) 


visible light. 


(c) a dc electrical signal. 


(d) mechanical torque. 
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19. Body capacitance can be a problem with 
(a) electrostatic transducers. 
(b) elastomer pressure sensors. 


(c) capacitive pressure sensors. 

(d) all of the above. 
20. Which of the following devices can be used to limit the torque or force applied by an 
electromechanical device such as a robot? 

(a) A back-pressure sensor 

(b) A capacitive proximity sensor 

(c) 
(d) An optical shaft encoder 


A dynamic transducer 
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CHAPTER 


Acoustics, Audio, 
and High Fidelity 


IN SOUND RECORDING AND REPRODUCTION, ESPECIALLY WITH MUSIC, FIDELITY SUPERSEDES ALL 
other considerations. In these applications, low distortion and “sound esthetics” are more important 
than amplifier efficiency or gain. In this chapter, we'll look at basic acoustics principles, and outline 


some high-fidelity (hi-fi) components and design concepts. 


Acoustics 


Acoustics is the science of sound waves. Sound consists of molecular vibrations at audio frequency 
(AF), ranging from about 20 Hz to 20 kHz. Young people can hear the full range of AF; older peo- 


ple lose hearing sensitivity at the upper and lower extremes. 


Audio Frequencies 


In music, the AF range is divided into three broad, vaguely defined parts, called bass (pronounced 
“base”), midrange, and treble. The bass frequencies start at 20 Hz and extend to 150 or 200 Hz. 
Midrange begins at this point, and extends up to 2 or 3 kHz. Treble consists of the audio frequen- 
cies higher than midrange. As the frequency increases, the wavelength becomes shorter. 

In air, sound travels at about 1100 feet per second (ft/s), or 335 meters per second (m/s). The 
relationship between the frequency fof a sound wave in hertz, and the wavelength A; in feet, is as 
follows: 


An = 1100/f 
The relationship between fin hertz and Àm in meters is given by: 
Àm = 335/f 


This formula is also valid for frequencies in kilohertz and wavelengths in millimeters. 
A sound disturbance in air at 20 Hz has a wavelength of 55 ft (17 m). A sound of 1.0 kHz pro- 
duces a wave measuring 1.1 ft (34 cm). At 20 kHz, a sound wave in air is only 0.055 ft (17 mm) 
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long. In substances other than air at sea level, such as air at extreme altitudes, freshwater, saltwater, 
or metals, the preceding formulas do not apply. 


Wavetorms 


The frequency, or pitch, of a sound is only one of several variables that acoustic waves can possess. 
Another important factor is the shape of the wave itself. The simplest acoustic waveform is a sine 
wave (or sinusoid ), in which all of the energy is concentrated at a single frequency. Sinusoidal sound 
waves are rare in nature. A good artificial example is the beat note, or heterodyne, produced by a 
steady carrier in a communications receiver. 

In music, most of the notes are complex waveforms, consisting of energy at a specific funda- 
mental frequency and its harmonics. Examples are sawtooth, square, and triangular waves. The 
shape of the waveform depends on the distribution of energy among the fundamental and the har- 
monics. There are infinitely many different shapes that a wave can have at a single frequency such 
as 1 kHz. As a result, there is infinite variety in the timbre that a single musical note can have. 


Path Effects 


A flute, a clarinet, a guitar, and a piano can each produce a sound at 1 kHz, but the tone quality is 
different for each instrument. The waveform affects the way a sound is reflected from objects. 
Acoustics engineers must consider this when designing sound systems and concert halls. The goal is 
to make sure that all the instruments sound realistic everywhere in the room. 

Suppose you have a sound system set up in your living room, and that, for the particular place- 
ment of speakers with respect to your ears, sounds propagate well at 1, 3, and 5 kHz, but poorly at 
2, 4, and 6 kHz. This affects the way musical instruments sound. It distorts the sounds from some 
instruments more than the sounds from others. Unless all sounds, at all frequencies, reach your ears 
in the same proportions that they come from the speakers, you do not hear the music the way it 
originally came from the instruments. 

Figure 31-1 shows a listener, a speaker, and three sound reflectors, also known as baffles. The 


waves reflected by the baffles (X, Y, and Z), along with the direct-path waves (D), add up to some- 
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thing different, at the listener’s ears, for each frequency of sound. This phenomenon is impossible 
to prevent. That is why it is so difficult to design an acoustical room, such as a concert auditorium, 
to propagate sound well at all frequencies for every listener. 


Loudness and Phase 


You do not perceive the loudness (also called volume) of sound in direct proportion to the power con- 
tained in the disturbance. Your ears and brain sense sound levels according to the logarithm of the 
actual intensity. Another variable is the phase with which waves arrive at your ears. Phase allows you 
to perceive the direction from which a sound is coming, and it also affects perceived sound volume. 


The Decibel in Acoustics 


You have already learned about decibels in terms of signal voltage, current, and power. Decibels are 
also used in acoustics, and in this application, they are considered in terms of relative power. If you 
change the volume control on a hi-fi set until you can just barely tell the difference, the increment 
is one decibel (1 dB). If you use the volume control to halve or double the actual acoustic-wave 
power coming from a set of speakers, you perceive a change of 3 dB. 

For decibels to have meaning in acoustics, there must be a reference level against which every- 
thing is measured. Have you read that a vacuum cleaner produces 80 dB of sound? This is deter- 
mined with respect to the threshold of hearing, which is the faintest sound that a person with good 
hearing can detect in a quiet room specially designed to have a minimum of background noise. 


Phase in Acoustics 


Even if there is only one sound source, acoustic waves reflect from the walls, ceiling, and floor of a 
room. In Fig. 31-1, imagine the baffles as two walls and the ceiling in a room. As is the case with 
baffles, the three sound paths X, Y, and Z are likely to have different lengths, so the sound waves re- 
flected from these surfaces will not arrive in the same phase at the listener’s ears. The direct path (D), 
a straight line from the speaker to the listener, is always the shortest path. In this situation, there are 
at least four different paths by which sound waves can propagate from the speaker to the listener. In 
some practical scenarios, there are dozens. 

Suppose that, at a certain frequency, the acoustic waves for all four paths happen to arrive in 
exactly the same phase in the listener’s ears. Sounds at that frequency will be exaggerated in vol- 
ume. The same phase coincidence might also occur at harmonics of this frequency. This is unde- 
sirable because it causes acoustic peaks, called antinodes, distorting the original sound. At certain 
other frequencies, the waves might mix in phase opposition. This produces acoustic nulls called 
nodes or dead zones. If the listener moves a few feet, the volume at any affected frequency will 
change. As if this isn't bad enough, a new antinode or node might then present itself at another set 
of frequencies. 

One of the biggest challenges in acoustical design is the avoidance of significant antinodes and 
nodes. In a home hi-fi system, this can be as simple as minimizing the extent to which sound waves 
reflect from the ceiling, the walls, the floor, and the furniture. Acoustical tile can be used on the ceil- 
ing, the walls can be papered or covered with cork tile, the floor can be carpeted, and the furniture 
can be upholstered with cloth. In large auditoriums and music halls, the problem becomes more 
complex because of the larger sound propagation distances involved, and also because of the fact 
that sound waves reflect from the bodies of the people in the audience! 
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Technical Considerations 


Regardless of its size, a good hi-fi sound system must have certain characteristics. Here are two of 
the most important technical considerations. 


Linearity 


Linearity is the extent to which the output waveform of an amplifier is a faithful reproduction of the 
input waveform. In hi-fi equipment, all the amplifiers must be as linear as the state of the art allows. 

If you connect a dual-trace oscilloscope (one that lets you observe two waveforms at the same 
time) to the input and output terminals of a hi-fi audio amplifier with good linearity, the output 
waveform is a vertically magnified duplicate of the input waveform. When the input signal is ap- 
plied to the horizontal scope input and the output signal is applied to the vertical scope input, the 
display is a straight line. In an amplifier with poor linearity, the instantaneous output-versus-input 
function is not a straight line. The output waveform is not a faithful reproduction of the input, and 
distortion occurs. In some RF amplifiers this is all right. In hi-fi audio systems, it is not. 

Hi-fi amplifiers are designed to work with input signals up to a certain peak (maximum instan- 
taneous) amplitude. If the peak input exceeds this level, the amplifier becomes nonlinear, and dis- 
tortion is inevitable. In a hi-fi system equipped with VU or distortion meters, excessive input causes 
the needles to kick up into the red range of the scale during peaks. 


Dynamic Range 


Dynamic range is a prime consideration in hi-fi recording and reproduction. As the dynamic range 
increases, the sound quality improves for music or programming having a wide range of volume lev- 
els. Dynamic range is expressed in decibels (dB). 

At low volume levels, the limiting factor in dynamic range is the background noise in the system. 
In an analog system, most of this noise comes from the audio amplification stages. In tape record- 
ing, there is also some tape hiss. A scheme called Dolby (a trademark of Dolby Laboratories) is used 
in professional recording studios, and also in high-end consumer tape equipment, to minimize this 
hiss. Digital recording systems produce less internal noise than analog systems. 

At high volume levels, the power-handling capability of an audio amplifier limits the dynamic 
range. If all other factors are equal, a 100-W audio system can be expected to have greater dynamic 
range than a 50-W system. The speaker size is also important. As speakers get physically larger, their 
ability to handle high power improves, resulting in increased dynamic range. This is why serious 
audio enthusiasts sometimes purchase sound systems with amplifiers and speakers that seem unnec- 
essarily large. 


Components 


There are myriad ways to set up a hi-fi system. A true audiophile (“sound lover”) assembles a com- 
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plex system over a period of time. Here are some basic considerations that can serve as guidelines 

when choosing system components. 


Configurations 


The simplest type of home stereo system is contained in a single box, with an AM/FM radio receiver 
and a compact disk (CD) player. The speakers are generally external, but the connecting cables are 
short. The assets of a so-called compact hi-fi system are small size and low cost. 
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More sophisticated hi-fi systems have separate boxes containing components such as the following: 


e An AM tuner 

e An FM tuner 

e An amplifier or pair of amplifiers 
e ACD player 


e A computer and its peripherals 


The computer is optional, but it facilitates downloading music files or streaming audio from the Inter- 
net, creating (“burning”) CDs, and composing and editing electronic music. A satellite radio receiver, 
a tape player, a turntable, or other nonstandard peripheral may also be included. The individual hard- 
ware units in this type of system, known as a component hi-fi system, are interconnected with shielded 
cables. A component system costs more than a compact system, but the sound quality is better, you get 
more audio power, you can do more tasks, and you can tailor the system to your preferences. 

Some hi-fi manufacturers build all their equipment cabinets to a standard width so they can be 
mounted one above the other in a rack. A so-called rack-mounted hi-fi system saves floor space and 
makes the system look professional. The rack can be mounted on wheels so the whole system, ex- 
cept for the external speakers, can be rolled from place to place. 

Figure 31-2 is a block diagram of a typical home stereo hi-fi system. The amplifier chassis is 
grounded to minimize hum and noise, and to minimize susceptibility to interference from external 
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sources. The AM antenna is usually a loopstick built into the cabinet or mounted on the rear panel. 
The FM antenna can be an indoor type, such as television rabbit ears, or a directional outdoor an- 
tenna equipped with lightning protection hardware. 


The Tuner 


A tuner is a radio receiver capable of receiving signals in the standard AM broadcast band (535 to 
1605 kHz) and/or the standard FM broadcast band (88 to 108 MHz). Tuners dont have built-in 
amplifiers. A tuner can provide enough power to drive a headset, but an amplifier is necessary to 
provide sufficient power to a pair of speakers. 

Modern hi-fi tuners employ frequency synthesizers and have digital readouts. Most tuners have 
several memory channels. These are programmable, and allow you to select your favorite stations with 
a push of a single button, no matter where the stations happen to be in the frequency band. Most 
tuners also have seek and/or scan modes that allow the radio to automatically search the band for any 
station strong enough to be received clearly. 


The Amplitier 


In hi-fi, an amplifier delivers medium or high audio power to a set of speakers. There is at least one 
input, but more often there are three or more: one for a CD player, another for a tuner, and still oth- 
ers for auxiliary devices such as a tape player, turntable, or computer. Input requirements are a few 
milliwatts; the output can range up to hundreds of watts. 

Amplifier prices increase with increasing power output. A simplified hi-fi amplifier forms the 
basis for a public-address system. Massive amplifiers are used by popular music bands. Some such 
systems employ vacuum tubes, because tubes offer electrical ruggedness and excellent linearity. 


Speakers and Headsets 


No amplifier can deliver sound that is better than the speakers will allow. Speakers are rated accord- 
ing to the audio power they can handle. It’s a good idea to purchase speakers that can tolerate at least 
twice the audio output power that the amplifier can deliver. This will ensure that speaker distortion 
will not occur during loud, low-frequency sound bursts. It will also prevent physical damage to the 
speakers that might otherwise result from accidentally overdriving them. 

Good speakers contain two or three individual units within a single cabinet. The woofer repro- 
duces bass. The midrange speaker handles medium and, sometimes, treble (high) audio frequencies. 
A tweeter is designed especially for enhanced treble reproduction. 

Headsets are rated according to how well they reproduce sound. This is a subjective considera- 
tion. Equally expensive headsets can, and often do, exhibit huge differences in the quality of the 
sound that they put out. Not only that, but people disagree about what constitutes good sound. 


Balance Control 


In hi-fi stereo sound equipment, the balance control allows adjustment of the relative volumes of the 
left and right channels. 

In a basic hi-fi system, the balance control consists of a single rotatable knob connected to a pair 
of potentiometers. When the knob is rotated counterclockwise, the left-channel volume increases 
and the right-channel volume decreases. When the knob is rotated clockwise, the right-channel vol- 
ume increases and the left-channel volume decreases. In more sophisticated sound systems, the bal- 
ance is adjusted by means of two independent volume controls, one for the left channel and the 
other for the right channel. 
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Proper balance is important in stereo hi-fi. A balance control can compensate for such factors 
as variations in speaker placement, relative loudness in the channels, and the acoustical characteris- 
tics of the room in which the equipment is installed. 


Tone Control 


The amplitude versus frequency characteristics of a hi-fi sound system are adjusted by means of a tone 
control or controls. In its simplest form, a tone control consists of a single knob or slide device. The 
counterclockwise, lower, or left-hand settings of this control result in strong bass and weak treble audio 
output. The clockwise, upper, or right-hand settings result in weak bass and strong treble. When the 
control is set to midposition, the audio response of the amplifier is more or less flat; that is, the bass, 
midrange, and treble are in roughly the same proportions as in the recorded or received signal. 

Figure 31-3A shows how a single-knob tone control can be incorporated into an audio ampli- 
fier. The amplifier is designed so that the treble response is exaggerated. The potentiometer attenu- 
ates the treble to a variable extent. 

A more versatile tone control has two capacitors and two potentiometers, as shown in Fig. 31-3B. 
One combination is in series, and the other is in parallel. The series-connected resistance-capacitance 
(RC) circuit is connected in parallel with the audio output, and it attenuates the treble to a variable ex- 
tent. The parallel RC circuit is in series with the audio path, and it attenuates the bass to a variable ex- 
tent. The two potentiometers can be adjusted separately, although there is some interaction. 


Audio Mixer 


If you simply connect two or more audio sources to the same input of an amplifier, you cant expect 
good results. Different signal sources (such as a computer, a tuner, and a CD player) are likely to 
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Questions 

A. What are the positive and negative peak 
voltages of the input signal? 

B. For the positive half wave of the input, 


draw the output waveform on the blank 
graph provided in Figure 11.4 . 
Figure 11.4 ee 
Output 

OV 
Answers 
A. Positive peak voltage is +10 volts. Negative 
peak voltage is — 10 volts. 
B. See Figure 11.5 . 
Figure 11.5 
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31-4 A graphic equalizer consists of an audio splitter, several bandstop 
filters, several gain controls, and an audio mixer. 


have different impedances. When connected together, the impedances appear in parallel. This can 
cause impedance mismatches for most or all of the sources, as well as at the amplifier input. The re- 
sult will be degradation of system efficiency and poor overall performance. 

Another problem arises from the fact that the signal amplitudes from various sources almost al- 
ways differ. A microphone produces minuscule audio-frequency currents, whereas some tuners pro- 
duce enough power to drive a pair of small loudspeakers. Connecting both of these together will 
cause the microphone signal to be obliterated by the signal from the tuner. In addition, the tuner 
output audio might damage the microphone. 

An audio mixer eliminates all of the problems involved with the connection of multiple devices 
to a single channel. First, it isolates the inputs from each other, so there is no impedance mismatch 
or competition among the sources. Second, the gain at each input can be varied independently. This 
allows adjustment of amplitudes so the signals blend in the desired ratio. 


Graphic Equalizer 


A graphic equalizer is a device for adjusting the relative loudness of audio signals at various frequen- 
cies. It allows tailoring of the amplitude versus frequency output of hi-fi sound equipment. Equal- 
izers are used in recording studios and by serious hi-fi stereo enthusiasts. There are several 
independent gain controls, each one affecting a different part of the audible spectrum. The controls 
are slide potentiometers with calibrated scales. The slides move up and down, or, in some cases, left 
to right. When the potentiometers are set so that the slides are all at the same level, the audio out- 
put or response is flat, meaning that no particular range is amplified or attenuated with respect to 
the whole AF spectrum. By moving any one of the controls, the user can adjust the gain within a 
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certain frequency range without affecting the gain outside that range. The positions of the controls 
on the front panel provide an intuitive graph of the output or response curve. 

Figure 31-4 is a block diagram of a hypothetical graphic equalizer with seven gain controls. The 
input is fed to an audio splitter that breaks the signal into seven paths of equal impedance, and pre- 
vents interaction among the circuits. The seven signals are fed to audio attenuators, also called band- 
stop filters, each filter having its own gain control. (The center frequencies of the attenuators in this 
example are at 30, 100, 300, and 900 Hz, and 2.5, 7, and 18 kHz. These are not standard frequen- 
cies, and are given here only for illustrative purposes.) The slide potentiometers affect the extent to 
which each filter affects the gain within its frequency range. Finally, the signals pass through an 
audio mixer, and the composite is sent to the output. 

There are several challenges in the design and proper use of graphic equalizers. The filter gain 
controls must not interact. Judicious choice of filter frequencies and responses is important. The fil- 
ters must not introduce distortion. The active devices must not generate significant audio noise. 
Graphic equalizers are not built to handle high power, so they must be placed at low-level points in 
an audio amplifier chain. In a multichannel circuit such as a stereo sound system, a separate graphic 
equalizer can be used for each channel. 


Specialized Systems 


Mobile and portable hi-fi systems operate at low dc voltages. Typical audio power levels are much 
lower than in home hi-fi systems. Speakers are much smaller also. In portable systems, headsets are 
often used in place of speakers. 


Mobile Systems 


Mobile hi-fi systems, designed for cars and trucks, usually have four speakers. The left and right 
channels each supply a pair of speakers. The left stereo channel drives the left front and left rear 
speakers; the right stereo channel drives the right front and right rear speakers. The balance con- 
trol adjusts the ratio of sound volume between the left and right channels for both the front 
and rear speaker sets. Another control adjusts the ratio of sound volume between the front and 
rear sets. 

A mobile hi-fi system typically has an AM/FM receiver and a CD player. Some older vehicles 
have systems with cassette tape players. Newer, high-end cars and trucks have satellite radio receivers 
as well as conventional AM/FM receivers and CD players. One note of caution: compact disks and 
cassettes are heat-sensitive, so they should not be stored in a car or truck that will be left out in the 
sun on a warm day. 


Portable Systems 


Portable hi-fi systems operate from sets of dry cells or rechargeable cells. The most well-known 
portable hi-fi set is the so-called headphone radio. There are literally hundreds of different designs. 
Some include only an FM radio; some have AM/FM reception capability. Some have a small box 
with a cord that runs to the headset; others are entirely contained within the headset. There are 
portable CD players and even portable satellite radio receivers. The sound quality from these sys- 
tems can be excellent. The defining factor is the quality of the headset. 

Another form of portable hi-fi set, sometimes called a boom box, can produce several watts of 
audio output, and delivers the sound to a pair of speakers built into the box. A typical boom box is 
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about 8 in high by 18 in wide by 6 in deep. It includes an AM/EM radio and a CD player. The sys- 


tem gets its name from the loud bass acoustic energy peaks its speakers can deliver. 


Quadraphonic Sound 


Quadraphonic sound refers to four-channel audio recording and reproduction. It is also called quad 
stereo or four-channel stereo. Each of the four channels is independent of the other three. In a well- 
designed quadraphonic sound system, the speakers should be level with the listener, equidistant 
from the listener, and separated by angles of 90° from the listener's point of view. If the listener is 
facing north, for example, the left front speaker is to the northwest, the right front speaker is to the 
northeast, the left rear speaker is to the southwest, and the right rear speaker is to the southeast. This 
provides optimum balance, and also facilitates the greatest possible left-to-right and front-to-rear 
contrast in the perceived sounds. 


Recorded Media 


Methods of recording sound, particularly music, have evolved dramatically since the ascent of digi- 
tal technology. Several types of media are available, but the compact disk (CD) is the most common. 
Other media include analog audio tape, digital audio tape, and (of historical interest) vinyl disk. 


Compact Disk 


A compact disk (often spelled “disc” in hi-fi applications), also called a CD, is a plastic disk with a 
diameter of 4.72 in (12.0 cm), on which data can be recorded in digital form. Any kind of data can 
be digitized: sound, images, and computer programs and files. This data can also be stored on other 
digital media of sufficient capacity, such as a computer hard drive or a backup tape drive. 

Digital sound, recorded on the surface of a CD, is practically devoid of the hiss and crackle that 
bedevil recordings on analog media. This is because the information on the disk is binary: a bit (bi- 
nary digit) is either 1 (high) or 0 (low). The distinction between these two states is more clear-cut 
than the subtle fluctuations of an analog signal. 

When a CD is prepared, the sound is first subjected to analog-to-digital (A/D) conversion. This 
changes the continuously variable audio waves into logic bits. These bits are then burned (literally) 
into the surface of the disk in the form of microscopic pits. The pits are arranged in a spiral track 
that would, if unwound, measure several kilometers in length. Digital signal processing (DSP) mini- 
mizes the noise introduced by environmental factors such as microscopic particles on the disk or 
random electronic impulses in circuit hardware. A scrambling process “smears” recordings through- 
out the disk, rather than burning the pits in a direct linear sequence. This further improves the 
signal-to-noise (S/N) ratio. 

Compact-disk players recover the sound from a disk without any hardware physically touching 
the surface. A laser beam scans the disk. The beam is scattered by the pits and is reflected from the 
unpitted plastic. The result is a digitally modulated beam that is picked up by a sensor and con- 
verted into electrical currents. These currents proceed to a descrambling circuit, a digital-to-analog 
(D/A) converter, a DSP circuit, and audio amplifiers. Speakers or headphones convert the audio cur- 
rents into sound waves. 

With a CD player, the track location processes are entirely electronic, and they can all be done 
quickly. Tracks are assigned numbers that you select by pressing buttons. It is impossible to damage 
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the CD, no matter how much you skip around among the songs. You can move instantly to any de- 
sired point within an individual track. You can program the system to play only those tracks you 
want, ignoring the others. 


Analog Audio Tape 


Analog audio tape recorders can be classified as either cassette or reel-to-reel. A typical audio cassette 
plays for 30 minutes on each side; longer-playing cassettes allow recording for as much as 60 min- 
utes per side. The longer tapes are thinner and more subject to stretching than the shorter tapes. 

A reel-to-reel tape feed system resembles that of an old-fashioned movie projector. The tape is 
wound on two flat spools called the supply reel and the take-up reel. The reels rotate counterclock- 
wise as the tape passes through the recording/playback mechanism. When the take-up reel is full 
and the supply reel is empty, both reels can be flipped over and interchanged. This allows recording 
or playback on the other side of the tape. (Actually, the process takes place on the same side of the 
tape, but on different tracks.) The speed is usually 1.875, 3.75, or 7.5 inches per second (ips). 

Figure 31-5 is a simplified functional diagram of an analog audio tape recording/playback 
mechanism. 

In the record mode, the tape moves past the erase head before anything is recorded on it. If the 
tape is not blank (that is, if magnetic impulses already exist on it), the erase head removes these be- 
fore anything else is recorded. This prevents doubling, or the simultaneous presence of two programs 
on the tape. The erase head can be disabled in some tape recorders when doubling is desired. The 
recording head is a small electromagnet. It generates a fluctuating magnetic field whose instanta- 
neous flux density is proportional to the instantaneous level of the audio input signal. This magnet- 
izes the tape in a pattern that duplicates the waveform of the signal. The playback head is usually not 
activated in the record mode. However, the playback head and circuits can be used while recording 
to create an echo effect. 

In the playback mode, the erase head and recording head are not activated. The playback head 
acts as a sensitive magnetic-field detector. As the tape moves past it, the playback head is exposed to 
a fluctuating magnetic field whose waveform is identical to that produced by the recording head 
when the audio was originally recorded on the tape. This magnetic field induces weak alternating 
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currents in the playback head. These currents are amplified and delivered to a speaker, headset, or 
other output device. 


Digital Audio Tape 


Digital audio tape (DAT) is magnetic recording tape on which binary digital data can be recorded. 
In digital audio recording, tape noise is practically eliminated because such noise is analog in na- 
ture. Some electronic noise is generated in the analog amplification stages following D/A conver- 
sion, but this is minimal compared with the noise generated in older, fully analog systems. The 
reduced noise in DAT equipment provides more true-to-life reproduction than is possible with 
analog methods. 

With DAT, multigeneration copies can be made with practically no degradation in audio fi- 
delity. The reason for this is the same as the reason a computer can repeatedly read and overwrite 
data on a magnetic disk. On DAT, the bits are represented by distinct magnetized regions on the 
tape. While analog signals are fuzzy in the sense that they vary continuously, digital signals are crisp. 
Imperfections in the recording apparatus, the tape itself, and the pickup head affect digital signals 
less than they affect analog signals. Digital signal processing can eliminate the minute flaws that 
creep into a digital signal each time it is recorded and played back. 


Vinyl Disk 
Vinyl disks were superseded years ago by CDs and Internet downloads, but some audiophiles are 
still intrigued by vinyl. Some vinyl disks, and the turntables that can play them, have attained con- 
siderable value as collectors’ items. The main trouble with vinyl is that it can be physically damaged 
by even the slightest mishandling. Electrostatic effects can produce noise when the humidity is low, 
as in alpine or far northern regions in the winter. 

Vinyl disks require a turntable that spins at speeds of 33 and 45 revolutions per minute (rpm). 
There are various drive systems. These are called rim drive, belt drive, and direct drive. The best type 
is a matter of individual taste because there are various factors to consider, such as cost, audio qual- 


ity, ruggedness, and durability. 


Electromagnetic Interference 


As hi-fi equipment becomes more sophisticated and complex, the circuits become more susceptible 
to interference from outside sources, particularly electromagnetic (EM) fields. This problem is 
known as electromagnetic interference (EMI). Sometimes it is called radio-frequency interference (RED. 

If a radio transmitter is operated near a hi-fi stereo system, the radio signals can be intercepted 
by the hi-fi wiring and peripherals, and delivered to the amplifier. Unshielded interconnecting ca- 
bles act as radio receiving antennas. This problem is exacerbated if any of the connecting cables hap- 
pen to resonate at the operating frequency of the radio transmitter. In the hi-fi amplifier, the RF 
currents are rectified, causing changes in the audio gain. Sometimes the signal data can be heard in 
the speakers or headset. 

In most cases when EMI takes place in a hi-fi setup, the fault exists in the stereo system design, 
not in the radio transmitter. The transmitter system is merely doing its job: generating and radiat- 
ing electromagnetic signals! 

Several steps can be taken when installing a stereo hi-fi system to minimize the likelihood that 


EMI will occur: 
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e Connect the stereo amplifier chassis to a good electrical ground. 
Use shielded interconnecting cables as much as possible. 

e Use shielded (coaxial) speaker cables. 

Keep all cables as short as possible. 


If you have an amateur or citizens band (CB) radio station in your house and it causes EMI to your 
hi-fi system, perform these additional steps: 


e Locate the radio transmitting antenna as far from the hi-fi equipment as possible. 
e Use the lowest possible transmitter output power that will ensure reliable communications. 


Unfortunately, EMI problems can sometimes prove nigh impossible to eliminate. This can be espe- 
cially troublesome for amateur and CB radio operators when it damages relations with neighbors. In 
these cases, old-fashioned diplomacy may work better than engineering-based attempts at resolution. 


Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 


the book. 
1. A young person can hear sounds at frequencies as high as approximately which of the 
following? 
(a) 20 Hz 
(b) 20 kHz 
(c) 20 MHz 
(d) 20 GHz 


2. Electromagnetic interference to a hi-fi amplifier can occur in the presence of 
(a) a nearby radio broadcast station. 
(b) improperly designed receiving antennas. 
(c) excessive utility voltage. 
(d) improper balance between the left and right channels. 

3. The midrange audio frequencies 
(a) are exactly halfway between the lowest and highest audible frequencies. 
(b) 
(c) 


(d) None of the above are true. 


represent sounds whose volume levels are not too loud or too soft. 


are above the treble range but below the bass range. 


4. In the acoustical design of a room intended for a home audio system, 
(a) the use of small speakers can minimize distortion. 
(b) 
(c) 


(d) wooden furniture, without upholstery, should be used. 


reflection of sound waves from walls should be minimized. 


the walls should all intersect at perfect 90° angles. 


Quiz 


5. A change of +10 dB in an audio signal represents 
(a) a doubling of acoustic power. 
(b) a threefold increase in acoustic power. 
(c) a tenfold increase in acoustic power. 


(d) no change in acoustic power, but a change in frequency. 


6. What is the frequency of an acoustic disturbance whose wavelength is 120 mm in air? 
(a) 279 Hz 
(b) 2.79 kHz 
(c) 35.8 Hz 

(d) 358 Hz 


7. What is the frequency of a sound wave that propagates at a speed of 1100 ft/s? 
(a) 33.5 Hz 
(b) 335 Hz 
(c) 3.35 kHz 
(d) Forget it! The frequency of a sound wave is independent of the propagation speed. 
8. The relative phase of two acoustic waves from the same source at the same time, one wave 
direct and one wave reflected from a wall, can affect 
(a) the positions of antinodes and nodes. 
(b) 
(c) 


(d) neither the positions of the antinodes and nodes, nor the perceived frequency. 


the perceived frequency. 


the positions of antinodes and nodes, and the perceived frequency. 


9. In an acoustic sine wave, 
(a) the frequency and phase are identical. 
(b) 
(c) 
(d) all of the sound power is concentrated at a single frequency. 
10. Vinyl disks are 

(a) susceptible to physical damage. 

(b) 
(c) 
(d) preferred for off-the-air sound recording. 


the sound power is inversely proportional to the frequency. 


the sound power is directly proportional to the frequency. 


useful primarily in high-power sound systems. 


digital media. 


11. Ifan amplifier introduces severe distortion in the waveforms of input signals, then that 
amplifier is 


(a) not delivering enough power. 
(b) 
(c) 
(d) being underdriven. 


operating at the wrong frequency. 


operating in a nonlinear fashion. 
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12. Suppose a 10-W amplifier is used with speakers designed for a 100-W amplifier. Which of 


the following statements is true? 
(a) The speakers are capable of handling the amplifier output. 
(b) The amplifier might be damaged by the speakers. 


(c) Electromagnetic interference is more likely to occur than would be the case if the speakers 
were designed for a 10-W amplifier. 


(d) The speakers are likely to produce excessive distortion. 


13. Which of the following frequencies cannot be received by an AM/EM tuner? 
(a) 830 kHz 
(b) 95.7 kHz 
(c) 90.1 MHz 
(d) 107.3 MHz 
14. Which of the following statements about woofers is true? 
(a) They are especially useful for reproducing the sounds of barking dogs. 
(b) They are designed to handle short, intense bursts of sound. 
(c) They should not be used with graphic equalizers. 
(d) They are specifically designed to reproduce low-frequency sounds. 
15. Suppose you have an amateur radio station and its transmitter causes EMI to your hi-fi 
system. Which of the following would almost certainly not help? 


(a) Build a new transmitter that works on the same frequencies with the same power output 
as your existing transmitter. 


(b) Reduce the transmitter output power. 
(c) Install shielded speaker wires in the hi-fi system, and be sure the system is well grounded. 
(d) Move the amateur radio transmitting antenna to a location farther away from the hi-fi 
system. 
16. In an analog audio tape recorder/player, the recording head 
(a) converts sound waves to radio signals. 
(b) converts sound waves to fluctuating electric current. 
(c) converts AF current to a fluctuating magnetic field. 


(d) converts dc to AF current. 


17. A rack-mounted hi-fi system 

(a) can save floor space. 

(b) is more susceptible to EMI than a compact system. 

(c) is cheaper than a compact system. 

(d) is designed especially for use with vinyl disks and turntables. 
18. An audio mixer 

(a) cannot match impedances among interconnected components. 


(b) cannot increase the audio output of an amplifier. 
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(c) eliminates EMI problems in all but the worst cases. 


(d) allows a microphone to be used as a speaker. 


19. Which of the following devices or circuits ordinarily employs D/A conversion? 
(a) A portable CD player 
(b) A turntable for use with vinyl disks 
(c) An analog audio tape recording/playback system 
(d) An RC tone control 


20. Which of the following is an advantage of digital audio over analog audio? 

(a) Digital media can be used to record and play back audio at higher frequencies than can 
analog media. 

(b) Multigeneration copies of digital audio programs can be made without degradation in 
fidelity, but this is not true of analog audio programs. 

(c) Digital audio is compatible with vinyl disks and old-fashioned reel-to-reel and cassette 
tape, but analog audio is not. 

(d) There are no genuine advantages of digital audio over analog audio. In fact, analog audio 
is superior to digital audio in every respect. 
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CHAPTER 


Personal and Hobby Wireless 


THE TERM WIRELESS AROSE IN THE EARLY 1900S WHEN INVENTORS AND EXPERIMENTERS BEGAN 
sending and receiving messages using electromagnetic fields. Gradually, the terminology changed, 
and wireless became known as radio, television, and electromagnetic communications. In the 1980s 
and 1990s, the term wireless emerged again, this time in a consumer context. 


Cellular Communications 


Wireless telephone sets are used in a specialized communications system called cellular. Originally, 
the cellular communications network was used mainly by traveling business people. Nowadays, 
many people regard cell phones as necessities, and some of them come equipped with extra features 
such as text messaging, Web browsing, and digital cameras. 


How Cellular Systems Work 


A cell phone looks like a cross between a cordless telephone receiver and a walkie-talkie, but smaller. 
The unit contains a radio transmitter and receiver combination called a transceiver. Transmission 
and reception take place on different frequencies, so you can talk and listen at the same time, and 
easily interrupt the other party if necessary. This capability is known as full duplex. 

In an ideal cellular network, all the transceivers are always within range of at least one repeater. 
The repeaters pick up the transmissions from the portable units and retransmit the signals to the 
telephone network and to other portable units. The region of coverage for any repeater (also known 
as a base station) is called a cell. 

When a cell phone is in motion, say in a car or on a boat, the set goes from cell to cell in the 
network. This situation is shown in Fig. 32-1. The curved, dashed line is the path of the vehicle. 
Base stations (dots) transfer access to the cell phone. This is called handoff: The hexagons show the 
limits of the transmission/reception range for each base station. All the base stations are connected 
to the regional telephone system. This makes it possible for the user of the portable unit to place 
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4 When the input is negative, the diode in 


the circuit shown In Figure 11.3 IS 
reverse- biased. Therefore, the output voltage 
remains at O volts. 

Question 


Figure 11.6 shows the input waveform for the 
circuit shown in Figure 11.3 . Draw the output 


waveform on the blank graph provided In 
Figure 11.6 
Figure 11.6 


+10 V 


Input 


- Output 


Answer 

See Figure 11.7 . 
Figure 11.7 © 
ee | 
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5 Figure 11.7 shows the output waveform 
of the circuit shown in Figure 11.3 , for one 
complete cycle of the input waveform. 
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32-1 In an ideal cellular 
system, a moving 
vehicle is always within 
range of at least one 
base station. 


Base 
stations 


calls to, or receive calls from, anyone else in the system, whether those other subscribers have cell 
phones or regular phones. 

Older cellular systems occasionally suffer from call loss or breakup when signals are handed off 
from one repeater to another. This problem has been largely overcome by a technology called code- 
division multiple access (CDMA). In CDMA, the repeater coverage zones overlap significantly, but 
signals do not interfere with each other because every phone set is assigned a unique signal code. 
Rather than abruptly switching from one base-station zone to the next, the signal goes through a re- 
gion in which it is sent through more than one base station at a time. This make-before-break scheme 
gets rid of one of the most annoying problems inherent in cellular communications. 

In order to use a cellular network, you must purchase or rent a transceiver and pay a monthly 
fee. The fees vary, depending on the location and the amount of time per month you use the serv- 
ice. When using such a system, it is important to keep in mind that your conversations are not nec- 
essarily private. It is easier for unauthorized people to eavesdrop on wireless communications than 
to intercept wire or cable communications. 


Cell Phones and Computers 


You can connect a personal computer (PC) to a cell phone with a portable modem that converts in- 
coming computer data from analog to digital form, and also converts outgoing data from digital to 
analog form. In this way, you can access the Internet from anywhere within range of a cellular base 
station. Figure 32-2 is a block diagram of this scheme. 

Most commercial aircraft have telephones at each row of seats, complete with jacks into which 
you can plug a modem. If you plan to access the Internet from an aircraft, you must use the phones 
provided by the airline, not your own cell phone, because radio transceivers can cause interference 
to flight instruments. You must also observe the airline’s restrictions concerning the operation of 
electronic equipment while in flight. 
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Satellites and Networks 


A satellite system is like a huge cellular network with the base stations (repeaters) located in space 
rather than on the earth's surface. The zones of coverage are large, and they change in size and shape 
if the satellite moves relative to the earth's surface. 


Geostationary-Orbit Satellites 


You learned about geostationary orbits in Chap. 25. Geostationary satellites are used in television 
(TV) broadcasting, in telephone and data communication, for gathering weather and environmen- 
tal data, and for radiolocation. 

In geostationary satellite networks, earth-based stations can communicate through a single 
“bird” only when the stations are both on a line of sight with the satellite. If two stations are nearly 
on opposite sides of the planet, say in Australia and Wisconsin, they must operate through two satel- 
lites to obtain a link (Fig. 32-3). In this situation, signals are relayed between the two satellites, as 
well as between either satellite and its respective earth-based station. 

A potential problem with geostationary satellite links is the fact that the signal path is long 
enough so that perceptible propagation delays occur. This delay, and its observed effect, is known as 
latency. This doesnt cause problems with casual communications or Web browsing, but it slows 
things down when computers are linked with the intention of combining their processing power. 


Low-Earth-Orbit Satellites 


The earliest communications satellites orbited only a few hundred miles above the earth. They were 
low-earth-orbit (LEO) satellites. Because of their low orbits, LEO satellites took only about 90 min- 
utes to complete one revolution. Communication was spotty, because a satellite was in range of any 
given ground station for only a few minutes at a time. This is the main reason why geostationary 
satellites became predominant once rocket technology progressed to the point where the necessary 
altitude and orbital precision could be obtained. 
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However, geostationary satellites have certain limitations. A geostationary orbit requires con- 
stant adjustment, because a tiny change in altitude will cause the satellite to get out of sync with the 
earth’s rotation. Geostationary satellites are expensive to launch and maintain. When communicat- 
ing through them, there is always a delay because of the path length. It takes high transmitter power, 
and a sophisticated, precisely aimed antenna, to communicate reliably. These problems with geosta- 
tionary satellites have brought about a revival of the LEO scheme. Instead of one single satellite, the 
new concept is to have a large fleet of them. 

A good LEO satellite system is launched and maintained in such a way that, for any point on 
the earth, there is always at least one satellite in direct line-of-sight range. The satellites can relay 
messages throughout the fleet. Thus, any two points on the surface can always make, and maintain, 
contact through the satellites. The satellites are placed in polar orbits (routes that pass over or near 
the earths geographic poles) to optimize the geographical coverage. Even if youre at or near the 
north geographic pole or the south geographic pole, you can use a LEO satellite system. This is not 
true of geostationary satellite networks, where the regions immediately around the geographic poles 
are not seen by the satellites. 

A LEO satellite wireless communications link is easier to access and use than a geostationary 
satellite link. A small, simple antenna will suffice, and it doesnt have to be aimed in any particular 
direction. The transmitter can reach the network using only a few watts of power. The latency is less 
than 100 milliseconds (ms), compared with as much as 400 ms for geostationary satellite links. 


Medium-Earth-Orbit Satellites 


Some satellites revolve in orbits higher than those normally considered low-earth, but at altitudes 
lower than the geostationary level of 22,300 mi (36,000 km). These intermediate birds are called 
medium-earth-orbit (MEO) satellites. A MEO satellite takes several hours to complete each orbit. 
MEO satellites operate in fleets, in a manner similar to the way LEO satellites are deployed. Because 
the average MEO altitude is higher than the average LEO altitude, each bird can cover a larger re- 
gion on the surface at any given time. A fleet of MEO satellites can be smaller than a comparable 
fleet of LEO satellites, and still provide continuous, worldwide communications. 

The orbits of geostationary satellites are essentially perfect circles, and most LEO satellites orbit 
in near-perfect circles. But MEO satellites often have elongated, or elliptical, orbits. The point of 
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lowest altitude is called perigee; the point of greatest altitude is called apogee. The apogee can be, and 
often is, much greater than the perigee. Such a satellite orbits at a speed that depends on its altitude. 
The lower the altitude, the faster the satellite moves. A satellite with an elliptical orbit crosses the sky 
rapidly when it is near perigee, and slowly when it is near apogee; it is easiest to use when its apogee 
is high above the horizon, because then it stays in the visible sky for a long time. 
Every time a MEO satellite completes one orbit, the earth rotates beneath it. The rotation of 

the earth rarely coincides with the orbital period of the satellite. Therefore, successive apogees for a 
MEO satellite occur over different points on the earth’s surface. This makes the tracking of individ- 
ual satellites a complicated business, requiring computers programmed with accurate orbital data. 
For a MEO system to be effective in providing worldwide coverage without localized periodic black- 
outs, the orbits must be diverse, yet coordinated in a precise and predictable way. In addition, there 


must be enough satellites so that each point on the earth is always on a line of sight with one or more 
of the satellites, and preferably, there should be at least one bird in sight near apogee at all times. 


Wireless Networks 


A local area network (LAN) is a group of computers linked together within a building, campus, or 
other small region. The interconnections in early LANs were made with wire cables, but wireless 
links are increasingly common. A wireless LAN offers flexibility, because the computer users can 
move around without having to bother with plugging and unplugging cables. This arrangement is 
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ideal when notebook computers (also known as laptops) are used. The way in which a LAN is 
arranged is called the LAN topology. There are two major wireless LAN topologies: the client-server 
wireless LAN and the peer-to-peer wireless LAN. 

In the client-server topology (Fig. 32-4A), there is one large, powerful, central computer called 
a file server, to which all the smaller personal computers (labeled PC) are linked. The file server has 
enormous computing power, high speed, and large storage capacity, and can contain all the data for 
every user. End users do not communicate directly. All the data must pass through the file server. 

In a peer-to-peer LAN (Fig. 32-4B), all of the computers in the network are PCs with more or 
less equal computing power, speed, and storage capacity. Each user maintains his or her own data. 
Subscribers can, and almost always do, communicate directly without the data having to pass 
through any intermediary. This offers greater privacy and individuality than the client-server topol- 
ogy, but it is slower when a large number of users need to share data. 

Client-server LANs are favored by large institutions. Small businesses and schools, or depart- 
ments within a larger corporation or university, prefer to use peer-to-peer LANs, mainly because 
they are cheaper and easier to maintain. In these illustrations, only three PCs are shown in the net- 
works. But any LAN can have as few as two, or as many as several dozen, computers. 

Home Internet users sometimes employ a modified version of the arrangement shown in Fig. 32- 
4A. In place of the file server, a device called a wireless router provides a hub through which the com- 
puters can communicate. The router is connected to the Internet by a high-speed interface such as a 
cable modem, allowing several computers in a household to have Internet access at the same time. 


Amateur and Shortwave Radio 


In most countries of the world, people can obtain government-issued licenses to send and receive 
messages by radio for nonprofessional purposes. In America, this hobby is called amateur radio or 
ham radio. If you want only to listen to communications and broadcasting, and not to transmit sig- 
nals, you do not need a license in the United States (although you do need one in some countries). 


Who Uses Amateur Radio? 


Anyone can use ham radio, provided they can pass the tests necessary to obtain a license. Amateur 
radio operators (or hams) can communicate in numerous modes, including voice, Morse code, tel- 
evision, and various forms of text messaging. Text messaging can be done in real time, or by posting 
messages similar to electronic mail (e-mail). Radio amateurs have set up their own radio networks. 
Some of these networks have Internet gateways. This mode is known as packet radio. 

Some radio hams chat about anything they can think of (except business matters, which are ille- 
gal to discuss via ham radio). Others like to practice emergency communications skills, so they can be 
of public service during crises such as hurricanes, earthquakes, or floods. Still others like to go out into 
the wilderness and talk to people far away while sitting out under the stars and using battery power. 

Amateur radio operators communicate from cars, boats, aircraft, and bicycles; this is called mo- 
bile operation. When transceivers are used while walking or hiking, it is known as portable or hand- 
held operation. 


Amateur Equipment and Licensing 


A simple ham radio station has a transceiver (transmitter/receiver), a microphone, and an antenna. 
A small station can fit on a desktop, and is about the size of a home computer or hi-fi stereo system. 
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Accessories can be added until a ham “rig” is a large installation, comparable to a small commercial 
broadcast station. 

Figure 32-5 shows an example of a fixed, computer-controlled amateur radio station. The com- 
puter can be used to control the functions of the transceivers, and also to communicate using digi- 
tal modes with other hams who own computers. The station can be equipped to interface with the 
telephone services, also called landline. The computer can control the antennas for the station, and 
can keep a log of all stations that have been contacted. 

The best way to learn about ham radio in the United States is to contact the headquarters of the 
American Radio Relay League (ARRL), 225 Main Street, Newington, CT 06111. They maintain a 
Web site at www.arrl.org. If you live outside the United States, the ARRL can direct you to an or- 
ganization in your home country that can help you obtain a license and get on the air. 


Shortwave Listening 
The high-frequency (HF) portion of the radio spectrum, at frequencies between 3 and 30 MHz, is 


sometimes called the shortwave band. This is a misnomer by contemporary standards; the waves are 
long compared with ultrahigh frequencies (UHF), microwaves, and IR, which are commonly used 
in wireless devices. In free space, a frequency of 3 MHz corresponds to a wavelength of 100 m; 30 
MHz corresponds to 10 m. In the early years of radio when the shortwave band got its name, the 
wavelengths between 3 and 30 MHz were short compared with the wavelengths of most broadcast 
and communications signals, which had wavelengths in the kilometer range. 

Anyone can build or obtain a shortwave or general-coverage radio receiver, install a modest out- 
door antenna, and listen to signals from all around the world. This hobby is called shortwave listen- 
ing or SWLing. In the United States, the proliferation of computers and online communications 
has, to some extent, overshadowed SWLing, and many young people grow up today ignorant of a 
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realm of broadcasting and communications that still predominates in much of the world. But some 
people are still fascinated by the fact that people can contact each other using wireless devices alone, 
without the need for any human-made infrastructure other than an antenna at the source and an- 
other antenna at the destination. The ionosphere returns shortwave signals to the earth’s surface, 
and allows reliable global broadcasting and communication to take place today, just as it has since 
the early 1900s. 

Various commercially manufactured shortwave receivers are available. Most electronics stores 
carry one or more models, along with antenna equipment, for a complete installation. Amateur 
radio conventions, called “hamfests,” can be a good source of shortwave receiving equipment at bar- 
gain prices. For information about events of this sort in your area, you can contact the American 
Radio Relay League at www.arrl.org, or pay a visit to your local amateur radio club. 


Security and Privacy 


People are becoming more and more concerned about the security and privacy of electronic com- 
munications, particularly wireless. When a wireless system is compromised, the intrusion is not de- 
tected until harm has been done to the system or to its subscribers. 


Wireless versus Wired 


Wireless eavesdropping difters from conventional wiretapping in two fundamental ways. First, eaves- 
dropping is easier to do in wireless systems than in hard-wired systems. Those old-fashioned hard- 
wired phone sets might not always be convenient, but your privacy is more likely to be maintained 
than in the case with a system that uses any form of wireless. Second, eavesdropping of a wireless 
link is nigh impossible to physically detect, but a tap can usually be found in a hard-wired system. 

If any portion of a communications link is done by wireless, then an eavesdropping receiver can 
be positioned within range of the RF transmitting antenna (Fig. 32-6) and the signals intercepted. 
The existence of a wireless tap has no effect on the electronic characteristics of any equipment in the 
system. 


Levels of Security 


There are four levels of telecommunications security, ranging from zero (no security) to the most se- 
cure connections technology allows. 

No Security (Level 0): In a communications system with level O security, anyone can eavesdrop 
on a connection at any time, provided they are willing to spend the money and time to obtain the 
necessary equipment. Two examples of level 0 links are amateur radio and citizens band (CB) voice 
communications. 

Wire Equivalent Security (Level 1): An end-to-end hard-wired connection requires considerable 
effort to tap, and sensitive detection apparatus can usually reveal the existence of any wiretap. A 
communications system with level 1 security must have certain characteristics in order to be effective 
and practical: 


e The cost must be affordable. 

e The system must be reasonably safe for transactions such as credit-card purchases. 

e When network usage is heavy, the degree of privacy afforded to each subscriber should not 
decrease, relative to the case when network usage is light. 
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32-6 Eavesdropping on RF links in a telephone system. Heavy, straight lines 


represent wires or cables; zigzag lines represent RF signals. 


e Ciphers, if used, should be unbreakable for at least 12 months, and preferably for 24 months 
or more. 

e Encryption technology, if used, should be updated at least every 12 months, and preferably 
every six months. 


Security for Commercial Transactions (Level 2): Some financial and business data demands pro- 
tection even beyond the wire equivalent level. Many companies and individuals refuse to transfer 
money by electronic means because they fear criminals will gain access to an account. In a commu- 
nications system with level 2 security, the encryption used in commercial transactions should be such 
that it would take a potential intruder (also called a hacker) at least 10 years, and preferably 20 years 
or more, to break the cipher. The technology should be updated at least every 10 years, but prefer- 
ably every 3 to 5 years. 

Military Level Security (Level 3): Security to military specifications (also called mil spec) involves 
the most sophisticated encryption available. Technologically advanced countries, and entities with 
economic power, have an advantage here. However, as technology gains ever more (and arguably too 
much) power over human activities, aggressor nations and terrorists might injure powerful nations 
by seeking out, and striking at, the weak points in communications infrastructures. In a communi- 
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cations system with level 3 security, the encryption scheme should be such that engineers believe it 
would take a hacker at least 20 years, and preferably 40 years or more, to break the cipher. The tech- 
nology should be updated as often as economics allow. 


Extent of Encryption 


Security and privacy in wireless networks and communications systems can be achieved by means 
of digital encryption. The idea is to render signals readable only to receivers with the necessary de- 
cryption key. This makes it difficult for unauthorized people to gain access to the system. 

For level 1 security, encryption is required only for the wireless portion(s) of the circuit. The ci- 
pher should be changed at regular intervals to keep it fresh. The block diagram of Fig. 32-7A shows 
wireless-only encryption for a hypothetical cellular telephone connection. 

For security at levels 2 and 3, end-to-end encryption is necessary. The signal is encrypted at all in- 
termediate points, even those for which signals are transmitted by wire or cable. Figure 32-7B shows 
this scheme in place for the same hypothetical cellular connection as depicted at A. 
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32-7B End-to-end encryption. Heavy, straight lines represent wires or cables; zigzag lines 
represent RF signals. 


Security with Cordless Phones 


Most cordless phones are designed to make it difficult for unauthorized people to pirate a telephone 
line. Prevention of eavesdropping is a lower priority, except in expensive cordless systems. If there is 
concern about using a cordless phone in a particular situation, a hard-wired phone set should be used. 
If someone knows the frequencies at which a cordless handset and base unit operate, and if that 
person is determined to eavesdrop on conversations that take place using that system, it is possible 
to place a wireless tap on the line. The conversation can be intercepted at a point near the cordless 
phone set and its base unit, and then transmitted to a remote site (Fig. 32-8) and recorded there. 


Security with Cell Phones 


Cellular telephones are, in effect, long-range cordless phones. The wider coverage of cellular re- 
peaters, as compared with cordless base units, increases the risk of eavesdropping and unauthorized 
use. Some cell phone vendors advertise their systems as “snoop proof.” Some of these claims have 
more merit than others. The word “proof” (meaning “immune”) should be regarded with skepti- 
cism. Digital encryption is the most effective way to maintain privacy and security of cellular com- 
munications. Nothing short of this is really of any use against a determined hacker. 


Question 


Now, draw the output waveform for three 
complete cycles of the input waveform shown 
in Figure 11.6 . Use a separate sheet of 
paper for your drawing. 
Answer 
See Figure 11.8 . 
Figure 11.8 | 
A — 
+10 V | | 

6 When the diode is connected in the 
opposite direction, it is forward-biased and, 
therefore, conducts current when the input 
signal is negative. In this case, the diode is 
reverse- biased when the input Signal IS 
positive. Therefore, the output waveform IS 
inverted from the output waveform shown In 
Figure 11.8 . 
Question 
On a separate sheet of paper, draw the 
output waveform for three input cycles, 
assuming that the diode is connected in the 
opposite direction from the diode shown In 
Figure 11.3 . 
Answer 


See Figure 11.9 . 
Figure 11.9 
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Access and privacy codes, as well as data, must be encrypted if a cell phone system is to be max- 
imally secure. If an unauthorized person knows the code with which a cell phone set accesses the sys- 
tem (the “name” of the set), rogue cell phone sets can be programmed to fool the system into 
thinking they belong to the user of the authorized set. This is known as cell phone cloning. 

In addition to digital encryption of data, user identification (user ID) must be employed. The 
simplest is a personal identification number (PIN). More sophisticated systems can employ voice- 
pattern recognition, in which the phone set functions only when the designated user's voice speaks 
into it. Hand-print recognition, electronic fingerprinting, or iris-print recognition can also be em- 
ployed. These are examples of biometric security measures. 
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Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 
the book. 
1. A network that employs one central computer and multiple personal computers is called 
(a) a wireless network. 
(b) a local area network. 
(c) a client-server network. 


(d) a peer-to-peer network. 


2. In order for a receiver to render a digitally encrypted signal intelligible, that receiver must 
(a) have a directional antenna. 
(b) have a biometric security system. 
(c) have a decryption key. 
(d) be licensed by the government. 


3. Which of the following devices or systems is not wireless? 
(a) An SWL station 
(b) An amateur radio station 
(c) A cordless phone set 
(d) A computer with a telephone modem 
4. Eavesdropping of a wireless link 
(a) requires digital encryption. 
(b) 
(c) is difficult or impossible to detect. 
(d) includes all of the above. 


5. In the United States, a license is required for 


requires a decryption key. 


(a) using a receiver on amateur radio frequencies. 
(b) 
(c) 
(d) using cell phone sets. 


transmitting on amateur radio frequencies. 


using cordless phone sets. 


6. Ina LEO satellite system, the repeaters are located 
(a) in space. 
(b) 
(c) 


(d) over the equator. 


at strategic locations in most countries of the world. 


at the north and south geographic poles. 


7. In a geostationary satellite link, the repeater is located 
(a) on a buoy in the ocean. 
(b) 
(c) 


(d) over the equator. 


at strategic locations in most countries of the world. 


at the north and south geographic poles. 
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8. The term shortwave, in reference to radio, refers to signals having wavelengths of 
approximately 


(a) 10 mm to 100 mm. 
(b) 100 mm to 1 m. 
(c) 1 mto 10 m. 

(d) 10 m to 100 m. 


9. Which of the following is illegal to do in the United States using a ham radio station? 
(a) Advertise used cars for sale 
(b) Transmit Morse code 
(c) Receive outside the amateur radio bands 


(d) Receive signals without a license 


10. A file server is 
(a) a sensitive radio receiver equipped with D/A conversion. 
(b) a radio transmitter equipped with digital signal processing (DSP). 
(c) a central computer in a local area network. 
(d) a repeater in a LEO satellite system. 
11. A device consisting of a receiver and transmitter in the same case or enclosure, and commonly 
used for wireless communications, is called 
(a) a file server. 
(b) 
(c) 


(d) an encoder/decoder. 


a transceiver. 


a transverter. 


12. End-to-end encryption provides 
(a) maximum range in a wireless LAN. 
(b) a higher degree of security than wireless-only encryption. 
(c) simultaneous transmission and reception in an amateur radio station. 
(d) an easy means for hackers to clone cell phone sets. 
13. A LAN in which each computer has more or less equal status, and in which each computer 
stores its own data, is known as a 
(a) wireless router. 
(b) wide-area LAN. 
(c) LAN topology. 
(d) peer-to-peer LAN. 
14. With respect to security, the term mil spec refers to 
(a) wireless-only encryption. 
(b) 
(c) 
(d) the highest obtainable level of security. 


a peer-to-peer network. 


the use of a wireless router. 
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15. A radio signal is considered to be in the shortwave band if its frequency is which of the 
following: 


(a) 5 MHz 

(b) 50 MHz 

(c) 500 MHz 

(d) Any of the above 


16. In a cellular network, the region covered by a single base station is called a 
(a) zone. 
(b) 
(c) radius. 
(d) link. 


17. An advantage of a conventional hard-wired telephone over a cell phone is the fact that a hard- 
wired phone set 


cell. 


(a) affords better privacy. 
(b) 
(c) 
(d) employs digital encryption. 


offers greater portability. 


is more convenient for use around the house. 


18. An advantage of a cell phone over a hard-wired phone is the fact that a cell phone set 


( 


a) affords better privacy. 
(b) costs less. 
(c) offers better mobility. 


(d) provides higher data speed. 

19. In a two-way communications system with full duplex, 
(a) either party can hear the other at all times. 
(b) 
(c) 


(d) a file server or router is necessary. 


a cell phone transmits on two frequencies at the same time. 


end-to-end encryption is necessary. 


20. An advantage of LEO satellite systems over geostationary satellite systems is the fact that 
(a) the latency is much greater with LEO satellite systems. 


(b) the equatorial regions are covered by LEO satellite systems, but not by geostationary 
satellite systems. 


(c) the regions near the geographic poles are covered by LEO satellite systems, but not b 
8 geographic p y y y 
geostationary satellite systems. 


(d) All of the above are advantages of LEO satellite systems over geostationary satellite 
systems. 
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CHAPTER 


A Computer and 
Internet Primer 


COMPUTERS ARE USED FOR CALCULATIONS, COMMUNICATIONS, WORD PROCESSING, DATA PROCESSING, 

drawing, photo processing, music composition and editing, location, navigation, information 

searches, robot control, and many other purposes. Figure 33-1 is a block diagram showing the major 
33-1 Components of a 


parts of a typical computer system used in a home or small business. 
Printer 
basic computer system 


Display 
for personal or small ae 
business use. ner | 
devices Scanner 
Internet connection 


External 
storage 


The Central Processing Unit 


The microprocessor is the IC, or chip, that forms the core of your computers “brain.” It coordinates 
all the action and does all the calculations. It is located on the motherboard, or main circuit board. 
This board is sometimes called the logic board. The microprocessor, together with various other cir- 
cuits, comprises the central processing unit (CPU). Auxiliary circuits can be fabricated onto the same 
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chip as the microprocessor, but they are often separate. The external chips contain memory, storage, 
and programming instructions. 

You might think of the microprocessor as the computer’s conscious mind, which directs the 
behavior of the machine by deliberate control. The CPU, controlled by the microprocessor, repre- 
sents the PC’s entire mind, conscious and subconscious. All the ancillary circuits, in conjunction 
with the CPU, make up the nervous system. Peripherals such as printers, disk drives, mice, speech 
recognition/synthesis apparatus, modems, and displays are the hands, ears, eyes, and mouth of the 
system. In advanced computer systems there can also be robots, vision systems, various home ap- 
pliances, surveillance apparatus, medical devices, and other exotic equipment under the control of 


the CPU. 


Units of Digital Data 


You learned about bits and bytes in Chap. 26. Let’s examine them again in more detail, with em- 
phasis on their relevance to computers. Recall that one bit (1 b) is a single binary digit, and one byte 
(1 B) is a unit of digital data consisting of a string of eight contiguous bits (8 b) in most systems. 
One byte constitutes roughly the same amount of data as one character, such as a letter, numeral, 
punctuation mark, or space. 


Memory and Storage Capacity 


Computer memory and storage involves files that are huge in terms of bytes. Therefore, kilobytes 
(units of 2'° = 1024 bytes), megabytes (units of 2” = 1,048,576 bytes), and gigabytes (units of 2% = 
1,073,741,824 bytes) are used. The abbreviations for these units are KB, MB, and GB, respectively. 
Alternatively you might see them abbreviated as K, M, and G. 

As computer technology advances, youll hear more and more about a unit of data called a żer- 
abyte (TB or T). This is equivalent to 2° bytes, or 1,048,576 MB. Someday we will commonly use 
the terms petabyte (PB or P), which refers to 2% bytes or 1,048,576 GB, and exabyte (EB or E), 
which refers to 2° bytes or 1,048,576 TB. 


Here are all these data units listed as a hierarchy: 


1 KB = 1024 B 

1 MB = 1024 KB 
1 GB = 1024 MB 
1 TB = 1024 GB 
1 PB = 1024 TB 
1 EB = 1024 PB 


Computer memory is usually specified in megabytes or gigabytes. The same holds true for re- 
movable data storage media. The hard drive in a computer generally has capacity measured in giga- 
bytes, although a few get into the terabyte range. Some external storage media, used for data 
archiving (saving 1t for long-term reference), have capacity measured in terabytes and petabytes. 


Data Speed 


The speed at which computers send digital data to and from each other is almost always expressed 
in bits per second (bps) and large multiples thereof. Multiples of bits per second involve the same pre- 
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fixes as multiples for bytes, but when talking or writing about bits per second, these prefixes refer to 
powers of 10 rather than powers of 2. 

A kilobit per second (1 kbps) is equal to 10° = 1000 bps, a megabit per second (1 Mbps) is equal 
to 10° = 1,000,000 bps, and a gigabit per second (1 Gbps) is equal to 10° = 1,000,000,000 bps. (You 
wont often hear of data speed units larger than the gigabit per second.) Hierarchically: 


1 kbps = 1000 bps 
1 Mbps = 1000 kbps 
1 Gbps = 1000 Mbps 


Note the lowercase “k” in reference to “kilo-” meaning 10° or 1000, and the uppercase “K” in 
reference to “kilo-” meaning 2'° or 1024. Note also that for the other prefix multipliers, uppercase 
letters are always used. These are not typos! The “k versus K” distinction is a notational peculiarity, 
and is often ignored or overlooked. You will sometimes see “Kbps” rather than “kbps,” or “kB” 
rather than “KB,” in technical papers and other documents. As long as you know whether the au- 
thor is writing about data speed (bits per second) or memory/storage (bytes), it should not be a 
problem. But if you want to be rigorous, this peculiarity is worth remembering. 


The Hard Drive 


A hard drive, also known as a hard disk, is a common form of mass storage for computer data. The 
drive consists of several disks, called platters, arranged in a stack. They are made of rigid, durable ma- 
terial that is coated with a ferromagnetic substance similar to that used in audio or video tape. The 
platters are spaced a fraction of a centimeter apart. Each has two sides (top and bottom) and two 
read/write heads (one for the top and one for the bottom). The assembly is enclosed in a sealed cab- 
inet. Figure 33-2A is an edgewise, cutaway view of the platters and heads in a typical hard drive. 


Drive Action 


When the computer is switched off, the hard-drive mechanism locks the heads in a position away 
from the platters. This prevents damage to the heads and platters if the computer is moved. When 
the computer is powered up, the platters spin at several thousand revolutions per minute (rpm). The 
heads hover a few millionths of a centimeter above and below the platter surfaces. 

When you type a command or click on an icon telling the computer to read or write data, the 
hard-drive mechanism goes through a series of rapid, complex, and precise movements. The head 
positions itself over the particular spot on the platter where the data is located or is to be written; 
then the head detects the magnetic fields and translates them into tiny electric currents. All this 
takes place in a small fraction of a second. 


Data Arrangement and Capacity 


The data on a hard drive is arranged in concentric, circular tracks. There are hundreds or even thou- 
sands of tracks per radial centimeter of the platter surface. Each circular track is broken into a num- 
ber of arcs called sectors. A cylinder is the set of equal-radius tracks on all the platters in the drive. 
Tracks and sectors are set up on the hard drive during the initial formatting process. There are also 
data units called clusters. These are units consisting of one to several sectors, depending on the 
arrangement of data on the platters. Figure 33-2B is a face-on view of a single hard-disk platter, 
showing a track and one of its constituent sectors. 
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Platters A Armatures 


Sector 


Platter 


Track 


B 


33-2 At A, an edgewise view of a hard drive, showing four platters. 
At B, a broadside view of a platter, showing one track and one 


sector. 


When you buy a computer, whether it is a desktop, notebook (also called laptop), or portable 
(also called handheld) unit, it will have a hard drive built in. The drive comes installed and format- 
ted. Most new computers are sold with several commonly used programs installed on the hard drive. 
Some computer users prefer to buy new computers with only the operating system, by means of 
which the programs run, installed; this frees up hard-drive space and gives the user control over 


which programs to install (or not to install). 
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External Storage 


There are several types of external storage (besides the hard drive) in which data can be kept in large 
quantities. Computer experts categorize external storage in two ways: access time and cost per 
megabyte (or gigabyte, or terabyte). 


Disk Media 


Disk media offer the advantage of speed, convenience, and reliability. For personal computers, there 
are many forms of external disks. Here are three of the most well-known. 

An external hard drive is exactly what its name suggests. This type of device is exceptionally fast, 
and has storage capacity similar to the hard drives inside computers. They can be easily connected 
to any personal computer with a short cable. Most of these devices require a power supply, often 
found in the form of a “brick” that contains a transformer, rectifier, and filter that converts 120 V 
ac into the necessary dc for the device. 

Compact disk recordable (CD-R) and compact disk rewritable (CD-RW ) are popular for backing 
up and archiving computer data. You can buy these disks for various other applications, too, such 
as storage for digital photos and home videos. They are the same size, physically, as conventional 
CD-ROMs, which are used for commercial software, databases, and digital publications. The main 
asset of CD-R and CD-RW is moderately large capacity and long shelf life. Most new computers 
have built-in drives for these disks. 

Diskettes, also called (imprecisely) “floppies,” are about 9 cm (3.5 in) in diameter and enclosed 
in a rigid, square case about 4 mm (0.15 in) thick. Their capacity, individually, is limited. They are 
all but obsolete. Increasingly, new computers are sold without drives for floppies. 


Tape Media 


The earliest computers used magnetic tape to store data. This is still done in some systems. You can 
get a tape drive for making an emergency backup of the data on your hard drive, or for archiving 
data you rarely need to use. Magnetic tape has high storage capacity. There are microcassettes that 
can hold more than 1 GB of data; standard cassettes can hold many gigabytes. But tapes are ex- 
tremely slow because, unlike their disk-shaped counterparts, they are a serial-access storage medium. 
This means that the data bits are written in a string, one after another, along the entire length of the 
tape. The drive might have to mechanically rewind or fast-forward through a football field’s length 
of tape to get to a particular data bit, whereas on a disk medium, the read/write head never has to 
travel farther than the diameter of the disk to reach a given data bit. 


Flash Memory 


Flash memory is an all-electronic form of storage that is useful especially in high-level graphics, big- 
business applications, and scientific work. The capacity is comparable to that of a small hard drive, 
but there are no moving parts. Because there are no mechanical components, flash memory is faster 
than any other mass-storage scheme, provided it does not cause a software conflict with other pro- 
grams in the computer. (Software conflicts can cause a computer to slow down or “freeze up.”) 
Flash memory is available in small modules roughly the size of your index finger, and can be 
plugged directly into one of the Universal Serial Bus (USB) ports provided in all new computers. 
Some flash memory modules come in the form of PC cards (also called PEMCIA cards), which are 


credit-card-sized, removable components. 
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Memory 


In a computer, the term random access memory (RAM), often called simply memory, refers to ICs that 
store working data. The amount, and speed, of memory are crucial factors in determining what a 
computer can and cannot do. 


Data Flow 


Figure 33-3 shows how data moves in a computer among an internal hard drive, an external hard 
drive, and a CD-RW storage medium. This process is controlled by the CPU. When you open a file 
on any medium, the data goes immediately into the memory. The CPU, under direction of the mi- 
croprocessor, manipulates the data in the memory as you work on the file. Thus, the data in mem- 
ory changes from moment to moment. 

When you hit a key to add a character, or drag the mouse to draw a line that shows up on your 
display, that character or line goes into memory at the same time. If you hit the backspace key to 
delete a character, or drag the mouse to erase a line on the screen, it disappears from the memory. 
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7 Figure 11.10 shows a circuit with a 20 V 
pp AC input signal centered at -20 volts DC. 
Figure 11.10 
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Questions 

A. When is the diode forward-biased? 
B. What is the output voltage? 
Answers 


A. Never because the voltage that results 
from adding the AC and DC signals ranges 
from — 10 volts to — 30 volts. Therefore, the 
diode is always reverse-biased. 
B. A constant 0 volts. 

8 As you have seen, a diode passes either 
the positive or negative portion of an AC 


voltage waveform, depending on how you 
connect it in a circuit. Therefore, the AC input 
signal is converted to a pulsed DC output 
signal, a process called rectification . A circuit 


that converts either the positive or negative 
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During this time the original file on the storage medium stays as it was before you accessed it. No 
change is made to that data until you specifically instruct the computer to overwrite it. When you're 
done working on a file, you tell the microprocessor to close it. Then the data leaves memory and 
goes back to the medium from which it came, or to some other place, as you direct. If you tell the 
computer to overwrite the file on the medium from which it came, many programs send the new 
data (containing the changes you have made) to unused space there; the old data (as it was before 
you opened the file) stays in its old location. This is a safeguard, in case you decide to undo the 
changes you made. 

All the data passing between the storage media and memory, and between the memory and the 
CPU, is in machine language. This consists of binary digits (bits) O and 1. But the data passing be- 
tween you and the CPU is in plain English (or whatever other language you prefer), or in some high- 
level programming language, having been translated by the machine into a form you can understand. 


Memory Capacity 


The maximum number of megabytes or gigabytes of data that can be stored in a computers mem- 
ory is known as the memory capacity. The main factor that determines memory capacity is the 
number of transistors that can be fabricated onto a single memory chip. Other factors, such as mi- 
croprocessor speed, have a practical effect on the usable memory capacity. 

A gigantic memory is of little practical value if the microprocessor is slow. Nor is a fast micro- 
processor worth much if the memory capacity is too small for the applications (programs) you want 
to run. Most software packages tell you how much memory you need to run the programs they con- 
tain. They'll often quote two specifications: a minimum memory requirement and a figure for op- 
timum performance (approximately twice the minimum requirement). If possible, you should 
equip your computer with enough memory for optimum performance. 

When buying a new computer, keep in mind that this year’s high-end machine may become 
next year’s ordinary one when it comes to popular software, and in a few years it will no longer be 
adequate to run many of the programs that will be available. If your computer lacks the memory to 
run a given application, you can usually add more. But this can only be done up to a certain point. 
Eventually, your microprocessor will no longer be able to run contemporary software at reasonable 
speed, no matter how much memory you have. 

How much memory do you think your machine will require to run two or three of your favorite 
applications at the same time? Double or triple it, and you will come close to the amount you are 
likely to need for the next two or three years, or until you are overcome by the urge to buy a new 
computer again. 


The Display 


The visual interface between you and your computer is known as the display. In desktop computers, 
an external display is often called a monitor. There are two popular types in use for personal com- 
puting today. 

A cathode-ray tube (CRT ) monitor resembles a television set without the tuning or volume con- 
trols. This type of display is large and heavy, and although some people consider CRTs obsolete, 
other computer users prefer them, especially the larger ones, which can have a diagonal screen mea- 
sure of 53 cm (21 in) or more. 

A liquid crystal display (LCD) is lightweight and thin. This type of display is used in notebook 


and portable computers. It has become increasingly popular for desktop computers because the 
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technology has improved and has become somewhat less expensive than 1t used to be. Light weight 
and a shallow desk profile are decided advantages of this type of display. A good one can provide 
image crispness and color at least as good as the best CRT display. An LCD also consumes less 
power. 

Other types of displays exist. Of special note is the plasma display, which obtains its images 
from the properties of electric charges passing through rarefied gases. These displays are often 
found in large department stores, where you can see them hanging from the ceilings, displaying 
advertisements. 


Resolution 


The image resolution, often called simply the resolution, of a computer display is one of its most im- 
portant specifications. This is the extent to which it can show detail. The better the resolution, the 
sharper the image. 

Resolution can be specified in terms of dot size or dot pitch. This is the diameter, in millimeters 
(mm), of the individual elements in the display—the “smallest unbreakable pieces.” A good display 
has a dot pitch that is a small fraction of a millimeter. A typical CRT has a dot pitch of 0.25 or 
0.26 mm. The smaller the number, the higher the resolution and, all other factors being equal, the 
crisper the image in an absolute sense. 

Image resolution can be specified in a general sense as a pair of numbers, representing the num- 
ber of pixels (picture elements) the screen shows horizontally and vertically. For a particular screen 
size, the greater the number of pixels the unit can display, the crisper the image. In personal com- 
puters, typical displays have 800 x 600 resolution (800 pixels wide by 600 pixels high) or 1024 x 
768 resolution. A few can work up to 1600 x 1200 or even higher. 


Screen Size 


Screen sizes are given in terms of diagonal measure; a popular size is 43 cm (17 in). This will work 
quite well at 800 x 600 resolution. For higher resolution, a larger screen is preferable, such as 48 cm 
(19 in) or 53 cm (21 in). A high-end display is crucial for doing graphics work, when doing serious 
research on the Internet, in remote-control robotics, and in computer gaming. Besides these practi- 
cal advantages, a sharp display is more pleasant to work with than a marginal one. 

Along with memory and hard-drive capacity, the display is one of the most important parts of 
a computer from a user-friendliness standpoint. On the job, long hours at a computer can get te- 
dious even if the machine is perfect. An inadequate display can give rise to eye strain and headaches, 
and can also degrade the quality and accuracy of work done by people using the computer. 


Interlacing and Refresh Rate 


Another important consideration in the choice of a display is whether or not it uses interlacing. In- 
terlacing increases the obtainable resolution, but it also results in a lower refresh rate (number of 
times the entire image is renewed). A low refresh rate can cause noticeable flickering in the image, 
and can be especially disruptive in applications where rapid motion must be displayed, such as high- 
end computer gaming. 

A good refresh rate specification is 70 Hz or more. For applications not involving much mo- 
tion, 60 or 66 Hz is adequate for some people, but others complain of eye fatigue because they 
can vaguely sense the flicker. Most people find 56-Hz refresh rates too slow for comfort in any 
application. 
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ELF Fields 


Extremely low frequency (ELF) fields are electromagnetic (EM) fields that fluctuate or alternate more 
slowly than conventional radio waves. Such fields are produced by various consumer electronic 
devices and appliances. An ELF field is nothing like X rays or gamma rays, which cause radiation 
sickness. Nor is ELF radiation like ultraviolet (UV), which can cause skin cancer over long periods. 
An ELF field cannot make anything radioactive. In computer systems, the ELF that youve heard 
about is emitted mainly by electromagnetic CRT monitors. Other parts of a computer system are not 
responsible for much ELF energy. The LCDs used in many systems today produce essentially none. 

As you learned in Chap. 29, the characters and images in a CRT are created as electron beams 
strike a phosphor coating on the inside of the glass. The electrons constantly change direction as 
they sweep from left to right, and from top to bottom, on your screen. The sweeping is caused by 
deflecting coils that steer the beam across the screen. The coils generate magnetic fields that inter- 
act with the negatively charged electrons, forcing them to change direction. Because of the positions 
of the coils, and the shapes of the fields surrounding them, there is more magnetic energy radiated 
from the sides of an electromagnetic CRT than from the front. If there’s any health hazard with ELE 
therefore, it is greater for someone sitting off to the side of an electromagnetic CRT monitor, and 
less for someone watching the screen from directly in front at the same distance. 

If you're concerned about the ELF fields produced by CRT monitors, you might consider buy- 
ing an electrostatic CRT unit that has been designed to minimize ELF fields, or buying a stand- 
alone LCD display panel. It’s a good idea to arrange your workstation so your eyes are at least 0.5 m 
(about 18 in) away from the screen of a CRT monitor, and if you are working near other computer 
users, workstations should be at least 1 m (3 ft) apart. 


The Printer 


There are several types of printer in common use in personal and business computing applications 
today. The two most common are the inkjet printer and the laser printer. Less often used are the ther- 
mal printer and the dot matrix printer. 


Inkjet Printers 


In an inkjet printer, tiny nozzles spray ink onto the paper. Most of these printers are comparatively 
slow to produce an image, and the ink needs time to dry even after the image comes out, but the 
quality can be excellent. Inkjet printers are available in single-color and multicolor designs. The best 
color machines produce images of photo quality. In fact, some are designed especially to print digi- 
tal photos. 

Inkjet printers require periodic replacement of the ink cartridges. These can be quite expensive, 
and for this reason, inkjet printers are not well suited for high-volume printing. Inkjet printers re- 
quire paper with low fiber content. This keeps the ink from being carried along by capillary action 
before it dries, muddling or blurring the printout. Look specifically for “inkjet paper” in computer 
supply stores and department stores. 


Laser Printers 


A laser printer works like a photocopy machine. The main difference is that, while a photocopier 
creates a copy of a real image (the paper original), a laser printer makes a copy of a digital computer 
image. 
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When data arrives at the printer from the computer, the encoded image is stored in the printer 
memory. The memory then sends it along to the laser and other devices. The laser blinks rapidly 
while it scans a cylindrical drum. The drum has special properties that cause it to attract the print- 
ing chemical, called toner, in some places but not others, creating an image pattern that will ulti- 
mately appear on the paper. A sheet of paper is pulled past the drum and also past an electrostatic 
charger. Toner from the drum is attracted to the paper. T'he image thus goes onto the paper, although 
it has not yet been permanently fused, or bonded, to the paper. The fuser, a hot pair of roller/ 
squeezers, does this job, completing the printing process. 

The main asset of laser printers is their ability to produce a large number of copies at high 
speed. They generally have excellent print and graphics quality for grayscale. Color laser printers are 
available as well, but they can be quite expensive. 

The image resolution of a laser printer ranges from about 300 dots per inch (dpi) for older units 
to 1200 dpi, 2400 dpi, or even higher resolutions in state-of-the-art machines. As far as the un- 
trained eye can tell, 600 dpi is as good as a photograph. Laser printers can handle graphics and text 
equally well. If an image can be rendered on a photocopy machine, it can be rendered just as well 
on a laser printer. 


Thermal Printers 


A thermal printer uses temperature-sensitive dye and/or paper to create hard-copy text and images. 
Some thermal printers produce only grayscale images, while others can render full color. Thermal 
printers are often preferred by traveling executives who use portable computers, because these print- 
ers are physically small and light. 

A simple grayscale thermal printer employs special paper that darkens when it gets hot. A color 
thermal printer uses thick, heat-sensitive dyes of the primary pigments: magenta (pinkish red), yel- 
low, and cyan (bluish green). Sometimes black dye is also used, although it can be obtained by com- 
bining large, equal amounts of the primary pigments. The print head uses heat to liquefy the dye, 
so it bleeds onto the paper. This is done for each pigment separately. 

Some, if not most, thermal printouts fade after awhile. Have you ever pulled out an old store 
receipt and found that it was washed-out or blank? Thermal printers can be convenient in a pinch, 
but you should be aware that some of them have this problem. If you're keeping a receipt for tax 
purposes or for proof-of-purchase and it has been printed on thermal paper, make a photocopy or a 
digital scan of the receipt right away. You can recognize the output of a thermal printer because the 
paper curls up when it’s fresh out of the machine. 


Dot Matrix Printers 


The dot matrix printer is the horse and buggy of the printing family. This type of printer is the least 
expensive, in terms of both the purchase price and the long-term operating cost. Dot matrix printers 
produce fair text quality for most manuscripts, reports, term papers, and theses. The mechanical parts 
are rugged, and maintenance requirements are minimal. Dot matrix printers can render some simple 
graphic images, but the quality is fair at best, and it can take a long time to print a single image. Dot 
matrix printers cannot reproduce detailed artwork or photographs with acceptable quality. 


The Scanner 


A scanner is an electromechanical device that converts hard-copy text and graphics into digital form 
for processing and storage in a computer. 
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Basic Features 


Scanners can save untold hours of tedious manual retyping. Suppose you wrote a book a long time 
ago, and have lost the digital files (or used an old-fashioned typewriter, and never had any digital 
files!). The hard copy of that book sits in your basement, awaiting the massive editing that can turn 
it into a great novel. It needs the power of your computers word processor. But you cant deal with 
the prospect of retyping its 1000 pages. A scanner, equipped with optical character recognition 
(OCR), can do away with most of the hard labor involved in getting a hard-copy manuscript onto 
disk. 

A good scanner can be had for a couple of hundred dollars. But the value of optical scanning is 
hard to measure. For many entrepreneurs, it can make the difference between staying afloat and 
going bankrupt. It can do the work of one or two full-time typists for a tiny fraction of the long- 
term cost. Big companies can save money, too. Lawyers and doctors find scanners invaluable for 
backing up files of all kinds. Aside from storing text, scanners can make digital copies of vital pa- 
pers, records, and receipts, which can be easily backed up on CD-R or CD-RW media. 

A typical scanner can render color images, text, photographs, and everything else needed to 
make a complete, accurate digital record of any document. Color scanners use three different light 
beams (red, blue, and green) to get three different images, which are processed and combined in 
much the same way as a color television camera works. The image resolution of a scanner is meas- 
ured in dots per inch (dpi), just as is done with printers. The higher the dpi specification, the more 
detail the scanner can see. 

For reliable scanning of text and most images, a resolution of at least 300 dpi is recommended. 
Virtually all scanners meet this requirement. For images, greater detail translates into more memory 
consumed. Color increases the amount of memory or storage that an image takes up, if the image 
resolution remains constant. 


Configurations 


Scanners come in three basic configurations. The scanner that’s best for you will depend on what 
you want to do with it, and on how much money you're willing to spend for it. 

The cheapest type of scanner is a handheld scanner. It looks something like a miniature vacuum- 
cleaner head, or one of the bar-code readers in retail stores. You roll the unit over the paper contain- 
ing the text and/or graphics you want to scan. Because the unit is not as wide as most pages, youll 
have to make two or three passes over the page. Handheld scanners are preferred by people who scan 
small images, such as snapshots. They are light in weight, and need almost no desk space. One po- 
tential problem is that you might try to scan too fast. Some handheld scanners have speed indicators 
that tell you if you're going too fast. Another potential difficulty is not getting a straight-line scan. 
Most handheld units have built-in guides (like miniature rolling pins) that minimize this problem. 

If you want to scan a book or magazine, a flatbed scanner is much easier to use than a handheld 
scanner. The unit looks something like a photocopier. Using a flatbed scanner is similar to working 
a small photocopy machine. You lay the page, photo, or sheet down on a clear glass, and the scan- 
ning head moves past it, picking up the image. Flatbed scanners consume desk space, which, if you 
have a couple of printers and a fax machine, might already be at a premium. 

A sheet scanner, also called a feedthrough scanner, resembles a fax machine (and in fact, many of 
these units can do double duty as fax machines). As its name implies, this type of scanner pulls 
sheets of paper through, one by one. You can stack several pages, one on top of the other, and the 
machine will automatically feed and scan them. However, you can’t scan bound books or magazines 
as you can with a flatbed scanner—unless you're willing to rip out individual pages. 
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Precautions 


Even the best scanners make some mistakes when used with OCR. This is especially true if text con- 
tains nonstandard symbols. Highly technical material presents the worst problems. Some mathe- 
matical symbols are so esoteric that the average person (let alone a machine) is befuddled by them. 
Ink spots, stray markings, and smudges on a page can cause scanning errors, in much the same way 
as background noise confuses a speech recognition system. 

A human reader can often tell what a printed letter should be, even when it is severely muti- 
lated. But computers lack human intuition. To some extent this can be corrected by a built-in spell 
checker. Some OCR programs have spell checking, but this introduces its own set of problems be- 
cause it, too, is imperfect. 

If a scanner doesn't recognize a character, it will usually print a tag”—a blank space, underline, 
or default symbol such as @ or #. Scanned text must always be carefully proofread, and corrections 
made with word-processing software, after the data has been stored on the hard drive. 


The Modem 


The term modem is a contraction of modulator/demodulator. A modem interfaces a computer to a tele- 
phone line, digital subscriber line (DSL), cable system, fiber-optic network, wireless network, or radio 
transceiver, allowing you to communicate with other computer users and to “surf the Internet.” 


Data Speed 


Modems work at various speeds, usually measured in kilobits per second (kbps) or megabits per sec- 
ond (Mbps). Sometimes you'll hear about speed units called the baud and kilobaud. (A kilobaud is 
1000 baud.) Baud and bits per second are almost the same units, but they are not identical. People 
sometimes use the term baud when they really mean dps. 

Modem speeds, particularly in cable, fiber-optic, and wireless networks, keep increasing as 
computer communications technology advances. Modems are rated according to the highest data 
speed they can handle. A typical telephone modem works at about 56 kbps. Modems for more ad- 


vanced connections operate much faster. 


Slow Modems 


A computer works with binary digital signals, which are rapidly fluctuating direct currents. For dig- 
ital data to be conveyed over a telephone or radio circuit, the data must be converted to analog form. 
In a telephone modem or radio-transceiver modem, this is done by changing the digit 1 into an 
audio tone, and the digit 0 into another tone with a different pitch. The result is an extremely fast 
back-and-forth alternation between the two tones. 

In modulation, digital data from the computer is changed into analog data for transmission over 
the telephone line or radio medium. The modulator is therefore a digital-to-analog converter (D/A 
converter or DAC). Demodulation changes the analog signals from the telephone line or radio 
medium back to digital signals that a computer can understand. The demodulator is thus an analog- 
to-digital converter (A/D converter or ADC). The highest practical speed for this type of modem is 
approximately 56,000 bits per second (bps), or 56 kilobits per second (kbps). 

Amateur radio operators use a variety of digital modes at considerably slower speeds than 
56 kbps for Internet-like communications. The principal advantage of amateur radio lies in the fact 
that it can work when all else fails. Such communications are not fast, but no infrastructure is 
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needed. This makes it possible for amateur radio operators to provide emergency communications 
into and out of areas stricken by natural disasters that destroy the conventional communications 
infrastructure. 


Internal versus External Modems 


An ¿internal modem is a printed-circuit board, also called a card. Virtually all computers, both desk- 
top and notebook, are sold with internal modems that can interface with the telephone line at 
speeds of up to 56 kbps. 

An external modem is a self-contained unit. It has a cord that runs to either the computers serial 
data port (also called the communications port) or one of the USB ports, and another cord that runs 
to the telephone line, cable system, or satellite dish. If you want to use a DSL, cable, or satellite In- 
ternet connection, you will usually have to buy or rent an external modem from the service provider. 


The Internet 


The /nternet is a worldwide system, or network, of computers. It got started in the late 1960s, origi- 
nally conceived as a network that could survive nuclear war. Back then it was called ARPAnet, named 


after the Advanced Research Project Agency (ARPA) of the United States federal government. 


Protocol and Packets 


When people began to connect their computers into ARPAnet, the need became clear for a universal 
set of standards, called a protocol, to ensure that all the machines “speak the same language.” The mod- 
ern Internet is such that you can use any computer to take advantage of all the network's resources. 

Internet activity consists of computers “talking” to one another. This occurs in machine lan- 
guage. However, the situation is vastly more complicated than when data goes from one place to an- 
other within a single computer. In the Internet (often called simply the Net), data must often go 
through several different computers to get from the transmitting or source computer to the receiv- 
ing or destination computer. These intermediate computers are called nodes, servers, hosts, or Internet 
service providers (ISPs). 

Millions of people are simultaneously using the Net. The most efficient route between a 
given source and destination can change from moment to moment. The Net is set up in such a 
way that signals always try to follow the most efficient route. If you are connected to a distant 
computer, say a machine at the National Hurricane Center, the requests you make of it, and the 
data it sends back to you, are broken into small units called packets. Each packet coming to you 
has, in effect, your computers name written on it. But not all packets necessarily travel the same 
route through the network. Ultimately, all the packets are reassembled into the data you want 
(such as the infrared satellite image of a hurricane), even though they do not arrive in the same 
order they were sent. 

Figure 33-4 is a simplified drawing of Internet data transfer for a hypothetical file containing 
five packets transferred during a period of heavy Net traffic (meaning that a lot of people are using 
the Internet at that particular time, so it is operating at near capacity). Nodes are shown as black 
dots surrounded by circles. In this example, some packets pass through more nodes, and/or over a 
much greater physical distance, than others. If Net traffic were light, all the packets might follow the 
same route, or pass through fewer nodes. This is why it takes longer to acquire data on the Net dur- 
ing peak hours of use, as compared with times when there are comparatively few people connected 
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Destination data 


33-4 Internet data flows 
in packets from 
the source to the 
destination. 


Source data 


into it, no matter how fast your connection happens to be. A file cannot be completely recon- 
structed until all the packets have arrived and the destination computer has ensured that there are 
no errors. 


E-mail and Newsgroups 


For many computer users, communication by means of electronic mail (e-mail) and/or newsgroups 
has practically replaced the postal service. You can leave messages for, and receive them from, friends 
and relatives scattered throughout the world. 

To effectively use e-mail or newsgroups, everyone must have an Internet address. These tend to 
be arcane. An example is sciencewriter@tahoe.com. The first part of the address, before the @ sym- 
bol, is the username. The word after the @ sign and before the period (or dot) represents the domain 
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name. The three-letter abbreviation after the dot is the domain type. In this case, “com” stands for 
“commercial.” Tahoe.com is thus a commercial provider. Other common domain types include 
EC 3) EC 3) . . EC 32) . » . s EC 32) 

net” (network), “org” (organization), “edu” (educational institution), and “gov” (government). In 
recent years, country abbreviations have been increasingly used at the ends of Internet addresses, 
such as “us” for United States, “de” for Germany, “uk” for United Kingdom, and “jp” for Japan. 
Other abbreviations are constantly coming into common usage, such as “info” for “informational 
site” and “biz” for “business.” 


Internet Conversations 


You can carry on a “teletype-style” (real-time text) conversation with other computer users using the 
Internet. When done among users within a single service provider, this is called chat. When done 
among people connected to different service providers, it is called /nternet relay chat (IRC). Typing 
messages to, and reading them from, other people in real time is more personal than letter writing, 
because your addresses get their messages immediately. But it's less personal than talking on the tele- 
phone, because you cannot hear, or make, vocal inflections. 

It is possible to digitize voice signals and transfer them via the Internet. This has given rise to 
hardware and software schemes that claim to provide virtually toll-free long-distance telephone 
communications. As of this writing, this is similar to cellular telephone communications in terms of 
reliability and quality of connection. When Net traffic is light, such connections can be good. But 
when Net traffic is heavy, the quality is marginal. Audio signals, like any other form of Internet data, 
are broken into packets. All, or nearly all, the packets must be received and reassembled before a 
good signal can be heard. This takes variable time, depending on the route each packet takes 
through the Net. If many of the packets arrive disproportionately late, the destination computer can 
only do its best to reassemble the signal. In the worst case, the signal does not get through at all. 


Getting Information 


One of the most important features of the Internet is the fact that it can connect you with millions 
upon millions of sources of information (and misinformation). Data is transferred among comput- 
ers by means of a protocol that allows the files on the hard drives of distant computers to become 
available exactly as if the data were stored on your own computer's hard drive, except the access time 
is slower. You can also store files on distant computers’ hard drives. When using the Internet for ob- 
taining information, you should be aware of the time at the remote location, and avoid, if possible, 
accessing files during the peak hours at the remote computer. Peak hours usually correspond to 
working hours, or approximately 8:00 a.m. to 5:00 p.m. local time, Monday through Friday. You 
must take time differences into account if youre not in the same time zone as the remote computer. 

The World Wide Web (also called WWW or the Web) is one of the most powerful information 
servers you will find on the Internet, and in common usage, the terms Internet and Web have become 
almost synonymous. The outstanding feature of the Web is hypertext, a user-friendly scheme for 
cross-referencing of documents. In fact, the names of Web sites generally begin with the four letters 
“http,” which stands for hypertext transfer protocol. Certain words, phrases, and images make up 
links. When you select a link in a Web page or Web site (a document containing text, graphics, and 
often other types of files), your computer is transferred to another site dealing with the same or a re- 
lated subject. This site will usually also contain numerous links. Before long, you might find your- 
self surfing the Web for hours, going from site to site. The word surfing derives from the similarity 
of this activity to television “channel surfing.” 
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Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 
the book. 
1. One megabyte is the same amount of data as 
(a) 1024 bytes. 
(b) 1024 KB. 
(c) 1024 GB. 
(d) 1/1024 KB. 


2. The Web should be expected to work fastest for a user in New York City at 
(a) 2:00 a.m. local time on a Tuesday. 
(b) 4:00 p.m. local time on a Wednesday. 
(c) 12:30 p.m. local time on a Thursday. 


d) any time; it doesn’t matter. 
X 


3. The sharpness of the image on a computer display can be specified in terms of 
(a) refresh rate. 
(b) interlace rate. 
(c) wavelength. 
(d) dot pitch. 
4. The term cylinder refers to 
(a) a set of tracks in a hard drive. 
(b) 
(c) a drum-shaped data storage medium. 


(d) the spindle that turns a CD-R or CD-RW. 


a particular type of memory chip. 


5. An example of a mass-storage device is a 
(a) hard drive. 
(b) microprocessor. 


(c) modem. 


(d) read-write head. 


6. The character string stangibilisco@rushmore.com would most likely represent 
(a) a Web site. 
(b) the location of data in a computers memory. 
(c) an e-mail address. 


(d) a computers serial number. 
7. The megabit per second (Mbps) is a common unit that expresses 
(a) the memory capacity of a chip. 


(b) the storage capacity of an external hard drive. 


portion of an AC voltage waveform to a 
pulsed DC output signal is called a half-wave 
rectifier 

Question 

Refer to the output waveforms shown In 
Figures 11.8 and 11.9 . Do these waveforms 
represent positive © DC voltage pulses or 
negative DC voltage pulses? 


Answer 

The waveform in Figure 11.8 represents 
positive pulses of DC voltage. The waveform 
in Figure 11.9 represents negative pulses of 
DC voltage. 


9 The circuit shown in Figure 11.11 shows 
a diode connected to the secondary coil of a 
transformer. 

Figure 11.11 


Questions 

A. How does the diode affect the AC signal? 
B. Draw the waveform of the voltage across 
the load for the circuit shown in Figure 11.11 
if the secondary coil of the transformer has a 
30 V pp AC output signal centered at 0 volts 
DC. Use a separate sheet of paper for your 


10. 


11. 


12. 


13. 


14. 


Quiz 


(c) the image resolution of a printer. 


(d) the speed of an Internet connection. 


. A platter is 


(a) part of a hard drive. 
(b) a unit of memory. 
(c) an element of a digital image. 


(d) a semiconductor chip. 


. Protocol ensures that 


(a) a hard drive runs smoothly. 

(b) a display or printer reproduces color accurately. 
(c) a display or printer generates a clear image. 

(d) computers can exchange data. 

A packet is 

(a) a computer memory module. 

(b) a unit of 2’° bytes. 

(c) a piece of data sent over the Net. 

(d) a picture element in a display. 

The main microprocessor in a computer is located 
(a) on the motherboard. 

(b) in the external hard drive. 

(c) in the memory chip. 

(d) in the power supply. 

Cross-referencing among Web pages is done with 
(a) digital signal processing. 

(b) an analog-to-digital converter. 

(c) Internet relay chat. 

(d) hypertext links. 

Web page addresses usually begin with the letters “http,” which signifies a form of 
(a) digital signal processing. 

(b) protocol. 

(c) modem configuration. 

(d) color rendition. 

A telephone modem contains 

(a) an internal CR-R or CD-RW drive. 

(b) a microprocessor. 

(c) an A/D converter. 


(d) an image resolver. 
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15. An advantage of a flatbed scanner over a feedthrough scanner is the fact that 
(a) a flatbed scanner can be combined with a fax machine, but a feedthrough scanner cannot. 


(b) a flatbed scanner can be used to scan magazines or books intact, but a feedthrough 
scanner cannot. 


(c) a flatbed scanner can reproduce color drawings and photographs, but a feedthrough 
scanner cannot. 


(d) a flatbed scanner takes up less desktop space than a feedthrough scanner. 
16. Which of the following types of external storage provide the fastest access time, provided no 
software conflicts occur? 

(a) A magnetic tape drive 

(b) A CD-R or CD-RW drive 

(c) A flash memory module 


(d) An external hard drive 


17. Which of the following is a serial-access medium? 
(a) Magnetic tape 
(b) A diskette 
(c) A hard drive 
(d) A CD-R or CD-RW 


18. Which of the following character strings represents the proper format for an e-mail address? 
(a) http://www.sciencewriter.net 
(b) www.mcgraw-hill.com 
(c) blackhills.com 
(d) None of the above 
19. Which of the following devices is best suited for animated graphics work involving fast 
motion, such as high-end gaming? 
(a) A laser printer 
(b) An external hard drive or flash memory module 
(c) Hypertext transfer protocol 
(d) A display that does not use interlacing 


20. A thermal printer might be an ideal choice for 
(a) a salesperson who is on the road. 
(b) someone working with animated graphics. 
(c) an author who needs to print a huge text document. 


(d) a photographer who needs top-quality color printouts. 
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CHAPTER 


Monitoring, Robotics, and 
Artificial Intelligence 


ELECTRONIC AND COMPUTER SYSTEMS FIND APPLICATIONS IN MANY SCIENTIFIC AND TECHNOLOGICAL 
fields. Increasingly, devices and systems formerly known only to geeks and techies are becoming 
commonplace in the consumer and hobby market. 


Keeping Watch 


Most monitoring systems consist of radio transmitters and receivers. Some systems employ lasers at 
IR or visible wavelengths. A few employ wire or cable links. Some have mechanical hardware, such 
as robots, that are controlled by the signals reaching the receiver. Here are a few specific examples of 
monitoring systems. 


Baby Monitor 


A short-range AM or FM radio transmitter and receiver can be used to listen at a distance to the 
sounds in an infant’s room. The transmitter contains a sensitive microphone, a whip antenna, and 
a power supply. The receiver is battery-powered and portable. It has a short antenna, similar to the 
antennas on cordless telephone sets. The receiver can pick up signals from the transmitter at dis- 
tances of up to about 50 m (165 ft). The signals pass easily through the walls, ceilings, and floors in 
frame houses. 

A so-called baby monitor is subject to interference from other units that might be operating 
nearby on the same channel. Some baby monitors have multiple, selectable channels to help com- 
bat this problem. If interference occurs, the channel can be changed. Communications privacy and 
security are not a concern. 


Smoke Detector 


Smoke and fire change the characteristics of the atmosphere. Smoke consists of solid particles, and 
fire burns away oxygen and produces other gases such as carbon dioxide, carbon monoxide, and sul- 
fur dioxide. These changes can be sensed, and alarms set off if the changes exceed certain limits. 
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A smoke detector senses changes in two characteristics of the air: the dielectric constant (an ex- 
pression of the extent to which pollutants increase the capacitance of the air) and the ionization 
potential (an expression of the extent to which pollutants change the voltage necessary to produce 
a spark that jumps through the air). Smoke and fire almost always affect one or both of these 
parameters. 

Figure 34-1 is a functional diagram of a smoke detector that operates by sensing changes in the 
dielectric constant of the air. Two electrically charged plates are positioned a small distance apart. 
The plates, and the air between them, form a capacitor. A source of dc is connected to the plates. 
Normally, the plates retain a constant charge, and the current in the circuit is zero. If the dielectric 
constant of the air increases, the capacitance changes, causing a small, momentary electric current 
to flow. This current can be detected, and the resulting signal sets off an alarm. The signal can also 
actuate a robotic system, such as a group of water sprinklers. 


Quality Control 


Lasers are useful in industrial monitoring and control applications. An example is the quality con- 
trol (QC) checking of bottles for height as they move along an assembly line. A laser/robot combi- 
nation can find and remove bottles that are not of the correct height. The principle is shown in Fig. 
34-2. If a bottle is too short, both laser beams reach the photodetectors. If a bottle is too tall, nei- 
ther laser beam reaches the photodetectors. In either of these situations, a robot arm, equipped with 
a gripper, picks the faulty bottle off the line and discards it. Only when a bottle is within a narrow 
range of heights (the acceptable range) does the top laser reach its photodetector while the bottom 
laser is blocked. Then the bottle is allowed to pass. 

Of course, proper operation of the QC machine shown in Fig. 34-2 depends on the reliability 
of the lasers and photodetectors. If, for example, the lower laser burns out and there is no way for 
the system operator to know about it, the machine will pass all bottles, whether or not they are of 
the correct height. 


Battery 
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34-1 Simplified functional diagram of a smoke detector. 
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34-2 A method of quality control (QC) for manufactured items. 


Tracking People 


Suppose that a person is sentenced to house arrest. Compliance can be monitored by having the per- 
son carry a conventional beeper (pager). A police or probation officer can page the person at ran- 
dom times; the person must then call the officer within a couple of minutes. The call can be traced, 
and the location of the telephone verified. This is a simple method of electronically tracking the 
whereabouts of a person. 

A more secure method of ascertaining that a person is at a certain place, at a certain time, is 
by means of a short-range radio transmitter and receiver. The person wears the transmitting unit. 
Tamper-proof receiving units are placed at the convicts home, in the car, and at the place of work. 
The transmitter range is similar to that of a baby monitor. Receiver signals are sent to a central mon- 
itoring point. The signals are encoded so the monitoring personnel (or computers) know whether 
the person is at home, in the car, or at work. Any deviation from normal patterns can be detected. 

Radiolocation provides another way to keep track of people. A transponder can be carried or 
worn by the person to be tracked; continuous signals can be sent to the unit asking for a position 
fix, and the unit can respond through a wireless network such as the cellular telephone system. 


Electronic Bug 


An electronic bug consists of a tiny radio transmitter that can be hidden in a room, placed in a shirt 
pocket, or planted in a car. The antenna is a length of thin, almost invisible wire. A receiver can be 
located nearby. The device operates at a low RF power level (on the order of a few milliwatts) to con- 
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serve battery energy. If the transmitter is near a wireless repeater that connects into a larger system, 
eavesdropping can be done anywhere within the coverage of the wireless system. With the advent of 
low-earth-orbit (LEO) satellite systems, it is theoretically possible to bug a room on the other side 
of the world. 

Wireless electronic bugs can be detected by means of a device called an RF field-strength meter. 
This instrument consists of a microammeter connected to a short whip antenna through a semicon- 
ductor diode. The diode rectifies the RF signal, producing dc that shows up as an indication on the 
meter. When the meter is close to the bug, the current rises. When the bug is within a few centime- 
ters of the meter, the needle may go to full-scale. 

The presence of RF fields in your house does not necessarily mean you are being bugged. Many 
appliances and electronic devices produce RF fields, including computers, radio-operated remote- 
control units, cell phones, cordless phone sets, and certain medical devices. Even radio receivers and 
TYV sets emit some RF energy. 


Electric Eye 


The simplest device for detecting an unwanted visitor is an electric eye. Narrow beams of IR or visi- 
ble light are shone across all reasonable points of entry, such as doorways and window openings. A 
photodetector receives energy from each beam. If, for any reason, the photodetector stops receiving 
its assigned beam, an alarm is actuated. A person breaking into a property cannot avoid interrupt- 
ing at least one beam if every possible point of entry has a large enough number of electric eyes 
spaced at suitable intervals. 


IR Motion Detector 


A common intrusion alarm device employs an ZR motion detector. Two or three wide-angle IR pulses 
are transmitted at regular intervals; these pulses cover most of the room in which the device is in- 
stalled. A receiving transducer picks up the returned IR energy, normally reflected from the walls, 
floor, ceiling, and furniture. The intensity of the received pulses is noted by a microprocessor. If any- 
thing in the room changes position, there is a change in the intensity of the received energy. The mi- 
croprocessor detects this change and triggers an alarm (Fig. 34-3). This type of device consumes very 
little power in regular operation, so batteries can serve as the power source. 


Radiant Heat Detector 


Certain devices can detect changes in the indoor environment by directly sensing the IR energy 
(often called radiant heat) emanating from objects. Humans, and all warm-blooded animals, emit 
IR. So does fire. A simple IR sensor, in conjunction with a microprocessor, can detect rapid or large 
increases in the amount of radiant heat in a room. The time threshold can be set so that gradual or 
small changes will not trigger the alarm, while significant changes, such as are caused by a person 
entering the room, will trigger it. The temperature-change threshold can be set so that a small ani- 
mal will not actuate the alarm, while a full-grown person will. This type of device, like the IR mo- 
tion detector, can operate from batteries. 

The main limitation of radiant-heat detectors is the fact that they can be fooled. False alarms are 
a risk. The sun, coming out on an overcast day, might suddenly shine directly on the sensor and trig- 
ger the alarm. It is also possible that a person clad in a winter jacket, thermal pants, insulated boots, 
hood, and face mask, entering from a cold outdoor environment, will fail to set off the alarm. For this 
reason, radiant-heat sensors are used more often as fire-alarm actuators than as intrusion detectors. 
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34-3 An IR motion detector. 


Ultrasonic Motion Detector 


Motion in a room can be detected by sensing the changes in the relative phase of acoustic waves. An 
ultrasonic motion detector employs a set of transducers that emit acoustic waves at frequencies above 
the range of human hearing (higher than 20 kHz). Another set of transducers picks up the reflected 
acoustic waves, whose wavelength is on the order of a few millimeters. If anything in the room 
changes position, the relative phase of the waves, as received by the various acoustic pickups, will 
change. This data is sent to a microprocessor, which can trigger an alarm and/or notify the police. 


Robot Generations and Laws 


Some researchers have analyzed the evolution of robots, marking progress according to so-called 
robot generations. One of the first engineers to make formal mention of robot generations was the 
Japanese engineer Eiji Nakano. 


First Generation 


According to Nakano, a first-generation robot is a simple mechanical arm. Such machines have the 
ability to make precise motions at high speed, many times, for a long time. They have found wide- 
spread industrial application and have been in existence since the middle of the twentieth century. 
These are the fast-moving systems that install rivets and screws in assembly lines, that solder con- 
nections on printed circuits, and that, in general, have taken over tedious, mind-numbing chores 
that would otherwise have to be done by humans. 

First-generation robots can work in groups if their actions are synchronized. The operation of 
these machines must be constantly watched, because if they get out of alignment and are allowed to 
keep operating anyway, the result can be a series of bad production units. 
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Second Generation 


A second-generation robot has some level of artificial intelligence (AD), also called machine intelligence. 
Such a machine is equipped with various sensors that keep 1t informed about goings-on in the work 
environment. A computer called a robot controller processes the data from the sensors and adjusts the 
operation of the robot accordingly. The earliest second-generation robots came into common use 
around 1980. 

Second-generation robots can stay synchronized with each other, without having to be overseen 
constantly by a human operator. Periodic checking is needed, however, because things can always go 
wrong. In fact, as a system becomes more complex, the number of ways in which it can malfunction 
increases. This is why human beings will never find themselves out of work because of robots. Some- 
one has to make sure the robots keep working properly! 


Third Generation 


Nakano gave mention to third-generation robots, but in the years since the publication of his origi- 
nal paper, some things have changed. Two major avenues are developing for advanced robot tech- 
nology. These are the autonomous robot and the insect robot. An autonomous robot is a single 
machine that works on its own. It contains a controller and can do things largely without supervi- 
sion, either by an outside computer or by a human being. A good example of this type of third- 
generation robot is the personal robot about which technophiles dream. An insect robot is one of a 
set of several (or many) identical units that act together to perform a specific task. 


Fourth Generation and Beyond 


Nakano did not write about anything past the third generation of robots. But we might mention a 
fourth-generation robot: a machine of a sort yet to be deployed. An example is a fleet or population 
of robots that can reproduce themselves, and perhaps even a system that can evolve to meet chang- 
ing conditions in its work environment. Past that, we might say that a fifth-generation robot is some- 
thing humans haven't even imagined yet. 


Asimov’s Three Laws 


In one of his early science-fiction stories, the famous author Isaac Asimov first mentioned the word 
robotics, along with three fundamental rules that, in his opinion, all robots ought to obey. These 
rules were first coined in the 1940s, but Asimovs three laws of robotics are still considered valid today: 


e First law: A robot must not injure, or allow the injury of, any human being. 

e Second law: A robot must obey all orders from humans, except orders that would contradict 
the first law. 

e Third law: A robot must protect itself, except when to do so would contradict the first law 
or the second law. 


Robot Arms 


A robot arm, in conjunction with an end effector (hand, gripper, or tool), is called a manipulator. 
Some robots, especially industrial robots, are nothing more than sophisticated manipulators. A 
robot arm can be categorized according to its geometry. Some manipulators resemble human arms. 
The joints in these machines can be given names like “shoulder,” “elbow,” and “wrist.” Other ma- 
nipulators are so much different from human arms that these names dont make sense. 


Robot Arms 593 


Degrees of Freedom 


The term degrees of freedom refers to the number of different ways in which a robot manipulator can 
move. Most manipulators move in three dimensions, but often they have more than three degrees 
of freedom. 

You can use your own arm to get an idea of the degrees of freedom that a robot arm might have. 
Extend your right arm straight out toward the horizon. Extend your index finger so it is pointing. 
Keep your arm straight, and move it from the shoulder. You can move your shoulder joint in three 
ways. Up-and-down movement is called pitch. Movement to the right and left is called yaw. You can 
rotate your whole arm from the shoulder (albeit to a limited extent); this motion is called roll. Your 
shoulder therefore has three degrees of freedom: pitch, yaw, and roll. 

Now move your arm from the elbow only. Holding your shoulder in the same position con- 
stantly, you will see that your elbow joint has the equivalent of pitch in your shoulder joint. But that 
is all. Your elbow, therefore, has one degree of freedom. 

Extend your arm toward the horizon again. Now move only your arm below the elbow. Your 
forearm and wrist can bend up and down, side to side, and it can also twist. Your lower arm has 
three degrees of freedom. 


34-4 An example of 
degrees of rotation in 
articulated geometry. 
Angles X, Y, and Z 
are measured relative 


to axes j}, J, and Ja, 


respectively. 


X+Y+ Z= 165° 
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In total, your arm has seven degrees of freedom: three in the shoulder, one in the elbow, and 
three in the arm below the elbow. 

It is tempting to suppose that a robot should never need more than three degrees of freedom, 
because, after all, space has only three dimensions. But the extra possible motions, provided by mul- 
tiple joints, give a robot arm (and a human arm) versatility that it could not have with only three 
degrees of freedom. 


Degrees of Rotation 


The term degrees of rotation refers to the extent to which a robot joint, or a set of robot joints, can 
turn clockwise or counterclockwise with respect to a prescribed linear axis. Some reference point 
is always used, and the angles are given in degrees with respect to that joint. Rotation in one di- 
rection (usually clockwise) is represented by positive angles; rotation in the opposite direction is 
specified by negative angles. Thus, for example, if angle X= 58°, it refers to a rotation of 58° 
clockwise with respect to the reference axis. If angle Y= —74°, it refers to a rotation of 74° coun- 
terclockwise. 

Figure 34-4 shows a robot arm with three joints. The reference axes are J1, J2, and J; for rotation 
angles X, Y, and Z, respectively. The individual angles add together. To move this robot arm to a cer- 
tain position within its work envelope (the region in space that the arm can reach and actually ma- 
nipulate things), the operator enters data into a computer. This data includes the measures of angles 


X, Y, and Z. The operator has specified X= 39°, Y= 75°, and Z=51°. 


Telescoping arm 


34-5 Cartesian coordinate 
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dimensions. 
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Sliding movement 


drawing. 

Answers 

A. The AC signal is rectified. 

B. See Figure 11.12 . This type of circuit 
(called a half-wave rectifier ) produces an 
output waveform containing either the positive 
or negative portion of the input waveform. 
Figure 11.12 


5v $ 


10 Figure 11.13 shows the waveforms at 
each end of a center-tap transformer 
secondary coil. Diode D 1 rectifies the 


waveform shown at point A, and diode D 2 
rectifies the waveform shown at point B. 
Figure 11.13 


Questions 
A. Which diode conducts during the first half 
of the cycle? 


B. Which diode conducts during the second 
half of the cycle? 


C. Draw the input waveforms (points A and 
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Articulated Geometry 


The word articulated means “broken into sections by joints.” A robot arm with articulated geometry 
bears some resemblance to the arm of a human. The versatility is defined in terms of the number of 
degrees of freedom. For example, an arm might have three degrees of freedom: base rotation (the 
equivalent of azimuth), elevation angle, and reach (the equivalent of radius). If you're a mathemati- 
cian, you might recognize this as a system of spherical coordinates. There are several different articu- 
lated geometries for any given number of degrees of freedom. Figure 34-4 is a simplified drawing of 
a robot arm that uses articulated geometry. 


Cartesian Coordinate Geometry 


Another mode of robot arm movement is known as Cartesian coordinate geometry or rectangular co- 
ordinate geometry. This term comes from the Cartesian coordinate system often used for graphing 
mathematical functions. The axes are always perpendicular to each other. Variables are assigned the 
letters x and y in a two-dimensional Cartesian plane, or x, y, and z in Cartesian three-space. The di- 
mensions are called reach for the x variable, elevation for the y variable, and depth for the z variable. 
Figure 34-5 is a simplified rendition of a robot arm capable of moving in two dimensions using 
Cartesian coordinate geometry. 


Telescoping arm 


34-6 Cylindrical coordinate 


geometry in three 


Elevation 


dimensions. 
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plane 
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Cylindrical Coordinate Geometry 


A robot arm can be guided by means of a two-dimensional navigators polar coordinate system with 
an elevation dimension added (Fig. 34-6). This is known as cylindrical coordinate geometry. In this 
system, a reference plane is used. An origin point is chosen in this plane. A reference axis is defined, 
running away from the origin in the reference plane. In the reference plane, the position of any 
point can be specified in terms of reach x, elevation y, and rotation z. The rotation is defined as the 
angle that the reach arm subtends relative to the reference axis. In this example, it is in the clockwise 
sense. Note that this is just like the situation for two-dimensional Cartesian coordinate geometry 
shown in Fig. 34-5, except that the sliding movement is also capable of rotation. 

The rotation angle z can range from 0° to 360° clockwise from the reference axis. In some sys- 
tems, the range is specified as 0° to +180° (up to a half circle clockwise from the reference axis), and 
0° to —180° (up to a half circle counterclockwise from the reference axis). 


Revolute Geometry 


A robot arm capable of moving in three dimensions using revolute geometry is shown in Fig. 34-7. 
The whole arm can rotate through a full circle (360°) at the base point, or shoulder. There is also an 
elevation joint at the base that can move the arm through 90°, from horizontal to vertical. A joint 
in the middle of the robot arm, at the e/bow, moves through 180°, from a straight position to dou- 


Elbow 


34-7 Revolute geometry in 
Shoulders three dimensions. 


Base 
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bled back on itself. There might be, but is not always, a wrist joint that can flex like the elbow and/or 
twist around and around. 

A 90° elevation revolute robot arm can reach any point within a half sphere. The radius of the 
half sphere is the length of the arm when its elbow and wrist (if any) are straightened out. A 180° 
elevation revolute arm can be designed that will reach any point within a fully defined sphere, with 
the exception of the small obstructed region around the base. 


Robot Hearing and Vision 


Machine hearing involves detection of acoustic waves, along with amplification and analysis of the 
resulting audio signals. Machine vision involves the interception of visible, infrared (IR), or ultravi- 
olet (UV) radiation, and translating this energy into electronic images. Machine hearing and vision 
can allow robots to locate, and in some cases classify or identify, objects in the environment. 


Binaural Hearing 


Even with your eyes closed, you can usually tell from which direction a sound is coming. This is be- 
cause you have binaural hearing. Sound arrives at your left ear with a different intensity, and in a dif- 
ferent phase, than it arrives at your right ear. Your brain processes this information, allowing you to 
locate the source of the sound, with certain limitations. If you are confused, you can turn your head 
until the direction becomes apparent. 

Robots can be equipped with binaural hearing. Two acoustic transducers are positioned, one on 
either side of the robots head. A microprocessor compares the relative phase and intensity of signals 
from the two transducers. This lets the robot determine, within certain limitations, the direction 
from which sound is coming. If the robot is confused, it can turn until the confusion is eliminated 
and a meaningful bearing is obtained. If the robot can move around and take bearings from more 
than one position, a more accurate determination of the source location is possible if the source is 
not too far away. 


Visible-Light Vision 

A visible-light robotic vision system must have a device for receiving incoming images. This is usu- 
ally a charge coupled device (CCD) video camera, similar to the type used in home video cameras. 
The camera receives an analog video signal. This is processed into digital form by an ADC. The dig- 
ital signal is clarified by means of DSP. The resulting data goes to the robot controller. 

The moving image, received from the camera and processed by the circuitry, contains an enor- 
mous amount of information. It’s easy to present a robot controller with a detailed and meaningful 
moving image. But getting the robot controller to know whats happening, and to determine 
whether or not these events are significant, is another problem altogether. 


Optical Sensitivity and Resolution 


Optical sensitivity is the ability of a machine vision system to see in dim light or to detect weak im- 
pulses at invisible wavelengths. In some environments, high optical sensitivity is necessary. In oth- 
ers, it is not needed and might not be wanted. A robot that works in bright sunlight doesnt need to 
be able to see well in a dark cave. A robot designed for working in mines, pipes, or caverns must be 
able to see in dim light, using a system that might be blinded by ordinary daylight. 
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Optical resolution is the extent to which a machine vision system can differentiate between ob- 
jects that are close together in the field of vision. The better the optical resolution, the keener the vi- 
sion. Human eyes have excellent optical resolution, but machines can be designed to have superior 
resolution. 

In general, the better the optical resolution, the more confined the field of vision must be. To 
understand why this is true, think of a telescope. The higher the magnification, the better its opti- 
cal resolution will be, up to a certain maximum useful magnification. Increasing the magnification 
reduces the angle, or field, of vision. Zeroing in on one object or zone is done at the expense of other 
objects or zones. 

Optical sensitivity and resolution are interdependent. If all other factors remain constant, im- 
proved sensitivity causes a sacrifice in resolution. Also, the better the optical resolution, the more 
incident light it requires to function well. In this case, a good analogy is camera film (the old- 
fashioned kind). The fastest films require more light than slow ones. The corollary to this is the fact 
that if you want excellent detail in a photograph, you will have to expose the film for a compara- 
tively long period of time. 


Invisible and Passive Vision 


Robots have an advantage over people when it comes to vision. Machines can see at wavelengths to 
which humans are blind. 

Human eyes are sensitive to EM waves whose length ranges from 390 to 750 nanometers (nm). 
The nanometer is a thousand-millionth (10°) of a meter. The longest visible wavelengths look red. 
As the wavelength gets shorter, the color changes through orange, yellow, green, blue, and indigo. 
The shortest waves look violet. Infrared (IR) energy is at wavelengths somewhat longer than 750 
nm. Ultraviolet (UV) energy is at wavelengths somewhat shorter than 390 nm. 

Machines, and most nonhuman living species, can see energy in a range of wavelengths that dif- 
fers somewhat from the range of wavelengths to which human eyes respond. For example, insects 
can see UV that humans cannot, but insects are blind to red and orange light that humans can see. 
(Have you used orange bug lights when camping to keep the flying pests from coming around at 
night, or those UV devices that attract bugs and then zap them?) 

A robot can be designed to see IR and/or UV, as well as (or instead of) visible light, because 
video cameras can be sensitive to a range of wavelengths much wider than the range humans can see. 
Robots can be made to see in an environment that is dark and cold, and that radiates too little en- 
ergy to be detected at any electromagnetic wavelength. In these cases the robot provides its own il- 
lumination. This can be a simple lamp, a laser, an IR device, or a UV device. Radar and sonar can 
also be used. 


Binocular Vision 


Binocular machine vision is the analog of binocular human vision. It is sometimes called stereo vision 
or stereoscopic vision. In humans, binocular vision allows perception of depth. With only one eye— 
that is, with monocular vision—you can infer depth only to a limited extent, and that perception is 
entirely dependent on your knowledge of the environment or scene you are observing. Almost 
everyone has had the experience of being fooled when looking at a scene with one eye covered or 
blocked. A nearby pole and a distant tower might seem to be adjacent, when in fact they are a city 
block apart. 

Figure 34-8 shows the basic concept of binocular robot vision. High-resolution video cameras, 
and a sufficiently powerful robot controller, are essential components of such a system. 
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Color Sensing 


Robot vision systems often function only in grayscale, like old-fashioned 1950s television. But color 
sensing can be added, in a manner similar to the way it is added to television systems. Color sens- 
ing can help a robot with AI figure out what an object is. Is that horizontal surface a parking lot, or 
is it a grassy yard? Sometimes, objects have regions of different colors that have identical brightness 
as seen by a grayscale system. Such objects, obviously, can be evaluated in more detail with a color- 
sensing system than with a vision system that sees only shades of gray. 

In a typical color-sensing vision system, three grayscale cameras are used. Each camera has a 
color filter in its lens. One filter passes red light, another passes green light, and another passes blue 
light. These are the three primary colors. All possible hues, levels of brightness, and levels of satura- 
tion are made up of these three colors in various ratios. The signals from the three cameras are 
processed by a microcomputer, and the result is fed to the robot controller. 


The Eye-in-Hand System 


In order to assist a robot gripper (hand) in finding its way, a camera can be placed in the mechanism. 
The camera must be equipped for work at close range, from about 1 m down to 1 mm or less. The 
positioning error must be kept as small as possible. To be sure that the camera gets a good image, 
lamps are included in the gripper along with the camera (Fig. 34-9). This so-called eye-in-hand sys- 
tem can be used to precisely measure the distance between the gripper and the object it is seeking. 
It can also make positive identification of the object. 

The eye-in-hand system takes advantage of the properties of a servo. The robot is equipped 
with, or has access to, a computer that processes the data from the camera and sends instructions 
back to the gripper. Most eye-in-hand systems use visible light for guidance and manipulation. In- 
frared (IR) can be used when it is necessary for the robot gripper to sense differences in temperature. 


The Flying Eyeball 


In environments hostile to humans, robots find many uses, from manufacturing to exploration. 
One such device, especially useful underwater, has been called a flying eyeball. A cable, containing 
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the robot in a special launcher housing, is dropped from a boat. When the launcher gets to the de- 
sired depth, it lets out the robot, which is connected to the launcher by a tether. The tether and the 
drop cable convey data back to the boat. 

In some cases, the tether for a flying eyeball can be eliminated, and a wireless link can be used 
to convey data from the robot to the launcher. The link is usually in the IR or visible red portion of 
the spectrum. The robot contains a video camera and one or more lamps to illuminate the under- 
water environment. It also has a set of thrusters (jets or propellers) that let it move around accord- 
ing to control commands sent from the boat. Human operators on board the boat watch the images 
and guide the robot. 


Robot Navigation 


Mobile robots must get around in their environment without wasting motion, without running into 
things, and without tipping over or falling down a flight of stairs. The nature of a robot navigation sys- 
tem depends on the size of the work area, the type of robot used, and the sorts of tasks the robot is re- 
quired to perform. In this section, we'll look at four common methods of robot navigation. 


Clinometer 


A clinometer is a device for measuring the steepness of a sloping surface. Mobile robots use clinome- 
ters to avoid inclines that might cause them to tip over or that are too steep for them to ascend while 
carrying a load. 

The floor in a building is almost always horizontal. Thus, its incline is zero. But sometimes there 
are inclines such as ramps. A good example is the kind of ramp used for wheelchairs, in which a very 
small elevation change occurs. A rolling robot cannot climb stairs, but it can use a wheelchair ramp, 
provided the ramp is not so steep that it would upset the robot's balance or cause it to lose its payload. 

In a clinometer, a transducer produces an electrical signal whenever the device is tipped from 
the horizontal. The greater the angle of incline, the greater the electrical output, as shown in the 
graph of Fig. 34-10A. A clinometer might also show whether an incline goes down or up. A down- 
ward slope might cause a negative voltage at the transducer output, and an upward slope a positive 


voltage, as shown in the graph at Fig. 34-10B. 
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Edge Detection 


The term edge detection refers to the ability of a robot vision system to locate boundaries. It also 
refers to the robots knowledge of what to do with respect to those boundaries. A robot car, bus, 
or truck can use edge detection to see the edges of a road and use the data to keep itself on the 
road. But it must stay a certain distance from the right-hand edge of the pavement to avoid cross- 
ing into the lane of oncoming traffic (Fig. 34-11). It also must stay off the road shoulder. It must 
be able to tell the difference between pavement and other surfaces, such as gravel, grass, sand, and 
snow. 

The interior of a home or business contains straight-line edge boundaries of all kinds, and each 
boundary represents a potential point of reference for a mobile robot’s edge detection system. The 
controller in a personal home robot must be programmed to know the difference between, say, the 
line where carpet ends and tile begins, and the line where a flight of stairs begins. The vertical line 
produced by the intersection of two walls would present a different situation than the vertical line 
produced by the edge of a doorway, even though they might appear identical. Thus, edge detection 
cannot function very well without a certain amount of Al in the robot controller. 


Embedded Path 


An embedded path is a means of guiding a robot along a specific route. This scheme is commonly 
used by a mobile robot called an automated guided vehicle (AGV). A common embedded path con- 
sists of a buried, current-carrying wire. The current in the wire produces a magnetic field that the 
robot can follow. This method of guidance has been suggested as a way to keep a car on a highway, 
even if the driver isn’t paying attention. The wire needs a constant supply of electricity for this guid- 
ance method to work. If this current is interrupted for any reason, the robot will lose its way unless 
some backup navigation method (or human control) is substituted. 

Alternatives to wires, such as colored or reflective paints or tapes, do not need a supply of power, 
and this gives them an advantage. Tape is easy to remove and put somewhere else; this is difficult to 
do with paint and practically impossible with wires embedded in concrete. However, tape is ob- 
scured by snowfall; and at night, glare from oncoming headlights might be confused for reflections 
from the tape. 
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Range Sensing and Plotting 


Range sensing is the measurement of distances to objects in a robot's environment in a single dimen- 
sion. Range plotting is the creation of a graph of the distance (range) to objects, as a function of the 
direction in two or three dimensions. 

In linear or one-dimensional (1D) range sensing, a signal is sent out, and the robot measures 
the time it takes for the echo to come back. This signal can be sound, in which case the device is 
sonar. Or it can be a radio wave; this constitutes radar. Laser beams can also be used. Close-range, 
one-dimensional range sensing is known as proximity sensing. 

Two-dimensional (2D) range plotting involves mapping the distance to various objects, as a 
function of direction in a geometric plane. The echo return time for a sonar signal, for example, 
might be measured every few degrees around a complete circle in the horizontal plane, resulting 
in a set of range points. A better plot would be obtained if the range were plotted every degree, 
every tenth of a degree, or even every hundredth of a degree. But no matter how detailed the di- 
rection resolution, a 2D range plot is done in only one plane, such as the floor level in a room, or 
some horizontal plane above the floor. The greater the number of echo samples in a complete cir- 
cle (that is, the smaller the angle between samples), the more detail can be resolved at a given dis- 
tance from the robot, and the greater the distance at which a given amount of detail can be 
resolved. 

Three-dimensional (3D) range plotting is done in spherical coordinates: azimuth (compass 
bearing), elevation (degrees above the horizontal), and range (distance). The distance must be mea- 
sured for a large number of diverse orientations. In a furnished room, a 3D sonar range plot would 
show ceiling fixtures, things on the floor, objects on top of a desk, and other details not visible with 
a 2D plot. The greater the number of echo samples in a complete sphere surrounding the robot, the 
more detail can be resolved at a given distance, and the greater the range at which a given amount 
of detail can be resolved. 
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Telepresence 


Telepresence is a refined, advanced form of robot remote control. The robot operator gets a sense 
of being “on location,” even if the remotely controlled machine, or telechir, and the operator are 
miles apart. Control and feedback are done by means of telemetry sent over wires, optical fibers, 
or radio. 


What It’s Like 


Here is an example of a telepresence scenario. The robot is autonomous and has a humanoid form. 
The control station consists of a suit that you wear or a chair in which you sit with various manip- 
ulators and displays. Sensors can give you feelings of pressure, sight, and sound. You wear a helmet 
with a viewing screen that shows whatever the robot camera sees. When your head turns, the robot 
head, with its vision system, follows, so you see an image that changes as you turn your head, as if 
you were in a space suit or diving suit at the location of the robot. Binocular machine vision pro- 
vides a sense of depth. Binaural machine hearing allows you to perceive sounds. Special vision 
modes let you see UV or IR; special hearing modes let you hear ultrasound or infrasound. 

A telechir can be propelled by means of a track drive (similar to those used by military tanks), a 
wheel drive, or robot legs. If the propulsion uses legs, you propel the telechir by literally walking 
around a room in your telepresence suit! In the case of track drive or wheel drive, you sit in a chair 
and drive the robot like a tank or a car. The telechir, which is a form of android, has two arms, each 
with grippers resembling human hands. When you want to pick something up, you go through the 
normal motions with your own hands. Back-pressure sensors and position sensors let you feel (to a 
limited extent) what's going on. If an object masses 1 kg, it feels as if it masses 1 kg because of re- 
sistance provided by the back-pressure sensors. But it will be as if you're wearing thick gloves; you 
wont be able to feel texture. You might throw a switch, and something that masses 10 kg feels as if 
it masses only 1 kg. This might be called “strength x 10” mode. If you switch to “strength x 100” 
mode, a 100-kg object seems to mass only 1 kg. 


Functional Description 


Figure 34-12 is a simplified diagram of a robot telepresence system using an android and a wireless 
control link. 

At the control end of the system (where the human operator is), electromechanical transducers 
convert the human operators movements into electrical signals. The modem converts these signals 
into analog form. The analog signals modulate the RF produced by the transceiver, which in turn 
transmits commands by wireless to the telechir end of the system. Radio signals from the telechir ar- 
rive at the operator-end transceiver. These signals are converted into analog impulses, and are trans- 
lated by the modem into electrical signals that power transducers, giving the operator a sense of 
what is going on. 

At the telechir end of the system, the transceiver receives control signals from the human oper- 
ator. These signals are translated by the modem into impulses that drive electromechanical trans- 
ducers, propelling or manipulating the telechir. Data obtained by the telechir, such as its visual sense 
of position, environmental sounds, or the apparent mass of a lifted object, are converted by the 
modem into electrical signals. These signals modulate the RF energy produced by the transceiver. 
Signals are thus sent back to the operator end by wireless. 
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Applications 


Here are a few potential applications for a telepresence system using a human operator and an an- 


droid: 


e Working in extreme heat or cold 

e Working under high pressure, such as on the sea floor 
° Working in a vacuum, such as in space 

e Working where there is dangerous radiation 

e Disarming bombs 

e Handling toxic substances 

e Serving in high-risk police or military situations 


Of course, the robot must be able to survive conditions at its location. Also, it must have some way 
to recover if it falls or gets knocked over. 


Limitations 


The technology for telepresence has existed for some time. But certain logistical problems have al- 
ways bedeviled engineers committed to developing such systems. 

The most serious limitation is the fact that telemetry cannot, and never will, travel faster than 
the speed of light in free space. This is not a problem over short-range links (a few hundred kilome- 
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Answers 

A. During the first half of the cycle, D1 is 
forward- biased and conducts current. D2 iS 
reverse- biased and does not conduct current. 


B. During the second half of the cycle, D 2 is 


forward-biased and conducts current. D 1 Is 
reversed- biased and does not conduct 
Current. 


C. See Figure 11.14 . 
Figure 11.14 
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ters or less), but it is slow in outer space, and nigh impractical in interplanetary operations. The 
moon is approximately 1.3 light-seconds away from the earth; that means that any command sent 
to a telechir from the earth to the moon takes 1.3 s to get there, and any data from the telechir takes 
another 1.3 s to get back. For planets in the solar system, the delay is on the order of several min- 
utes to several hours. On an interstellar scale, telepresence is out of the question. The nearest stars 
are at distances of several light-years. 

Another problem is the resolution of the robot’s vision. A human being with good eyesight can 
see things in considerable detail. To send images in real-life detail, at reasonable speed, requires a sig- 
nal with broad bandwidth. There are engineering problems (and cost problems) that go along with 
this. However, if one is willing to deal with the cost and accommodate the signal bandwidth, robot 
vision systems can be designed that offer optical resolution superior to human eyesight. 

Still another limitation is best put as a question: How will a robot be able to feel something and 
transmit these impulses to the human brain? For example, an apple feels smooth, a peach feels fuzzy, 
and an orange feels shiny yet bumpy. How can this sense of texture be realistically transmitted to the 
human brain? 


The Mind ot the Machine 


A simple electronic calculator doesn’t have AI. But a machine that can learn from its mistakes, or 
that can show reasoning power, does. Between these extremes, there is no precise dividing line. As 
computers become more powerful, people tend to set higher standards for what they call AI. Things 
that were once thought of as AI are now ordinary. Things that seem fantastic now will someday be 
humdrum. There is a tongue-in-cheek axiom: We can call “computer intelligence” true AI only as 
long as it remains a little bit mysterious. 


Robotics and AI 


Robotics and AI complement each other. Scientists have dreamed for more than a century about 
building smart androids: robots that look like people, act like people, and can even reason like peo- 
ple. Androids exist, but they aren't very smart. Powerful computers exist, but they lack mobility. 

If a machine has the ability to move around under its own power, to lift things, and to move 
things, it seems reasonable that it should do so with some degree of intelligence if it is to accomplish 
anything worthwhile. Conversely, if a computer is to manipulate anything, it must be able to cause 
a machine to do physical work according to a precise program. 


Expert Systems 


The term expert systems refers to a method of reasoning in AI. Sometimes this scheme is called the 
rule-based system. Expert systems are used in the control of smart robots. 

The heart of an expert system is a set of facts and rules. In the case of a robotic system, the facts 
consist of data about the robot’s work environment, such as a factory, an office, or a kitchen. The 
rules are statements of the logical form “If X, then Y,” similar to many of the statements in high- 
level programming languages. An inference engine decides which logical rules should be applied in 
various situations and instructs the robot to carry out certain tasks. But the operation of the system 
can only be as sophisticated as the data supplied by human programmers. 

Expert systems can be used in computers to help people do research, make decisions, and 
make forecasts. A good example is a program that assists a physician in making a diagnosis. The 
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computer asks questions and arrives at a conclusion based on the answers given by the patient and 
doctor. 

One of the biggest advantages of expert systems is the fact that reprogramming is easy. As the 
environment changes, the robot can be taught new rules, and supplied with new facts. 


How Smart a Machine? 


Experts in the field of AI have been disappointed in the past few decades. Computers have been de- 
signed that can handle tasks no human could ever contend with, such as navigating a space probe. 
Machines have been built that can play board games well enough to compete with human masters. 
Modern machines can understand, as well as synthesize, much of any spoken language. But these 
abilities, by themselves, dont count for much in the dreams of scientists who hope to create artifi- 
cial life. 

The human mind is incredibly complicated. A circuit that would have occupied, and used all 
the electricity in, a whole city in 1940 can now be housed in a box the size of a vitamin pill and run 
by a battery. Imagine this degree of miniaturization happening again, then again, and then again. 
Would that begin to approach the level of sophistication in your body’s nervous system? 

Is the human brain nothing more than an amazingly complicated digital switching network? Or 
is there something more to the human mind? No electronic device yet constructed has come any- 
where near human intelligence in every respect. Some experts think that a machine will someday be 
built that is smarter than its creators. Others insist that the very idea is ridiculous. 

It is tempting to extrapolate: If technological trends of the past few decades continue indefi- 
nitely, will the only limit on machine intelligence be defined by human imagination? 


Quiz 
Refer to the text in this chapter if necessary. A good score is 18 correct. Answers are in the back of 
the book. 
1. An android takes the form of 
(a) an insect. 
(b) 
(c) a simple robot arm. 


the human body. 


(d) a stereo vision system. 
2. According to Asimov's three laws, under what circumstances is it all right for a robot to injure 
a human being? 
(a) Under no circumstances 
(b) 
(c) 


(d) In case the robot controller is infected with a computer virus 


When the human being specifically requests it 


In case of an accident 


3. An RF field strength meter can be used to 
(a) test the performance of a binaural hearing system. 


(b) detect the presence of ionized air. 
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(c) measure the dielectric constant of the air. 


(d) detect the presence of a wireless bugging system. 


4. The extent to which a machine vision system can differentiate between two objects that are 
close together is called the 


(a) optical magnification. 
(b) 
(c) 


(d) optical resolution. 


optical sensitivity. 


optical selectivity. 


5. A robot car or truck can best keep itself traveling down a specific lane of traffic by means of 
(a) stereoscopic machine hearing. 
(b) epipolar navigation. 
(c) edge detection. 


(d) proximity sensing. 


6. A rule-based system is also known as 
(a) a logic gate. 
(b) an expert system. 


(c) a back-pressure sensor. 


(d) a telechir. 


7. Suppose you are using a battery-powered, multichannel baby monitor, and you hear one end 
of a two-way radio conversation on the receiver. You check the baby’s room, and it is quiet. How 
might this problem be resolved? 


(a) Put the receiver in a different location. 
(b) 
(c) 


(d) Use ac power instead of battery power. 


Switch the monitor to a different channel. 


Interchange the transmitting and receiving units. 


8. In robotics, the term manipulator refers to 
(a) a robot propulsion system. 
(b) 
(c) 


(d) a computer that guides a fleet of mobile robots. 


a robot arm, and the device at its end (such as a gripper). 


the system used to remotely control a telechir. 


9. A device with an IR sensor can be used to detect the presence of 
(a) slow-moving objects. 
(b) RF signals. 
(c) ionized air. 


(d) warm or hot objects. 
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10. 


11. 


12. 


13. 


14. 


15. 


16. 


Proximity sensing is most closely akin to 
(a) direction measurement. 

(b) 
(c) 


(d) binaural machine hearing. 


edge detection. 
range plotting. 


A telechir is always used in conjunction with a specialized system of 
(a) track drive. 

(b) wheel drive. 

(c) remote control. 


(d) ionization potential measurement. 


A limit to the distance over which telepresence is practical is imposed by 
(a) the speed of EM wave propagation. 
(b) the image resolution of the vision system. 


(c) the ability of a robot to determine texture. 


(d) all of the above. 


The ionization potential of the air can be determined in order to 
(a) detect smoke. 

(b) 
(c) 


(d) detect boundaries. 


plot distances and directions. 


measure slope. 


Two-dimensional range plotting 

(a) takes place along a single geometric line. 
(b) takes place in a single geometric plane. 
(c) is done using spherical coordinates. 


(d) requires an ultrasonic sonar system. 


Spherical coordinates can uniquely define the position of a point in up to 
(a) one dimension. 

(b) two dimensions. 

(c) three dimensions. 

(d) four dimensions. 

The total number of ways in which a robot arm can move is known as 

(a) functional orientation. 

(b) 
(c) 


(d) coordinate geometry. 


degrees of freedom. 


dimensional versatility. 
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17. The region in space throughout which a robot arm can accomplish tasks is called its 
(a) coordinate geometry. 
(b) 
(c) 


(d) work envelope. 


reference axis. 


reference frame. 


18. A robot arm that moves along three independent axes, each of which is straight and 
perpendicular to the other two, employs 


(a) revolute geometry. 

(b) spherical coordinate geometry. 

(c) Cartesian coordinate geometry. 

(d) cylindrical coordinate geometry. 
19. Fill in the blank to make the following sentence true: “A color vision system can use three 
grayscale cameras, equipped with filters that pass____ light.” 

(a) red, yellow, and blue 

(b) 

(c) 


(d) orange, green, and violet 


blue, red, and green 


white, black, and gray 


20. A robot typically determines the steepness of a slope by means of 
(a) an epipolar navigation system. 
(b) a clinometer. 
(c) an end effector. 


(d) a proximity sensor. 
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Test: Part 4 


DO NOT REFER TO THE TEXT WHEN TAKING THIS TEST, A GOOD SCORE IS AT LEAST 37 CORRECT. 
Answers are in the back of the book. It’s best to have a friend check your score the first time, so you 
won't memorize the answers if you want to take the test again. 


1. Which of the following tasks can a displacement transducer perform? 
(a) It can detect the peak amplitude of an ac signal and display it on a screen. 
(b) It can convert acoustic energy into radio signals. 
(c) It can detect radiated IR energy and display IR images on a screen. 
(d) It can convert an electrical signal into mechanical rotation through a defined angle. 


(e) It can be used to measure the frequency of a complex wave. 


2. Which of the following is not an advantage of an IC, compared to a circuit built with discrete 
components (individual resistors, capacitors, inductors, diodes, and transistors)? 


(a) Compactness 

(b) Reliability 

(c) Ease of maintenance 

(d) Low power consumption 


(e) Unlimited power handling capacity 


3. Computer memory is typically measured in 
(a) kilobits, megabits, and gigabits. 
(b) kilobits per second, megabits per second, and gigabits per second. 
(c) kilobytes, megabytes, and gigabytes. 
(d) kilobytes per second, megabytes per second, and gigabytes per second. 
(e) any of the above. 
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4. A mode of communications in which either party can hear while talking, thus allowing one 
party to instantly interrupt the other at any time, is called 


(a) half simplex. 
(b 
(c 
(d 
(e 


5. An FM stereo tuner generally covers a frequency range of 
(a) 535 kHz to 1605 kHz. 
(b) 88 MHz to 108 MHz. 
(c) 3 MHz to 30 MHz. 
(d) 9 kHz to 300 MHz. 
(e) 144 MHz to 148 MHz. 


Ss” 


full simplex. 
half duplex. 
full duplex. 


nothing, because there is no such mode. 


6. Suppose an antenna has a radiation resistance of 35 Q and a loss resistance of 15 (2. What is 
the efficiency of the antenna? 


(a) 20 percent 
(b) 30 percent 
(c) 43 percent 
(d) 70 percent 


(e) Impossible to calculate from this information 


7. The peak power output from a multicavity Klystron 
(a) can be much greater than the average power output. 
(b) can be slightly greater than the average power output. 
(c) is about the same as the average power output. 
(d) is slightly less than the average power output. 


(e) is much less than the average power output. 


8. To which of the following does the term platter apply? 
(a) An individual disk in a hard drive 
(b) An individual disk in CD-R media 
(c) An individual disk in CD-RW media 
(d) An individual disk in flash memory 
(e) An individual disk in RAM 


9. Why can signals in the so-called shortwave band sometimes propagate for thousands of 
kilometers without the need for satellites, repeaters, or any other infrastructure? 


(a) Because EM waves at these frequencies are often returned to the earth by the ionosphere 


(b) Because waves at these frequencies can propagate through the ground or the ocean as 
electric currents 
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(c) Because EM waves at these frequencies are reflected back to the earth by the moon 


(d) Because EM waves at these frequencies propagate along the boundary between the 
troposphere and the stratosphere 


(e) Forget it! Signals in the shortwave band cannot propagate beyond a line of sight without 
satellites, repeaters, or other human-made systems. 
10. What is the purpose of the filament in a vacuum tube? 
(a) It prevents secondary electrons from causing excessive screen grid current. 
(b 
(c 
(d 
(e 


11. Figure Test4-1 is a schematic diagram of 


SS” 


It causes holes to flow more easily in the collector. 


SS 


It heats the cathode, thereby increasing the electron emission. 


NA 


It glows, making the tube easy to locate when servicing is necessary. 


NA 


Forget it! Vacuum tubes do not have filaments. 


YA 


cc 


Lo Test 4-1 Illustration for 
Output Part 4 Test 


Questions 11 
and 12. 


Input 


(a) a closed-loop op amp circuit with positive feedback. 
(b) a closed-loop op amp circuit with negative feedback. 
(c) an open-loop op amp circuit. 
(d) an op amp oscillator circuit. 
(e) an op amp modulator circuit. 
12. Suppose that, in the circuit of Fig. Test4-1, a resistor is connected between the output and the 
inverting input. What effect will this have? 
(a) It will increase the gain. 
(b) It will decrease the gain. 
(c) It will increase the frequency. 
(d) It will decrease the frequency. 
(e) It will have no effect. 


13. Which of the following is an example of a serial-access storage medium for computer data? 
(a) An external hard drive 


(b) An internal hard drive 
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(c) ACD-R 
(d) ACD-RW 
(e) A magnetic tape 


14. Which of the following is an undesirable characteristic of ELF radiation? 
(a) It can cause radiation burns like those produced by overexposure to X rays. 
(b) It can increase the susceptibility of a CRT to jitter and poor resolution. 
(c) It can reduce the efficiency of an antenna system. 
(d) It can result in undesirable modulation in a radio transmitter. 


(e) None of the above apply. 


15. A zepp antenna measuring 1/2 can be oriented vertically, and the feed line placed so it lies in 
the same line as the radiating element. This antenna is known as 


(a) a vertical dipole. 
(b) a Yagi. 

(c) acollinear array. 
(d) an end-fire array. 
(e) aJ pole. 


16. The GPS can be used to determine the position of a point in 
(a) one dimension. 
(b) two dimensions. 
(c) three dimensions. 
(d) four dimensions. 


(e) five dimensions. 


17. In a component-type hi-fi system, the cables connecting the various devices should 
(a) be resonant at the intended operating frequency. 
(b) consist of single conductors only. 
(c) be connected in parallel. 
(d) consist of two parallel wires whenever possible. 


(e) be shielded whenever practicable. 


18. In a radar display, the azimuth of a target is equal or proportional to 
(a) the distance of the blip representing the target from the center of the display. 
(b) the clockwise angle between a radial line from the center toward geographic north, and a 
radial line from the center through the blip representing the target. 
(c) the diameter of a circle whose center coincides with the center of the display, and that 
passes through the blip representing the target. 
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(d) the distance of the blip representing the target from the outer edge of the display, or from 
a circle whose diameter is equal to the diameter of the display. 


(e) Forget it! A radar set cannot determine the azimuth of a target. 


19. Which of the following is an example of wireless technology? 
(a) The Global Positioning System 
(b) 
(c) 
(d) Serial-to-parallel conversion 


(e) All of the above 


A fiber-optic communications system 


Digital -to-analog conversion 


20. A smoke detector can function by sensing a change in the 
(a) temperature of the air. 
(b) relative humidity of the air. 


(c) barometric pressure of the air. 


SS 


d) ionization potential in the air. 
(e) amount of nitrogen in the air. 

21. Computer disk storage is typically measured in 
(a) kilobits, megabits, and gigabits. 
( 


b) 
(c) 
(d) kilobytes per second, megabytes per second, and gigabytes per second. 
e) 


( 


22. Which of the following antennas would most likely be used in space communications? 


kilobits per second, megabits per second, and gigabits per second. 


kilobytes, megabytes, and gigabytes. 


any of the above. 


(a) A half-wave dipole antenna 

(b) A ground-plane antenna 

(c) A helical antenna 

(d) A small loop or loopstick antenna 


(e) A coaxial antenna 


23. The use of a cell phone may be prohibited in a commercial aircraft in flight because 
(a) it can interfere with other people’s computers. 
(b) it can interfere with other people’s cell phones. 
(c) the interior of the aircraft produces a dangerous RF resonant cavity. 
(d) the area of coverage will not be wide enough to be of any use. 


(e) it can interfere with flight instruments and communications. 


24. The circuit shown in Fig. Test4-2 shows two NPN transistors connected in 


(a) reverse series. 


(b) cascade. 


a single resistor. The output voltage 
waveforms from both diodes are therefore 
applied across one load resistor. This type of 
circuit is called a full-wave rectifier 

Figure 11.15 


A Pp C 


B 
Question y 
On a separate sheet of paper, draw the 
waveform representing the voltage at point E 
in the circuit, as shown in Figure 11.15 . (This 
waveform is a combination of the waveforms 


at points C and D shown in Figure 11.14 .) 
Answer 
See Figure 11.16 . 

Figure 11.16 
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+12 V 


Input 


il 
il 
il 
T Output 
f 


Test 4-2 Illustration for Part 4 Test Questions 24 and 25. 


(c) inverse parallel. 

(d) push-push. 

(e) push-pull. 
25. The circuit in Fig. Test4-2 would be a bad choice for use as a medium-power audio amplifier 
because 

(a) bipolar transistors do not work well in audio applications. 

(b) transformers should not be used in audio amplifiers. 

(c) this type of circuit invariably produces a lot of distortion. 

(d) this type of circuit cannot produce appreciable output power. 

(e) Hold it! The circuit in Fig. Test4-2 would be a good choice for use as a medium-power 

audio amplifier. 

26. In an electrostatic CRT, the electron beam can be diverted up and down by 

(a) synchronization pulses applied to the deflecting coils. 

(b) ELF radiation from the accelerating anodes. 

(c) charged plates that attract or repel moving electrons. 

(d) modulation of the signal on the control grid. 


(e) variable input to the electron gun. 
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27. A device that translates 500-Hz sound waves into ac by means of the interaction between a 
permanent magnet and a coil of wire is an example of 


(a) an electromechanical loudspeaker. 
(b) a passive pressure sensor. 

(c) a dynamic transducer. 

(d) an inductive proximity sensor. 


(e) a piezoelectric transducer. 


28. Which of the following considerations is most important in a hi-fi audio power amplifier? 
(a) Optimizing the efficiency 
(b) Minimizing the operating voltage 
(c) Maximizing the linearity 
(d) Maximizing the driving power 
(e) Biasing beyond the cutoff point 


29. A loopstick antenna, oriented so its ends point toward the eastern and western horizons, 
exhibits 


(a) nulls in the response to signals coming from the east and west. 
(b) peaks in the response to signals coming from the east and west. 
(c) nulls in the response to signals coming from the north and south. 
(d) an omnidirectional response in three-dimensional space. 


(e) a peak in the response to signals coming from any horizontal direction, and a null in the 
response to signals coming from the zenith (directly overhead). 


30. Fill in the blank to make the following sentence true: “An functions by sensing 
variations in the relative phase of acoustic waves reflected from objects in the environment.” 


(a) IR transducer 

(b) acoustic transponder 

(c) electrostatic loudspeaker 
(d) ultrasonic motion detector 


(e) acoustic pressure sensor 


31. Which of the following is an advantage of a large LCD over a large CRT display? 
(a) Lower cost 
(b 
(c 
(d 
(e 


32. An op amp can produce or facilitate 


SS” 


Lighter weight 
Greater ELF radiation 


goy NX 


The use of electron beams and deflecting coils 


All of the above 


NA 


(a) a low signal-to-noise ratio in an oscillator. 


(b) improved efficiency in an antenna system. 
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(c) high signal gain over a wide range of frequencies. 
(d) a match between a feed line and an antenna. 


(e) none of the above. 


33. Which of the following is an application of a gas-filled tube? 
(a) A high-frequency RE power amplifier 
(b) A microwave oscillator 
(c) An audio oscillator or amplifier 
(d) Decorative lighting 


(e) Impedance matching in an antenna system 
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34. For a communications satellite with an elliptical orbit around the earth, the point at which 


the altitude is lowest is the 
(a) geominimum. 
(b) proxima. 
(c) perigee. 
(d) approach. 


(e) optimum. 


35. Suppose an antenna has a radiation resistance of 35 Q and its feed line has a characteristic 
impedance of 50 Q. What is the efficiency of the antenna? 


(a) 15 percent 
(b) 41 percent 
(c) 59 percent 
(d) 70 percent 


(e) Impossible to calculate from this information 


36. Which of the following is a characteristic of a stepper motor? 
(a) It rotates in defined increments, not continuously. 
(b) Its turning power increases as its speed increases. 
(c) It cannot rotate faster than approximately 1 rpm. 
(d) It is not suitable for use in mechanical devices, but only in sensors. 


(e) It operates without an external source of power. 


37. With respect to ICs, terms such as MSI, LSI, and VLSI define the 
(a) maximum number of transistors on the chip. 
(b) maximum frequency at which the chip can operate. 
(c) maximum power output the chip can produce. 
(d) maximum gain the chip can produce. 


(e) maximum number of switching operations the chip can perform per second. 
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38. In a tetrode vacuum tube amplifier, the screen grid 
(a) reduces the capacitance between the control grid and the plate. 
(b) serves as an auxiliary output in case the plate circuit is overloaded. 
(c) conducts holes away from the control grid. 
(d) prevents undesirable reverse bias between the cathode and the control grid. 


(e) Forget it! Tetrode tubes do not have screen grids. 


39. Fill in the blank in the following sentence to make it true: “On the Web, data is transmitted 
by means of a that allows the files on distant computers to appear as if they are on your own 
computer.” 


(a) protocol 

(b) memory chip 
(c) microprocessor 
(d) CD-R 

(e) tape drive 


40. A robot arm with articulated geometry 
(a) has only one degree of freedom. 
(b) has joints, similar to those in a human arm. 
(c) can function in only two dimensions. 
(d) can rotate and move up and down, but cannot bend. 


(e) can perform only coarse movements. 


41. The instantaneous output voltage of a differentiator is proportional to 
(a) the peak instantaneous input voltage. 
(b) the rate at which the instantaneous input voltage changes. 
(c) the accumulated input voltage as a function of time. 
(d) the difference between the instantaneous voltages of the two input signals. 
(e) the sum of the instantaneous voltages of the two input signals. 
42. What types of devices require particular care in handling, so they are not destroyed by 
electrostatic discharges that can build up on a technicians body? 
(a) Vacuum tubes 
(b) Ferrite resistors 
(c) Ceramic capacitors 
(d) MOS components 
(e) Rectifier diodes 


43. According to Isaac Asimov rules for the behavior of robots, a robot must not injure, or allow 
the injury of, any human, 


(a) unless the robot is forced to prevent its own destruction. 


(b) unless the human is committing a crime. 
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(c) unless the human is trying to turn off the robot's power supply. 
(d) unless it is the result of an accident. 


(e) under any circumstances. 


44. Computer data speed is typically measured in 
(a) kilobits, megabits, and gigabits. 
(b) kilobits per second, megabits per second, and gigabits per second. 
(c) kilobytes, megabytes, and gigabytes. 
(d) kilobytes per second, megabytes per second, and gigabytes per second. 
(e) any of the above. 


45. Doppler radar is useful for measuring or estimating 
(a) the frequency of a sine wave that is modulated with a complex signal. 
(b) the wind speed in the funnel cloud of a tornado. 
(c) the distance between a robot gripper and a tool or object to be manipulated. 
(d) the depth of the ocean at a particular location. 


(e) the direction from which a thunderstorm is coming. 


46. A device that translates a 30-kHz ac voltage into ultrasonic waves by producing stress on a 
crystal, thereby causing the crystal to vibrate, is an example of 


(a) an electromechanical loudspeaker. 
(b) a passive pressure sensor. 

(c) a dynamic transducer. 

(d) an inductive proximity sensor. 


(e) a piezoelectric transducer. 


47. Fill in the blank in the following sentence to make it true: “A antenna is a vertical 
radiator, usually measuring A/4, elevated above the surface of the earth, and operated against a 
system of A/4 horizontal or slightly drooping radials.” 


(a) dipole 

(b) coaxial 

(c) collinear 

(d) ground-plane 


(e) vertizontal 


48. Figure Test4-3 shows a robotic system that employs 
(a) Cartesian coordinate geometry. 
(b) spherical coordinate geometry. 
(c) polar coordinate geometry. 
(d) cylindrical coordinate geometry. 


(e) Riemannian coordinate geometry. 


619 


620 Test: Part Four 


Extendible arm 


Test 4-3 Illustration for 
Part 4 Test 
Question 48. 


Vertical sliding movement 


Rotatable bearing 


49. A satellite in a LEO system is usually placed in 
(a) an equatorial orbit. 
(b) a geosynchronous orbit. 
(c) a retrograde orbit. 
(d) a polar orbit. 
(e) an orbit midway between the earth and the orbit of the moon. 


50. Sound waves in the atmosphere consist of 
(a) rotating magnetic fields. 
(b) alternating electric fields. 
(c) variable electron beams. 
(d) moving molecules. 


(e) rotating electron orbits within atoms. 


Final Exam 


DO NOT REFER TO THE TEXT WHEN TAKING THIS EXAM. A GOOD SCORE IS AT LEAST 75 CORRECT OUT 
of 100. Answers are in the back of the book. It's best to have a friend check your score the first time, 
so you wont memorize the answers if you want to take the exam again. 


1. A wire can be coiled around a magnetic compass to make 
(a) an ac wattmeter. 
(b) an ac voltmeter. 
(c) a de wattmeter. 
(d) a de ohmmeter. 


(e) a de galvanometer. 


2. The inductive reactance of a fixed air-core coil of wire, assuming the wire has zero de 
resistance (it conducts perfectly), 


(a) does not change as the frequency changes. 
(b 
(c 
(d 
(e 


3. Power is defined as 


NA 


increases as the frequency increases. 


NA 


decreases as the frequency increases. 


A 


alternately increases and decreases as the frequency increases. 


Nh 


is zero at all frequencies. 


(a) the rate at which current flows in a circuit. 

(b) the product of voltage and resistance in a circuit. 
(c) the rate at which energy is radiated or dissipated. 
(d) the accumulation of energy over time. 


(e) the amount of heat generated in a circuit. 
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4. In an amplifier that employs a P-channel JFET, the device can usually be replaced with an 
N-channel JFET having similar specifications, provided that 


(a) all the resistors are reversed in polarity for the circuit in question. 
(b) the power supply polarity is reversed for the circuit in question. 
(c) the drain, rather than the source, is placed at signal ground. 

(d) the input is supplied to the drain, rather than to the gate. 


(e) the output is taken from the source, rather than from the drain. 


5. At the exact moment a 60-Hz ac sine wave is at its positive peak voltage, the instantaneous 
rate of change in the voltage is 


(a) large and positive. 

(b) small and positive. 
(c) large and negative. 
(d) small and negative. 


(e) zero. 


6. In order for a bipolar transistor to conduct under conditions of no signal input, the bias must be 


(a) in the forward direction at the emitter-base (E-B) junction, sufficient to cause forward 
breakover. 


(b) in the reverse direction at the E-B junction, but not sufficient to cause avalanche effect. 
(c) such that the application of a signal would cause the transistor to go into a state of cutoff. 
(d) such that the application of a signal would cause the transistor to go into a state of saturation. 


(e) such that the application of a signal would cause the transistor to become nonlinear. 


7. The risk of electrocution to personnel who service “live” electrical or electronic equipment 
increases in proportion to the 


(a) maximum amount of power, in watts, that the equipment demands. 
(b) maximum amount of energy, in watt-hours, that the equipment consumes. 


(c) maximum amount of current, in amperes, that the equipment draws. 


roy 


d) maximum potential difference, in volts, that exists in the equipment. 


(e) maximum resistance, in ohms, that exists in the equipment. 


8. In a logical AND gate with four inputs, the output is high if and only if 
(a) none of the inputs are high, and all four are low. 
(b) one of the inputs is high, and the other three are low. 
(c) two of the inputs are high, and the other two are low. 
(d) three of the inputs are high, and the other one is low. 


(e) all four of the inputs are high, and none are low. 


9. Fill in the blank in the following sentence to make it true: “A receiver derives its audio 
output by mixing incoming signals with the output of a tunable local oscillator.” 


(a) crystal set 


(b) direct conversion 
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(c) phase-locked 
(d) very low frequency 
(e) frequency modulation 
10. In a power supply filter, the term L section refers to a combination of 
(a) a capacitor in parallel with the rectifier output, and a choke in series. 
(b) a capacitor in parallel with the rectifier output, and another capacitor in series. 
(c) a choke in parallel with the rectifier output, and a capacitor in series. 
(d) a diode in parallel with the transformer output, and another diode in series. 
(e) any of the above. 


11. What is the frequency of a pure sine wave that has a period of 50 nanoseconds? 
(A nanosecond is equal to one thousand-millionth, or 107°, of a second.) 


(a) 2.0 MHz 
(b) 20 MHz 
(c) 0.20 GHz 
(d) 2.0 GHz 
(e) 20 GHz 


12. Fill in the blank in the following sentence to make it correct: “The peak inverse voltage 
rating of a rectifier diode is the maximum instantaneous reverse-bias voltage that it can withstand 
without taking place.” 


(a) forward breakover 
(b) avalanche effect 

(c) harmonic generation 
(d) oscillation 

(e) thermal destruction 


13. Suppose a coil and capacitor are connected in series, with 7X, = 750 and ¡X= 90, and 
there is no resistance. What is the complex impedance of this combination? 


(a) 0-40 
(b) 0 +740 
(c) 40 +750 
(d) 50 —790 
(e) It cannot be determined without more information. 
14. In an IC, the term linear arises from the fact that 
(a) all of the etchings on the semiconductor material are straight lines. 


(b) the amplification factor generally decreases in direct proportion to the instantaneous 
input amplitude. 


(c) the amplification factor generally increases in direct proportion to the instantaneous 
input amplitude. 


(d) the amplification factor is generally constant as the instantaneous input amplitude varies. 


(e) the device never exhibits distortion under any circumstances. 


624 Final Exam 


15. Suppose a dc circuit has 10 kQ of resistance, and a 12-V battery is connected to it. How 


much current is drawn from the battery? 
(a) 1.2 UA 
(b) 12 uA 
(c) 1.2 mA 
(d) 12 mA 
(e) None of the above 


16. The high input impedance of a MOSFET makes this type of device ideal for use in 


(a) weak-signal amplifiers. 
(b) high-power oscillators. 
(c) high-current rectifiers. 
(d) antenna tuning networks. 


(e) graphic equalizers. 


“Black Box’ 


„T = . 
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17. In Fig. Exam-1, the dashed lines labeled (Z) can represent 


Illustration for 
Final Exam 
Question 17. 


(a) the electric lines of flux in the vicinity of two electrically charged objects (X and Y inside 


the black box) having opposite polarity. 


(b) the magnetic lines of flux in the vicinity of two electrically charged objects (X and Y 


inside the black box) having opposite polarity. 


(c) the electric lines of flux in the vicinity of two electrically charged objects (X and Y inside 


the black box) having the same polarity. 


(d) the magnetic lines of flux in the vicinity of two electrically charged objects (X and Y 


inside the black box) having the same polarity. 
(e) any of the above. 


D Z Ň PON 
| 7 | This 1s called full-wave 
E 


12 Full- wave rectification of AC allows a 
much “smoother” conversion of AC to DC 
than half-wave rectification. 


Figure 11.17 shows a full-wave rectifier 
circuit that uses a _ transformer with a 
two-terminal secondary coil, rather than a 
center-tapped secondary coil. This type of 
circuit is called a bridge rectifier 
Figure 11.17 

A 
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18. The drain of a JFET is the analog of the 


(a) 


plate of a vacuum tube. 


(b) emitter of a bipolar transistor. 


(c) 


cathode of a diode. 


(d) positive electrode in a solar cell. 


(e) 


substrate of a MOSFET. 


19. Imagine a circuit with 21 (2 of inductive reactance and 28 Q of resistance. What is the 
absolute-value impedance of this circuit? 


(a) 


7 Q 


(b) 24 Q 


(c) 


35 Q 


(d) 49 Q 


(e) 


None of the above 


20. Suppose you want to obtain a 12-V battery by connecting 1.5-V size D flashlight cells 
together. This can be done by 


(a) 
(b) 
(c) 
(d) 


(e) 


connecting 8 cells together in parallel, making sure to always connect the terminals so 
they are plus-to-plus and minus-to-minus. 


connecting 8 cells together in series, making sure to always connect the terminals so they 
are plus-to-minus. 


either connecting 8 cells together in parallel as described in (a), or connecting 8 cells 
together in series as described in (b). 


connecting two sets of 4 cells together in series, making sure to always connect the 
terminals so they are plus-to-minus, and then connecting these sets together in parallel, 
making sure to connect the terminals so they are plus-to-plus and minus-to-minus. 
connecting two sets of 4 cells together in parallel, making sure to always connect the 
terminals so they are plus-to-plus and minus-to-minus, and then connecting these sets 
together in series, making sure to connect the terminals so they are plus-to-minus. 


21. One of the technical limitations of capacitive proximity sensors is the fact that they 


(a) 
(b) 
(c) 
(d) 
(e) 


are not very sensitive to objects that are poor electrical conductors. 
are insensitive to objects that reflect light. 

are insensitive to metallic objects. 

cannot be used with oscillators. 


require extreme voltages in order to function properly. 


22. A flute sounds different than a violin, even if the two instruments are played at the same 
pitch, because of a difference in the 


(a) 
(b) 
(c) 


phase. 
chamber length. 


frequency. 


(d) waa 


(e) 
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23. In a personal computer, the internal mass-storage medium is nearly always 
(a) a CD (compact disc) in some form. 
(b) a diskette drive. 
(c) a tape drive. 
(d) read-only memory (ROM). 
(e) none of the above. 


24. A device to which signals can be sent asking for data, and that responds with the requested 
information by means of radio or a wireless network, is known as a 


(a) transceiver. 
(b) transponder. 
(c) repeater. 

(d) duplexer. 

(e) signal reflector. 


25. Suppose you want to use a transformer to obtain exactly 30 V rms ac from an electrical 
outlet that supplies exactly 120 V rms ac. The primary-to-secondary turns ratio of the transformer 


should be 
(a) exactly 1:16. 
(b) exactly 1:4. 
(c) variable. 
(d) exactly 4:1. 
(e) exactly 16:1. 


26. Fill in the blank in the following statement to make it true: “Two problems can occur with 
the__ type of intrusion alarm. First, the sun, suddenly emerging from clouds or from shadow, 
might shine on the sensor and trigger the device when there is no threat. Second, someone with 
malicious intent, wearing winter clothing and entering on a cold day, might fail to set off the 
alarm in the presence of a real threat.” 


(a) IR radiation detector 

(b) electromagnetic detector 
(c) ultrasonic detector 

(d) ultraviolet detector 

(e) fluxgate detector 


27. Suppose that five resistors, each one having the same ohmic value as all the others, are 
connected in series, and the entire combination is connected to a 12-V battery. How does the 
voltage across any one of the resistors compare with the battery voltage, assuming no other loads 
are connected to the circuit? 

(a) The voltage across any one of the resistors is 5 times the battery voltage. 

(b) The voltage across any one of the resistors is the same as the battery voltage. 
(c) The voltage across any one of the resistors is /5 of the battery voltage. 

(d) The voltage across any one of the resistors is 125 of the battery voltage. 


(e) It is impossible to answer this without more information. 
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28. When the carrier and one of the sidebands are removed from an amplitude-modulated 
signal, the result is 


(a) a frequency-modulated signal. 
(b) a phase-modulated signal. 
(c) a frequency-shift-keyed signal. 
(d) a pulse-modulated signal. 
(e) a single-sideband signal. 
29. In log polar navigation, a computer converts a polar coordinate image to 
(a) a Riemannian coordinate image. 
(b) a spherical coordinate image. 
(c) a cylindrical coordinate image. 
(d) a curvilinear coordinate image. 
(e) a rectangular coordinate image. 
30. The charged particles in the nucleus of an atom are 
(a) electrons. 
(b) protons. 
(c) positrons. 
(d) neutrons. 


(e) negatrons. 
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31. Which of the following functions (a), (b), (c), or (d), if any, is a semiconductor diode never 


used to perform? 
(a) Rectification 
(b) Detection 
(c) Frequency multiplication 
(d) Signal mixing 


(e) A semiconductor diode can perform any of the above functions. 


32. The reactance of a fixed capacitor, assuming it has no leakage conductance (that is, it has a 


theoretically infinite de resistance), 
(a) does not change as the frequency changes. 
(b) increases negatively as the frequency increases. 
(c) decreases negatively (approaches zero) as the frequency increases. 
(d) alternately becomes negative and positive as the frequency increases. 
(e) is theoretically infinite at all frequencies. 

33. What is the dc resistance of a component with a de conductance of 10* S? 

(a) 0.0001 Q 
(b) 0.01 Q 
(c) 100 (2 
(d) 10kQ 
(e) None of the above 
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34. A common-collector transistor circuit is often used 
(a) to provide high gain and sensitivity over a wide range of frequencies. 
(b) to match a high impedance to a low impedance. 
(c) as a high-fidelity audio power amplifier. 
(d) as an oscillator at microwave frequencies. 


(e) as the rectifier in a de power supply. 


35. The internal conductance (expressed in siemens) of an ammeter is generally 
(a) low. 
(b) directly proportional to the current. 
(c) inversely proportional to the current. 
(d) high. 


(e) any value; it doesnt matter. 


36. A half-wave length of wire, fed at one end with a quarter-wave section of parallel-wire 
transmission line, is known as 


(a) a zeppelin antenna. 

(b) a dipole antenna. 

(c) a Yagi antenna. 

(d) a random wire antenna. 


(e) an end-fire antenna. 


37. A twin T oscillator is commonly used for generating 
(a) AF signals. 
(b) high-frequency RF signals. 
(c) microwave RF signals. 
(d) powerful bursts of RF energy. 
(e) FM signals. 


38. Suppose that five resistors, each one having the same ohmic value as all the others, are 
connected in series, and the entire combination is connected to a 12-V battery. How does the 
current through any one of the resistors compare with the current drawn from the battery? 


(a) The current through any one of the resistors is 5 times the current drawn from the 
battery. 


(b) The current through any one of the resistors is the same as the current drawn from the 
battery. 


(c) The current through any one of the resistors is Ys as great as the current drawn from the 
battery. 


(d) The current through any one of the resistors is 725 as great as the current drawn from 
the battery. 


(e) It is impossible to answer this without more information. 
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39. When a nonzero net reactance exists in an ac circuit, the volt-ampere (VA) power, also 
known as the apparent power, is 


(a) zero. 
(b) equal to the true power. 
(c) less than the true power. 
(d) greater than the true power. 
(e) infinite. 
40. When an impurity, also called a dopant, is added to a semiconductor material, it can contain 


either an excess of electrons or a deficiency of electrons. A dopant with an excess of electrons, also 
known as a donor impurity, results in the production of 


(a) an NPN transistor. 

(b) a PNP transistor. 

(c) a P-N junction. 

(d) a P type semiconductor. 

(e) an N type semiconductor. 

41. Suppose an audio amplifier produces 100 W rms output when the input is 5.00 W rms. 

This represents a power gain of 

(a) 1.30 dB. 

(b) 2.60 dB. 

(c) 13.0 dB. 

(d) 20.0 dB. 

(e) 26.0 dB. 


Exam-2 Illustration for 
Final Exam 
Questions 42 
and 43. 


Span of 
? capacitance 
values 


42. In Fig. Exam-2, suppose the value of the fixed capacitor, C;, is 330 pF, and the range of the 
variable capacitor, C3, is 10 to 365 pF. What is the span of capacitance values (minimum to 
maximum) that can be obtained with this parallel combination, with switch S either open or 
closed, as desired? 


(a) 10 to 365 pE over a continuous range 
(b) 10 to 181 pK but with a gap in the range 


(c) 10 to 181 pE over a continuous range 


630 Final Exam 


(d) 10 to 695 pF, but with a gap in the range 
(e) 10 to 695 pF over a continuous range 
43. In Fig. Exam-2, suppose the value of the fixed capacitor, C;, is 220 pE and the range of the 
variable capacitor, C,, is 5 to 100 pE What is the span of capacitance values (minimum to 


maximum) that can be obtained with this parallel combination, with switch S either open or 
closed, as desired? 


(a) 5 to 100 pK over a continuous range 
(b) 5 to 320 pK, but with a gap in the range 
(c) 5 to 320 pK over a continuous range 
(d) 5 to 69 pE but with a gap in the range 
(e) 5 to 69 pF over a continuous range 
44. Which of the following units is most often used for specifying data speed in digital 
communications systems? 
(a) Megabytes per second 
(b) Megabauds per second 
(c) Megabits per second 
(d) Megahertz per second 
(e) Any of the above units are used equally often when specifying data speed in digital 
communications systems. 
45. Imagine four 100-WH inductors connected in a 2 x 2 series-parallel combination. Suppose 
there is no mutual inductance among them. What is the net inductance of this matrix? 
(a) 25 WH 
(b) 50 uH 
(c) 100 uH 
(d) 200 uH 
(e) 400 uH 
46. In the output of a dc power supply, voltage regulation can be obtained by 
(a) connecting a Zener diode in series, paying attention to the polarity. 


(b) connecting a choke in series and an electrolytic capacitor in parallel, paying attention to 


the polarity. 
(c) connecting a capacitor in parallel and a Zener diode in series, paying attention to the 
polarity. 
(d) connecting a Zener diode in parallel, paying attention to the polarity. 
(e) connecting a resistor in parallel and another resistor in series. 
47. Imagine an inductor and resistor connected in series, such that the inductive reactance and 


the resistance are both equal to 400 Q at a frequency of 100 MHz. How are the instantaneous 
current and the instantaneous voltage related? 


(a) They are in phase. 
(b) They are 180° out of phase. 
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(c) The current leads the voltage by 90°. 
(d) The current lags the voltage by 90°. 
(e) None of the above are true. 
48. Suppose you want to use a transformer to match the output of an audio amplifier to a speaker. 


The amplifier has a purely resistive output impedance of exactly 128 (2. The speaker has a purely 
resistive impedance of exactly 8 Q. The primary-to-secondary turns ratio of the transformer should be 


(a) exactly 1:16. 

(b) exactly 1:4. 

(c) variable. 

(d) exactly 4:1. 

(e) exactly 16:1. 
49. Imagine a string of 20 holiday lights, all connected in parallel and plugged into a 120-V rms 

ac wall outlet. If one of the bulbs is short-circuited, what will happen? 

(a) All of the remaining 19 bulbs will shine a little more brightly than before. 

(b) All of the remaining 19 bulbs will shine a little less brightly than before. 

(c) The fuse or circuit breaker will blow, and all of the remaining 19 bulbs will go out. 

(d) Most of all of the remaining 19 bulbs will burn out, and some may explode. 

(e) The remaining 19 bulbs will continue to shine exactly as before—no more or less brightly. 
50. Suppose a coil and capacitor are connected in series, with 7X; = 740 and ¡X¿= 70, and the 


coil has an internal resistance of 10 (2. Suppose the frequency of operation is 12.5 MHz. This 
circuit will exhibit resonance at 


(a) some frequency below 12.5 MHz. 

(b) some frequency above 12.5 MHz. 

(c) 12.5 MHz; it is resonant under the conditions stated. 
(d) any and all frequencies. 

(e) no frequency, because of the internal resistance. 


51. Imagine a transmission line consisting of two wires, each having a diameter of exactly 1 mm, 
and uniformly spaced exactly 10 mm apart with nothing but air as the dielectric between them. If 
the two wires are moved so they are uniformly spaced exactly 50 mm apart, and the dielectric 
between them is still nothing but air, what happens to the characteristic impedance? 


(a) It does not change. 
(b) It increases. 
(c) It decreases. 
(d) It is impossible to say without knowing what is connected to the line. 
(e) It is impossible to say without knowing the frequency. 
52. In an FM signal, deviation is 


(a) the difference between the highest instantaneous carrier frequency and the lowest 
instantaneous carrier frequency. 

(b) the maximum extent to which the instantaneous carrier frequency differs from the 
unmodulated-carrier frequency. 
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(c) the bandwidth of the signal, expressed in hertz, kilohertz, or megahertz. 


(d) the rate at which the phase of the signal varies, expressed in hertz per second, kilohertz 
per millisecond, or megahertz per microsecond. 


(e) None of the above is true. 


53. A typical angular speed for an old-fashioned vinyl disk in a hi-fi sound system is 


54. An autotransformer can be recognized by the fact that it has 
(a) a continuously adjustable turns ratio. 
(b) a solenoidal core that can be moved in and out of a coil. 
(c) a single, tapped winding. 
(d 
(e 


55. One of the purposes of the suppressor grid in a pentode vacuum tube amplifier is to 


NA 


a special set of terminals for use with an automotive battery. 


a toroidal core. 


Nh 


(a) keep the cathode from emitting too many electrons, which could drive the control grid 
current to excessive levels. 


(b) ensure that the plate is maintained at a constant negative voltage, so electrons will not be 
attracted to 1t. 


(c) prevent the screen grid from shorting out to the plate, which could cause the power 
supply to burn out. 


(d) repel secondary electrons emitted by the plate, keeping the screen grid current from 


getting too high. 
(e) prevent distortion caused by overdrive in the control grid, screen grid, or cathode circuits. 


56. Consider two sine waves having identical frequency. Suppose that one wave leads the other 
by exactly /20 of a cycle. What is the phase difference between the two waves? 


(a) 9° 
(b) 12° 
c) 18° 
(d) 20° 
(e) 24° 


57. In a cellular communications system, a technology in which cells overlap, but signals do not 
interfere with each other because every phone set is assigned a unique signal code, is known as 


SS 


(a) code-division multiple access. 
(b) diversity reception. 
(c) a phase-locked loop. 
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(d) analog signal mixing. 
(e) digital diversity encryption. 
58. A steady magnetic field can be produced by 
(a) a straight wire carrying a constant direct current. 
(b) a loop of wire carrying a constant direct current. 
(c) a coil of wire carrying a constant direct current. 
(d) a constant-intensity stream of protons in free space, moving in a straight line. 


(e) any of the above. 


Tuned to 30 MHz 


10 MHz input 30 MHz output 


Exam-3 Illustration for Final Exam Question 59. 


59. In Fig. Exam-3, what type of component can the box with the query symbol (?) contain in 
order for the circuit to function as indicated? 


(a) A capacitor 
(b) A resistor 
(c) A battery 
(d) An inductor 
(e) A diode 
60. The binary number 1001101 represents which decimal number? 
(a) 44 


61. Suppose a dc circuit has 10 kQ of resistance, and a 12-V battery is connected to it. How 
much power is drawn from the battery? 


(a) 1.2 uW 
(b) 12 uW 
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(c) 1.2 mW 
(d) 12 mW 
(e) None of the above 


62. In which of the following applications would you never find an op amp used as the main 
active circuit component? 


(a) A differentiator 

(b) An integrator 

(c) A highpass audio filter 
(d) A lowpass audio filter 


(e) A microwave oscillator 


63. Imagine a circuit with 21 Q of inductive reactance and 28 Q of resistance. What is the 
complex impedance of this circuit? 


(a) 7Q 

(b) 24 Q 

(c) 35 Q 

(d) 49 Q 

(e) None of the above 


64. In a circuit containing conductance, inductive susceptance, and capacitive susceptance, a 
condition of resonance exists if and only if 


(a) the conductance is zero. 

(b) the conductance is infinite. 

(c) the inductive susceptance is infinite and the capacitive susceptance is zero. 
(d) the inductive and capacitive susceptances are both zero. 

(e) the inductive and capacitive susceptances cancel out. 


65. Imagine a perfect square wave with no de component. That means the positive and negative 
portions have equal amplitudes and equal durations. Suppose you are told that the voltage is 10.0 


V pk-pk. What is the average voltage? 
(a) 0.00 V 
(b) 5.00 V 
(c) 7.07 V 
(d) 10.0 V 
(e) It is impossible to calculate this without more information. 


66. Fill in the blank in the following statement to make it true: “It takes a certain minimum 
voltage, known as the forward breakover voltage, for conduction to occur through a P-N junction.” 


(a) RF 

(b) AF 

(c) forward bias 
(d) negative 


(e) positive 


Question 

How does this circuit differ from the — circuit 
shown in Figure 11.15 ? 
Answer 


This circuit has no center tap on the 
secondary coil, and it uses four diodes. 

13 Figure 11.18 shows the direction of 
current flow when the voltage at point A Is 
positive. 

Figure 11.18 
A 


B 


Figure 11.19 shows the direction of current 
flow when the voltage at point B is positive. 
Figure 11.19 


A 
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67. Figure Exam-4 is a generic diagram of a device that can be used to measure 


(a) de voltage. 
(b) dc resistance. 
(c) de power. 
(d) ac voltage. 
(e) ac power. 
68. Suppose an audio amplifier produces 8.0 V rms output with 80 mV rms input. Suppose the 


amplifier input impedance is the same as the output load impedance. What is the gain of this 
amplifier in this situation? 


(a) 20 dB 
(b) 40 dB 
(c) 100 dB 
(d) 200 dB 
(e) We must know the actual input and output impedance values, in ohms, in order to 
determine the gain in this case. 
69. The maximum gain obtainable with an amplifier that employs a given bipolar transistor 
(a) gradually increases as the frequency increases. 
(b) stays the same as the frequency increases. 
(c) gradually decreases as the frequency increases. 
(d) alternately increases and decreases as the frequency increases. 
(e) remains constant up to a certain frequency, and then abruptly drops to zero above that 
frequency. 
70. A phase comparator would most likely be found in 
(a) an AF oscillator. 


(b) an AM detector. 
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73. 


74. 


75. 
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(c) an RF power amplifier. 
(d) a PLL frequency synthesizer. 


(e) An antenna tuning network. 


An atom with 7 protons and 5 electrons is an example of 
(a) a positive isotope. 

(b) a negative isotope. 

(c) a positive ion. 

(d) a negative ion. 

(e) a neutral ion. 

Electrical energy can be derived from hydrogen on a small scale in a device called 
(a) an electrolytic cell. 

(b) an alkaline cell. 

(c) a fission cell. 

(d) a fusion cell. 

(e) a fuel cell. 


The output wave of a common-gate amplifier circuit with a pure sine-wave input 


(a) is in phase with the input wave. 


(b) lags the input wave by 90° of phase. 

(c) leads the input wave by 90° of phase. 

(d) is 180° out of phase with the input wave. 
(e) is inverted with respect to the input wave. 


Which of the following capacitor types is polarized? 
(a) Electrolytic 

(b) Paper 

(c) Ceramic 

(d) Mica 

(e) Air variable 


The maximum radiation and response from a full-wave loop antenna, assuming there are no 


nearby conductors or obstructions to distort the pattern, occurs 


76. 


(a) in the plane of the loop. 

(b) perpendicular to the plane of the loop. 

(c) at 45° angles to the plane of the loop. 

(d) parallel to the horizon, in all directions of the compass. 


(e) in all directions in three dimensions; it is a true omnidirectional antenna. 


Suppose that five resistors, each having a different ohmic value from any of the others, are 


connected in series, and the entire combination is connected to a 12-V battery. How does the 
current through any one of the resistors compare with the current drawn from the battery? 
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(a) The current through any one of the resistors is more than the current drawn from the 
battery. 


(b) The current through any one of the resistors is the same as the current drawn from the 
battery. 


(c) The current through any one of the resistors is less than the current drawn from the 
battery. 


(d) It depends on the relative ohmic values of the resistors. 
(e) None of the above statements are true. 
77. Suppose a battery-powered circuit has 1.00 Q of net resistance, and 15.0 A of current flows 
through it. How much power is demanded from the battery? 
(a) 225 W 
(b) 150 W 
(c) 22.5 W 
(d) 66.7 mW 


(e) It is impossible to calculate this, based on the information given. 


+12 V 
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Exam-5 Illustration for Final Exam Question 78. 


78. Figure Exam-5 shows a generic circuit that can be used for broadband RF power 
amplification. What is wrong with the circuit as shown? 


(a) The resistor, R, should be replaced with a capacitor. 
(b) The capacitor, C, should be replaced with a resistor. 
(c) The +12-V power source should be replaced with a —12-V power source. 
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(d) The choke, REC, should be replaced with a capacitor. 
(e) Nothing is wrong with this circuit. 
79. Imagine a string of 20 holiday lights, all connected in parallel and plugged into a 120-V rms 
ac wall outlet. If one of the bulbs is unscrewed and removed from the circuit, what will happen? 
(a) All of the remaining 19 bulbs will shine a little more brightly than before. 
(b) All of the remaining 19 bulbs will shine a little less brightly than before. 
(c) The fuse or circuit breaker will blow, and all of the remaining 19 bulbs will go out. 
(d) Most of all of the remaining 19 bulbs will burn out, and some may explode. 
(e) The remaining 19 bulbs will continue to shine exactly as before —no more or less 
brightly. 
80. When a volatile RAM chip is used in a computer, 
(a) the contents of the memory can be easily overwritten. 
(b) the contents of the memory remain intact even if power is removed. 
(c) data in memory cannot be transferred to or from external media. 
(d) the contents of memory never last more than a few minutes. 


(e) excessive ELF radiation is produced. 


81. A nickel-cadmium (NICAD) battery should never be discharged until it is totally dead 


because 
(a) the battery may explode. 


(b) the battery will have excessive voltage after it is recharged. 


SS 


c) the battery will develop unwanted inductance after it is recharged. 
(d) the polarity of one or more of the cells may reverse, ruining the battery. 


(e) Forget it! There is no problem with discharging a NICAD battery until it is totally dead. 
82. Which of the following is an advantage of a CRT display over an LCD for a computing 


workstation? 
(a) You can get a bigger screen for a lower price. 
(b) The CRT emits less ELF energy. 
(c) The CRT is less massive. 
(d) The CRT takes up less space on the desk. 
(e) All of the above are true. 


83. The gauss is a unit of 
(a) charge carrier flow speed. 
(b) magnetic flux density. 
(c) electrostatic field strength. 
(d) electromagnetic field intensity. 


(e) electrical charge quantity. 
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84. Imagine an inductor and resistor connected in series, such that the inductive reactance is 
300 Q and the resistance is 500 (2 at a particular frequency. If the frequency is decreased, what 
happens to the relative phase of the instantaneous current and the instantaneous voltage? 


(a) Their relative phase does not change. 

(b) They become more nearly in phase. 

(c) They become more out of phase. 

(d) They go alternately into and out of phase. 


(e) It is impossible to say anything about this without more information. 


85. Imagine two sine waves, one with a frequency of 50.00 Hz and the other with a frequency of 
60.00 Hz. The phase difference between these two waves is 


(a) not definable. 
(b) 10.007. 
(c) 10.00%. 
(d) 16.67%. 
(e) % of a radian. 


86. Consider a variable capacitor connected in parallel with a fixed toroidal inductor. Suppose a 
signal of constant frequency is applied to the combination. If the variable capacitor is adjusted so 
its value changes from 200 pF to 100 pE what happens to the reactance of the inductor? 


(a) It doubles. 

(b) It becomes half as great. 
(c) It quadruples. 

(d) It becomes Y4 as great. 


(e) It does not change. 


87. When two inductors having the same value are connected in series with a small opposing 
mutual inductance (say the coefficient of coupling is 5 percent or so), the total reactance of the 
combination at a specific, constant frequency is 


(a) equal to the reactance of either inductor. 

(b) slightly greater than the reactance of either inductor. 

(c) slightly less than the reactance of either inductor. 

(d) slightly greater than twice the reactance of either inductor. 


(e) slightly less than twice the reactance of either inductor. 


88. The power factor in an ac circuit is defined as 
(a) the actual power divided by the maximum power the circuit can handle. 
(b 
(c 
(d 
(e 


NA 


the ratio of the real power to the imaginary power. 


A 


the ratio of the apparent power to the true power. 


Nh 


the ratio of the true power to the apparent power. 


A 


the ratio of the imaginary power to the apparent power. 
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Exam-6 Illustration for 
E Final Exam 
Question 89. 


89. Figure Exam-6 shows a radar display and a single blip, indicating the position of a target. 
What is the approximate azimuth of this target? 


(e) More information is needed to answer this. 


90. Which of the following is an e-mail address in the proper format? 
(a) www.sciencewriter.net 
(b) members.authorsguild.net/stangib 
(c) sciencewriter@tahoe.com 
(d) http://google.com 
(e) All of the above 
91. A robot can be guided along a specific route by means of a current-carrying wire beneath the 


surface. The robot detects, and follows, the magnetic field produced by the current, thus following 
the wire. This is called 


(a) an epipolar system. 


~ 
o” 
wa 


a fluxgate magnetometer. 


n 
O 
wa 


a servo system. 


E 


an electromagnetic router. 


— 
O 


an embedded path. 
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92. Which of the following substances is sometimes used as the semiconductor material in 
junction field-effect transistors (JFE Ts)? 


(a) Gallium arsenide 
(b) Mica 
(c) Glass 
(d) Polystyrene 
(e) Porcelain 
93. Suppose that five resistors, each one having the same ohmic value as all the others, are 


connected in parallel, and the entire combination is connected to a 12-V battery. How does the 
current through any one of the resistors compare with the current drawn from the battery? 


(a) The current through any one of the resistors is 5 times the current drawn from the 
battery. 


(b) The current through any one of the resistors is the same as the current drawn from the 
battery. 


(c) The current through any one of the resistors is Ys as great as the current drawn from the 
battery. 


(d) The current through any one of the resistors is Ys as great as the current drawn from 
the battery. 


(e) It is impossible to answer this without more information. 


94. Figure Exam-7 illustrates a method of 
(a) wireless-only encryption. 
(b) end-to-end encryption. 
(c) wireless tapping of a cell phone set. 
(d) wireless tapping of a cordless phone set. 
(e) dual-diversity shortwave reception. 
95. In Fig. Exam-7, the box at the top contains a query symbol (?). What type of device should 
this be, in order for the system to perform its intended task? 
(a) A low-frequency receiver 
(b) A microwave transponder 
(c) A video and data receiver 
(d) A wireless transmitter 
(e) A GPS receiver 
96. Some substances cause magnetic lines of flux to bunch closer together than they would be if 
the magnetic field existed in a vacuum. This property is known as 
(a) electromagnetism. 
(b) diamagnetism. 
(c) flux magnification. 
(d) flux constriction. 


(e) ferromagnetism. 
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To monitoring site 


Exam-7 Illustration for 
Final Exam 
Questions 94 
and 95. 


Frequency X Frequency Y 


Handset 


97. In digital audio tape recording and reproduction, the noise can be practically eliminated because 


(a) noise is analog in nature, and can be nulled or filtered out without degrading the digital 


signals. 
(b 


(c) music and voices are digital in nature, and can be reproduced multiple times without 
distortion. 


Nh 


noise is digital in nature, and can be eliminated by means of specialized computer programs. 


(d) music and voices are analog in nature, while noise is digital and can therefore be canceled 
out. 


(e) Forget it! In a digital audio tape recording system, noise is a more serious problem than it 
is in an analog system. 
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98. Imagine a capacitor and resistor connected in series, such that the capacitive reactance is 
equal to —200 Q and the resistance is equal to 200 Q at a frequency of 70 MHz. How are the 
instantaneous current and the instantaneous voltage related? 


(a) They are in phase. 

(b) They are 90° out of phase. 

(c) The current leads the voltage by 45°. 
(d) The current lags the voltage by 45°. 


(e) None of the above are true. 


99. The amount of current that a silicon photodiode can deliver in direct sunlight depends on 
(a) the forward breakover voltage. 
(b) the thickness of the substrate. 
(c) the surface area of the P-N junction. 
(d) the applied voltage. 
(e) the reverse bias. 
100. Fill in the blank to make the following sentence true: “Electrical current can be expressed in 
terms of the number of ___ passing a given point per unit time.” 
(a) neutrons 
(b) webers or gauss 
(c) charge carriers 
(d) wave cycles 


(e) isotopes 
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Notice that the direction of current through 
the load resistor is the same in both cases. 
Questions 
A. Through how many diodes does the 
current travel in each conduction path? 


B. Draw the voltage waveform at point C. 
Use a separate sheet of paper for your 
drawing. 
Answers 


A. Two diodes in each case. 
B. See Figure 11.20 . 
Figure 11.20 

O "E 


[VV N , 


Project 11.1: The Full-Wave Rectifier 
Objective 

The objective of this project is to compare 
the outputs of the two types of full-wave 
rectifiers. 

General Instructions 
You set up two circuits. One of the circuits is 
a full-wave rectifier containing a  center-tapped 
transformer and two diodes. The other circuit 
is a bridge rectifier containing a transformer 
and four diodes. After each circuit is set up, 
you apply a 20 V pp signal to the primary 
side of the transformer. Then you use your 
oscilloscope to look at the waveform across 
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Schematic Symbols 


ammeter 
amplifier, general 


amplifier, inverting 


YY 
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amplifier, operational 


AND gate 


antenna, balanced 


antenna, general 


antenna, loop 


antenna, loop, multiturn 


battery, electrochemical 


capacitor, feedthrough 


capacitor, fixed 


capacitor, variable 


capacitor, variable, split-rotor 


capacitor, variable, split-stator 


the load resistor, and measure the peak 
voltage of each waveform. 


Parts List 
You need the following equipment and 
supplies: 


Six 1N4001 diodes. 

Two 10 k &, 0.25-watt resistors. 

One audio transformer with impedance of 
both the primary and secondary coil rated 
at 600 $è (with equal impedance for the 
primary and secondary coils, the turns ratio 
will be 1:1), and a center-tapped secondary 
coil. You can use a transformer with a 
center tap on both the primary and 
secondary coil; just don't connect a center 
tap that's not called for in the schematic. 
Two breadboards. 

One function generator. 

One oscilloscope. 


Step-by-Step Instructions 
Set up Circuit # 1, the  full-wave rectifier 
circuit shown in Figure 11.21 . If you have 
some experience in building circuits, this 
schematic (along with the previous parts list) 


should provide all the information you need to 
build the circuit. If you need a bit more help 
building the circuit, look at the photos of the 
completed circuit in the “Expected Results” 
section. 

Figure 11.21 
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cathode, electron-tube, cold 


cathode, electron-tube, directly heated 


cathode, electron-tube, indirectly heated e 


cavity resonator 


cell, electrochemical a 
circuit breaker C p S 


coaxial cable — 
crystal, piezoelectric E | = 


_—_(§0000___ 

delay line T 

diac —}— 

diode, field-effect —D— 
>. 


diode, general 


diode, Gunn 
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diode, light-emitting 


diode, photosensitive 


diode, PIN 


diode, Schottky 


diode, tunnel 


diode, varactor 


diode, Zener 


directional coupler 


directional wattmeter 


exclusive-OR gate 


female contact, general 


Ferrite bead 


filament, electron-tube 


fuse 


OU LAA 


galvanometer 


grid, electron-tube 


eround, chassis 


eround, earth 


handset 


headset, double 


headset, single 


headset, stereo 


inductor, air core 


inductor, air core, bifilar 


inductor, air core, tapped 


inductor, air core, variable 


inductor, iron core 


TOTTA 
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inductor, iron core, bifilar 


inductor, iron core, tapped 


inductor, iron core, variable 


inductor, powdered-iron core 


inductor, powdered-iron core, bifilar 


inductor, powdered-iron core, tapped 


inductor, powdered-iron core, variable 


integrated circuit, general 


jack, coaxial or phono 


jack, phone, 2-conductor 


jack, phone, 3-conductor 


IY 
[MA 


key, telegraph 
lamp, incandescent 


lamp, neon 
male contact, general 


meter, general 


microammeter 


microphone 


microphone, directional 


milliammeter 


NAND gate 
negative voltage connection 


NOR gate 


NOT gate 


optoisolator 


3 


HYYLOA HTS beh 
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OR gate 


outlet, 2-wire, nonpolarized 


outlet, 2-wire, polarized 


outlet, 3-wire 


outlet, 234-volt 


plate, electron-tube 


plug, 2-wire, nonpolarized 


plug, 2-wire, polarized 


plug, 3-wire 


plug, 234-volt 


plug, coaxial or phono 


EII GEOSY 
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plug, phone, 2-conductor 


plug, phone, 3-conductor 


positive voltage connection 


potentiometer 


1414 


O 
x 


probe, radio-frequency 


rectifier, gas-filled 


rectifier, high-vacuum 


rectifier, semiconductor 


rectifier, silicon-controlled 


relay, double-pole, double-throw 


SOL 


m 
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relay, double-pole, single-throw 


relay, single-pole, double-throw 


relay, single-pole, single-throw 


resistor, fixed 


resistor, preset 


resistor, tapped 


resonator 


rheostat 


saturable reactor 


signal generator 


solar battery 


solar cell 


source, constant-current 


source, constant-voltage 


speaker 


switch, double-pole, double-throw 


switch, double-pole, rotary 


switch, double-pole, single-throw 
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switch, momentary-contact sb 


switch, silicon-controlled 


switch, single-pole, double-throw Se 


—o 
| | 

switch, single-pole, rotary =] o— 
switch, single-pole, single-throw o— 

—o 

——o 

terminals, general, balanced 

——o 

——o 
terminals, general, unbalanced 
test point ——O TP 
thermocouple or 


transformer, air core 3 : 
transformer, air core, step-down S Z 


164001 


Function @ 
generator 


” 10 kQ 


1N4001 = 
Carefully check your circuit against the 
diagram. 
After you check your circuit, follow these 
steps and record your measurements in the 


blank table following the steps. 

1. Connect the oscilloscope probe for Channel 
1 to a jumper wire connected to the end of 
the resistor nearest the diodes. Connect the 
ground clip to a jumper wire attached to the 
ground bus. 

2. Connect the oscilloscope probe for Channel 
2 to a jumper wire that is connected to one 
end of the primary coil. This should be the 
same end to which you've connected the red 


lead from the function generator. Connect the 
ground clip for Channel 2 to a jumper wire 
that is connected to the other end of the 


primary coil. This should be the end to which 


you've connected the black lead from the 
function generator. 

3. Set the function generator to generate a 
l-kHz sine wave with 20 V pp. 

4. Measure and record V p for the signal 


across the resistor. 


transformer, air core, step-up 


transformer, alr core, tapped primary 


transformer, air core, tapped secondary 


transformer, iron core 


transformer, iron core, step-down 


transformer, iron core, step-up 


transformer, iron core, tapped primary 


transformer, iron core, tapped secondary 


transformer, powdered-iron core 


transformer, powdered-iron core, step-down 
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| i 

transformer, powdered-iron core, step-up f 
11 

lI 

lI 


H 
transformer, powdered-iron core, tapped primary f 
| 
II 
; i 
transformer, powdered-iron core, tapped secondary 3 — 
Il 
II 
lI 


transistor, bipolar, NPN 

transistor, bipolar, PNP 

transistor, field-effect, N-channel 
transistor, field-effect, P-channel 
transistor, MOS field-effect, N-channel 


transistor, MOS field-effect, P-channel 


20606000 


transistor, photosensitive, NPN 


transistor, photosensitive, PNP 


transistor, photosensitive, field-effect, N-channel 


transistor, photosensitive, field-effect, P-channel 


transistor, unijunction 


triac 


tube, diode 


tube, heptode 
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SS 


SX SS 


A @ 6 


oya 
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tube, hexode 


tube, pentode 


tube, photosensitive 
p 


tube, tetrode 


tube, triode 


unspecified unit or component 


voltmeter 


wattmeter 


waveguide, circular 


waveguide, flexible 


TRAR 


waveguide, rectangular 


waveguide, twisted 


\ 


— 


(preferred) 


wires, Crossing, connected or 


— 


(alternative) 


— 


(preferred) 
wires, crossing, not connected or 


ES 


(alternative) 
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Suggested Additional 
Reading 


e Brindley, K. Starting Electronics, 3d ed. Oxford, England: Newnes, 2004. 

e Cutcher, D. Electronic Circuits for the Evil Genius. New York: McGraw-Hill, 2005. 
e Gibilisco, S. Electricity Demystified. New York: McGraw-Hill, 2005. 

e Gibilisco, S. Electronics Demystified. New York: McGraw-Hill, 2005. 


e Horn, D. T. Basic Electronics Theory with Projects and Experiments, 4th ed. New York: 
McGraw-Hill, 1994. 


e Long, L. Personal Computing Demystified. New York: McGraw-Hill, 2004. 
e McComb, G. Electronics for Dummies. Hoboken, NJ: John Wiley & Sons, 2005. 
e Scherz, P. Practical Electronics for Inventors. New York: McGraw-Hill, 2000. 


e Slone, G. R. TAB Electronics Guide to Understanding Electricity and Electronics, 2d ed. 
New York: McGraw-Hill, 2000. 


e Slone, G. R. The Audiophiles Project Sourcebook. New York: McGraw-Hill, 2002. 
e Wise, E. Robotics Demystified. New York: McGraw-Hill, 2004. 
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ac. See alternating current 
acceptor impurity, 317-318 
acoustic direction finder, 529-531 
acoustic transducer, 597 
acoustics, 938-540 
ADC. See analog-to-digital converter 
A/D. See analog-to-digital 
admittance 
complex, 250-253, 255-256 
definition of, 240 
vector representation of, 241, 252-253 
AGV. See automated guided vehicle 
Al. See artificial intelligence 
air-core coil, 57, 166 
alkaline cell, 105-106 
alpha cutoff frequency, 357-358 
alternating current 
definition of, 27-28, 143 
electromagnet, 121-122 
source, schematic symbol, 57 
AM. See amplitude modulation 
amateur radio, 559-560, 580-581 
American Radio Relay League, 
560-561 
American Red Cross, 30 
American Wire Gauge (AWG), 20 
ammeter, 39-41 
ampere, 10-11, 19-20 
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ampere-hour, 103-104 
ampere-turn, 32, 40, 120 
amplification 
audio, 389-391 
factor, 357 
radio-frequency, 391-393 
amplifier 
audio, 389-391, 426 
class A, 383 
class AB, 383-384 
class B, 384-386 
class C, 385 
current, 355-356 
distortion in, 388-389 
drive, 385, 388-389 
driving power, 385 
efficiency, 387-388 
flat topping in, 388-389 
hi-fi, 543 
linear, 385 
operational, 402 
overdrive, 388-389 
power, 384-388, 391-393 
push-pull, 385-386 
voltage, 369 
weak-signal, 391 
amplitude 
effective, 153 
instantaneous, 151 
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amplitude (Conz.) 
limiting, 329 
modulation, 149-150, 409-410, 
429-430 
negative peak, 152 
peak, 151-152 
peak-to-peak, 152 
positive peak, 152 
root-mean-square, 153 
analog audio tape, 548 
analog meter, 47 
analog-to-digital 
conversion, 415-416, 449-450, 547 
converter, 523, 547, 580 
AND 
gate, 445-446 
operation, 443 
android, 605 
angle of lag, 207-210 
angle of lead, 221-224 
angular displacement transducer, 
519 
angular frequency, 151 
anode, 318-319, 505, 509-510 
antenna 
billboard, 481 
broadside, 481-482 
coaxial, 475-476 
corner reflector, 485-486 
dipole, 281, 471-472 
directivity plots for, 478-480 
dish, 484-485 
doublet, 471-472 
driven element in, 480 
effective radiated power of, 478 
efficiency of, 471-472 
end-fire, 480-481 
feed point, 475 
folded dipole, 473-474 
forward gain for, 479-480 
front-to-back ratio for, 479-480 
front-to-side ratio for, 480 
ground systems for, 477-478 
eround-mounted vertical, 475 
eround-plane, 475 
half-wave, 473-474 
helical, 485 


antenna (Cont.) 
horn, 485-486 
isotropic, 478 
longwire, 481 
loop, 476-477 
loopstick, 476 
parasitic, 482-483 
phased, 480-481 
power gain of, 478 
quad, 482-483 
reference, 478 
safety in working with, 486 
tuner, 299, 474 
vertical, 473-476 
Yagi, 482-483 
zepp, 473-474 
antinode, acoustic, 540 
apogee, 558 
apparent power, 255-267 
arctangent, 109 
armature coil, 126 
Armstrong oscillator, 394-395 
ARRL. See American Radio Relay League 
articulated geometry, 593-595 
artificial intelligence, 605-606 
ASCII, 446 
Asimov, Isaac, 592 
Asimovs three laws of robotics, 592 
asymmetrical square wave, 145 
atmospheric noise, 391 
atom, 3 
atom smasher, 27 
atomic number, 3-4 
atomic weight, 4 
attenuator, 381, 546 
audio 
amplifier, 389-391, 426 
attenuator, 546 
band-rejection filter, 433 
bandpass filter, 433 
filtering, 433 
mixer, 544-545 
notch filter, 433 
oscillator, 400-402 
splitter, 546 
tape, 548-549 


waveform, 400 


5. Set up Circuit # 2; the bridge rectifier 
circuit shown in Figure 11.22 . Use the same 
transformer you used in Circuit #1. You do 
not connect the center tap on the secondary 
coil in this circuit. 

6. Connect the oscilloscope probe for Channel 
1 to a jumper wire connected to one end of 
the resistor. Connect the ground clip for 
Channel 1 to a jumper wire connected to the 
other end of the resistor. 

7. Repeat steps 2 through 4. 

Circuit + V pp (Primary Coil) V p (Load 


Resistor) 
1 
2 
Figure 11.22 


1N4001 

Function 

generator (y 

14001 
Expected Results 

Figure 11.23 shows the breadboarded 


full-wave rectifier (Circuit # 1). 
Figure 11.23 


audio-frequency-shift keying, 408 
audio-taper potentiometer, 91-92 
aurora borealis, 31, 422 

auroral propagation, 422 
automated guided vehicle, 601 
automotive battery, 107 
autotransformer, 292 

avalanche, 321, 325, 328-330 
average forward current, 338 
AWG. See American Wire Gauge 
axial leads, 96 

azimuth, 527-528, 602 


B 
baby monitor, 587 
background noise, 541 
back-pressure sensor, 524-525, 603 
baffle, 539-540 
balance control, 543-544 
balanced load, 295 
balanced modulator, 411-412 
balanced transmission line, 295 
balun, 295 
bandpass filter, 411, 433 
band-rejection filter, 433 
band-stop filter, 546 
bar-graph meter, 50 
base 
current, 353-354 
of transistor, 352 
bass, 389, 538 
battery 
automotive, 107 
defined, 14 
ideal, 104-105 
internal resistance, 104 
lantern, 106 
lead-acid, 107-108 
maximum deliverable current, 
104 
mercuric-oxide, 106-107 
mercury, 106-107 
nickel-based, 108 
schematic symbol, 56 
shelf life, 104 


silver-oxide, 106 
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battery (Cont.) 
storage capacity, 103-104 
transistor, 106 
baud, 580 
Baudot, 446 
beat frequency, 327, 425 
beat-frequency oscillator, 425 
bell ringer, 124 
belt drive, 549 
bias 
for amplification, 355-357 
in bipolar transistor, 393-357 
definition of, 85, 320, 330 
in field-effect transistor, 367-370 
billboard antenna, 481 
binary data, 446 
binary number system, 442 
binaural hearing, 597 
binocular vision, 598-599 
binomial, 231 
biometric security measures, 565 
bipolar transistor, 352—364 
birdie, 426 
bit, 448, 570 
bits per second, 448-449, 570-571 
black box, 57, 445 
blackout, 293 
blanking pulse, 417 
bleeder resistor, 87-88 
body capacitance, 523 
boom box, 546-547 
Boolean algebra, 443-444 
bps. See bits per second 
bridge 
impedance, 258 
rectifier circuit, 339-341, 347 
brightness, in color image, 453 
British thermal unit, 27 
broadband 
power amplifier, 391-392 
transformer, 297 
broadside antenna, 481-482 
brownout, 293 
bubble memory, 128 
buffer, 450 
button cell, 108 
byte, 448, 570 
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C 
cable 
coaxial, 171, 423 
data transmission, 423 
modem, 559 
camera tube, 511-513 
candela, 49 
capacitance 
body, 523 
definition of, 175-176 
interelectrode, 84, 508 
junction, 320-321, 326 
mutual, 177 
in parallel, 178-179 
in series, 177-178 
units of, 177 
capacitive coupling, 389 
capacitive pressure sensor, 523 
capacitive proximity sensor, 524-525 
capacitive reactance 
definition of, 214 
frequency and, 216-217 
RC plane and, 218-219 
capacitor 
alternating current and, 
215-216 
ceramic, 180 
coaxial, 183-184 
dielectric in, 176-177 
electrolytic, 181, 342 
filter, 87-88 
fixed, 179-182 
integrated-circuit, 181-182 
leakage resistance of, 218 
mica, 180, 399 
padder, 279 
paper, 179 
plastic-film, 180-181 
polyethylene, 180 
polystyrene, 180, 399 
practical, 176-177 
schematic symbol, 57 
semiconductor, 181—182 
silver-mica, 399 
tantalum, 181-182 
temperature coefficient, 184 
tolerance, 184 


capacitor (Cont.) 

trimmer, 183 

tubular, 180 

variable, 182-184 
capacitor-input filter, 342-344 
carbon-composition resistor, 88-89 
carbon-film resistor, 89-90 
carrier 

definition of, 407 

frequency, 149-150, 407 

power consumed by, 409-410 
Cartesian coordinate geometry, 

594-595 

Cartesian coordinate plane, 231 
Cartesian three-space, 595 
cascade, 342 
Cassegrain dish feed, 484-485 
cat whisker, 326 
catastrophic interference, 437 
cathode, 318-319, 505-506 
cathode-ray tube, 50, 416, 509-511 
cavity resonator, 280 
CCD. See charge-coupled device 
CD. See compact disc 


CDMA. See code-division multiple access 


CD-R. See compact disc recordable 
CD-RW. See compact disc rewritable 
cell 

alkaline, 105-106 

button, 108 

in communications, 554-556 

cylindrical, 108 

dry, 14 

electrochemical, 56, 102-108 

flooded, 108 

fuel, 110-111 

ideal, 104-105 

internal resistance, 104 

lithium, 107 

maximum deliverable current, 104 

mercuric-oxide, 106-107 

mercury, 106-107 

nickel-based, 103, 108 

phone, 554-556, 564-565 

photovoltaic, 13, 48-49, 109-110 

primary, 102-103 

schematic symbol, 56 


cell (Cont.) 

secondary, 102-103 

shelf life, 104 

silver-oxide, 106 

spacecraft, 108 

storage capacity, 103-104 

Weston standard, 103-104 

wet, 14 

zinc-carbon, 105 
cellular communications, 554—556 
central processing unit, 569-570 
ceramic capacitor, 180 
channel, in field-effect transistor, 365 
character, in Morse code, 407-408 
characteristic curve, 369-370 


characteristic impedance, 236-238, 274-275, 


297-299, 484 
charge carrier, 10, 18, 317-318 
charge-coupled device, 597 
chassis ground, 57, 340 
chemical energy, 14 
chime, 124 
choke-input filter, 342-344 
chopping wheel, 523 
circuit breaker, 347 
circular polarization, 421 
circular waveguide, 483-484 
circular-motion model of sine wave, 
190-192 
Clapp oscillator, 396-397 
class A amplifier, 383 
class AB amplifier, 383-384 
class B amplifier, 384-386 
class C amplifier, 385 
clinometer, 600-601 
clipping, 329 
clock, 447 
cloning, cell phone, 565 
closed-loop configuration, 493 
cluster, in hard drive, 571-572 
CMOS. See complementary metal-oxide- 
semiconductor logic 
coaxial antenna, 475-476 
coaxial cable, 171 
coaxial capacitor, 183-184 
coaxial transmission line, 170 
code-division multiple access, 555 
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coefficient of coupling, 164 
coherent communications, 435 
coil 

air-core, 57 

iron-core, 57 
cold cathode, 506 
collector 

current, 354 

power input, dc, 386-387 

of transistor, 352 
color 

code, resistor, 96-98 

sensing, in vision system, 599 
Colpitts oscillator, 395-397 
commercial-transaction security, 562 
common base circuit, 359—360 
common collector circuit, 399-361 
common drain circuit, 375 
common emitter circuit, 358—359, 382 
common gate circuit, 374-375 
common ground, 171 
common source circuit, 373—374, 

382-383 

communications 

port, 581 

security, 561-565 
commutator, 126 
compact disc 

in audio recording, 547-548 

recordable, 128, 573 

rewritable, 128, 573 
compact hi-fi system, 541-542 
comparator, 496 


complementary metal-oxide-semiconductor 


logic, 497-498 
complex admittance, 250-253, 
255-256 
complex impedance, 229-238, 245-248, 
255-256, 259 
complex number 
absolute value of, 232-233 
addition, 230 
definition of, 229-230 
multiplication, 231 
plane, 231-232 
subtraction, 230 
vector, 232 
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complex wave, 147 
component 
density, 317, 498 
hi-fi system, 542 
composite, 151 
compound, 6-7 
compression, data, 450-451 
computer 
central processing unit, 569-570 
diskette, 573 
display, 575-577 
external storage, 573 
flash memory, 573 
gaming, 576 
hard drive, 128, 571-572 
Internet and, 581-583 
logic board, 569 
map, 529 
microprocessor, 447, 569-570 
modem, 580-581 
motherboard, 569 
printer, 577-578 
random-access memory, 574-575 
scanner, 578—580 
tape drive, 573 
conductance, 22-23, 238 


conductance/inductance/capacitance circuit, 


PAS ID 27 
conductance/susceptance plane, 
240-241 

conductivity, 22 
conductor 

defined, 8-9 

schematic symbol, 55 
conservation of current, 76 
conservation of voltage, 77 
continuous duty, 95 
continuous wave, 430 
contrast, 417 
control grid, 507 
conventional current, 72 
conventional dish feed, 484-485 
cordless phone, 564-565 
core method, 289-290 
corner reflector, 485-486 
coulomb, 10-11 
coulombs per second, 10—11 


counter, frequency, 47, 448 
counterpoise, 477 
coupling 
capacitive, 389 
coefficient of, 164 
transformer, 389-391 
tuned-circuit, 390-391 
CPU. See central processing unit 
CRT. See cathode-ray tube 
crystal-controlled oscillator, 398 
crystal set, 326 
current, 10-11, 18-19 
current 
amplifier, 355-356 
average forward, 338 
calculations, 59 
conservation of, 76 
conventional, 72 
equalizing resistor, 346 
gain, 357, 380 
induced, 286 
lag, 205-210 
limiting, 85-86 
loop, 276 
node, 276 
surge, 342, 346 
theoretical, 72 
cutoff, 384-385 
CW. See continuous wave 
cycles per second, 143 
cylinder, in hard drive, 571-572 
cylindrical cell, 108 
cylindrical coordinate geometry, 


595-596 


D 
D/A. See digital -to-analog 
DAC. See digital-to-analog converter 
D layer, 421 
dark noise, 512 
D’Arsonval movement, 39-40 
dash, in Morse code, 407-408 
data 
compression, 450-451 
speed, 570-571 


dc. See direct current 


dead zone, acoustic, 540 
decay, in sawtooth wave, 146 
decibel 

for current, 380 

gain, 93-94 

impedance and, 381 

loss, 93-94 

meter, 47-48 

for power, 380-381 

for sound, 93-94 

threshold of hearing and, 94 

for voltage, 380 
decimal number system, 442 
declining discharge curve, 106-107 
decoder, 436 
decryption, 563-564 
decryption key, 563 
deflecting coil, 510 
deflecting plate, 511 
degrees of freedom, 593-594 
degrees of phase, 150 
degrees of rotation, 593-594 
demodulation 

in modem, 580 

in radio receiver, 326, 426, 

429-432 

demodulator, 326 
demultiplexing, 496 
dependent variable, 148 
depletion 

mode, 372-373 

region, 320, 330, 367 
depth, 595 
derating function, 276 
derivative of waveform 189 
descrambling, 547 
desensitization, 427 
detection, 326, 429-432 
detector, 326, 426, 429-432 
diamagnetism, 122 
dielectric, 9, 170, 176-177 
dielectric constant, 177, 588 
differentiator, 494-495 
digital audio tape, 549 
digital cable television, 434 
digital encryption, 563-565 
digital integrated circuit, 496-498 


Index 


digital meter, 46-47 
digital satellite television, 418 
digital signal processing, 418, 435-436, 
547-549 
digital-to-analog 
conversion, 418, 449-450, 547 
converter, 547, 580 
diode 
amplitude limiting, 329 
Esaki, 331 
IMPATT, 331 
infrared-emitting, 331 
light-emitting, 331 
PIN, 328 
photodiode, 519 
photosensitive, 332-333, 519 
rectifier, 325-326, 338 
semiconductor, 318—319 
signal mixing, 327 
switching, 328 
tube, 504-506 
tunnel, 331 
uses of, 325-336 
varactor, 321 
Zener, 328-329 
dipole 
antenna, 281, 471-472 
magnetic, 119 
direct current 
feedback, 399 
power input, 386-387 
pulsating, 28-30, 153-154 
superimposed, 153-154 
direct drive, 549 
direct-conversion receiver, 425, 432 
direct-current electromagnet, 120-121 
direction 
finder, acoustic, 529-531 
finding, radio, 476, 530-531 
of vector, 191 
directivity plot, antenna, 478-480 
directly heated cathode, 505-506 
director, 482 
discharge curve 
declining, 106-107 
flat, 104-105 


discriminator, 432 
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dish antenna, 484-485 
diskette, 573 
displacement transducer, 519-523 
display 
cathode-ray-tube, 50, 416, 509-511, 575 
interlacing, 576 
liquid crystal, 50, 331, 416, 511, 
575—576 
plasma, 511, 576 
refresh rate, 576 
screen size, 576 
dissector tube, 512—513 
distortion, 357, 388—389 
Dolby, 541 
domain 
of function, 148 
name, in Internet, 582—583 
type, in Internet, 583 
donor impurity, 317—318 
dopant, 317 
doping, 317 
Doppler radar, 528 
dot 
in Morse code, 407—408 
pitch, in video display, 576 
dot-matrix printer, 578 
dots per inch, 578—579 
double-conversion receiver, 426 
double sideband, 411 
doublet antenna, 471—472 
doubling, 548 
drain 
of field-effect transistor, 365 
power input, dc, 386-387 
drive, 87, 385, 388—389 
driven element, in antenna, 480 
driving power, 385 
droop angle, of antenna radials, 475 
dry cell, 14 
DSB. See double sideband 
DSP. See digital signal processing 
dual-diversity reception, 434—435 
dummy antenna, 87 
dwell 
frequency, 437 
time, 437 


dynamic 
current amplification, 356 
microphone, 517 
mutual conductance, 370 
range, 425, 541 
speaker, 517 
transducer, 517—519 
dynode, 512 


E 
earth ground, 57 
earth-moon-earth, 423 
eavesdropping, 561 
EB. See exabyte 
ECL. See emitter-coupled logic 
E core, 289—290 
E layer, 422 
echo, 527—528 
eddy current, 288 
edge 
detection, 601—602 
triggering, 447 
Edison, Thomas, 155 
EEPROM. See electrically erasable 
programmable read-only 
memory 
effective amplitude, 153 
effective power, 266 
effective radiated power, 478 
effective voltage, 27, 29 
efficiency 
of antenna, 471-472 
of power amplifier, 387-388 
EHE See extremely high frequency 
elastomer pressure sensor, 524 
elbow, 596-597 
electric eye, 590 
electric field, 17-18, 419 
electric generator, 13, 521-522 
electric lines of flux, 17-18, 119 
electric monopole, 119 
electric motor, 13, 126, 520 
electrical ground, 340, 477 
electrically erasable programmable read-only 
memory, 499 


electrochemical 

cell, 56, 102-108 

energy, 102-105 
electrolyte, 181 
electrolytic capacitor, 181, 342 
electromagnet, 31, 40, 117, 120-122 
electromagnetic cathode-ray tube, 510 
electromagnetic deflection, 36-37 
electromagnetic field, 419-420 
electromagnetic induction, 286 
electromagnetic interference, 477, 549-550 
electromagnetic radiation, 144 
electromagnetic spectrum, 420 
electromagnetic wave polarization, 421 
electromagnetic wave propagation, 

421-423 

electromagnetism, 13 
electromotive force, 12-13, 41 
electron 

definition of, 4-5 

gun, 509-510 

secondary, 512 

shell, 4-5 

volt, 27 
electron tube 

anode in, 504, 509-510 

camera, 511-513 

cathode in, 504 

cathode-ray, 50, 416, 509-511 

control grid in, 507 

diode, 504-506 

dissector, 912-513 

dynode in, 512 

electrodes in, 505-509 

filament in, 505 

forms of, 504-505 

gas-filled, 504-505 

heptode, 507-508 

hexode, 507-508 

image dissector, 512-513 

image orthicon, 512 

interelectrode capacitance in, 508 

Klystron, 513-514 

magnetron, 513 

mercury-vapor, 506 


neon-bulb, 504-505 
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electron tube (Conz.) 

pentode, 507-508 

photomultiplier, 512-513 

plate in, 505-506 

size of, 315 

triode, 507 

vacuum, 504 

vidicon, 511 
electronic bug, 589-590 
electronic fingerprinting, 565 
electronic mail, 582—583 
electroscope, 38-39 
electrostatic cathode-ray tube, 511 
electrostatic charge, 12 
electrostatic deflection, 38-39, 42 
electrostatic emitter, 518 
electrostatic meter, 38, 42 
electrostatic pickup, 517-518 
electrostatic transducer, 517-518 
electrostatic voltmeter, 42 
element, 3 
elevation 

in robot arm, 595-596 

in spherical coordinates, 602 
ELF See extremely low frequency 
elliptical orbit, 557 
elliptical polarization, 421 
embedded path, 601 
EME. See earth-moon-earth 
EMI. See electromagnetic interference 
emitter 

follower, 360-361 

of transistor, 352 
emitter-coupled logic, 496-497 
encoder, 436 
encryption, 563-565 
end effector, 592 
end-fire antenna, 480-481 
end-to-end encryption, 563-564 
energy 

chemical, 14, 102 

definition of, 25 

electrochemical, 102-105 

nonelectrical, 13-14 

units, 25-27 
enhancement mode, 373 


681 


682 Index 


envelope detector, 429-430 

epipolar navigation, 532-533 

EPROM. See erasable programmable read-only 
memory 

erasable programmable read-only memory, 499 

erase head, 548 

eraser-head pointer, 520 

erg, 26-27 

ERP. See effective radiated power 

error voltage, 398-399 

Esaki diode, 331 

exabyte, 449, 570 

exclusive OR gate, 445-446 

expert system, 605-606 

external modem, 581 

external storage, 573 

extremely high frequency, 424 

extremely low frequency, 511, 577 

eye-in-hand system, 599-600 


F 
F layer, 422 
facsimile, 416 
farad, 177 
fast-scan television, 417-418, 433-434 
fax, 416 
feed point, of antenna, 475 
feedback 

dc, 399 

negative, 393 

positive, 393-394 

at single frequency, 394 
feedthrough scanner, 579 
ferromagnetic core, 166-167, 288-289 
ferromagnetic material, 31, 116-117, 122 
ferromagnetism, 122 
FET. See field-effect transistor 
FET voltmeter, 44-45 
fiber optics, 332, 424 
field coil, 126 
field-effect transistor, 44-45, 365-378 
field strength 

magnetic, 120 

radio-frequency, 479-480 
field-strength meter, 590 


fifth-generation robot, 592 
filament, 505 
film-type resistor, 89-90 
filter 
audio, 433 
bandpass, 411, 433 
band-rejection, 433 
capacitor, 87-88 
capacitor-input, 342-344 
choke, 169 
choke-input, 342-344 
notch, 433 
power-supply, 342-344 
section, 342-344 
firmware, 499 
first-generation robot, 591 
fixed capacitor, 179-182 
flare angle, 485 
flash memory, 573 
flat discharge curve, 104-105 
flatbed scanner, 579 
flat-topping, 388-389 
flip-flop, 446-448 
flooded cell, 108 
flux density, 32 
flux lines, 117-118 
fluxgate magnetometer, 531-532 
flying eyeball, 599-600 
EM. See frequency modulation 
folded dipole antenna, 471-472 
foot-pound, 27 
formatting, of hard drive, 571 
forward 
bias, 319, 354-355 
breakover, 319, 325, 329 
gain, 479-480 
power, 267 
fossil-fuel source, 111 
four-channel stereo, 547 
fourth-generation robot, 592 
frame, 416-418 
frequency, 28, 143-144 
frequency 
alpha cutoff, 357-358 
angular, 151 
counter, 47, 448 


frequency (Cont.) 

definition of, 28, 143-144 

domain, 148, 327 

drift, 399-400 

dwell, 437 

fundamental, 280 

harmonic, 280 

hopping, 437 

mark versus space, 430 

modulation, 411-414, 429, 432 

multiplication, 326-327, 413 

offset, 430-432 

spectrum, 148-150 

sweeping, 437 

synthesizer, 398-399 

versus wavelength, 419 
frequency-division multiplexing, 436 
frequency-shift keying, 408, 430-432 
frequency-spreading function, 437 
front end, 426-428 
front-to-back ratio, 479-480 
front-to-side ratio, 480 
ESTV. See fast-scan television 
fuel cell, 110-111 
full-scale deflection, 40 
full-wave rectification, 28-30, 339-343, 347 
full-wave voltage doubler, 341 
fundamental frequency, 148-149, 280 
fuse 

quick-break, 347 

slow-blow, 347 


fusion, 4 


G 
gain 
in decibels, 379-381 
definition of 93-94, 357 
forward, 479-480 
negative, 379 
gain bandwidth product, 357-358 
galena, 326 
gallium arsenide, 316, 425 
galvanism, 36 
galvanometer, 36-37 
gaming, 576 
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gas, /—8 
gas-filled tube, 504-505 
gate 

of field-effect transistor, 365 

voltage, 365 
gated flip-flop, 447 
gauss, 32, 120 
GB. See conductance/susceptance, gigabyte 
gbps. See gigabit per second 
generator 

defined, 154-155 

efficiency of, 155 

electric, 521-522 
geographic poles, 115 
geomagnetic declination, 116 
geomagnetic equator, 116 
geomagnetic field, 13, 115-117 
geomagnetic inclination, 116 
geomagnetic lines of flux, 115 
geomagnetic poles, 115 
geomagnetic storm, 117 
geostationary satellite, 424, 556-557 
germanium, 316 
gigabit, 448 
gigabit per second, 571 
gigabyte, 449, 570 
gigacycle, 143 
gigahertz, 28, 143-144 
gigawatt, 265 
gilbert, 32, 120 


683 


GLC. See conductance/inductance/capacitance 


Global Positioning System, 533-534 
GPS. See Global Positioning System 
graphic equalizer, 389, 545-546 
grayscale, 416 
gripper, 588—589 
ground 

bus, 477-478 

chassis, 57, 340 

earth, 57, 345 

electrical, 340, 477 

loop, 477-478 

loss, 421 

for power supply, 345 

radial system, 475, 477 

radio-frequency, 477 
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ground (Cont.) hydrogen, 3-4, 110-111 
signal, 358 hydrogen fuel cell, 110-111 
systems for antennas, 477-478 hypertext, 583 

erounded-cathode circuit, 508-509 hysteresis loss, 288-289 


erounded-grid circuit, 508-509 


eround-mounted vertical antenna, 475 


eround-plane antenna, 475 I 

Gunn diode, 330-331 IC. See integrated circuit. 
Gunn effect, 330 ideal battery, 104-105 
Gunnplexer, 331 ideal cell, 104-105 


IF. See intermediate frequency 
illumination meter, 48—49 


H image 
hacker, 562-563 compression, 451 
half-wave dissector, 512—513 

antenna, 473-474 orthicon, 512 

rectification, 28-29, 325-326, 338-340, resolution, 513, 576, 578 

342-343 in superheterodyne receiver, 426, 428 

ham radio, 559-560 transmission, video, 416-418 
handheld scanner, 579 imaginary number 
handoff, 554 definition of, 229 
hand-print recognition, 565 line, 229-230 
hard drive, 128, 571-572 unit, 229 
harmonic, 148-149, 280, 326-327, 539 IMD. See intermodulation distortion 
Hartley oscillator, 394-395 IMPATT diode, 331 
HDTV. See high-definition television impedance 
headphone radio, 546 absolute value of, 235 
headset, 543 characteristic, 236-238, 274-275, 297-299, 
heatsink, 338 484 
helical antenna, 485 complex, 229-238, 248, 255-256, 259 
helium, 4 matching, 88, 238, 275, 294-299, 474 
henry, 161 measurement of, 258 
heptode tube, 507-508 mismatch, 275 
hertz, 27-28, 143-144 nonreactive, 235 
heterodyne, 327 purely resistive, 235, 259 
hexadecimal number system, 443 step-down transformer, 296 
hexode tube, 507-508 step-up transformer, 296 
HE See high frequency surge, 236 
high-definition television, 417-418 transfer ratio, 296 
high frequency, 424 vector representation of, 234, 247-248 
highpass response, 493-494 independent variable, 148 
high-tension transmission line, 155, 293 indirectly heated cathode, 505-506 
hole, 10, 317-318 induced current, 286 
horizontal polarization, 421 inductance 
horn antenna, 485-486 definition of, 160-161 
hot-wire meter, 39 mutual, 161-162, 164-166, 168 


hue, in color image, 453 in parallel, 163-164 
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inductance (Cont.) 

in series, 161—162 

stray, 171 

unit of, 161 

unwanted, 171 
inductance/capacitance, 277, 523 
inductive reactance 

definition of, 201 

frequency and, 202—203 

RL plane and, 203-205 
inductor 

at audio frequencies, 169 

definition of, 161 

practical, 161 

at radio frequencies, 169-170 

roller, 396 

transmission lines as, 169-170 
inference engine, 605—606 
infrared 

definition of, 13 

intensity measurement, 49 

motion detector, 590-591 

transducer, 519 
infrared-emitting diode, 331 
inkjet printer, 577 
instantaneous amplitude, 143, 151 
instantaneous maximum, 27 
instantaneous power, 266 
instantaneous rate of change, 189 
instantaneous voltage, 29, 189 
insulated-gate field-effect transistor, 

371 

insulator, 8—9 
integrated circuit 

advantages of, 491—492 

capacitor, 181—182 

comparator, 496 


complementary metal-oxide-semiconductor, 
p y 


497—498 
demultiplexer, 496 
digital, 496-498 
emitter-coupled logic, 495—496 
limitations of, 492 
linear, 492—496 
memory, 499 
metal-oxide-semiconductor, 


497—498 


Index 


integrated circuit (Cont.) 
multiplexer, 496 
operational amplifier, 402, 493—495 
regulator, 344 
resistor, 90 
timer, 496 
transistor-transistor logic, 496—497 
voltage regulator, 495 
integrator, 495 
interactive photovoltaic system, 110 
interelectrode capacitance, 184, 508 
interference 
in communications, 437 
pattern, 513 
interlacing, 576 
intermediate frequency, 426, 428 
intermodulation distortion, 427 
internal modem, 581 
internal resistance, 40, 41, 104 
Internet 
address, 582 
cell phones and, 555-556 
domain name, 582—583 
domain type, 583 
electronic mail and, 582-583 
newsgroups, 583-584 
origin of, 581 
packets and, 581 
protocol, 581 
service provider, 581 
World Wide Web and, 583 
interwinding capacitance, 289-290 
intrinsic semiconductor, 328 
inverse tangent, 209 
inversion, logical, 444 
inverter, logical, 444-446 
ion, 6 
ionization potential, 588 
ionosphere, 421-422 
ionospheric propagation, 421-422 
interlacing, 418 
IRED. See infrared-emitting 
diode 
Iris-print recognition, 565 
iron-core coil, 56 
irregular wave, 147-148 
isotope, 4 
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isotropic antenna, 478 
iterative process, 7 | 


J 


j operator, 204 

JFET. See field-effect transistor 

jitter, 418 

J-K flip-flop, 447-448 

joule, 25-27 

joystick, 520 

junction capacitance, 320-321, 326, 330 


K 

KB. See kilobyte 

kbps. See kilobit per second 

keying 
audio-frequency-shift, 408 
frequency-shift, 408 
on/off, 407-408 

kilobaud, 580 

kilobit, 448 

kilobit per second, 571 

kilobyte, 449, 570 

kilocycle, 143 

kilohertz, 28, 143-144 

kilohm, 20 

kilosiemens, 22 

kilovolt, 17 

kilowatt, 24, 265 

kilowatt-hour, 25-27, 46 

kilowatt-hour meter, 46 

Kirchhoff's Current Law, 76 

Kirchhoff’s First Law, 75-77 

Kirchhoff’s Second Law, 77-78 

Kirchhoff’s Voltage Law, 77 

Klystron, 513-514 


L 

lag, angle of, 207-210 
lagging phase, 194 

lamp, incandescent, 57 
LAN. See local area network 
lantern battery, 106 


large-scale integration, 498 
laser beam, 588-589 
laser printer, 577 
latency, 556-557 
LC. See inductance/capacitance 
LCD. See liquid-crystal display 
lead-acid battery, 107-108 
leading phase, 194 
leakage resistance, 218 
LED. See light-emitting diode 
LEO. See low-earth-orbit satellite 
LE See low frequency 
light meter, 48-49 
light-emitting diode, 331 
lightning, 12 
limiter, 329, 432 
linear amplifier, 385 
linear displacement transducer, 519 
linear function, 492-493 
linear integrated circuit, 492-496 
linearity, 541 
linear-taper potentiometer, 90-91 
lines of flux, 117-119 
lines of force, 118 
liquid, 7-8 
liquid-crystal display, 50, 331, 416, 
511 
lithium battery, 107 
lithium cell, 107 
LO. See local oscillator 
load, 237, 252, 295, 397, 400 
loading control, 393 
local area network, 558-559 
local node, 452 
local oscillator, 425 
location system, 527-531 
lock-in time, 47 
lodestone, 115-116 
logarithmic-taper potentiometer, 
91-92 
logic 
binary, 443-444 
board, 569 
emitter-coupled, 496-497 
gates, 444-446 


metal -oxide-semiconductor, 497-498 


logic (Cont.) 
negative, 444-445 
positive, 444-445 
transistor-transistor, 496-497 
log-log graph, 358 
log-polar navigation, 532-533 
log-taper potentiometer, 91-92 
longwire antenna, 481 
loop, 276 
loop antenna, 476-477 
loopstick antenna, 476 
loran, 532 
loss 
in decibels, 93-94, 379-381 
ohmic, 293 
resistance, 471-472 
lossless image compression, 451 
lossy image compression, 451 
loudness, 540 
loudness meter, 47-48 
low frequency, 424 
low-earth-orbit satellite, 424, 556-557 
lower sideband, 409-411 
lowpass response, 493-494 
LSB. See lower sideband 
LSI. See large-scale integration 
lumen, 49 


M 
machine 

hearing, 597 

language, 575 

vision, 529, 597—600 
magnet, permanent, 117, 124 
magnetic compass, 155-116 
magnetic dipole, 119 
magnetic disk, 128 
magnetic field, 30, 120, 419 
magnetic field strength, 120 
magnetic force, 117 
magnetic flux density, 32 
magnetic levitation, 117 
magnetic lines of flux, 30-31, 117-118 
magnetic pole, 31, 119 
magnetic tape, 127 


Index 


magnetic units, 32 
magnetism, 30-32, 115-140 
magnetomotive force, 32, 40 
magnetron, 513 

magnitude of vector, 191 
majority carrier, 10, 318 
make-before-break, 555 
manipulator, 592 

mark, 408, 430 

master/slave flip-flop, 447 
matrix, 64 

maximum deliverable current, 104 
maxwell, 32, 120 

MB. See megabyte 

mbps. See megabit per second 
medium-earth-orbit satellite, 557-558 
medium frequency, 424 
medium-scale integration, 498 
megabit, 448 

megabit per second, 571 
megabyte, 449, 570 
megacycle, 143 

megahertz, 28, 143-144 
megasiemens, 22 

megavolt, 17 

megawatt, 24, 265 


megohm, 20 
memory 
backup, 499 


capacity, 575 
channels, in hi-fi tuner, 543 
drain, in nickel-based cell, 108 
flash, 573 
integrated-circuit, 499 
nonvolatile, 499 
random-access, 499, 574-575 
read-only, 499 
volatile, 499 
MEO. See medium-earth-orbit satellite 
mercuric-oxide battery, 106-107 
mercuric-oxide cell, 106-107 
mercury 
battery, 106-107 
cell, 106-107 
mercury-vapor tube, 506 
metal-film resistor, 89—90 
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metal oxide, 317 
metal-oxide semiconductor, 370-373 
metal -oxide-semiconductor field-effect transistor, 
370-373 
meteor scatter propagation, 422-423 
meteor shower, 422 
meter, schematic symbol, 56 
meter shunt, 40-41 
methane, in fuel cell, 111 
methanol, in fuel cell, 111 
ME See medium frequency 
mica capacitor, 180, 399 
micro fuel cell, 111 
microammeter, 41 
microampere, 19 
microfarad, 177 
microhenry, 161 
microprocessor, 447, 569-570 
microsiemens, 22 
microvolt, 17 
microwatt, 24, 265 
microwave band, 513 
midrange 
sound, 538 
speaker, 543 
military-level security, 562-563 
military specifications, 562 
milliampere, 19 
millihenry, 161 
milliohm, 22 
millisiemens, 22 
millivolt, 17 
milliwatt, 24, 265 
minority carrier, 10, 318 
mixer 
audio, 544-545 
radio-frequency, 426 
mixing product, 327 
mobile hi-fi system, 546 
mobile operation, in amateur radio, 559 
modem, 408, 449, 555-556, 559, 
580-581 
modular construction, 492 
modulation 
amplitude, 149-150, 409-410 
definition of, 407 


modulation (Cont.) 

envelope, 266 

index, 414 

in modem, 580 

phase, 413-414 

pulse, 414-415 

reactance, 413 

waveform, 385 
modulator, balanced, 411-412 
modulator/demodulator. See modem 
molecule, 7-8 
monitoring system, 587-591 
monopole, electric, 119 
moonbounce, 423 
Morse code, 385, 407-408, 446 
MOS. See metal-oxide semiconductor 
MOSFET. See metal-oxide-semiconductor field- 

effect transistor 

motherboard, 569 
motion detector 

infrared, 590-591 

ultrasonic, 591 
motor, 13, 126, 520-521 
motor/generator, 521-522 
mouse, 520 
M/S flip-flop, 447 
MSI. See medium-scale integration 
multimeter, 40-41, 44 
multiplexing, 436, 496 
multivibrator oscillator, 401-402 
Murray code, 446 
music synthesizer, 400 
mutual inductance, 161-162, 164-166, 168 


N 

NAND gate, 445-446 
nanoampere, 19 

nanohenry, 161 

nanowatt, 265 

narrowband FM, 413 
navigation, robot, 600-602 
navigational methods, 531-534 
negative feedback, 393 
negative peak amplitude, 152 
negative resistance, 233, 330 


negative temperature coefficient, 96 
network 

of computers, 449 

local area, 558-559 

wireless, 558-559 
neutron, 3-4 
newsgroups, Internet, 583-584 
nickel-based battery, 108 
nickel-based cell, 103, 108 
node 

acoustic, 540 

in communications, 451-452 
noise 

atmospheric, 391 

background, 541 

figure, 391, 425 

white, 391 
nonelectrical energy, 13-14 
nonlinear scale, 43 
nonlinearity, 326-327, 357 
nonreactive impedance, 235 
nonvolatile memory 499 
nonvolatility, 128, 499 
NOR gate, 445-446 
north geomagnetic pole, 115 
north magnetic pole, 119 
NOT 

gate, 445-446 

operation, 443 
notation, 24-25 
notch filter, 433 
NPN transistor, 352 
N-channel field-effect transistor, 365-366 
N-type semiconductor, 10, 109-110, 317-318 
N-type silicon, 109-110 
nucleus, 3 
number system 

binary, 442 

decimal, 442 

hexadecimal, 443 

octal, 443 


O 


OCR. See optical character recognition 
octal number system, 443 


Index 


octet, 448 
ohm, 9, 20-22 
ohm per foot, 20 
ohm per kilometer, 20 
ohm per meter, 20 
ohmic loss, 293 
ohmic value, 95 
ohmmeter, 43—44 
Ohm’s Law 
for ac circuits, 299-261 
for de circuits, 12-13, 58-61 
on/off keying, 407-408 
op amp, 402, 493-495 
open-loop configuration, 493 
operating point, 356 
operational amplifier, 402, 493-495 
optical character recognition, 
579-580 
optical encoder, 522-523 
optical resolution, 598 
optical sensitivity, 597-598 
optoisolator, 332-333 
OR 
gate, 445-446 
operation, 443 
oscillator 
Armstrong, 394-395 
audio, 400-402 
beat-frequency, 425 
Clapp, 396-397 
Colpitts, 395-397 
crystal-controlled, 398 
definition of, 393-394 
Hartley, 394-395 
load impedance of, 397, 400 
local, 425 
multivibrator, 401-402 
reference, 398 
reliability of, 400 
stability of, 396-397, 399-400 
twin T, 401 
voltage-controlled, 330, 397 
oscilloscope, 50, 327, 510 
overdrive, 87, 356-357, 388-389 
overloading, 427 
overshoot, in meter, 39 
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oxygen, 7 
ozone, 7 


P 
packet 
radio, 559 
wireless, 451-452 
padder capacitor, 279 
palette, 453 
paper capacitor, 179 
paraboloidal reflector, 484 
parallel circuit 
power distribution in, 74-75 
parallel data transmission, 450 
parallel resistances, 63, 72-74 
parallel resonance, 252 
parallel-to-serial conversion, 450-451 
parallel-wire transmission line, 169-170, 423 
parasitic antenna, 482-483 
parasitic element, 482 
particle accelerator, 27 
passband, 425 
PB. See petabyte 
PC card, 573 
PCMCIA card, 573 
P-channel field-effect transistor, 365-366 
peak 
amplitude, 151-152 
inverse voltage, 338 
power, 266 
peak-to-peak amplitude, 152 
pen recorder, 49—50 
pentode tube, 507—508 
perigee, 557-558 
period, 143-144, 146 
periodic ac wave, 143 
permanent magnet, 117, 124 
permeability, 122-123, 166-167 
permeability tuning, 167, 396 
personal computer. See computer 
personal identification number, 565 
petabyte, 449, 570 
phase 
angle, 192-195, 207-210, 221-224, 269-270 
coincidence, 192-193 


phase (Conz.) 

comparator, 398 

degrees of, 150 

difference, 151, 192-195 

lagging, 194 

leading, 194 

modulation, 413-414 

opposition, 193 

quadrature, 193 

radians of, 151 

of sound wave, 540 
phased antenna, 480-481 
phase-locked loop, 398-399 
phosphor, 509-510 
photocathode, 512 
photodetector, 416, 588-589 
photodiode, 519 
photoelectric proximity sensor, 525-526 
photomultiplier, 512-513 
photosensitive diode, 332-333, 519 
photovoltaic cell, 13, 48-49, 109-110, 333, 519 
photovoltaic system, interactive, 110 
photovoltaic system, stand-alone, 109 
picket fencing, 421 
pickup head, 127 
picofarad, 177 
piezoelectric crystal, 280, 518-519 
piezoelectric transducer, 518-519 
PIN diode, 328 
pinchoff, 367, 384-385 
pip, 148 
pitch 

of dots in video display, 576 

of motion in robot arm, 593 

of sound, 539 
pixel, 576 
plain old telephone service, 416 
plasma display, 511, 576 
plastic-film capacitor, 180-181 
plate, of electron tube, 505-506 
plate voltage, 509 
platter, in hard drive, 571 
playback 

head, 548 

mode, 548 
PM. See pulse modulation 


P-N junction, 318-321 
PNP transistor, 352-353 
polar orbit, 557 
polarization, wave, 421 
polarizer, 105 
polyethylene capacitor, 180 
polystyrene capacitor, 180, 399 
portable hi-fi system, 546-547 
portable operation, in amateur radio, 559 
position sensor, 603 
positive feedback, 393-394 
positive peak amplitude, 152 
positive temperature coefficient, 96 
pot core, 168, 291-292, 401 
potential, 13 
potential difference, 13, 17, 21, 41 
potentiometer 
audio-taper, 91-92 
linear-taper, 90-91 
logarithmic-taper, 91-92 
log-taper, 91-92 
schematic symbol, 55 
slide, 90 
POTS. See plain old telephone service 
power 
amplification, 384-388 
amplifier, 391-393 
apparent, 265-267 
calculations, 61-62 
defined, 23-24, 265 
dissipation, 86-87 
division of, 64 
effective, 266 
effective radiated, 478 
factor, 269-273 
forward, 267 
gain, 357, 380-381 
input, dc, 386-387 
instantaneous, 266 
output, 387 
peak, 266 
rating, of resistor, 95—96 
reactive, 267-273 
reflected, 267 
supply, 337-351 
transformer, 292-294, 337-338 


Index 


power (Cont.) 

transmission, 273-276 

true, 267-275, 281 

units of, 265 

VA, 268-274 
prefix multiplier, 24 
preamplifier, 427 
preselector, 425, 428 
pressure sensor 

back, 524-525 

capacitive, 523 

elastomer, 524 
primary cell, 102-103 
primary colors, 599 
primary winding, 286-288 
printer 

dot-matrix, 578 

image resolution of, 578 

inkjet, 577 

laser, 577—578 

thermal, 578 
product detector, 431-432 
programmable multiplier/divider, 398 
propagation, wave, 421-423 
propane, in fuel cell, 111 
proton, 3-4 
proximity sensor 

capacitive, 524-525 

photoelectric, 525-526 
P-type semiconductor, 10, 109-110, 

317-318 

P-type silicon, 109-110 
pulsating direct current, 28 
pulse modulation, 414-415 
purely resistive impedance, 235, 259 
push-pull amplifier, 385-386 


Q 


quad antenna, 482-483 

quad stereo, 547 

quadraphonic sound, 547 

quality control, 588-589 

quarter-wave vertical antenna, 474-476 
quick-break fuse, 347 

quiet room, 540 
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R 
rack-mounted hi-fi system, 542 
radar, 527-528 
radial leads, 96 
radial system, ground, 475, 477 
radian, 151 
radians of phase, 151 
radiant-heat detector, 590 
radiation resistance, 281, 471-472 
radio direction finding, 476, 530-531 
radio-frequency 
amplification, 391-393 
bands, 423-424 
field strength, 479-480 
ground, 477 
interference, 549-550 
spectrum, 420 
transformer, 297-299 
radiolocation, 589 
radioteletype, 408 
RAM. See random-access memory 
random-access memory, 499 
range 
plotting, 602 
in radar, 528 
sensing, 602 
in spherical coordinates, 602 
raster, 418 
ratio detector, 432 
RC. See resistance/capacitance 
RDE See radio direction finding 
reach, 595-596 
reactance 
capacitive, 214-228, 239 
inductive, 200-213, 239 
modulation, 413 
power consumption and, 
268 
reactive power, 267-273 
read-only memory, 499 
read-write 
head, in hard drive, 571 
memory, 499 
recelver 
direct-conversion, 425, 432 
double-conversion, 426 


receiver (Cont.) 
dynamic range, 425 
noise figure, 425 
selectivity, 425 
sensitivity, 425 
single-conversion, 426 
superheterodyne, 425-427 
reception 
dual-diversity, 434-435 
wireless, 424-437 
record mode, 548 
recording head, 127, 548 
rectangular coordinate geometry, 
595 
rectangular response, 428 
rectangular wave, 145 
rectangular waveguide, 483—484 
rectification 


full-wave, 28-30, 339-343 


half-wave, 28-30, 325-326, 338-340, 


342-343 
rectifier 
diode, 325-326, 338 
full-wave bridge, 339-314 
full-wave center-tap, 339-340 
half-wave, 325-326, 338-340 
selenium, 338 
silicon, 338 
red/green/blue, 453-454 
reference antenna, 478 
refresh rate, 576 
reflected power, 267 
reflector 
corner, 485-486 
in dish antenna, 484-485 
in helical antenna, 485 
paraboloidal, 484 
in parasitic antenna, 482 
spherical, 484-485 
reference oscillator, 398 
relay 
normally closed, 125 
normally open, 125 
remanence, 122-123 
repeater, 554-555 
residual magnetism, 122-123 


resistance 
calculations, 60—61 
definition of, 9, 20-22 
leakage, 218 
loss, 471-472 
negative, 233, 330 
parallel, 63, 72-74 
radiation, 281, 471-472 
series, 62, 69-71 
series-parallel, 64—65 
resistance/capacitance 
circuit, 523 
phase angle, 221-224 
plane, 218-220 
resistance/inductance 
phase angle, 207-210 
plane, 203-205 
resistance/inductance/capacitance circuit, 
248-250, 257-258, 277 
resistivity, 20 
resistor 
bleeder, 87-88 
carbon-composition, 88—89 
carbon-film, 89-90 
color code, 96-98 
coupling, 88 
current-equalizing, 346 
defined, 9, 21 
film-type, 89-90 
fixed, 88-90 
impedance-matching, 88 
integrated-circuit, 90 
metal-film, 89-90 
ohmic value of, 95 
power rating of, 95-96 
schematic symbol, 55 
temperature-compensated, 96 
tolerance, 95-96 
uses of, 85-88 
wirewound, 89 
resolution 
in high-definition television, 418 
image, 513, 576 
in slow-scan television, 471 
optical, 598 
of printer, 578 
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resolution (Cont.) 
sampling, 415-416 
of scanner, 579 
resonance 
definition of, 247, 252, 276 
parallel, 252, 277-278 
series, 247, 276-278 
resonant devices, 280-282 
resonant frequency, 276-278 
resonant notch, 493-494 
resonant peak, 493-494 
response time, in meter, 39 
retarding field, 513-514 
retentivity, 122-123 
retracing, 417 
reverse bias, 320, 330, 354-355 
revolute geometry, 596-597 
RE See radio-frequency 
RFI. See radio-frequency interference 
RGB. See red/green/blue 
rheostat, 92—93 
rim drive, 549 
ringer, 124 
ripple frequency, 340 
rise, in sawtooth wave, 146 
robot 
arm, 588-589, 592-597 
generations, 591—592 
hearing, 597 
leg, 603 
navigation, 600—602 
vision system, 597—600 
robotics, Asimov’s three laws of, 
592 
roll, of motion in robot arm, 593 
roller inductor, 396 
ROM. See read-only memory 
root-mean-square amplitude, 153 
rotating vector, 190-192 
rotation, 596 
rotor, in variable capacitor, 182 
“rounding-off bug,” 71 
R-S flip-flop, 447-448 
R-S-T flip-flop, 447-448 
RTTY. See radioteletype 
RX plane, 233-236 
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S 


safety, in electrical work, 30 
sampling 
rate, 416 
resolution, 415-416 
satellite 
geostationary, 424, 556-557 
low-earth-orbit, 424, 596-597 
medium-earth-orbit, 557—558 
radio, 542 
systems, 424 
saturation 
of bipolar transistor, 354-356 
in color image, 453 
of ferromagnetic core, 166 
sawtooth wave, 146-147 
scan 
converter, 434 
mode, 543 
scanner 
basic features, 579 
configurations, 579-580 
optical character recognition and, 
579-580 
schematic diagram, 55-57 
schematic symbols, 55-56 
scrambling, 547 
secondary cell, 102-103 
secondary electron, 512 
secondary winding, 286-288 
second-generation robot, 592 
sector, in hard drive, 571-572 
security 
in communications, 561—565 
levels of, 561-563 
seek mode, 543 
selective squelching, 433 
selectivity, of receiver, 425 
selenium 
chemical element, 316 
rectifier, 338 
selsyn, 521 
semiconductor 
capacitor, 181-182 
definition of, 9-10 
diode, 318-319 


intrinsic, 328 


semiconductor (Cont.) 

materials, 316-317 

N-type, 10, 109-110, 317-318 

P-type, 10, 109-110, 317-318 
sensitivity 

optical, 597-598 

receiver, 425 
sensor 

back-pressure, 524-525, 603 

capacitive, 523, 524-525 

definition of, 523 

elastomer, 524 

photoelectric, 525-526 

position, 603 

proximity, 524-526 

texture, 326-527 
sequencing code, 437 
sequential logic gate, 446 
serial 

data port, 580 

data transmission, 450 
serial-access storage, 573 
serial-to-parallel conversion, 450-451 
series circuit 

power distribution in, 74 
series-parallel resistances, 64-65 
series resistances, 62, 69-71 
series resonance, 247 


series-tuned Colpitts oscillator, 396-397 


servo, 599 
shape factor, 428 
sheet scanner, 579 
shelf life, 104 
shell, electron, 4—5 
shell method, 289-290 
SHE See superhigh frequency 
shortwave 
band, 560 
listening, 560-561 
shoulder, 596 
shunt resistance, 40-41 
sideband, 409-412 
signal 
comparison, 529-531 
mixing, 327 
signal-plus-noise-to-noise ratio, 425 
signal-to-noise ratio, 425 


Channel 2 Black lead 
Channel 2 oscilloscope from function 
ground clip probe generator 


Channel 1 Channel 1 Red lead 

oscilloscope ground clip from function 

probe generator 
In Figure 11.25 , the signal across the 
primary coil is represented by the upper 
waveform, and the signal across the resistor 
is represented by the lower waveform. Read 
the number of divisions for the peak-to-peak 
voltage of the upper waveform, and multiply it 
by the corresponding VOLTS/DIV setting to 
determine V pp for the signal across the 


primary coil. Read the number of divisions for 
the peak voltage of the lower waveform, and 
multiply it by the corresponding VOLTS/DIV 


significant figures, 60 
silicon 
chemical element, 316 
rectifier, 338 
steel, 288 
silver-mica capacitor, 399 
silver-oxide battery, 106 
silver-oxide cell, 106 
sine function, 144 


sine wave, 28, 144-145, 188-199, 400-401, 


539 

single-conversion receiver, 426 
single sideband, 410-412, 432 
sky wave, 421-422 
slide potentiometer, 90 
slope detection, 429, 432 
slow-blow fuse, 347 
slow-scan television, 416-417 
small-scale integration, 498 
smoke detector, 587-588 
solar cell, 48-49, 333 
solar flare, 117 
solar panel, 108, 109, 333 
solar sail, 115 
solar wind, 115-116 
solenoid, 92, 124, 168 
solenoidal core, 290 
solid, 7-8 
sonar, 529-530 
sound-level meter, 48 
sound power, 94 
source 

of field-effect transistor, 365 

follower, 375 
south geomagnetic pole, 115 
south magnetic pole, 119 
space, 408, 430 
spacecraft cell, 108 
spark coil, 161 
speaker, 543 
spectral display, 409-410 
spectrum analyzer, 327 
spell checker, 580 
spherical coordinates, 602 


spherical reflector, 484-485 


spread-spectrum communications, 


437 
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square wave, 145 
squelch, 433 
SSB. See single sideband 
SSI. See small-scale integration 
SSTV. See slow-scan television 
stand-alone photovoltaic system, 109 
static current amplification, 356 
static electricity, 11-12 
static triggering, 447 
stator, in variable capacitor, 182 
step angle, 520 
step-down transformer, 286 
stepper motor, 520-521 
step-up transformer, 286 
stereoscopic vision, 598 
storage capacity, 103-104 
standing waves, 275-276 
stray inductance, 171 
streaming audio, 542 
stroke, 12 
subscriber, 452 
substrate, 109-110, 365-366 
superheterodyne receiver, 425-427 
superhigh frequency, 424 
superimposed dc, 153-154 
supply reel, 548 
surface wave, 421 
surge 
current, 342, 346 
impedance, 236 
protector, 346 
susceptance 
capacitive, 238-239 
definition of, 238 
inductive, 238—239 
switching diode, 328 
synchro, 521-522 
synchronized communications, 
435 
synchronous flip-flop, 447-448 


T 

T flip-flop, 447 

tachometer, 522 

take-up reel, 548 

tantalum capacitor, 181-182 
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tape 
analog audio, 548 
digital audio, 549 
drive, for computer, 573 
hiss, 541 
magnetic, 127 
player, 542 
recording, 127 
TB. See terabyte 
telechir, 603-605 
telemetry, 603-605 
teleoperation, 521 
telephone modem, 580 
telepresence, 603—605 
television 
broadcast channels, 433 
digital cable, 434 
digital satellite, 418 
fast-scan, 417-418, 433-434 
high-definition, 417-418 
reception, 433-434 
slow-scan, 416-417 
temperature coefficient 
of capacitor, 184 
negative, 96, 184 
positive, 96, 184 
zero, 184 
temperature-compensated resistor, 96 
temperature compensation, 96 
terabyte, 449, 570 
terahertz, 144 
terminal node controller, 451-452 
terminal unit, 408 
terminals, schematic symbol, 57 
tesla, 32, 120 
tetrode tube, 507 
texture sensor, 526-527 
theoretical current, 72 
thermal heating, 39 
thermal printer, 578 
thermocouple, 39 
thermocouple principle, 39 
third-generation robot, 592 
three-wire ac system, 345 
threshold detector, 319 
threshold of hearing, 48, 94, 
540 


timbre, 539 
time domain, 148, 194, 327 
time-division multiplexing, 436 
timer, 496 
TNC. See terminal node controller 
tolerance, 43, 95-96, 184 
tone control, 389, 544 
toroid, 92, 167—168, 290-291 
toroidal core, 290-291, 402 
touch pad, 520 
track, in hard drive, 571—572 
trackball, 520 
tracking, in receiver tuning, 428 
transceiver, 554—555 
transconductance, 370 
transducer 
acoustic, 597 
displacement, 519-523 
dynamic, 517-519 
electrostatic, 517-518 
infrared, 519 
piezoelectric, 518-519 
visible-light, 519 
wave, 517-519 
transformer 
audio-frequency, 294 
balanced-to-unbalanced, 295 
balun, 295 
broadband, 297 
core method of winding, 289-290 
coupling, 295, 389-391 
E-core, 289-290 
ferromagnetic cores in, 288—289 
for impedance matching, 275, 294-299 
interwinding capacitance of, 289-290 
iron, 288 
pot-core, 291-292 
power, 292-294, 337-338 
primary winding of, 286-288 
principle of, 286-289 
radio-frequency, 297-299 
ratings, 337-338 
secondary winding of, 286-288 
shell method of winding, 289-290 
solenoidal-core, 290 
step-down, 286, 337 
step-up, 286, 337 


transformer (Cont.) 
toroidal, 290-291 
transmission-line, 297-299 
turns ratio of, 287-288 
unbal, 295 
unbalanced-to-balanced, 295 
volt-ampere capacity of, 337-338 
transient 
definition of, 346-347 
suppressor, 346 
transistor 
amplifier, basic, bipolar, 381-382 
amplifier, basic, field-effect, 382-383 
base of, 353 
battery, 106 
biasing, 353-357, 367-370 
bipolar, 352-364, 425 
collector of, 352 
drain of, 365 
emitter of, 352 
field-effect, 365-378, 425 
gate of, 365 
NPN, 352 
PNB 352-353 
power, 344-345 
size of, 315 
source of, 365 
transistor-transistor logic, 496-497 
transmatch, 299, 474 
transmission line 
balanced, 295 
characteristic impedance of, 236-238 
coaxial, 170, 236-237, 423 
dielectric in, 170 
as inductor, 169-170 
mismatched, 275 
parallel-wire, 169-170, 236-237, 423 
power measurement in, 274 
section, 280 
standing waves in, 275-276 
transformer, 297-299 
unbalanced, 295 
velocity factor of, 280 
waveguide, 423, 483-484 
transmission, wireless, 407-418 
transponder, 589 
treble, 389, 538 
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triangular wave, 146-147 
trimmer capacitor, 183 

triode tube, 507 

tropospheric propagation, 422 
true power, 267-275, 281 

TTL. See transistor-transistor logic 
TU. See terminal unit 

tube. See electron tube 

tubular capacitor, 180 
tuned-circuit coupling, 390-391 
tuned power amplifier, 391-393 
tuner, 543 

tuning control, 393 

tunnel diode, 331 

turns ratio, 287-288 

turntable, 542 

TV. See television 

tweeter, 543 

twin T oscillator, 401 

twinlead, 295 

two-wire ac system, 345 


U 

UHE See ultrahigh frequency 

ULSI. See ultra-large-scale integration 
ultrahigh frequency, 417, 424, 513 
ultra-large-scale integration, 498 
ultrasonic motion detector, 591 
ultraviolet, 49 

unbal, 295 

unbalanced load, 295 

unbalanced transmission line 295 
uninterruptible power supply, 107 
Universal Serial Bus, 573 

unwanted inductance, 171 

upper sideband, 410-411 

UPS. See uninterruptible power supply 
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USB. See upper sideband, Universal Serial Bus 


user identification, 565 
username, 582-583 


V 

VA power, 268-274 
vacuum tube, 504 
valve. See electron tube 
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Van de Graaff generator, 11 voltage (Cont.) 
varactor, 321, 413 spike, 346 
variable capacitor, 182-184 transient, 346-347 
vector Zener, 319 
admittance, 241 voltage-controlled oscillator, 330, 397 
in complex-number plane, 232 volt-ampere, 45, 265-266, 268-273, 337-338 
definition of, 191 voltmeter, 41-42, 44-45 
diagram, 195 volt-ohm-milliammeter, 44 
direction of, 191, 232 volume 
impedance, 234 control, 389 
magnitude of, 191, 232 of sound, 540 
in RC plane, 219-220 unit, 47-48 
rendition of sine wave, 195 volume unit, 47-48 
in RL plane, 205 volume-unit meter, 47-48 
rotating, 190-192 VU. See volume unit 


velocity factor, 170, 280, 419-420 
vertical antenna, 473-476 


vertical polarization, 421 W 
very high frequency, 417, 424 watt, 23—24, 265 
very low frequency, 424 watt rms, 47 
very-large-scale integration, 498 watt-hour, 25—27, 46 
vestigial sideband, 417 watt-hour meter, 46 
vidicon, 511 wattmeter, 45, 387 
VHE See very high frequency wave 
vinyl disk, 549 complex, 147—148 
visible-light transducer, 519 composite, 151 
vision system, 529, 597—600 cosine, 189 
VLE See very low frequency derivative of, 189 
VLSI. See very-large-scale integration irregular, 147—148 
voice-pattern recognition, 565 polarization, 421 
volatile memory, 499 propagation, 421—423 
volt, 17—18 rectangular, 145 
voltage sawtooth, 146-147, 539 
calculations, 60 sine, 28, 144—145, 188—199, 400—401, 
conservation of, 77 539 
divider network, 78-80 sky, 421-422 
doubler, 341 square, 145, 539 
gain, 357, 380 surface, 421 
instantaneous, 29, 189 transducer, 517-519 
loop, 276 triangular, 146-147, 539 
negative-going, 188-189 waveform, 539 
node, 276 waveguide, 423, 483-484 
peak inverse, 338 wavelength versus frequency, 419 
positive-going, 188-189 weak-signal amplifier, 391 
regulation, 328-329, 341, 344-345, weber, 32, 120 


495 Weston standard cell, 103-104 


wet cell, 14 
white noise, 391 
wideband FM, 413 
wire-equivalent security, 561-562 
wireless 
eavesdropping, 561 
network, 558-559 
router, 559 
tap, 561, 564-565 
wireless-only encryption, 563-564 
wiretapping, 561 
wirewound resistor, 89 
wiring diagram, 56-57 
woofer, 543 
word, in Morse code, 408 
work envelope, 594 
World Wide Web, 583 
wrist, 596-597 


X 
XOR gate, 445—446 


Y 
Yagi antenna, 482—483 
yaw, of motion in robot arm, 593 


Z 
Zener diode, 328-329, 344-345 
Zener voltage, 329 
zepp antenna, 473—474 
zero beat, 425 
zero bias, 353-354 
zero temperature coefficient, 
184 


zinc-carbon cell, 105 
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setting to determine V p for the signal across 
the resistor. 
Figure 11.25 


4 divisions 
peak-to-peak 


2.2 divisions 
to peak 


As you measure V pp and Vp, you may 


need to adjust the TIME/DIV, VOLTS/DIV, 
and vertical POSITION controls on the 
oscilloscope. The controls shown in Figure 


11.26 are adjusted to measure V pp in the 
primary coil and V p across the load resistor 
for Circuit # 1. 

Figure 11.26 
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Foreword 


Most electronics books for novices and hobbyists either teach the basics or present 

a set of do-it-yourself projects. This book breaks the rules by reverting back to what 
most of us did long before we even read an electronics magazine or book. We took 
things apart to find out how they worked. And that's precisely what Bryan Bergeron, 
the editor of Nuts & Volts magazine, has so expertly done in this remarkably 
interesting, nicely illustrated, and fun-to-read book. 

While Teardowns is appropriately subtitled How Electronics Work by Taking 
Them Apart, the book is much more than this. It begins with an introduction that 
summarizes the keys to working with basic electronic circuits in only 13 fast moving 
pages, each of which is packed with practical tips and advice based on the author's 
extensive experience with hands-on electronics. The book then jumps straight to 
a series of commercially available electronic products that the author opens, pries 
into, disassembles, and photographs one step at a time. 

The text is written as 1f Dr. Bergeron, who is a highly experienced electronics 
practitioner, is speaking directly to the reader with a point-by-point commentary 
about each teardown, complete with clear explanations of the operation and function 
of every component. By the time the product is completely disassembled, the reader 
understands the design tricks, component selection, and packaging choices that 
enabled the product to reach the market. 

The teardowns are divided into three sections. Electronic products commonly 
found around the home are disassembled first, including a smoke alarm, motion- 
activated light, digital scale, ultrasonic humidifier, and five others. A section 
for tinkerers includes an intriguing teardown of an analog volt-ohm meter that 
effortlessly teaches more about Ohm's law than most college textbooks. A closing 
section on electronic music takes the reader inside a Fender guitar, an effects pedal, 
and even a vacuum tube audio amplifier. Along the way, Bergeron suggests various 
improvements, modifications, and enhancements that can be added to many of 
the products. He also explores the operation of the various sensors in many of the 
products he investigates, including those that detect light, pressure, sound, and the 
vibration of a metal guitar string. 

The high quality of the many close-up photographs and circuit diagrams greatly 
enhances the value of this book. Considerable time was obviously devoted to the 
photographs, which are crystal clear with excellent lighting and depth of field. Want 
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to know if your solder connections are well done? Just compare yours with the 
examples of sloppy and good connections in the photos. Want to see the different 
layout methods manufacturers use to install surface-mount components and 
conventional parts equipped with pins and wire leads? Just browse through the crisp 
photos of exposed product circuit boards in the first section. 

In the end, the author’s top-down approach to explaining electronics provides 
a unique learning experience and a user-friendly reference for both novices and 
experienced circuit builders. The book is also a useful teaching tool for electronics 
instructors. Old timers will wonder why we didn’t think of this terrific book idea 
before the prolific Bryan Bergeron arrived on the scene. 

Forrest M. Mims III Geronimo Creek Observatory, Texas www.forrestmims.org 
The author of 60 books and a long-time contributor to Nature, Scientific American, Sky & Telescope, 
Popular Mechanics, IEEE Spectrum, and many other magazines and journals, Forrest Mims is 
the most widely read electronics author in the world. His clients have included the National 
Geographic Society, the National Science Teachers Association, and NASA’s Goddard Space Flight 
Center. In 1993, he was named a Laureate in the Rolex Awards for Enterprise. 
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Geronimo Creek Observatory, Texas 
www.forrestmims.org 
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Introduction 


Teardowns: Learn How Electronics Work by Taking Them Apart takes a unique, fun 
approach to learning about electronics by first guiding you through the disassembly 
process of popular electronic devices and then discussing the uncovered components 
and circuitry. That old, broken amplifier or electric guitar in your garage can be 
transformed from a dust collector into the perfect basis for tutorials on learning 

the principles of electronics. As such, you can follow the projects discussed in this 
book as the basis for your own teardowns, even if you are on a restricted budget. 
Moreover, Teardowns is designed as a stand-alone reference, so that you can follow 
and learn from the photographs and descriptions of teardowns without having access 
to a shop, tools, or specific devices. 

As each device is disassembled, the interaction and function of the components 
are discussed, providing an immediate working context for otherwise abstract 
concepts. Moreover, this is much more than a “way things work” book, because 
the teardown process illustrates the physical nature of device construction and 
provisions for mechanical stability, heat transfer, radio frequency interference 
prevention, safety, and design for serviceability—information you won't find on a 
schematic or specifications sheet. In addition, when appropriate, an improvement or 
modification is made to the device and the results are discussed. In this way, that old 
amp rescued from the garage serves as a vehicle for learning and enjoys a second life. 

The inspiration for this book stems in part from human nature and in part from 
my early experiences in electronics. You can probably recall a time when a toy 
or appliance broke and you followed your natural curiosity and disassembled the 
device, sometimes discovering a fix for the problem, but always learning about how 
the device was constructed. In my experience, the texts and booklets on beginning 
electronics provide the theoretical basis for electronics, and necessarily use over- 
simplified, easily digested circuits, often without a discussion of practical design 
considerations. 

In contrast with my readings of texts and magazine articles, my most memorable 
early encounters with electronics were at the workbench, working under the tutelage 
of an experienced technician. I had informal lessons in diagnostics, around whatever 
piece of equipment he happened to be repairing. But among the more enjoyable 
experiences was the teardown. We'd start with a ridiculously inexpensive piece of 
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nonfunctional equipment from a local flea market and either repair it or disassemble 
it for components and spare parts. 

I learned to look for hidden treasures. For example, Tektronix used to include 
a length of silver solder hidden away in its oscilloscopes for repairs. I also learned 
what components tended to fail first in different equipment. Through repeated 
quizzing from my mentor, I learned to differentiate between various types of 
capacitors, inductors, and solid-state components. 

The problem with unguided teardowns is that, without knowledgeable guidance, 
it’s easy for a novice to miss subtle design considerations, such as the mechanical 
stability of electromagnetic interference (EMI) shielding, component placement that 
facilitates convection cooling, or the usefulness of knowing the pinouts of a standard 
transistor package. By providing virtual handholding to virtual teardowns, this book 
serves as a necessary adjunct to the numerous theory-based books and web sites. 


Assumptions 


In developing this book, I’ve made a few assumptions about you, the reader. If you're 
strictly reading along with the teardowns, I assume that you 


e have read at least one introductory book on electronics. 

e can recognize basic active and passive components. 

e have some experience building basic circuits, either from a kit or a web/ 
magazine article. 

e have a natural and insatiable inquisitiveness. 


In addition, if you plan to use this book as a field guide of sorts to real 
teardowns, I assume that, in addition to the above, you 


e have access to and know how to use the basic tools of the trade: screwdrivers, 
cutting and needle-nose pliers, soldering iron, desoldering tools, and a 
multimeter. 

e are aware of basic electrical safety issues. 

e have and use eye protection. Odds are, if you get shocked by a charged capacitor 
or cut yourself with a screwdriver, you'll live and soon forget about it. However, 
if you happen to launch a piece of wire into your eyes with diagonal cutters, 
your vision could be permanently degraded—at least until bionic implants are 
available. Protect your eyes. 


Goals 


I have done my best to insure that, after reading this book, you will 


e have a better understanding of the electronics underlying common electronics 
devices. The teardowns should give you mental anchor points for an otherwise 
abstract theory of electronics. 
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e better understand the connection between a physical device and its 
corresponding schematic. I'll offer a schematic for each device disassembled. 

e be able to tear down and understand electronic devices not covered in the book. 
Pd like you to be able to tear down any device without fear of personal injury or 
of permanently making the device inoperable. 

e better understand the practical considerations that go into electronic product 
design from both functional and manufacturing perspectives. It's one thing 
to design a circuit for a textbook exercise, and another to consider how 
1t might be stressed in a high-temperature environment, when subject to 
vibration and other physical abuse, and used with an imperfect power 
Source. 


Organization 


Teardowns is organized in three main parts, based on the types of electronic devices 
discussed, and two appendices. As you'll see, I don't treat components equally from 
one teardown to the next, but instead focus on what makes a particular device 
unique. For example, resistors and Ohm’s law are merely mentioned in the teardown 
of an ultrasonic measuring device, but they take center stage in the teardown of an 
analog Volt-Ohm-Meter (VOM). 


Part I: Around the Home 


This section targets electronics you're likely to have in and around your home or that 
you might find at a garage sale. The components and topics covered in these nine 
chapters are outlined here. 


Chapter 1: Dual-sensor Smoke Alarm 


This chapter describes the teardown of a residential smoke alarm that features both 
photoelectric and ionization sensors. The following key components and topics are 
covered in this chapter: 


e Ceramic disc capacitors e Photoelectric sensors 

e Decibels e Piezoelectric transducers 
e Electrolytic capacitors e Radiation 

e Epoxy-dipped capacitors e Resistors 

e Infrared LEDs e Silicon diodes 

e lonization sensors e Transistors 

O O 


Photodiodes Zener diodes 
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Chapter 2: Motion-activated LED Light 


The focus of this teardown is a passive infrared motion-activated LED light. The 
following key components and topics are covered in this chapter: 


Chapter 3: Digital Bathroom Scale 


Ambient light sensors 
Battery amp-hours 


CDS (cadmium sulfide) sensors 


Circuit boards 
Electrolytic capacitors 


Fixed-voltage regulators 
Fresnel lens 

LED current limiting resistors 
Passive infrared (PIR) sensors 
SMT transistors 


The typical digital bathroom scale packs a lot of technology into a small, affordable 
package. This chapter describes the teardown of a popular digital bathroom scale. 
The following key topics and components are discussed: 


Chapter 4: Surge Protective Devices 


EEPROMs 

Gauge Factor (GF) 

LCD 

Microcontrollers 
Piezoelectric transducers 


SMT components 
Strain gauges 
Transistors 
Wheatstone bridge 
Zebra connectors 


This chapter features two teardowns of a common surge suppressor strip and a 
power conditioner sold to audiophiles and musicians. The following topics and 


components are covered in this chapter: 


Air gap insulation 
Avalanche diodes 

Bleeder resistors 

Bridge rectifiers 

Ceramic disc capacitors 
Electrical isolation 
Electrolytic capacitors 
Electromagnetic interference 
(EMI) 

Ferrite inductor 

Filter circuits 

Flame-proof resistors 
Illuminated rocker switches 
Joule rating 

Linear filtering 

Metal oxide varistors (MOVs) 
Metalized polyester film 
Capacitors 


Mylar capacitors 

NEMA plugs and jacks 

Neon bulbs 

Relays 

Response time 

Silicon diodes 

Slow-blow fuses 

Thermal circuit breakers and 
fuses 

Thermal MOVs (TMOVs) 
Toroidal inductors 
Transformers 

Transient voltage suppression 
(TVS) diodes 

Tubular ferrite chokes 

UL 1449 rating 

Visible light LED 

Voltage regulators 


Chapter 5: Electronic Pedometer 
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Many dedicated handheld electronic devices, from GPS units to cameras, have been 
consumed by the smartphone. This chapter describes the teardown of one of the last 
holdouts, the stand-alone electronic pedometer. The following topics are covered in 
the teardown: 


Circuit board layout 
Elastomeric buttons 

LCDs 

Mechanical pendulum sensor 
MEMS (micro electro- 
mechanical machine system) 
accelerometers 


Chapter 6: Compact Fluorescent Lamp 


The compact fluorescent (CF) lamp is an evolutionary paradox. Although more 
energy-efficient than a small length of tungsten wire, the complex device violates 
most of the laws of basic engineering. The key concepts and components covered in 
this teardown include the following: 


Chapter 7: Ultrasonic Humidifier 


Capacitive reactance calculations 
Color rendition index (CRI) 
Color temperature 

Diode for alternating current 
(DIAC) 

Diode peak inverse voltage (PIV) 
rating 

Electrolytic capacitors 
Electromagnetic interference 
(EMI) 

Ferrite core inductors 
Flame-proof resistors 

Fusible metal film resistors 


Microcontrollers 

Piezoelectric pendulum sensors 
Potentiometers 

SMT components 

Tuning fork crystal oscillator 
Zebra connectors 


Heat sinks 

High-voltage measurement 
Lumens 

Mercury toxicity 

Power factor 

Silicon diodes 

Silver mica capacitors 
Toroidal transformers 
Total harmonic distortion (THD) 
UV radiation 

Voltage dividers 

Voltage doublers 


This teardown unveils the hidden complexity of a popular ultrasonic humidifier. Key 
issues and components discussed include the following: 


Bicolor LEDs 

Bridge rectifiers 

Brushless DC (BLDC) motors 
Capacitive reactance calculations 
Ceramic disc capacitors 

Closed loop control systems 
Diode PIV rating 


Electrolytic capacitors 
Epoxy-dipped capacitors 
Fast-blow fuses 

Ferrite core inductors 

Hall effect sensors 

Heat sinks 

Inductive reactance calculations 
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e Iron laminate power 
transformers 
LC resonant frequency 


Linear power supply 
Magnetic reed switches 


capacitors 
e Motor controller IC 
e Mylar film capacitors 
e Open loop control systems 


Chapter 8: Digital Hygro Thermometer 


LED current limiting resistors 


Metalized polypropylene film 


Open-air inductors 
Piezoelectric transducers 
Potentiometers 
Response time 

RF oscillator 

Rocker switch 

Silicon power diodes 
Switching diodes 
Transistor current gain 
Transistor switches 


This teardown introduces basic analog sensor circuits. Key component and topics 


discussed include the following: 


Analog sensors 

Circuit board layout 
Humidity sensors 

LCDs 

Measuring relative humidity 
Microcontrollers 


Chapter 9: Stereo Power Amplifier 


RC time constants 

SMT components 
Temperature coefficients 
Thermistors 

Tuning fork crystal oscillator 


This teardown features a popular, inexpensive stereo power amplifier with 


components and circuits you'll likely to find in any modern amplifier. The following 
key components and topics are discussed: 


ASICs 

Audio taper potentiometers 
Bridge rectifiers 

Bridging amplifiers 

Bypass capacitors 
Center-tapped transformers 
Chokes 


Decibels 

°C/W ratings 

DPDT switches 
Dual-polarity power supplies 
Frequency response 

Heat sinks 


Class AB stereo audio amplifiers 


Impedance matching 
Linear power supplies 
Metalized polyester film 
Capacitors 

Mica insulators 

Mylar film capacitors 
Operational amplifiers 
Precision metal film resistors 
Relays 

Signal diodes 
Signal-to-noise (SNR) ratio 
Silicon power diodes 
Silver mica capacitors 
Slow-blow fuses 


Stacked potentiometers 
Switching diodes 

Tantalum capacitors 
Thermal management 
Toroidal power transformers 
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Total harmonic distortion plus 
noise (THD+N) 

Visible-light LEDs 

Zener diode shunt voltage 
regulators 


This section focuses on two electronic instruments you're likely to have (or want) on 
your workbench or toolbox: an analog VOM and a laser-guided ultrasonic distance 


measurer. 


Chapter 10: Analog Volt-Ohm-Meter 


This chapter reveals the circuitry and components found in a typical VOM. The 


following topics and components are discussed: 


Battery internal resistance 
D'Arsonval galvanometers 
Decibel measurement 
Diode forward voltage drop 
Diode PIV 
Electromagnetic buzzers 
Fast-acting fuses 
Full-scale accuracy 
Germanium diodes 

Linear potentiometer 
MOVs 


Meter sensitivity 

Nichrome wire resistors 
Precision metal film resistors 
Resolution, precision, and 
accuracy 

Rotary switch 

Schottky diodes 

Series and shunt resistors 
SMT components 

SMT resistor voltage rating 
Sound pressure calculations 


Chapter 11: Laser-guided Sonic Distance Measurer 


This chapter explores ultrasonic distance measurers and the physics of ultrasound. 
Key topics and components covered in this teardown include the following: 


Analog sensors 

Battery power 

Crystal ageing 

Elastomeric switches 
Electrolytic capacitors 
Fixed-voltage regulators 
Frequency response 

Heat sinks 

LC circuit resonant frequency 
LCDs 

Linear taper potentiometers 
Microcontrollers 


Operational amplifiers 
Resonant frequency calculations 
Signal-to-noise (SNR) ratio 
SMT components 

Sound propagation 
Step-up transformers 
Temperature coefficient 
Thermistors 

Ultrasonic transducers 
Variable voltage regulators 
Visible light laser 

Zener diode voltage clamp 
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Part II]: For Musicians 


The teardowns in this section, for your inner rock star, include an electric guitar, a 
tube-type guitar amplifier, and an effects pedal. The components and topics covered 


in these three chapters are outlined next. 


Chapter 12: Electric Guitar 


This chapter describes the teardown of a Fender American Deluxe Telecaster, 
including a detailed teardown of a magnetic pickup. Topics and components in this 
teardown include the following: 


Active and passive magnetic 
pickups 

Alnico magnets 

Audio jacks and switches 
Audio taper potentiometers 
Bypass capacitors 

Cable capacitance 
Capacitive reactance calculations 
Ceramic disc capacitors 
EMI shielding 

Frequency response 


Chapter 13: Effects Pedal 


In this chapter, I'll tear down a popular distortion pedal for the electric guitar. The 


following key components and topics are discussed: 


Amplifier design 

Audio jacks and switches 
Audio taper potentiometers 
Ceramic disc capacitors 
Clipping 

Electrolytic capacitors 


Humbucking magnetic pickups 
Identifying magnet polarity 
LC circuit resonant frequency 
Measuring magnetic field 
strength 

MIDI 

Noise reduction 

Piezoelectric pickups 

RC filters 

Star ground configuration 
Wire insulation 


Germanium diodes 
Intentional audio distortion 
Mylar film capacitors 
Operational amplifiers 
Silicon diodes 

Visible light LED 


Chapter 14: Vacuum Tube Guitar Amplifier 


The focus of this teardown is an all-tube 5W combo amplifier that's a favorite in the 
modding community because of its affordability and ease of modification. Key topics 
and components discussed in this teardown include the following: 


Audio output transformers 
Audio taper potentiometers 
Bleeder resistors 

Bridge rectifiers 


Bypass capacitors 
Center-tapped transformers 
Ceramic disc capacitors 
Chokes 
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e Class A audio amplifiers e Laminate core power 

e Electrolytic capacitors transformers 

e EMI shielding e Linear power supplies 

e Enclosure acoustics e Metalized polypropylene film 
e Flameproof resistors capacitors 

e Frequency response Mylar film capacitors 

e High-voltage power supply Silicon power diodes 


Slow-blow fuses 
Speaker design 
Thermal management 
Vacuum tubes 


design 
e High-voltage probe design 
e Impedance matching 


Appendixes 


The appendixes include references to help you identify component values and 
learn more about specific topics introduced in the teardowns. Appendix A provides 
common component markings used on leaded and SMT capacitors, resistors, and 
inductors. Appendix B lists online and print resources for more information on 
components, design principles, and the topics discussed in each teardown. 


If You Try This at Home 


Sooner or later, you'll want to replicate at least one of the teardowns described in this 
book, and I encourage you to do so. Teardowns are fun, and there’s no better way to 
learn the practical aspects of electronic device design and construction. However, if 
you're going to make the most of your educational experience, you'll have to exercise 
good judgment and take some commonsense precautions to avoid potentially 
dangerous situations. 


Kill the Power 


Before you start to disassemble an AC-powered device, verify that it’s unplugged. 

I like to keep the AC plug on my workbench where I can see it, next to the device. 
Sometimes I'll wrap the plug with masking tape. Otherwise, in the heat of a 
teardown, you may hurriedly attempt to plug in your soldering iron, only to discover 
a few minutes later that you have a cold iron and a hot power supply. 


Wear Eye Protection 


Wear safety glasses. I like the polycarbonate DeWALT Reinforcer Safety Glasses with 
magnification (www.Dewalt.com) because they're affordable and lightweight, and 
the built-in magnifier is great for working with surface-mount components. 
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Cover Your Skin 


A long-sleeve shirt and full-length pants are a good idea if you plan to work with a 
soldering iron. Solder can splash when you extract components from a circuit board. 
It’s also a good idea to keep a pair of leather gloves handy and wear them when 
there’s a risk of being pinched or punctured. Avoid synthetic gloves because a hot 
soldering iron tip cuts through them like butter. 


Don’t Inhale 


Avoid breathing the fumes from molten solder. The rosin core used with solder is 
a powerful lung irritant. If you use a soldering iron during a teardown, make sure 
your work area is ventilated. 


Wash Your Hands 


Assume the circuit boards you handle are manufactured with lead solder, even if 
they state otherwise. Wash your hands after a teardown, especially before eating 
food or playing with children. Ingesting lead can lead to reduced IQ, anemia, 
attention problems, and seizures, among other problems. Look what lead poisoning 
did for the Roman Empire. 


Beware of High-voltage and High-current Circuits 


With the advent of low-voltage wall transformers and low-voltage components, 
serious electrical shocks from consumer electronics are relatively rare. Even so, I 
have seen a wedding band vaporized by a 12V, high-current circuit. Fortunately, the 
wearer didn’t lose his finger, but he spent a fortune on reconstructive surgery. 

If you tear down an amp or other device with high-voltage vacuum tubes, 
remember that high voltages can linger in the power circuitry for up to several days 
after the amplifier has been turned off and unplugged. My motto: When in doubt, 
short it out. With the amplifier unplugged, take an alligator clip lead, connect one 
end to the chassis ground, and carefully touch the other end to the positive (+) and 
negative (-) terminals on power supply filter capacitors. I usually clip a 100, 5W 
resistor to the lead to limit the initial shorting current. 


Dont Panic 


You can stay safe by maintaining a sense of self-control. Resist the urge to take out 
the 5-pound sledge and flatten that circuit board that you've been trying to extract 
for a half hour. Take a break, come back, and look for the hidden screw (there's 
always at least one); then proceed thoughtfully. The goal, after all, is to learn and 
have fun. And electronics is best enjoyed when you're alive, alert, and intact. 


Black lead 
from function 
generator 


Red lead 
from function 
generator 


Channel 1 Channel 1 Channel 2 Channel 2 
ground clip oscilloscope group clip oscilloscope 

probe probe 
In Figure 11.29 , the signal across the 
primary coil is represented by the upper 
waveform, and the signal across the resistor 
iS represented by the lower waveform. Read 
the number of divisions for the peak-to-peak 
voltage of the upper waveform, and multiply it 
by the corresponding VOLTS/DIV setting to 
determine V pp for the signal across the 
primary coil. Read the number of divisions for 
the peak voltage of the lower waveform, and 
multiply it by the corresponding VOLTS/DIV 


setting to determine V p for the signal across 
the resistor. 
Figure 11.29 
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Establish a Good Work Environment 


For clarity, I photographed the majority of teardowns on a clean white tabletop. 
However, when working off-camera, I use an indestructible, butcher-block 
workbench with a hefty vise and power tools that I can use to crack open just about 
anything. For detailed circuit tracing and analysis, I have an illuminated, ventilated 
Formica work surface with most of my tools within easy reach (see Figure 1). 

You don’t need a special work surface for a teardown. Given an understanding 
spouse, parent, or roommate, a counter top or kitchen table is a fine place for a 
teardown, as long as you protect the surface from dings and scratches. Wherever you 
work, do your best to insure that it's well-lit, adequately ventilated, and immune to 
flying pieces of metal, glass and plastic, and the spray of molten solder. 


Use the Appropriate Tools 


From a safety perspective, use the tools most appropriate for the job. In other words, 
use a hex-head driver to remove a hex nut, as opposed to a pair of needle-nose pliers 
that are likely to slip and either pinch your hand or impale your foot. Not only will 
you save money on bandages, but your tools will last longer. 

The hand tools you'll need for basic teardowns include Phillips and standard 
screwdrivers, needle-nose pliers, diagonal cutters, crescent wrench, and occasionally 
a soldering iron and solder wick braid. Eventually, you'll want to increase your 
arsenal of tools to include a pair of tweezers, a hex driver set, a power screwdriver, 
drill, and illuminated magnifying glass. A lightweight, desktop vise, such as one 
from PanaVise (www.panaviseonline.com), is great for working with small devices 


FIGURE 1 The author’s work environment 
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and reworking circuit boards. Once you invest in a base, you can add a variety of 
heads, from circuit board holders to my favorite, the extra-wide opening head. 

In the nice-but-not-necessary category are a variety of power tools. Depending 
on the task at hand, I choose between a cordless Dremel, a massive Milwaukee 
1/2-inch drill, and Proxxon tabletop drill/milling machine. The ultra-precise 
Proxxon, an eBay find, is my favorite for reworking circuit boards. I also use a 
basic Weller WD1 soldering station for leaded components and a Weller WRS1002 hot 
air repair system that I picked up at a flea market for working with surface-mount 
components. 

If you're tearing down a kitchen appliance, you'll want tough tools made for 
heavy gauge work. Conversely, if you're harvesting a delicate circuit and surface- 
mount components, you'll appreciate delicate, finely crafted tools. Diagonal cutters 
and pliers are rated for wire type and gauge. Learn the operating range of your tools. 
And don’t forget the eye protection. 


Use Instruments You Can Trust 


The only instrument you need for basic teardowns is an inexpensive multimeter. 
You'll find the resistance function useful for tracing circuits and verifying 
component values, and the voltage function is indispensable for verifying that high- 
voltage capacitors are discharged. 

If you work with high-voltage power supplies, consider purchasing a variable 
transformer. I admit that I worked with tube amps and high-voltage supplies for 
years without a Variac, but that’s before the time of $20 audiophile capacitors and 
$250 power transformers. Besides, applying full voltage to dry electrolytic capacitors 
can make a real mess. I picked up new a 120V at 3A variable transformer with 
built-in voltmeter from All Electronics (www.allelectronics.com) for $60, and you can 
probably do much better on eBay. 

If you can afford it, consider purchasing a Variac with built-in ammeter. A less- 
expensive alternative is to install a Kill A Watt EZ power monitor on the front end 
of any Variac you can get your hands on. The power monitor, available for about $35 
from Amazon, provides a digital readout of voltage, current, and power factor, and 
you can unplug it and use it to assess the electrical equipment around your house. 

Visualizing and assessing the polarity of magnetic fields can be important if 
you work with electric guitar pickups or electric motors. If you plan to work with 
magnets and electric motors, consider purchasing a magnet polarity tester and a 
magnetic field viewing paper. I use a $9 polarity tester from Stewart-MacDonald, 

a luthier supply shop (www.stewmac.com). The visualizing paper, available from 
Edmund Scientifics (www.scientificsonline.com) for about $3, is a laminated sheet of 
plastic containing iron filings suspended in oil. It’s cleaner and more efficient than 
using iron filings. 

In the nice-to-have category are an oscilloscope, a signal generator, and an 
automatic data logging system. The inexpensive Parallax USB Oscilloscope (www. 
Parallax.com) is a good starter oscilloscope. For more precise work and the ability to 
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work away from a PC, I use a Tektronix TDS2022 color digital oscilloscope, a Fluke 
87 DMM, and a Fluke 45 Dual Display Multi-Meter. For automated data logging, I use 
a USB-1208FS 12-bit data logger from Measurement Computing (www.mccdaq.com). 
The free software that accompanies the data logger is needlessly crippled in all the 
wrong places, but the hardware is bulletproof and a real time-saver. 

Even if you haven't developed presbyopia, you'll find a magnified worklight 
handy. I use the three-diopter Electrix Halogen magnifier (www.electrixtask.com). 
It’s bright, it provides a good working distance, and it’s good for lighting tasks such 
as unsoldering leaded components. The downside is that the halogen bulb and 
anything close to it receives a thermal lashing. For detailed circuit tracing, I use a 
ProScope HR (www.bodelin.com/proscopehr) with the 100X illuminated head. While 
affordable, this handheld microscope tethers you to a laptop or desktop PC/Mac, 
and the working distance—the distance from the objective microscope lens to the 
subject—is only a few millimeters. 

For serious surface mount work and identifying otherwise illegible component 
markings, I use a Luxo binocular microscope with dimmable LED ring light (www. 
luxo.com). It’s expensive, but the working distance is about 5 inches—plenty of room 
for fingers, tweezers, and a soldering iron or hot air wand. This is definitely in the 
eBay, used equipment category. 

Jotting down schematics in a notebook as you work is fine, but you'll eventually 
want to transfer schematics to something more legible. I’ve had good luck with 
ExpressSCH (www.expresspcb.com), which is free and easy to use. It’s one of a dozen 
low-cost or free versions of schematic authoring tools on the Web. 


Keep It Simple 


If you're just starting out, keep it simple. Safety glasses, pliers, wrench, diagonal 
cutters, screwdrivers, and maybe a multimeter with the ability to measure 
capacitance and inductance are a reasonable arsenal of tools. You want to focus on 
the teardown, and not on how to operate a new battery of instruments. 

The list of instruments in the preceding section may seem overwhelming at 
first—and it should. It represents my years of scouring eBay and local flea markets 
for deals on used but functional equipment. As you progress to designing and 
building your own circuits, you can gradually add the tools and instruments that suit 
your particular interests and budget. 


Disclaimer 


I’ve done my best to represent the devices and components fairly and accurately in 
the teardowns. As you'll note, many of the schematics are simplified, and all are 
based on my analysis. My objective is to highlight specific aspects of a circuit, not to 
provide an unofficial technical manual for the equipment. If you need a complete, 
official schematic, contact the manufacturer. 
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I independently selected and purchased the devices used in the teardowns, 
usually on Amazon or eBay. In fact, I purchased two and sometimes three of 
every device discussed in this book. I used one for a destructive, component-level 
teardown to determine, for example, the turns ratio of a transformer. The second 
device was for photographing and bench measurements. The occasional third device 
was for testing and verifying the operation of the second unit. 

I don’t have a financial interest in any of the manufacturers of the devices 
discussed in this book. I also don’t have anything against any of the manufacturers. 
When something in a teardown disagrees with marketing material or specifications, 
I'll point it out. One thing that you'll learn from teardowns is that when the fine 
print on the packaging states “Specifications subject to change without notice,” you're 
likely to find a few surprises in the teardown. 


Web Site 


The illustrations of teardowns in this book are necessarily limited to modest-sized 
grayscale images. To enhance your vicarious enjoyment, I’ve made additional media 
freely available at www.mhprofessional.com/computingdownload. 
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Chapter 1 


Dual-sensor Smoke Alarm 


moke alarms, such as the Kidde Pi9000 shown in Figure 1-1, are such 

commodity items that you probably rarely take notice of the white, saucer- 
shaped appliances that adorn the ceilings of homes, offices, and classrooms unless 
they're acting up. And if you've seen and heard one, you've seen and heard them 
all. Most sport a blinking red LED (light-emitting diode) to indicate the status of 
the battery or other power source. A test button lets you check out the audible 
alarm, and an obnoxious chirp indicates that it's time to change the battery. Your 
home unit likely has a hush button to kill the audible alarm when you accidentally 
trigger the unit by frying something a little too long on the stove. 


— 
———— 
_ 


FIGURE 1-1 Kidde Pi9000 smoke alarm 
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Reflecting this external homogeneity, little variability is found under the hoods 
of most models. The major differences between the less expensive and advanced 
commercial and residential units are connectivity and power. Wired or wireless 
connectivity, a central power source, and triggers for an autodialer for the fire 
department can double or triple the cost of a system. However, smoke alarms 
are the same where it matters most—in the sensor technology they use to detect 
smoke. And smoke inhalation is responsible for more deaths than is direct contact 
with fire. 

The first technology is an tonization-based sensor, which is best for detecting the 
minute particulate by-products of burning liquids and other clean burning fires. 

The second technology is a photoelectric sensor, which responds best to the large 
particulate by-products from burning cigarettes, bedding, carpet, and other dirty, 
smoldering fires that produce optically dense smoke. Each technology has its strong 
points, and no single sensor is best for all situations. Many smoke alarms leverage 
the advantages of both technologies by offering dual sensors: an ionization sensor for 
clean fires and a photoelectric sensor for smoldering fires. 

In this chapter, I’ll tear down a dual-sensor Kidde Pi9000 smoke alarm. The basic 
sensors and, in many cases, the underlying circuitry and components are similar to 
units marketed by First Alert, Sentry, and many of the generic brands. In addition 
to exploring the overall design of this $20 system, I'll walk you through teardowns 
of the ionizing and photoelectric sensors. Because this is your first teardown, I'll 
discuss the circuits and components at a relatively high level. I'll dig deeper into the 
technology in the following teardowns. 


Highlights 
This is a quick teardown for the basic unit; the sensors are a little more involved 
and even potentially dangerous. The outer shell of the smoke alarm can be 
disassembled with a standard screwdriver. Once you're inside, the circuit board 
simply snaps out. The ionization sensor, the smoke sensor that uses ionization 
as the basis for its operation, is notable because it contains the synthetic element 
Americium-241, a potentially lethal alpha particle emitter with a halflife of about 
430 years. 

During the teardown, note the following: 


e The multiuse circuit board Kidde apparently uses one board for several of its 
smoke alarms to cut down on inventory costs. 

e Component count relative to functionality The Pi9000 is built around two 
chips that are designed for smoke alarms, which minimizes overall component 
count. 

e Construction of the two sensors, especially how they facilitate 
airflow Particles have to make their way through the plastic outer shell 
of the alarm housing and then through the narrow slits of the sensors to be 
detected. 
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Specifications 


Kidde doesn't provide typical technical specifications on its packaging, such as the 
minimum particulate count that will trip the alarm. The only information that 
comes close to a technical specification is the loudness of the alarm—85 decibels 
(dB) —but the number is meaningless because distance isn't specified. Information 
from the manufacturer of the piezoelectric transducer (which converts electrical 
pulses to mechanical vibrations—for the alarm sound) suggests that this distance is 
about 10 feet. 

Despite the lack of specifications, the package does provide a feature list and a 
warning: 


e Dual sensors An ionization sensor for fast, flaming fires and a photoelectric 
sensor for slow, smoldering fires 

Hush button To silence nuisance alarms 

Test button and LED For visual verification of battery and alarm operation 
Warning chirp To indicate that the battery needs to be replaced 

Radiation notice The product contains 0.9 microcurie (pCi) of Americium-241 


Operation 


Once the battery is installed, alarm operation is automatic. In normal conditions, 
the red LED flashes every 30 to 40 seconds to indicate that the unit is operating 
correctly. When a significant level of smoke is present, the alarm sounds, signaling 
that it's time to get moving. 

Manual operation is limited to pushing and holding the test button and bracing 
yourself for the blast of audio. If the alarm trips because you're burning something 
on the stove, you can push the hush button to replace the continuous alarm with a 
less annoying chirp. However, if you're still smoking up the kitchen after 7 minutes, 
the alarm logic will override the hush command, and you'll have to bear with a 
continuous alarm. 


Teardown 


The teardown of the basic unit is illustrated in Figure 1-2 and discussed in the 
sections that follow. (I'll discuss the sensors later in the “Components” section.) If 
you plan to follow along and examine a physical smoke alarm, give yourself about 
30 minutes to complete the teardown. 


The ionization sensor contains a small amount of Americium, which is extremely 
dangerous if you inhale or ingest it. If you do plan to replicate this teardown 
D at home, your safest course of action is to skip the teardown of the ionization- 
based sensor. It’s also mandatory that you wash your hands after the teardown. 


Caution 
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FIGURE 1-2 Teardown sequence 


Americium is an alpha particle source. Alpha particles, two protons and two 
neutrons, are dense and relatively slow and travel perhaps 3 feet in open air. They 
are easily stopped by a sheet of paper, clothing, and even thick skin. The greatest 
potential for harm results from inhaling or ingesting the radioactive element. The 
linings of your lungs and intestines are only a few cells thick, much thinner than 


4 divisions | 
peak-to-peak 


As you measure V pp and V p, you may 
need to adjust the TIME/DIV, the VOLTS/DIV, 
and the vertical POSITION controls on the 
oscilloscope. The controls shown in Figure 
11.30 are adjusted to measure V pp in the 
primary coil and V p across the load resistor 
for Circuit # 2. 

Figure 11.30 
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a sheet of paper or your hide, and are highly susceptible to radiation damage. So 
don't try to cut, file, sand, or remove the pencil eraser-sized Americium disc in the 
ionization-based sensor. 


Tools and Instruments 


This teardown can be performed with a small standard screwdriver, an old pair 
of diagonal cutters, a soldering iron with the usual soldering and desoldering 
accessories, a multimeter, and a magnifier. A Geiger counter or other alpha- 
radiation detector is required to assess the level of alpha radiation emitted by the 
ionization source. 


If you try this teardown at home, do not crack open the ionization sensor unless 
you have a means of monitoring the radiation level. 


Caution 


_—__ 


Step by Step 
Accessing the single circuit board in the smoke alarm involves little more 


than removing a plastic cover and unsnapping the circuit board from the 
plastic base. 


Step 1 

Crack the case. With the unit face down and the battery compartment empty, use a 
standard screwdriver blade to disengage the four equally spaced plastic hooks that 
hold the two halves of the clamshell case together. Remove the front half—the side 
normally facing down from the ceiling—and set it aside. Orient the bottom half 

of the alarm so that the 9V battery compartment is away from you, as shown in 
Figure 1-2a. 


Step 2 

Identify the sensors. The three prominent cylindrical components, from left 
to right, are the photoelectric sensor, the piezoelectric transducer, and the 
steel-encased ionization sensor. I’m tempted to refer to the piezoelectric 
transducer as the buzzer for simplicity, but as you'll see later, it requires an 
external circuit to create the alarm tone. 

Note that each of these components is open to the air. The two sensors 
feature vertical slits to take in particulate by-products from fire while excluding 
insects, dust, and, in the case of the photoelectric sensor, light. The cover of 
the piezoelectric transducer has a large hole in its center to enable the internal 
piezoelectric disc to interface directly with the air to create ear-piercing sound 
waves. Locate and identify the 16-pin MC146012ED IC (integrated circuit), just 
to the left of the piezoelectric transducer and adjacent to the photoelectric 
sensor. 
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Step 3 (Optional and Potentially Hazardous) 


Remove the outer steel can of the ionization sensor. Remember that this is an 
optional step that can potentially expose you to alpha radiation. 


From a personal liability perspective, I advise against removing this sensor can 
unless you have supervision from someone knowledgeable about radiation. At a 
minimum, have a Geiger counter by your side so that you can determine if and 
when you're being exposed to radiation. Without a counter, there's no way to 
know if the outside of the sensor is contaminated, for example. 


Caution 


a, 


If you're equipped to follow along at this point, put on a pair of latex gloves. 
The inexpensive surgical variety is fine, but you'll get extra protection by wearing 
the thicker gloves sold for dishwashing. Next, locate the two metal tabs from the 
slotted steel ionization sensor cover on the underside of the board, circled in 
Figure 1-2b. Unsolder the tabs and remove the can to reveal the plastic and steel 
ionization chamber. Note the MC14578P IC, tucked beneath the chamber, as shown 
in Figure 1-2c. 

The IC is a standard 16-pin DIP (dual inline package) with pin 1 marked by the 
depression in the top of the package. In Figure 1-2c, pin 1 is in the lower-left corner 
of the IC, pin 8 is in the upper-right corner, pin 9 is in the upper-left corner, and 
pin 16 is in the lower-left corner. Don't forget that the pin numbering system is 
clockwise if you're looking at the underside of the component. 


Step 4 (Optional and Potentially Hazardous) 


Extract the ionization chamber from the circuit board. Unsolder the connection 
between the ionization chamber and straightened pin 15 of the MC14578P beneath 
the chamber, visible in Figure 1-2c. Unsolder the tab from the top plate of the 
ionization chamber where it connects to the underside of the circuit board, near 
pin 7 of the IC. Locate the three white plastic tabs on the underside of the board, 
adjacent to where the two metal tabs were removed from the board. Cut the plastic 
tabs with a pair of diagonal cutters or push them through the board with the tip of 
your screwdriver. 

Pull the ionization chamber straight up to for a full view of the MC14578P and 
a few external components, as shown in Figure 1-2d. Put the chamber in a plastic 
freezer bag and place the sealed bag in a metal drawer or other container. The plastic 
bag should contain the alpha radiation, but the added protection provided by a metal 
container can’t hurt. 


Step 5 
Temporarily remove the piezoelectric transducer from the circuit board. From the 


underside of the circuit board, unsolder the three leads of the transducer. Examine 
the bottom of the extracted transducer, shown in Figure 1-2e. Note the three 
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terminals, marked G, F and M. Examine the transducer with an ohmmeter while 
you have the component out of circuit. You should read several megohms (MQ) 
between each terminal. You'll have to replace the transducer to test the logic and 
sensors, but for now set the transducer aside. 


Step 6 
Examine the components that were hidden under the piezoelectric transducer, 


shown in Figure 1-2f. Note the outlines of components that were not installed by 
the manufacturer. Now is a good time to trace the circuitry of the alarm. 


Step 7 

Extract the photoelectric sensor. Unsolder the two leads to an IR (infrared) LED 
at the 10 o'clock position of the sensor and two leads and a tab to an IR photodiode 
at the 5 o’clock position. You can’t see the IR LED or IR photodiode at this point 

in the teardown because they’re hidden by the case of the sensor. Note the C8050 
NPN transistor and the silicon power diode external to the sensor at the 11 o’clock 
position. 


Step 8 

Replace the piezoelectric transducer. Solder the transducer back in place. Then 
take a break and wash your hands. Even if you didn’t extract the ionization 
chamber, it’s a good idea to wash your hands because of possible contamination 
with Americium. 


Layout 


As revealed during the teardown, the 9V battery is located in a separate 
compartment in the base. I found it easier to work with the circuit by unsoldering 
the connection to the compartment and using a bench supply for power. 

The single-sided circuit board shows stencils for components not included in 
this product, including a transistor, several diodes, and a few capacitors, probably for 
the more expensive models with recorded voice alarms. Other than the unorthodox 
method of soldering the IC pin directly to the ionization sensor and the use of 
inexpensive spring switches, this is an unremarkable layout. 


Components 


The two 16-pin chips, the ionization and photoelectric sensors, and the 
piezoelectric transducer make up the bulk of the smoke alarm circuitry. Let’s 
consider the ionization and photoelectric detection systems separately. 
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lonization-based Sensor 


The ionization-based sensor is an ionization chamber that requires an MC14578P 
or equivalent discrete components to perform as a smoke detector. The ionization 
chamber is constructed of two discs separated by about 1 centimeter of air. The 
top disc is perforated in the center to allow air and smoke into the chamber, as 
shown in Figure 1-3. The figure shows the perforated top of the chamber partially 
removed, revealing a glimpse of the bottom disc. 

A pellet of Americium-241 is firmly embedded in the center of the bottom disc. 
Figure 1-4 shows the view from the top of the sensor. The pellet does not extend 
through the bottom disc, thereby containing the radiation to the area above the 
bottom disc. Because the top disc is perforated, ionization leaves the chamber but is 
stopped by the steel cover that was removed earlier in the teardown. 

According to the package back, the pellet contains 0.94Ci of Americium-241. The 
curie (Ci) is a unit of radioactivity related to the number of decays per second: 


1Ci = 3.7 x 10” decays/second 
0.9u4Ci = 3.3 x 10° decays/second 


The number of decays per second, indicative of the number of alpha particles 
kicked out of the pellet per second, is key to this application, because the alpha 
particles keep the air within the ionization sensor ionized. And ionized air conducts, 
unless it’s filled with smoke. 

If you have access to a radiation detector, you can test the activity of the 
Americium within the ionization chamber, as shown in Figure 1-5. As you can 
see, a few centimeters from the source the activity is 1.56 thousand counts per 


FIGURE 1-3 Ionization chamber with perforated top 
partially removed 
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FIGURE 1-4 Americium-241 embedded in the 
bottom disc of the ionization chamber 


FIGURE 1-5 Radiation meter reading Americium 
alpha particle activity 
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minute (kC/m), or about 26 counts per second—enough radiation to cause problems 
if the Americium is handled carelessly. 


Caution 


If you handle the ionization chamber, make certain to wash your hands 
immediately afterward. 
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Ionization Sensor IC 


The 16-pin MC14578P is designed specifically to interface with an ionization 
chamber as part of a smoke alarm. The IC is a CMOS (complementary metal 
oxide semiconductor) micro-power comparator that requires only one external 
component—a resistor. The comparator is configured so that minute changes in 
ionization current result in massive negative or positive swings in the comparator 
output, depending on the relative change in input of the comparator. 

A key parameter of the ionization sensor IC is a standby current of only 
10 microamps (pA) and a comparator input current of 1 picoamps (pA). In other 
words, the chip loafs along consuming only 10pA as long as the ionization current is 
stable. This ultra-low power consumption contributes to the longevity of 9V batteries 
in this home smoke alarm. 

The chip can also supply 25 milliamps (mA) output current when triggered by a 
change in ionization current, which is more than enough to signal another device in 
the smoke alarm. For more detailed information on the chip, see the technical data 
document available from Freescale Semiconductor, Inc. (www.freescale.com). 


Photoelectric Sensor 


The photoelectric sensor consists of an IR photodiode and an IR LED mounted in 
a black, light-tight chamber with slits that are wide enough to allow air and smoke 
in. As shown in Figure 1-6, the IR LED is oriented at the 1 o’clock position, but the 


FIGURE 1-6 Photoelectric sensor with cover removed 
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photodiode is at about the 2 o'clock position. An obstructing wall is positioned near 
the center of the sensor. Together, the positioning and obstruction wall ensure 
that, under normal conditions, no direct IR radiation from the LED strikes the 
photodiode. Light from the LED is absorbed by the corrugated black surface inside 
the photoelectric sensor. 

However, when large particles from a smoldering flame enter the slits of the 
chamber, they reflect light from the LED, and this radiation is picked up by the 
photodiode. The more reflected radiation that hits the photodiode, the greater the 
photodiode current. At a predetermined level, the current trips the alarm and the 
piezoelectric transducer is activated. 

To facilitate testing and experimenting with the sensor, I extracted the LED 
and IR photodiode from the black plastic case and soldered them in their normal 
configuration on the circuit board. Figure 1-7 shows the photodiode and IR LED 
remounted on the circuit board without the light-tight sensor shell. 


Photoelectric Sensor IC 


The heart of the photoelectric sensor is the photoelectric sensor IC, an 
MC146012ED, which is marketed by Freescale Semiconductor as a “Low Power 
CMOS Photoelectric Smoke Detector IC.” The chip is designed for one thing: to 
sense reflected light from large smoke particles and generate an alarm by driving 
an external piezoelectric transducer. Because the ionization sensor chip does not 


- 


— 


Photodiode — 


IR LED 


FIGURE 1-7 Photodiode and IR LED free of photoelectric sensor enclosure 
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have an onboard driver for the piezoelectric transducer, it has to piggyback on the 
photoelectric detector IC to sound the alarm. 

The photoelectric sensor IC provides the logic for the smoke detector, from 
determining how long to remain silent after being hushed by the user, to when to 
flash the red LED, to how long to sound while the user is operating the test function. 
A handful of resistors and capacitors define the sensitivity of the chip. When 
hibernating, which is most of the time, the chip draws only 6.5pA. 

Every 32 seconds, the chip awakens and sends a pulse to the C8050 NPN 
transistor and reads the photodiode. This gated IR LED pulsing and sensor reading 
not only minimizes power consumption, but it reduces the effect of noise from other 
light sources. This cycle continues until the photodiode detects IR light, at which 
time the chip activates its pulse/read circuitry every 2 seconds. 


Piezoelectric Transducer 


According to the manufacturer’s product sheet, this piezoelectric transducer is 
capable of emitting a 3.5 kilohertz (kHz), 90dB tone at 12 inches when powered by 
a fully charged 9V battery. 


Because 12 inches is a typical working distance on a bench and 90dB is enough 


Caution to damage your hearing permanently, it’s a good idea to tape over the sound 
O u aaa. 


orifice to reduce the output level. Even so, limit exposure to the audio blast, for 
your sanity if not your hearing. 


According to my measurements, the transducer draws only 10mA at full 
output, which is amazing, given the ear-splitting level. As you discovered during 
the teardown, the three connections, G, F, and M, connect to dedicated pins on the 
photoelectric sensor IC. Pin G is the metal support electrode, pin M is the ceramic 
electrode, and pin F is the feedback electrode. Figure 1-8 shows the pin connections 
for the paper-thin transducer, partially extracted from the transducer case. 

The practical significance of the transducer pin designations is to insure the 
proper interfacing with the modulation and driver circuitry within the photoelectric 
sensor IC. As with the two ICs, this is a specialized component specifically designed 
for use in alarm systems. Recall that this isn’t a buzzer, in that no oscillator circuitry 
resides in the transducer body. However, the transducer is self-resonating at 3.5k Hz 
when properly driven. However, if it's connected to a driver and excited at, say, 2.0 or 
6.0kHz, the transducer will likely just sit there. 


C8050 Transistor 


The IR LED in the photoelectric sensor is pulsed by the C8050 general-purpose 
silicon NPN transistor that is commonly used as an audio output amplifier in 
portable radios. This 1 watt (W) transistor, which is packaged in a TO-92 case, 
is driven by the photoelectric smoke detector IC. Although the IC is probably 
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FIGURE 1-8 Piezoelectric transducer construction 


capable of driving the IR LED directly, offloading the heavy lifting to the transistor 
increases the robustness of the circuit and probably extends the functionality of 
the IC at low battery voltages. 


Diodes 


This board contains power, switching, and zener diodes. A 1N003 silicon power 
diode placed across the battery leads where they enter the board insures correct 
battery polarity. If you accidentally reverse the 9V battery during installation, 
the diode will shunt the current, preventing the destruction of the two ICs, which 
are not reverse voltage protected. This isn’t the most elegant use of a diode to 
insure proper battery polarity, in part because it may work only once, ending in 
the failure of the diode. However, it’s efficient. The primary alternative is placing 
the diode in series with battery supply, but this drops the available voltage by the 
forward voltage drop of the diode to about 0.7V and wastes energy as heat. 

The 1N4148 silicon fast-switching diodes are the most numerous diodes on the 
board. These glass-cased diodes can handle 200mA of forward current and 100PIV 
(peak inverse voltage). 

The only zener diode on the board is in an unmarked glass package. A zener 
diode is designed to present a specific reverse breakdown voltage, typically much 
lower than a typical silicon power diode. The challenge of working with zener diodes 
is in limiting the reverse current with a series resistor so that the diode doesn’t fail. 

To determine the breakdown voltage of this zener, I removed the diode from 
the board and built a simple test circuit with a 4.5M series resistor. I hooked up the 
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circuit to my bench power supply and slowly cranked up the reverse bias voltage 
across the resistor and zener diode while monitoring the voltage across the zener 
diode. With 5 to 10VDC (Voltage Direct Current) applied to the series circuit, the 
voltage across the zener diode varied between 2.5 and 2.8VDC. This test strongly 
suggests the diode is a 2.5V zener. 

If you check the documentation for the ionization sensor chip, you'll see that 
a zener diode is specified to limit the voltage that can be applied to the negative 
comparator input pin. This limit is apparently 2.5VDC. 


Capacitors 


One electrolytic capacitor on the board, rated at 100 microfarad (pf) at 16VDC, is 
part of the transistor driver circuit. The remaining capacitors support the two ICs, 
as per the requirements listed on the datasheets. There include three ceramic disc 
capacitors and three axial lead epoxy-dipped capacitors, about the size of 1/8W 
resistors. Dipped capacitors are typically used instead of less expensive ceramic 
disc capacitors when specific capacitance values aren’t available and when the 
circuit demands good temperature and humidity stability. 


Switches 


The switches in this smoke alarm are notable in that they are constructed of 

open spring steel that connects with a length of wire on the circuit board when 
compressed. Given that they’ll probably be used a dozen times over the course of 
five years, someone made the economic decision to go with the cheapest possible 
switches. I can’t think of a cheaper switch mechanism that works most of the time. 
These switches could be problematic if they become dusty, however. 


How It Works 


If you’ve followed the discussion of components to this point, you should have a 
good idea of the inner workings of the smoke alarm. As shown in the simplified 
schematic in Figure 1-9, a 9V battery supplies power and a silicon power diode (D1) 
protects against battery polarity reversal. The MC14578P chip (1C1) together with 
the ionization chamber forms the ionization sensor. A high-impedance operational 
amplifier (op amp) configured as a comparator within IC1 monitors current 
through the chamber. 

In normal operation, alpha particles emitted by the Americium-241 ionize the 
air molecules within the ionization chamber. Electrons are knocked off of the atoms 
of gas in the chamber, forming equal numbers of positive and negative ions. Because 
one of the plates is held at a positive charge and the other at a negative charge, a 
small current flows as positive charged atoms flow toward the negative plate and 
negatively charged electrons flow toward the positive plate. 


Time/div control set 
to 0.2 msec/div 


A HORIZONTAL 


Channel 1 set to Channel 1 vertical Channel 2 vertical Channel 2 set to 
5 volts/div position knob position knob 5 volts/div 


Your values should be close to those shown 
in the following table. 

Circuit # V pp (Primary Coil) V p (Load 
Resistor) 

1 20 volts 4.4 volts 

2 20 volts 8.8 volts 

V p across the load resistor for Circuit + 2 is 
twice the value of V p for Circuit #1. That's 
because Circuit #1 uses a center-tapped 
secondary coil that supplies a 10 V pp sine 
wave to the diodes, whereas the secondary 
coil in Circuit #2 supplies a 20 V pp sine 
wave. In each circuit, the 0.6 to 0.7 voltage 
drop that occurs as the signal passes through 
each diode causes V p across the load 
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9V 


FIGURE 1-9 Simplified schematic 


This ionization-induced current is stable until relatively massive smoke particles 
enter the cloud chamber. Smoke particles each absorb multiple ions, which reduces 
current flow. If the current flow falls below a predetermined level, an alarm is 
triggered. A limitation of this basic design is that the sensor current can be adversely 
affected by changes in humidity and atmospheric pressure, and this could affect the 
sensitivity of the alarm. 

If smoke of sufficient density enters the chamber, the current decreases below a 
threshold established by the external resistors and capacitors connected to IC1. The 
chip sends an alarm condition to the MC146012ED photoelectric sensor chip (1C2). 

When the air is free of smoke, IC2 periodically triggers the firing of the IR LED 
through the C8050 NPN transistor (Q1). If light is detected by the IR photodiode or 
if there is a trigger event from IC1, IC2 sends a 9V square wave to the piezoelectric 
transducer (PT), resulting in a loud alarm. IC2 also handles the logic of the hush 
and test buttons as well as the periodic flashing of the red LED. The data sheets for 
IC1 and IC2, which are readily available on the Web, define the signal levels and 
components needed for each pin and each function. 

Note the outline of the transistor’s TO-92 package in the schematic. It’s a good 
idea to become familiar with this and other standard Transistor Outline (TO) 
packages because you can learn a lot from the package. For example, the standard 
TO-92 package defines the transistor leads as emitter, base, and collector, from left 
to right, facing the flat front of the transistor. The package size and composition also 
reveals a lot about the power rating of the transistor. For example, it’s rare to find a 
transistor in a TO-92 package with a rating greater than 2W. 
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Mods 


The Americium in the ionization sensor is an inexpensive, readily available source 
of radiation for testing radiation detectors, building a miniature cloud chamber, 
and performing other experiments using low-level radiation. However, unless you 
have the experience and equipment for monitoring radiation, it’s best to avoid 
potential harm. Instead, let’s focus on the IR photoelectric source and receiver. 


External Alarms 


If you download the datasheet for the IR photoelectric chip from Freestyle, you'll 
see that pin 7 is an input/output pin that can be used to activate escape lights, 
autodialers, and other electronic devices. You can experiment with this output to 
signal your PC through a serial or USB (Universal Serial Bus) port, or interface 
directly with a microprocessor. 


I’m not advocating that you modify the smoke alarms in your home and then put 
them back into service. What I am suggesting is that you use a smoke alarm as 
an experimental platform for studying the underlying electronic circuitry. I’m 
sure that there’s a law somewhere that imposes fines and prison time for anyone 
who tampers with a smoke detector, even in his or her own home. Besides, do 
you really want to entrust your life to an experimental circuit? 


New Application Areas 


The test setup shown in Figure 1-7 enables you to work with the LED and 
photodiode without the constraint of the light-tight container. You can also extend 
the leads of both components for remote sensing. For example, if you make each 
component waterproof, can you create a sensor to determine the turbidity of 
water? Could you use the detector circuit to create a pollen count detector? 


Chapter 2 


Motion-activated LED Light 


M any electronic devices found in the home are interesting gadgets that briefly 
entertain and then become dust magnets. Other devices fulfill a real need, 
such as enabling you to navigate to the bathroom in the middle of the night without 
tripping over a toy or slipper. Of course, I’m referring to the motion-activated 
lights that turns on automatically when they detect your presence, such as the unit 
shown in Figure 2-1. The most useful of these lights employ battery power and 
an LED light source so that they can be placed anywhere they're needed, without 
regard to the availability of AC power. 

Several sensor technologies can be used as a trigger mechanism for automatic 
lights, ranging from breaking a beam of light, to noise detection, to measuring 


FIGURE 2-1 Fulcrum motion-activated LED light 
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fluctuations in a radiofrequency (RF) field; to detecting body heat, CO, 
concentration, or other products of respiration; to image recognition. Detecting 
body heat is a common, inexpensive sensor technology, in part because of the ready 
availability of passive infrared (PIR) detectors and dedicated support chips that 
minimize component count, manufacturing costs, and space requirements. 

The focus of this teardown is the passive infrared Fulcrum motion-activated 
LED light shown in Figure 2-1. In addition to walking you through the circuitry, I'll 
suggest a few mods that will enable you to use the sensing circuitry of the battery- 
operated unit in additional applications. 


Highlights 
This teardown involves removing a few screws and extracting two circuit boards. 
The main board is populated by a variety of surface mount technology (SMT) 
and leaded components, including ambient light and PIR sensors; a dome-shaped 
Fresnel lens; a bank of white, high-intensity LEDs; a dedicated PIR integrated 


circuit; a voltage regulator; and an optoisolator. During the teardown, note the 
following: 


The quality of the solder joints on the circuit board 

SMT component markings 

Where leaded components are used instead of surface mount components 
Construction of the LED assembly 


Specifications 


Functionally, this is a relatively simple device. As such, it’s not surprising that few 
specifications are provided by the manufacturer: 


The unit requires 3 AAA cells 

Light duration after triggering is 20 +4 seconds 

Detection cone is 40 degrees at 10 feet 

The light consists of four white LEDs with an expected lifetime of 
50,000 hours 


We can deduce from the battery requirement that the device operates on 
4.5VDC, assuming the AAA cells are wired in series. It’s odd that the specifications 
include no mention of battery life, but we can measure the average current 
draw to determine the longevity of the cells under normal use. The detection 
angle and distance reflect the geometry of the optics and the sensitivity of the 
PIR sensor. LED lifetime is below average, but much better than equivalent 
incandescent lights. Overall, these specifications are typical for an inexpensive 
motion-activated light. 
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Operation 


Once the unit is fitted with batteries and installed on a wall or other surface with 
double-sided adhesive tape, operation is automatic. If the ambient illumination 
level is low, the bank of LEDs is energized whenever the sensor detects a change 
in the level of ambient infrared (IR) radiation. A light sensor in the unit inhibits 
activation of the LEDs when the area of coverage is illuminated by daylight or 

an artificial light source. The LEDs remain active for about 20 seconds if no 
further change in radiation is detected. Otherwise, the LEDs stay on for as long as 
fluctuations exist in the level of ambient IR radiation. 

The PIR sensor technology isn’t foolproof, especially when it comes to false 
triggering. Any source of IR radiation can trigger the unit, from a dog or cat toa 
nearby heater, heat vents, or other heat source. Reflective surfaces near the sensor 
can redirect IR radiation from other areas and devices in a room. Fortunately, the 
worst-case scenario for false triggering is reduced battery life. 


Teardown 


You should be able to complete the teardown, illustrated in Figure 2-2, in about 
10 minutes. If you’re following along on your workbench with a battery-powered 
motion-activated light, you should encounter essentially the same sensor 

and control configuration. If you’re working with an AC-powered unit, you 

may encounter an additional relay or other high-voltage switching component. 


Tools and Instruments 


The tools required for this teardown include a small Phillips-head screwdriver, an 
illuminated magnifier or strong magnifying glass, a multimeter, and forceps. If 
your circuit board was produced in the same plant as mine, you'll probably have 
to use the forceps to pull off mounds of excess glue to read component markings. 
Despite the glue and poor soldering work, with a little effort and a good magnifier, 
you should have no trouble tracing the circuitry. 


Step by Step 
There are no surprises in this teardown, other than having to remove gobs of 
hot melt glue from the main circuit board. Exercise caution when removing the 
optics so that you don’t damage the mounting tabs, and avoid tugging on the 
fragile 28AWG (American Wire Gauge) wire connecting the battery holder to 
the main circuit board. Otherwise, the parts involved in the teardown are fairly 
indestructible. 

If you're unfamiliar with the AWG system of classifying wire, now is a good 
time to get a feel for wire gauge. The smaller the AWG number, the thicker the wire. 
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FIGURE 2-2 Teardown sequence 


The exact diameter of a particular gauge isn’t important, but it’s critical that you 
develop an intuitive grasp for what’s an adequate gauge for specific applications. For 
example, I wouldn’t consider using an extension cord made with less than 14AWG 
copper wire. For standard hookup connections in an amplifier or other relatively 
high current circuit, I use 22AWG wire. When I’m dealing with robotic sensors and 
other weight-critical connections, I use 28 or 32AWG, depending on the physical 
stability of the circuit. 


Step 1 
With the unit face down, verify that the battery holder is empty and remove the 
four screws securing the back cover. 


Step 2 
Tilt the LED bank so that it is perpendicular to the body of the main unit. Pull 
straight up to separate the back from the top half of the body. Put the empty top 
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half of the unit to the side. Position what was the bottom of the unit face up, as 
shown in Figure 2-2a. You can see the white Fresnel lens dome, surrounded by five 
electrolytic capacitors, on the main circuit board. 

Also note the globs of glue on the bottom edge of the circuit board, where the 
wires from the LED bank attach to the board. Because the bank can be tilted, there's 
added stress on the wires where they attach to the board. The glue helps distribute 
this stress, thereby minimizing the odds the wires will break. 


Step 3 

Remove the two screws securing the main circuit board. Pop out the LED bank 
from the chassis. Flip the main circuit board over, as shown in Figure 2-2b. With 
the 16-pin IC to the right, you can see two, three-terminal SMT devices, labeled Q1 
and U2, and perhaps twenty SMT capacitors and resistors. 

I took this photo after spending 15 minutes removing gobs and strands of hot 
melt glue. The glue not only obscured the components but also huge blobs of solder 
around some of the components. This is an example of poor SMT work that may 
have been the result of poor manual soldering technique, a dirty board, or the 
use of an automated solder machine in which the temperature of the solder was 
inappropriate. 


Step 4 

Working on the SMT component side of the board, use an ink pen or miniature 
screwdriver blade to push out the four plastic tabs securing the white plastic 
Fresnel lens dome. Turn the board so that the dome faces up. Gently remove the 
plastic lens from the top of the board. In the newly exposed area, you can see 
the PIR and CDS (cadmium sulfide) sensors, as shown in Figure 2-2c. Note the 
reflective window of the PIR sensor and the serpentine tracing on the face of the 
CDS sensor. 


Step 5 

Expose the second circuit board that forms the LED bank. Remove the black 
elastic bands from the stubs on either side of the bank. Pry open the case to reveal 
the circuit board holding four LEDs, four leaded 0.25W resistors, and the silver 
reflective assembly, shown in Figure 2-2d. 


Layout 


As revealed in the teardown, the layout consists of a 4.5VDC power source, a main 
board with sensors and other active components, and a small board with LEDs and 
resistors. 

Now is a good time to hone your circuit tracing and component identification 
skills. Start by tracing the power and sensor signal paths with your ohmmeter. Next, 
insert three AAA cells in the battery pack and put the device through its paces. 
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What are the current and voltage demands when the device is on standby? What 
changes when the device is triggered? Any idea of what the three active components 
on the SMT side of the board are for? Try your best before continuing with this text. 
Components 


I have to admit that this teardown almost turned into a black box investigation. 

I spent several hours on the Web trying to find the datasheet on the 16-pin TLOOO1S 
integrated circuit. Initially, the best I could do was a spec sheet written in Chinese 
from the manufacturer in Taiwan. 

In a parallel effort, I spent several hours trying to reverse-engineer the chip, 
working backward from the sensors and external resistors and capacitors. Then, by 
chance, I found a cross-reference to the BIS0001 IC, and then I was home free with 
a datasheet written in English. This is a good illustration of the value of looking for 
cross-references and equivalent components when you're hunting for a spec sheet. 


TLOOOIS (BISOOOL) IC 


The TLOOO1S, which is equivalent to the BISOOO1, is a special-purpose chip 
designed expressly to interface with PIR sensors as part of a motion-sensing 
circuit. In short, this is a plug-and-play chip designed for one thing. I checked out 
two other makes of PIR motion-sensing devices in my home, and both use the 
BISOOO1 chip. The advantage of this chip over general-purpose chips and discrete 
components is vastly reduced component count and ease of manufacturing. 
Instead of mounting two or three op amp chips, a logic chip, three interface 
transistors for the sensors and output, and a host of bypass and biasing resistors 
and capacitors, a manufacturer can offer the same functionality with a single, 
affordable, space-saving chip. 

The 16-pin TLOOOIS is packaged as a small outline integrated circuit (SOIC), 
as shown in Figure 2-3. Like the DIP (dual inline package) described in Chapter 1, 
pin 1 is marked with an indentation or other mark on the package top, and the pin 
numbering is counterclockwise from the top of the chip. This SOIC is about half the 
size of a 16-pin DIP. 

The TLOOOIS contains five CMOS operational amplifiers, control logic, and 
dedicated interfaces for a PIR sensor, CDS sensor, and output relay or transistor. You 
can see in Figure 2-3 that the external component count is minimal. Most of the 
external components deal with biasing and control. You can modify the sensitivity, 
time on after motion ceases, and other chip parameters by adjusting resistor and 
capacitor values. 

Two important parameters to consider are that the chip operates from 3 to 5VDC 
and can sink only up to 10mA. This is more than enough current to drive a single 
transistor or a solid-state relay, but it’s not a typical mechanical relay and certainly not 
a bank of LEDs. If you look up the spec sheet for the BIS0001 on the Web, you'll find 
the suggested circuit is surprisingly similar to the circuit used in our motion detector. 
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FIGURE 2-3 TLOOOLS/BISOOOL IC 


Passive Infrared Sensor 


The PIR sensor used in our motion-sensing light is another example ofa 
special-purpose device that holds a formidable position in the market. The 

DS203 PIR sensor, by PIR Sensor Co., LTD, is one of the most popular PIR 
motion-detector sensors available. According to the datasheet, available from 
Futurlec (www.futurlec.com), behind the single reflective window (see Figure 2-2c) 
are dual sensor elements that are used to detect variations in radiation in the 5 to 
14 micrometer (um) range. External supporting circuitry for the three-terminal 
device is minimal. The device requires ground and power and presents its analog 
output on a single pin. 

The PIR sensor has a number of impressive features, such as the use of dual- 
sensor elements to suppress interference from ambient temperature fluctuations. 
The sensor isn't perfect, however, especially when used in a high ambient humidity 
and temperature environment. High humidity is a problem because moisture in the 
air absorbs IR radiation from the source. Because the sensor responds to fluctuations 
in temperature, as the temperature of the environment approaches external body 
temperature, the IR signature from humans blends in with background radiation. In 
both cases, the range of the sensor suffers. 


Fresnel Lens 


The dome-shaped Fresnel lens is semi-opaque to visible light, which reduces false 
triggering from ambient visible light sources, but it is transparent to IR radiation. 
The annular patterns on the dome's inner surface, visible in Figure 2-4, are 
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FIGURE 2-4 Fresnel lens close-up showing annular 
patterns 


responsible for focusing the IR light on the window of a PIR sensor mounted at the 
focal point at the base of the dome. 

If you’ve worked with a plastic Fresnel pocket magnifier, you know the main 
characteristics of a Fresnel lens compared with a conventional spherical lens. 
A Fresnel lens is generally thinner and lighter, made of inexpensive plastic, and 
yet provides significant magnification. The downside of a Fresnel lens is that the 
boundary between annular sections obscures the magnified image. That’s why you 
don’t see many camera lenses or reading glasses based on a Fresnel lens. However, 
in our application, image quality is irrelevant. We simply want to focus IR radiation 
within a specific area onto the window of a PIR sensor, and the inexpensive Fresnel 
lens does this superbly. 


CDS Sensor 


The CDS sensor, sometimes referred to as a photoresistor, is probably the most 
common ambient light sensor in use today (see Figures 2-2c and 2-5). The 
resistance of the CDS sensor in our motion detector changes from more than 

1 million ohms (MQ) in relative darkness to less than 100 ohms (Q) in full sunlight. 
From a component perspective, you can think of the sensor as a two-terminal 
variable resistor. CDS sensors have been supplanted in many applications by more 
sensitive and responsive phototransistors. 


resistor to be slightly lower than half the V pp 
supplied by the secondary coll. 

What this chapter has explored to this point is 
how AC is turned into pulsating DC. In fact, 
rectified AC is often called pulsating DC . The 
next step in your understanding of power 
Supplies is to learn how you turn pulsating DC 
into level DC. 


Level DC (Smoothing 
Pulsating DC) 


14 A basic power supply circuit can be 
divided into four sections, as shown in Figure 
11.31 

Figure 11.31 


Rectifier 


Smoothing section 


Load 


Transformer 
Questions 


A. If you use a center-tap transformer n a 
power supply, how many diodes would you 
need to produce a full-wave rectified output? 
B. Will the power supply circuit shown In 
Figure 11.31 result in full- or half-wave 
rectification? 
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FIGURE 2-5 CDS sensor 


7130 Voltage Regulator 


The three-terminal 7130 is a 3V at 30mA voltage regulator. It can handle input 
voltages more than three times that supplied by the three AAA batteries used in 
our motion detector. More important, this is a low-dropout regulator, meaning that 
the regulator can function with just over 3V input from a nearly depleted battery. 

As shown in Figure 2-6, the regulator is packaged in a 3-pin SOT-89 case, with 
input voltage on the middle pin, which is connected to the tab. In keeping with 
the SOT-89 standard, the top pin in the figure is connected to ground and the 3.0V 
output is taken from the bottom pin. If you trace the power from the battery, you'll 
find one wire to the voltage regulator input and another that goes directly to the 
bank of LEDs. 


NPN Transistor 


Near the edge of the main board, between the 16-pin chip and the wires leading 
to the small circuit board, is Q1, an NPN transistor in an SOT-323 package (see 
Figure 2-7). The SMT transistor is used to switch on power to the bank of LEDs, as 
a function of the output of the BISOOO1 chip. 

As with the voltage regulator, you can use the standard package configuration to 
identify the transistor leads. With the transistor oriented with the single, center lead 
to the left, as shown in Figure 2-7, the base lead is on the bottom right, the emitter on 
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the top right, and collector center left. The SOT-323 package is a miniature version of 
the SOT-23 package, which you'll see plenty of in subsequent teardowns. 

If you study Figure 2-7, you'll appreciate my regard for the quality of soldering 
in this device. The solder pad for the emitter lead of the transistor is nearly touching 
the trace immediately above it, thanks to the surplus solder on the pad. The 


FIGURE 2-7 Q1 SOT-323 package 
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numerous speckles on the board are remains of large globs of glue that I removed 
with forceps. 


LEDs 


White LEDs, once the rage in a world limited to greens and reds, are now available 
for pennies. The four LEDs used in this motion detector are moderate intensity 
LEDs of the type typically found in portable reading lights. Each of the four LEDs 
and its 270 series resistor is connected in parallel. 

LEDs emit light when forward biased around 2V, with the exact voltage 
dependent on the diode design. Except for high wattage LEDs, connecting an LED 
directly to a battery typically results in a very brief flash of light and a burned-out 
LED. In our motion detector, the 270 series resistors limit the current through each 
LED to about 25mA, which is typical for white-light LEDs used for illumination. 

You can calculate the value of the current-limiting resistor for any LED and 
voltage source with the following equation: 


R = (VS-VD)/I 


where VS is the source voltage, VD is the diode forward voltage drop or operating 
voltage, and I is the operating current. You'll also find several good LED current 
limiting resistor value calculators on the Web. 


Capacitors 


The motion detector circuit relies on both leaded electrolytic and SMT ceramic 
capacitors. The relatively large, leaded electrolytic capacitors are probably used in 
this application because they're less expensive than their SMT counterparts. 

BA If you want to practice reworking an SMT board, the ceramic capacitors are a 
great target for removal and replacement. 


; Note 


Resistors 


The resistors on the main board are standard tolerance, 1/8W, SMT resistors. 
The 0.25W leaded resistors are used as current-limiting resistors for the LED 
bank instead of more space-efficient SMT resistors because of the higher wattage 
requirement. 


Battery 


The motion detector draws about 1mA when idle and about 138mA with the LEDs 
energized. Given a typical alkaline AAA is rated at about 1 ampere-hour (Ah), how 
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long will the battery last if the unit is perpetually idle? What about perpetually on? 
Here's the basic formula for amp-hours: 


Ah=Ix T 


where Iis the current in amps and T is the time in hours. For example, a 1Ah 
battery can theoretically supply 1A for 1 hour or 500mA for 2 hours. In practice, 
the formula and rating break down at high current and long time intervals. It’s safe 
to say that a 1Ah AAA cell can supply 100mA for 10 hours, but not 100A for 0.01 
hour. Similarly, a cell has a finite shelf live. A 1Ah AAA cell won't supply a 1pA 
circuit for a century. 

If you want to verify your Ah calculations, place your ammeter probes across 
the collector and emitter of Q1. Use a timer and note the starting time and the time 
when the LEDs are no longer illuminated. If you want to shorten the time of the 
experiment, use generic carbon zinc cells with a rating of 0.4Ah. On the Web, you 
can find the rating of standard cells by chemistry, voltage, and manufacturer on 
Digi-Key (www.digikey.com) or other electronics parts dealers’ sites. 


How It Works 


The sensor technologies that form the basis for most motion-activated lights, 
cameras, and security systems include active IR, active ultrasound sensing and 
ranging, and passive IR (PIR) detection. The operation of active IR and active 
ultrasound sensors is similar to the operation of radar in that a beam of energy 
is transmitted and the reflection is received and analyzed for changes in timing, 
amplitude, or phase. If the time between successive reflections decreases, this 
suggests that the distance between the sensor and an object in the sensor’s active 
area is decreasing. If the amplitude or phase of the reflected signal changes, this 
suggests that something or someone is interrupting the transmitted or reflected 
beam. 

PIR detection is based on relative changes in the temperature of an area being 
monitored, based on fluctuations in the level of infrared radiation. Everyone and 
everything not at absolute zero (-459.67°F or -273.15°C) emits radiation, and some 
of this radiation is within the infrared spectrum, which spans the range of about 
750 nanometers (nm) to 100pm. Different objects and biological systems have 
different spectral fingerprints, just as objects vary in visible light absorption or 
perceived color. At normal body temperature, our IR fingerprint has a peak around 
10pm. As such, an IR detector that is sensitive to 10pm radiation should be good for 
detecting the presence and movement of humans. 

Each of these methods of motion detection has practical benefits and drawbacks. 
Passive detection is characterized by relatively low power consumption, for example. 
A battery-powered PIR-based motion detector can operate for months between battery 
changes. Moreover, a battery-powered unit is more desirable than an AC-powered 
monitor in a security system, because AC power can be intentionally disrupted. 
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Active approaches to motion detection generally have longer range and greater 
sensitivity, and they are more difficult to evade. For example, because a PIR detector 
is sensitive to rapid changes in relative temperature, a burglar could avoid detection 
by moving slowly through an area wearing a heavily insulated jacket and hood. 
Active IR motion detectors, in contrast, aren't fooled by heat-absorbing insulation. 

A new object in the path of an active IR pulse results in a new reflection, which can 
be used to trigger an alarm. 

Active ultrasound methods are also impervious to ambient light, and so can 
be used outside in the daylight. In addition, the range of active ultrasound motion 
sensors is 30 feet or more—more than twice the range of a typical IR motion 
detector. 

Figure 2-8 shows the simplified schematic of our motion-activated light. Note the 
package outlines for the 7130 fixed voltage regulator (SOT-89) and the much smaller 
Q1 (SOT-323). The package outlines are not drawn to scale. 

Starting at the upper left of the schematic, the battery supplies 4.5VDC directly 
to the 7130 3.0VDC fixed voltage regulator and the physically separate bank of LEDs. 
No on-off switch or fuse lies between the battery and other components. 

One reason for the lack of fusing is the relatively low power available from the 
three AAA cells. Another is that the 7130 voltage regulator is virtually immune 
to damage from component failure or battery voltage reversal. The fixed voltage 
regulator can tolerate a short on the output and will protect the components from 
reverse voltage. A 100pf at 10VDC electrolytic capacitor is used on the output of the 
voltage regulator to enhance regulation. 
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FIGURE 2-8 Simplified schematic of motion-activated light 
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The circuit lacks a manual on-off switch because the manufacturer can get 
away without installing one, thereby saving the engineering, manufacturing, and 
component cost. There's also one less item to fail. A switch isn't absolutely necessary 
because of the low standby current requirements of the CMOS TLOOOIS chip and PIR 
detector, which amounts to only a few microamps. Even when both are triggered, the 
two components draw less than 1001 A. 

The other components that could draw down the battery, the bank of LEDs, 
are similarly insignificant sources of current drain. The switching resistor (Q1) 
is normally reverse biased, with the base at ground potential, resulting in an 
essentially open collector-emitter connection. 

Although there is no manual on-off switch, the CDS sensor performs an 
equivalent, automatic function. When the ambient light level is high, the resistance 
of the CDS is low, and the normally high trigger disable pin of the TLOOOIS chip is 
pulled low. This shuts down the chip, making it unresponsive to input from the PIR 
sensor. 

When it's dark, the resistance of the CDS is high, which allows the trigger disable 
pin of the TLOOOIS to return to its normally high state. The chip is now responsive 
to signals from the PIR sensor. When someone walks within the detection range of 
the PIR sensor, the person causes a fluctuation in the output of the PIR sensor on 
the order of a few millivolts (mV). This signal is amplified and processed by the logic 
within the TLOOOIS chip. 

If the fluctuations in PIR output are significant, the normally low output pin 
of the TLOOOIS is driven high, and current flows through R1 and R2. The positive 
voltage drop across R2 forward biases Q1, providing a low resistance ground 
connection for the four LEDs, which draw a total of 40mA at 4.5VDC. 

When the fluctuating heat source moves out of the detection range of the 
PIR sensor, the sensor output signal will become quiescent in 20 seconds. The 
TLOOOIS output pin goes low, as does the base of Q1. Without forward bias, 
the collector-emitter path returns to a high resistance state, and no current flows 
through the LEDs. The resistor (R2) from the base of Q1 to ground serves to 
guarantee the base voltage doesn't float above ground due to noise. 


Mods 


Because the dedicated chip simplifies the overall circuit, mods are limited but also 
greatly simplified. 


Narrowed Trigger Zone 


The quickest mod is narrowing the trigger zone. Let’s say you have a hallway with 
exits to the left and right, and you want to limit triggering to when someone walks 
to the right. Assuming the 40-degree cone of detection is too broad, you can easily 
narrow the detection angle to a few degrees by fitting a tube over the Fresnel 


Chapter 2 Motion-activated LED Light 33 


dome. Take the cardboard tube from a roll of aluminum foil or plastic wrap, cut 
a 2-inch length with a blade, and paint the inside flat black to absorb stray IR and 
visible light. Paint the outside silver or the color of your particular motion detector. 
Mount the tube around the dome with tape or a dab of silicone glue. 

You might want to try a few different tube lengths before you glue the tube in 
place. The longer the tube, the narrower the detection zone. I’ve tried tubes up to 4 
inches long with a successful detection range of about 5 feet. 


External Device Controller 


You can use the motion detector to trigger anything from a 120VAC light to a 
speech synthesizer on a mobile robot. Simply take the two wires leading to the 
LED bank and run them to a solid state or electromechanical relay capable of 
handling the voltage and current in your circuit. With an isolated output, you can 
connect anything you like to the output contacts of the relay, without regard for 
the components and circuitry in the motion detector. 

If you opt for an electromechanical relay, make certain the motion detector can 
meet current demands of the relay coil. Keep the load on Q1 at or below 160mA, 
which is the load imposed by the LED bank. 

You could simply connect the wires intended for the LED bank to the load of the 
second device. Assuming the device runs off of DC, you can use a battery supply up 
to about 24VDC, the maximum input to the 7130 voltage regulator. You may have to 
replace R1 and R2 with a 25KO potentiometer, however, because the bias setting will 
be different with a higher collector-emitter voltage. 


Adjustable Light Sensitivity 


You can adjust the ambient light sensitivity, time delay, and other basic parameters 
of the TLOOOI1S by changing the values of the external resistors and capacitors. See 
the datasheet documentation for details. However, if you don't want to work with 
SMT components, you can make simple mods within minutes. Want the detector 
to work in a higher ambient light condition—maybe even daylight? Simply remove 
the dome and tape over the CDS sensor with black electrical tape. If you want a 
permanent fix, cut one of the leads to the CDS sensor and replace the dome. 
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Chapter 3 


Digital Bathroom Scale 


pe bathroom scales, such as the one shown in Figure 3-1, have evolved 
significantly since they were introduced in the consumer market more than 
a decade ago. My first all-electronic digital scale had an aluminum chassis about 
4 inches thick, weighed 10 pounds, and had a 12VDC external power supply. The 
cost for this space-age marvel was more than $200. Unfortunately for the average 
consumer, the market was flooded with cheap knockoff scales that had a digital 
readout but retained the relatively inaccurate spring-based weighing mechanism. 
Today, inexpensive, svelte, feature-laden digital scales with features from body 
composition to Bluetooth connectivity are the norm. It's actually difficult to find an 
old-fashioned analog spring steel bathroom scale. After all, why would anyone want 
a scale with poor repeatability that's based on a mechanism that's destined to rust in 
a constantly humid environment? Admittedly, balance beam scales—like those used 
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FIGURE 3-1 Newline Well Balance bathroom scale 
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in doctors' offices—are accurate and can last indefinitely, but they take up valuable 
space in a home bathroom. It's easy to slide a modern digital scale under a cabinet 
when it's not in use. 

In this chapter, I'll tear down a Newline Well Balance Digital Bathroom Glass 
Scale (www.newlinescale.com). This scale doesr't talk to you in synthesized speech 
or indicate your percentage of body fat, but it does measure your weight in pounds 
or kilograms quickly and with good repeatability. In addition to exploring the overall 
design of this Chinese-manufactured, $25 scale, we'll review the fundamentals of 
strain gauge sensors and investigate the scale's unique hibernation and wakeup 
system. 


Highlights 


The star of this teardown is the strain gauge, which is the basis for accurate, 
reproducible measurements. The scale also employs a unique vibration sensing 
mechanism to activate the scale. 

This teardown also features a mystery microcontroller entombed under an 
unmarked black blob of epoxy. This form of encapsulation is a common method 
of protecting naked ICs that are wired directly to the circuit board. In effect, the 
underlying circuit board is part of the IC. Epoxy encapsulation is an economical 
mounting option for manufacturers that work with multiple custom chips but 
a pain for curious hobbyists and a speed bump for competitors attempting to 
reverse-engineer a chip. 

During the teardown, note the following: 


e The black blob entombing a mystery microcontroller 

e The piezoelectric transducer 

e The soft, spongy connector between the LCD (liquid crystal display) and the 
circuit board 

e The location, structure, and wiring of the strain gauges 


Specifications 


Following are the key specifications offered by Newline: 


Strain gauge sensor system 

330 pound capacity 

Foot tap switch 

1 inch LCD 

Auto zero resetting/auto power off 

Low power/overload indicator 

Powered by a pair of 3V CR2032 lithium cells 


C. What type of output will the rectifier section 

of the power supply circuit shown in Figure 

11.31 produce? DS 

Answers 

A. Two 

B. Half-wave 

C. Pulsating DC 
15 The function of the smoothing section 


of a power supply circuit is to take the 
pulsating DC (PDC) and convert it to a “pure” 
DC with as little AC “ripple” as possible. The 
smoothed DC voltage, shown in the illustration 
on the right in Figure 11.32 , is then applied 
to the load. 

Figure 11.32 


D Pulsating DC DC with AC ripple 

The load (which is “driven” by the power 
supply) can be a simple lamp or a complex 
electronic circuit. Whatever load you use, it 
requires a certain voltage across its terminals 
and draws a current. Therefore, the load has 
a resistance. 

Usually, the voltage and current required by 
the load (and, hence, its resistance) are 
known, and you must design the power 


Chapter 3 Digital Bathroom Scale 37 


Of note is that there is no mention of accuracy on the Newline web site or in the 
material accompanying the scale. 


Operation 


If you check the user feedback on Amazon.com for this scale, you'll see that many 
people have trouble operating it. This seems paradoxical at first, because this scale 
1s about as simple as it gets. The only setup is selecting pounds or kilograms, using 
the switch on the underside of the scale. Unlike more advanced scales, there's no 
age or height data to enter, no memory selector to store the weight for different 
family members, or any of the other popular features. However, there's no manual 
on-off switch—the source of the complaints. 

According to the manual, to activate the scale, you simply tap it with your toe. In 
practice, you have to lift the edge of the scale an inch above an uncarpeted floor and 
then release the scale. If you were sufficiently rough in handling the scale, the LCD 
display comes to life, indicating that you can step on the scale. I haven't had any 
problem with the scale, but subjecting the scale to a 1-inch drop onto a ceramic tile 
floor every day can't be good for the strain gauges. 


Teardown 


You should be able to complete the teardown of the scale, illustrated in Figure 3-2, 
in about 15 minutes. The work entails extracting the load cells—the strain gauges 
and their mechanical mounts—from the four feet and the display and removing the 
processing unit from the head of the scale. 


Tools and Instruments 


If you're following along at home with a digital scale, you'll need a good magnifier 
and forceps in addition to the usual screwdriver, soldering iron, and multimeter. 
A digital multimeter (DMM) with a high-resolution, accurate ohmmeter function 
will help when we examine the strain gauges in detail. 


Step by Step 

Before you dismantle the scale, it's a good idea to test the scale and study the 
front display, shown in Figure 3-2a, so that you can appreciate the underlying 
technology. How’s the repeatability of your scale? If you stand to one corner of 
the scale, is the reading different from when you stand with your weight evenly 
distributed among the four feet? If you have the same model of Newline scale, 
can you easily activate it? 
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FIGURE 3-2 Teardown sequence 
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Step 1 

Remove the two 3V lithium cells. Place the scale face down, as shown in 
Figure 3-2b, and slide open the battery compartment in the lower half of the 
scale. Remove the two CR2032 cells and set them aside; you'll need them later. 


Step 2 

Remove the back of the scale. Remove the five Phillips-head screws from the 
back—one in the center and one over each of the four arms. Gently pry the black 
plastic back from the white plastic front, working from the end farthest from 

the display. Hinge the back away from the remainder of the scale, as shown in 
Figure 3-2c, taking care not to rip the cables to the pounds/kilograms switch and 
the battery pack that remain with the black plastic back. Note that the battery pack 
is wired so that the lithium cells are in parallel, and that the voltage supplied to the 
processing and display assembly is 3V. 


Step 3 

Extract the load cells from each of the four feet. Each load cell, such as the cell 
shown in Figure 3-2d, snaps out of place with a little finger pressure. Glued to the 
bottom of each load cell is a strain gauge that's connected to the main control unit 
via a red, white, and black wire. 


Step 4 

Examine and test each load cell. The load cells in this scale are three-pronged steel 
devices. A thin foil strain gauge proper is glued to the underside of each cell, and 
the wires are held in place with a dab of silicone sealant. 

Insert the lithium cells in the scale back and tap on the display to activate the 
scale. Apply pressure to one of the load cells by pushing down on a load cell with the 
palm of your hand. A weight value should appear on the display. 

Now test the load cells. Can you tell if the weight measurement is additive? You 
have to twist or add pressure to a load within a few seconds of activating the scale or 
the scale will power down automatically. 

Repeat the process with an ammeter in series with the 3V battery pack to 
determine the current load. You'll have to cut or unsolder one of the wires leading 
from the battery pack and insert your ammeter in series with the wire. I read 4mA 
when the display is active and about 54 A when the scale is in standby mode. Remove 
the lithium cells from the back of the scale when you've finished experimenting. 


Step 5 

Remove the LCD panel assembly by lifting it straight out of the scale front. Note the 
main circuit board attached to the display back, as shown in Figure 3-2e. Note the 
prominent, quarter-sized piezoelectric transducer soldered to the back of the circuit 
board. The small, six-sided connector board in the lower-right corner of the figure 
is connected to each of the four load cells. Remove the four-pin connector now. 
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The wires from the battery pack enter at the lower-left corner of the board. 
Along the lower edge of the board, between the power and strain gauge connector, is 
the pounds/kilograms switch. 


Step 6 

Remove the LCD from the circuit board. Remove the six screws holding the board 
in place. If you didn't remove the four-pin strain gauge connector in the lower-right 
corner of the board, you won't be able to get at one of the screws. The LCD panel 
should fall away from the board. Carefully store the LCD panel and the soft pink 
connector for use later. 


Step 7 

Examine the back of the board. Flip the board over and orient it to match 

Figure 3-2f. To the left of center is a black blob—a 1/2 inch-diameter mound of 
epoxy that protects a microcontroller and associated wiring. You'll see an SMT 
(surface mount technology) transistor and 8-pin EEPROM (electrically erasable 
programmable read-only memory) chip in the upper-left corner ofthe board. About 
a dozen SMT resistors and capacitors are distributed to the left and right of the 
blob. In the lower center of the board are the multiple fingers that mate with the 
LCD module through the soft connector. 


Layout 


The teardown revealed a simple and straightforward layout. The four peripheral 
strain gauge sensors, the weight system switch, and the battery pack are all 
connected to the central processing and display unit. The double-sided board has 
numerous markings for test points and markings for components used to drive an 
LED, which is apparently for some other model of scale. 


Components 


The real stars of this teardown are the four strain gauges that make this 
all-electronic scale possible. The flexible coupler between the LCD and the 
circuit board is worth exploring as well. Although the onboard microcontroller 
is unmarked, we can deduce the functionality from the product specifications 
and other hardware on board. 

You can use a few SMT resistors and capacitors on the board to practice 
removing and installing SMT components. The resistors are stamped with 
values—see Appendix A if you need to brush up on your resistor identification. 
Without an official schematic, the quickest way to determine capacitor values is to 
use a Capacitance meter with a forceps probe. 
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Microcontroller 


The blob of black epoxy is a microcontroller, because it has analog-to-digital 
conversion capabilities, on onboard oscillator, timers, and a driver for the 

LCD. The next best alternative, a microprocessor, doesn't fit the specifications. 
Microprocessors may be computationally superior to microcontrollers, but they 
have limited input/output capabilities. 

Given the functionality of the scale, we can assume the microcontroller provides 
the analog-to-digital (A-D) conversion of the strain gauge signals, performs the 
pounds-kilogram units translation, shuts down the scale after a period of inactivity, 
powers up the scale when the scale is jostled, and drives the LCD. The peripheral 
EEPROM, discussed next, suggests that this is an 8-bit microcontroller. 

If you want to see what's under the blob, you can use two practical ways to get 
at the underlying chip: either chemically etch the epoxy or soften the epoxy with 
an SMT hot air pencil and remove the crumbly mass with a small blade. A third 
approach that seems to be popular on the Web is to use a rotary tool and rotary file 
to wear away at the blob until you hit something interesting. In my experience, 
getting physical with the epoxy results in a small pile of unrecognizable pieces of 
silicon and epoxy. 


Sree If you want to maintain the integrity of the small gold or copper wires between 
the chip and the circuit board, you can try to dissolve the blob with ATTACK 
[== epoxy solvent. (An 8-ounce container is available through online retailers such 
as Amazon.com for about $10.) The solvent works exactly as advertised, but it’s 
also extremely hazardous. Don’t even think of using it indoors, around life forms 
you value, or without skin protection. The U.S. Postal Service won't even ship it. 
And I doubt that the board will be useable after your apply the solvent—but it 
will look good. 


The approach I recommend for novices is to simply heat the blob to about 
900°F with a hot air pencil. At that temperature, the epoxy behaves like soft clay, 
and you can easily pick away at it with a hobby knife, scalpel, or other small, sharp 
instrument. Some of the traces may be removed during the process, but the chip 
should come out unscathed. 

I used the thermal approach to create Figure 3-3, which shows the 
microcontroller chip sitting on the much larger rectangular pad. To improve the 
clarity of the image, I superimposed a high-resolution photo of the newly uncovered 
area onto the original circuit board image shown in Figure 3-2f. Otherwise, the 
images are untouched. 

Visualizing the silicon chip probably doesn’t tell you much about the architecture 
or functionality of the microcontroller. However, a microcontroller designer can 
tell a lot from viewing the chip, because each section—the mathematical unit, 
onboard RAM (Random Access Memory), and various registers—has a characteristic 
appearance. For our purposes, getting a glimpse of the microcontroller is simply part 
of the fun of a teardown. 
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FIGURE 3-3 Circuit board after removal of epoxy blob 


EEPROM 


The ATMEL 718 24C02BN EEPROM provides 2K of memory, organized with 32 
pages of 8 bytes each. This is an 8-bit component, strongly suggesting that the 
microcontroller is an 8-bit device as well. The microcontroller apparently requires 
external memory to store the program code required to direct the operation of the 
scale. There is no evidence that the EEPROM can be erased and reprogrammed by 
the microcontroller in the field. 

The specifications of the chip include a two-wire serial interface and 2.7VDC 
operating voltage. The two-wire interface agrees with my findings on the board, 
in that only a few wires connect the microcontroller and EEPROM. The operating 
voltage is compatible with the supply voltage available in the scale. 

It's always a good idea to check the specs against the real-world configuration 
of a device. In some instances, you may have mischaracterized a device or made 
incorrect assumptions about the circuit configuration. 


Strain Gauges 


The weight sensors on this scale are thin foil strain gauges. Each of these gauges 

is glued to a metal, weight-bearing structure in each of the scale’s four feet. Recall 
that a strain gauge and its supporting, weight-bearing structure are referred to asa 
load cell. Review photos of the load cell in Figure 3-2d, and, if you're following along 
with your own teardown, examine each load cell carefully. Note how each strain 
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gauge is positioned exactly over the pivot point on the metal support where a metal 
extension is riveted to the main body. 

Both the orientation and placement of each strain gauge on its supporting 
structure are significant. You can get a better appreciation of the placement of each 
strain gauge if you remove the white silicone goop from the underside of each load 
cell with your fingernails. Figure 3-4 shows a strain gauge still glued to the bottom of 
a weight-bearing structure. The wires were removed for clarity. The three prongs of 
the load cell open to the right, and the wires normally connected to the sensor, from 
top to bottom, are white, red, and black. 

The metal extension on the support has the effect of subjecting one side of the 
strain gauge to compression and the other to elongation. This deformation is critical, 
because strain gauges respond to strain. Recall from basic physics that strain is the 
fractional change in length of a body that is subject to an applied force. Each of the 
strain gauges in our scale is oriented with the zigzag pattern running from left to 
right, which is the direction of strain. When you stand on the scale, the strain gauge 
element on the outside membrane is stretched, the metallic foil pattern is thinned, 
and resistance increases. Simultaneously, the inside element is compressed, the foil 
is thickened, and resistance decreases. Because of the zigzag pattern, the relative 
change in resistance is multiplied relative to what a single conductor would exhibit. 

You can confirm these assertions with your DMM. If you check the resistance 
between the three solder pads of a strain gauge, you'll find that each side has a 
resistance of about 1KQ, or 2KO when both sides of a strain gauge are measured 
in series. If you return the load cells to their original housings and measure the 
resistance between the three leads, you'll find that with no load, the resistance from 


FIGURE 3-4 Foil strain gauge glued to metal pod 
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the center to either side of a strain gauge is 1KO. When you stand on the scale, the 
resistance of the outer side of each strain gauge should increase by 2 to 40, and the 
resistance of the inner side should decrease by 2 to 40. Clearly, the position of each 
strain gauge in its metal pod is such that one side is subject to compression and the 
other elongation. This finding has major implications, as discussed a bit later. 

The metal foil strain gauges used in this scale are popular because they're 
inexpensive and relatively robust. However, if this were a laboratory scale instead of 
a bathroom scale, the strain gauges would most likely be made of semiconductors, 
which are more sensitive, more fragile, and more expensive than metal foil strain 
gauges. Both types of strain gauges are affected by ambient temperature. However, 
metal foil strain gauges can be made relatively immune to temperature changes by 
using alloys that minimally contract or expand with such changes. 


Piezoelectric Transducer 


The piezoelectric transducer soldered to the back of the main circuit board is a 
generic component typically used with an oscillator to create a buzzer. In this 
application, the transducer is used as a sensor. Vibrations caused by dropping the 
scale are converted to electrical impulses that are used to activate the scale. 

Can you think of why the designers decided to add another sensor to the 
scale when they already had four strain gauges to detect someone stepping on or 
dropping the scale? It’s probably because monitoring the strain gauges requires 
significant processing power and energy from the battery. It’s more efficient to have 
the microcontroller hibernate until awakened by a pulse from the piezoelectric 
transducer. An even more efficient, but less attractive, alternative is a mechanical 
switch, but this solution has limited market appeal. 


J3Y Transistor 


The output of the high impedance piezoelectric transducer is insufficient to 

drive the microcontroller directly. The J3Y transistor, an NPN transistor in an 
SOT-23 case, provides the needed amplification and impedance matching for the 
microcontroller. The transistor, which is equivalent to the S8050LT, has a collector 
current rating of 0.5A and a dissipation of 0.3W. 


In case you're wondering, I don't have an encyclopedic knowledge of transistors. 
I found the current rating, dissipation, and other specifications of the J3Y 
transistor the old-fashioned way—by searching the Web. I've had the best luck 
with Hong Kong supply houses that list transistors and their equivalents. Often 
the equivalent is easier to locate on yet another supply house list. Make certain 
you include the full transistor designation on your search. For example, if you 
search for “8050 transistor,” you may find the datasheet for the NPN transistor in 
a leaded SO-92 case, which has a dissipation of 1W. 
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Even without a datasheet, identifying the basic transistor parameters is 
relatively simple. For example, I know the identity of the leads from standard small 
outline transistor (SOT) packaging. Looking at the component with the single lead 
on top and two leads on the bottom; the collector is on top, the base lead is on the 
bottom left, and the emitter is on the bottom right. Following this pinout, the emitter 
is grounded, the base is connected to the piezoelectric transducer, and the collector 
is connected to a microcontroller line. The collector is also connected to the 3V 
battery supply through a resistor. 

As discussed in Chapters 1 and 2, given a transistor in an SOT-23 case 
without a datasheet, I know the emitter, base, and collector leads. It's up to you 
to decide whether the device is an NPN or PNP transistor. One way to make this 
determination is to examine the transistor with a multimeter. If you have an NPN 
transistor, with the positive probe on the base lead, you should read relatively low 
resistance to the emitter and collector leads. If the resistance is several million 
ohms, it’s a PNP transistor. I prefer an analog ohmmeter to a DMM for checking 
transistors. 

The second method of determining transistor type is to examine the circuit. 
Given that the emitter is grounded, odds are we're dealing with an NPN transistor. 
Recall that an NPN transistor is forward biased when the emitter is negative and 
both base and collector are positive. The forward bias condition for a PNP transistor 
is the inverse—the emitter is positive and both base and collector are negative. In our 
circuit, the emitter is grounded and the collector is positive because of the resistor to 
the 3V supply—clearly conditions for an NPN transistor. 


LCD 


As we discovered during the teardown, no ribbon cable or soldered connector lies 
between the circuit board and LCD. Instead, a pink Zebra Elastomeric Connector is 
friction-fit between the fingers on the circuit board and the etched edge connectors 
on the LCD. Figure 3-5 shows the conductive fingers on the edge of the LCD panel 
juxtaposed with the edge of the Zebra connector. The bottom third of the figure 
shows the LCD panel. 

Whoever named the Zebra connector must have had a powerful microscope. The 
stripes, formed by layer upon layer of insulator alternating with carbon, silver, or 
gold conductor, are barely visible in Figure 3-5. These layers run perpendicular to 
the long axis of the connector, so that each conducting layer connects one side of the 
connector to the other. Think mile-high tiramisu, with each cake layer a conductor 
and each creamy layer an insulator. 

To give you an idea of scale, the spacing between conductive fingers of the 
LCD in the figure is about 1mm. As you can see, there are about ten stripes or 
conductor-insulator layers per finger, which makes each stripe on the Zebra 
connector about 0.1mm thick. 

A major limitation of the elastomeric connection is that it provides a relatively 
high resistance path—on the order of 1KQ—for low-current applications. This is 
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FIGURE 3-5 Zebra Elastomeric Connector (top) and 
LCD edge connectors (middle) 


perfect for a low-current LCD, but it wouldn't work for, say, a high-current video 
board or electric motor connection. For more information on the Zebra connector, 
try the Fujipoly America web site, at www.fujipoly.com. 


How It Works 


A simplified schematic of the scale is shown in Figure 3-6. As previously 
discussed, two 3V lithium cells in parallel supply power. The microcontroller 

and EEPROM provide programmatic control for the automatic function and LCD 
display, and a Zebra Elastomeric Connector provides connectivity between the 
microcontroller and LCD. Note the pinout for the SOT-23 package, which applies to 
the transistor (Q1). 

The trigger circuitry consists of the piezoelectric transducer (PT), NPN 
transistor (Q1), and pull-up resistor (RP). When the transistor is in the quiescent, 
nonconducting state, the positive supply voltage is supplied, via the RP, to the 
microcontroller input line. When the piezoelectric transducer is jolted, it produces 
an AC signal, the positive component of which forward-biases the transistor. When 
the transistor conducts, the input line to the microcontroller is pulled down to a 
few tenths of a volt. This change of state signals the microcontroller to emerge from 
standby mode and activate the LCD and bridge circuits. 

Recall that an NPN transistor is forward-biased when the base and collector 
are positive relative to the emitter. Also note that, for clarity, the signal from 


supply to provide that voltage and current. 


To simplify the circuit diagrams, you can 
treat the load as a simple resistor. 
Questions 
A. What does the smoothing section of a 


power supply do? | 
B. What is connected to a power supply, and 
what can you treat it like? | 
Answers 
A. The Smoothing section converts the 
pulsating DC to a “pure” DC. 
B. A load such as a lamp or an electronic 
circuit is connected to a power supply. In 
most cases, you can treat the load as you 
do a resistor. 

16 Figure 11.33 shows a power supply 
circuit with a resistor as the load. 
Figure 11.33 


Questions 

Look at the circuit shown in Figure 11.33 and 
answer the following questions: | 

A. What type of secondary coil is used? 


B. What type of rectifier is used? 
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FIGURE 3-6 Simplified schematic of scale 


the piezoelectric transducer and output of the trigger circuit are not to scale 

in the schematic. In addition, only one negative-going pulse is shown on the 
microcontroller line. In reality, there is a string of pulses, as a function of the 
severity of the jolt to the piezoelectric transducer. The microcontroller is presumably 
programmed to ignore activation pulses that closely follow the first pulse. 

The most notable feature of the schematic is the resistance bridge formed 
by the four pairs of strain gauge segments in the load cells. This configuration of 
resistances, referred to as a Wheatstone bridge, produces an output voltage (V,,,) that 
is sensitive to minute changes in the relative resistances of each leg of the bridge. 
This output voltage is sent to the microcontroller, which determines and displays the 
weight of the person standing on the scale. 

The Wheatstone bridge consists of eight separate resistances, the contributions 
of the two sections of each strain gauge. At rest—that is, without load—the right-top 
(RTop), right-bottom (RBot), left-top (LTop), and left-bottom (LBot) strain gauges 
each contribute two 1KO resistances to the bridge. The names of each strain gauge 
correspond to the positions of the load cells in the scale. For example, the RTop 
strain gauge is located in the right-top foot of the scale, looking at the scale from 
above, as shown in Figure 3-1. 
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I labeled the sides of the bridge R1-R4, as shown in Figure 3-6, so that the RTop 
strain gauge contributed to R1 and R4. The side of the strain gauge that decreases 
in resistance with weight applied to the load cell contributes to R4, signified by 
the downward arrow adjacent to R4. The side of the strain gauge that increases in 
resistance with weight contributes to R1. The remaining three legs of the bridge are 
similarly configured so that each leg either increases or decreases with weight on 
the contributing strain gauges. 

Now focus on the four sides of the bridge, R1-R4, each 2KO in value, with two 
parallel paths formed by R1-R2 and R3-R4. Hopefully, it's intuitive that the output 
(Vo) from the bridge is OV, regardless of the input voltage (Vin). The same relative 
voltage drop appears across the voltage dividers R1-R2 and R3-R4. 

To illustrate, if V,,, = 10V, then the voltage drop across R1 = 5V and the 
voltage drop across R4 = 5V. Using ground as a reference, the junction between R1 
and R2—the top corner of the bridge—is at 5V. Similarly, the junction between R3 
and R4—the bottom corner of the bridge—is at 5V, relative to ground. Because the 
top and bottom corners of the bridge are at 5V relative to ground, there is no 
potential difference between the two corners of the bridge. That is, Vout = 0. 

We can prove this with Ohm’s law: 


y 


out 


= Vi, X [(R3/(R3 + R4) - (R2/(R1 + R2))] 
Assuming all resistances equal 1KO, the output voltage is 


Vout = Vin X [(1/2) -(1/2)] 
N iai = Va x 0 


Regardless of the input voltage (Vin, when the resistances in each of the four legs 
of the bridge are equal, output is OV. As shown in Figure 3-6, the appropriate LCD 
display with a OV input to the microcontroller is 00.0 pound. Of course, R1-R4 
aren't exactly 1KQ, and there will be some output from the bridge with no load. 
However, the microcontroller uses the initial output of the bridge at startup as 
00.0 pound. 

Now consider the Wheatstone bridge with a weight of about 173 pounds on the 
scale—my weight—as shown in Figure 3-7. As you can see, the bridge is unbalanced. 
Using the previous formula for output 


Vout = Vin X [(R3/(R3 + R4))-(R2/(R1 + R2)) 
Vout = Vin X [(2006/(2006 + 1994)) -(1994/(2006 + 1994))] 


Vout = Vin X [(2006/(4000)) - (1994/(4000))] 
M 


out 


= V,, x 0.003 


Assuming an input voltage (Vin) of 10V, the output voltage (V,,,) is 30mV, or about 
10mV with an input voltage of 3V. While 10mV may not seem like a significant signal 
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173.418 


R2 = 1994 


997 1,003 


R1 = 2006 
1,003 


Vout = Vin X 0.003 


1,003 


R3 = 2006 R4 = 1994 


FIGURE 3-7 Wheatstone bridge with 173.4 pounds on 
the scale 


level, it’s sufficient for the microcontroller. Strain gauges with greater sensitivity 
are available for scales with a smaller weight range, such as a kitchen scale with 
a maximum capacity of a pound or two. In general, strain gauges with higher 
sensitivity have limited range. Of course, it’s possible to purchase strain gauges with 
high capacity and sensitivity—for a price. If you check the Web for prices of high- 
capacity, high-sensitivity laboratory scales, you'll find that the dust covers for these 
scales cost more than our bathroom scale. 

The sensitivity of a strain gauge is expressed in terms of Gauge Factor (GF). 
Mathematically, GF is expressed like so: 


GF = (AR/R)/(AL/L) 


Simply put, GF is the ratio of the fractional change in electrical resistance to the 
fractional change in length of a strain gauge. The fractional change in length, 
AL/L, is the formal definition of strain. The greater the GF, the greater the 
sensitivity of a strain gauge. As a point of reference, the strain gauges in our scale 
have a GF of about 2. 

If we're interested in measuring the weight of butterfly wings, given enough 
amplification, we could use the strain gauges in the current load cells for the job. 
However, given the stiffness of the metal supports, the amplification required would 
be so great that the signal-to-noise ratio would likely be too low to be useful without 
significant signal processing. A better approach might be to mount the strain gauges 
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on a more flexible base, or to use a more sensitive strain gauge on a more flexible 
base. 

The best solution depends on the requirements of the scale, including the 
operating environment. Scale-based strain gauges with a GF of 1000 might be perfect 
to measure the weight of butterfly wings—assuming the scale is in a lab free of 
vibration from nearby road traffic, and the scale isn't buffeted by air from a nearby 
air-conditioning vent. 

Although I’ve focused on sensitivity in this treatment of strain gauges, I'd be 
amiss not to point out that strain gauges are fundamentally variable resistors. 
Moreover, the specifications typically associated with fixed and variable resistors 
apply to strain gauges, including tolerance, repeatability, resistance range, accuracy, 
linearity, thermal coefficient, power dissipation, operating temperature and 
humidity, and maximum applied voltage. 

Of these variables, the most important from the perspective of an inexpensive 
bathroom scale is accuracy. The accuracy of a load cell is usually expressed as a 
percentage of full-scale load, with typical values ranging from 0.03 to about 1 percent 
of full scale. Assuming our 330-pound capacity scale uses 1 percent load cells, the 
value displayed on the LCD should be accurate to within +3.3 pounds. I’m assuming 
an accuracy of 1 percent, given the price of the scale. 

As noted in the discussion of specifications, the manufacturer does not provide 
an accuracy figure. If the accuracy is in fact 1 percent of full scale, then displaying 
weight to a tenth of a pound is at best misleading. A display with greater precision 
doesn’t improve the accuracy of the displayed value. 


Mods 


The easiest mods for this scale are to enhance the triggering circuit and extend 
measurements beyond the confines of the unit. My favorite source for strain gauges 
and load cells is Omega Engineering (www.Omega.com). The National Instruments 
Developer Zone (http://zone.ni.com) is the best source for information on strain 
gauge design and use. 


Enhanced Triggering 


Try substituting an outboard microphone and preamp for the piezoelectric 
transducer to turn on the scale with a hand clap or whistle. Adjust the sensitivity 
or frequency response of the enhanced trigger so that ordinary room noise doesn't 
activate the scale, resulting in prematurely depleted batteries. 


Create External Load Cells 


Although it’s a challenge, you can create new load cells by attaching the foil strain 
gauges to other surfaces. You'll need a steady hand and a sharp blade to peel the 
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strain gauges from their metal mounts. Use superglue (cyanoacrylate) to attach the 
strain gauges to new platforms that provide both expansion and compression. Try 

mounts made of thin, relatively flexible metal or plastic to increase the sensitivity 

of the scale. 

You can also use new load cells with different accuracies and sensitivities, as 
long as the total resistance of each strain gauge is 2KQ. If you use load cells with a 
greater equivalent GF than that of the current load cells, the weight displayed on 
the scale's LCD will be greater than the actual weight. The caveat, of course, is that 
you'll have to create a lookup table to convert the displayed weight to actual weight. 


This page intentionally left blank 


Chapter 4 


surge Protective Devices 


Sus suppressors and other surge protective devices (SPDs), virtually unheard 
of before the advent of the PC, are one of the most popular electronics 
accessories sold. 1 own at least a half dozen surge suppressors, such as the one 
shown in Figure 4-1, a pair of power conditioners, and an uninterruptible power 
supply (UPS). 

Why this mix of power technologies? Why spend hundreds of dollars on a power 
conditioner with fancy meters and lights and-or a UPS capable of an hour of battery 
backup power instead of a simple surge suppresser? And why not simply use an 
inexpensive power strip? The reason is that wall socket power can be dirty and 
fickle: A rare lightning strike can fry your laptop, citywide surges stress devices 
with linear power supplies, and spike generators in the form of home appliances can 
be lethal to audiovisual (AV) gear, game consoles, computers, receivers, and other 
sensitive AC-powered electronics. 


FIGURE 4-1 Monster Power AV600 surge suppressor 
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The most common SPD is the surge suppressor power strip, which provides 
multiple outlets with active and/or passive electronics that respond to the spikes 
and, to a lesser degree, surges from the power line. These inexpensive devices, 
typified by the Monster AV600, offer modest protection against nanosecond-duration 
events (spikes) and voltage increases that last a second or more (surges). 

The typical consumer-grade surge suppressor employs MOVs (metal 
oxide varistors) to divert and attenuate voltage spikes. MOVs are inexpensive, 
relatively fast acting, and capable of conducting several thousand amps for a few 
microseconds, but they also degrade when they absorb energy from a voltage spike. 
Some commercial-grade surge suppressors combine MOVs with gas tubes, which 
have a higher energy capacity than MOVs, and avalanche diodes, which are faster 
than MOVs, to provide a mix of transient response speed, energy handling capacity, 
and longevity. 

Another common SPD, especially in music and professional audio circles, is 
the power conditioner, which is often marketed as a significant improvement over 
a basic surge suppressor. Some power conditioners use transformers to provide 
isolation between equipment and the line and between components, heavy-duty 
inductors to filter noise from the hot and neutral wires, and a mix of nonlinear 
components to protect equipment from both surges and spikes. However, many 
power conditioners are little more than ordinary MOV-based surge suppressors in a 
fancy enclosure. 

In this chapter, we'll tear down two SPDs. The first, an AV600 surge suppressor 
by Monster Cable, is available on the Web for about $14. The second device is a 
Furman PL-Plus C power conditioner, available for about $220. The teardowns of 
these Chinese-built units provide a practical introduction to MOVs, thermal fuses, 
thermal circuit breakers, component failure mechanisms, and electrical standards. 


Surge Suppressors 


Surge suppressors are commodity items. Inexpensive surge suppressors from 
Belkin, Tripp Lite, APC, or other manufacturers typically offer the same 
suppression features but vary in relatively insignificant features, such as the 
number and layout of sockets, color, housing size and shape, and length of 

power cord. I selected the Monster Cable AV600 surge suppressor for this first 
teardown because it’s inexpensive and readily available, and the specifications are 
representative of similarly priced devices on the market. 


Highlights 


The AV600 is a typical MOV-based surge suppressor strip constructed of 
components designed to respond to temperature and heat—properties that aren't 
easily conveyed by conventional electronic schematics. We’ll explore how surges 
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and spikes are handled by separate circuitry and the significance of the “Protection 
On” LED (light-emitting diode) indicator. During this first teardown, note the 
following: 


The fiberglass wrap enveloping some of the components 
The slots in the circuit board 

The physical proximity of components 

The size, mass, and number of MOVs 


Specifications 


According to Monster Cable (www.monstercable.com), the six-outlet unit provides 
the following: 


Protection against both power surges and voltage spikes 

Suppression from hot to ground, hot to neutral, and ground to neutral 
555 joule (J) energy rating 

1 nanosecond (ns) response time 

15A maximum load capacity at 120VAC, 60Hz 

330V transient suppression voltage 

Compliance with UL 1449 standards 


Let’s consider the key specifications in more detail. 


Joule Rating 


The spike-suppression function of the AV600 works by diverting the spike energy 
from hot and neutral to ground, and the MOVs that perform this function have a 
finite energy-handling capacity, which is reflected in the joule rating. The joule is 
a unit of energy, with 1 joule equivalent to 1 watt-second. The greater the surge 
suppressor’s joule rating, the greater its capacity to divert unwanted energy away 
from sensitive equipment. 

Ideally, a surge suppressor can divert an infinite amount of energy from hot 
and neutral to ground—think lightning strike. However, despite marketing claims, 
surge suppressors are useless if your house wiring suffers a direct lightning 
strike. The same goes for a $900 power conditioner or UPSs. Your best bet is to 
unplug—not simply turn off—your equipment and surge suppressors during a 
lightning storm. 

The energy rating of 555J is the sum of the energy-diverting capabilities of the 
MOVs used in the AV600. It’s difficult to determine the specific energy-diverting 
capabilities of the AV600 without knowing the number and rating of MOVs installed 
from hot to ground, hot to neutral, and neutral to ground. And we'll know this after 
the teardown. 


56 


Part I Around the Home 


Response Time 


Voltage spikes are by definition brief. For a surge suppressor to be useful, it must 
be fast enough to divert an energy spike before it reaches sensitive equipment. 

A Ins response time is excellent for surge suppressors based on MOVs. Even so, Ins 
is slow enough that some of the energy of a spike will pass through the suppressor 
before the MOVs begin to conduct. For example, let’s say a high energy spike 

has a duration of 2ns and that 80 percent of the energy is dispersed in the first 
nanosecond. Even if the MOV conducts at 100 percent capacity at Ins, 80 percent 
of the energy spike gets through the suppressor. In reality, the MOV only begins to 
conduct at Ins, meaning that perhaps 90 percent of the spike makes it through the 
surge suppressor without being attenuated or diverted. 

An alternative to the MOV is the gas discharge tube, which lags behind MOVs in 
response time but has a much greater energy-handling capacity. Avalanche diodes, 
packaged as transient voltage suppression (TVS) diodes, respond much faster than 
MOVs but can’t handle as much energy. 


Transient Suppression Voltage 


The TSV is the voltage at which the energy diversion of a MOV kicks in. Given 

the tolerances of MOVs and other components, the normal variability of the line 
voltage, and the degradation of MOVs with use, the TSV should be significantly 
greater than the nominal line voltage. If the TSV is too high, however, the MOVs 
will be ineffective in protecting equipment. A TSV of 330VAC is a good compromise 
for an inexpensive surge suppressor. 


Suppression LG/LN/GN 


Most MOV-based surge suppressors provide energy diversion between hot and 
ground (LG), hot and neutral (LN), and ground and neutral (GN). The cheapest 
MOV-based surge suppressor strips often have a single MOV between hot and 
ground, and therefore can’t divert spikes from neutral to ground, clamp voltage 
spikes between hot and neutral, or divert spikes common to both hot and neutral 
(common-mode spikes) to ground. 


Spike diversion is but one of several methods of protecting equipment from 
voltage spikes. I'm partial to “heavy iron”—large toroidal transformers that 
provide complete isolation from the mains, large inductors in the hot and 
neutral leads that attenuate noise and transients, and nonlinear devices that 
clamp any residual spikes. But all this comes at a significant price—which is 
why inexpensive surge suppressors based on 75-cent MOVs are so popular. 


C. What components make up the smoothing 
section? — < —ć 
D. What output would you expect from the 
rectifier section? 


Answers 


A. A secondary coil with no center tap 
B. A single-diode, half-wave rectifier 
C. A resistor and two capacitors (R1, Cl , 
and C 2) 
D. Half-wave pulsating DC 

17 Figure 11.34 shows the output 
waveform from the rectifier portion of the 
power supply circuit shown in Figure 11.33 . 
Figure 11.34 


This waveform is the input to the smoothing 
section of the power supply circuit. Use one 
of the DC pulses (shown in Figure 11.35 ) to 
analyze the effect of the smoothing section on 
the waveform. 

Figure 11.35 


As the voltage level of the DC pulse rises to 
its peak, the capacitor C 1 is charged to the 
peak voltage of the DC pulse. 

When the input DC pulse drops from Its 
peak voltage back to 0 volts, the electrons 
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UL 1449 


The UL 1449 rating is important because it certifies that the AV600 is safe 

to use. It doesn't certify that the AV600 will protect your equipment from 

a direct lightning strike or even a minor surge, however. According to the 
Underwriters Laboratories (www.ul.com), the 1449 rating does not evaluate 
the effect of the surge suppressor on connected loads, establish a minimum 
level of attenuation, or assess the adequacy of the voltage protection rating. In 
short, UL 1449 certification is assurance that the AV600 won't catch fire under 
normal use. 

The UL 1449 standard undergoes periodic updates, and each new edition is more 
detailed than the last in the assessment of SPDs, including MOVs. UL 1449, third 
edition, became effective in September 2009. Several UL ratings are relevant to SPDs, 
depending on the design. For example, UL1414 deals with capacitors connected 
directly across or in series with the mains. International standards organizations, 
such as the IEC (International Electrotechnical Commission, www.iec.ch), also 
establish standards for SPDs. 


Operation 


I use my AV600s as central power control stations. After all, why flip on a half 
dozen on-off switches when one on the surge suppressor will do? Simply hit the 
illuminated rocker switch and, if both the switch and “Protection On” LED are 
illuminated, you're good to go. 

Before the teardown, I assumed the LED was a ground indicator. After all, 
a surge suppressor is supposed to divert energy to ground—the green wire, 
attached to the round conductor on the standard 3-pin NEMA (National Electrical 
Manufacturers Association) plug. However, in preparation for this teardown, 
I installed a 2-to-3-prong adapter on the AV600 cord and the “Protection On” LED 
remained illuminated. TIl discuss the LED circuit in detail later, but you should 
keep it in mind during the teardown. 


Teardown 


If you're following along at home with an AV600, you should be able to complete 
the basic teardown, illustrated in Figure 4-2, in about 5 minutes. If you want to 
disassemble the main components and remove the MOVs from the circuit board, 
then give yourself another 20 minutes. Note that this is a destructive teardown. 
We'll have to destroy the case to get at the components. 
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FIGURE 4-2 Teardown sequence 
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FIGURE 4-2 (continued) Teardown sequence 


Tools and Instruments 


For the basic teardown, you'll need a standard screwdriver with a large blade, a 
pair of gloves, and eye protection. A large pair of diagonal cutters is useful for 
extracting the circuit board from the plastic housing. You'll need a soldering iron, 
pliers, solder wick, or equivalent desoldering tools to extract the components from 
the circuit board. A drill with a 1/4-inch bit and a pair of heavy-duty lineman’s 
pliers are required for the optional component teardowns. 

You'll need a multimeter to test the state of the fuses and other components 
in the AV600. If you want to experiment with the MOVs, you'll need a high-voltage 
source, some means of generating voltage spikes, and an oscilloscope. I use a 
battery-powered photoflash unit to generate spikes. A Variac variable transformer is 
a great tool for creating surges. 


Step by Step 
As you progress with this short teardown, you may find it useful to tape down the 
power cord and other wires as your free components, in preparation for testing. 


Before you begin the teardown, verify that the unit is unplugged. 


Caution 


= 


Step 1 
Examine the exterior of the unit. There is a 6-foot, three-conductor, 14AWG 


(American Wire Gauge) power cord attached to one end of the surge suppressor. 
Note the circuit breaker reset button on the side of the unit, about 1 inch from the 
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cord end of the unit, as shown in Figure 4-2a. Also note the “Protection On” LED, 
just above the rocker switch. 


Step 2 

Open the plastic clamshell. With gloved hands, direct the flat blade of a large 
screwdriver around the unit, breaking the lightly glued seam. Next, insert the 
blade into the body of the suppressor, around the midline. Pry the halves apart 
to reveal the circuit board and resettable fuse, as shown in Figure 4-2b. Note the 
damaged insulation (as shown in the figure) on the ground and hot wires where 
they enter the unit. Apparently the power cord was not seated properly when the 
two halves of the clamshell were assembled—an apparent lapse in quality control 
and a potential fire hazard. 


Step 3 

Extract the circuit board, LED, and circuit breaker. I removed the board and switch 
assembly by grasping the plastic body with gloved hands and snapping the body in 
half. If you’re following along at home and want a more controlled approach, use 
diagonal cutters to nibble away at the plastic body until you free the circuit board. 
When you're done, you should see the power cord, circuit breaker, circuit board, 
LED, and the leads to the power jacks, as shown in Figure 4-2c. 

To make the photo in Figure 4-2c, I removed a white fiberglass cloth covering 
the four dark rectangular components (MOVs) to the right of the switch, and a 
second cloth covering the vertically mounted 1W resistor and the white rectangular 
component (thermal fuse) near the midline of the board. The separate fiberglass 
cloths insulate and connect the components thermally and provide protection from 
fire should a component ignite. 

Note how the ground wire from the power cord is soldered to the ground wire of 
the ground bus, and that the neutral and hot wires are welded to their buses. Note 
also that the hot (black) wire is the only one that’s interrupted by the circuit board. 
The ground and neutral wires make contact with the board, but they continue on to 
the receptacle bus. The figure also shows the damaged ground wire insulation. 


Step 4 

Examine the foil side of the circuit board, as shown in Figure 4-2d. Note the 
relatively wide circuit tracks, the wide spaces between traces, and the air gaps 
throughout the middle and right side of the board. Any idea why the manufacturer 
went through the expense of creating the air gaps? Have you ever seen a circuit 
board charred by a lightning strike? 


Step 5 

Identify the components on the board. Unfold the white rectangular thermal fuse 
adjacent to the 1W resistor, shown in Figure 4-2e. As indicated by the package 
markings, this is a 115°C thermal fuse with a rating of 15A at 250VAC. Next, 
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examine the double-decker sandwich of four dark rectangular MOVs and two 
cylindrical thermal fuses, shown in Figure 4-2f. Note the “102°C” marking on the 
thermal fuse, as well as the markings on the MOVs. 


Step 6 

Disassemble the thermal circuit breaker (optional). Drill out the five rivets holding 
the two halves of the component together and use a pair of pliers to remove the 
sleeve around the push button. You don't have to drill through the casing of the 
circuit breaker—simply cut through one end of a rivet to release it. Examine 

the contact mechanism, shown in Figure 4-2g. 


Step 7 

Disassemble the rocker switch (optional). The rocker switch contains a neon bulb 
worth studying. If you haven't worked with a neon bulb before, now’s the time to 
harvest one for your parts collection. Simply cut through the soft plastic housing 
with diagonal cutters to free the bulb and series resistor assembly, as shown in 
Figure 4-2h. 


Layout 


As revealed in the teardown, the majority of components are located on a compact 
circuit board about 1 1/2 x 1 3/4 inches (38mm x 45mm), shown in Figure 4-3. 
The board contains the illuminated rocker switch, four rectangular MOVs, three 


FIGURE 4-3 Circuit board layout 
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thermal fuses, a transistor, a pair of general-purpose silicon diodes, a capacitor, and 
a few resistors. The thermal circuit breaker and two of the three power buses—hot 
and neutral—make connections with the circuit board. 

Components 


Initially, you might be surprised at the number of components inside such a simple 
device. After circuit analysis, however, you might be equally impressed at the 
number of functions these few components can accomplish. 


Thermal Circuit Breaker 


The largest single component and the only major component not soldered directly 
to the circuit board is the Joemex (www,joemex.com) thermal circuit breaker, 
visible in Figure 4-2c. The push-to-reset circuit breaker, rated at 15A and 120VAC, is 
wired in series with the hot wire, between the power cord and the circuit board. 

The circuit breaker consists of a bimetallic band fixed on one end with a contact 
on the free end, as shown in Figure 4-2g. When the temperature of the strip reaches 
a predetermined level, whether due to current through the band for a given time 
or the ambient temperature, the metal band bends, thereby opening the contact. 
After the band cools for a minute, the plunger on the button can be used to force the 
contacts together, setting up the circuit breaker for the next over-current event. 

The bimetallic arm is a temperature- and time-dependent device. At room 
temperature, the circuit breaker can carry 15A indefinitely. With a 20A load at room 
temperature, the circuit breaker will open in about 1 hour. A 30A load will trip the 
circuit breaker in about 40 seconds at room temperature. 

As the ambient temperature rises, the current carrying capacity of the breaker 
diminishes. For example, at 86°F, the current carrying capacity of the circuit breaker 
is decreased by 10 percent. At 104°F, a temperature easily achieved in a closed 
computer closet or AV cabinet, capacity is decreased by about 30 percent. 


MOVs 


The four EV S114D201 MOVs in the AV600 are rectangular, epoxy-dipped 
components resembling ceramic disc capacitors. At their normal working voltage 
of 120VAC, the MOVs are essentially capacitors with a low leakage resistance. I 
measured the average capacitance of the four MOVs as 800pF and a DC resistance 
in excess of 10MO. 

When the voltage across a MOV approaches the transient suppression voltage 
of 330VAC, the MOV behaves more like a low-resistance shunt, both absorbing and 
diverting energy. The amount of current that can be carried by a MOV is limited. 
The higher the current, the higher the heat generated in the body of the MOV, and 
the greater the likelihood of permanent damage. Recall that the heat produced by a 


Chapter 4 Surge Protective Devices 63 


resistance is proportional to the square of current (P = IR). Unlike resistors, MOVs 
aren't designed for continuous dissipation of significant energy, but only brief surges. 

The 330VAC TSV is based on the specifications of the AV600 unit. Although I was 
unable to locate the MOVs in a catalog, the component markings suggest a 14mm 
square body (S114), normal energy rating (D), and a varistor voltage of 200VDC 
(20 x 10'). The varistor voltage, the DC voltage at which 1mA current flows, is one 
means of identifying the voltage-handling capabilities of a MOV. The varistor voltage 
is typically, but not necessarily, less than the maximum clamping voltage. 

Typical catalog listings for MOVs include the maximum continuous AC and DC 
voltage, the single pulse transient energy capacity, the varistor voltage, the transient 
suppression voltage, and capacitance. The transient suppression voltage rating of a 
MOV is proportional to the thickness of the device, current capacity is proportional 
to surface area, and energy absorption capacity is proportional to volume (that is, 
thickness x surface area). The MOVs in the AV600 are 0.5 inch square x 0.06 inch 
thick (14.6mm sq x 2.1mm). 

I set up the experiment illustrated in Figure 4-4 to verify my reading of the 
component varistor voltage. I used a linear high-voltage power supply from a vacuum 
tube amplifier to apply a constant DC voltage across a MOV while monitoring 
the current. Below 200VDC, there was essentially no current flow. However, at 
213VDC, the current was 1mA, indicating a varistor voltage of 213VDC. Given typical 
component tolerance and instrument accuracy, this reading is consistent with a 
varistor voltage of 200VDC, as per the component marking. Based on varistors listed 
by DigiKey, a varistor voltage of 200VDC is compatible with the 330VAC transient 
suppression voltage rating. 
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FIGURE 4-4 MOV voltage-current curve 
experiment results 
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A limitation of MOVs is that they deteriorate with use. In response to each 
spike they encounter, a sudden increase in current raises the temperature of the 
MOV, decreasing its resistance, and, assuming the spike hasn't abated, increasing 
current. Unless the cycle is checked, it will continue until the MOV fails, typically 
as a Short. In the case of a low-resistance short, the MOV may explode or flame 
prior to tripping the circuit breaker. This is one reason for the fiberglass wrap; if 
a MOV fails catastrophically, the heat and shrapnel will be contained within the 
fiberglass. 

If a MOV fails to resistance of, say, 1000, the temperature of the component will 
increase, elevating the temperature of nearby components. Eventually, the MOV will 
melt, crack, and, ideally, become an open circuit without flaming. Obviously, there’s 
a place for an automatic means of detecting an abnormal rise in MOV temperature 
and for disconnecting it from the circuit before a damaged MOV becomes a fire 
hazard. 

Because the condition of the MOVs is not apparent through the AV600's 
Opaque case, an indicator of MOV status would be useful. Although it’s not practical 
in an inexpensive surge suppressor, one means of assessing the health of a MOV 
is to monitor its varistor voltage. It’s generally accepted that damage has occurred 
when the MOV’s varistor voltage changes by 10 percent or more from its initial 
value. 


Thermal Fuses 


A thermal fuse, also known as a thermal cutoff, permanently opens when its 
temperature rises above a temperature set point. As with regular current-based 
fuses, thermal fuses also carry a current rating. However, this figure represents 
the maximum operating current that a thermal fuse can withstand without 
derating its temperature set point. 

Consider the fuse sandwiched between the two MOVs in Figure 4-2f, for example, 
which is rated at 5A and 102°C. When the temperature exceeds 216°F (102°C), the 
fuse permanently opens. If the temperature is only 180°F, the fuse won't blow at a 
current of 5A or even 10A. The set temperature may decrease from 216°F to 197°F at 
10A, but otherwise, within the current carrying capacity of the fuse, it won’t open. In 
my tests, the 102°C/5A thermal fuses in the AV600 can withstand 20A for 1 minute 
at room temperature before failing. I’m not suggesting you ignore the current rating 
of a thermal fuse, but just don’t confuse the rating with that of a standard fuse. Using 
a 102°C/5A thermal fuse in a 10A circuit is akin to using a 5A/250VAC slow-blow fuse 
at 400VAC. 

In addition to the thermal fuses sandwiched between MOVs, is a larger, separate 
thermal fuse, shown in Figure 4-2e, with ratings of 115°C (239°F) and 15A. As with 
the smaller fuses, the 15A fuse can carry significantly more current than 15A, at the 
cost of shifting the temperature set point. As you'll see later in the circuit analysis, 
this thermal fuse provides protection from long-duration voltage surges. 
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Rocker Switch Neon Lamp 


The neon lamp in the rocker switch is worth examining because it represents a 
class of lamps that is used as voltage regulators and voltage spike diverters. As 
shown in Figure 4-2h, the neon lamp is constructed of two cylindrical electrodes 
enclosed in a glass envelope that is filled with neon and a trace of argon under 
low pressure. When AC or DC voltage is applied to the electrodes, the gas ionizes 
and gives off an orange-yellow glow. With AC, the area around both electrodes is 
ionized. With DC voltage, only the area around one electrode is ionized. Do you 
know which one? 

As switch indicators, neon bulbs are useful in line-powered circuits because 
they’re bright, use little power, and require only a series current-limiting resistor to 
operate at 120VAC. The bulb in the AV600, which is about a third smaller than the 
ubiquitous NE-2 neon bulb, is connected to a 150KO series resistor. This results in an 
operating current of 120VAC/150KQO, or 0.8mA. 

Unlike an incandescent bulb, the neon bulb exhibits a hysteresis (delayed) effect. 
The breakdown voltage is about 7OVAC/DC, but once the gas in the bulb is ionized, 
it takes about 10V less voltage to maintain ionization. Another feature of the neon 
bulb is that the voltage drop across an ionized bulb is constant. Neon bulbs with a 
breakdown voltage of 200VAC or more are used as spike arrestors in power supplies, 
power conditioners, and tube-type radio receivers. Neon bulbs are relatively slow to 
respond to spikes, but their instantaneous shunt current capacity is significant. 


Transistor 


The single transistor in the AV600 is a KSP44, a high-voltage silicon transistor in 

a TO-92 package, visible in Figure 4-3. Following the standard package format, 
looking at the flat face of the transistor, the leads, from left to right, are emitter, 
base, and collector. The transistor is rated at 500V collector-base and 400V emitter- 
base voltages, with a collector current of 300mA. The datasheet is available 
through the Fairchild semiconductor web site (www. fairchildsemi.com). 


Diodes 


The two diodes in the AV600 are generic silicon power diodes, type 1N4007. They’re 
rated at 1000V PIV (peak inverse voltage) and 1A forward current. 


Capacitor 


The single, yet prominent, capacitor in the circuit is an MKP X2 metalized 
polypropylene film capacitor (www.dain.com.tw) rated at 0.lpf and 250VAC. The 
non-inductive capacitor, constructed with a plastic case sealed with epoxy resin, is 
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sold as an interference-suppression capacitor, for applications that include antenna 
coupling, bypassing, and electromagnetic interference (EMI) filtering. 


Resistors 


Of the four metal film resistors in the AV600, the most notable is the 1W, 8800, 
fusible resistor that’s thermally isolated with the 15A thermal fuse, as shown 
in Figure 4-3. The resistor has a flame retardant coating that enables it to 

fail gracefully, without creating a fire hazard. In normal operation, a band of 
fiberglass cloth snugly binds the large thermal fuse to the resistor. 


LED 


The single red LED serves as the “Protection On” indicator light. However, as you'll 
see in the teardown, what the LED signifies is probably not what you expect. 


Circuit Board 


The single-sided circuit board is remarkable in the seven cutouts between 
conductive islands, visible in Figure 4-2d. The cutouts are air-gap insulation 
between components and leads of the same component that could be compromised 
by a high-voltage spike. One reason for the gaps is to avoid charring of the circuit 
board. 


Cord 


The cord and connector are integral to the AV600. In order for the MOVs to work 
properly, the unit must be grounded—hence the standard three-pronged NEMA 
plug. The 6-foot power cord consisting of stranded 14AWG copper wire is sufficient 
for supporting a 15A load. As a point of reference, 14AWG copper wire has a 
resistance of about 0.00250/foot at room temperature. 


How It Works 


The typical single-phase residential power drop-off consists of a hot (black 
wire), neutral (white wire), and ground (green wire). The hot and neutral lines 
connect to the power distribution system and the ground is derived locally by 
connecting a copper wire to a local earth ground, such as a cold water pipe. The 
flow of current from the hot or neutral to the ground lead—a ground fault—is 

an abnormal condition. However, the ground lead is a handy place to divert 

the unwanted energy of a voltage spike, sparing your expensive electronic 
gadgets. 


stored on capacitor C 1 discharge through the 
circuit. This maintains the voltage across the 
load resistor at close to its peak value, as 
shown in Figure 11.36 . The DC pulse to the 
right of the diode stays at the peak voltage, 
even though V in drops to zero. 

Figure 11.36 


Question 

What discharge path is available for the 
capacitor Cl? 
Answer 


The diode is not conducting, so the capacitor 
cannot discharge through the diode. The only 
possible discharge path is through R 1 and 
the load RL. 

18 If no further pulses pass through the 
diode, the voltage level drops as the capacitor 
discharges, resulting in the waveform shown 
in Figure 11.37 
Figure 11.37 
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With this brief background, let's look at the schematic for the AV600, shown in 
Figure 4-5. Input is on the left and output is on the right, represented by the two 
NEMA jacks. Note the TO-92 package outline for the PNP transistor (Q1). 

The hot lead is interrupted, from left to right in the schematic, by the resettable 
15A thermal circuit breaker, by the power switch assembly, and by the 115°C 
thermal fuse. The symbol for a thermal fuse reflects the typical packaging—a hollow 
metal tube filled with material from the open end. The overflow of material on the 
open end tapers to the lead, forming the point of the package. The thermal fuses 
in the AV600 don’t happen to use standard packaging. The other schematic symbol 
that may be new to you is a rectangle with a diagonal line through its body, which 
represents a MOV. 

The neon bulb (NE) and 150K series resistor, between hot and neutral, 
illuminate the translucent rocker switch (SW) when the rocker switch is in the on 
position, assuming the 15A circuit breaker is functional. The 0.1pf capacitor across 
the rocker switch contacts suppresses the arcing that might occur if a significant 
load is attached to the surge protector when the switch is moved on or off. Without 
the capacitor, the arcing across the contacts could damage the equipment plugged in 
to the AV600 as well as the rocker switch. 

Now let’s step back and look at the AV600 from a systems’ perspective. There 
are five functional subsystems: a current-limiting system, a spike-diversion system, 
a spike-clamping system, a power-indicator system, and a surge-protection system. 
The current-limiting system consists of the 15A thermal circuit breaker. If the load 
exceeds 15A, the breaker will open, with a response time dependent on the load. 

A dead short will trip the breaker in a second or two. 


G 


FIGURE 4-5 Schematic diagram of the AV600 
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The spike-diversion system consists of MOV A between hot and ground and 
MOV D between hot and neutral. A voltage spike on the hot or neutral lines will be 
diverted to the ground wire. Note that if the ground wire isn't grounded, the MOVs 
will be ineffective. 

The spike-clamping system consists of MOVs B and C that will clamp a voltage 
spike between hot and neutral. In compliance with UL 1449, the MOVs are not placed 
directly across the lines, but are wired in series with thermal fuses. Moreover, the 
two 102°C thermal fuses (TF1 and TF2) are physically and thermally associated 
with the MOVs they protect. The dotted ellipse enveloping the TF2 and MOV D 
signifies one of the thermal links. If MOV A absorbs a spike and fails with a short, 
its temperature will quickly reach 216°F (102°C) and TF1 will open, removing both 
MOV A and MOV B from the circuit. This alleviates a potential meltdown of the 
AV600 but also diminishes the protection provided by the unit. 

The power-indicator system consists of the neon bulb within the power switch 
and the “Protection On” LED between hot and neutral. As long as TF3 is functional, 
flipping the power switch to the on position should illuminate both neon bulb (NE) 
and LED. If TF3 is open, the rocker switch will be illuminated, but not the LED. In 
other words, the state of the LED reflects the status of TF3, independent of the status 
of the MOVs or other thermal fuses. 

The surge-suppression system consists of TG3, a 115°C thermal fuse that is 
thermally and physically associated with the 8800, 1W resistor. The dotted loop 
enclosing both components at the top of the schematic highlights the thermal 
connection. If you recall from the teardown, the 115°C thermal fuse and 8800, 
resistor are wrapped in an insulating fiberglass cloth. 

The 8800 resistor functions as a thermal indicator of the voltage between 
hot and neutral. As the voltage increases above 120VAC, the power dissipated 
by the resistor increases and its temperature rises. The temperature of TF3 tracks 
the temperature of the resistor. If the sufficiently elevated line voltage persists, 
the temperature of the resistor and TF3 will reach 239°F (115°C), and TF3 will 
open. So why the diode (D1) and transistor (Q1)? 

Let’s examine Figure 4-6 to understand the design of the surge-suppression 
circuit. The figure shows a plot of voltage versus current and the surface 
temperature of the 8800 resistor. The first thing to note is the small line segment 
labeled “1mA/Volt” in the lower-right quadrant of the graph. It represents the slope 
of voltage versus current for pure resistance plotted against the same voltage and 
current scales used in the larger graph. 

In comparison, the slope of the voltage versus current for the resistor-transistor 
circuit combination starts out at about 0.5mA/Volt and then increases to more than 
2mA/Volt. As a result, the surface temperature of the 8800 resistor, and the body 
temperature of the 115°C thermal fuse, increase rapidly with an applied voltage 
greater than 120VAC. In other words, with increasing voltage, the relative increase in 
current increases—and more rapidly than it would with a resistor alone. The purpose 
of the transistor circuit is to introduce nonlinearity in the flow of current through 
the 8800 resistor, thereby increasing the sensitivity of the surge-suppression system 
to prolonged overvoltages. 
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FIGURE 4-6 Surge-suppression circuit and voltage-current plot 


The D1 ensures that the transistor conducts only when the hot is negative 
relative to the neutral wire. The two resistors provide forward bias for the transistor. 
The values of the 10 and 33KQ resistors were apparently chosen to position the Q1 
in a particular region of its operating curve so that a significant nonlinear change in 
the voltage-current relationship occurs when the emitter-collector current is about 


45mA. See the datasheet for details on the operating characteristics of the KSP44s 
transistor. 


Mods 


I don't suggest modding the AV600 for regular service, because of the potential fire 
hazard. However, as a bench experiment, a worthy goal is implementing a more 
useful “Protection On” indicator that reflects ground and MOV status. Perhaps you 
can sell the circuit design to Monster Cable. 


Power Conditioner 


The subject of this supplemental teardown is the Furman PL-Plus C Power 
Conditioner, hereafter referred to as simply PL-Plus and shown with its top cover 
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FIGURE 4-7 Furman power conditioner 


removed in Figure 4-7. I selected the rackmount Pl-Plus over similarly priced power 
conditioners from Monster Cable, Tripp Lite, and others for this teardown simply 
because I own several previous models of Furman conditioners and they’ve been 
trouble-free from installation day. Part of the attraction of the PL-Plus is its user 
interface. Not only does it offer nine outlets, including one in front, but there’s an 
LED voltmeter; pullout, dimmable LED lights; and a BNC socket in the rear for a 
gooseneck lamp. 


Highlights 
Given its cost, I assumed the PL-Plus was a super surge suppressor with the added 
benefits of lights and built-in voltmeter. However, as you'll see in the teardown, 


I didn’t find quite what I expected. Given our previous discussion of surge 
suppressors, note the following: 


e MOV count, capacity, and placement 
e Treatment of the ground wire 
e Provision for MOV failure 


Specifications 


Based on the marketing literature, packaging, and markings on my PL-Plus, 
specifications for the nine-outlet unit include the following: 


Isolated banks of sockets 

15A maximum load capacity at 120VAC, 60Hz 

Ins maximum response time 

Protection against both power surges and voltage spikes 

12W power consumption 

133VAC RMS spike-clamping voltage and 188V peak at 3000A 
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Maximum surge current of 6,500A 

Automatic shutdown with prolonged voltage over 140VAC and under 90VAC 
Spike suppression from hot to neutral 

Noise suppression 10dB at 10kHz, 40dB at 100kHz, 50dB at 500kHz 
Compliance with TUVRheinland standards 


Some of the specifications are unclear. For example, does the 12W power 
consumption refer to the underlying protection circuitry or simply the drain of 
the lighting system and LED voltmeter? How does the 3000A figure differ from the 
6,500A maximum surge current? How are the banks of isolated sockets segregated, 
and what is the isolation in dB? 

Also of note is what’s not mentioned. There is no mention of Joule rating, 
for example. There is no mention of neutral-to-ground or hot-to-ground transient 
suppression, only that there is no ground contamination. There’s also no mention 
of UL listing anywhere in the literature or on the body of the unit. Furthermore, a 
visit to the TUVRheinland web site (www.tuvdotcom.com) failed to provide me with 
much insight into the TUV standard. 

In the realm of curious statements, the user manual states that, unlike 
traditional surge-suppression circuits that sacrifice themselves when exposed to 
multiple transient spikes, requiring repair, this isn’t the case with the PL-Plus. 

The unit somehow protects itself. Furman also states that MOVs, when used 
within their design specifications, do not degrade, and that the circuitry within the 
PL-Plus contains both a 12,000A MOV and a 12,000A TVZ (thermo-fuse varistor). 
Furthermore, an overvoltage protection circuit protects the MOV from damage 
caused by overvoltage. Other claims include the shunting of transients only 1.5 to 
2.0V above the peak line voltage to an internal capacitor, and a filter circuit that 
attenuates a typical lightning voltage surge. 

Given all of these claims, most of which require additional information for 
clarification, I was curious about what I'd find inside the PL-Plus. Let's just say 
I was surprised. 


Operation 


There isn’t much to say on the issue of operation. You plug in your equipment, 
either in the front or rear sockets, and flip the front on-off rocker switch. If all 
is well, the LED voltmeter should show the current line voltage and the green 
“Protection On” LED in the front panel should be illuminated. 

If you mistakenly plug the unit into a 240VAC line—hard to do with a NEMA 
15 plug—the red “Extreme Voltage” LED will illuminate, the LED voltmeter will dim, 
and the hot lead to the sockets will be interrupted. The same goes for a brownout—if 
the line voltage drops below about 90VAC, the hot lead to the nine sockets will 
be interrupted. It’s important to note that the neutral wire is not affected by the 
over- and under-voltage cutout circuitry. 
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Mini-leardown 


This is a mini-teardown, perhaps better described as a simple extraction, as 
illustrated in Figure 4-8. I’m going to focus on the components and circuitry that 
deal directly with voltage and surge suppression. If you're following along at home, 
give yourself 5 minutes to pop the top of the unit and another 5 minutes to extract 
the circuit board. 


Tools and Instruments 


You'll need a Phillips-head screwdriver with a sharp, small to medium head to get 
at the cover screws. Use a manual screwdriver—I found the screws easy to strip 


FIGURE 4-8 Mini-teardown sequence 
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with a power screwdriver. A pair of needle-nose pliers will be useful in breaking 
the quick-disconnect hardware connections. You'll need a Variac and multimeter to 
test the voltage cutoff circuitry. 


Step by Step 
Before you begin the teardown, verify that the unit is unplugged. It’s also a good 
idea to remove any devices plugged into the unit. 


Be sure the unit is unplugged before you begin the teardown. 


Caution 


a, 


Step 1 
Remove the top plate and ground wire. Remove the screws securing the top plate. 


Next, carefully tilt the plate until you can see the ground cable connection. With a 
pair of pliers, unplug the ground wire and put the top plate to the side. 


Step 2 

Identify the main subsystems. Turn the unit so that you're facing the rear sockets, 
as shown in Figure 4-8a. On the outside of the unit, from left to right, locate the 
grommet securing the three-conductor, 14AWG power cord to the chassis, the 15A 
circuit breaker reset button, eight 3-prong NEMA 15 sockets, the 12V external lamp 
connector, and the oddly placed on-off switch for the external lamp. 

Now, focusing on the inside of the chassis, identify the power circuit board, 
the largest and most prominent subsystem, located adjacent to the output sockets. 
On the far right is the 12V lamp circuit, including the 12VAC power transformer 
bolted to the bottom of the chassis and the small dimmer circuit board, shown in 
Figure 4-8b. Between the cylindrical slide-out LED lamps is the LED voltmeter 
circuit board, visible in Figure 4-8a. Note the ground wire connections to the chassis, 
shown in Figure 4-8c, and the lack of connectivity with the power circuit board. 

Now, turn the unit so that you’re facing the front panel. Note the connections 
to the power circuit board as well as the wiring of the rear sockets, shown in 
Figure 4-8d. Notice how the hot and neutral lines attach to the power circuit board 
on the right and exit on the left. 

Hot, neutral, and ground wiring within the unit are 14AWG stranded copper, 
with the exception of the wire running through the Roto-Tech NEMA sockets in the 
rear of the unit, which is 14AWG solid copper. Also, note the shrink-wrapped RFI 
(radio frequency interference) inductor around the line and neutral wires, between 
two of the Roto-Tech sockets. Note how the insulation of the inductor presses against 
several components on the power circuit board. 
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Step 3 

Extract the power circuit board. Note the location of the quick disconnect tabs 

as you remove the wires connected to the circuit board. Next, remove the seven 
Phillips-head screws securing the board to the bottom of the steel chassis. Flip 

the board over to examine the trace pattern. The neutral trace runs uninterrupted 
on one side of the board. The hot trace is along the opposite side of the board, 
interrupted at the location of the relay and of the toroidal inductor. 


Layout 


Let’s focus on the layout of the 8 x 2 1/2 inch power circuit board, shown in 
Figures 4-9 and 4-10. As noted during the teardown, the board has connections 
to the hot and neutral wires. The input section of the board, shown in Figure 4-9, 
contains two MOVs, a thermal fuse, a relay, a rectangular metalized polyester 
film capacitor, and circuitry to drive the two status LEDs on the front panel. The 
output or post-inductor section of the board, shown in Figure 4-10, includes a 
bridge rectifier circuit, an electrolytic capacitor, a small inductor, and a pair of 
rectangular metalized polyester film capacitors. 

Of note are the two MOVs in Figure 4-9. The MOV on the edge of the board 
stands alone, soldered across the line and neutral lines. However, the MOV nearest 


FIGURE 4-9 Input section of the power circuit board 
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FIGURE 4-10 Output section of power circuit board 


the large inductor is wired in series with the thermal fuse. I removed the heat-shrink 
tubing that physically bonded the thermal fuse and MOV for illustration purposes. 


Components 


The following discussion of components is limited to those on the power circuit 
board and mounted on the chassis that are involved in transient and surge 
suppression. 


MOVs 


Two Sincera MOVs are on the power circuit board, a 20D391K-N and a 20D201K-N. 
According to the Sincera documentation (www.worldproducts.com), the 20mm 
MOVs are standard models, with varistor voltages of 390VDC (391 = 39 x 10') and 
200VDC (201 = 20 x 10'). The K signifies 10 percent tolerance and the N signifies 
the component is lead-free. The phenolic coating on each MOV is rated at 2000VDC. 
Surprisingly, given the specifications of the PL-Plus, high-energy MOVs are 
not used. In addition, the typical response time for the MOVs is listed as <15ns, as 
opposed to Ins response time listed by the PL-Plus manufacturer. The MOV catalog 
also lists criteria for determining MOV failure—the standard voltage change of 
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+10 percent from the initially measured varistor voltage, an apparent admission that 
the MOVs deteriorate with use. More significant is the maximum clamping voltage, 
which the catalog shows as 650V for the 20D391K-N and 300V for the 20D201K-N. 

I measured the thickness of the MOVs at 2.5mm for the 200VDC unit and 2.9mm for 
the 390V unit, which is in agreement with the voltage rating. 


Thermal Fuse 


The single thermal fuse on the board, which has a trip temperature of 115°C, is 
physically bonded to the lower voltage MOV with shrink-wrap tubing, as shown in 
Figure 4-9. This thermal fuse has the traditional shape with one square end and 
one pointed end. 


Thermal Circuit Breaker 


The Rong Feng 125VAC/15A thermal circuit breaker is similar to the one discussed 
earlier. It's one of the few significant components not mounted on the power circuit 
board. 


Inductors 


The unit includes three inductors—the large toroidal choke in the center of the 
board, a small choke on the output section of the board, and a tubular ferrite 
choke around the hot and neutral leads between several of the rear sockets. The 
large choke, composed of 26 turns of enameled 12AWG copper wire wrapped 
on a 2-inch diameter and 1-inch thick core, accounts for the majority of the 
board's weight of 15 ounces (430g). I measured the inductance of the choke at 
0.16 milliHenry (mH). This equates to an inductive reactance of about 10/kHz, 
using the formula XL = 2nfL. At 60Hz, inductive reactance is only 0.0010, but at 
100kHz, it climbs to a modest 1000. 

The small 22H (microHenry) inductor, about the size of the 1/8W film resistor, 
is on the post-inductor side of the power circuit board. The inductor is part of a series 
circuit with a resistor and capacitor. 

I was unable to determine the inductance of the tubular ferrite choke, which 
apparently accounts for the manufacturer’s claim of isolating the power sockets. 
Based on ferrite chokes of similar size listed in the Digi-Key (www.digikey.com) 
catalog, the choke probably introduces only about 500 of resistance to RF signals at 
1MHz traveling in the hot and neutral lines. 


LEDs 


Two generic LEDs are located in the front of the unit, one red and one green. 
The green LED serves as the “Protection On” indicator, and the red the “Extreme 
Voltage” indicator. 


However, if another pulse passes through 
the diode before the capacitor is discharged, 


the resulting waveform looks like that shown 
in Figure 11.38 . 

Figure 11.38 

Á 


C, recharges 


The capacitor discharges only briefly before 
the second pulse recharges it to peak value. 
Therefore, the voltage applied to the load 
resistor drops only a small amount. 

Applying further pulses can produce this 


same recharging effect again and again. 
Figure 11.39 shows the resulting waveform. 
Figure 11.39 
ES Ana 
100% Y, H 
ROCO Y, | 

OV 


The waveform in Figure 11.39 has a DC 
level with an AC ripple, which varies between 
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Rocker Switch 


The on-off rocker switch is a DPDT (double-pole, double-throw) switch that connects 
and disrupts both the hot or line and neutral wires. This model has no internal light. 


Diodes 


Four 6A4 silicon diodes reside on the output side of the power circuit board, shown 
in Figure 4-10. The 9mm diameter diodes are rated at 400V PIV with a maximum 
peak forward surge current of 400A. The diodes are part of an unusual bridge 
circuit on the post-inductor side of the board. 


Capacitors 


Three 0.47pf at 275VAC metalized polyester film capacitors are packaged in 
rectangular, flame-retardant plastic cases and noncombustible resin. According 
to the datasheet, these capacitors are typically used in interference suppressor 
applications. The large Mylar 0.56pf at 400VDC capacitor, visible in Figure 4-9, is 
part of the over/undervoltage monitoring circuit. 


Relay 


The Song Chuan 832A-1A-F-S 48VDC relay is the most prominent component on the 
input side of the board, as shown in Figure 4-9. The single-pole, normally open relay 
has silver-tin contacts rated at 250VAC and 30A. According to the Song Chaun relay 
catalog (www.songchuan.de/en), the 40V coil requires 18mA for activation—that's 
about 1W to keep the relay energized. Of note are the maximum contact closure 
time of 15 millisecond (ms) and the 10ms maximum release time. The relay is 
marketed as a general-purpose power relay for power supplies and home appliances. 


Circuit Board 


The spacious, sturdy, double-sided circuit board is well laid out, with plenty of 
room for heat dissipation. My only criticism of the board is related to the placement 
of the holes for securing the large inductor. While the trace for the hot lead is more 
than an inch wide in places, it comes to a narrow of about 0.08 inch (2mm) because 
of a mounting hole drilled through the trace. A nonconductive center bolt that 
leaves the trace intact is probably a better mounting option. 


How It Works 


Using the simplified schematic in Figure 4-11 as a guide, let’s focus on the circuits 
related to surge protection. The 12V dimmer circuit for the LED lighting is 
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Relay Ground 


Controller 


FIGURE 4-11 Simplified schematic 


represented by the connection for the primary of transformer T1, between the line 
and neutral, at the bottom-right corner of the schematic. Similarly, the front-panel 
LED voltmeter is signified by the encircled V between hot and ground. 

Power enters from the top-left and power is output through the two NEMA 
15 outlets on the top-right. Each jack represents one “bank,” as described on the 
PL-Plus package. The tubular ferrite core (FC) that encircles the line and neutral 
wires effectively adds inductance to the wire and “isolates” the three final sockets in 
the chain from the other six sockets. The amount of isolation provided by the ferrite 
core is not specified. 

The hot lead is connected to a 15A circuit breaker prior to the DPDT on-off 
switch (SW) that interrupts both hot and neutral. After the on-off switch, directly 
across the hot and neutral lines is MOV A, the 20D391K-N, which has a maximum 
clamping voltage of 650V. If the MOV shorts, the on-off switch will be subject to 
short current until the 15A circuit breaker trips. With a maximum clamping voltage 
of 650V, the MOV is more likely to survive repeated voltage spikes than, say, a MOV 
rated at 300V, but it will also allow more spike energy to pass unabated. 

The relay controller activates the normally open relay when the hot-to-neutral 
voltage is between about 90 and 140VAC. At voltages in excess of 140VAC, the relay 
releases, and the red “Extreme Voltage” LED (EV) is illuminated on the front panel. 
Because of the response time of the relay—a maximum of 10ms to release the 
contacts—and the relay control circuitry, the relay controller circuit doesn’t come 
into play with subnanosecond voltage spikes. 
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The brunt of any spike that makes it past the relay is handled by MOV B, which 
has both a series thermal fuse (TF1) rated at 115°C and a monitoring LED (PO). The 
silicon power diode (D1) and 6.2KQ resistor provide current to the green “Protection 
On” LED (PO) on the front panel. If the MOV overheats and TF1 opens, the LED will 
not illuminate. In this way, “Protection On” reflects the status of MOV B. 

Moving to the right in the schematic is the LED voltmeter (V), which draws 
only a few milliamperes. The next component across the hot and neutral lines is 
a 0.47pf capacitor in series with a 220, 1W fusible resistor. Given the capacitive 
reactance of the capacitor at 60Hz—about 6KOQ—the contribution of the 220 resistor 
is negligible. It’s apparently in the circuit as a fuse, in the event the capacitor shorts 
secondary to damage from a transient. Recall that the MOV A clamps at 650V, which 
is significantly above the 275VAC rating of the capacitors. 

The next circuit, just prior to the large choke in the line wire, is a series circuit 
composed of a 0.47uf capacitor, a 224 H inductor, and a 300, 1W fusible resistor. 
Again the resistor apparently serves as a fuse. The inclusion of a small inductor, 
which, according to my Mouser Electronics catalog, has a maximum current rating 
of about 100mA, is curious at best. The resonant frequency of the 0.47pf capacitor 
and 22H inductor is about 50kHz. That is, 50kHz signals between the hot and 
neutral wires are shunted, while signals greater or less than 50kHz pass and are 
not attenuated. This apparent tuning might provide some small improvement 
in attenuation of 50kHz signals—one of the test frequencies listed in the noise 
suppression test figures—but at the cost of increasing noise for all other frequencies, 
relative to a bare capacitor. 

As noted earlier, the series inductor, the centerpiece of the power circuit board, 
provides 0.164 H of inductance, based on my measurements. Depending on the 
nature of the voltage spike, the inductor can both reduce the amplitude and lengthen 
the duration of a spike. This may be the rationale for including a 0.47pf capacitor 
directly across the line and neutral wires after the inductor. 

The final circuit element is a diode bridge that feeds a 275pf at 250VDC 
electrolytic capacitor that leads to a 20KO bleeder resistor. This circuit, which I 
assume represents the manufacturer's linear filtering technology, is in my opinion 
of little value in protecting sensitive equipment plugged into the PL-Plus from 
significant voltage spikes. 

While the diodes are capable of significant peak forward current from a spike, 
the current handling capabilities of the capacitor are limited. One of several reasons 
is that the function of relatively large value electrolytic capacitors degrades with 
increasing frequency, due to self-inductance. That’s why electrolytic capacitors are 
often bypassed with relatively small value ceramic disc or Mylar capacitors. 

As a source of protection from voltage spikes, the PL-Plus is essentially a pair 
of MOVs across the hot and neutral lines. The large inductor and, to a much lesser 
extent, linear power supply components probably absorb some of the energy of 
a transient. The question is how much energy is absorbed. Unlike the AV600, the 
“Protection On” indicator actually indicates the status of at least one of the MOVs. 
However, there is no protection from common-mode spikes or spikes from neutral 
to ground. 
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Mods 


As with the AV600, I'm hesitant to recommend mods to line-powered equipment 
that's going to be in constant service. However, in my opinion, the PL-Plus is a 
platform to build on. Following are a few ideas for you to consider. 


TMOV Upgrade 


The fastest and easiest mod is to upgrade the first, exposed MOV to a fused MOV 
with a significantly lower clamping voltage rating. I picked up a Littelfuse 20mm 
TMOV (thermal MOV) with built-in thermal fuse, TMOV20R115E, from Mouser 
(www.mouser.com) for $1.30. The TMOV is rated at 115VAC continuous, with a 
clamping voltage of 300V, a 52J energy capacity, and a peak current of 10,000A. 
Littelfuse also offers a three-lead version, with a lead between the internal MOV 
and thermal resistor, for externally monitoring the state of the fuse. Both are 
compliant with UL 1449 2nd Edition. 


Add Neutral and Ground MOVs 


Install a small circuit board with Littelfuse 20mm TMOVs between ground and hot 
and ground and neutral. Whether or not “ground contamination” is a real problem 

for your equipment depends on whether you use equipment with switching power 
supplies or linear supplies, among other factors. 


Component Deletions 


Consider replacing the 224 H inductor with a wire jumper. I can see no reason for a 
filter limited to 50kHz. 


Comparison 


I don’t want to turn this teardown into a product review, but I think it’s useful to 
compare what we've learned about the AV600 and PL-Plus, realizing that they're 
very different products serving different markets. Based on the teardowns, my 
overall assessment is that while the PL-Plus is certainly a more robust device, at 
home with the coolest looking AV equipment on the market, the little plastic AV600 
is more sensitive and offers more spike protection per dollar. 

The PL-Plus is obviously superior to the AV600 as a power distribution unit and 
in the areas of over- and undervoltage protection and noise suppression. Overvoltage 
could be a problem if you have an emergency generator with an improper output 
setting, or if you generate your own power from solar cells or a wind turbine. In 
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addition, if you have a band that frequently sets up around fluorescent lights, the 
noise suppression offered by the PL-Plus could be invaluable. 

While the PL-Plus clearly has a place next to high-end AV equipment (I now 
own three Furman power conditioners), the findings of the teardown don't 
support—and in some cases refute—many of the claims made by Furman. At best, 
many of the statements in the marketing materials are misleading. For example, 
the components we discovered during the teardown simply don’t support the claim 
of a spike-clamping voltage of 133VAC RMS. The claim that the circuitry includes 
both a 12,000A MOV and a 12,000A TVZ was clearly refuted. In addition, the relative 
effectiveness of the linear filtering circuitry is unsubstantiated. 

The specifications of the AV600 are also suspect. For example, I was unable to 
locate the MOV datasheet to verify the 1ns response time. That the “Protection On” 
LED functions with the ground wire disconnected and every MOV in the unit blown 
is problematic. 

One issue I have with the PL-Plus as a user is the lack of UL 1449 compliance. 
Among other requirements, the latest revision requires specific safety measures, 
such as thermally fused protection of MOVs. It’s not clear if the AV600 will pass the 
latest UL 1449 requirements without further testing or modification, but it’s clearly 
designed to disengage the MOVs quickly if they overheat. 
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Chapter 5 


Electronic Pedometer 


ome entertainment systems have been cited as one reason for the expanding 
American waistline. That may be, but electronic devices are also helping 
us trim the fat. A simple but effective electronic aid to fitness that you may 
own or have access to is the electronic pedometer. In its simplest expression, a 
pedometer is an instrument that counts the number of steps you take. Advanced 
units calculate calories burned as they track your pace and time. Try counting 
your steps as you walk or run and you'll immediately appreciate the utility of a 
pedometer. 

In this chapter, I’ll tear down an Omron HJ-112 electronic pedometer, shown in 
Figure 5-1. This digital meter, which retails for about $40, is widely considered one 
of the top instruments on the market. In addition to discussing to technologies used 
in competing products, lll suggest an experimental mod that can extend the basic 
functionality of the unit. 
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FIGURE 5-1 Omron HJ-112 electronic pedometer 
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Highlights 


I was initially disappointed with this teardown. After reading the marketing 

copy and rave reviews for the Omron HJ-112, hereafter referred to as the Omron, 
I expected an all-electronic pedometer, complete with the latest solid-state 

micro electromechanical systems (MEMS) accelerometers. However, when I first 
cracked the case and found what appeared to be old-fashioned pendulum switches, 
I thought of abandoning the teardown. I changed my mind a few minutes later 
after examining the circuitry and function of the sensors. 

This teardown explores an integrated electromechanical system that combines 
SMT components, a microcontroller that I'll largely ignore, three peripheral chips, 
and a pair of unique electromechanical sensors. During the teardown, note the 
following: 


e The use of SMT components, including resistors, capacitors, and integrated 
circuits (ICs) 

The LCD panel, including the mounting hardware 

The tuning fork crystal oscillator 

The construction of the pendulum sensors 

The silicone-carbon switch components 


Specifications 


The 2.8 x 2.1 x 0.6 inch (HWD) pedometer measures steps with an accuracy of 

+5 percent. That is, if you take 1000 steps, the count can be as high as 1050 or as 
low as 950 and still be within specifications. Based on this step count and elapsed 
time, the microcontroller calculates and displays calories, distance, and pace. It 
also displays aerobic steps and minutes, which are the number of steps and elapsed 
time since 10 minutes of continuous activity. Power is provide by a single CR2032 
3V lithium cell, which is rated at six months, assuming 10,000 steps per day. The 

1 ounce, Chinese-made Omron has a seven-day memory. 

Because the calculation of calories is based on the step count, the calorie counter 
function is probably no more than +5 percent accurate. In addition, because age is 
not used to calculate calories burned, you have to multiply the displayed figure by 
an age-dependent correction factor from a table in the user manual for an accurate 
estimate of caloric expenditure. The default equation assumes either a man in his 
60s or a woman in her 30s. 


Operation 


Setup involves entering the time, your weight, and your stride length using the 
four elastomeric buttons. After that, it’s simply a matter of clipping the unit to your 
belt, backpack, or purse. However, the unit must be perpendicular to the ground 
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during operation. In other words, you can't simply toss the unit into your backpack 
or briefcase. This is a major limitation of using a dual-axis sensor system. 


Teardown 


If you're following along with a unit at home, you should be able to complete the 
basic teardown, illustrated in Figure 5-2, in less than 5 minutes. 


Tools and Instruments 


You'll need a miniature screwdriver to crack the case and a good magnifier 
to examine the SMT components. Have a soldering iron handy if you want to 
examine the two pendulum sensors in detail. 


FIGURE 5-2 Teardown sequence 
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Step by Step 
If you plan to use the pedometer after the teardown, you should probably 
stop after viewing the back of the circuit board. Once you remove the circuit 


board completely from the plastic shell, your odds of reseating the LCD panel 
are slim. 


Step 1 
Remove the 3V lithium cell. Use a miniature Phillips-head screwdriver to remove 
the single screw securing the small battery hatch, as shown in Figure 5-2a. 


Step 2 

Remove the back. Remove the three Phillips-head screws securing the back cover, 
shown in Figure 5-2a. With one hand, pull up and out on the plastic retention hook 
at the top of the unit and pull up on the back cover to reveal the back of the circuit 
board, shown in the lower-right corner of Figure 5-1. 

Note the thin rubber gasket that runs in the groove along the periphery of the 
case. If you plan to use the pedometer after the teardown, do your best to avoid 
damaging the gasket. Also note the two metal covers of the pendulum switches, 
immediately to the right and below the lithium cell contacts. Note the silicone 
reset switch between the two mechanical pendulum switches, and the cylindrical 
tuning fork crystal oscillator, at the 10 o'clock position relative to the cell contacts. 
A close-up of the crystal oscillator is shown in Figure 5-2b. 


Step 3 
Separate the circuit board from the front of the case. Remove the four Phillips-head 
screws above and below the cell contacts, visible in the lower-right of Figure 5-1. 
Hold the board in place while you flip the unit over. Gently lift the plastic front 
plate to reveal the front of the circuit board. Rotate the board so that the LCD 
panel is on the right, as shown in Figure 5-2c. Note the two SMT potentiometers at 
the 8 o'clock and 11 o'clock positions relative to the center of the board. Also note 
the four serpentine pads for silicone-carbon elastomeric switches, which occupy 
much of the board to the left of the LCD panel. A close-up of a pad is shown in 
Figure 5-2d. 

Now examine how the LCD panel is attached to the board. Referencing 
Figure 5-2c, note the gray Zebra elastomeric connector that runs along the sides 
of the LCD panel. As discussed in detail in the teardown of the digital bathroom 
scale (Chapter 3), the Zebra connector provides hundreds of parallel, electrically 
insulated connections between the LCD panel and the foil pads on the circuit 
board directly beneath the panel. One of the many advantages of the Zebra 
connector over alternative connection technologies is that no solder or special 
spring mount system is required to connect an LCD to a circuit board. The 
downside is that reassembling the panel back without a jig to hold everything in 
place is a challenge. 


Vp and Vx. If you choose values of C1, R 
1, and RL that produce a discharge time 
constant for C 1 equal to about 10 times the 
duration of an input pulse, Vx will be 
approximately 80 percent of Vp. 

If the discharge time you select is greater 
than 10 times the duration of an input pulse, 
the smoothing effect minimizes the AC ripple. 
A time constant of 10 times the pulse 
duration results in practical design values that 
are used throughout this chapter. 


Note The smoothing section of a power 
supply circuit is sometimes referred to as a 
low - pass filter . Though such a circuit can 


function as a low-pass filter, in the case of a 
power supply circuit converting AC to DC, it is 
the release of electrons by the capacitor that 
is primarily responsible for leveling out the 
pulsating DC. For that reason, this discussion 
uses the term smoothing se c tion 

Question 

Estimate the average DC output level of the 
waveform shown in Figure 11.39 . 
Answer _— 


Approximately 90 percent of Vp 
19 The output from the secondary coil of 
the circuit shown in Figure 11.40 is a 28 V 


rms , 60 Hz sine wave. For this circuit, you 
need 10 volts DC across the 100-ohm load 
resistor. 


Figure 11.40 


Chapter 5 Electronic Pedometer 87 


Step 4 

Remove the LCD panel. Secure the circuit board and carefully lift up on the LCD 
panel. The Zebra connectors may adhere to the circuit board or the LCD panel, or 
they may simply fall off as you lift the panel. Place the connectors and the panel 
in a Clean, dust-free container. Note the additional components visible, including 
three ICs and several SMT resistors and capacitors, as shown in Figure 5-1. 

A microcontroller is hidden under the black epoxy blob. 


Layout 


As revealed in the teardown, the layout is simple, clean, and compact. Solder joints 
are well executed on even the smallest SMT components. 

The challenge presented by this board is that the components and traces are so 
small that you need a good magnifier and a multimeter with a set of sharp probes to 
explore the circuitry. Moreover, many of the traces are hidden under an insulating 
layer between the battery and circuit board. Fortunately, there are multiple test 
points on the circuit board to facilitate testing and circuit tracing. 


Components 


Of the components in this teardown, the most intriguing are the pendulum 
sensors. The only other consumer devices that come to mind that might include 
similar switches are car alarms and motion detector alarms for laptops. 


Pendulum Sensors 


The two pendulum sensors, shown in Figures 5-1, 5-3a, and 5-3b, are aptly named 
because each sensor consists of a flexible shaft attached to the circuit board at 
one end and to a broad copper wing at the other end. As shown in Figure 5-3a, 

the wing-shaped ends of each pendulum are confined to a metal enclosure. If you 
shake the board in the plane of the pendulum, the copper wing-shaped ends move 
slightly with no perceptible oscillation. The motion of your torso as you walk 
should result in the same motion. 

Figure 5-3b shows one of the pendulum sensors without its cover. The foam 
rubber glued to either side of the pendulum arm dampens the mechanical oscillation 
of the pendulum. Without the foam and the wing-shaped air dampers, each 
pendulum could move for several seconds and falsely elevate step count. 

At first I thought that the copper wings at the end of each pendulum sensor 
made contact with the grounded enclosure. Then I noticed that the solder connection 
from the circuit board to the arms of each pendulum isn’t a direct connection. 

As shown in Figure 5-4, a short wire is soldered to what appears to be a length of 
double-silvered mica. As discussed next, it took a bit of investigation to discover what 
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FIGURE 5-4 Pendulum sensor connection 


was really going on with the pendulum sensors. If you’re working on a pedometer at 
home, stop reading and try to figure out how the sensors work on your own. 


Microcontroller 


The microcontroller hidden under the glob of black epoxy, visible in Figure 5-1, 
handles the LCD display and the momentary switches, and it reads signals from 
the sensors. Review the discussion of how to remove epoxy blobs in Chapter 3, and 
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you'll see that if you remove the epoxy in this case, you may be able to visualize 
the raw silicon chip, but that's about it. For our purposes, what's important is that 
the microcontroller reads the two pendulum sensors, processes the data, and 
displays the results. 


Microcontroller Support ICs 


In addition to an external crystal oscillator, the microcontroller relies on three 
external ICs for normal operation—two CMOS (complementary metal oxide 
semiconductor) voltage detectors and a dual operational amplifier. The B8K 
and CUN voltage detectors are packaged as 4-pin SC-82AB devices, as shown in 
Figure 5-5a. It's difficult to see, but pin 2, in the upper-left corner of the device, is 
slightly wider than the other three pins. The 8-pin dual operational amplifier is in 
a standard SOP-8 package, shown in Figure 5-5b. 

The voltage detectors, which connect directly to the microcontroller, are 
triggered when the battery voltage drops to a preset level. The operational amplifiers 
are used to condition the signals from the pendulum sensors. 


Crystal Oscillator 


The cylindrical tuning fork crystal oscillator, which operates at 32.768kHz, 
connects directly to the microcontroller. Tuning fork crystal oscillators are 
popular in portable devices that need a real-time clock because the oscillator 
package is small, the operating frequency is stable over a relatively wide 
temperature range, and the fundamental frequency is low. Clock frequency is 
a compromise between performance and battery life. 


a 


FIGURE 5-5 Microcontroller support ICs 
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SMT Potentiometers 


The two 14KO linear potentiometers, shown as VR1 and VR2 in the lower half 
of the large circuit board shone in Figure 5-1, are used to set the sensitivity of 
the pendulum sensors. These SMT potentiometers are unlike typical full-sized 
potentiometers in that the wiper arm is free to rotate continuously. If you rotate 
the Phillips-head screw clockwise, the resistance from the wiper arm to one of 
the end terminals cycles from 0 through 14KQ. The lack of a mechanical stop is 
common in SMT potentiometers. 


LCD Panel 


The LCD panel is notable in its use of dual Zebra elastomeric connectors to mate 
it with the circuit board. The connectors not only facilitate automated assembly 
of the device, but they protect the panel from vibration and g-forces. Given that 
the device is likely to be dropped, this protection increases the odds of the panel 
surviving an impact with the ground. 


Silicone-Carbon Elastomeric Buttons 


The pedometer relies on four silicone-carbon buttons: a reset button on the back 
of the circuit board, and buttons for mode, history, set, and reset functions on 
the front of the pedometer. The bottom of each button is covered with conductive 
carbon that, when pressed, shorts an underlying circuit board trace, such as the 
one shown in Figure 5-2d, completing the circuit. 

Elastomeric buttons are lightweight and inexpensive, and they provide excellent 
tactile feedback in a small package. In addition, the design of the silicone button 
assembly adds to the water-resistance of the pedometer. A related switch design that 
uses circuit board tracings as part of the circuit is discussed in Chapter 10. 


How It Works 


The major components and their contributions to the pedometer are shown in the 
simplified schematic of Figure 5-6. Power is supplied by a single 3V lithium cell 
that is connected directly to the microcontroller and supporting ICs. Depressing 
one of the five elastomeric switches, represented by the single switch (S1-5), 
activates the microcontroller and the LCD. The crystal oscillator (XT) provides the 
microcontroller with a stable clock signal, which is required for the clock function 
and to calculate pace. 

The horizontal (TH) and vertical (TV) piezoelectric pendulum transducers 
generate an irregular, alternating signal, as a function of the wearer's motion. IC1 
acts as a signal conditioner, producing a clean pulse that’s easily processed by the 
analog-to-digital conversion circuitry within the microcontroller. The 14KQ SMT 
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FIGURE 5-6 Simplified schematic of pedometer 


potentiometers in series with the piezoelectric transducers are used to control for 
differences in transducer output. This form of signal conditioning should be familiar 
to you by now, since I covered the same basic circuit in the teardown of the digital 
bathroom scale in Chapter 3. 

To appreciate what the pulse shaping circuit has to handle, see Figure 5-7, which 
shows the signal from the horizontal pendulum transducer during one of my steps 
with the Omron clipped to my belt. As you can see, a single step results in a 500mV 
signal with duration of about 100ms. 

One of the challenges in the design of battery-operated, computerized devices is 
how to handle a nearly depleted battery at startup and in the middle of an operation. 
Think of your laptop: it warns you of impending battery death and initiates an 
automatic shutdown sequence. It also refuses to boot up if the battery is depleted. 

As shown in the schematic, the two voltage detectors connect directly to the 
microcontroller and provide it with information on the state of the battery. IC5, the 
B8K voltage detector, is triggered at 2.5VDC. IC4, the CUN detector, triggers at about 
2.0VDC. Without access to the source code, it’s difficult to determine exactly what 
the microcontroller does with the information provided by the voltage detectors. 

My assumption is that IC5 triggers a controlled shutdown procedure that protects 
the data and the state of the microcontroller registers. The state of the CUN voltage 
detector is probably checked early in the microcontroller startup sequence. If the 
battery voltage is less than 2.0V, the startup sequence is aborted, thereby avoiding a 
crash during startup, which could corrupt the registers. 

An alternative to the CMOS voltage detectors is to use one or more analog-to- 
digital converters within the microcontroller to monitor battery voltage periodically. 
The downside of this solution is the significant overhead of an additional analog 
channel, in terms of chip complexity, cost, and power requirements. Not only do the 
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FIGURE 5-7 Raw pendulum sensor output 


external voltage detectors provide superior accuracy, but the current requirements 
are only 0.8pA. 


Alternative Technologies 


Based on my use, the piezoelectric pendulum transducers are more than sufficient 
for the pedometer. However, there are alternative sensor technologies that range 
from cheaper, simpler motion sensors, to more expensive and more advanced 
transducers that can be integrated with other useful functionality. 


Single-axis Pendulum 


A simple, inexpensive alternative to the dual-axis piezoelectric pendulum is a 
single-axis mechanical pendulum, such as the one used in the Korean-made 
MS-2000 digital counter (see Figure 5-8, left). Ifyou examine the image, you will 
see the mechanical pendulum switch, including the single wire spring that can be 
set at one of three notches to adjust for stride length. 

Note that in normal use, the pedometer should be worn so that the pendulum 
arm is horizontal to the ground. When the wearer walks, the weighted pendulum 
bobs up and down, and in so doing, it makes mechanical contact with the second 
electrode. Note the black epoxy blob that hides the microprocessor that counts the 
steps and displays the total count. The unit has a tiny, four-digit LCD display and a 
single button to zero the count. There is no calculation of calories or an electronic 
method of specifying weight or stride. The only user-customizable setting is the 
spring tension. 
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FIGURE 5-8 Mechanical pendulum (left) and 
piezoelectric step sensor (right) 


Piezoelectric Sound Detector 


Related to our piezoelectric pendulum sensors is the piezoelectric sound sensor 
used in the Apple/Nike shoe sensor, shown on the right in Figure 5-8. (Note that 
the two devices in the image are not to scale. The Apple/Nike sensor is about 
half the size of the MS-2000 pedometer.) The piezoelectric sensor, which sends 
signals wirelessly to an iPod with a receiver, triggers on the sound produced by 
the wearer’s foot slapping the ground. Nike sells shoes with built-in holders in 
the soles. However, I’ve used the sensor attached to other shoes with good 
results. 

I suspect the sensor would have problems if the wearer runs on loose gravel 
or soft grass. One of the common complaints of the Nike/Apple sensor is that 
the case is sealed and that there is no way to change the battery. I used diagonal 
cutters to nibble away the red and white top to get a view of the sensor and wireless 
communications circuitry. The sensor should remind you of the bathroom scale 
teardown in Chapter 3, in which we discovered a piezoelectric sensor used to turn on 
the scale. 


MEMS Accelerometer 


If you have an Apple iPhone/iTouch, a Sony/Ericsson w710i phone, or one of 
several other cell phones, you have at least the potential of owning a pedometer. 
These devices include two or more multiaxis MEMS accelerometers that can 

be accessed by software, transforming the device into an expensive but readily 
available pedometer. 


94 


Part I Around the Home 


From a functional perspective, the two-axis accelerometer in the Sony/Ericsson 
phone offers little advantage over our pedometer, other than convenience. The real 
advantage of MEMS accelerometers is obvious with the Apple iPhone, which sports a 
three-axis MEMS accelerometer. With three axes covered, the iPhone can respond to 
steps regardless of its orientation. It can be upside down in a backpack, flat, or at any 
angle relative to the ground. The limitation of the iPhone, of course, is the initial cost 
of the phone and the need to buy and install a pedometer app. 

MEMS accelerometers vary in mode of operation, but one that I’ve worked with 
extensively, the Memsic 2125, uses a heater to warm a bubble of gas that moves in 
response to gravity and acceleration of the device. Thermopiles near the periphery 
of the bubble sense identical temperatures when the accelerometer is level and 
different temperatures when the sensor is tilted. Temperature differences detected 
by the thermopiles are converted into pulses by the onboard electronics and the 
angle of tilt is calculated using elementary trigonometry. 

If you want to experiment with the Memsic 2125, it’s available from www. 
parallax.com for about the price of our pedometer. And this is the rub. In the 
current pedometer market, the cost of a three-axis MEMS and peripheral circuitry is 
prohibitive. 


Mods 


Given the compact, integrated design, there really aren’t many mods that come 

to mind that could significantly improve upon this pedometer. However, if you're 
willing to give up portability, the pedometer makes a great platform to explore 
multiaxis signal detection. If all else fails, the pedometer is a good source for SMT 
components, and for the piezoelectric pendulum sensors. 


Add a Third Axis 


A simple bench experiment is to add a third piezoelectric sensor in parallel with 
one of the existing pendulum sensors. The challenge is presenting the unit with 
a signal source with amplitude and spectral characteristics compatible with 

the piezoelectric pendulum sensors. You could try to roll your own third axis 
sensor with a piezo speaker element, or harvest the sensor from a second Omron 
pedometer. 


Chapter 6 


Compact Fluorescent Lamp 


ne of the casualties of the drive toward carbon neutrality is the tungsten 

light bulb. LED, halogen, and fluorescent lights are increasingly popular 
alternatives to the inefficient incandescent bulbs, in part because local 
governments and utility companies subsidize these green technologies, and in 
part because they’re theoretically cheaper to operate and have a significantly 
longer lifespan. A rate-limiting step in the move to higher efficiency lighting is the 
infrastructure of existing screw-in sockets. 

The form and function limitations imposed by screw-in sockets have been 
partially addressed by the compact fluorescent (CF) lamp, such as the one shown 
partially disassembled in Figure 6-1. To fit and operate in regular sockets and 
fixtures, the base of CF lamps designed for residential use contains disposable 
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FIGURE 6-1 Compact fluorescent lamp, partially 
disassembled 
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ballast circuitry. As such, CF lamps are a bridging technology that will do for now. 
CF lamps are not as efficient or cost effective as the regular straight fluorescent 
lamps used in offices and factories. In addition, the production, assembly, and 
disposal of the electronic components add to the carbon footprint of CF lamps. 
Disposing of CF lamps also increases the load of mercury, lead, arsenic, and other 
toxins on the environment. 

In this chapter, we'll tear down the 42W TCP SpringLamp shown in Figure 6-1. 
This CF lamp is available online from vendors such as bulbs.com for less than $20. 
Although you may not have this particular lamp at home, the layout and component 
functions differ surprisingly little from one brand to another. 


Highlights 


If you've never cracked open a CF bulb, you're in for a pleasant surprise. There's 
quite a bit of technology packed in the base of each bulb. I’ve opened dozens 

of different models, and every one had two switching transistors, a toroidal 
transformer, several inductors, several diodes, a handful of capacitors, and a few 
resistors. As I noted earlier, it seems paradoxical to create a disposable technology 
in the name of saving the planet. However, if you’re into repurposing hardware, 
you're the immediate beneficiary of this low-cost source of components. 


Now for the disclaimer. It’s a good idea to think of the spiral bulb as a snake 
coiled to strike. If you’re careless and unlucky, you could get cut, poisoned, 


Caution 
N Y and electrocuted—all within a few seconds. So it’s important to keep the bulb 


intact. 


Whether you follow along virtually or with your own CF, during the teardown, 
note the following: 


e The component types Do you see any SMT components? If not, why not, 
given the cramped conditions in the base of the bulb? 

e Provisions for component failure Are there any fuses or components 
designed to fail gracefully? 

e The thermal design Most CF lamps can't operate in closed environments 
because of heat buildup, and heat kills components. Moreover, many CF lamps 
can operate only in certain orientations, such as base-up. Are there any heat 
sinks? Vents? Any active cooling? 


Specifications 


A typical 100W soft white incandescent bulb is rated at 1500 lumens and 
1200 hours. The “soft white” designation means that the color temperature of the 
lamp is 2700°K. Color temperature refers to the color of the light emitted by the 
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Question 
What is the peak voltage out of the rectifier? 


Answers 
The transformer secondary coil delivers 28 V 
rms , so 


V,=Y2 X Vins = 1.414 X 28Vims = 39.59 volts 
or about 40 volts. 

20 Figure 11.41 shows the waveform after 
the diode has rectified the sine wave for the 
halfway rectifier circuit shown in Figure 11.40 . 
Figure 11.41 


40 V 
28 V 


Question 

Calculate the duration of one pulse. 
Answer 

60 Hz represents 60 cycles (that IS, 
wavelengths ) in 1 second. Therefore, one 
wavelength lasts for 1/60 second. 
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Dangers: Mercury Toxicity and High Voltage 


If you apply a little too much pressure to the bulb, it will break. If you're not wearing 
gloves and the sharp end of the bulb pierces the palm of your hand, it's probably off 
to the ER for stitches. Leather gloves and eye protection may protect you from glass 
shards, but they won't protect you from the danger of mercury poisoning. The bulb 

is filled with a gas mixture composed of mercury vapor, argon, xenon, and neon ata 
pressure of about 0.003 atmospheres. 

To give you an idea of the toxicity of the mercury contained in a CF bulb, consider 
the recommendation of the US Environmental Protection Agency (EPA). According to 
the EPA, if you break a CF bulb, you should open a window and leave the room for at 
least 15 minutes. You should also shut off the central heating or air conditioner to 
avoid the spread of mercury vapors. When you return, use duct tape to pick up the 
shards of glass—don't launch the shards into the air with a vacuum cleaner. Throw 
away any clothing that has been in direct contact with the shards. Washing the 
clothes in machine washer will contaminate the machine. 

In case you're curious, the effects of mercury toxicity typically aren't immediately 
apparent after exposure. Symptoms usually appear years after chronic exposure, but 
a single large exposure can cause immediate problems. According to the National 
Institutes of Health, you'll likely develop significant neurological deficits—inability to 
walk, blindness, memory problems, uncontrollable shake, and seizures. Not something 
you want for yourself or your family. 

The other potential health hazard, high voltage, has an immediate effect. If you 
decide to trace the live circuitry, you're minimally exposing yourself to 120VAC. If you 
work with a powerful CF lamp, such as the 42W lamp featured in this teardown, you'll 
be exposed to 600VAC or more. You should have high-voltage equipment and tools on 
hand if you're working with a live CF bulb. 

The bottom line is that if you don't have the protective clothing, tools, and experience, 
then either enjoy the teardown vicariously or find someone with the skills and tools to 
work with you. 


bulb. The 2700°K is equivalent to the yellowish light produced by a tungsten bulb. 
1500 lumens is the amount of light output. Average lifetime is the average service 
lifetime of a 100W bulb. It’s not the average lifetime you can expect from your 
particular bulb. 

In contrast, the specifications of the TCP 42W SpringLamp are as follows: 


Color temperature: 5100°K/bright white 
Average lifetime: 10,000 hours 

Lumens: 2800 

Base: Medium screw (E26) 

Input line voltage: 120VAC 

Minimum starting temperature: -20°F 
Energy used: 42W 
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Incandescent equivalent: 150W 

Power factor: >50 percent 

CRI (color rendering index, aka color temperature): 84 
THD (total harmonic distortion): <150 percent 

Length: 7.0 inches 

Diameter: 2.8 inches 


Although most of these terms should be familiar to you, this list of specifications 
hints at the complexity of the typical CF relative to the simple tungsten bulb. The 
SpringLamp features a 5100°K bulb and emits relatively white light. A related 
specification is the CRI, which relates to how well the light renders colors naturally. A 
CRI of 100 is perfect. The SpringLamp, like most CF lamps, doesn’t produce much red 
light, so reds are muddied. As a result, the CRI score is only 84—good but not great. 

Unlike tungsten lamps, CF lamps employ an initial starting arc, generally assisted 
with heating elements in the ends of the bulb. The indoor SpringLamp won't start 
below -20°F—meaning you probably wouldn't want to install it in a walk-in freezer. 

The lumens and incandescent equivalent specifications relate the CF to a 
standard tungsten bulb. For about the cost of running a 42W incandescent bulb, you 
get 150W of light—or more specifically, 2800 lumens. I qualify the cost because of the 
horrible power factor figure of >50 percent. 

An incandescent bulb, which is simply a resistor that releases about 10 percent 
of the dissipated energy as light, has a power factor of essentially 100 percent. 

That is, the real power—in watts—is the same as the apparent power—volts x amps. 
In contrast, this CF has a power factor of >50 percent, which means that the 
volt-amp figure can be 50 percent greater than suggested by the 42W specification. 
The relationship between real power (watts), apparent power (volts x amps), and 
power factor can be expressed mathematically as follows: 


Power factor = (input watts) / (volts x amps) 


Given our 42W CF and a line voltage of 120VAC, what can we expect for the 
actual input current? If we were dealing with a resistor or incandescent bulb, each 
of which has a power factor of 1.0 or 100 percent, the current would be as follows: 

Input watts = power factor x volts x amps 
42W = 1 x 120V x amps 
Amps = 42W/120V 
Amps = 0.35 
So, with a purely resistive load, and, by definition, a power factor of 100 percent, 


a 42W bulb would draw 0.35A. Now, with our CF lamp and a power factor of >50 
percent (let's call it 50 percent for simplicity), we have this: 


Input watts = power factor x volts x amps 
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42W = 0.5 x 120V x amps 
Amps = 42W/(0.5 x 120V) 
Amps = 0.70 


Therefore, the power line has to supply our CF bulb with 0.7A. This shouldn't 
be a major problem with only one bulb, but with a dozen bulbs in a house, it could 
be significant. The higher current increases power losses in the distribution 
systems—recall power lost in wires and components is calculated as P = I*R—and 
can result in higher charges from the utility company. This charge isn’t automatic, 
because most residential wattmeters measure real, not apparent, power. However, 
utility companies can easily measure the power factor and adjust your utility bill 
accordingly. 

The reason that the CF has a power factor of only >50 percent is that the input 
circuit is nonlinear. As you'll see later, the input consists of a pair of diodes that 
convert 120VAC to DC. This nonlinearity results in the generation of harmonic 
currents that can wreak havoc on the power distribution system. Better CF lamps 
have a THD of less than 10 percent. The rating of less than 150 percent for this CF is 
disappointing. The THD and power factor specifications are interrelated: improving 
the power factor will improve the THD. 


Operation 


There is little to say about operating a CF lamp. When you supply 120VAC, the lamp 
preheats the gases in the bulb for a moment, and then the electronic ballast ignites 
the lamp with a high-voltage charge. The ballast maintains the proper current flow 
until the power is removed. 

Most CF lamps require full line voltage at all times, so they can’t be used with 
dimmer switches. Similarly, although there are exceptions, CF lamps require good 
ventilation and risk premature failure and fire if operated in sealed fixtures. 


Sree) Another hazard when working around CF-generated light is exposure to 
Caution ultraviolet (UV) radiation. When mercury vapor is ionized, it generates UV 
D light, which excites phosphors in the wall of the spiral tube. These phosphors 
generate visible light. However, some of the UV light makes it through the tube 
unimpeded and causes damage to paint pigments, plastics, skin, and eyes. 
So, it’s probably not a good idea to replace your halogen reading lamp with a 
CF lamp—even if you need to work on your tan. 


Teardown 


If you're good with your hands and the CF bulb that you're using isn’t glued 
together, this is a 60-second teardown. Even if you have to resort to a hacksaw to 
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open the plastic base, you shouldn't require more than 5 minutes start to finish. 
The real fun, of course, is figuring out how all those components work together to 
generate light. 


Tools and Instruments 


The basic teardown requires safety goggles, a pair of leather or heavy cotton work 
gloves to protect your hands from a broken fluorescent tube, and either strong 
fingernails or a standard screwdriver blade to pry apart the plastic housing. If 
you're working with a high wattage bulb (40W and above), you'll need a multimeter 
with a high-voltage probe to examine the live circuitry. 

Most high-voltage probes are designed for a specific meter or series of meters. 
For example, I use a Fluke 80K-40HV probe with my Fluke 87 digital multimeter 
(DMM). The probe is designed so that when it's used with a meter with an input 
impedance of 10M, it functions as a 1000:1 divider. Figure 6-2 shows the simplified 
circuit diagram of the HV probe and a DMM with an input impedance of 1OMQ. The 
input impedance of my probe is about 79M, which is provided primarily by R2. Rl is 
about 80KQ. R1 in parallel with the 10M input impedance works out to about 79KQ, 
or a ratio of 79MOQ:79KO or 1000:1. 

It’s possible to use the Fluke or other HV probe with a multimeter with a lower 
input impedance than called for in the design. However, you'll have to multiply the 
displayed voltage by a correction factor because the displayed voltage will be lower 
than the actual voltage. See your probe’s documentation to determine the correction 
factor for your multimeter. 

The ground lead of the HV probe must be connected to earth ground for the 
divider to work properly. The closest earth ground is probably the ground pin of 
a power outlet. Earth ground isn’t chassis ground, although a chassis could be 


HV Probe 


FIGURE 6-2 High-voltage probe 
circuit 
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connected to earth ground. If you fail to attach the ground lead of the HV probe to 
earth ground, you risk melting your DMM and possibly receiving a nasty shock if 
you serve as the ground return for the voltage you're trying to measure. 


Step by Step 

The teardown sequence shown in Figure 6-3 is more of a “crack open and look” 
than a real teardown. Even so, pay attention. If you happen to break a fluorescent 
tube, treat whatever is left of the tube as a biohazard and seal it in a plastic bag. 
Check with your public health office for how to best dispose of the hazardous 
waste. 


Step 1 

Open the base of the bulb. Grasp the top of the base—not the glass tube —with your 
eloved hand. Position your hand so that, should the glass bulb break, shards of 
glass would be blocked from your face and other hand. Now, with your other hand, 
use your nails, a standard screwdriver, a dime, or a similar thin tool to pry open 
the enclosure. I used my nails on the base, but you may want to use a screwdriver. 
Just don’t run the screwdriver blade through the electronics and wires in the 
process of opening the base. 

Another option is to use a hacksaw to cut away the plastic skin, right along the 
seam. However, remember that just below that thin, plastic skin are a dozen or so 
components. If you opt for the hacksaw approach, secure the lowest part of the 
base—the part farthest from the bulb—in a vise. And don’t hit the glass tube with 
your hacksaw. 

Regardless of the method you use, you should see something like Figure 6-3a 
when you first crack open the lamp. 


a 


FIGURE 6-3 ‘Teardown sequence 
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Step 2 

Use a pair of diagonal cutters to sever the four wires between the bulb and the 
circuit board. Put the glass bulb aside for now. Examine the foil side of the circuit 
board, shown in Figure 6-3b. Note the generous spacing and thickness of the traces, 
as you'd expect for a high-voltage, high-current circuit. 


Layout 


The layout of every CF that I’ve cracked open is remarkably similar, despite 
differences in power and manufacturer. They all share the same basic layout as 
the populated circuit board shown in Figure 6-4. 

As you can see, the circuit board is a disc, with the two switching transistors 
and inductors toward the periphery. The electrolytic capacitors are in the center of 
the disc. The silver mica capacitors, including the starter capacitor used to ignite the 
bulb, are located on the periphery of the board, along with wires to AC power and 
the bulb. 


Components 


Regardless of the make and model of your CF lamp, it probably has a spiral lamp 
with dual cathode filaments, a pair of switching transistors, a ferrite core toroidal 
transformer, a pair of inductors, a handful of silicon power diodes, a half-dozen 
capacitors, and a DIAC (diode for alternating current). 


FIGURE 6-4 CF layout 
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Fluorescent Lamp 


The spiral fluorescent lamp is filled with low-pressure mercury vapor that, when 
ionized by an electrical current, generates UV light. A mixture of phosphors in 
the tube absorbs this UV radiation and emits lower energy radiation in the visible 
spectrum. 

Most CF bulbs designed for residential use have a rapid start system that 
requires a combination filament-cathode at each end of the spiral tube. The two 
1.50 filaments in the SpringLamp CF are used to preheat the bulb for a few tenths 
of a second, lowering the voltage necessary for ionization of the low-pressure gas 
mixture. 


Transistors and Heat Sinks 


This CF features two D13009K NPN switching transistors rated at 400V collector- 
emitter voltage and 5A collector current. They’re packaged in a standard TO-220 
case, which has a metal tab extending up from the back of the transistor. As is 
standard for a TO-220 transistor, the leads are base, collector, emitter, looking from 
the front of the device. Figure 6-5 shows multifingered heat sinks bolted to the 
metal tab of each transistor. The heat sinks increase the heat dissipation from each 
transistor via natural convective cooling. Note the 100mH inductor on the left and 
a toroidal transformer on the right. 

This is a good point to focus on the heat sinks used in this CF and on transistors 
in general. The goal of using a heat sink is to keep the transistor junction below the 
maximum rated temperature. But how much of what kind of heat sink is enough? 


FIGURE 6-5 NPN switching transistor with heat sink 
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If you search the Web and basic electronics texts, you'll find dozens of formulas 

that can be used to define the optimum heat sink for any circuit and environment. 
Most of these formulas consider the temperature and velocity of the ambient air, the 
amount of heat that must be dissipated, the barometric pressure, and other factors, 
to determine the heat sink dimensions, composition, number of fins, and required 
thermal efficiency. 

In addition to considering theoretical calculations, practical economic and 
physical considerations are important in selecting a heat sink. For example, although 
beryllium copper has a higher thermal conductivity than aluminum, it’s generally 
too expensive to use as heat sink material in CF lamps. Similarly, a massive extruded 
aluminum heat sink might provide the best protection against thermal overload, 
but the space limitations imposed by the CF base demand more compact heat sink 
designs. There’s also the issue of availability. If you check parts suppliers for bolt-on 
heat sinks, you'll find choices for TO-220 devices are limited to aluminum designs 
rated from 1W to 2.5W. In the end, you go with what you can afford and what fits in 
the space allotted to the heat sink. 


Toroidal Transformer 


If you've worked with switching power supplies, the toroidal transformer shown in 
Figure 6-6 should look familiar. This high-frequency transformer, which, according 
to my measurements operates at 50kHz, has three windings. Each winding consists 
of two turns of enameled copper wire. The plastic base provides support and 
insulation from the underlying circuit board. 


FIGURE 6-6 Toroidal transformer 
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Note the two transistors on either side of the transformer. The unbanded DIAC is 
visible in the background. 


Inductors 


This circuit has two inductors: a 100pH ferrite core inductor used to limit EMI 
induced into the 120VAC line (see Figure 6-7a), and a much larger 2.1mH iron- 
laminate core inductor used to limit bulb current once the lamp has been started 
(see Figure 6-7b). 


Capacitors 


At the center of the disc are two 47pf electrolytic capacitors rated at 250VDC. The 
remaining capacitors are silver mica rated between 400 and 1250VDC. Figure 6-8 
shows several 0.1pf at 400VDC silver mica capacitors in the foreground and the two 
radial lead 47uf electrolytic capacitors in the background. Silver mica capacitors 
are a good choice for this application because of their stability over a wide range of 
temperatures and availability with high working voltages. Note the diodes adjacent 
to the capacitor leads in the figure. 


Resistors 


Several generic 0.25W metal film resistors are in this circuit. Of note, however, is 
the 0.470 fusible metal film resistor in series with the 120VAC mains. This resistor 
is designed to fail flamelessly in the event of other component failure. 


FIGURE 6-7 Ferrite and iron-laminate core inductors 
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FIGURE 6-8 Silver mica (foreground) and electrolytic 
capacitors 


I like to think of fusible resistors as ultra-slow-blow fuses. It might take a 
minute or more for the resistor to fail—more than enough time for a mosquito 
CD that falls across a capacitor's leads to be vaporized, for example. This resistor is 

designed to save your house from burning down, should your CF lamp fail. 


Diodes 


As illustrated in Figures 6-4 and 6-8, several diodes are included in this CF circuit: 
two for the main rectifier, two associated with the lamp, and five associated with 
the transistors. Two 1N5397 diodes are part of a voltage doubler rectifier circuit. 
These diodes have a forward current capacity of 1.5A and PIV (peak inverse 
voltage) rating of 600V. 

Each transistor is protected from peak reverse voltages by a pair of BY V26 
diodes. These are ultrafast recovery diodes with surge current capacity of 30A and 
a PIV of 600V. There is a diode from base to emitter and from collector to emitter of 
each transistor. The diodes essentially prevent the base-emitter or collector-emitter 
junctions from being reverse-biased by a potentially damaging transient. 

A fast recovery 1N4937 diode is used across each of the filament cathodes of 
the fluorescent bulb. The polarities of the diodes are such that when one diode 
is forward-biased, the other is reverse-biased. I assume this design is intended to 
extend the filament lifespan of the bulb. Can you provide another explanation? 

A 1N4005 generic silicon power diode rated at 1A and 600V PIV is used in the 
oscillator circuitry associated with one of the transistors. More intriguing, however, 
is a DB3C531 DIAC that is connected to the base of one of the transistors. A DIAC is 
essentially a momentary latching switch formed by the equivalent of two Shockley 


1/60 second = 1000/60 milliseconds = 16.67 
ms 


Therefore, the duration of a pulse, which IS 
half a wavelength, is 8.33 ms. 

21 The average DC voltage at point B in 
the circuit shown In Figure 11.40 IS 
approximately 90 percent of the peak value 
of the sine wave from the secondary coil, or 
VB = 09 x 40 volts = 36 volts. R1 and R 
L act as a voltage divider to reduce the 


36-volt DC level to the required 10 volts DC 
at the output. 

Question 

Using the voltage divider formula, calculate the 
value of R 1 that will result in 10 volts DC 
across the 100-ohm load resistor. 

Answer 


Vin Rr 
out 


(Rit Ri) 
-36X100 


(R; +100) 
Therefore, R1 = 260 ohms 
22 Figure 11.42 shows the half-wave 
rectifier circuit with the 260-ohm value you 
calculated for R1. 
Figure 11.42 
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diodes wired in parallel, cathode to anode. Once a DIAC’s firing voltage is reached, 
it latches on until the voltage drops below a level sufficient to keep the device 
conducting. With a sinusoidal AC signal, this cyclical firing, latching, and low- 
current dropout occurs twice per cycle. 


How It Works 


Figure 6-9 provides a high-level view of CF lamp operation. A line-powered 
AC-to-DC converter feeds a DC-to-high frequency AC converter, commonly 
referred to as an electronic ballast. The function of the ballast is to generate a high 
voltage across the bulb to ignite or fire the CF lamp and then reduce the voltage 
and regulate the current through the lamp for the duration of operation. 

The key components in Figure 6-9 are the capacitor in parallel with the 
fluorescent tube, labeled CP, and the inductor and capacitor in series with the lamp, 
labeled LS and CS, respectively. While all three components form part of the self- 
oscillating electronic ballast, the primary role of CP is to build up voltage to fire the 
fluorescent bulb. The series inductor, LS, regulates the flow of current once the bulb 
starts conducting. 

The series capacitor, CS, is used to block DC to the bulb and insure that only 
AC contributes to current flow. Operating a fluorescent bulb with DC causes 
cataphoresis, the migration of mercury vapor and other gases to the end regions 
of the bulb where they do not to contribute to illumination. The value CS is 
significantly larger than CP, so CS does not interfere with the buildup of voltage 
across CP. 

Let’s plug in some component values and explore the circuit. Assume an 
operating frequency of 50kHz, a CP of 5.8 nanofarad (nF), a total filament resistance 


CP 


A) 120 VAC | AC to DC DC to HF AC 


FIGURE 6-9 FIGURE 6-9 Block diagram ofthe CF lamp __ diagram of the CF lamp 
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of 30, an LS of 2.1mH, and a CS of 0.1pf. When the HF AC is applied, current flows 
through LS, one filament of the lamp, CP, through the other filament of the lamp, 
and CS. CP has the following impedance: 


Xc = 1/(2nfc) 
KO = 17( 27% 50 x 10° 5.6% 10%) 
XG = 5500 


Using the same formula, you should be able to determine that the impedance of CS 
is only 150. As such, the majority of the voltage drop will be across CP. 

Prior to firing, the resistance of the bulb, RB, is several megaohms, measured 
from filament cathode to filament cathode. With each cycle, voltage builds up 
across CP and the bulb. Simultaneously, the filaments decrease the firing voltage 
by warming and contributing ions to the mercury vapor inside the bulb. At around 
500V, the bulb fires, and the resistance of the bulb, RB, drops to about 1000, 
essentially shunting CP and removing it from the circuit. Next, LS and CS, together 
with the other components in the electronic ballast, control the frequency and 
magnitude of current through the bulb. 

I shorted the filaments and measured the voltage across CP and the bulb. Voltage 
across the bulb rose exponentially from a few volts to about 600VAC over a period of 
1.5 seconds. This cycle repeated dozens of times before I disconnected the circuit to 
prevent overheating of the transistors. 

For steady state operation, the bulb requires about 220VAC from cathode 
filament to cathode filament. The reason for this relatively low voltage is the 
operating frequency. At 50kHz, the gas in the bulb remains virtually fully ionized 
from cycle to cycle. If the bulb were operated at 60Hz, the gas would deionize 
between cycles and a higher voltage would be required to reionize the gas. As noted 
earlier, another benefit of the 50kHz operating frequency is the relatively small LS 
required to limit current flow and prevent the lamp from self-destructing. 

Now let’s examine the power supply in detail. As shown in the simplified 
schematic in Figure 6-10, the power supply includes a simple voltage doubler. The 
120VAC line is connected to a 0.470 fusible resistor and an EMI filter composed of 
the 100pH ferrite core inductor and two 0.1pf at 400VDC silver mica capacitors. 

The two 1N5397 silicon power diodes, D1 and D2, charge the two 47pf electrolytic 
capacitors that are connected in series. 

When the hot lead of the applied AC is positive relative to the neutral lead, 

D1 conducts, charging Cl approximately to the line voltage. When the hot lead is 
negative relative to the neutral lead, D2 conducts, charging C2. In this way, the two 
capacitors in series provide the CF circuitry with 240VDC. 

A voltage doubler is a low-cost, low-bulk means of providing the higher voltage 
needed by more powerful CF lamps. A step-up transformer followed by a bridge 
rectifier would be more efficient, but it wouldn't fit on the circuit board. Lower 
powered lamps often employ a standard four-diode bridge rectifier and operate at 
120VDC. 
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FIGURE 6-10 Simplified schematic of power 
supply 
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FIGURE 6-11 Simplified schematic of CF lamp 


Figure 6-11 shows the simplified schematic of the CF lamp, less the power 
supply. As you can see, each of the two NPN transistors is connected to a winding 
of the toroidal transformer T1, and the third winding is connected in series with 
the bulb circuit. The DIAC is connected to the base of Q2. Note the TO-220 package 
outline with pinouts for Q1 and Q2. 

Despite the relatively low component count, a lot is going on in the circuit 
that isn’t obvious from inspection of the schematic. True analysis requires a 
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multiple-trace oscilloscope and intimate knowledge of the components, especially 
the transformer, T1, and the transistors, Q1 and Q2. However, at a high level, the 
manufacturer describes circuit operation as something like the following. 

At the moment the power switch is thrown to the on position, the 470KO, 
resistor R1, the 22nF capacitor on the emitter of Q2, and the DIAC D7 supply base 
current to Q2. Q1 is off. Once the bulb fires, the 1N4005 diode D6 inhibits the DIAC. 
Self-oscillation is maintained by feedback from the base lead of Q2 through the 
transformer T1. The toroidal core of T1 is formulated such that it easily saturates, 
thereby removing feedback from the base of Q2, which switches off after a delay 
defined by the storage time. Meanwhile, T1 switches on Q1, and the circuit 
oscillation continues. 

To get a better handle on this explanation, it helps to know that transistor 
storage time, or more properly base storage time, is a characteristic of bipolar 
transistors that limits the maximum speed at which a transistor can be turned off. A 
charge is stored in the base-collector region of the transistor whenever the transistor 
is driven to saturation, and this charge takes time to discharge. Q1 and Q2 are both 
driven to saturation in this circuit. 

The 50kHz oscillation frequency is established by the saturation properties of T1 
and the transistor storage time—factors also not apparent from the schematic. The 
saturation properties of T1 are determined by the composition of the toroidal core. 
The more readily the core saturates, the faster the transistors can switch on and off, 
within the limits imposed by storage time. 

There is a bit of magic in the circuit. The dynamic properties of T1 and storage 
time don’t appear in the schematic, and without these details, it’s impossible to 
specify the changes exactly from startup to steady state. However, I'll offer my 
impression of what probably happens in the circuit to supplement the condensed 
version supplied so far. 

At the moment the power switch is turned on, the leads of Q1 are at the same 
potential—the supply voltage—and so the transistor is inactive. In contrast, the 
emitter of Q2 is at ground, the collector is at positive supply voltage, and the base 
is forward-biased. In addition, capacitor C charges, and the DIAC fires and latches 
on. Q2 continues to receive forward-bias from the DIAC and 100 resistor in the 
base lead to ground. Due to T1 saturation, Q1 begins to conduct and has a path to 
ground through Q2, which is turning off, but not yet off because of storage time. As 
I see it, it’s the slight overlap in on-off time that makes the self-oscillation possible. 
Otherwise, if Q2 suddenly and completely shuts off, Q1 can't conduct. 


Mods 


Because a CF bulb is a household appliance, I can’t recommend any safe mods 
if you intend to put the bulb back in regular service. As a bench experiment, 
you might want to try altering the self-resonant frequency of the CF circuit and 
record the changes in bulb current, for example. A more appropriate use of 
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CF lamps, especially those otherwise destined for disposal, is to repurpose the 
components. 

If you search the Web you can easily find examples of a variety of circuits 
developed with repurposed CF components. As an amateur radio operator (call- 
sign NUIN), one of the more creative ideas I found is to repurpose the components 
found in a CF lamp to create a radio transmitter. You'll have to rewind T1 and add a 
crystal to establish the operating frequency. However, other than a DC power supply, 
everything else can be scavenged from a CF lamp. Coming up with a complete 
receiver with repurposed components would be more of a challenge. 
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Ultrasonic Humidifier 


live in the US Northeast, where the relative humidity, a measure of the amount 

of water vapor suspended in the air, routinely dips below 20 percent in the 
winter. In this environment, electrostatic discharges are an everyday annoyance 
and a serious threat to sensitive electronic components. The “dry air” also makes 
it tough to sleep at night. A popular way to avoid this scenario is to use a room 
humidifier, such as the ultrasonic humidifier shown in Figure 7-1, to raise the 
relative humidity. A value of around 50 percent is comfortable and suppresses 
electrostatic buildup. 

In this chapter, I’ll tear down a Crane ultrasonic humidifier, which is typical of 

the inexpensive room humidifiers available online for about $30. rll discuss some 
ideas for repurposing the components in a mod at the end of the chapter. 


Highlights 
The humidifier consists of a decorative water container supported by a base filled 
with electronics. The unit features dual linear power supplies, two transistor-based 
switching circuits, and a high-voltage radiofrequency (RF) oscillator that drives a 
submerged piezoelectric transducer at about 1.2MHz. The humidifier also uses a 
brushless DC motor that we’ll examine in detail. During the teardown, note the 
following: 


e The open loop control system 
e The safety features, including dual fuses and magnetic reed cutoff switch 
e The process of circuit analysis 


Specifications 


Following are the key technical specifications listed by the manufacturer: 


e 32W power requirement 
e One gallon capacity with 11-hour runtime 
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FIGURE 7-1 Crane ultrasonic humidifier 


e Auto off function 
e Variable humidity control 


It’s a stretch to claim that the unit has a variable humidity control. The single 
control knob simply varies the excitation of the ultrasonic transducer and therefore 
the vapor output. As you'll see during the teardown, the unit has no humidity sensor 
and no humidity feedback mechanism. 


Operation 


This is a plug-and-play device. Fill the tank with water, place it on the base, toggle 
the on-off switch to the on position, and adjust mist output with the knob at the 
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base of the unit. A bicolor LED in the base of the unit glows green as long as there 
is enough water to operate the ultrasonic transducer. When water level above 

the transducer falls below a few centimeters, a floating magnet drops, causing a 
magnetic reed switch to open, which kills the ultrasonic transducer and fan. This 
also switches the LED from green to red, indicating that it’s time to refill the tank. 


Teardown 


You should be able to complete the basic teardown, illustrated in Figure 7-2, in 
about 15 minutes if you’re working with the same humidifier. Most ultrasonic 
humidifiers on the market share the basic components of this humidifier—a power 
supply, fan, output control, and ultrasound transducer. From a control perspective, 
this is an open loop system, in that the power sent to the ultrasonic element is 
independent of the ambient relative humidity. 


FIGURE 7-2 Teardown sequence 
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FIGURE 7-2 (continued) Teardown sequence 


260 £2 


Ci Dimm S 1000 


Now, choose a value for C1 that produces 
a discharge time through the two — resistors 
equal to 10 times the input wave duration. 
Questions 
A. How long should the discharge time 
constant be for the circuit in Figure 11.42 ? 
Refer to problems 18 and 20. ee 
B. Given the time constant, calculate the value 
of C 1. 

Answers 
A. The time constant should be 10 times the 
pulse duration (8.33 ms), so 


B. T = 10 x 8.33 ms = 83.3 ms or 0.083 
seconds 
CT = R X C = (R1 + RL) X Cl = 360 
x Cl 
D. Therefore, 0.0833 = 360 x C1,or Cl = 
230 UF 

23 Figure 11.43 shows voltage waveforms 
at various points in the half-wave rectifier 
circuit. 


Figure 11.43 
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If you're following along at home with another model of humidifier, your unit 
may have a relative humidity sensor that is used to control mist output. I’ll discuss 
the implications of a closed system operation later in this chapter. 


Caution 


At this point, it’s important to note that, despite its appearance, this electric 
appliance isn't a toy. Not only are we dealing with the potentially dangerous 
<==) combination of water and electricity, but the ultrasonic transducer can hurt you. 
The transducer in a typical home ultrasonic humidifier delivers up to 15W—and 
that’s a lot of power at ultrasound frequencies. As a point of reference, the 
output of therapeutic ultrasound machines is measured in milliwatts. 

Before you think of touching the active transducer in your humidifier, keep 
in mind that this device is designed to shred water at the molecular level, and 
remember that your finger is mainly water. Although I've not experienced the 
jolt from an ultrasonic transducer firsthand, I’m told that touching an active 
transducer is akin to having your finger slammed in a car door. And that, from 
personal experience, is something to avoid. I’m not suggesting that you pass 
up the opportunity to repurpose the components to create an ultrasonic meat 
tenderizer. Just don’t touch the active transducer. 


Tools and Instruments 


You'll need a Phillips-head screwdriver, crescent wrench, and needle-nose pliers. 
A multimeter capable of measuring capacitance and inductance modes will come 
in handy. 


Step by Step 
If you plan to rebuild your humidifier once you're done with the teardown, sort 
the screws and other hardware in a cupcake pan or similar compartmentalized 
container. Use a permanent marker to identify connectors before you disconnect 
them. And pay particular attention to the integrity of the seal around the 
ultrasonic transducer—a damaged seal will allow water into the electronics 
compartment. 

Unplug the unit before you begin. 


Step 1 

Examine the base. Remove the decorative water tank, leaving the base, shown in 
Figure 7-2a. Thoroughly dry the base with a paper towel. With the output control 
knob facing you, identify the depressed area with the black-rimmed white disc 
toward the rear of the base. This disc, about the size of a quarter, is the ultrasonic 
transducer. Toward the left of the transducer, near the left rim of the base, is the 
magnetic float assembly. When the water level rises, a ring magnet embedded in a 
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buoyant plastic ring moves with the water level and interacts with a magnetic reed 
switch on the dry underside of the base. The rectangular fan outlet appears just 
below the transducer in the figure. 


Step 2 

Crack the base. Flip the base upside down to reveal the fan input grill and screws 
securing the feet and base, as shown in Figure 7-2b. Remove the screws and lift the 
bottom of the base to reveal the electronics. 

Arrange the base—actually the underside of the base top, which separates the 
water from the electronics—as shown in Figure 7-2c. At the top of the figure are the 
main printed circuit board and ultrasonic transducer. Connectors and cables for 
sensors and controllers run along the left edge of the circuit board. Near the right 
rim of the base is the magnetic reed switch used to determine water level. Near the 
center of the base is the 12VDC brushless squirrel cage fan. At the bottom of the 
figure is a board for the switched AC input and fuse. In the left lower quadrant of the 
base is the dual-secondary power transformer. 


Step 3 
Examine the live circuit. Plug in the unit and measure transformer secondary 
voltages and examine the logic of the magnetic reed switch. If you have an 
oscilloscope or frequency meter, measure the operating frequency of the 
ultrasound generator. However, note that the ultrasonic transducer is designed 
to operate submerged. If you want to measure voltages and currents with a 
dry transducer, manipulate the magnetic ring so that power is applied to the 
ultrasound circuitry in 1- or 2-second bursts—just long enough to get solid 
measurements. You can also unsolder the transducer to avoid overheating and 
overstressing the component. 

Unplug the unit when you're done. 


Step 4 
Extract the small circuit board. Remove the small board that holds the 2A at 250V 


fast-blow fuse and that provides quick-disconnect connections to the power cord 
and the primary of the power transformer. 


Step 5 

Extract the dual-secondary power transformer, which provides 28VAC at 800mA 
and 13.5VAC at 90mA secondary output voltages. Note the construction with the 
insulated coils for the primary winding on the top half of the transformer and 
secondary windings on the bottom half, as shown in Figure 7-2d. The transformer 
is virtually waterproof, thanks to a thick layer of clear sealant on the windings and 
laminated steel core. As with the small printed circuit board, the transformer is 
physically isolated from other components in the plastic base of the humidifier. 
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Step 6 

Release the brushless DC fan. The squirrel cage fan blades, shown in Figure 7-2e, 
are pressure-fit on the motor shaft. Simply pull the cage along the axis of the shaft. 
Without disconnecting the power cable, remove the two screws securing the motor 
to the plastic support and set the motor down in the base for now. 


Step 7 

Extract the bicolor LED and 5KQ potentiometer from the front of the base. You'll 
need to use a crescent wrench or nut driver to remove the retaining nut from the 
potentiometer. Figure 7-2f shows the three-lead, common cathode bicolor LED. 
Don’t disconnect the potentiometer cable from the main circuit board. 


Step 8 

Extract the magnetic reed switch assembly. Partially remove the screw securing 
the plastic pressure tab and rotate the tab off of the magnetic reed switch assembly, 
shown in Figure 7-2g. Pull the assembly straight up, out of its well in the base. You 
may find it easier to extract the sensor if you temporarily unplug its cable from the 
main ultrasonic transducer board. 


Step 9 

Extract the main ultrasonic transducer assembly. Carefully remove the four 
Phillips-head screws that attach the large aluminum heat sink to the plastic base, 
as shown in Figure 7-2h. The assembly includes a heat sink about the same size as 
the main circuit board. Note the clear silicon ring seal between the plastic base and 
heat sink. 


Step 10 


Extract the piezoelectric transducer. Remove the two screws securing the 

silver metal retainer to the black heat sink, shown in Figure 7-2i. Peel the black 
rubber seal from the piezoelectric disc, taking care not to damage the two wires 
connecting the transducer to the main printed circuit board. The free transducer is 
shown in Figure 7-2]. 


Layout 


The layout of the main circuit board is clean and relatively spacious; you shouldn't 
have any trouble probing component leads. As a bonus, the component side of the 
board, shown in Figure 7-3, is marked with component values. As you can see, the 
board contains traditional leaded components. The connectors along the bottom 
edge of the board, from left to right, are for the control potentiometer (VR), the 
magnetic reed switch (K), the bicolor LED (LED), the fan (FAN), and power (C). 
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FIGURE 7-3 Main circuit board layout 


The right side of the board is populated with components for the two power 
supplies—eight standard silicon power diodes configured as two bridge rectifiers, one 
for the 28V and one for the 13.5V transformer outputs. The 100pf at 25VDC electrolytic 
capacitor (100U) is a filter capacitor in the 13.5V circuit, and the 2A at 250V fast-blow 
fuse (2A/250V) is in the 28VDC circuit that feeds a high-voltage oscillator. The 0.1pf 
Mylar film capacitor (104) is used as a bypass capacitor in the power supply. 

Moving to the left, immediately adjacent to the fan and LED connectors, 
are the small switching transistors in TO-92 packages, a 2N551 NPN (negative- 
positive-negative) silicon transistor for controlling the fan motor and a 2N5401 PNP 
(positive-negative-positive) silicon transistor for controlling the red element of the 
bicolor LED. 

On the left side of the board, behind the connectors for the magnetic reed 
switch and control pot, is the drive circuitry for the ultrasonic oscillator. The 2KO 
trim pot (potentiometer) (2KQ) is wired in series with the external 5KO control 
potentiometer. The oscillator transistor, a BU406 high-voltage NPN silicon transistor 
in a TO-220 case, is bolted to the large heat sink. You can see a small amount of 
conductive grease between the transistor’s metal tab and the large aluminum heat 
sink. The transistor's metal tab, which is connected to the collector, is at 28VDC 
during operation of the humidifier—something to keep in mind if you’re probing the 
live circuit. 

Other significant components in the area include an open-air RF inductor 
composed of three loops of enamel wire (L2), a cylindrical RF inductor (L3) adjacent 
to the electrolytic filter capacitor, and a 1004H inductor (L1). Adjacent to the 
open-air RF inductor are two ceramic disc capacitors (101 and 561) and two large, 
rectangular metalized polypropylene film capacitors. 
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Components 


This simple humidifier provides examples of a variety of components that you'll 
see in other appliances and in other teardowns in this book. When you discover 
components during a teardown, make a habit of looking up the datasheets on the 
Web. Datasheets often feature example circuit diagrams and other information that 
may not be evident in the teardown. 


Capacitors 


As discussed earlier, the humidifier employs electrolytic, Mylar film; metalized 
polypropylene film; and ceramic disc capacitors. The two Mylar film capacitors, 
marked “2A103J” (0.011f) and “2A104J” (0.1pf), are perfect for high-humidity 
environments because they are dipped in a hard epoxy coating for moisture 
resistance. The small ceramic disc capacitor, marked “101” (100pF'), is 

installed between the base and collector of the oscillator transistor. The large, 
resin coated disc capacitor, labeled “561K 2KV” (560pF), has a 2KV voltage 
rating. 


Piezoelectric Transducer 


The heart of the humidifier is also one of the simplest components, the 
piezoelectric transducer, which imparts ultrasound energy from the oscillator 
circuit to the water. There are no markings on the transducer in my humidifier. 
However, I'd expect the datasheet to include information on the resonant 
frequency, static capacitance, mist production in cc/minute, voltage input, and 
maximum drive capacity. The voltage across the disc during operation is more 
than 120V peak-to-peak (VPP). 


Diodes 


The ten diodes used in the humidifier are general-purpose 1N4007 silicon diodes 
rated at 1A and 1000V PIV (peak inverse voltage). Two sets of four diodes are 
used in bridge rectifier circuits: one is used to protect the high-voltage oscillator, 
and the other isolates the oscillator circuit from the other circuits on the 

board. 


Bicolor Red/Green LED 


The bicolor LED used to signal the status of the humidifier has a common cathode 
center lead. The LED emits red light when the anode corresponding to the red LED 
is positive, and it emits green when the other anode is positive. 
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Magnetic Reed Switch 


The slender magnetic reed switch is normally open. In this application, when 
there is sufficient water in the base, the floating ring magnet keeps the reed switch 
closed. If the water level drops sufficiently, the ring magnet moves away from the 
reed switch, allowing it to open. 


SPST Rocker Switch 


The SPST (single pole, single throw) rocker switch is rated at 6A at 125VAC. If 
you repurpose this switch for a DC application, remember to derate the current 
capacity rating by at least 50 percent. 


RF Inductors 


In addition to L1, the banded 100pH inductor (brown-black-brown-silver), are two 
unmarked inductors. We can estimate the value of L2, the air-core coil, with the 
aid of the following formula: 


L (pH) = d*n*/(18d + 401n) 


where d = coil diameter in inches, from wire center to wire center; In = length of 
coil in inches; and n = number of turns. My measurements for the RF inductor are 
as follows: d = 0.16 inch; In = 0.08 inch; and n = 3. Substituting these measurements 
into the formula, we have this: 


L = 0.16°3*/(18 x 0.16 + 40 x 0.08)pH 
L=0.2376.1=0.0380H 


Estimating the value of L3 is more problematic because of the unknown 
permeability of the ferrite core. Ferrite can provide 20-1000 times more inductance 
per turn than an open-air inductor of the same size. According to my measurements 
with an LC meter, the inductance of L3 is 32pH. 


Heat Sink 


The 1.1 ounce (31g), 2.5 x 2.6 inch (65 x 67mm), aluminum heat sink seems 
more than adequate to cool the oscillator transistor, even with continuous, day- 
after-day operation. Given the mass of the heat sink and its contact with water, 
it provides more than sufficient heat capacity for the transistor. The ultrasound 
transducer is insulated thermally and electrically from the heat sink by a 
silicone seal. 
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Resistors 


The main circuit board contains a handful of 0.25W metal film resistors; a 0.1W, 
2KO trim pot; and an external 0.5W, 5KO potentiometer. Of note is the similarity of 
the 1000 resistor and 1004 H inductor. The two components are about the same size 
and share a color code (brown-black-brown-silver), but the resistor has capped ends 
and the inductor has conical ends. 


Transistors 


As noted earlier, three silicon transistors are used in the humidifier, a 2N551 NPN 
and 2N5401 PNP low-power switching transistor and a hefty BU406 NPN high- 
voltage transistor. The datasheets for the transistors reveal a current gain (Hfe) of 
50-250 for the 2N551 and 2N5401 and 20-40 for the BU406. Let's review the on and 
off states for NPN and PNP bipolar transistors used as switches, using Figure 7-4 as 
a guide. 

Recall that an NPN bipolar transistor can be configured as a switch between 
emitter and collector by manipulating the emitter-base current. When the base 
is positive relative to the emitter, a small current flows from emitter to base 
and a significantly larger current flows from emitter to collector. The amount of 
emitter-base current we need to switch a particular load is related to the load and 
the transistor current gain. With a current gain of 100 and a load of 100mA in the 
emitter-collector circuit, we'd need an emitter-base current of 100mA/100, or 1mA. 
Similarly, with a current gain of only 50, we'd need an emitter-base current of 
100mA/50, or 2mA, to switch the 100mA load on and off reliably. 

The BU406, which is capable of switching 10A at 200V and dissipating 60W, 
has the bias polarity requirements as the diminutive 2N551. Given a current gain 


OFF ON 


PNP NPN PNP NPN 


FIGURE 7-4 NPN and PNP transistor 
switch on and off conditions 
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of 30 and a load of 10A, we'd need an emitter-base current of 10/30, or 300mA, to 
reliably switch the 10A load on and off. 

A PNP bipolar transistor can also be configured to switch a load in the emitter- 
collector circuit by manipulating the emitter-base current, as long as the proper 


bias polarities are observed. When the base is negative relative to the emitter, a 


small current flows from emitter to base and a significantly larger current flows 
from emitter to collector. As with the example of the NPN transistor, the transistor's 
current gain determines the emitter-base current required to switch the expected 
emitter-collector current reliably. With a current gain of 100 and a load of 20mA, the 
emitter-base current should be 20mA/100, or 0.20mA. Similarly, with a current gain 
of 50, the emitter-base current should be 20mA/50, or 0.40mA. 

Compared to the diminutive 2N551 and 2N5401 transistors, the BU406 is a 
powerhouse capable of switching 10A at 200V and dissipating 60W. 


Fuses 


Both fuses in the humidifier are 2A fast-blow designs. Whereas many appliances 
feature slow-blow fuses, the fast-blow variety was selected apparently because of 
the need to kill the power quickly in the event of water entering the electronics 
area. Even so, the fuses seem overly conservative. At 32W, the humidifier should 
draw a little more than a quarter amp: 


I = P/V = 32W/120V = 270mA 


A 1A fast-blow fuse is probably a better option. One reason for using a 2A fuse 
would be to allow for power-on surges. However, in my tests, I didn’t detect any 
surges that would blow a 1A fuse. 


You can usually differentiate fast- and slow-blow fuses by the shape and size of 
the fuse element. Fast-blow fuses are constructed with a single thin wire from 
end cap to end cap. Slow-blow fuses, in contrast, are usually made of a flat, wide 
conductor that narrows slightly toward the middle of the fuse body. When in 
doubt, read the end caps. 


Power Transformer 


The step-down power transformer has a laminated steel core with a 120V primary 
and two secondaries, one rated at 28V at 80mA and one at 13.5V at 90mA. 

An individual lamina from the core is shown in Figure 7-5a. The steel core is 
responsible for efficient coupling of magnetic flux induced by the primary winding 
to the secondary windings. This particular core design, called an EI core because 
the core is formed by a stack of E-shaped steel plates, such as the plate shown in 
Figure 7-5b, is mated with J-shaped steel plates. This common design is inefficient 
but inexpensive to manufacture. 
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FIGURE 7-5 Iron laminate transformer E plate 


Brushless DC Motor and Fan 


Let's explore the 12V/80mA DC brushless motor (BLDC) using Figure 7-6 as a 
guide. Remove the squirrel cage fan with your hands, if you haven’t done so yet, 
and then, with a pair of pliers, twist the shaft counterclockwise, holding the cap 
steady. The shaft should release from the cap and pass through the center of the 
coil assembly without resistance. 

Figure 7-6a shows the cap containing a DC permanent magnet and the coil 
assembly. Leads to the 13.5VDC supply are attached to the bottom of the coil 
assembly. A side view of the coil assembly, shown in Figure 7-6b, reveals the 
coils of enameled wire and a 4-pin IC flanked by two 3.3pf at 16VDC electrolytic 
capacitors. 

Notice that there are no brushes in the motor. In operation, the coil assembly 
or stator remains stationary while the DC magnet, which is glued to the inside of 
the plastic cap, rotates. The only point of contact is the shaft, which isn’t strictly 
necessary as long as the cap can rotate freely around the coil assembly. 

Let’s take a look at the magnet. It measures about 1 inch (25mm) inside 
diameter, 1/2 inch (1.6mm) thick, and 3/8 inch (10mm) deep. What isn’t clear 
from visual inspection is the number and orientation of magnetic poles—without 
instruments. Figure 7-6c shows the four poles of the circular magnet, assessed 
with the aid of a magnet polarity tester (available from Stewart MacDonald at 
www.stewmac.com) and magnetic field viewing paper (available from Scientifics 
at http://scientificsonline.com). Three of the circular magnet’s four poles 
are visible as pie slices in the viewing paper. The polarity tester shows poles 
alternating between north and south every 90 degrees around the circumference 
of the magnet. That is, the two north and south poles are on opposite sides of the 
magnetic band. 
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FIGURE 7-6 Brushless DC motor construction 


If you look closely at Figure 7-6d, you can see that the silver wings on each of the 
four ferromagnetic cores is slightly tapered on the counterclockwise-most end. At 
power-down, the resulting air gaps between the rotating magnet and the stationary 
coils causes the magnetic rotor to stop so that the north-south pole boundaries are 
aligned with the spaces between ferro cores. That is, the magnet will stop so that 
the poles line up over the centers of the coils. As discussed in the next section, this 
simplifies the startup procedure. The magnetic cap spins counterclockwise relative 
to the coils shown in the figure. 


How It Works 


At the heart of a home ultrasonic humidifier is an ultrasonic oscillator that drives 

a piezoelectric transducer. When excited by high-energy ultrasound from the 
transducer, small globules of water and organic and inorganic matter suspended in 
the water are launched into the air. A fan creates an air current that transports this 
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Questions 


A. What happens to the DC output voltage 
between points B and C in this circuit? 


B. What happens to the waveform between 
points A and C in the circuit? = _ 
Answers 


A. The voltage has been reduced from 36 

volts to 10 volts. 

B. The waveform has changed from pulsating 

DC to a 10-volt DC level with an AC ripple. 
24 In most cases, the level of the AC 

ripple is still too high, and further smoothing 
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water vapor out into the room or other environment. When the water evaporates, 
these impurities are distributed around the humidifier in the form of an annoying 
white dust. 

With this background, let's explore the inner workings of our ultrasonic 
humidifier, starting with the power supply. As shown in Figure 7-7, the power supply 
is a typical linear design with full-wave bridge rectification in both secondaries. The 
13.5VDC supply, which supplies the fan motor, has a 100pf filter capacitor. The 28V 
supply is unfiltered. There is a 2A fuse in the primary and 28VDC secondary. Of 
note is that the fuse in the secondary is in the ground lead. 

As illustrated in the simplified schematic in Figure 7-8, the power supply 
provides 13VDC to the fan circuit, composed of Q1 and the brushless DC (BLDC) 
motor. The power supply also provides 28VDC to Q2, which switches the bicolor 


FIGURE 7-7 Schematic of power supply 


Power Fan Red-Green LED 
Supply Switch Switch Oscillator 


FIGURE 7-8 Simplified schematic of the humidifier 
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LED, and to Q3, the ultrasonic oscillator. When the magnetic switch (MS) is 
closed, indicating there is water in the base of the humidifier, the bases of all three 
transistors are biased positively, turning on Q1 and Q3 and switching off Q2. As 
a result, the fan and oscillator becomes active, the green LED is illuminated, and 
the red LED is extinguished. Note that, for clarity, the various bias resistors are not 
included. 

The resonant frequency of the oscillator is established by the series-resonant 
circuit of the 560pF capacitor and the 324 H inductor. We can calculate the 
theoretical resonant frequency of the series LC circuit with the following formula: 


F = 1/(2n (LC)”) 
F = 1/(2n (32 x 10% x 560 x 10-12)) = 1.2MHz 


This is in agreement with the actual operating frequency of the oscillator. 

Let’s look at the ultrasonic oscillator in more detail, using Figure 7-9 as a guide. 
As discussed earlier, Q3, the BU406 transistor, is forward-biased when the magnetic 
switch (MS) is closed. The 5KO potentiometer establishes the amount of forward bias 
and therefore the output of the oscillator. The 100pH choke (L1) decouples the RF 
generated in the oscillator from the 28VDC supply line. At the operating frequency 
of about 1.2MHz, the choke would present the following impedance: 


X, = 2nFL 


X, =6.2 «1.2 10° «100 x 10° = 7450 


Although the BU406 is a robust transistor, it isn’t immune to damage. As noted 
earlier, I measured 120VPP across the transducer, which is fairly close to the 


28V 


FIGURE 7-9 Simplified schematic of ultrasonic 
oscillator 
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transistor's maximum rating of 200V. A diode from the collector-emitter circuit (D1) 
protects the transistor from reverse overvoltage spikes generated by the crystal 
transducer. If the collector becomes more negative than the emitter, the diode 
conducts, shunting the current away from the transistor. The diode has no effect in 
the amplitude or frequency of the oscillator output. 

The role of the 0.304H open-air inductor (L2) may also be associated with 
maintaining the integrity of Q1, including inhibiting parasitic oscillations. I am 
certain it has no bearing on normal operation—the output amplitude and frequency 
were unaffected when I replaced L2 with a short length of wire. 

Now let’s turn our attention to the BLDC motor. As noted earlier, a brushless 
motor is a natural fit for our humidifier because there are no brushes, commutators, 
slip rings, or other electromechanical components to corrode and malfunction in 
a humid environment. In addition, there’s no need for periodic maintenance, and 
brushless motors are quieter than their brush counterparts. If you’re unfamiliar with 
the characteristics of a brush motor, think power drill—loud and electromagnetically 
dirty, but powerful. 

Our motor has stationary coils and an outer, rotating plastic cap with a magnetic 
band glued inside. The motor is fed with 13VDC, with no other electrical input 
or output. So how does the motor turn? Since the polarity and magnitude of the 
magnetic field produced by the permanent magnet in our BLDC motor is fixed, 
the electrical activity necessary for rotation must come from the coils and drive 
circuitry. 

The four-lead controller chip soldered to the BLDC motor circuit board has 
several potential functions. First, it certainly generates and feeds the coils with an 
AC signal of the appropriate frequency and amplitude. Second, it may sense the 
position of the rotating magnet. I couldn't locate the datasheet for the controller 
chip, so I can’t say for certain, but the construction of the motor suggests this may be 
a sensorless motor design. 

The controller chip may detect when magnetic polarity changes as the north- 
south pole passes immediately in front of it. There are several ways to detect this 
change in magnetic polarity. One way is to monitor the back electromotive force 
(EMF) produced by the spinning magnet and stationary coils, just as though the 
motor were a generator. Another popular approach is to use a Hall effect sensor, 
which senses magnetic flux density and polarity. It’s also possible to go sensorless. 

My first impression was that our BLDC motor was sensorless, and that the 
controller chip functioned solely as an AC generator. To determine whether a Hall 
effect sensor was buried in the controller chip, I removed the permanent magnet cap 
and then, with power applied, moved a small magnet across the face of the chip. The 
magnet triggered a series of trapezoidal AC pulses from the chip—exactly what I'd 
expect from a chip with a Hall sensor. 

However, another factor that suggests sensorless operation is the tapering of the 
four ferro cores, shown in Figure 7-6d. One of the challenges of working with a BLDC 
motor in a sensorless configuration is that there is no information on the position 
of the rotor at startup. Without this information, it’s difficult to ensure that the AC 
signal sent to the coils will result in rotation in the proper direction. One solution to 
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this dilemma is to shape the ferro cores so that they bias the system to rotate in one 
direction over another. My conclusion is that the BLDC motor uses a combination of 
a Hall sensor and shaped ferro cores—probably in a redundant configuration, so that 
one system can take over if the other fails. 


Mods 


This humidifier is a great source for components that can be repurposed for other 
projects. I can think of numerous applications for the intact ultrasound module, 
repackaged so that the transducer is mounted in a probe or in a small container. 
You could create an ultrasonic cleaner, a mixer for small quantities of fluid, and 
maybe even a meat tenderizer. Just remember to keep your fingers away from the 
transducer and don’t allow the module to overheat. 

Because of safety issues, there isn’t much in the way of mods if you plan to 
use this humidifier unattended in your home on a constant basis. However, this 
humidifier is a perfect experimental platform for working with closed-system 
concepts for a science fair project or simply to get a better understanding of the 
practical application of feedback and control theory. 


Closed Loop System 


Like most inexpensive humidifiers, our humidifier is an open loop system. You 
set the rate of vapor production and periodically monitor the status LED for an 
indication of when it’s time to refill the unit. If you happen to forget to fill the 
reservoir, the unit will shut off automatically. The limitation of this open loop 
design is that the humidifier output doesn’t reflect environmental conditions. 
Ideally, it would produce more water vapor in dry weather and less in damp, humid 
weather. 

You could form a human-in-the-loop closed loop system by sitting next to the 
humidifier with a hygrometer in one hand and the humidifier output control in the 
other. When the humidity drops below your established optimum value, you crank 
up the output. Conversely, when the humidity exceeds your preset value, you turn 
down the output. You could automate this closed loop control process by using a 
humidity sensor, a means of setting the desired humidity, and a difference detector 
that’s linked to the output controller, as shown in Figure 7-10. Keep this in mind 
when you read the next chapter teardown of a hygro thermometer. 

Once you've established a means of detecting when the relative humidity is 
above or below your set point, you can use a microprocessor to control a relay in 
series with the magnetic reed switch to activate and deactivate the humidifier at the 
set points. You'll find that if the high and low humidity control points are too close 
together, the humidifier will constantly cycle on and off because of the tolerance of 
the sensor and other components. 
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FIGURE 7-10 Closed loop system diagram 


The closed loop system would also be affected by temperature and the size and 
nature of the room. For example, if you put the humidifier in a closet, the humidity 
will tend to overshoot the set point. If you put the humidifier in a large room, it may 
take hours for the humidity to change significantly. Open the windows or turn on 
an air conditioner, and the humidifier may never cycle off or on, depending on set 
points. 

The programming challenge is to control the closed loop so that the unit 
isn't switching on and off five times a second in response to small deviations in 
the difference detector, or so that it isn't cycling every 15 minutes, well after the 
humidity has swung significantly greater or less than the set point. As you might 
expect, developing a computer algorithm that can maintain an exact relative 
humidity is more difficult than it sounds. 

If you're interested in tackling this challenge, you can find a body of literature 
and code samples that address closed loop control, including the popular PID 
(Proportional-Integrative-Derivative) model. The robotics community has also 
developed practical hardware and software solutions to closed loop control systems 
that are worth investigating. 


This page intentionally left blank 


Chapter 3 


Digital Hygro Thermometer 


f you read the preceding chapter describing the teardown of an ultrasonic 

humidifier, you know the advantage of having a digital instrument that 
accurately measures the relative humidity as part of a closed loop control system. 
Add to this capability a digital thermometer and the instrument becomes an 
indispensable comfort gauge. 

I own several inexpensive digital hygro thermometers and find them 
indispensable. There's one in my guitar room to help me ensure that my wooden 
instruments don't turn to splinters or develop mildew, one in the bedroom to 
monitor the creature comfort levels, and a USB hygro thermometer in a server 
closet to ensure the environment is suitable for the computers, hard drive arrays, 
and communications devices. The USB unit is wired to my workstation so that I can 
monitor the environment remotely. 

In this chapter, I’ll tear down an Extech Hygro-Thermometer, shown in 
Figure 8-1. This digital meter is sold under a variety of brands for about $40. I’ll 
discuss some ideas for repurposing the components and a mod at the end of the 
chapter. 


Highlights 
The most obvious component of our digital hygro thermometer is the large LCD 
display. The actual measurement and display hardware, tucked away on a circuit 
board in the lower fifth of the unit, includes a microcontroller, a crystal oscillator, 
an analog humidity sensor, and an analog temperature sensor. Unfortunately, the 
mystery microcontroller is mounted directly on the circuit board and buried under 
a glob of black epoxy. 

During the teardown, note the following: 


e The use of SMT components 
e The ribbon cable connecting the LCD to the circuit board 
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FIGURE 8-1 Digital hygro thermometer 


e The crystal oscillator 
e The analog temperature and humidity sensors 


Specifications 


Following are the key specifications of the instrument: 


e 4x4x3/4 inches (HWD) 

e Digital display of temperature in degrees Fahrenheit or centigrade (°F or °C) and 
relative humidity 

e Memory function to store and display minimum and maximum temperature and 
humidity values 

e Temperature accuracy is +1.8°F from 14°F to 122°F (41°C from -10°C to 50°C) 

e Relative humidity accuracy is +5 percent RH from 25 percent RH to 85 percent 
RH within the temperature range of 32°F to 122°F (0-50*C). 

e Powered by a single 1.5V AAA cell with a six-month life expectancy 


These accuracy figures are typical for low-cost digital hygro thermometers. 
Meteorological digital and analog hygro thermometers capable of measuring 
relative humidity within +2 percent of the actual value are available starting at 
about $200. Of course, laboratory grade instruments with greater accuracy are 
available. 
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Operation 


Only two buttons and a switch are required to operate this otherwise hands-off 
meter. A F°/C* switch on the back of the meter determines whether temperature 
is displayed in Fahrenheit or centigrade, respectively. In the lower-right corner of 
the front of the meter are the Max/Min and Reset buttons. The Max/Min button 
recalls the maximum and minimum temperature and relative humidity values 
since the Reset was pressed. The Reset button erases temperature and humidity 
values stored in memory. 


Teardown 


You should be able to complete the basic teardown, illustrated in Figure 8-2, in 
about 3 minutes. Add another few minutes if you unsolder the sensors. 


Tools and Instruments 


You'll need a small Phillips-head screwdriver to crack the case and a soldering iron 
if you want to remove and experiment with the sensors. This is a nice meter for a 
desk or wall, and you needn't destroy it during the teardown. 


Step by Step 
Although it’s not strictly necessary, you can verify that the AAA cell holder is 


empty before you begin. You can easily replace the battery once the circuit board 
is exposed. 


FIGURE 8-2 Teardown sequence 
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Step 1 

Disengage the back. With the meter face down, lift up the plastic easel stand to 
expose the two Phillips-head screws, as shown in Figure 8-2a. Remove the screws. 
With your fingernails or a coin, push in the four tabs around the edge of the 
meter—two on top and two on either side. Gently open the back to reveal the LCD 
and circuit board, shown in Figure 8-2b. Avoid tugging on the wires connecting the 
circuit board to the AAA cell holder or the F*/C” switch on the back. 


Step 2 

Release the circuit board. With a miniature Phillips screwdriver, remove the two 
retaining screws from either end of the circuit board. Carefully flip the board and 
LCD to view the front, component side of the board and LCD. 


Layout 


As shown in Figure 8-2b, the back of the circuit board is sparsely populated. Other 
than the connections to the F*/C* switch and the AAA cell, the only significant 
component on the board is the white, rectangular humidity sensor. 

The front of the board, shown in Figure 8-3, holds an epoxy dipped thermistor, 
a cylindrical crystal oscillator, a few SMT resistors and capacitors, and the two 
momentary contact switches for max/min and reset functions. The microcontroller, 
hidden under the black epoxy blob, and the adhesive ribbon cable taped to the LCD 
are also on the front of the circuit board. 


a 
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FIGURE 8-3 Front circuit board layout 


is required. Figure 11.44 shows the portion of 


the half-wave rectifier circuit that forms a 
voltage divider using R 1, and the parallel 
combination of RL and C2. This voltage 


divider reduces the AC ripple and the DC 
voltage level. 
Figure 11.44 


Choose a value for C 2 that causes the 
capacitor's reactance (X C2 ) to be equal to 
or less than one-tenth of the resistance of 
the load resistor. C2, R1, and R 2 form an 
AC voltage divider. As discussed in problem 


26 of Chapter 6, “Filters,” choosing such a 
value for C 2 simplifies the calculations for an 
AC voltage divider circuit containing a parallel 
resistor and capacitor. 

Questions 

A. What should the value of X C2 be? ___ 
B. What is the formula for the reactance of a 
Capacitor? =| 

C. What is the frequency of the AC ripple? 


D. Calculate the value of the capacitor C 2 


Answers 
A. X C2 = RL/10 = 100/10 = 10 Q or less 
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Components 


The microcontroller may be the most advanced component on the circuit board, 
but the most relevant for this teardown are the temperature and humidity 
sensors. 


Thermistor 


The epoxy-dipped thermistor, or temperature-dependent resistor, shown in 
Figure 8-4, is mounted so that its body is suspended near the air ducts on the 
plastic case and away from the heat-producing components on the circuit 

board. This is a negative temperature coefficient (NTC) thermistor, meaning 

that as temperature increases, the resistance decreases. For example, I 

measured the resistance of the thermistor in my meter as 8.6KQ at 80°F and 10KO 
at 60°F. 

The ideal thermistor has constant relative changes in resistance for given 
changes in temperature, regardless of the absolute temperature. In other words, if 
you plot temperature versus resistance, the relationship is a straight line. In practice, 
inexpensive thermistors exhibit a nonlinear relationship between temperature 
and resistance. This nonlinearity can be corrected by placing a resistor with a 
complementary temperature coefficient in parallel with the thermistor. A second 
approach is to program a microcontroller either to use a lookup table or execute a 
corrective formula to linearize the response. 


H13-3303083- “2FR4 - 


FIGURE 8-4 Thermistor (T) and crystal oscillator (XT) 
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Humidity Sensor 


The relative humidity (RH) sensor used in this meter is a resistive sensor, shown 
in Figure 8-5, which consists of a moisture-absorbing substrate and conductive 
traces. With increased moisture in the air, more moisture enters the substrate 
and the resistance drops. In addition, the moisture in the substrate alters the 
capacitance between the conductive traces. 

The sensor's impedance—resistance of the substrate and capacitive reactance of 
the sensor—is inversely proportional to relative humidity. Because the relationship 
between impedance and relative humidity is roughly exponential, the raw reading 
from the sensor must be linearized with a lookup table or formula. The impedance 
of the RH sensor in my meter measured 400K0 at 36 percent RH and 40KO0 at 98 
percent RH. 

The more expensive and more accurate digital hygrometers use capacitive 
relative humidity sensors that consist of an exposed dielectric (insulating material) 
between two conductors. Increases in relative humidity increase the dielectric 
constant of the insulator. Unlike resistive sensors, this response is linear over a wide 
range of temperatures and relative humidity conditions. 

A third type of relative humidity sensor used with digital hygrometers measures 
the thermal conductivity of the air relative to a sample of dry air. In general, thermal 
conductivity sensors are used in high-temperature applications where capacitive and 
resistive sensors would not survive. 

A fourth type of relative humidity sensor consists of a quartz crystal with a 
hygroscopic coating. An increase in relative humidity increases the dimensions of 
the quartz crystal and causes a downward shift in the resonant frequency. Definitely 
overkill for a home comfort gauge. 


FIGURE 8-5 Humidity sensor 
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Microcontroller 


The microcontroller hidden under the glob of black epoxy handles the LCD 
display and the momentary switches, and reads signals from the sensors. (See the 
discussion of how to handle these epoxy blobs in Chapter 3.) For our purposes, 
what’s important is that the microcontroller reads the two sensors, processes the 
data, and displays the results. 


Crystal Oscillator 


The cylindrical tuning fork crystal oscillator, which operates at 32.768kHz, can be 
seen on the circuit board next to the thermistor in Figure 8-4. This is a popular, 
inexpensive, low-power clock source for microcontrollers and microprocessors, in 
part because the operating frequency is stable over a relatively wide temperature 
range. 

Many microcontrollers use an onboard crystal oscillator or an external 
resistance-capacitance (RC) controlled oscillator. However, in applications for which 
timing is critical, an external, high-accuracy crystal oscillator is often best. As you'll 
soon see, this is one of those applications. 


LCD Panel 


The LCD panel, the largest component in this meter, is notable in the edge 
connector used to mate it with the microcontroller and circuit board. As shown in 
Figure 8-3, the transparent ribbon cable connects pads on the circuit board to those 
on the edge of the LCD. The pressure connection is secured by a piece of clear tape 
over each end of the cable. 


One of the limitations of LCD displays over competing display technologies, such 
as LED displays, is operating temperature range. For example, I run with an LCD 
watch. When the ambient temperature dips below freezing, the digits on the 
LCD fade to gray. I haven't verified it, but I assume that given the manufacturer 
lists the accuracy down to 14°F (-10°C), the LCD is capable of operating at that 
temperature. 


Some manufacturers avoid the limitations imposed by the LCD operating 
environment by adding remote sensing capabilities to their hygro thermometers. 
This is frequently the design of weather monitors in which the display is kept in a 
warm room and the sensor is placed outside. 


How It Works 


The mechanical, analog technologies for measuring temperature and relative 
humidity—from bimetallic and mercury thermometers, to hygrometers made from 
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strands of horse hair or a sheet of animal intestine—have stiff competition from 
electronic meters. While mercury thermometers are typically more accurate than 
similarly priced digital thermometers, there is the issue of environmental toxicity 
from the mercury. Instruments that rely on the elongation and shortening of 
horse hair or the tension on a piece of animal intestine stretched over a frame asa 
function of relative humidity require periodic calibration. 

Digital thermometers with resistive sensors rely on the fundamental physical 
property that the electrical resistance of a conductor varies with temperature. An 
ordinary metal film resistor, such as a length of copper wire, displays changes in 
resistance as a function of temperature. A thermistor simply displays this property 
with a relatively small change in temperature. As noted earlier, the thermistor in 
this meter is designed to offer decreased resistance as the temperature increases. 

You can use several methods to determine the resistance of a thermistor in a 
digital thermometer. One method is to apply a fixed voltage across the thermistor 
and measure the current. Another less hardware-intensive approach is to use the 
thermistor as the resistance component of an RC (resistor-capacitor) circuit and to 
measure the time required for an applied voltage to drop to a specific value. Recall 
that the time constant of an RC circuit is the time required for the voltage to drop to 
37 percent of its initial value. Mathematically, this is expressed as follows: 


T=RC 


where T = time in seconds, R = resistance in ohms, and C = capacitance in farads. 

Based on my measurements and assessment of the circuit, our digital 
thermometer uses the later approach. Every 5 seconds, a series of a dozen pulses, 4V 
peak-to-peak at 12.5kHz, is applied to the thermistor in series with SMT capacitor 
C1. The greater the temperature, the lower the resistance of the thermistor and the 
shorter the time constant. In other words, the greater the temperature, the faster the 
decay in voltage across Cl. 

Note the three I/O leads from the microcontroller that interface with the 
thermistor: R1, R2, and C3 in Figure 8-3. This is reflected in the simplified 
schematic, shown in Figure 8-6. 

For simplicity, assume that the microcontroller reads an input pin as high if the 
voltage is at or above 0.63V and low for anything below 0.63V. With an accurate clock 
on board, the microprocessor times how long it takes for the voltage to drop so that 
the input pin transitions from high to low. This is repeated for each of the pulses, 
and the average value is used to determine the resistance of the thermistor. Given 
the resistance, the microcontroller uses a lookup table or a mathematical calculation 
to convert the thermistor resistance to a temperature value that is then displayed on 
the LCD, 

Note that there are two connections to the C3-thermistor junction. Given that 
only one connection is required to monitor the voltage across C3, the second lead is 
probably for auto-calibration or a self-test. 

Now let’s focus on the hygrometer. You may have noticed that it’s difficult to find 
a digital hygrometer without a thermometer. This is because an accurate calculation 
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FIGURE 8-6 Simplified schematic 


of relative humidity requires a value for the ambient temperature. Because the 
ambient temperature is used to compute relative humidity and the display circuitry 
is already in place, it makes sense to add value to the meter by displaying the 
temperature: 

The hygrometer sensor wiring to the microcontroller is similar to that used 
for the thermistor, as shown in Figure 8-6. One terminal of the humidity sensor 
is connected directly to an I/O pin of the microcontroller. The other terminal is 
connected in series with two resistors, R5 and R6, and then to three I/O pins via 
C6, R7, and a direct connection to the microcontroller. As with the thermistor, 
every 5 seconds, a series of square waves, in this case about 3VPP (peak-to-peak) 
at 12.5kHz, is applied to the humidity sensor. The time constant is read by the 
microcontroller and, along with ambient temperature, is used to calculate and 
display relative humidity. 


Mods 


As discussed in Chapter 7, you know that one use for a digital hygro thermometer 
is to function as part of a closed loop system that controls a heating, cooling, and-or 
humidification system. The challenge is getting at and interpreting the output of 
the microcontroller. 


Adding Calibration Capabilities 


One of the limitations of this meter is that it offers no way of easily calibrating the 
temperature or relative humidity. You're either stuck with whatever is displayed on 
the LCD or you can apply correction factors to the values on the display. You can 
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add some adjustability by inserting a subminiature potentiometer in series with 
the thermistor. If you need to lower the resistance presented by the thermistor, try 
the potentiometer in parallel with the thermistor. In either case, make certain you 
use a potentiometer with a low temperature coefficient. 

You can try the same approach for the relative humidity sensor. Do your best to 
avoid handling the sensor, because oils from your fingers can permanently alter the 
resistance of the sensor. 

An obvious issue in calibrating your meter is that you need a standard. 
Temperature is usually less of a challenge, because accurate analog thermometers 
are so readily available. Relative humidity is another issue. If you can, borrow a 
2 percent hygrometer designed for meteorology to use as a standard. Another option 
is to bring your meter to a store with high-end hygrometers on display and compare 
settings after you've given your meter time to stabilize. 


Chapter 9 


Stereo Power Amplifier 


Wins your passion is 7.1 channel surround sound for video games and 
home theatre or playing vinyl records in stereo, abundant, clean, affordable 
audio power is a must. And, thanks to specialized, high-performance audio 
amplifier ICs, audiophile-quality amplifiers are commodity items. All you need to 
build a state-ofthe-art amplifier are a pair of amplifier ICs, a handful of discrete 
components, a robust DC power supply, and a heat sink large enough to keep the 
ICs from going into thermal shutdown. The usual amplifier design headaches, 
from impedance matching and short protection, to providing a standby mode, 
are handled by the ICs. 

In this chapter, I’ll tear down the AudioSource AMP 100, shown with its 
cover removed in Figure 9-1. This Chinese-manufactured stereo amplifier, which 
retails for about $140, is popular in the audio community because of its simplicity, 
specifications, and affordability. As a teardown, it’s a great introduction to integrated 
amplifier chips, operational amplifiers, amplifier specifications, and concepts 
such as bridging. At the end of the chapter, I’ll offer a mod that addresses a minor 
complaint that some have with the amplifier. 


Highlights 
At first, you might find it intimidating to tear down something as seemingly 
complex as a stereo amplifier. However, thanks to the simplicity afforded by 
the power amplifier ICs in the AMP 100, you won't be dealing with dozens of 
transistors and hundreds of support components. If you can handle a screwdriver, 
you can handle this teardown. As you'll see, most of the circuit analysis revolves 
around two circuit boards: the power board containing the power supply and 
power amplifier ICs and the smaller but more complex logic board. 

During the teardown, note the following: 


e The simplicity of the power board 
e The size, mass, and orientation of the heat sink 
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FIGURE 9-1 AudioSource AMP 100 stereo amplifier 


e The mass of the toroidal power transformer 
e The pair of zener diode voltage regulators 


Specifications 


The specifications of the AMP 100 reflect those of the two integrated amplifier ICs. 
Highlights of the specifications, extracted from the user manual and AudioSource 
web site (www.rodinaudio.com), include the following: 


e Frequency response: 20Hz to 20kHz + 1dB; 5Hz to 65kHz + 3dB 
e Signal-to-noise ratio (SNR): 101dB 

Maximum stereo power output: 60W at 80, 1 percent total harmonic distortion 
plus noise (THD+N) 

Maximum bridged-mono output: 160W at 80, 1 percent THD+N 
Power consumption: 500W 

A, B, A+B speaker selector switches 

Auto-on (signal sensing) 

Auto input switching 

Front panel controls: power, speakers, volume, and balance 

3 x 16 1/2 x 9 1/4 inches (HWD) 

9.6 pounds 


Additional specifications, based on the datasheet for the power amplifier chips, 
include Class AB operation, auto-thermal shutdown, and short-circuit protection. 
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Together, the specifications detail a tough, compact amplifier. But what do the 
individual specifications mean? I'll consider the more significant specifications one 
at a time. 


Frequency Response 


An often-touted audio amplifier specification is the frequency response or 
bandwidth, typically at the 3 and 1dB points. The ideal frequency response for 

a home entertainment amplifier is flat—that is, +0dB through audible audio 
spectrum. In the context of amplifier bandwidth, a dB, or decibel, is a logarithmic 
relationship between the power output measured at two frequencies within the 
bandwidth, defined by this equation: 


dB = 10 log,, (P1/P2) 


where P1 and P2 are power measures taken within the specified bandwidth. For 
example, let’s say a 4kHz tone is fed to the amplifier input and the output power is 
measured as 50W. A tone of the same amplitude but frequency of 20Hz is fed to the 
amplifier input and the output is measured as 45W. Is the amplifier working within 
spec? Let’s apply the formula: 


dB = 10 log,, (45/50) 
dB = -0.45 


The output is within the +1dB limit, and therefore in spec. In other words, 
according to the manufacturer, the power output doesn’t fluctuate more than 1dB 
above or below the nominal power output over the frequency range of 20Hz to 
20kHz. 

The 1dB point is relevant because it’s roughly equal to the just noticeable 
difference. That is, while most people can't distinguish between 45 and 50W (0.45dB), 
most can differentiate between 40 and 50W (1dB) and certainly between 50 and 
25W (3dB). 

The 3dB point is relevant because it represents the half-power point, or where 
the amplifier output drops to half of the nominal output. In the case of the AMP 100, 
power drops to half at 5 and 65Hz. For the price of this amplifier, both the 1 and 3dB 
bandwidth figures are excellent. 


SNR 


The signal-to-noise ratio is a measure of the amplitude of the music or other 
desired signal to the amplitude of the background noise. SNR is also measured 
in dB: 


SNR (dB) = 10 log, (PSignal/PNoise) 
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where PSignal is the power of the desired signal and PNoise is the amplitude of 
the noise. From a practical perspective, noise is what you hear when the volume 
is turned up but no external signal is applied to the amplifier, or when there's a 
pause between songs. Ideally, SNR is infinite. However, noise is inescapable above 
absolute zero. For this reason, passing a signal through a resistor introduces noise 
into the signal and diminishes the SNR. 

Considering the price of the AMP 100, an SNR of 101dB is good, if you make 
a number of assumptions. For example, I picked up an old Marantz integrated 
amplifier on eBay that was originally an order of magnitude more expensive than 
the AMP 100. It has an SNR of 90dB, and I’m certain it outperforms the AMP 100. 
As with power, you can’t simply compare two SNR figures without specifying the 
bandwidth and frequencies at which the signal and noise are measured. 

According to the AudioSource web site, the SNR of the AMP 100 is 101dBA, 
referred to 50W, at 80. The dBA or A-weighted dB is commonly used in measuring 
the noise of audio equipment, but the reference to 50W at 80 is incomplete. A more 
informative description would include assurance of CEA-490-A R-2008 compliance. 
This standard of the Consumer Electronics Association (www.ce.org), which 
defines test conditions and test measurement procedures for determining various 
performance characteristics of home audio equipment, enables consumers to compare 
audio amplifiers on an equal basis. A standards organization sometimes cited by 
manufacturers as a reference for SNR is the Institute of High Fidelity (IHF), now 
part of the Electronic Industries Alliance (www.eia.org). Unfortunately, most audio 
amplifier manufacturers simply offer an SNR in dB, with no further elaboration. 


THD+N 


Total harmonic distortion plus noise is a way of quantifying audio “crud.” As you 
crank up the volume of this or any other home entertainment audio amp, the 
sound becomes increasingly distorted, noisy, and rich in harmonics. In the context 
of the AMP 100, harmonics are undesirable. However, this doesn’t hold for special- 
purpose amps, such as guitar amps, which are designed to distort sounds. (See 
Chapter 14 for more details.) 

You can probably get an intuitive handle on THD+N by studying the following 
formula: 


THD + N(bw) = (sum of harmonic powers + noise power)/output power 


The first thing to note is that THD+N makes sense only when bandwidth (bw) 
is specified, typically the 1 and 3dB bandwidths. The sum of harmonic powers 
is the sum of the powers of the harmonics: for example, the power of the second 
harmonic plus the power of the third harmonic, and so on. Noise power is the 
power of crud produced by the audio system without an input signal, due to, for 
example, random movement of electrons within conductors, interference from 
other devices, and component imperfections. Output power is the power output 
of the fundamental frequency when the THD measurement is taken. 
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the sine wave output from the  transformer's 
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Common fundamental frequencies for evaluating THD+N are 1 and 4kHz. 
Increasing the output power typically increases the sum of harmonic powers. For 
example, if the power is increased at 4k Hz, you'd expect the powers at 8, 12, 16, 
20kHz, and so on, to increase as well. 

THD+N is a ratio measurement expressed as a percentage. Ideally, THD+N is 
somewhere near 0 percent, but 1 percent with the volume cranked up isn't terrible. 
One way to reduce THD+N is to reduce output power to well below maximum 
output power. If a 100W amplifier is loafing along at, say, 50W, then the harmonic 
power will be down because of the increased dynamic range or headroom available. 
Background noise isn’t as responsive to decreased output power as THD. 


Power Output 


As the specifications suggest, simply stating that an amplifier has 100W output is 
incomplete and misleading. The best way to interpret the power output rating of 
the AMP 100 is that, given an 80 load per channel and the limitation of 1 percent 
THD+N, it will deliver up to 60W per channel, or 120W total. The specification 
doesn't say 60W is the maximum output power—you may be able to get 75W 

from the unit, but under different assumptions. For example, if you assume 40 
speakers and a limitation of 1 percent THD+N, the maximum output power is 75W. 
Similarly, if you assume 80 speakers and up to 10 percent THD+N, you might be 
able to extract up to 80W from the amplifier. The point is, when you are evaluating 
amplifier output power and other specifications, make certain you understand the 
operating assumptions. 

A feature of this amplifier that makes it appealing to home theater enthusiasts 
is that the output is bridgeable, meaning both channels of the amplifier can be used 
to drive a single speaker. Let's say you want to use the AMP 100 as the center (mono) 
channel of your home theater setup. As with any other stereo amplifier, you could 
feed the same signal to both left and right input channels of the amplifier, and the 
left and right speakers would reproduce the same in-phase output. 

However, because this is a bridgeable amplifier, you have the option of 
connecting a single speaker between the left and right output terminals. In the 
bridge mode, the AMP 100 is configured so that the left and right channels are 180 
degrees out of phase. As a result, if each channel swings from 0 to 20V relative to 
ground, the bridged output will swing 0 to 40V relative to each output terminal. For 
example, at the instant when the right channel terminal is +20V relative to ground, 
the left channel terminal is -20V relative to ground, a 40V differential. Otherwise, 
if the output signals were in phase, which is the case in a regular stereo setup, there 
would be no voltage difference between the output terminals. 

Bridging provides greater output power than simply sending the same signal to 
each channel of a stereo amplifier. For example, the AMP 100 produces an additional 
40W as a bridged-mono output amplifier compared with the stereo out, assuming the 
same speaker impedance and THD+N. To understand how this is possible, recall the 
power equation 


P= Vik 
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where P is power in watts, V is the voltage in volts, and R is the resistance in ohms. 
Let's assume that each channel of a stereo amplifier produces a maximum of 20V 
across an 80 speaker. That's 207/8, or 50W, per channel for a total of 100W. Now 
consider the bridged output with the same output and speaker impedance. The 
voltage maximum is now 40V, producing 40*/8, or 200W. Although the AMP 100 
doesn’t provide the theoretical 100W of additional power in bridge configuration, 
the additional 40W is an increase of just more than 1dB, a noticeable increase 

in output. 


Power Consumption 


The AMP 100 is rated at 500W power consumption, and much of this power is 
destined for the heat sink, as opposed to the speakers. The power consumption, 
which reflects the efficiency of the amplifier, is largely due to the power 
requirements of the power ICs, which operate as Class AB amplifiers. Recall that an 
amplifier configured for Class A operation conducts through the entire input cycle. 
Using an oscilloscope, you'd see sine wave input and sine wave output. A transistor, 
IC, or tube amplifier configured for Class B operation, in contrast, conducts for 
half of the input cycle. On your scope, you'd see sine wave in either the positive or 
negative half of the sine wave out, but not both. 

A pair of Class B amplifiers, configured in a push-pull arrangement, with one 
assigned to the positive and one to the negative component of the input signal, can 
faithfully amplify the full sine wave. The advantage of Class B over Class A operation 
is increased efficiency. The price is increased THD, component count, and, in 
general, complexity. 

Class AB operation is akin to Class B operation with a little Class A operation 
thrown in to decrease the THD. The Class AB amplifier ICs conduct for a little more 
than half of each input cycle. The result is significantly improved linearity and 
reduced THD compared with a Class B configuration, because the crossover from 
one amplifier to the other is smoother. The price for reduced THD is decreased 
etticieney. 


Auto-On 


A feature of this amplifier that you'll either love or hate is the auto-on feature, 
which is essentially active standby. With the power button depressed, the amplifier 
is on standby until it detects an audio signal on one of its input connectors. 
Auto-on is trivial to implement because of a pin dedicated to this function on each 
power IC. 

The advantage of auto-on is that it’s one less button to press if you're booting up 
your home entertainment system, assuming you don't have a power strip with an 
on-off switch. One disadvantage, in this era of carbon credits and green thinking, is 
that this is just one more device to add to the dozens of devices consuming energy in 
your home. Another disadvantage is that you're forced to use this feature. 
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Ifthe AMP 100 is on and there's a long pause in a music passage, the unit 
responds by shutting down until triggered by another signal. In this condition, you'll 
hear the relay click open and closed and the audio will stutter. I haven’t experienced 
this problem, perhaps because I don’t watch movies with lots of silence in the 
soundtracks, but it’s a hot topic on the forums. 


Auto-Input 


Auto-input is like auto-on, in that the AMP 100 automatically senses an audio 
input signal and then configures itself accordingly. In this case, however, the 
configuration has to do with selecting the signal source. The front panel is void 
of a source selector switch. As a result, you have plug in the output cables from 
two audio devices when you initially configure the system. The amplifier will 
automatically switch to the active input, line 1 or line 2, when there is signal 
present. If a signal is present on both input channels, line 1 takes priority. 


Form Factor 


The specifications relating to physical size and mass are straightforward. Of note is 
that much of the bulk and mass of the AMP 100 are due to the power transformer 
and heat sink. 


Operation 


This amp is plug-and-play. The only significant operating decisions are at setup, 
when you use the two slider switches in the rear of the unit to select between 
either standard stereo output or bridged mono output and between normal on-off 
and auto-detect. The balance and volume controls function as you'd expect. 


Teardown 


You should be able to complete the teardown, illustrated in Figure 9-2, in about an 
hour. 


Tools and Instruments 


You'll need a few Phillips-head screwdrivers to disassemble the housing and extract 
the circuit boards, and a 10mm nut driver to remove the two potentiometers from 
the front panel. A multimeter will be useful for tracing the circuits. If you want 

to trace signals through the circuit boards, a dual-trace oscilloscope is a real 
time-saver. You might also find a muffin tin useful to store and sort the various 
screws produced by the teardown. 
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me. 
i 
FIGURE 9-2 (continued) Teardown sequence 


Step by Step 

I found it easier to examine the live circuitry by extracting the transformer from 
the chassis, which involves unsoldering the leads to the fuse and power cord. You'll 
have to connect another power cord to the transformer, preferably through a Variac 
or other fused source, to work with the two circuit boards. If you decide to extract 
the transformer, you'll need a soldering iron, a crescent wrench to remove the 
toroidal transformer, and another ten minutes for the teardown. 


Step 1 

Remove the top cover. Remove the machine screws that secure the top cover. You'll 
find two on the top, near the faceplate; two screws on either side of the unit; and 
three in the back. Lift the cover up and back and set it aside. Figure 9-2a shows the 
view from the rear of the unit. Note the relative positions of the input and output 
jacks and the mode switches on the rear panel, the large heat sink on the left, and 
the massive toroidal transformer on the right. 


152 


Part I Around the Home 


Step 2 

Remove the faceplate. The AMP 100 has a cosmetic faceplate attached to the 
chassis. Figure 9-2b shows the faceplate and chassis adjacent to the power board. 
Note the potentiometer shafts running through the chassis at the upper-left of the 
figure. 

To remove the faceplate, first pull off the volume and balance knobs from the 
potentiometer shafts using your hands. You shouldn't require tools, but if you do, 
protect the faceplate from nicks and scratches with a cloth or thin piece of plastic or 
wood. Next, remove the screw on top and two screws on the bottom of the faceplate. 
Set the faceplate aside with the cover. 


Step 3 
Release the front panel components. Remove the 10mm nuts from the shafts of 
the volume and balance potentiometers. Because the front of the chassis is hidden 
by the faceplate, you can use a crescent wrench or other means to remove the 
10mm nuts, even if you scratch the chassis. However, if you have a hollow shaft nut 
driver, you should be able to remove the nuts without leaving a mark. 

Remove the four screws securing the power and speaker select push buttons 
to the front of the chassis, as shown in Figure 9-2c. The speaker select push button 
assembly is shown in Figure 9-2d. The larger wires carry the audio output while the 
two pairs of smaller wires supply the LEDs. 


Step 4 

Release the rear panel components. Rotate the unit so that you're facing the rear of 
the chassis, and remove the screws securing the speaker output lugs on the left. As 
shown in Figure 9-2e, the left and right channel connections on the speaker output 
board are electrically isolated from each other. Remove the five machine screws 
securing the logic board to the right rear of the chassis. This board contains the 
RCA connectors. 


Step 5 

Extract the large circuit board and heat sink. Next, remove the screw securing 

the large power board to the chassis. Note that the heat sink is attached to power 
amplifier ICs on the power board, as shown in Figure 9-2f. Now, from the bottom 
of the amplifier, remove the three screws securing the heat sink. Figure 9-28 shows 
the extracted power board and heat sink assembly from the perspective of the 
circuit board bottom. The shafts of the volume and balance potentiometers are at 
the upper-right of the figure. 


Step 6 
Release the power cables. Disconnect the three-wire transformer secondary cable 


connector and the two-wire power cable connectors leading to the power board. 
Figure 9-2h shows the cable connectors on the power board. The two-wire 
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connectors at the bottom of the figure feed the LEDs within the power and 
speaker selection push buttons. Set aside the main chassis with the toroidal power 
transformer, power cord, and fuse holder. 


Step 7 

Release the power ICs from the heat sink. This will allow you to get a good look at 
the ICs. If you're following along with your amplifier at home, note that the ICs are 
electrically insulated from the heat sink. If you reassemble the amplifier without 
ensuring that the insulation is intact, you'll fry the ICs and likely damage the 
power supply. 

Remove the four machine screws securing the two power ICs to the heat sink. 
The screws run from the heat sink to an aluminum bar that secures the two power 
ICs to the heat sink. Remove a fifth screw that secures the power board to the heat 
sink. Note the mica insulators and conductive grease between the heat sink and the 
metal tabs on the power ICs. Keep the two mica insulators and conductive grease 
with the heat sink and move the heat sink to a safe place where the mica won't be 
disturbed. Figure 9-21 shows one of the power ICs unattached to the heat sink. 


Step 8 

Extract the toroidal transformer. If you want to test the live circuit, you should 
extract the toroidal transformer from the chassis and supply the primary with 
120VAC. Otherwise, you'll be constrained by the bulk of the chassis. First, unsolder 
the primary winding connections to the line cord and fuse. Next, remove the bolt 
running through the center of the toroidal transformer, shown in Figure 9-2j, and 
through the chassis bottom. Remove the transformer and move the chassis to the 
side. Solder a new power cord to the transformer primary, using electrical tape or 
shrink-wrap tubing to insulate the solder connections. Don’t forget to use a fused 
source when you plug in the cord. 


Layout 


The internal layout of the AMP 100 is worth studying. There’s no wasted space, and 
yet the airflow through the heat sink isn’t compromised. During the teardown, we 
encountered seven subcomponents: 


e Toroidal transformer, mounted directly to the chassis. The primary is soldered 
to the fuse and power cord, while the secondary terminates in a three-conductor 
connector that mates with the power board near the four silicon rectifiers, as 
shown in Figure 9-2h. 

e Power board that contains the power supply, power amplifier ICs, an operational 
amplifier, and the volume and balance potentiometers. The board is secured by 
the potentiometer shafts to the front of the chassis, by the aluminum heat sink, 
and by a metal standoff connected to the chassis bottom. 
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e Large anodized aluminum heat sink connected to the two power ICs. The 
heat sink is positioned near the center of the chassis, immediately above the 
ventilation slots in the base of the chassis and below the ventilation slots in the 
cover. See Figure 9-2f. 

e Logic board with two pairs of RCA audio input jacks for Line 1 and Line 2, one 
pair of output jacks, mono/stereo and normal/sensing switches, four operational 
amplifiers, a transistor, and a relay. 

e AC power front panel switch assembly. Embedded within each switch is an LED 
that indicates a depressed condition. The power board supplies power for the 
LEDs. 

e A/B signal selection front panel switch assembly. This switch assembly accepts 
the right and left channel outputs from the power board and distributes the 
output to the appropriate terminals on the audio output connector assembly. 

As with the power button, an LED within each button receives power from the 
power board. See Figure 9-2d. 

e Audio output connector assembly. The output connector, which accepts banana 
jacks as well as tinned wire, is a little too cramped for my tastes. Fortunately, 
connecting speakers to the amplifier is usually a one-time affair. 


To get the most out of this exercise, disconnect the push button and audio output 
assemblies from the two circuit boards, as shown in Figure 9-3. This will enable you 
to examine the layout of the two boards in more detail, with unrestricted access to 
components while probing for signals. 

You can avoid the hassle of connecting the output to speakers by terminating 
the left and right audio circuits with 80 power resistors. If you keep the volume 


FIGURE 9-3 Circuit analysis setup 
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potentiometer turned down, you can get away with a 10W resistor on each channel. 
In addition, because the ICs aren’t connected to a heat sink, limit power-on times to a 
few seconds. Otherwise, there’s a risk of thermal shutdown, and you'll have to wait a 
few minutes for the integrated amplifier ICs to cool before you can return to testing. 

Now let’s focus on the larger power board and its connections. Orient the board 
so that the two potentiometers are on the right, as shown in Figure 9-3. In this 
position, the TDA7294 IC that powers the left channel is on the left and the TDA7294 
for the right channel is on the right. The audio output from each power IC exits the 
board immediately to the right of each chip. Three cables connect the two boards: 

a six-conductor cable on the right, a five-conductor connector on the left, and a 
separate bridging cable that extends from the lower-left edge of the logic board to the 
right edge of the power board, near the right audio output connection. 

The five- and six-conductor cables each include a miniature coaxial cable with 
dual center conductors for signal right and left. The coaxial shield is signal ground. 
The remaining wires in the six-conductor cable are +15VDC and power supply 
ground. The five-conductor cable carries 15VDC and power supply ground. 

The bridging cable is worth examining closely. It consists of a coaxial cable 
containing a twisted pair of wires. The shield is not terminated on either end of the 
cable, and both inner wires are connected together to solder posts on the circuit 
boards. Why not use a single wire for the inner conductor? Why use coaxial cable? 

The power supply components, less the toroidal transformer, are located on 
the front half of the power board. Starting on the left edge of the board, we have 
a three-pin connector for the secondary of the toroidal power transformer, four 
silicon power diodes, Mylar bypass capacitors, and two 6800pf at 50VDC electrolytic 
capacitors. Note how the power diodes are mounted above the board for heat 
dissipation. Immediately behind the balance potentiometer are a pair of zener diodes 
and fusible resistors, as shown in Figure 9-4. The large filter capacitors feed the 
power ICs directly with +36VDC, while the zener diodes provide +15VDC voltage for 
the other ICs, a transistor, and a relay. 


This is a good point at which to note that 36VDC is enough to cause you serious 
harm. Moreover, because this is a dual-voltage supply, you could find yourself 
in contact with 72VDC if you're not careful. If you decide to work with the live 
circuit, don’t become complacent simply because you're dealing with solid-state 
components. 


Caution 


o E 


Behind the volume control is a 5532D dual low-noise operational amplifier, as 
shown in Figure 9-5. It receives audio input from the adjacent cable and feeds the 
inputs of the two TDA7294 ICs. Other components on the power board worth noting 
are the two dozen, five-band, 1/8W metal film resistors; four polarized tantalum 
capacitors associated with the power IC; and each potentiometer. Most of these 
components are visible in Figure 9-5. There are no ferrite beads, chokes, or other 
inductors on the board. 

Figure 9-5 also shows the main board with the connection to the heat sink intact. 
From this perspective, you can see the aluminum compression bar and the thermal 
grease between the amplifier ICs and the heat sink. 
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FIGURE 9-4 Zener diodes and fusible resistors on the 
power board 


FIGURE 9-5 Right side of power board 


One of the features of the single-sided power board is that components are 
labeled in a logical manner. Components associated with the right channel 
are numbered in the 200s, such as U201, R205, and C204. Components 
associated with the left channel are numbered in the 100s, and the labels are 
applied symmetrically. For example, U101 and U201 are both power ICs and 


Questions 

A. What is the peak-to-peak voltage at the 
input to the AC voltage divider? ———__ 

B. Find the AC ripple output across R L using 


the AC voltage divider formula discussed In 
problem 26 of Chapter 6. | 
Answers 
A. Vpp = Vp - Vx = 40 volts — 32 volts 
= 8 V PP 
B. Xc 

AC Vout — (AC Vin) A = = 

Aco + Ry 
R 10 
AC Vou = 8 X = 0.31V,, 


/(10’ +2607) 


Note This result means that the addition of C 
2 lowers the AC ripple shown by curve C in 
Figure 11.43 , with peak values of 11.11 and 
8.89, to values of 10.155 and 9.845 volts. 
This represents a lower ripple at the output. 
Hence, C 2 aids the smoothing of the 10 volts 
DC at the output. 


26 You can apply the calculations you 
performed for a half-wave rectifier circuit in 
the last few problems to a full-wave rectifier 
circuit. In the next few problems, you 
calculate the values of R1, C1, and C 2 
required to provide 10 volts DC across a 
100-ohm load for a full-wave rectifier circuit 


with a 28 V rms sine wave supplied by the 
secondary coil of a transformer. 
Figure 11.47 shows the output waveform 
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C104 and C204 are tantalum capacitors of equal value used with U101 and 
U201, respectively. This labeling makes signal tracing and creating a schematic 
a breeze. 

The logic board is more compact, more complex, and more of a challenge to 
sort out, compared to the larger power board. Starting on the left of the board, using 
Figure 9-6 as a reference, you see two DPDT (double-pole, double-throw) slider 
switches. The top switch is for the switching/normal setting and the bottom switch 
is for setting the mono/stereo preference. The switches are designed to prevent 
accidental changes in the settings. There's a slot to use a coin or screwdriver blade 
to slide each switch. Continuing to the right of the switches is the only transistor on 
the board, a C2235 NPN transistor in a TO-92 package. To the right of the transistor 
is a 4558D dual general-purpose operational amplifier in an 8-pin DIP (dual inline 
package). 

Now, moving just to the right of center, in front of the two RCA signal output 
jacks, is a second 4558D, as shown in Figure 9-7. To the right of the RCA connectors 
are a pair of 5332D operational amplifiers, identical to the one used on the 
power board. Finally, there's a 12VDC DPDT relay on the right edge of the board, 
immediately behind the 6-pin connector. As shown in Figures 9-6 and 9-7, there are 
a dozen small electrolytic capacitors, a few dozen five-band metal film resistors, and 
a few signal diodes on the board. 

Like the power board, the single-sided logic board is labeled, but other than the 
ICs, switches, and relay, components are numbered in the 400s. To add to the modest 
challenge of tracing the circuitry on the logic board, there are jumpers and resistors 
under the RCA connector block. Don’t overlook these as you follow the signal path 
through the circuitry on the board. 


FIGURE 9-6 Left side of logic board 
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FIGURE 9-7 Right side of logic board 


Components 


If you're following along with an AMP 100 on your bench, take the time to examine 
each component carefully as it’s discussed. Although I wouldn’t unsolder the ICs 
unless you plan to upgrade the amplifier with higher performance chips, anything 
else is fair game. Not sure of the value of one of those five-band resistors? Unsolder 
one end and measure it with an ohmmeter. Want to check out the adequacy of 

the large electrolytic filter capacitors in the DC supply? Use your oscilloscope to 
monitor the DC voltage while you drive the amplifier at full output. Just exercise 
the usual caution around live circuits. 


TDA7294 Power ICs 


It should be no surprise by now that the two TDA7294 power ICs define the 
capabilities of the AMP 100. According to the datasheet from STMicroelectronics 
(www.st.com), each 15-pin IC features a MOS power amplifier that can deliver 
output current of +10A when supplied with 80VDC. The IC is surprisingly 
affordable; at the time of writing, a single unit price was less than $6 from Digi-Key 
(www.digikey.com). If you own a subwoofer or self-powered speaker, there’s a good 
chance you'll find a TDA7294 or similar IC inside. 

The datasheet is invaluable in understanding the features of the TDA7294. For 
example, it details how the TDA7294 is configured internally to operate with another 
TDA7294 in bridge mode. What's surprising is the marked similarity between the 
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suggested circuits in the datasheet and the AMP 100 circuitry. By the way, 1f you're 
trying to figure out the pin numbering on this oddly packaged chip, the first pin is 
on the far left if you're facing the front of the package, as shown in Figure 9-21. 

The TDA7294 is theoretically capable of delivering 200W output power, 
operating as a Class AB amplifier. This level of power is theoretical because it 
assumes a high-efficiency heat-dissipation system that is practically unachievable. 
As it is, the heat sink in the AMP 100 occupies a greater volume than that of the 
two circuit boards combined. 

Fortunately, the TDA7294 is internally protected against thermal meltdown. It 
automatically switches to a muted state when its internal temperature reaches 145°C 
(293°F) and to standby at 150°C (302°F). In addition, even if you use liquid nitrogen 
to cool the ICs, the THD without noise exceeds 10 percent when the chip is pushed 
above 85W output. 

Muting and standby functions can be controlled externally as well, independent 
of the thermal protection circuitry. Muting the audio output of the power chips is 
useful at startup to avoid switching noise as the AMP 100 selects the input channel 
and activates the auto-on function. Standby is a power-saving feature that supports 
the auto-on function as well. Without standby, the ICs and heat sink would be 
required to dissipate heat at all times. 

In addition to mute and standby functions, automatic thermal shutdown, and 
short-circuit protection, each IC maximizes efficiency by switching on the internal 
power transistors only during the portion of the signal when more output voltage is 
needed. Although the IC has separate voltage supply pins for this power transistor 
circuit and the remainder of the chip, they are tied together in the AMP 100. 

The TDA7294 requires only a handful of discrete capacitors and resistors to 
define its input impedance, gain, standby time, and mute time, and to bypass supply 
voltage inputs. In addition, the IC doesn't require a highly regulated DC power 
supply because its supply voltage rejection (SVR) is at least 60dB. SVR, also referred 
to as Power Supply Rejection Ratio, or PSRR, is a measure of the change in supply 
voltage divided by the simultaneous change in output voltage, if any. The ideal 
SVR is infinity, meaning that the supply voltage can swing wildly, while the output 
voltage remains unaffected. Even so, an SVR of 60dB allows for a simple power 
supply design. 


The metal tab on the IC is connected to the negative voltage supply pin, which is 
at -36VDC on the AMP 100. Not only does the exposed tab present a shock hazard 
if you're working with a hot circuit, but if you reattach the heat sink without 
properly insulating the tab, you'll short-circuit the power supply through the IC. 


Cauti on 


_—_—=_ 


Extruded Aluminum Heat Sink 


As noted in the discussion of the power amplifier ICs, the limiting factor in 
extracting power from the TDA7294 is removing heat. If you recall from basic 
physics, heat is transferred by conduction, radiation, and convection, from an 


160 


Part I Around the Home 


object that's at a higher temperature than its surroundings. The AMP 100 relies on 
all three methods of heat transfer. 

The power ICs are physically connected to a large heat sink that is cooled by 
natural convection. The chassis ventilation is designed with slots immediately below 
and above the cooling fins, maximizing the flow of heat carrying air, or convection 
currents, from below to above the unit. Heat from the ICs is conducted through the 
metal tabs on the IC to the aluminum heat sink. A small amount of IR radiation is 
emitted from the ICs and heat sink that you could see with an IR camera. 

Heat sinks are rated in degrees centigrade/watt (°C/W). The specifications for 
the power ICs stipulate a heat sink rated at no more than 1.4°C/W, meaning that the 
temperature of the device attached to the heat sink shouldn't rise more than 1.4°C 
for each watt dissipated by the heat sink. This temperature differential is relative 
to the heat sink temperature, not the ambient temperature. For example, given 10W 
of dissipation and our 1.4°C/W heat sink rating, the ambient temperature may be 
23°C (74°F), the heat sink temperature 35°C (95°F), and the device temperature of 
35 + 14 = 49°C (120°F). 

The AMP 100’s heat sink is black anodized aluminum, weighs in at 19 ounces, 
with dimensions of about 7 3/4 x 2 x 2 1/2 inches. The °C/W rating for our heat 
sink is a function of the size and number of fins, type of aluminum, surface finish, 
surface area, and mass of metal. For example, the little corrugations on the fins 
increase the surface area and therefore the contact with cooling air, both of which 
decrease the °C/W rating. Even the color of the heat sink can affect the °C/W rating: 
a heat sink that is anodized flat black is a better thermal radiator than one finished 
in shiny aluminum. 

All else equal, the larger the heat sink, the better the °C/W rating. In addition, 
the rating can be improved significantly by forced convection cooling, in which air is 
forced over the fins of the heat sink or chilled water or another coolant is circulated 
through the heat sink. A solid-state Peltier device, such as those used in battery- 
powered freezers, can be used to transport heat actively from the ICs to the heat sink 
or from heat sink to a larger heat sink. 

But size and °C/W rating aren't the full story. If you bolt one of these power 
ICs to a 500-pound block of stainless steel, the average temperature of the block 
would increase very little, regardless of how hard you drive the TDA7294. However, 
the temperature of the stainless steel immediately surrounding the IC could rise 
considerably, even to the point of thermal shutdown. 

The issue is thermal resistance, which roughly parallels the electrical resistance 
of materials. A high thermal resistance, like a high electrical resistance, impedes the 
flow of heat energy from the source. Silver has the highest thermal conductance of 
common metals, followed, in order, by copper, gold, and aluminum. If you've ever 
super-clocked a PC, you know that the better CPU coolers are made of copper for 
improved conduction over less-expensive aluminum coolers. As a point of reference, 
the thermal conductance of aluminum is ten times that of stainless steel. 

If you removed the heat sink from the ICs during the teardown, you probably 
noticed that at the point of contact with the tab of the IC, the heat sink surface 
was smooth, bare aluminum. This maximizes the contact area and minimizes the 


Chapter 9 Stereo Power Amplifier 161 


thermal resistance between the tab of the IC and the heat sink. In addition, you 
probably encountered the messy thermal grease between the power ICs and the 
heat sink. The purpose of this thermal grease is to fill the microscopic irregularities 
in the two metal surfaces with a conductive media instead of thermally 

insulating air. 


If you reconnect the heat sink to the ICs, use the smallest amount of conductive 
grease possible to cover the contact area. More is definitely not better, because 
the surplus grease diminishes the metal-to-mica contact area and thermal 
resistance skyrockets. 


Because the tab on the TDA7294 is at -36VDC and the heat sink is bolted to 
the chassis, the IC must be electrically isolated and yet thermally bonded to the 
heat sink. This represents a challenge, because thermal conductors are generally 
electrical conductors. Mica is one exception. It's an excellent electrical insulator and 
a good thermal conductor. Hence the use of the thin mica sheets between the tabs of 
the IC and the heat sink, as shown in Figure 9-8. The thermal grease on both sides 
of the mica creates a thermally conducting, electrically insulating mica sandwich 
of sorts. 

Alternatives to mica include polyimide, silicone rubber reinforced with 
fiberglass, and anodized aluminum. I’ve used these alternatives on 5W transistors, 
but I wouldn’t dream of using silicone rubber, for example, on a device of more 
than 10W. 


FIGURE 9-8 Mica insulator sheet between heat sink 
and amplifier IC 
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5932D and 4558D Operational Amplifiers 


As mentioned during the teardown, the two other types of ICs used in the AMP 100 
are 5532D and 4558D dual operational amplifiers. The 5532D is excellent for audio 
work because of its low noise and high bandwidth. The 4558D is a general-purpose 
operational amplifier, similar to the common 741, but with different pinouts. Both 
ICs are significantly less expensive than the power ICs. Digi-Key prices range from 
15 to 30 cents for these chips in DIP packaging. Each 8-pin DIP chip contains two 
independent operational amplifiers. 


C2235 NPN Transistor 


The sole discrete transistor in the AMP 100 is a C2235, located on the logic board. 
This NPN transistor is rated at 120V maximum collector-emitter breakdown 
voltage, 800MA maximum collector current, and a current gain (Hfe) of 80. The 
TO-92 package transistor, capable of dissipating 900mW, is commonly used in 
audio power amplifier and driver stage amplifier applications. 


Toroidal Transformer 


The AMP 100’s compact form factor is attributable in part to the massive, 62-ounce, 
low-profile toroidal power transformer that’s a mere 1 1/2 inches thick and 

4 inches in diameter, shown in Figure 9-1. A conventional, upright laminate power 
transformer with the same ratings could easily require twice the vertical clearance 
and nearly double the height of the amplifier chassis. In addition to a compact 
form factor, properly constructed toroidal transformers offer greater line noise 
immunity and higher efficiency, compared to conventional EI laminate core power 
transformers. (See the teardown of the ultrasonic humidifier in Chapter 7 for more 
information on EI core transformers.) 

The toroidal transformer secondary delivers 26.8VAC center tapped, or 53.6VAC 
across the full secondary, at 3.2A. I measured the inductance of the primary winding 
at 2.8H and a DC resistance of 30. At 60Hz, the inductive reactance of the primary is 
atl Or 2 xn X 60 X26 = 10550. 


Diodes 


The most prominent diodes in the AMP 100 are the four 6A4 silicon power diodes 
on the power board. These diodes, which are the diameter of AAA batteries, are 
rated at 6A continuous, 400A peak surge current and 400V PIV (peak inverse 
voltage). As noted in the teardown, they’re also elevated one body diameter above 
the power board to maximize convection cooling. 
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There are also four 1N4148 high-speed switching diodes on the switching board 
and one on the power board. These glass diodes, shown in Figures 9-6 and 9-7, are 
rated at 450mA and 100V PIV. 

The most interesting diodes in the amplifier are the pair of 1N4744 zener diodes 
on the power board, shown in Figure 9-4. These glass diodes, rated at 15V and 1W, 
are used as +15VDC and -15VDC shunt regulators in conjunction with the 2W fusible 
resistors shown in the figure. 


Capacitors 


Most of the capacitors in the AMP 100 are electrolytic. As shown in Figure 9-3, 
there are two large 6800pf at 50VDC electrolytic capacitors in the center of the 
power board. The remaining 21 electrolytic capacitors, with values from 47 to 
220pf at 25VDC, are distributed on the power board and logic board. Because 
the AMP 100 uses a dual supply system, the negative lead of some electrolytic 
capacitors are at ground potential, while the positive leads of others are grounded. 
Two 0.lpf tantalum capacitors are associated with the potentiometers and two 
with the power ICs. Like electrolytic capacitors, tantalum capacitors are polarized. 
The half dozen ceramic disc capacitors are primarily low-voltage bypass capacitors. 
More prominent are the four 0.01pf and two 0.1uf Mylar capacitors used as bypass 
capacitors in the power supply and with the balance and volume control circuits. 
Finally, there are two rectangular 100nF metalized polyester film capacitors on the 
output of the power ICs, immediately adjacent to the audio output cable on the power 
board, as shown in the lower-right corner of Figure 9-5. 


Resistors 


A pair of 2W 4700 fusible resistors is used in the zener diode shunt regulator 
circuit, shown in Figure 9-5, and a 1W 4700 fusible is used in each audio output 
circuit, shown in Figure 9-3. Fusible resistors are designed to fail gracefully—that 
is, without flame, due to a flame-retardant coating—when subject to current above 
their specified power level. 

The most striking resistors on the two circuits are the 1/8W metal film resistors. 
Instead of the usual 5 or 10 percent tolerance resistors, the boards are filled with 
1 percent tolerance resistors. While the price differential between a 1 percent 
and a 5 percent resistor is probably a cent or less in large volume purchases, most 
manufacturers use the cheapest resistors available. The use of 1 percent resistors in 
the AMP 100 speaks to the quality of the amplifier. The value of these resistors can 
be a little difficult to decipher at first because of the extra digit band and because 
the multiplier band is brown, as opposed to the more easily identified gold or silver. 
Review the resistor color codes in Appendix A if you’re not familiar with the five- 
band system. 
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Stacked Potentiometers 


The four 100KO potentiometers in this amplifier are packaged as two stacked 
potentiometers with two potentiometers per shaft. Each shaft controls both left 
and right channels of the amplifier. The alternative, separate volume and balance 
potentiometers for each channel, would demand more front panel space and would 
likely put off most consumers. 

Although they appear identical on the circuit board, there are mechanical 
and electrical differences between the two stacked potentiometers. A minor 
mechanical difference is the center notch on the balance potentiometer to 
indicate the midpoint of rotation. There is no mechanical notch on the volume 
potentiometer. 

Electrically, the potentiometers are considerably different. The left and right 
balance potentiometers are linear taper, meaning the resistance between the center 
contact or wiper and one of the terminal contacts is proportional to the distance 
between the contacts and to the degree of rotation. You can expect the same 
resistance change per degree of rotation, regardless of the initial position of the 
wiper. 

The volume potentiometer, in contrast, is a dual audio or log taper device, 
meaning the resistance change is a nonlinear function of the distance between the 
wiper and a terminal contact. The advantage of log over a linear taper is that the 
resulting change in volume more closely matches the logarithmic response of the 
human ear to changes in volume. Although the resistance change, and therefore 
output volume, is a nonlinear function of the potentiometer rotation, the change in 
volume is perceived as linear. 

If you were to replace the log taper stacked potentiometer with the linear taper 
stacked potentiometer used for the balance control, the volume control would 
seem overly sensitive at low volumes and virtually nonresponsive at high volume 
settings. In fact, you should swap potentiometer positions and experience the effect 
firsthand. 


Relay 


The single relay in this amplifier, located on the right edge of the logic board in 
Figure 9-7, is a Goodsky GS-SH-212T. The DPDT relay has silver alloy contacts rated 
at 120VAC at 1A and 24VDC at 2A. The contacts close at about 17mA. Because the 
AMP 100 relies on silent convection cooling, the clicking is noticeable when the 
relay comes online. 

As with manual switches, relay contacts are rated differently for AC and DC 
operation. In general, the AC specifications must be derated for DC operation. For 
example, if the Goodsky relay is used at 120VDC, the maximum current is likely 
around 250mA. (More detailed specifications on the relay are available at www. 
goodsky.co.uk.) 


Chapter 9 Stereo Power Amplifier 165 


Fuse 


The 4A slow-blow fuse is remarkable mainly in that it and the on-off push button 
switch are the only components between the power transformer primary and 
the power mains. There is no EMI filter or surge suppression, which I’ve come to 
expect in better electronics. 


How It Works 


A systems view of the AMP 100 is summarized in the block diagram in Figure 9-9. 
As shown in the figure, the amplifier consists of a logic board, a power board, a 
power transformer, a speaker selection switch, a power switch, and an output 
connector block. The source audio enters the system on the left, through the RCA 
input jacks on the logic board. The signal is buffered prior to being sent to a pair of 
drivers and then power amplifier ICs on the power board. While in the logic board, 
the signal is acted on by the sense circuitry, as a function of the stereo/mono and 
normal/auto switch settings on the logic board. 

The power board contains the power supply, which is connected to the power 
switch module and the toroidal power transformer. It feeds the driver and power 
ICs on the power board and the sense circuitry and buffer on the logic board. The 
power board contains the volume and balance pots, accessible from the front of the 
AMP 100. The A/B speaker selection switch, accessed from the front of the amplifier, 
defines the electrical configuration of the output block in the rear of the unit. The 
output block is shown configured for stereo, with right and left speaker output. 
However, bridged output, using a single speaker between the left and right speaker 
output terminals, is also supported. 
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FIGURE 9-9 Block diagram of amplifier 


166 PartI Around the Home 


36V 470 15 V (out) 


15V 0.1uF 236 V 


6800uF 
36 V 470 15 V (out) 


a 
15V 0.1uF 36 V 


| 


FIGURE 9-10 Schematic of power supply 


Now let's examine the power supply schematic, shown in Figure 9-10. The 
120VAC primary circuit is a bare-bones power switch and 4A slow-blow fuse. As I 
noted earlier, there are no inductors or filter capacitors in the primary circuit to 
minimize susceptibility to, or transmission of, EMI. The main power supply provides 
+36VDC to the power ICs and the zener diode shunt regulators, shown at the top-left 
and bottom-left of the figure. 

The secondary of the power transformer, which has a center tap to ground, feeds 
a bridge rectifier. In a standard bridge configuration, the negative junction of the 
bridge—in this case, the bottom corner of the bridge—is connected to ground, and 
the opposite, positive junction is connected to the electrolytic capacitors and other 
components of the output filter. However, in this power supply, both the negative 
and positive voltages output from the bridge rectifier are referenced to ground. Asa 
result, instead of a single-ended 72VDC power supply, we have a dual-voltage supply 
that provides +36VDC. A 6800uf electrolytic and 0.1pf Mylar capacitor are used on 
each output to ground. The Mylar capacitors shunt the high-frequency transients to 
ground, and the electrolytic capacitors smooth out the pulsating DC. 

Let's follow the operation of the power supply through one cycle, using 
Figure 9-10 as a reference. When the top of the secondary winding is positive relative 
to the bottom of the winding, D1 and D3 conduct. Because the secondary center-tap 
is grounded, half of the secondary voltage to ground, or 36VDC, is applied to each of 
the 6800pf capacitors. On the next half cycle, when the top of the secondary winding 
is negative relative to the bottom of the winding, D2 and D4 conduct. Again 36VDC is 
applied across each of the 6800pf capacitors. Because this bridge conducts on every 
half cycle, it is a full-wave rectifier. 

The +36VDC is supplied directly to the TDA7294s. The operational amplifiers, 
relay, and transistor have much lower working voltages and are supplied by the two 


from the rectifier section of the circuit. 
Figure 11.47 
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Figure 11.48 shows the waveform that 


results from using a smoothing capacitor. 
Figure 11.48 
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If the discharge time constant C 1 is 10 
times the period of the waveform, Vx Is 
approximately 90 percent of Vp. The 
average DC level is approximately 95 percent 
of Vp. 
Questions 


A. What is the average DC level for the 
half-wave rectifier at point B in Figure 11.43 ? 
B. What is the average DC level for the 
waveform in Figure 11.48 given that Vp = 
40 volts? ne 

C. Why does a full-wave rectifier have a 
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15V zener shunt regulators. Unlike standard silicon power diodes that pop, crack, 
and fizzle when the peak inverse voltage is exceeded, zener diodes are designed to 
maintain a fixed voltage drop with reverse current flow. Within the current-carrying 
capacity of the two zener diodes, the voltage across each reverse-biased diode will be 
15VDC, regardless of the applied voltage. In this regard, the zener diodes function as 
variable resistors. If the voltage across one of the 15V zener increases in magnitude, 
its resistance drops. If the voltage across the diode decreases, its resistance 
increases. 

This increase and decrease in the resistance of a zener diode with changes in 
applied voltage can be used to create a voltage regulator when the zener is combined 
with a series resistor of suitable value—in this case, 4700. The role of each series 
resistor is to drop the 36VDC supply voltage to 15VDC and to control the flow of 
current through the zener diode. If the resistance of the series resistor is too low, the 
current capacity of the zener diode will be exceeded and the diode will fail. If the 
series resistance is too high, the zener diode won't conduct and the output voltage 
may swing wildly. The optimum value of the series resistor can be determined by 
Ohm’s law: 


R= V/I 


where R is the resistance of the series resistor: in this example, 4700. V is the 
voltage across the resistor: in this example 36V-15V = 21V. The sum of the zener 
current, I, is the current required by the zener diode to keep it in controlled 
reverse current breakdown mode, and the current required by the circuit. Given 
the 21V differential and 4700 resistor value, total current requirement must be 
21V/4700, or 45m A. The datasheet for the 1N4744A lists a zener current of 17mA. 
Assuming the circuit designers used the 17mA figure for zener current, the circuit 
load must be 45m A-17mA = 28mA. 

The advantages of a shunt regulator include simplicity and low cost. The 
disadvantages include poor regulation if the input supply voltage is poorly regulated 
and inefficiency. Using our figures for load and shunt current, the circuit load 
is 15V x 28mA = 420mW. The power dissipated by the 4700 resistor is I? x R, or 
0.045* x 470 = 950mW. The overhead of delivering 420mW to the load is nearly 1W, 
which is dissipated as heat by each series resistor. 

You might be wondering why use the zener diode at all. After all, if you know 
the circuit requirement is 28mA, why waste 17mA on a zener diode? If you had a 
constant load and a fixed supply voltage, you could get away with a series resistor. 
However, we can’t make those assumptions here. Even if the steady-state current 
requirement of the circuit is 28mA, the startup current requirements are likely 
significantly greater. For example, during the first second or two of operation, 
electrolytic capacitors are uncharged and present a low impedance path to the initial 
voltage surge. 

The second issue is variation in supply voltage, both at startup and during 
normal operation of the amplifier. The output of the nominal +36VDC supply varies 
with changes in current drawn by the power ICs, as well as with fluctuations in the 
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line voltage. If series resistors alone supply the +15VDC, then the +36VDC voltage 
fluctuations transfer directly to the +15VDC output. 

Now, for the analysis of the amplifier proper, refer to the simplified schematic 
in Figure 9-11. Let's follow the Line 1, right-side signal, starting with the RCA 
connectors on the logic board. A 5532D operational amplifier, configured as a voltage 
follower or buffer, leads to the relay controlled by the sensing circuitry. The buffer 
presents high input impedance and low output impedance, and provides unity gain. 
It isolates the signal source from the amplifier circuit so that each input channel to 
the AMP 100 essentially looks like the 47pf electrolytic capacitor and 100KQ shunt 
resistor. This is an insignificant load for a typical signal source. 

From a signal perspective, ideally the input would lead directly to the 
noninverting input of the 5532D operational amplifier. However, it's possible that 
the source could contain a DC offset voltage, which would skew the operation of the 
operational amplifier. The series capacitor ensures that the operational amplifier 
operates on an AC signal without a DC offset. 


If you're hungry for more information on operational amplifier function, there's 
more detail in the teardown of an effects pedal in Chapter 12. 


If there is a signal on Line 1, the relay defaults to the position shown in the 
schematic. The audio signal is sent through the miniature coaxial cable to the 
six-conductor cable assembly that connects to the right edge of the power board. 
Otherwise, if there is signal on Line 2 and no signal on the input of Line 1, the 
switching circuitry connects Line 2 to the power board. 
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FIGURE 9-11 Simplified schematic of amplifier circuit 


Chapter 9 Stereo Power Amplifier 169 


Note that, for clarity, the input circuitry for Line 2, which is identical to that of 
Line 1, is not shown in Figure 9-11. Similarly, in the following discussion of the right 
channel of the power board, unless stated otherwise, the circuitry and functionality 
are mirrored by the left channel. 

Following the signal path from the logic board to the power board, the signal 
is sent to the volume potentiometer. The tap leads to the noninverting input of the 
only 5532D operational amplifier on the power board. This operational amplifier is 
configured as a noninverting driver, with the 45uf capacitor in the feedback loop to 
taper its frequency response. 

The 5532D operational amplifier is followed by a balance control potentiometer, 
which acts a variable attenuator. Rotating the potentiometer shaft clockwise 
increases the right channel's resistance to ground while simultaneously decreasing 
the left channel's resistance to ground. The signal is then presented to the 
noninverting pin of the TDA7294 that handles the right channel. 

Now let's analyze the logic board in more detail. This task is less arduous than it 
could be because the designers did a good job of separating the amplifier functions 
on the power board from the switching and logic functions on the logic board. Let's 
start with the stereo-mono switch and function, using the simplified schematic 
in Figure 9-12 as a guide. For clarity, the logic board circuitry is represented by 
a single operational amplifier and the stereo-mono switch, SW. Similarly, the left 
channel signal chain on the power board is represented by a volume control, driver 
operational amplifier, and power IC. 

Recall that the function of the stereo-mono switch is to enable the AMP 100 
to amplify the signal input to the right channel and either drive both speakers in 
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FIGURE 9-12 Simplified schematic of stereo-mono 
switching circuit 
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stereo mode or a single speaker in bridged mode. With the stereo-mono switch in the 
Stereo position, the switch is essentially out of the circuit. The signal input to the 
right RCA jack is sent to the noninverting (+) input to the TDA7294 dedicated to the 
right channel, and the signal input to the left RCA jack is sent to the noninverting 
(+) input of the other power IC. Both signals are subject to the same phase 
distortions. As such, if two signals are in phase at the input, they are in phase at the 
output of the amplifier. 

When the stereo-mono switch is in the Mono position (M), as shown in 
Figure 9-12, the signal path is altered significantly. Now the output of the TDA7294 
assigned to the right channel is sent to the inverting (-) input to the TDA7294 
dedicated to the left channel via the coaxial bridging cable and series resistor. Any 
signal input to the left channel RCA jack is shunted to ground by the stereo-mono 
switch. This shunt essentially removes the remainder of the normal left channel 
signal chain from the circuit. Other than noise generated by the 5532D, no signal is 
presented to the noninverting (+) input of the left channel TDA7294. 

The most important element of Figure 9-12 is the use of the inverting (-) input 
to the left channel TDA7294. This causes a 180-degree phase shift in the output of 
the left channel, relative to the output of the right channel. Recall that this phase 
difference is required for single speaker bridge amplification. 

Now let’s turn to the simplified schematic shown in Figure 9-13 to examine the 
circuitry associated with the normal-auto switch and the auto-input select function. 
As with the preceding schematic, circuit details, such as the components for biasing 
and operational amplifier feedback, have been omitted for the sake of clarity. The 
point is to understand the logic applied to signal flow. 
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FIGURE 9-13 Simplified schematic of normal-auto and 
auto-input select circuits 
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Let's start with the function of the normal-auto switch. Recall that the position 
of this switch determines whether the front panel on-off switch toggles the AMP 
100 between on and off or between on and active standby. With the switch (SW) in 
the Normal position, the noninverting (+) input of IC2B, a 4558D general-purpose 
operational amplifier, is tied to the positive 15VDC supply. This drives the output of 
the operational amplifier high, forward-biasing the C2235 NPN transistor and the 
LED connected to the base of the transistor and embedded in the front panel power 
switch. 

The forward-biased LED simply indicates that the AMP 100 is on. The forward- 
biased C2235 transistor has a more significant role. As shown in the schematic, the 
emitter of the transistor is connected to the mute (M) and standby (SBY) pins of the 
two TDA7294 amplifier ICs. When the transistor conducts, the voltage on the pins is 
raised to about 12VDC, which deactivates the separate mute and standby functions, 
allowing the pair of TDA7294s to function as amplifiers. When the transistor is in 
the nonconducting state, these pins are at or near ground potential, which activates 
the mute and standby functions. 

Now let’s look at the circuit with the normal-auto switch in the Auto position. 
In this position, the amplifier is active when a signal is present on one of the 
input lines. Otherwise, the power ICs are muted and in low-power standby mode. 
From the preceding discussion, you should know that when the noninverting 
(+) input to IC2B is high, the LED is illuminated and the TDA7294s function 
normally. Conversely, when the input is low, the LED is dark and the TDA7294s are 
silent. 

When a signal is present on either the right or left channel of Line 1, a signal is 
present on the noninverting (+) input to IC2A, a 4558D operational amplifier. The 
result is a positive output, which propagates through steering diodes D1 and D2 
to the noninverting (+) input of IC2B. Similarly, when a signal is present on either 
channel of Line 2, the positive output propagates through steering diodes D3 and 
D2, to the noninverting (+) input of IC2B. In both cases, the LED and transistor are 
forward-biased. 

Note that two 1.5M resistors are used to mix the inputs from the right and 
left channels of Line 1. Although the channel-to-channel resistance of 3.0M is 
significant, it represents a finite degradation in the separation of the two channels. 
An equivalent circuit is used for Line 2, which is omitted in the schematic for clarity. 
Of particular note is the use of switching diodes, D1-D3. Both Line 1 and Line 2 can 
contribute, independently, to the signal presented to input of IC2B. In addition, this 
isolation enables the auto-input select circuit to operate properly. 

When a signal is present on Line 1, the output of IC2A is high. This signal drives 
the noninverting (+) input of IC3A, the output of which energizes the relay coil. The 
relay contacts are configured so that the right and left channels of Line 1 are fed to 
the power board. 

Note that, if not for diode D1, the relay would be activated by a signal on Line 2. 
However, with D1 in the circuit, when a signal is present on Line 1 and not Line 2, 
the relay is not energized. The relay contacts route Line 2 signals to the input of the 
power board. 
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If you're following along at home with an AMP 100, you'll notice some 
components not included in Figure 9-13, such as a diode to protect IC3A from the 
inductive kick from the relay coil. If you're intent on modding the AMP 100, spend 
a few minutes mapping out the handful of additional components associated with 
the relay driver circuit. Also note the locations on the logic board where Line 1 and 
Line 2 are sampled for the switching logic. 


Mods 


It’s hard to improve on a good thing, and this little amplifier is pretty good. 
However, you can address the most common complaints—erratic clicking of 
the relay as the auto-sensing circuit drops out during brief periods of low signal 
amplitude and lack of low frequency response—with the following mods. 


Disconnect the Switching Circuitry 


In theory, you could increase the SNR figure by disconnecting the sensing 
circuitry on the logic board. Simply unsolder one lead of each resistor that 
connects the sensing circuitry to the input connectors, using Figure 9-13 as 

a guide. Next, remove the resistor in series with the relay coil to avoid the 
annoying clicks sometimes present at startup. These steps will defeat the auto- 
input select feature as well as auto-on features, so you'll have to make due with 
manual on-off an a single input source. But the increased performance may be 
worth it to you. Fortunately, defeating the switching circuitry is an easy, readily 
reversible mod. 


Create a Beefier Power Supply 


If you follow the pro audio community online, you'll probably run across several 
references to lower than spec power output for the AMP 100 at 20Hz. To my 

ears, the existing circuitry is fine and I doubt that my speakers, headphones, or 
ears can handle anything below about 30Hz. Even so, if you want to feel your 
subwoofer rumble, the generic fix is beef up the power supply with additional filter 
Capacitance. 

There are three limits to this upgrade: the cost of high value, high density 
capacitors; the limits on additional capacitance imposed by the voltage rating of the 
power amplifier chips; and space. Give the limited height of the AMP 100’s enclosure, 
you can't easily increase capacitance by installing taller capacitors of the same 
diameter. You might be able to locate higher density, higher capacitance replacement 
capacitors that fit on the board and in the enclosure, but they’ll cost you. A more 
economical approach is to mount additional capacitors horizontally, adjacent to the 
two 6800pf capacitors. 
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If you really want to squeeze every bit of low-end response from the power 
ICs, consider moving the power transformer and power supply components to a 
separate enclosure. You'll have to feed the amplifier with +36VDC and +15VDC 
instead of 120VAC. If you opt for an external power supply, avoid the temptation of 
significantly increasing the capacitance of the filter circuit without modifying the 
circuit. If you double or quadruple the capacitance, you'll likely kick up the output 
voltage enough to require new series resistors for the zener shunt regulators. In 
addition to more capacitance, consider adding a high-current choke, and, if you have 
luck with locating surplus magnetics, separate transformers for positive and negative 
36VDC supplies. 
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higher average DC level than a half-wave 
rectifier? > 

Answers 

A. 36 volts, which is 90 percent of Vp. 

B. 38 volts, which is 95 percent of Vp. 

C. The slightly higher values occur because 
the capacitor does not discharge as far with 
full-wave rectification, and, as a result, there 
is slightly less AC ripple. Therefore, Vx is 
higher and the average DC level is higher. 

27 You can use the method for calculating 
the value of R 1 for a half-wave rectifier (see 
problem 21) to calculate the value of R 1 for 
a full-wave _ rectifier. 


Question 
Calculate the value of R 1 when RL = 100 
Q, Vin = 38 volts, and the required voltage 


across R L is 10 volts. 


e = ° 
38 x 100 
Vout = 10 volts = ki 
(R¡+R¡) (R,+ 100) 


Therefore, R1 = 280 ohms. 


28 You can also use the method for 
calculating the value of C 1 for a half-wave 
rectifier (see problem 22) to calculate the 
value of C 1 for a full-wave rectifier. 

Question 

Calculate the value of Cl. | 

Answer 

With a time constant of T = 83.3 ms. and a 


discharge resistance of R1 + RL = 380 
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Analog Volt-Ohm-Meter 


he analog Volt-Ohm-Meter (VOM), such as the RadioShack VOM in Figure 10-1, 

has retained a place in the modern test instrument arsenal, despite the 
onslaught of inexpensive, mega-function digital multimeters (DMMs). For example, 
I keep both a Fluke 45 DMM and a Triplet 310 VOM on my workbench. The VOM, 
while not as precise or as accurate as the DMM, is my first choice for working with 
fluctuating or noisy signals and for rapid troubleshooting. 

Not only is the response of my VOM virtually instantaneous, but the inertia of 
the meter movement serves as a mechanical low-pass filter to smooth fluctuations 
in the input signal. My five-digit Fluke 45, in comparison, often can’t lock-in on a 
noisy signal. Even when my DMM is presented with a clean signal, it may take 5 or 
6 seconds for the analog-to-digital converter and numerical display to settle down. So 
when accuracy and precision are called for, I turn to my expensive tabletop DMM. 
However, when I need speed and responsiveness, I turn to my analog VOM. 

In this chapter, we'll tear down a RadioShack VOM, model 22-109, shown in 
Figure 10-1. The construction and feature set is typical of the sub-$20 instruments 
from companies such as Elenco, Mastech, and Mibuka. 


Highlights 
Unlike the typical, $10 single-chip DMM, this VOM offers a wealth of components 
and circuitry to examine. There is a mix of leaded and surface-mount components, 
including MOVs, Schottky, germanium, and general-purpose silicon diodes; a 
D’Arsonval galvanometer; a circuit board rotary switch; an electromagnetic buzzer; 
a linear pot; a fast-acting fuse; and, of course, resistors. This is a great teardown for 
brushing up on Ohm's law. 

During the teardown, note the following: 


The circuit layout of the SMT components 

The marking system for SMT resistor value 

How to determine the tolerance of SMT resistors 
How you would improve the circuit design 
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FIGURE 10-1 RadioShack VOM 


Specifications 


The specifications for the RadioShack 22-109 VOM, hereafter referred to as simply 
the VOM, are typical for inexpensive but useful analog meters. Key specifications 
include the following: 


0-500VAC/DC 

DC current from 0 to 250mA 
Resistance from 0 to 500K 
Audible continuity test 
Battery test feature 
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e Meter face is calibrated to display voltage readings in decibels (dB) 
e Accuracy is +5 percent of full scale 
e DC sensitivity of 50000/V 


Significance 


This is a good time to review the differences between accuracy, precision, and 
resolution as they relate to test equipment. 

Accuracy is the closeness of the measured value to the actual or true value. An 
instrument is accurate if it indicates the true value. Accuracy can be affected by 
changes in temperature, drift in internal component values over time, and damage 
to the internal components from electrical or physical accidents and abuse. 

Precision is a measure of dispersion or distribution around a given value, 
regardless of accuracy. It might help to think of precision as a measure of 
repeatability. If an instrument reads the gold standard source as 398.1VDC every 
time, then the meter has good precision—even if it’s off the actual value by a couple 
volts. 

Resolution is the granularity of measurement. It’s more relevant to digital 
displays than to analog meters, because your perceptual abilities will limit the 
resolution with which you can read the position of the needle on the meter face. 

In the digital world, a measurement of 6.0001VDC has a greater resolution than 

a measurement of 6.0VDC. Resolution says nothing about accuracy or precision. 

A cheap DMM might indicate that a 400.00VDC source is 374.04857V DC —nice 
resolution, but the accuracy falls outside of the 5 percent full-scale accuracy figure of 
our inexpensive VOM. 

The bottom line is don’t be fooled by a string of digits after the decimal point. 
More numbers don’t equate to more accuracy or more precision. For this reason, 
an expensive benchtop DMM that hasn’t been calibrated in a while may be less 
accurate than an inexpensive, but recently calibrated pocket VOM. Unfortunately, 
however, our inexpensive VOM isn’t equipped with a means of calibrating it against a 
calibration source. 


Interpretation 


According to my measurements, full-scale deflection of the VOM's galvanometer 
occurs at 200pA and 145mV. The DC sensitivity of the galvanometer, the reciprocal 
of the full-scale DC current, is 1/2001A, or 50000/V. This figure agrees with the 
published specifications. 

The greater the sensitivity and the truer the accuracy of a VOM, the better. 
To illustrate, my pro-grade (read expensive) Triplet 310 pocket VOM is rated at 
+3 percent of full-scale accuracy with a DC sensitivity of 20,0000/V. The Triplet 
VOM is clearly a superior instrument—albeit at a significantly greater cost than the 
RadioShack VOM. However, these figures are unimpressive when compared with 
the specifications of my Fluke 45 benchtop DMM, which has a resolution of 14V and 
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accuracy of 0.025 percent. A caveat concerning DMMs is that the least significant 
digit is subject to rounding and digitization errors. 

As with many inexpensive VOMs, our VOM has no AC amperage function. 
Overall accuracy is +5 percent of full-scale, meaning a value displayed on the 
500VAC scale should fall within +(0.05 x 500), or +25, volts of the actual value. 

To put the specifications of these two VOMs and the DMM into perspective, 
let's assume a gold standard 400.00VDC source. Using the 500VDC scale on the 
RadioShack VOM, the reading should be 400 + 25VDC. The reading could be as 
low as 375VDC or as high as 425VDC, and the VOM would still be operating within 
specification. The Triplet VOM, which has a 0-600VDC scale, should read 400 
+ 18VDC because 3 percent of 600VDC is 18VDC. A reading of 375VDC would not 
be expected from the Triplet. The resolution of the two VOM meter faces is about 
the same. The Fluke DMM, in comparison, should read 400.00 + 0.1VDC. The least 
significant digit might be off by a count or two because of limitations in the A-D 
converter, but that's a deviation of only a few hundredths of a volt. 


Operation 


If you're new to analog VOMs, the first thing you'll note is that it has no automatic 
features. When you plug in the test leads, make certain you plug the positive lead 
into the red, or positive, jack and the black lead into the black, or negative, jack. 
Unlike a DMM that will simply display a negative value when you test a negative 
voltage or current, with an analog VOM, you risk damaging the galvanometer and 
blowing the relatively expensive fuse when you don't observe proper polarity. 

In addition, some VOMs have jacks dedicated to specific functions, such as high 
current. These functions won't work unless the appropriate jacks are used. 

Another key manual operation is selecting the operating mode—Resistance, DCV, 
ACV, Battery Check, DCmA, or Off—and the range within each mode. To maximize 
accuracy and repeatability, you should select a range that places the needle in the 
right third of the meter. For example, if you're troubleshooting a 120VAC circuit, 
you should use the 0-250VAC range instead of the 0-500VAC range. Recall that at 
an accuracy of +5 percent of full-scale, a measurement using the 0-500VAC range 
is +25VAC, versus +12.5VAC for the 0-250VAC range. See Figure 10-2 for a close-up 
of the meter face with scale values. Note the nonlinearity and direction of the 
resistance scale, with higher resistance values compressed into a few graduations on 
the left edge of the scale. 

You can maximize accuracy and repeatability of all measurements by using the 
parallax-correcting mirror embedded in the face of the meter. Position yourself so 
that the needle hides its reflection. If you do this consistently, you'1l reduce parallax 
errors. Because of the space between the needle and the meter face, if you view the 
meter at an angle, the needle will appear to the left or right of the actual position 
over the meter face. 

You can maximize the accuracy of resistance measurements by zeroing the needle 
prior to measuring the resistance of a component. With the meter set to resistance and 
the probes touching, adjust the zero pot so that the meter reads full-scale, or 00. 
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FIGURE 10-2 Meter face 


You can make small changes in the resting position of the needle by adjusting 
the screw at the front of the meter with the VOM in the off position. This screw 
mechanically adjusts the galvanometer’s spring position, and so the zero position of 
the needle. 

Proper operation can also maximize accuracy. For example, a limitation of this 
and other galvanometer-based VOMs is susceptibility to magnetic fields generated 
by unshielded speakers and similar electronic equipment. If you need to take 
measurements in or around high-powered, unshielded systems, consider using either 
a Shielded VOM or a solid-state DMM. 


Teardown 


As illustrated in Figure 10-3, this 5-minute teardown involves removing only a 
handful of screws. You'll have to handle the galvanometer with care once you 
extract it from the protective VOM enclosure. 


Tools and Instruments 


You'll need a Phillips-head screwdriver and a multimeter to trace the circuitry. 
If you decide to remove components for more detailed inspection, you'll need a 
soldering iron with a thin, clean tip; solder braid; and forceps. 


Step by Step 
If you want to test the functionality of the meter and practice reading the scale, 
do this before the teardown. If you’re unfamiliar with reading resistance with an 
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FIGURE 10-3 Teardown sequence 


analog ohmmeter, for example, practice with a few resistors of known value. The 
more you understand the operation of the VOM, the more you'll appreciate the 
circuitry and components. 


Step 1 
Remove the back. Place the VOM facedown on a soft cloth or carpet remnant to 
avoid scratching the clear meter cover. 


Step 2 
Remove the two AAA cells, as shown in Figure 10-3a. Note the fast-blow fuse, the 


preponderance of surface-mount components, and the friction-fit positive and 
negative jack contacts. 
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Step 3 

Release the printed circuit board, shown in Figure 10-3b. Note how the board 
forms part of the rotary switch. The matching rotary shorting bar is shown in 
Figure 10-3c. 


Step 4 
Extract the galvanometer, shown in Figure 10-3d. Pull the battery case to one side 
and then out, taking care to avoid damaging the needle. 


Layout 


The components of the VOM are laid out in quadrants. With the back of the VOM 
open and the empty battery holder oriented away from you, the components 
associated with DC measurements are primarily in the upper-left area of the 
board, adjacent to the fast-blow fuse (see Figure 10-4). The resistance components 
are in the upper-right, adjacent to the ohms zero pot. In the lower-left quadrant are 
the components associated with the AC measurements, and in the lower-right is 
the battery-check circuitry. 

If you're following along at home with the same model of VOM, it's easy to 
identify areas devoted to specific meter functions because the components are 
labeled with circuit keys. For example, the prefix RAV is used with resistors in the 


FIGURE 10-4 Component layout, top side, showing 
SMT resistors, fuse, and galvanometer 
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FIGURE 10-5 Component layout, bottom of circuit 
board 


AC voltage section, RR for a resistor in the resistance section, RDV for a resistor in 
the DC voltage section, and so on. 

As shown in Figure 10-5, the 17-position switch is integral to the bottom of the 
circuit board. Whereas the top of the board is populated predominantly with surface 
mount technology (SMT) components, the bottom of the board contains a handful 
of leaded components, including the large mini-buzzer, and a few leaded MOVs and 
a diode. 


Components 


As always, make a habit of looking up component data on the Web. Manufacturer- 
supplied datasheets often feature example circuit diagrams and other information 
that may not be evident in the teardown. 


Precision Resistors 


SMT resistors are the most numerous components in the VOM. The 1/8W resistors 
are packaged in 1206 cases (3.1mm x 1.5mm), and based on values, are 1 percent 
metal film. If you're looking for the familiar color bars to identify value and 
tolerance, you won't find them. Instead, numerical values are stamped on each 
package. An SMT resistor marked “7501” is “750” + “1” zero, or 7,5000. Similarly, a 
resistor marked “4993” is “499” + “3” zeros, or 499,0000. 
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Although tolerance values aren't marked, they can be easily deduced because 
resistance tolerance dictates the spacing of values. The lower the tolerance, the 
greater the spacing between successive values. For example, the progression of 
values in 5 percent tolerance SMT resistors is 39, 43, 51, and 56KQ. The progression 
of 1 percent tolerance resistors includes 39.2 and 49.9K0 values. 

An import feature of SMT resistors is the maximum operating voltage. Common 
1206 SMT resistors have a maximum operating voltage of 200VDC. Designers avoid 
arcing between SMT resistor solder pads and fried components in high-voltage 
circuits by using several SMT resistors in series. 

The linear 15KQ potentiometer, shown in Figure 10-6, is remarkable in that it's 
the only variable resistor in the VOM. Better VOMs have several pots that enable the 
manufacturer and users to calibrate the meter to compensate for variability in initial 
component values as well as drift in component values over time. 

The third type of resistor used in this VOM, shown in Figure 10-7, is a 0.50 
coil of solid nichrome wire. Nichrome, composed of about 60 percent nickel, with 
chromium, silicon, and iron for the balance, is commonly used for heater elements 
and air-wound resistors. Because the resistance per inch is known, creating a low- 
value resistor is simply a matter of using a specific length of wire where a resistor is 
needed. 

21 AWG nichrome wire has a resistance of 0.8310/ft. Higher gauge—that is, 
thinner—wire has greater resistance per foot but lower power-handling capability. 
The coiled shape does not affect electrical performance from DC to audio 
frequencies; I measured the inductance of the coil as only 2.44 H. However, a coil is a 
practical form to store a length of wire within the VOM. 


FIGURE 10-6 15KQ pot and SMT Schottky diodes 
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FIGURE 10-7 Nichrome wire resistor 


Galvanometer 


At the heart of every VOM is a galvanometer. These electromechanical displays 
rely on a magnetic field acting against spring tension to move a needle by an 
amount proportional to the current through a coil. The coil and spring of the 
galvanometer within the VOM are shown in Figure 10-8. This type of galvanometer 
is referred to as a D'Arsonval movement. The downward-pointing metal prongs, 
which engage with the screw in the meter face, are for adjusting the zero setting of 
the galvanometer. 

As discussed earlier, the characteristics of the galvanometer determine the 
overall sensitivity of the VOM, and the more sensitive the better. According to my 
measurements, the resistance of this meter is 7250, full-scale voltage is 145mV, 
and full-scale current is 200pA. I made these measurements with my low-current 
bench DMM and a voltage divider circuit. If you try to measure the resistance of 
a galvanometer with an inexpensive VOM, you'll likely fry the galvanometer. The 
more expensive VOMs and virtually all DMMs use relatively low-current ohmmeter 
circuits. 


Diodes 


This VOM employs general-purpose silicon, Schottky, and germanium diodes. 
A general-purpose 1N4007 silicon diode protects the galvanometer when the VOM 
is in the off position, and a pair of Schottky SMT diodes protect the galvanometer 


ohms, C 1 = 220 UF. 


29 You can use the voltage divider 
equation to find the amount of AC ripple 
across the load resistor for a full-wave 
rectifier with R 1 = 280 Q and RL = 100 Q. 
For Vp = 40 volts, the calculation results in 
10.52 volts. For V x = 36 volts, the 
calculation results in 9.47 volts. Therefore, the 
voltage levels at the load resistor vary 


between 10.52 volts and 9.47 volts, with an 
average DC level of 10 volts. You can reduce 
the AC ripple by adding a second capacitor In 
parallel with the load resistor. 

Questions 

Use the method for calculating the value of C 
2 for the half-wave rectifier in problem 24. 

A. Calculate the reactance of the second 
capacitor (C2). —__ 

B. Calculate the value of C 2 . (The frequency 
of the AC ripple for the  full-wave rectifier IS 
120 Hz.) 

Answers 

A. The reactance should be one-tenth (or 
less) of the load resistance. Therefore, it 
Should be 10 ohms or less. 


l l 
=135uF 
30 The AC ripple at the first smoothing 
capacitor ranges from 36 volts to 40 volts. 
The AC ripple at the load ranges from 9.47 
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FIGURE 10-8 Galvanometer coil and spring viewed 
on axis 


during measurements. The germanium diode protects the galvanometer against 
accidental polarity reversal in the battery check mode, and a pair of silicon diodes 
packaged as a single SMT component rectifies signals for AC voltage measurement. 

The 1N4007, one of the few leaded components in the VOM, is rated at 1A and 
700V PIV (peak inverse voltage) —the maximum reverse bias voltage that won't 
result in component failure. This silicon diode, visible at the far left of Figure 10-5, 
is switched across the galvanometer's positive terminal when the 17-position rotary 
switch is in the off position. Although the diode protects the galvanometer from 
damage if you accidentally touch the probes to a live circuit when the VOM is in the 
off position, it's a poor design guaranteed to sell fuses. 

Better—and more expensive—VOMs not only disconnect the input from 
the leads in the off position, but they also short the leads of the galvanometer 
together. The short acts as an electromechanical brake that prevents the needle 
from swinging wildly if you drop the VOM or toss it into a toolkit. Place a clip lead 
across the galvanometer terminals and see how it dampens the movement of the 
needle. 

The SMT Schottky diodes, shown in the top-right of Figure 10-6, differ from 
general-purpose silicon diodes in their forward voltage drop and speed of switching. 
A typical silicon diode, such as the 1N4007, begins conducting when the forward 
bias reaches about 0.7VDC. Schottky diodes, in comparison, begin conducting with 
a forward bias as low as 0.2VDC. Moreover, the switching time for a Schottky diode 
is orders of magnitude shorter than that of a typical silicon diode. 

Considering the galvanometer in our VOM requires only 145mV for full-scale 
deflection, and that even a brief pulse of a significantly higher voltage could easily 
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FIGURE 10-9 Glass-cased germanium diode adjacent 
to potentiometer 


fry the galvanometer coil, a typical silicon diode would be of little use. A limitation 
of Schottky diodes is their relatively low PIV ratings. However, because the diodes 
are wired back-to-back across the galvanometer, the diodes protect each other from 
reverse voltage spikes. 

The glass-cased germanium diode, shown in Figure 10-9, is used in the battery 
check mode to guard against inevitable reverse-polarity mistakes. As with Schottky 
diodes, germanium diodes have a lower forward voltage drop than general-purpose 
silicon diodes—about 0.3VDC. This characteristic is useful, because inserting the 
germanium diode in series with the voltmeter circuitry will result in a battery check 
that’s only 0.3VDC lower than the actual battery voltage. This is negligible compared 
to the 0.7VDC drop of a silicon power transistor. The use of a leaded germanium 
diode over an SMT Schottky diode probably reflects the higher cost of a Schottky 
diode. 

Figure 10-10 shows the dual-diode SMT component (DAC1) used in the AC 
voltage measurement circuit. The three-terminal device contains two silicon diodes, 
arranged cathode-to-anode on one end and free cathode and anode at the other. It’s 
not clear why this dual package was used over separate diodes, but component and 
assembly cost were probably factors. 


Rotary Switch 


The 17-position rotary switch is formed by a combination of the rotary shorting 
arm shown in Figure 10-3c and the conductive circuit board pattern shown in 
Figure 10-11. If you examine the backlit board in Figure 10-11, you can see how the 
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FIGURE 10-10 Dual-diode SMT package, DAC1 
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FIGURE 10-11 Rotary switch contacts, back 
illuminated 


copper pads connect through conductive vias to traces on the component side of 
the board. This form of switch presents a modest obstacle to circuit tracing because 
the circuit board has to be mounted securely in place for the switch to function. 
Prepare yourself for removing and reattaching the circuit board a dozen times in 
the course of tracing the VOM’s circuitry. 
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Battery 


The two AAA cells merit discussion because their internal resistance is a 
component in the resistance mode of the VOM. Lithium, carbon-zinc, alkaline, 
nickel-metal hydride (NiMH), and nickel-cadmium (NiCd) batteries have different 
internal resistances that vary with the cell's state of charge. The ohmmeter 
features a zero adjustment pot to accommodate battery variability. 


MOVs 


Three unmarked, 0.3-inch diameter MOVs are used in the front ends of the 
battery check and ohmmeter circuitry to protect the galvanometer from 
electrical spikes. Recall from preceding chapters that varistors present a high 
resistance to low voltages and a low resistance once the applied voltage reaches a 
preset level. 

I used a regulated, current-limited power supply to determine that the varistor 
voltage—the voltage at which current is 1mA—of these MOVs is 20V. At 24V, the 
current is about 10mA. Based on MOVs of similar diameter and varistor voltage in 
the Digi-Key catalog (www.digikey.com), the MOVs probably clamp input voltages to 
less than 30VDC and perhaps 20VAC. (For more information on evaluating MOVs, 
see Chapter 4 on surge protective devices.) 


Fuse 


The galvanometer is protected by a 315mA at 250V fast-blow fuse that's designed to 
fail before the galvanometer's fine copper wiring vaporizes. The speed of the fuse 
can be attributed to the use of extremely fine wire in the fuse, which unfortunately 
has a relatively high resistance of 3.90. This resistance is significant at the lower 
resistance and current ranges of the instrument. 


Electromagnetic Buzzer 


The miniature electromagnetic buzzer provides audio feedback during continuity 
tests. The buzzer is a self-contained, high impedance (3.5MQ) device with a built-in 
oscillator. According to my measurements, the device draws 20mA at 2V and 30mA 
at 3V. As shown in Figure 10-12, this buzzer has an outer magnet and an inner 
electromagnetic element. 

The buzzer, visible in Figure 10-5, is the largest component attached to the 
circuit board. Even though piezoelectric buzzers tend to be more compact and lighter 
than electromagnetic buzzers, it’s difficult to tell the two apart without a teardown. 
In place of the electromagnetic assembly, piezoelectric buzzers feature a thin disc of 
piezoelectric material that vibrates when excited by an oscillator built into the base 
of the buzzer. 
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FIGURE 10-12 Electromagnetic buzzer construction 


Typical specifications for buzzers include operating voltage and current, 
operating frequency, and sound pressure level at a specified distance. The sound 
pressure specification for a typical electromagnetic mini-buzzer is around 75dB at 
10cm. Recall that in this context, dB is calculated as follows: 


dB = 20 log), (SPBuzzer/SPReference) 


where SPBuzzer is the sound pressure created by the buzzer at a specified distance 
from the buzzer, and SPReference is the sound pressure reference, equal to the 
threshold for human hearing. Normally, dB is simply a ratio of two voltages, 
power, sound pressure, or other measurement. In this instance, dB is an absolute 
value. 

A sound pressure level of 75dB is enough to cause you permanent hearing loss— 
not to mention headaches—with long-term exposure. Because the sound pressure 
level is inversely proportional to the distance from the sound source, you can save 
your hearing by not working directly over the buzzer. Simply moving the mini- 
buzzer 8 inches away from you would reduce the sound pressure level to a more 
bearable 69dB. 

In case you didn’t catch that sleight of hand, recall that doubling the power 
is equivalent to an increase of 3dB, and that doubling a voltage is equivalent to a 
6dB increase. You can think of sound pressure as a voltage—both are pressures of 
sorts—and so the 6dB relationship applies. And don’t forget that dB gain and loss 
are symmetrical, in that doubling or reducing the sound pressure by 50 percent 
involves a gain or loss of 6dB. 
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How It Works 


The VOM is a combination of instruments that share a case, selector switch, 
and function-specific components. Let's examine each instrument function 
independently. 


DC Voltmeter 


The ideal DC voltmeter presents a high impedance to the circuit under test—the 
higher the better. Because a voltmeter is placed across a device or from a circuit 
element to ground, current flowing through the voltmeter can disrupt the circuit. 
The sensitivity of the galvanometer determines the current requirement for the 
voltmeter, which is another way of saying the instrument's input impedance. 

A 10M resistor draws considerably less current than a 100 resistor when placed 
across a signal source. 

The galvanometer in our voltmeter requires 2001 A for full deflection. In a 200W 
audio power amplifier circuit, a measurement that requires up to 2004 A may be 
insignificant. However, in a 200mW preamp, a 2001 A drain could shut down the 
circuit. Some analog VOM designs use a FET front end to minimize the current 
drawn from the circuit, but let’s consider the simple case of a DC voltmeter without 
active elements. 

Figure 10-13 shows the simplified DC voltmeter configuration of the VOM. The 
circuit consists of the 3.90 fuse, one or more series resistors, a pair of Schottky 
diodes, and the galvanometer. 7250 is the equivalent resistance of the copper wire 
coil in the galvanometer. The multiplier resistors R1, R2, and R3, together with 
the resistances of the fuse and galvanometer, determine the voltage required for 
full-scale deflection. 

As an exercise, let’s determine the appropriate multiplier resistance for a 
500VDC scale with our 200pA galvanometer. First, notice that the values of the 
switched multiplier resistors—R1, R2, and R3—are additive. The highest voltage 
range consists of R1, R2, and R3. The lowest range includes only R3. So keep in mind 


FIGURE 10-13 Simplified schematic 
of DC voltmeter 
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that when we solve for total resistance at the highest range, we constrain the possible 
values of R2 and R3. Let's assume that at the 500VDC range, the 3.90 contributed by 
the fuse and 750KQ resistance of the galvanometer are insignificant. 
Now, to Ohm’s law: 
RI + R2 + R3 = VFull-Scale/IFull-Scale 
R1 + R2 + R3 = 500V/200pA 
RI + R2 + R3 = 2.5MQ 
Let's repeat the exercise with a full-scale voltage of 5VDC, and assign this to the 
middle switch position, which includes R2 and R4, as shown in Figure 10-13. Let’s 
also use the 7250 galvanometer resistance in our calculation. 
R2 + R3 = VFull-Scale/IFull-Scale -725 
R2 + R3 =5V/200pA-725 
R2 + R3 = 25,000 -725 
R2 + R3 = 24,2750 
Finally, let's assign the third switch position, which inserts R3 in series with 
the galvanometer. Let's use an arbitrarily low full-scale value of 0.5VDC to illustrate 
the significance of the resistance of the galvanometer, which is included in the 
calculation. Repeating the exercise: 
R3 = VFull-Scale/IFull-Scale - 725 
R3 = 0.5/2004A-725 
R3 = 2500-725 
R3 = 17750 
We can now determine the values of the three multiplier resistors, R1, R2, and 


R3, for full-scale values of 0.5, 5, and 500 VDC. We've determined the value of the 
0.5VDC multiplier, R3: 


R3 = 17750 
We can calculate the value of the 5V DC scale multiplier, R2: 


R2 + R3 = 24,2750 
R2 = 24,275-R3 
R2 = 24,275-1775 
R2 = 22,5000 
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Similarly, for the 500VDC scale multiplier, R1: 


R1 + R2 + R3 = 2,500,000 
R1 = 2,500,000-R2-R3 
R1 = 2,500,000 -22,500 
R1=2,500,0000 


This exercise highlights the significance of resistor tolerances and the relative 
impact of fixed internal component values, such as the fuse and galvanometer, on 
the selection of multiplier resistance values. 

One note in the overall design is that R1, R2, and R3 could be switched in circuit 
independently. The advantage of using the current design with several resistors 
in series with higher voltages is that the overall breakdown voltage is increased. 
Assuming a breakdown voltage of 200VDC per SMT resistor, three or more SMT 
resistors should be used in series on the 500VDC range of the VOM. 


Battery Tester 


The battery tester function of the VOM is essentially the DC voltmeter described 
previously with multiplier resistors selected for 9V and 1.5V full-scale, together 
with a dedicated, BAD, (unknown), and GOOD scale on the meter face (see 
Figure 10-2). In addition, the battery test circuit includes MOVs at each of the 
three switch positions and a germanium diode in series with the galvanometer. 
The MOVs absorb overvoltage spikes and the diode protects the galvanometer 
by insuring proper polarity of the battery under test. A powerful negative swing 
caused by testing a battery with the wrong lead polarity could permanently 
damage the galvanometer. 


AC Voltmeter 


If you compare Figures 10-13 and 10-14, you'll note several differences between 
the previously discussed DC voltmeter and the AC voltmeter. The most significant 
difference is a half-wave rectifier in the AC voltmeter used to convert an AC signal 
to a DC level. In addition, whereas the galvanometer in the DC voltmeter carries all 
current from the circuit under test, in the AC voltmeter, a proportion of the total 
current is shunted around the galvanometer. 

When you measure a voltage with the AC voltmeter, current flows through the 
3.90, resistor, through R3, and then to D1 and D2. When the top lead is negative, 
D1 shunts the current to the negative lead, bypassing the galvanometer. When the 
top lead is positive, current flows through D2 and the 7.5KO resistor in parallel with 
the galvanometer to the bottom lead. 

Why not simply use one diode in series with the galvanometer? Because diodes 
are imperfect, and they allow a small leakage current when reverse-biased. Without 
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FIGURE 10-14 Simplified schematic 
of AC voltmeter 


D1, some current would flow through the galvanometer when the top lead is 
negative. In a typical power supply circuit, a few hundred microamperes of leakage 
current are insignificant. In this circuit, that’s enough current to vaporize the 
galvanometer. 

Because the circuit uses half-wave rectification, the DC voltage at the junction of 
D2 and the 7.5KO resistor is a little less than half of the RMS (root mean square) AC 
applied across D1 and D2. For example, if we applied 120VAC line voltage across D1 
and D2, we’d measure a little less than 60VDC across the 7.5KO resistor. The actual 
value of the voltage across the 7.5KQ resistor, and therefore the galvanometer, isn't 
that important, as long as the meter face is calibrated to reflect the actual value. For 
example, if we ignore the 7.5KO resistor, we have a basic DC voltmeter with an error 
of about a half of a volt introduced by the forward bias voltage drop of D2. All we 
have to do is adjust the values of R4-R6 so that the desired full-scale voltage results 
in full-scale deflection of the galvanometer. 

Are you curious about the purpose of the 7.5KQ resistor? If you remove the 
resistor, you'll see that the voltmeter still functions, but the reading is a little off. 
Let’s see by how much. We know full-scale deflection of the galvanometer requires 
200p.A, which is equivalent to 145mV across the 7250 device. This voltage would 
result in a current flow through the 7.5KO resistor of the following: 


I = V/R 
T= 145mV/7.5KO 
I = 0.145V/75000 
I = 19pA 
So about 10 percent of the current through D2 passes through the 7.5KQ 
resistor, and 90 percent flows through the galvanometer. Why would the designers 


intentionally decrease the effective sensitivity of the voltmeter? One reason would 
be to use standard 1 percent resistor values for R4-R6. Recall that we can't use 
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R1-R3 from the DC voltmeter circuit because of the voltage drop from D2 and the 
half-wave rectification equivalent of a little less than half (approximately 45 percent) 
of the RMS AC voltage. Better meters use variable resistors in series with the 
galvanometer circuit to apply the proper correction. Can you think of another reason 
for the 7.5KQ resistor? 


Ammeter 


The ideal ammeter is a low-resistance device that is placed in series with the circuit 
under test. Our ammeter circuit, shown in Figure 10-15, illustrates many of the 
challenges associated with achieving a low-resistance instrument. First, let’s ignore 
the 0.5, 12, and 200 shunt resistors and focus on the leads, fuse, and galvanometer. 
The maximum current we can measure with our bare galvanometer is 200pA. At 
this level of current, the resistance of the test leads and fuse are insignificant. 

Now let's say we want a full-scale current of 250mA. We have to shunt all 
but 200pA of that current through a low-resistance device in parallel with the 
galvanometer, as shown in Figure 10-15. But how do we calculate the value of the 
shunt resistance? The easiest way is to recall that full-scale deflection occurs with 
145mV across the galvanometer. So we have this: 


RShunt = VFull-Scale/IFull-Scale 
RShunt = 145mV/250mA 
RShunt = 0.580, 


I measured the resistance of the nichrome wire shunt used in the 250mA range 
as 0.50, which is close to the calculated value. 
Similarly, for 25mA full-scale, the shunt resistance should be as follows: 


RShunt = 145mV/25mA 
RShunt = 5.80 


250mA 25mA 


FIGURE 10-15 Simplified schematic 
of ammeter 


volts to 10.52 volts when there is only one 
capacitor in the circuit. 

Question 

Calculate the upper and lower values of the 
AC ripple at the output if you use a second 
capacitor with a value of 135 uF in parallel 
with the load resistor. You can use the same 
formulas as those for the half-wave rectifier in 
problem 25. X C2 is 10 Q from problem 29; 
R1 = 280 from problem 27; and AC Vin = 


Vp - Vx = (40 volts — 36 volts) = 4 V pp. 
Answer 
Xc 
AC Vout = (AC Via) X -= = (0.143 Vop 
2 2 
(Ry + Xe") 
The result of approximately 0.14 V pp means 


that the output will now vary from 10.07 to 
9.93 volts. This shows that the second 


capacitor lowers the ripple significantly. The 
AC ripple is less than half of the ripple shown 
for the half-wave rectifier in problem 25. In 
other words, a full-wave rectifier produces a 
smoother DC output than a half-wave 
rectifier. 


31 Figure 11.49 shows a full-wave rectifier 
circuit with an output voltage of 5 volts across 
a 50 Q load resistor. Use the following steps 
to calculate the values of the other 
components. 

Figure 11.49 
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Because 5.80 isn't a standard 1 percent SMT resistor value, the designers used a 
120 and 200 resistor in parallel for an equivalent resistance of 


RShunt = (120 x 200)/(120 + 20) 
RShunt = 7.50 


Another reason to use multiple resistors in parallel in a current shunt is to increase 
the dissipation capabilities of the shunt. Two approximately equal 1/8W resistors 
can dissipate 1/4W when connected in parallel. 

Notice that in both circuits, I’ve ignored the contribution of the 7500 equivalent 
resistance of the galvanometer and assumed that most of the current flows through 
the shunt resistor. Even at 25mA full-scale, 200pA or 0.2mA is insignificant. The 
difference between the calculated and actual value of the 25mA shunt used in our 
VOM is significant, however. Again, the rationale for using approximate values is 
probably a reflection of component cost. 

Another significant aspect of the circuit is the resistance of the fuse. On the 
250m A scale, the ammeter inserts about 4.50 in series with the circuit under 
test. Assuming a 12V circuit, at 250mA, the voltage drop across the VOM is 
4.50. x 0.25A = 1.1V. This represents about a 10 percent change in the operating 
voltage of the circuit, enough to misrepresent the actual current drawn at the full 
operating voltage. A transistor amplifier circuit might draw less current at a lower 
operating voltage, but a small DC motor might draw more current, depending on its 
electrical configuration and mechanical load. 


Ohmmeter 


The ohmmeter component of our VOM is a little more complicated than either the 
voltmeter or ammeter, as illustrated by the simplified schematic in Figure 10-16. 
However, if we ignore the protective elements of the circuit, we have a basic DC 
ammeter circuit with a built-in current source. The diode D1 protects the meter 
from reverse voltage resulting from an improperly installed battery—at the cost 
of a blown fuse. In addition, the MOV protects the meter from inevitable voltage 
spikes resulting from, for example, checking the in-circuit resistance when there 
are partially discharged capacitors. 

To get a handle on circuit operation, let’s make some simplifying assumptions. 
We can assume that the leads are shorted together, so that R = 00. We can ignore the 
contributions of the 1MO resistor and 3.90 fuse. We can assume that the 15KO pot 
is centered and presents a 7.5KQ resistance in series with the galvanometer. With 
these assumptions, we have a 3VDC source and a 470 resistor in parallel with the 
galvanometer circuit with a resistance of 4.9KO + 7.5KO + 4.3KQ + 7250, = 12,5250. 
In this configuration, current through the galvanometer is as follows: 


I=WR 
I = 3V/12,5250 
I =240mA 
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FIGURE 10-16 Simplified schematic 
of ohmmeter in X10 position (center) 
and continuity test circuit (top-left) 


This is greater than the full-scale value of 2001 A, but about right. We can 
increase the series resistance contributed by the 15KQ pot so that the total resistance 
is 3V/200pA = 15KQ. In actual use, you would adjust the pot to compensate for the 
contribution of the fuse resistance, the actual battery voltage, as well as the internal 
resistance of the battery. Recall that the internal resistance of the battery affects 
current flow according to Ohm’s law, and that this resistance depends on the charge 
status of the battery and the battery chemistry. Lithium batteries have a lower 
internal series resistance than carbon-zinc batteries, for example. 

Now let's see what happens when R = 1000. If you look at the meter face, you can 
see that, on the 10X setting, 1000 corresponds to about 30 percent deflection of the 
galvanometer, or a current of about 65pA through the galvanometer circuit. Keeping 
this in mind, let's return to the schematic in Figure 10-16. Now we have a 3V source, 
a series resistance of 1000, and the 470 resistor in parallel with the 15KQ equivalent 
resistance of the galvanometer circuit. What's the current through the galvanometer? 

We can ignore the 15KO resistance and determine the voltage across the 470 
resistor in series with the 1000 resistor. Let's start by determining the total current 
and then calculating the voltage drop across the 470 resistor: 


I = 3V/(1000 + 470) 
I=20mA 


Now, let's calculate the voltage across the 470 resistor: 


V=IxR 
V = 20mA x 470 
V =0.94V 
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Assuming an equivalent series resistance of 15KQ, current through the 
galvanometer is 


I= V/R 
I = 0.94V/15,0000 
I = 63pA 


This is fairly close to our original guesstimate, which was based on the meter face 
markings. 

The current through the galvanometer is a function of the ratio of the unknown 
resistance to the resistance of the 470 resistor, and not the absolute value of the 
unknown resistance. This ratio measurement explains why the scale is compressed 
at the higher resistance levels. In terms of galvanometric current, a change in the 
resistance ratio from 1:1 to 2:1 is significant. However, the difference between 10:1 
and 11:1 is barely perceptible. 

To illustrate, let's use the meter face to estimate galvanometer current. On the 
X10 setting, testing a 470 resistor should place the needle midpoint in the scale, or 
about 1004 A. With a 1000 resistor, the deflection is about a third, corresponding to 
2001 A/3, or about 66 A. At 5000, deflection is only about 10 percent of full-scale, or 
201 A, and so on. Above 5000, it’s difficult to discern deflection and corresponding 
galvanometer current. 

Keep in mind that the value of the shunt resistor depends on the meter setting. 
At X100 and X1K, the shunt resistors are 5230 and 7.5K0, respectively. Using a 
shunt resistor near the value of the unknown resistance results in a galvanometer 
deflection near mid-scale, away from the compressed, difficult-to-read left edge of 
the scale. You can use this feature to your advantage if you work with components 
with a specific range of resistances. 

For example, let's say you use your VOM on an assembly line to test guitar 
pickups, which should have a resistance of 10-12K. If you replace the 470 resistor 
used in the X10 setting with a 20KQ, 0.1 percent tolerance resistor, you could test 
coil resistance with the needle in the right third of the scale where small differences 
in resistance are discernable. You could mark the meter face for correct resistance 
values, or simply make a note to yourself that components should test within, for 
example, 1.5 and 2.0 on the existing resistance scale. 


Audible Continuity Tester 


The audible continuity test mode provides a fast, qualitative test for resistance. 
As illustrated in the upper-left of Figure 10-16, the unknown resistance simply 
completes the circuit comprising the 3.90 fuse, the battery, and the buzzer. My 
measurements indicate that the buzzer begins working when it draws about 20mA— 
which translates to a maximum of 3V/20mA = 1500 between the test leads. This 
contrasts with the stated minimum resistance of 3000. The continuity tester is great 
for checking grounds and circuits that don’t involve sensitive electronic components. 
This VOM is fine for testing diodes, capacitors, resistors, and some fuses, but 
not for components such as a 200pA galvanometer. The continuity tester essentially 
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places the 3V battery across the component. In our galvanometer, this would 

result in a brief current of 3V/7500 = 40001 A. The X10 and X100 settings of the 
ohmmeter would result in essentially the same current flow. Even the lowest current 
setting, X1K, would result in a current of 3V/(75000 + 7250) = 3654 A through the 
galvanometer—more than enough to fry its coil. The ohmmeter function, like the 
other functions on this VOM, is valuable and useful on and off the workbench. 

As with any test instrument, you simply have to appreciate the strengths and 
limitations of the tool. 


Mods 


You can improve upon the 5 percent full-scale accuracy of the VOM by replacing 
the 1 percent resistors with 0.1 percent resistors. At about 25 cents per SMT 
resistor, it should cost about $8 to replace all 32 SMT resistors. In return for your 
efforts, you might realize a 1 percent improvement in accuracy. 

A more practical mod, or perhaps application, of the VOM is to create a high- 
current meter. If you want to measure currents up to 10A with your VOM, you can 
add an external shunt resistor and measure the voltage across the shunt using the 
10VDC scale. So what's the value of the shunt resistor? Assuming we use the VOMs 
10VDC scale, from Ohms law: R = 10V/10A = 10. The minimum power dissipation 
required is P = 10V x 10A = 100W. 

So if we wanted to use the 10V scale, we'd either need a 10, 100W resistor 
or some combination of lower wattage, less expensive resistors. In practice, a 
150W resistor or resistor network is more practical because of the safety margin. 
Figure 10-17 shows an external current shunt composed of 20W resistors connected 
in parallel that I picked up for $5 on eBay. 


FIGURE 10-17 External current shunt 
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If you decide to build your own high-current shunt, you should buy a few more 
resistors than necessary. Because of resistor tolerance, your final shunt could be off 
by a tenth of an ohm or more. The solution is to use your ohmmeter to select the 
combination of resistors that will provide a shunt as close as possible to 10. 

The power requirements for the shunt illustrate the advantage of a more 
sensitive VOM. For example, a 20,0000/V Triplet 310 has a 3VDC scale. Even though 
you'd have to multiply the meter reading in volts by 3.33 to get the actual current 
in amps, you could get by with a 0.330 resistor: R = 3V/10A = 0.330. Unfortunately, 
the power rating would be significant: P = 3V x 10A = 30W. However, with a lower 
value external shunt, the power requirement is lower as well. This translates to cost 
savings and, more importantly, to less of an impact on the circuit under test. 
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Chapter 11 


Laser-guided Sonic Distance 
Measurer 


pon three tape measures—a figure that's probably well below the national 
average. I have a compact, 6-foot tape measure near my workbench to measure 
chassis layouts, to get a quick estimate of circuit board sizes, and, in general, to 
work with small objects. Then there's the 100-foot monster tape, with a built-in 
crank handle, for measuring outdoor cable runs, spacing between trees, and other 
odd surveying tasks. Finally, I have a 25-foot tape that I use for measuring carpet, 
walls, and large interior spaces that the 6-foot tape just can’t cover. The problem 
with the 25-foot and 100-foot tapes is that I generally need someone to hold the 
other end. Tapes droop unless they’re supported by the floor or they simply 
dislodge because there’s no one to ensure that the free end is secured. 

Several technological alternatives to the inexpensive but sometimes limited tape 
measure are available, including handheld ultrasonic and laser distance measuring 
devices. Ultrasonic distance measurers, from companies such as Zircon (see 
Figure 11-1), Strait-Line, RadioShack, Mastech, and Black & Decker, are relatively 
affordable at $10 to $80. Sonic measurers, also called ultrasonic tape measures, are 
based on an ultrasonic transceiver that emits an ultrasonic burst and then times the 
return. Most of these sonar-like devices have a visible laser for a pointing aid. Sonic 
measurers for home use operate around 40kHz and generally offer accuracy within a 
few inches at the maximum range of 50 feet. 

Laser distance measuring devices time the round-trip time of laser light instead 
of an ultrasonic signal. As a result, their maximum range is typically 250 feet when 
used with a special reflective target, and accuracy is significantly better than with 
an ultrasonic unit. Prices for nonprofessional laser units from companies including 
Bosch, Mastech, and Strait-Line range from about $50 to $200, however. Too 
expensive for my tool chest, especially when a good 100-foot tape measure sells for 
about $20. 
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FIGURE 11-1 Zircon sonic measurer 


In this chapter, I'll tear down the Chinese-manufactured Zircon Sonic Measure 
DM S50L, shown in Figure 11-1. You can buy this laser-guided ultrasonic distance 
measurer, hereafter also referred to as the “sonic measurer” from Amazon for 
about $40. This teardown provides an excellent means of exploring the physics 
of sound and an example of interfacing analog sensors and effectors with a 


microcontroller. At the end of the chapter, I'll suggest a few ways to repurpose some 
of the circuitry. 


Highlights 


This is a fun, relatively short teardown. Although the circuit board features a 
mysterious processor hidden under a blob of black epoxy, we have plenty of 
discrete components to examine, including an ultrasonic transducer, a thermistor, 
two voltage regulators, and a visible laser diode assembly. 

During the teardown, note the following: 


e The layout of the circuit board, which is primarily populated with SMT 
components 

e The bulk of the laser diode module 

e The ultrasonic transceiver driver circuitry 

e The power regulation and distribution system 
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Specifications 


The specifications of the Zircon DM S50L, extracted from the one-page user 
guide, the Zircon web site (www.zircon.com), and the back of the unit, include the 
following: 


Range: 2-50 feet 

Resolution: 1 inch 

Accuracy: +0.5 percent of distance +1 digit 

Operating temperature: 20°F-120°F 

Operating humidity: 0-80 percent (noncondensing) 

Functions: Area, volume, addition, memory recall 

Power requirements: 9V alkaline battery for 8 hours of continuous use; auto-off 

after 30 seconds 

e Aperture angle: +5 degrees from center 

e Laser: Class Illa, <5mW at 630-670nm; compliant with 21 CFR parts 1040 10 
and 11 

e Dimensions: 4 3/4 x 3 1/2 x 1 2/3 inches (HWD) 

e Weight: 4.7 ounces 


These specifications are useful in comparing units from different manufacturers 
and for insight into the inner workings of the sonic measurer. Let’s consider the 
more significant specifications of the unit in more detail. 


Range 


The range of the sonic measurer is a function of the properties of ultrasound, 
the design of the ultrasound transducer, the receiver circuit, and the available 
processing power. The minimum distance reflects limitations in the processor 
and transceiver design, which in turn reflect practical cost constraints. The 
shorter the distance from transceiver to the wall or other object, the quicker 

the transceiver and processor must respond to the echo. Because the ultrasonic 
transducer operates in a simplex mode—it can either send or receive, but not 
both simultaneously—a refractory period follows transmission, during which the 
transducer cannot receive an echo. 

However, there’s nothing inherent in the design of a single-transducer 
transceiver that prevents a minimum range of less than 2 feet. For example, a 
single-element ultrasonic rangefinder that’s popular in the robotics community, the 
Devantech SRF02 Sensor (www.acroname.com), has a minimum distance of 6 inches. 
The SRFO2 achieves this minimum distance through fast recovery and onboard 
signal processing. However, the cost of the SRFO2 is about $25. 

Another approach to minimizing the working distance of an ultrasonic measurer 
is to use separate transmitter and receiver transducers, separated horizontally by 
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a centimeter or two. For example, the Devantech SRF04 Ranger offers a minimum 
measurement distance of about 1 inch, in part because the receiver element can be 
active at all times. However, while a dual-transducer transceiver may be fine for a 
large robot, there's no space on a handheld unit for two horn assemblies—one for 
transmit and one for receive. 

The maximum range of an ultrasonic measurer is a function of the effective 
radiated power of the transmitted ultrasound chirps, the sensitivity and selectivity 
of the receiver, the nature of the target and echo, and the operating frequency. The 
greater the effective radiated power, the greater the maximum range, everything 
else held constant. Effective radiated power can be increased by increasing power 
to the transducer, by using a more efficient transducer, and by employing a horn or 
acoustic antenna that produces a narrower, more focused acoustic beam. The more 
focused the transmitted signal, the greater the energy imparted to the target and 
reflected. A solid, flat, broad surface, perpendicular to the horn, produces the best 
echoes. 

The greater the sensitivity of the receiver and the more focused or selective 
the horn assembly, the more likely an echo will be detected, assuming perfect 
target alignment. However, because the target may not be precisely perpendicular 
to the transmitted signal, a horn that's too narrowly focused may reject the echo. So 
the directivity of the horn must be low enough to allow the receipt of off-axis signals. 
The catch is that off-axis reflections from objects other than the intended target can 
also make it to the receiver if the directivity is too low. Because the transmitter and 
receiver share the same horn, the directivity of the horn is a compromise between 
narrowly focusing the transmitted ultrasound signal presenting an aperture wide 
enough to capture an off-axis echo. 

The frequency of the ultrasound signal significantly constrains the maximum 
distance because of differences in the propagation and of sound through the air 
as a function of frequency. For example, ultrasonic rangefinders operating at 
235kHz have a number of advantages over rangefinders operating at 40kHz, such 
as a potentially tighter transmitted acoustic beam. However, whereas a sonic 
measurer based on 40kHz sound can measure up to 50 feet or more, an equivalently 
configured 235kHz rangefinder, such as the Devantech SRF235 (www.acroname. 
com), is limited to about 47 inches, because the higher frequency signal is attenuated 
by the air. 


Resolution 


If you read the Volt-Ohm-Meter (VOM) teardown in Chapter 10, you know that 
resolution refers to the number of significant digits that can be displayed by the 
meter. Similarly, resolution in this case is simply the finest level of granularity 
supported by the sonic measurer—about 1 inch. Resolution is a function of the 
numeric capabilities and programming of the microcontroller and the number 
of digits supported by the LCD module. 


> R¡=50 


Questions 

A. What are Vp, Vx, and the DC level at 
the first capacitor? ————__ 
B. Calculate the value of R 1 required to 
make the DC level at the output 5 volts. 


C. Calculate the value of Cl. 


D. Calculate the value of C2. | 

E. What is the amount of AC ripple at the 
output? —_ _—_—_— 
F. Draw the final circuit showing the calculated 
values. Use a separate sheet of paper for 
your drawing. 

Answers 

A. 

Vp= 6.5 x/2 = 8.91 volts, V,= 90 percent of V,= 8.02 volts. 
The DC level is 95 percent of Vp, which is 
8.46 volts. 

B. About 35 ohms. 


C. 980 UF. 
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Accuracy 


Also covered in the VOM teardown, accuracy reflects the trueness of the 
measurement. It's a function of the algorithms used in the microcontroller, 
rounding errors due to hardware limitations, the accuracy of the microcontroller's 
timebase, provision for environmental variability, the accuracy of the factory 
calibration, the nature of the target, and user error. In addition, because 
components shift value with age, time since calibration is also a factor. 

At 50 feet, the claimed accuracy of the sonic measurer is within +0.5 percent of 
50 feet +1 digit, or +4 inches. Don't confuse more digits after the decimal point or 
higher resolution with greater accuracy. 


Operating Temperature 


All electronic components and equipment are designed to operate within a 
specific temperature range. At temperature extremes, LCD panels pop or crack, 
batteries leak or become inoperative, and microprocessors lock up. The operating 
temperature range is particularly important in the sonic measurer because the 
speed of sound in air is dependent on the temperature. As you'll see later, the unit 
includes circuitry specifically intended to monitor the air temperature and adjust 
the calculations for distance accordingly. 


Humidity 

Water and electronics generally don’t mix well. Most open-air electronics have a 
limited maximum ambient humidity rating, above which problems with arcing, 
leakage, and corrosion can occur. Most electronics can’t tolerate condensing 
humidity—the equivalent of dew on components and circuit traces—for obvious 
reasons. On the other extreme, very low humidity presents a problem because 
electrostatic discharge occurs more readily. 

In addition, as with temperature, the level of humidity affects the propagation of 
sound in the air. This inexpensive sonic measurer has no provision for monitoring 
and adjusting the calculation of distance to account for variations in humidity, 
however. 


Aperture Angle 


As discussed, the aperture angle of the transmit/receive horn affects the range and 
accuracy of the measurements. The narrower the aperture angle, the greater the 
potential maximum range, assuming a perfectly perpendicular target. The larger 
the aperture angle, the more likely an echo will be recovered, as well as reflections 
and other noise that could result in erroneous readings. 
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Laser Specifications 


The Code of Federal Regulations (CFR) Title 21, Part 1040, establishes the safety 
and performance standards for light-emitting products. Ratings range from 
Class I (no hazard) to Class IV (an acute hazard to the skin and eyes from direct 
or scattered radiation). This sonic measurer employs a Class Illa laser, which is 
considered an acute viewing hazard. Output of the 630-670nm orange-red laser 
is limited to 5mW. The increasingly popular green lasers, in comparison, operate 
between 520 and 565nm, and common infrared lasers generally operate at a 
wavelength of greater than 800nm. 


Don't look directly at the beam or its reflection in a mirror. Your retinas can be 
permanently scarred. 


O E 


Operation 


Operating the sonic measurer is a simple matter of depressing the soft elastomeric 
PWR (power) button, securing the unit against a wall or other fixed position, 

and pressing the READ button. The unit first energizes the laser for a couple 
seconds and then transmits a few rapid pulses of ultrasound or chirps. If all 

is well, the reading, in either feet or meters, is displayed on the LCD about a 
second after the chirps have ceased. The distance measurement is made from the 
piezoelectric transducer at the back of the unit to the wall or other large reflective 
target. 

If the wall or other object within range isn't flat, isn't perpendicular to the 
sonic measurer, isn't fully covered by the laser pattern (which approximates a 
+5-degree cone), or significantly absorbs or disperses the energy of the ultrasonic 
chirps, the unit will display an error message, “ERR.” If the target is within 
range and is a flat, reflective wall, perpendicular to the unit, the sonic measurer 
will transmit two chirps and then display the distance. Otherwise, the unit will 
transmit up to about a dozen chirps before returning either the distance measure 
or an error message. 

In addition to taking basic distance measurements, the unit supports 
calculations that are accessed through the area, volume, double segment, and 
Recall buttons. The area and double segment functions each take two consecutive 
measures, A and B, and compute the surface area (A x B) and total distance (A + B), 
respectively. The volume function takes the result of three consecutive measures, A, 
B, and C, and computes the volume (A x B x C). Pushing the Recall button lets you 
step back through the values used for each calculation and repeat a measurement. 
For example, after measuring the volume of a room, you can review the three 
measures and repeat the second measure (B). The unit will recalculate and display 
the volume. 

Pressing the PWR button for a second time turns off the unit. The unit will also 
shut down automatically after 30 seconds of nonactivity. 
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Teardown 


The teardown, illustrated in Figure 11-2, requires about 5 minutes, including 
extraction of the ultrasound transducer. 


FIGURE 11-2 Teardown sequence 
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Tools and Instruments 


You'll need a sharp knife and a small Phillips-head screwdriver to crack the case. 
You'll also need an illuminated magnifier and a multimeter with sharp probes to 
trace the circuitry. The circuitry isn’t dense, but the markings on many of the SMT 
components are impossible to read with the naked eye. You may also need a rough 
cotton cloth and some rubbing alcohol to remove the glaze over some of the active 
devices so that you can read their markings. In particular, the coating over the 
14-pin IC in my unit was so thick that I couldn’t make out a single marking. You 
may also need a forceps to remove glue between some components and the board. 

If your goal is to harvest the SMT components, you'll need a fine-tipped 
soldering iron and forceps. If you have one, a hot air pen will make the harvest 
much easier. 


Step by Step 

If you're following along at home with a sonic measurer, the only thing you have to 
watch out for is the relatively fragile thermistor bead that's attached to the plastic 
ultrasound horn. I discovered the hard way that the leads are wispy and easily 


broken. If you do break a lead, however, don't worry. A bit of solder and tape and 
it'll be as good as new. 


Step 1 

Identify the external components. Before you crack the case, identify the 
ultrasonic transducer in the base of the horn and the emitter of the laser module, 
which is flush with the top of the unit, as shown in Figure 11-2a. Next, examine 
the junction of the horn and the case, at the top of the unit. You should see a small, 
amber bead, about the size of a grain of rice, just inside the seam. This is the 
epoxy-encapsulated thermistor used to measure the ambient air temperature. 


Step 2 

Remove the back cover. Remove the battery cover and battery to expose the two 
Phillips-head screws in the base of the battery compartment. Remove the screws. 
Next, with the unit oriented as shown in Figure 11-2b, remove the screw in the 
upper-left corner of the yellow plastic case. If you try to crack the case at this 
point, you'll encounter stiff resistance. 

There are two approaches to dealing with a case that won't open easily. The first 
is to assume that there’s a hidden hinge, clasp, or glue, and apply force until it gives. 
The second is to search for screws hidden under labels, decals, and rubber feet. 

In this instance, the correct approach is to search for hidden screws. To get at the 
remaining two screws securing the cover, use a sharp knife to peel away the label 
from the back of the unit, shown in Figure 11-2c. The screws holding the back cover 
in place are along the top and bottom edges of the newly exposed area. The pair of 
screws to the left of midline secure the laser module to the inside of the back cover. 
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Step 3 

Free the battery connector and thermistor. As you remove the back cover, note 

the position of the thin white wires from the circuit board to the thermistor 

bead identified earlier. Next, push the 9V battery connector through the slot in 

the plastic back and allow the case to hinge open. Now, carefully remove the 
thermistor from the horn by tugging on the glue with needle-nose pliers. Avoid the 
wires and the epoxy bead, which are easily damaged. The plastic back is still 
tethered by the laser module. 


Step 4 
Extract the laser module. Free the laser module, shown in Figure 11-2d. The 
module is secured to the back cover by the two screws uncovered in step 2. 


Step 5 

Extract the circuit board. Remove the two Phillips-head screws at the base of the 
circuit board. Don't touch the four small screws that attach the LCD module to the 
board, near the black epoxy blob. Flip the board over and remove the one-piece set 
of elastomeric buttons, as in Figure 11-2e. 


Step 6 (optional) 

Extract the ultrasonic transducer. You'll need an intact horn-transducer assembly 
to test the circuitry, but if you want a good look at the transducer, simply pop it out 
of the horn housing, as shown in Figure 11-2f. The transducer is held in place by a 
friction-fit that’s sealed with a black rubber band around the transducer. Push back, 
toward the lead, to free the cylindrical transducer, which looks like an ordinary 
piezoelectric buzzer. 


Layout 


Figure 11-3 shows the layout of the approximately 3 x 2 inch circuit board from the 
back or component side, oriented with the base of the unit to the left. There are 
four overlapping areas of the double-sided board that roughly correspond to the 
functions of power regulation, laser drive, ultrasonic transmission and reception, 
and numeric processing and display. 

In tracing these circuits, I found a short piece of 32 AWG wire invaluable. Many 
of the traces jump from one side of the board to the other, through small vias. When 
you find a trace that suddenly ends at a plated through-hole or via, insert the wire 
into the via and flip the board over and continue following the trace marked by 
the wire. 

The power regulation and switching circuitry is in the lower-left corner, where 
the leads from the 9V battery attach to the board. Key components include a 10pf 
at 16VDC electrolytic capacitor, a glass SMT diode (D2) that protects against a 
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FIGURE 11-3 Circuit board layout, component side 


reversed polarity battery, a 3-pin 7130 voltage regulator (U4) that supplies 3.0VDC 
continuously, and an 8-pin LM317LM voltage regulator (U3) that delivers 3.0VDC 
when the sonic measurer is powered up. 

The laser driver circuitry is in the lower-right corner of the board, where the 
ultrasonic transducer leads attach to the board. There are two 1F NPN and two 
5C PNP transistors in the area. One 5C (Q7) and one 1F (Q5) are driven by the 
microcontroller to switch the laser diode on and off. If you follow the traces, you'll 
find that the pair of transistors is supplied with 3.0VDC from the LM317LM voltage 
regulator. The 1F transistor is driven by the microcontroller, through a 3100 resistor 
(R33). The other transistor pair in the area controls the distribution of 9VDC to 
components, including the LM317LM regulator. 

The ultrasonic transceiver circuitry is concentrated in the upper-left quadrant 
of the board. The most prominent components are the 14-pin 274C quad operational 
amplifier (U2) that serves as the ultrasound receiver, a pair of zener diodes 
(ZD1 and ZD2) across the leads to the transducer, a 220pf at 16VDC electrolytic 
capacitor, the output transformer (T1), an inductor (L1), and a variable capacitor 
(VC1). The variable capacitor, inductor, and zener diodes in my unit were covered 
in semitransparent glue that required about 5 minutes of work with a forceps to 
remove. There are also a pair of 1F NPN transistors, a 6C NPN transistor, a 3F PNP 
transistor, and a pair of glass diodes (D1 and D3) in the area. The 4.1943MHz crystal 
(X2), located just above the 274C IC, is connected directly to the microcontroller. 

The microcontroller and LCD driver circuitry is roughly confined to the right 
of the board. Several devices connect directly to the input or output ports of the 
entombed microcontroller, including the LCD module that is connected directly to 
the microcontroller, the crystal (X2), and the thermistor (TH1). The thermistor and 
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calibration potentiometer (P1) connect to the microcontroller at the bottom edge of 
the board, between the LM317LM voltage regulator and microcontroller. 

The front of the board is relatively sparse, as shown in Figure 11-2e. In addition 
to the LCD module is a momentary push button and pads for seven elastomeric 
buttons. No components are hidden under the LCD module. If you've followed the 
previous teardowns in this book that feature LCD modules, there's no need for you 
to remove the module to peek underneath. Besides, we’ll need the display to test the 
other circuitry on the board. 


Components 


Now that you're oriented to the broad functionality of regions on the board, 
let's take a look at the individual components. Remember that the best resource 
for component information is manufacturer datasheets, available from the 
manufacturer's web site or the catalog of a large parts retailer, such as Digi-Key 
(www.digikey.com) or Mouser (www.mouser.com). 


Ultrasonic Transducer and Horn 


The 5-inch plastic horn serves as both transmitter and receiver antenna. The 
modest taper of the outside diameter, from 20 to 40mm, constrains the transmitted 
and received aperture angle to +5 degrees from center. A close-up of the horn and 
transducer is shown in Figure 11-2f. The piezoelectric element of the transducer 

is visible through the cutouts in the front of the component. The resistance of the 
transducer is greater than 10MQ, which is typical for a piezo transducer. 


Thermistor 


The 1mm diameter thermistor bead and relatively fragile wire leads, shown in 
Figure 11-4, provide the basis for adjustments in distance calculations based on 
ambient temperature. Thermistors are manufactured with metal oxides in a way 
that enhances their sensitivity to change in ambient temperature. This thermistor 
contains predominantly iron oxide—you can verify this with a magnet. 

The ideal thermistor presents a rapid, significant, linear change in resistance 
with relatively small changes in ambient temperature. This contrasts with typical 
metal film resistors, which are formulated to present a constant resistance over a 
wide range of ambient temperatures. 

This thermistor has a negative coefficient, meaning temperature and resistance 
are inversely correlated. Increases in ambient temperature result in decreased 
thermistor resistance, and vice versa. At an ambient temperature of 79°F, I measured 
the resistance as 76K. When I raised the temperature of the thermistor to 95°F by 
holding the bead between my fingers for 5 seconds, resistance dropped to 52K. I used 
a Fluke 80T-150U temperature probe and 87 DMM to measure the temperature of the 
air and of my skin. 
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FIGURE 11-4 Thermistor bead 


The thermistor is wired in series with a 9KQ SMT potentiometer (P2) that can 
be adjusted to calibrate the unit. The two components are connected directly to the 
microcontroller. 


See the teardown of the hygro thermometer in Chapter 8 for another example of 
a thermistor circuit. 


Note 


O 


Laser Module 


The laser is the most entertaining find in this teardown. At 1.2 ounces, the laser 
module is also the heaviest component in the unit. The cylindrical laser diode and 
lens assembly are embedded in an aluminum block that's about 1-inch long and a 
little more than 1/2-inch square, shown in Figure 11-2d. 

When the laser module is activated with 2.9VDC, it draws 28mA, or about 
93mW (P = 2.9V x 0.028mA). Assuming a typical efficiency of 1 percent, that's less 
than 1mW output. The majority of power is dissipated as heat, which explains the 
relatively massive block of aluminum-—it serves as a heat sink. Laser diode efficiency 
and lifespan both suffer at elevated temperatures. 


LCD Module 


The LCD module in this teardown is essentially identical to the LCDs encountered 
in teardowns in earlier chapters. For example, as with the bathroom scale and 
pedometer (Chapters 3 and 5), the LCD panel interfaces with traces on the circuit 
board through an elastic Zebra connector. 
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Microcontroller 


As noted in previous teardowns that featured epoxy-entombed microcontrollers, 
including the bathroom scale and pedometer, I consider the hidden slab of silicon 
a microcontroller instead of a microprocessor because of onboard analog-to-digital 
(A-D) processing of sensor data. 

This microcontroller controls the LCD display, ultrasonic transceiver, and laser 
module. It also reads and interprets the thermistor value and performs calculations 
for distance, surface area, and volume. Its internal clock or timebase is dependent on 
the accuracy and stability of the 4.1943MHz crystal (X2). 


7130 Positive Fixed Voltage Regulator 


The 7130 fixed voltage regulator (U4) is the 3-pin SOT-89 component just to the 
left of the electrolytic capacitor, shown in Figure 11-5. The device receives input 
voltage from the 9VDC battery, via glass diode D2. The tab and middle pin are 
input, the top pin is ground, and the bottom pin is output. According to the 
datasheet, the regulator accepts an input of up to 24VDC and provides an output of 
3.0VDC at 30mA. Maximum no-load current is 6pA. 

The no-load current figure is important in this application because, as you 
can see in the figure, there is no on-off switch between the battery input and the 
regulator. I measured the quiescent current flow to the regulator with a fresh 9V 
battery at 2pA. 


FIGURE 11-5 Voltage regulator section with 3-pin 
7130 and 8-pin LM317LM 
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LM317LM Positive Adjustable Voltage Regulator 


The LM317LM voltage regulator (U3) is the SOP-8 component visible in Figure 11-5. 
Unlike the smaller 7130, which can output only 3.0VDC, this regulator can be 
configured with external resistors to provide between 1.2 and 28VDC at 100mA. In 
this application, the output is fixed at 3.0VDC at 100mA. 

The LM317LM, which is internally protected against shorts and elevated 
temperatures, is switched on when the PWR switch is depressed and switched off if 
there is no activity for 30 seconds. Output is on pins 2, 3, 6, and 7. Input is pin 1, and 
pins 5 and 8 are for voltage adjustment resistors. 


ST274C Quad CMOS Operational Amplifier 


The ST24C, which contains four independent CMOS (complementary metal 
oxide semiconductor) operational amplifiers, is the SO-14 package visible in 
Figure 11-6. Relevant specifications include low power consumption, owing to 
the CMOS construction; a supply voltage requirement of from 3 to 16VDC; and 
a gain bandwidth product (GBP) of 3.5MHz. The GPB is the midband gain of 
an operational amplifier multiplied by its bandwidth in MHz. In other words, 
amplifying a 40kHz signal is easily within the capability of the chip. 

As noted in the teardown, a semitransparent film obscures the package 
markings. In this figure, pin 1 is in the upper-right corner of the device. For more 
information on the ST274C, consult the STMicroelectronics web site (www.st.com). 
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FIGURE 11-6 Transceiver circuitry, including 14-pin 
ST274C 


D. Using X C2 = 5ohms and 120 Hz C2 = 
265 uF. 

E. At the input to the smoothing section, the 
AC variation is 8.91 to 8.02, or 0.89 V pp 
Using the AC voltage divider equation with R 1 
= 35 ohms and X C2 = 5 ohms, AC V out 
equals approximately 0.13 V pp . Therefore, 
the AC variation at the output is 5.065 to 
4.935 volts, a small AC ripple. 

F. See Figure 11.40 . 

Figure 11.50 | 
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Using the simple procedure shown here 
always produces a working power supply 


circuit. This is not the only design procedure 
you can use for power supplies, but it is one 
of the simplest and most effective. 


Summary 


This chapter introduced the following concepts 
and calculations related to power supplies: 

The effects of diodes on AC signals 

Methods of rectifying an AC signal 

Half-wave and full-wave rectifier circuit 
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Transistors 


Four models of discrete SMT transistors are on the circuit board, all in SOT-23 
packages. This packaging makes circuit tracing a breeze. Looking at the 3-pin 
transistor package from above, with the single pin up and two pins down, 

the collector is on top, the base on the lower-left, and emitter on the 
lower-right. 

The 1F (BC847B) and 6C (BC817-40) transistors are general-purpose silicon NPN 
transistors rated at 50V. The 1F transistor is rated at 100mA collector current and the 
6C transistor at 500mA. The 3F (BC857B) and 5C (BC807-40) general-purpose PNP 
transistors are rated at 45V, with a maximum collector current of 100 and 500mA, 
respectively. These transistors are employed in NPN-PNP pairs, with the transistor 
with the lower current rating driving the larger capacity transistor. The transistors 
listed in parentheses are common equivalents. 


Diodes 


A few unmarked, apparently general-purpose, glass diodes are also on the 
board. In addition, two unmarked SMT zener diodes are across the leads of 

the ultrasound transducer. Recall that zener diodes break down gracefully and 
exhibit a constant voltage drop, as long as the reverse current doesn't exceed the 
capacity of the diode. In this circuit, the diodes are used as a voltage clamp to 
protect the ultrasonic transducer from damage due to overvoltage. Based on my 
measurements, these are 75V zener diodes configured to constrain the output to 
the ultrasonic transducer to 150V peak-to-peak. 


Crystal 


The 4.1943MHz quartz crystal, visible in the top-right corner of Figure 11-6, 

is central to the operation of the microcontroller. The route from crystal to 
microcontroller, near test point 2 (TP2), is circuitous, involving traces on both 
sides of the board, including a trace under the LCD module. The crystal serves 
as the timebase for the microcontroller. This is a critical function, given that 
microseconds matter in measuring the speed of sound. 

Quartz crystals are rated in terms of frequency tolerance in parts per million 
(ppm), operating temperature range, load and shunt capacitance, drive level, and 
ageing in ppm. Load and shunt capacitance and drive level affect component 
selection during circuit design. Most important from the perspective of sonic 
measurement accuracy are the frequency tolerance, operating temperature range, 
and ageing. Frequency tolerance, like resistor or capacitor tolerance, denotes the 
accuracy of the component at the time of purchase. Crystal ageing, on the other 
hand, indicates the likely change in resonant frequency while used in a circuit. 
Heat, vibration, stress from applied voltages, and physical stress from the internal 
mount all influence how a crystal will age. 
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Assuming X1 is an inexpensive quartz crystal, it probably has frequency 
tolerance of +50ppm, or +0.005 percent, and ages at +5ppm, or +0.0005 percent, 
per year. According to these specifications, the crystal should oscillate at 4.1943MHz 
+210Hz and age +21Hz per year. These values are overly optimistic, however, 
because they assume a constant operating temperature, which is an unrealistic 
assumption with a lightweight, handheld instrument. Precision measurement 
instruments designed for professional work often place quartz crystals used as 
a timebase in an insulated chamber that’s maintained at a constant, elevated 
temperature. 


Inductors 


The two inductors on the board, the transformer (T1) and resonator (L1), are in 
the ultrasonic transceiver section, as shown in Figure 11-6. Figure 11-7 shows the 
transformer with its insulation partially removed to reveal the secondary winding 
composed of 46AWG enameled solid copper wire. The leads to the primary winding 
of T1 exit the top of the component. The secondary winding is attached to pins 
on the bottom of the transformer. Both inductors are wound on ferrite cores. You 
should verify core composition with a magnet. Many cores that look like ferrite are 
actually plastic. 

I measured the inductance of L1 as 28mH at 1kHz and through a destructive 
teardown found that it’s composed of more than 100 turns of 46AWG enameled 


FIGURE 11-7 Transformer with insulation partially 
removed 
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copper wire wound tightly over the ferrite core. This inductor is used as part ofa 
filter in the receiver circuit. 

The secondary of transformer T1, like L1, is composed of at least 100 turns of 
fine enameled copper wire that's apparently 46AWG. The primary, which exits at 
the top of the component, is composed of about 40 turns of 32AWG solid enameled 
copper wire. The DC resistance of the secondary winding is 800 and that of the 
primary winding is 0.10. 


Switches 


Seven of the eight switches on the front of the unit are elastomeric. As detailed 
in the teardown of the electronic pedometer in Chapter 5, depressing a carbon- 
impregnated elastomeric button shorts underlying traces on the circuit board, 
completing the circuit. The exception is the READ switch, which is a typical 
momentary-on SMT switch that is soldered directly over the board tracing of 
an elastomeric switch. That is, the mechanical switch is an afterthought, a 
modification made after the board was released. 

One reason for using the mechanical switch may be because it’s the most often 
used switch and more prone to failure. This supposes a greater MTBF (mean time 
before failure) for the particular mechanical switch versus the elastomeric switch. 
Can you think of another reason for installing the mechanical switch over the 
existing elastomeric switch? 


Capacitors 


The most notable capacitor on the board is the ceramic trimmer capacitor in the 
transceiver circuit, clearly visible in the upper-left corner of Figure 11-6. Trimmer 
or variable capacitors are considerably more expensive than fixed capacitors of the 
same voltage rating, but they allow fine-tuning of analog circuits. This capacitor is 
part of the LC filter in the receiver. 

There are also two leaded electrolytic capacitors, and about a dozen garden- 
variety ceramic SMT capacitors. The 10pf at 16V electrolytic capacitor is used 
on the output of the LM317LM 3.0V regulator. The second electrolytic, a 220pf 
at 16V capacitor, is used on the 9V line feeding the switching transistors in the 
transmitter circuit. 


Resistors 


The board is populated with standard-tolerance SMT resistors. By now, you should 
be able to determine the value of resistors, including those with letter markings. If 
not, check out Appendix A to review SMT resistor markings. 
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How It Works 


Because of the complexity of the physics involved in the operation of the sonic 
measurer, I’ve broken down the discussion into operational and functional 
perspectives. 


Operational View 


Let's start with an operational view of the sonic measurer, using Figure 11-8 asa 
guide. As shown in the top half of the figure, a transducer horn transmits a series 
of 40kHz pulse trains or chirps, separated by 110ms. Each chirp is composed 
of perhaps a dozen 40kHz pulses. After a little over 25ms, the ultrasonic wave 
train hits the interface between the air and the target—in this case, a perfectly 
perpendicular, reflective wall that extends infinitely in all directions. 

At the interface, some percentage of the wave train—the echo—is reflected 
back toward the horn. The part of the echo that is captured by the horn causes the 
piezoelectric transducer to vibrate, generating an electric pulse. The microcontroller 
determines the time between events and stores the number. This process is repeated 
for the second chirp. 

Now let’s examine the amplitude versus time relationships in the lower half 
of Figure 11-8. Notice how the recovered pulse or echo is depicted as lower in 
amplitude and less sharply defined relative to the original pulse train or chirp. 
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FIGURE 11-8 Operational view of the sonic 
measurer 
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This is because the energy of the original chirp is dispersed and attenuated by the 
air as it leaves the horn and is partially absorbed by the target 30 feet away. The 
ultrasonic chirp is additionally dispersed and attenuated on the return trip to the 
horn. If drawn to scale, the echo would not be visible on the amplitude tracing in 
Figure 11-8. 

The interval between the start of each chirp and the start of its corresponding 
echo is computed by the microcontroller. In this example, the first measurement 
returned by the sonic measurer is 53.9ms. The interval between the leading edge 
of the second chirp and that of its echo is longer, at 54.4ms. The microcontroller 
compares the two interval values and, if they're close enough in value, a distance 
measure is flashed on the LCD screen. That measure may be the distance computed 
from the first interval, the second interval, or the average of the two intervals. My 
vote is for the average. 

If the two interval values are too dissimilar, then the microcontroller will 
either transmit and evaluate another pair of chirps and echoes or generate an error 
message on the LCD. In my experimentation with the unit, I was unable to get it to 
repeat the chirp repetition cycle more than six times before it presented an error 
message. I assume that the similarity score is computed as a percentage of total 
time. Otherwise, longer intervals would require increased accuracy to get through 
the system without an error message. You'd need access to the microcontroller 
source code to verify the algorithms. 

Now let’s consider the physics of ultrasound in air. The nominal speed 
of sound in air, 1130 feet per second (ft/s), is an approximation for dry air at 
room temperature, at sea level, and with a typical CO, concentration. A more 
accurate figure for the velocity of sound in meters per second (m/s) considers the 
temperature, humidity, and CO, concentration, in the form of the following equation: 


Velocity of Sound = (2RT/M)!? m/s 


where n is the adiabatic constant, a characteristic of the gases in air (nominally 
1.4), Ris the universal gas constant (8.314J/mol K), T is the absolute temperature 
in degrees Kelvin, and M is the molecular weight of the gases in kg/mol. According 
to the equation, the speed of sound in air is proportional to the square root of the 
absolute temperature and increases slightly with increasing humidity and CO, 
concentration. In practical terms, the speed of sound in air is a function of the 
density of air, which is dependent on the temperature. 

Solving the equation with reasonable speed and accuracy is problematic using 
integer arithmetic on a typical microcontroller, and I doubt that the chip in our sonic 
measurer is capable of floating-point math. A more microcontroller-friendly model 
for the velocity of sound in air, and the one probably used in the sonic measurer, is 
this: 


Velocity of Sound = 331.3 + 0.6C m/s 
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The 331.3 figure is the speed of sound in m/sec at 0°C, assuming 0 percent humidity. 
This approximation ignores the contributions of humidity, CO,, and the frequency of 
the sound on velocity. 

Let's return to Figure 11-8, where the back of the transducer horn is 30 feet from 
the wall and the ambient temperature is 72°F. According to the second formula, the 
velocity of sound is 345.5m/s (332.3 + 0.6 x 22) or 1113.5 feet/s. The round-trip transit 
time for an ultrasonic chirp in this environment is (30 + 30) / 1113.5, or 53.9ms. The 
first chirp-echo interval agrees with this theoretical figure. The second chirp-echo 
interval is longer than expected. 

Using the same approach, within the operating temperature range of the sonic 
measurer, 20-120°F, transit time ranges from 55.7ms at 20°F to 50.5ms at 120°F. This 
5.2ms difference corresponds to distance of nearly 6 feet at 72°F. Obviously, the 
sonic measurer has to control for temperature to provide distance measurements 
within the specified accuracy. 


Functional View 


Now consider a functional view of the sonic measurer, using the simplified 
schematic of the systems in Figure 11-9 as a reference. Let's focus first on the 
power circuitry, which is shown in the upper-left of the schematic. 

A 9V alkaline battery supplies power continuously. There is no hard on-off 
switch. Based on my measurements, the current demanded of the battery varies 
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FIGURE 11-9 Simplified schematic of major systems 
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from 24 A when the unit is hibernating to 40mA when the laser is on and ultrasonic 
transmitter is active. Assuming a standard 300mAh (milliamp hours) alkaline 
battery, the specification of 8-hour battery life with continuous use seems reasonable 
(300MAh/40mA = 7.5 hours). 

Three different supply lines power the circuitry in the sonic measurer. The 
7130 voltage regulator provides the microcontroller with 3.0VDC at all times. The 
switches on the front of the circuit board and the thermistor, which interface 
directly to the microcontroller, are also continually energized by the output of the 
7130 regulator. 

The second 3.0VDC line, supplied by the output of the LM317LM, is live only 
when the 9VDC input to the LM317LM is switched on by the microcontroller through 
the 1F (Q9) NPN and 5C (Q1) PNP transistor pair in the laser area of the board. 
When the output of the microcontroller is high, Q9 is forward-biased, which in 
turn forward-biases Q1, providing a low resistance path from the 9V battery to the 
input of the LM317LM. In addition to powering the LM317LM, the switched 9VDC 
also supplies the transceiver circuitry, including the ST274C quad op amp (U2) and 
associated transistors Q2, Q10, Q3, and Q6. 

The basic switching configuration used with Q1 and Q9 is repeated in the 
laser circuit and twice in the transceiver circuit. In the laser circuit, shown in 
the upper-right corner of the schematic, the output of the microcontroller goes 
high, forward-biasing Q5, enabling Q7 and the laser diode to conduct. The voltage 
across the laser diode is a few tenths of a volt less than the voltage supplied by the 
LM317LM voltage regulator because of the voltage drop across the junctions of Q7. 

I didn’t crack the laser diode case, but I assume the module contains a series resistor 
to limit current flow through the diode. 

The microcontroller is the source of the 40kHz signal that’s eventually 
transmitted. The transistor pair Q2 and Q10 and step-up transformer T1 are used to 
increase the amplitude of the signal to achieve a range of at least 50 feet. A signal 
train of 40kHz pulses is output from the microcontroller, which forward-biases Q2 
and Q10, sending pulses from the switched 9VDC source through the primary of 
transformer T1 to ground. These 9VDC pulses at 40kHz are stepped up by T1 to 
150VPP (peak-to-peak). That is, T1 must have a turns ratio of at least 150/9, or 16:1. 
A pair of 75V zener diodes is placed back-to-back across the transformer secondary 
to limit voltage across the piezoelectric transducer. 

The microcontroller, which is in hibernation mode until the PWR switch (SW) 
is depressed, employs its own internal power switching circuitry. In addition to 
monitoring the soft switches, the microcontroller maintains voltage across the 
thermistor at all times. This minimizes fluctuations in the temperature of the 
thermistor that would otherwise occur due to self-heating if the thermistor had to be 
energized before each reading. 

As discussed in the teardown of the hygro thermometer in Chapter 8, the 
process of measuring the resistance of a thermistor involves applying either a 
continuous or pulsed voltage across the thermistor. The resultant current heats the 
thermistor, raising its temperature above the ambient temperature. Depending on 
ambient conditions, this self-heating could be a source of error. 
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To give you an idea of the significance of the thermistor, consider that 
I measured a distance with the sonic measurer as 4 feet, 11 inches at ambient 
temperature of 79°F. I then held the thermistor bead between my fingers, raising 
the temperature of the bead to 95°F. The instrument read the same distance as 
5 feet, O inches. That's a difference of 1 inch at only 5 feet. The difference would be 
proportionally greater at greater distances. 

As in most transceivers, the receiver circuitry is considerably more complex 
than that of the transmitter. Whereas the transmitter circuitry simply has to 
amplify the pulse train from the microcontroller, the receiver has to distinguish the 
incoming signals from noise and ignore the transmitted pulses. 

As show in simplified form in the lower-right area of Figure 11-9, the analog 
signal processing for the receive function is performed by the ST274C quad op 
amp, using the signal produced by the piezoelectric transducer when it receives 
an ultrasonic impulse. A muting circuit consists of a 3F (Q6) and 1F (Q3) transistor 
configured in the familiar pairing used with the other systems in the unit. 

A more detailed, but still simplified, schematic of the receiver circuit is 
shown in Figure 11-10. For clarity, I haven’t included many of the bypass and 
feedback capacitors and resistors. I also don’t show the zener diodes or transformer 
secondary across the ultrasonic transducer. Note the two analog data feeds to the 
microcontroller, from op amps 1 and 3, and that the muting function is controlled by 
a signal from the microcontroller. 

Before continuing with the circuit, let’s revisit the needs of our receiver. The 
first requirement is that it receives echoes from the transmitted chirps or ultrasonic 
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pulse trains. The second requirement is that it ignores noise in the environment— 
that is, the receiver should be selective and provide a good signal-to-noise ratio. 

If you consider the purpose of the sonic measurer, it’s likely to be used in an 
environment with noise from power tools, ultrasonic rodent repellers, and other 
noise sources that extend to 40kHz and beyond. The plastic horn provides a degree 
of directional selectivity, which cuts down on noise. The ultrasonic transducer 
also has a natural resonant frequency, presumably around 40kHz, that provides 
attenuation to signals greater and less than 40k Hz. 

Now, referring back to the schematic in Figure 11-10, let's assume that the 
piezoelectric transducer is generating an electrical signal secondary to ultrasonic 
vibrations—that is, there's an AC signal across the transducer. 

Op amp 1 is configured as a basic inverting amplifier, meaning that it takes the 
signal at the inverting (—) input and amplifies it, with the output 180 degrees out of 
phase with the input. (By the way, if you're new to op amps (operational amplifiers), 
they're covered in more detail in Chapter 13, a teardown of a guitar effects pedal.) 
For now, let's stay with a relatively high-level discussion. The output is sent, through 
diode D3, to the microcontroller (MCU). Because the diode has a minimum forward 
voltage drop of about 0.7V, only signals greater than that make it to the input of the 
microcontroller. Noise and weak echoes are blocked by the diode. 

In a quiet, indoor setting, a receiver composed of op amp 1 and D3 would 
probably be sufficient. However, other than the selectivity provided by the 
transducer and horn assembly, there is no provision for noise rejection by the op 
amp 1 circuit. Any sound impacting the transducer will result in a signal to the 
microcontroller. 

The remaining three op amps in the 274C chip are used to increase the effective 
signal-to-noise ratio of the receiver. Op amp 2 is configured as a noninverting 
amplifier with unity gain at 40kHz—that is, a notch filter. At resonance, the feedback 
network composed of a parallel resonant LC circuit from the output to the inverting 
input (-) of op amp 2 is essentially a wire. Above and below 40kHz, the impedance of 
the feedback increases, thereby increasing the gain of the amplifier circuit. 

Recall the resonant frequency of an LC circuit is 1 /(2n(LC)'””). Applying the 
formula with a 28mH inductor (L1) in parallel with a 525pF fixed capacitance and 
a 30-130pF variable capacitance results in a resonant frequency range of about 37 
to 40kHz. The variable capacitor enables the manufacturer to tune the circuit to 
precisely 40kHz. The alternative, using an inductor and fixed capacitor with high 
tolerance, was probably cost-prohibitive. 

Op amp 4 compares the unfiltered signal on one side of the transducer with 
the output of op amp 2, taken from the other side of the transducer. The input 
signals to the two op amps are thus 180 degrees out of phase. If the signal from 
the transducer is 40kHz, then the amplitude of the signals on the inverting (-) and 
noninverting (+) inputs to op amp 4 should be equal. Assume that at one instant 
the input to op amp 4 is positive and the input to op amp 2 is negative. The positive 
input to the noninverting (+) input of op amp 4 results in a positive output. Similarly, 
the negative input to the inverting (-) input of op amp 4 results in a positive output. 
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Now let's assume a signal of broadband noise source that extends from 30 to 
50kHz. Op amp 1 will amplify the signal and send it to the microcontroller. Op amp 
2 will amplify it with a gain of greater than unity. Now op amp 4 is presented 
with a strong signal on its inverting (-) input, relative to the direct signal from the 
transducer on its noninverting (+) input. The result is an increase in the amplitude 
in the output of op amp 4, relative to the output with a 40kHz signal. 

Ignoring the contribution of the Q3-Q6 transistor pair for the moment, op amp 3, 
which is configured as a unity gain buffer, takes the output of op amp 4 and sends 
it, through diode D1, to the microcontroller. D1 serves the same noise-limiting 
function as D3. In summary, at this point in our analysis, when a pure 40kHz sound 
is impacting the transducer, the output from op amps 1 and 3 are about the same 
in amplitude. When a noise source extends on either side of 40kHz, the output of 
op amp 3 may be many times that of op amp 1. 

My assumption is that the program running on the microcontroller examines 
the relative amplitudes of both signals to determine whether to return an error 
message or use the signal to compute distance. As long as the amplitudes of the 
signals from op amps 1 and 3 are about the same amplitude and great enough to 
overcome the noise barriers provided by D1 and D3, the signal is considered a valid 
echo. When the amplitude of the output of op amp 3 is significantly greater than that 
of op amp 1, the signal is presumably considered noise by the microcontroller. 

Finally, let’s consider the muting circuit formed by Q6 and Q3. As you can see 
in the schematic, the collector and emitter of Q6 are across the input ports of op 
amp 3. As a result, when Q6 conducts, the input ports are shorted and the output of 
Q3 is zero, regardless of the output of op amp 4. Q3 receives 40kHz pulses from the 
microcontroller that are identical to those sent to the transmitter. As a result, the 
output of op amp 3 is muted during transmit. 

Given that the microcontroller can be programmed to ignore signals that occur 
during transmit and that the output of op amp 1 is not muted, my assumption is 
that the output of op amp 3, if not muted, could damage the input circuitry of the 
microcontroller. To verify this assumption, we'd have to have access to information 
on the entombed microcontroller. Can you think of another reason for the muting 
circuit? Why not simply limit the input to the microcontroller with a diode 
clamping circuit? 


Mods 


This sonic measurer is more of a platform for experimentation and repurposing 
than for mods. The laser module with its built-in +5-degrees targeting cone pattern 
is an interesting tool in itself. Given the spread of the pattern, it’s easy to estimate 
the distance of a moving target or of a structure more than 50 feet away. Recall 
that the ultrasonic measurer requires a stationary target. 

Another repurposing project that you might consider is an ultrasonic source 
detector. Simply remove D3 from the output of op amp 1 and either replace it with 
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an LED or the leads of your multimeter. You might be surprised at the number of 
significant ultrasound generators in the environment. For example, I discovered that 
when my bicycle chain needs lubrication, it generates a lot of ultrasonic noise when 
I turn the pedals with the bike on a stand, even though I can't hear any change in 
the sound produced by the chain. 

I’m sure you can think of ultrasonic diagnostic aids to use with home appliances, 
car engines, and other mechanical devices. There are also uses for ultrasound as the 
basis for biological experimentation, from disrupting the flight of bats, to chasing 
away stray dogs and irritating rodents. 
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Chapter 12 


Electric Guitar 


he Fender Telecaster, or “Tele,” the first mass-produced, solid-body electric 

guitar, is the easiest guitar to tear down and mod. And there's good reason— 
sheer simplicity. As shown in Figure 12-1, the basic design hasn't changed since 
Fender introduced the guitar in 1949—a solid body, bolt-on neck, one or two 
magnetic pickups, a volume control, and what passes for a tone control. Models 
with two pickups have the added complexity of a pickup selector switch, but a 
stock Tele has no whammy, or tremolo, bar. 

In this chapter, we'll tear down a Fender American Deluxe Telecaster, which 
incorporates two pickups, a pickup selector switch, and volume and tone controls. 
I'll also walk you through a mini-teardown of a magnetic pickup and discuss several 
mods, including how to configure the Tele as a MIDI (Musical Instrument Digital 
Interface) controller. 


Highlights 
This teardown is deceptively simple. After all, we're working with a slab of wood, 
six steel strings, tuning machines, a pair of magnetic pickups and potentiometers, 
a capacitor, a three-way switch, some wire, and an audio output jack. As electronic 
devices go, it doesn't get much simpler—or does it? As you'll see, there's a hidden 
elegance in the simplicity of the Tele, and what appears simple at the outset is 
actually a fairly complex electromechanical device. During the teardown, note 
the following: 


How shielding is used to minimize EMI 

e A star ground configuration that minimizes noise 

e Construction and wiring of the pickups—a major contributor to the guitar's 
tone 

e Reliance on traditional components and wiring 
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FIGURE 12-1 Fender American 
Deluxe Telecaster 


Specifications 


Guitar specifications vary markedly from one manufacturer to the next, and even 
within the same brand. Consider that Fender Teles retail from about $180 to $1800, 
depending on the quality and origin of the body, neck, and components. You can 
pick up a knock-off from dozens of vendors for less than $200, and online suppliers 
offer everything from replacement parts to complete kits. Because they're so easy 
to mod, you never really know what's inside a pre-owned Tele until you take a look 
inside. For example, this teardown features a Tele in which I replaced the stock 
potentiometer and capacitor with a more functional tone control. 

If you've shopped recently for an electric guitar, you know that even when 
specifications are offered, they tend to be qualitative and focused on materials 
and construction. There's typically nothing quantitative in the way of output level, 
signal-to-noise (SNR) ratio, or tuning stability. Instead, the marketing brochures list 
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the type of wood—typically swamp ash or alder—and finish, neck configuration and 
color, and the type of mechanical tuners. There might be a mention of the types 

of pickups. For example, here's a condensed version of the specifications for the 
American Deluxe Ash Telecaster, from the Fender site (www.fender.com): 


e Ash body 

e U-shaped maple neck 

e Fingerboard with vintage tint, abalone dot position inlays, and 22 medium 
jumbo frets 

e Stainless steel Telecaster bridge with chrome-plated solid-brass saddles 

e Samarium Cobalt Noiseless Telecaster pickups 

e S-1 switching 


Although everything listed here affects tone and playability, the types of pickups 
and switching system are the most relevant specifications for our purposes. “S-1 
switching” is simply Fender's marketing term for a four-way switch. 

Figure 12-2 shows the key electronic elements of a Telecaster. On the far right 
along the midline, directly under the six steel strings, is the neck magnetic pickup, 
which is mounted on a springy suspension system in the swirl-patterned plastic 
pickguard. The strings terminate in a fixed bridge that's bolted directly to the body. 
Mounted diagonally in the bridge is the bridge magnetic pickup. 

Along the bottom, mounted in the control plate, are, from left to right, the tone 
control, volume control, and pickup selector switch. Not shown in Figure 12-2 is the 
1/4-inch audio out jack, which exits the side of the guitar at about the level of the 
tone control. 


FIGURE 12-2 Electronic elements of the Telecaster 
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Operation 


Mastering the guitar involves patience and years of practice. Designing a guitar 
that plays correctly is a nontrivial task that requires knowledge of mechanics, 
electronics, and how to integrate the two. For example, the height of the strings 
above the pickups significantly affects the spectral content and amplitude of the 
output signal. Strings that are too close to the magnetic pickups create a distorted 
overdriven signal, and strings too far from the pickups produce a weak, noisy 
signal. Similarly, the metal truss rod that runs through the neck must be adjusted 
so that there is a slight concavity to the fretboard—otherwise, the strings will buzz 
when struck. But too much concavity adversely affects playability. 

In addition, the distance between the two supports for each string—the nut at the 
head of the guitar and the saddle where each string terminates in the bridge—must 
be adjusted for correct intonation. Otherwise, the notes played along one part of the 
neck will be in tune, but notes played at another part of the neck will be out of tune. 

Moreover, these electromechanical systems are interdependent. If you modify 
the concavity of the neck, you affect intonation, the height of the strings above the 
magnetic pickups, and the guitar tone. As you can see, that simple slab of wood and 
strings is actually a complex system, and we've only touched on the circuitry. 

From an electronics perspective, an electric guitar is one component ina 
large, interdependent system that minimally includes cables, an effects pedal, an 
amplifier, and a speaker cabinet. Each element contributes to the tone or sound 
of the guitar. Without an amp, an electric guitar is useless. Many players wouldn't 
consider practicing or playing on anything other than a tube-type amp, but others 
swear by the lightweight, portable, and more affordable solid-state amps with built-in 
effects. 

Back to the operation of the guitar, the player sets everything in motion by 
strumming one or more steel strings. The vibrating strings interact with the 
magnetic fields emanating from the neck and bridge pickups, resulting in the 
generation of electrical signals. Pressing down on a string so that it makes solid 
contact with a fret on the neck changes the string’s frequency of vibration and the 
frequency of the signal generated by the magnetic pickups. This signal, which may 
be mixed with signals from other instruments, is routed to the volume and tone 
control potentiometers, and finally to the audio out jack. 

Note the alignment of the six steel strings over the six pole pieces of the 
bridge pickup, as shown in Figure 12-3. Pole pieces are metal cylinders—typically 
magnetic—that are embedded vertically in the pickup. The bridge and neck magnetic 
pickups each produce a distinctive tone, by virtue of their design, adjustment, and 
relative position. The three-way selector switch enables the player to select the signal 
from the neck pickup, the bridge pickup, or neck and bridge pickups in parallel. 

A popular mod, and a standard feature on some Teles, is a four-position switch that 
allows a fourth option of connecting the neck and bridge magnetic pickups in series. 
The volume and tone controls do more or less what their names suggest. The 
volume control varies the amplitude of the magnetic pickup signals—typically from 
zero to a few hundred millivolts at an output impedance of a few hundred-thousand 
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FIGURE 12-3 Bridge close-up 


ohms. The stock tone control mainly attenuates the higher frequencies, with the 
resulting output varying from sparkling to muddy. Because there isn't much need 
for a muddy tone, it's a common practice to set the tone potentiometer to high and 
then leave it alone. A popular mod involves replacing the tone potentiometer with a 
switched bank of capacitors, which results in brighter tone—that is, more treble. 


Teardown 


You should be able to complete the teardown, illustrated in Figure 12-4, in about an 
hour. If you're following along at home with your Tele or another electric guitar, 
remember that electronic components and wiring configuration vary from one 
guitar to the next, depending on the make, model, year of production, country of 
manufacture, and, most importantly, the mods performed by previous owner(s). 

If you're tearing down a stock Tele, you'll see essentially the same components 
and wiring described in this teardown. The only significant deviation from a stock 
guitar is a tone control mod, which I'll discuss in detail later. During the teardown, 
make note of the wiring and switching arrangement, as these can significantly affect 
a guitar's tone. 


Tools and Instruments 


You'll need a Phillips-head screwdriver, wire cutters, and a multimeter. A magnet 
polarity tester—a small bar magnet or magnetic compass—is useful, but not 
necessary. Place a towel, carpet remnant, or foam sheet on your workbench to 
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FIGURE 12-4 Teardown sequence 


Figure 11.53 


AJ- 


4. See Figure 11.54 . 
Figure 11.54 


ME 


5. See Figure 11.55 
Figure 11.55 © 


MA EMI 


6. In the circuit shown in Figure 11.56 , 
Vrms at 60 Hz appears at the secondary secondary coil 
of the transformer; 28 volts DC with as little 


AC ripple as possible is required across the 
220-ohm load. Find R1, C1, and C2. Find 
the approximate AC ripple. 

Figure 11.56 
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protect your guitar's finish. A few hand towels or small foam sheets would be 
helpful as well. 


Step by Step 

If you plan to repair or refurbish a guitar you're tearing down at home, try to 
minimize the number of times you remove and replace the wood screws. It's not a 
good idea to remove and reinsert the wood screws more than a few times during 
the life of a guitar, because the wood eventually strips. However, for your benefit, 
I'll remove all the wood screws that provide access to the electronics. 


Step 1 

Remove the guitar strings. Remove the strings as you would if you were preparing 
to restring the guitar. Start by releasing the tension on the strings by unwinding 
each of the six tuning machines. Cut the strings in half with diagonal cutters or, 

if you have them, guitar string snips. Either remove the string remnants from the 
bridge and the tuners, or trim them so that they’re out of the way. 


Step 2 
Release the pickguard. Remove the eight Phillips-head wood screws retaining the 
pickguard. 


Step 3 

Examine neck pickup. Flip over the pickguard onto a cloth, as shown in 

Figure 12-4a. Note the magnetic neck pickup mounted in the pickguard and the 
two wires running from the pickup toward the control plate. The white or yellow 
wire is signal and the black wire is ground. As you'll see later, the polarity, or, 
more properly, the phasing, of the magnetic pickups matters. 


Step 4 
Examine the cavity. Note that the cavity is thickly coated with dark gray or black 


conductive paint. You should also see a metal tab attached with a wood screw to 
the cavity and a wire leading from the tab toward the controls. 


Step 5 

Verify the conductivity of the cavity coating. With your multimeter, check the 
resistance from the metal tab to any point within the cavity. The resistance should 
vary from a few hundred to perhaps a few thousand ohms, depending on the space 
between the probes. The cavity is painted with conductive paint to shield the 
electronics from external magnetic fields. 
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Step 6 

Release the bridge. Remove the three Phillips-head wood screws retaining the 
bridge. Depending on the bridge design, you may have to push the center saddle— 
one of the metal blocks securing a string to the bridge—aside to access the middle 
screw. See Figure 12-3 for a view of the six saddles and their attachment to the 
bridge. 


Step 7 

Examine the bridge. Flip over the bridge onto a soft cloth or foam sheet, as shown 
in Figure 12-4b. Note the white signal wires and the black ground wire. Note 

also the copper braid running from the lug attached to the center of the cavity 

to the surface of the guitar body. The exposed braid, shown in more detail in 
Figure 12-4c, is normally sandwiched between the guitar body and the bridge 

to ground the bridge. The grounded bridge plate and painted cavity serve as 
electromagnetic shielding for the bridge pickup and associated wiring. Set the 
bridge back in place for now. 


Step 8 

Extract the control plate assembly. Remove the Phillips-head wood screws on 
either end of the control plate. Extract the assembly and lay it across the cavity, 
as shown in Figure 12-4d. From left to right are the tone potentiometer, volume 
potentiometer, and pickup selector switch. The two controls are 250KQ audio 
potentiometers, and the switch is a Fender three-position pickup selector switch. 


Step 9 

Examine the control plate cavity. Push the control plate to the side, taking care not 
to scratch the guitar finish. You should see the conductive paint throughout the 
cavity, as well as a metal solder tab attached to the cavity with a wood screw, as 
shown in Figure 12-4e. 


Step 10 


Trace the black ground wires from the tabs within each cavity. All ground wires 
should terminate on the back of the volume potentiometer, shown in Figure 12-4f. 
In my guitar, four wires are soldered to the back of the pot—one for the bridge 
cavity ground, one for the neck cavity ground, one for the control plate cavity 
ground, and one for the audio output jack ground. 


Layout 


Figure 12-5 shows the basic wiring layout of the volume and tone controls found 
in most electric guitars. Leads from one or more pickups (the white wire at top 
right) terminate at a volume potentiometer (right) and tone potentiometer with 
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FIGURE 12-5 Basic electric guitar control layout 


capacitor (left), and from there, pass to an audio output jack (center). The capacitor 
and tone potentiometer form a variable low-pass RC (resistor-capacitor) filter. The 
components shown in Figure 12-5 are from a Gibson Melody Maker guitar, but the 
same configuration can be found in any number of guitars. 

Note that in Figure 12-5, the connection between the tone potentiometer 
and the output jack is made with coaxial cable. The shield is soldered to the tone 
potentiometer case, which is in turn wired to the case of the volume potentiometer. 
A cheaper alternative to coaxial cable is twisted pair, which provides somewhat 
less noise and EMI protection. This configuration also illustrates that a star ground 
scheme isn't universally adopted and can be modified. As you can see, three ground 
connections are soldered to the back of the volume potentiometer, but the ground 
connection for the audio output jack is made at the tone potentiometer. 

At first glance, the use of a potentiometer case for solder connections seems 
like poor construction technique. After all, a solder lug attached to the control plate 
would provide a neater, more professional layout. However, this is simply how it's 
done with legacy guitars from Fender, Gibson, and others. To guarantee authentic, 
vintage tone, the layout and components used in a stock Tele have remained 
essentially unchanged for decades. 


Components 


I don't want to give you the false impression that innovation in the design of 
electric guitars somehow halted in the 1950s or 1960s. To the contrary, there 
are numerous examples of electric guitars that push the envelope in electronics 
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and materials, from the lightweight resin-based guitars from Parker (www. 
parkerguitars.com) and the MIDI-compatible guitars from Breedlove (http:// 
breedlovemusic.com), to the synthesizer guitars from Moog (www.moogmusic.com) 
and Line 6 (www.line6.com). However, vintage-style guitars remain a significant 
force in the industry. Fortunately, if you learn the fundamentals of a vintage-style 
guitar like the Tele, you'll be well positioned to understand the more complex 
electronic guitar designs. 


EMI Shield 


Well-built electric guitars are designed to operate in electrically hostile 
environments—near other instruments, amplifiers, speakers, cables carrying 
power and audio, fluorescent lights with faulty ballasts, and cell phones. Of these 
signals, the 60Hz power grid is the most powerful, ubiquitous, and problematic. 
Without shielding, the wire loops within the magnetic pickups, the wires from 
the pickups to the controls, and wires to the audio output jack all form excellent 
antennas for receiving 60Hz hum. 

As noted in the teardown, the designers of the Tele attempted to minimize 
hum pickup by painting the cavities with conductive paint and by grounding the 
large metal bridge plate. Painting guitar cavities with conductive paint is a common 
method of reducing noise, hum, and radio interference because it's effective and 
easy to apply. I use conductive paint from Stewart-MacDonald Instrument Repair 
Supply (www.stewmac.com), which contains graphite and carbon black. At $60 per 
pint, it’s expensive but easy to work with. If you use it, don’t touch the toxic paint 
while it’s wet, and wash your hands after painting. 

An alternative to painting is to line each cavity with self-adhesive copper 
tape. The adhesive backing is conductive, making overlapping seams electrically 
continuous. Because of the significant expense and time involved in working with 
copper tape, I prefer paint for cavities and conductive copper tape for the inner 
surface of the pickguard. Copper tape does look better than black paint in the 
cavities—a point to consider if you plan to show off your handiwork with a clear 
pickguard. 


Wiring 
In addition to using shielding to reduce hum, twisted-pair and coaxial cable can 
be used to connect the pickups, switches, controls, and output jack; the use of 
proper grounding techniques can also help. Twisted pairs of wires carrying signals 
from the pickups can minimize hum pickup, because the 60Hz signals induced 
in successive twists cancel each other. Coaxial cable minimizes hum pickup by 
enveloping the inner conductor with a grounded mesh or foil tube. 

During the teardown, we saw that the ground wires from each cavity, the audio 
output jack, and the switch all terminated on the case of the volume pot. The use of 
a common point in the guitar to which all ground connections are tied is one way 
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to minimize the chances that currents in one ground line will generate a signal in 
another part of the circuit sharing the same ground. In other words, if there are 
multiple grounding points, each ground is at a different potential, because there is 
a finite resistance from one ground point to the next. As such, if one ground path 
carries a significant current, a voltage drop occurs across the path, and this voltage 
can interfere with the signals from the magnetic pickups. It's important to note that 
using a common ground point isn't the only, or necessarily the best, way to insure 
proper grounding. However, it's tradition, and it usually works. 

Another practice that is influenced by tradition is the use of fabric insulation. 
Some guitar builders insist on using 22AWG tinned, stranded wire insulated with 
a Celanese (acetate) wrap and waxed, braided cotton outside insulation instead of 
modern PVC. However, I’m not convinced that any human can hear a difference 
in tone because of the use of stranded versus solid core wire or of different types 
of insulation. PVC is less expensive, more stable in environments with varying 
temperature and humidity, and readily available. 


Potentiometers 


The Tele controls are 2W, 250KQ audio taper potentiometers. The audio or log taper 
potentiometers approximate the logarithmic response of human hearing, so that 
a given rotation of the volume potentiometer results in equal changes in volume, 
regardless of the initial potentiometer setting. As discussed in previous teardowns, 
a linear potentiometer would provide a nonlinear change in volume that is 
dependent on the initial potentiometer setting. 

A 2W potentiometer seems like overkill for a guitar that generates a few 
milliwatts. However, for many builders, tradition and vintage tone dictate the use 
of dated hardware. Also, from a practical perspective, the heat absorbed during 
the process of soldering multiple leads to the case of a metal potentiometer would 
probably destroy lesser components. 


Capacitor 


The stock tone control in my Tele uses a 250KO audio taper potentiometer 

and a 0.051f, 100V ceramic disc capacitor. Ceramic disc capacitors are a good 
choice for this application because they’re inexpensive, they’re stable at a range 
of temperatures, and they fit nicely in the limited space of the control cavity. 
Mods commonly use different values of ceramic disc capacitors, sometimes in 
conjunction with one or more film capacitors. 


Audio Jack 


The 1/4-inch mono audio output jack is standard throughout the guitar industry. 
The jack is tough enough to withstand abuse from accidentally yanked chords and 
plugs, is relatively inexpensive, and requires little maintenance. 
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There are exceptions to the standard output jack. For example, Parker (www. 
parker.com), Paul Reed Smith (www.paulreedsmith.com), and a few other guitar 
manufacturers install stereo audio output jacks on their guitars that have both 
magnetic and piezo pickups. One channel is from the magnetic pickup and the 
other is from the piezo pickup and built-in preamplifier. In addition, some traveler 
guitars with built-in audio amplifiers sport 3.5mm jacks for use with lightweight 
headphones. 


Switches 


The traditional three- or four-position, spring-action lever switch, shown in 
Figure 12-6a, is used in virtually all Teles. Some non-Fender Telecaster models 
feature a modern, sealed lever switch. However, tradition and the pursuit of 
vintage tone often dictate the traditional, expensive, and somewhat bulky lever 
switch. 

Alternatives to the lever switch include the open three-way toggle switch, shown 
in Figure 12-6b. This traditional switch, commonly used in Gibson guitars, while 
more compact than the lever switch used on the Fender Tele, is much larger than a 
modern, sealed toggle switch. A key advantage of an open toggle switch over a closed 
switch is that the contacts can be cleaned. Of course, a sealed switch is less likely to 
require cleaning. 


Passive Magnetic Pickups 


A guitar’s tone is a function of hundreds of variables, from the thickness of the 
pick and composition of the neck, to the type of paint on the body. However, 
the magnetic pickups are the heart of the Tele’s distinctive sound. They are also 
the most varied, most valuable, and least understood components on the Tele. 
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FIGURE 12-6 Four-way lever switch and three-way toggle switch 
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Passive magnetic pickups are available in hundreds of different models from 
dozens of manufacturers and an equal number of small artisan shops that cater to 
the custom market. Most of these pickups share the basic structure of one or more 
permanent magnets surrounded by a coil of copper. When a steel guitar string enters 
or vibrates within the magnetic field surrounding the magnet(s), a current is induced 
in the coil. The signal is routed to the controls, out the mono audio jack, and to the 
input of the audio amplifier. 

Magnetic guitar pickups are based on the same effect used in dynamic 
microphones, in which a diaphragm moves either a magnet or a coil when sound 
hits the diaphragm. However, in the case of a guitar pickup, the physical plucking 
of a string provides the relative motion within the magnetic field. 

From an electronics perspective, pickups are commonly classified as active 
or passive, single coil or double coil (humbucking), high or low impedance, high 
or low output, and magnetic or piezo. Pickups are further classified by type and 
configuration of the material(s) used in their construction, whether they are 
embedded in wax or epoxy, and whether the assembly is open or covered with a 
grounded shield. Now let's examine a passive magnetic pickup in detail with a 
mini-teardown. 


Magnetic Pickup Mini-Teardown 


You can follow the pickup teardown shown in Figure 12-7 at home if you don't 
mind destroying the pickup. A good pickup can account for up to a third or half 
of the cost of a guitar, and, other than requiring remagnetization every decade 
or two, they last forever. I frequently replace a pickup with one of a different 
design to change the tone of a guitar, but I carefully store the original pickup for 
future use. 

Let’s focus on the Tele’s smaller, single-coil neck pickup. On inspection, you 
should see the six round ends of cylindrical pole pieces—one per guitar string. On 
a Fender pickup, the pole pieces are magnets. Other pickup designs use steel pole 
pieces to focus the magnetic fields generated by permanent magnets attached to the 
pole pieces. In either case, the movement of a string above a pole piece disrupts the 
large number of magnetic lines of force focused through each pole piece. 

Let’s examine the magnetic field surrounding the pickup. Because we can’t sense 
the field directly, we have to rely on secondary indicators. The simplest approach 
is to use magnetic field viewing paper, which is a plastic sheet containing iron 
filings suspended in oil, available from Edmund Scientifics (www.scientificsonline. 
com). You should see a concentration of magnetic lines of force—that is, greater 
accumulations of iron filings—immediately above each pole piece. 

An alternative to the above qualitative approach is to measure the magnetic field 
strength with a probe containing a Hall effect chip. The Hall effect is the production 
of a voltage difference across a conductor, transverse to an electric current in the 
conductor and a magnetic field perpendicular to the current. If you’ve used one of 
those clamp-on current probes, you've worked with a Hall effect probe designed to 
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FIGURE 12-7 Mini-teardown sequence 


measure current. Unfortunately, a precision Hall effect magnetic field probe, such as 
the B&K PR 26M (www.bkprecision.com), sells for thousands of dollars. 

Regardless of how you measure it, what matters is that the stronger the magnetic 
field, the greater the voltage output from the pickup. Measuring the absolute field 
strength is more important with older pickups, because magnets degrade with time. 


Step by Step 

Because of the apparent simplicity of construction, you might get the impression 
that you're disassembling a simple solenoid or speaker coil. However, subtle 
differences in pickup construction can result in significant tone differences. For 
example, as you step through this mini-teardown, notice the windings. Are they 
regular within a layer? What about between layers? 
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Step 1 

For our purposes, the most relevant magnetic field parameter is polarity, and 

this is relatively easy to measure. I use a commercially available detector from 
Stewart-MacDonald—a magnetized steel ball with one pole painted black and one 
white, contained within a plastic tube. A small keychain compass works almost as 
well. With your magnetic polarity detector, determine the polarity of each of the 
pole piece slugs, as shown in Figure 12-7a. If you have a modern Fender Tele, both 
the bridge and neck pickups should be “south up,” where “up” means facing out, 
toward the steel guitar strings. If you're lucky enough to have a Fender Tele from 
the early 1950s, the neck pickup should be “north up.” 

The relative magnetic polarity of each pickup determines the phasing of the 
pickups, and therefore how the white and black output wires should be connected 
to the controls for a proper, in-phase signal. If you wire your neck and bridge 
pickups so that they're out of phase, the signals will partially cancel each other. 
Each pickup will sound fine by itself, but when the selector switch connects the 
pickup wires in series or parallel, the resultant output signal will be weak and tinny 
sounding. 

Documenting a pickup's magnetic polarity is useful beyond verifying proper 
phasing. Polarity also indicates whether the original pickups have been modified—an 
important consideration when you're verifying the authenticity of a guitar ata 
garage sale or a guitar shop. For example, if you have been following along closely, 
you can see in Figure 12-7a that the polarity of the pickup is south up. This is 
inconsistent for a modern Fender pickup. 

There’s a good reason for this discrepancy. The pickup in the photo is a single- 
coil neck pickup from a Gibson Melody Maker that is physically similar to a Fender 
Tele pickup, but it uses a reverse polarity. I couldn’t bring myself to destroy a 
perfectly good (and expensive) Fender pickup, when I had this relatively inexpensive 
Gibson pickup to use for a teardown. Besides, even if I had used the stock Fender 
pickup, it may not have resembled the neck pickup of your Tele if you're following 
at home. 

Pickups used in the Tele differ by model and year of manufacturer. For example, 
some Tele neck pickups are encased in a metal shield that is connected to ground. 
Others’ designs shield the pickup from 60Hz hum by wrapping the pickup with 
insulating cloth tape and then wrapping the coil with conductive copper tape, which 
is then connected to ground. In our teardown, we have a simple, single-coil pickup 
without a metal shield or copper tape. 


Step 2 

Now, remove the black paper or cloth tape from the pickup, exposing the 7800 

to 8000 windings of fine enameled copper wire, as shown in Figure 12-7b. Tele 
neck pickups are typically constructed of fragile 43AWG enameled wire, whereas 
42 AWG wire is used for the bridge pickup. The 43AWG wire is used in the neck 
pickup because it is shorter than the bridge pickup—the guitar strings are closer 
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together near the neck and wider near the bridge. To get enough windings around 
the neck pickup, the manufacturer uses thinner wire. The white substance on the 
surface of the windings in the photo is wax, which minimizes vibration and seals 
the unit from moisture. 

If you have a stock Fender pickup, such as the Vintage Noiseless pickup, 
the six pole pieces are Alnico (aluminum, nickel, cobalt) magnets. However, if 
you're following along at home with a non-stock Tele or another guitar, you might 
encounter one of dozens of possible pickup designs. For example, your pickup may 
include two rectangular Alnico bar magnets that run on either side of the pickup, 
as in Figure 12-7c. The magnets make contact with each of the six steel pole pieces. 
Remove the bar magnets, if present. 


Step 3 

Remove the wire from the pickup to reveal the plastic bobbin, as shown in 
Figure 12-7d. If you want to save the wire by unwrapping it, give yourself an 
hour or two to complete the task. And you're likely to break the fragile 43AWG 
wire. Alternatively, attack the wire with sharp diagonal cutters and dispose 

of the short wire clippings. If you’re interested in winding your own pickups, 

42. AWG and 43AWG enameled wire is readily available from several guitar supply 
houses. 

Although the wire used to create magnetic pickups is fragile, it enables pickup 
designers to pack a lot of inductance into a small space. Consider the Fender Vintage 
Noiseless pickups, which are single-coil pickups based on Alnico 5 magnets. The 
3.7H neck pickup and larger 4H bridge pickup contribute to the Tele’s characteristic 
twang. Unfortunately, the single coil pickup design also works wonderfully as a 
60Hz antenna. 

Pickup manufacturers address the hum problem by using humbucker pickups, 
which are designed with two coils of wire and two magnets. A humbucker is 
constructed so the two coils of wire are out of polarity with each other and each 
coil is wound around a magnet of opposite polarity. Because the coils are in close 
proximity to each other, 60Hz currents induced in one coil are induced in the other 
coil. However, because the coils are wound in opposite polarity, the 60Hz signals are 
180 degrees out of phase, canceling the hum. 

Consider the contribution of the magnets of opposite polarity. The 60Hz 
currents are induced by an external electromagnetic field and are not affected by 
the presence of the magnets. However, because the magnet polarities are reversed, 
the voltage induced by a vibrating guitar string is doubled. Humbucking pickups 
not only increase the SNR of a guitar’s pickup system, but they create a thicker tone 
than single-coil pickups. As such, if you replace the Tele’s single-coil pickup with a 
humbucker—a common mod—you'll lose some of the Tele’s characteristic biting tone. 
And that may be a good thing. As with most mods that affect a guitar’s tone, it’s a 
question of personal taste. 


Answers to Self-Test 


If your answers do not agree with those 
given here, review the problems indicated In 
parentheses. 


1. See Figure 11.57 . 
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(problems 1-5) 

2. See Figure 11.58 
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(problem 2) 
3. See Figure 11.59 


(problem 11) 

4. See Figure 11.60 . 
(problem 13) 

5. See Figure 11.61 
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(problems 15-18) 
6 RI = 833 ohms, Cl = 79 uF: let X C2 
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Neck Pickup 


Amp & Speaker 


FIGURE 12-8 Simplified schematic of the 
Telecaster and typical setup 


How It Works 


An electric guitar is like a CD or DVD player in a home entertainment system, in 
that the listening experience depends as much on the speakers, amplifiers, mixers, 
and other devices as it does on the signal source. As such, in considering the 
operation of our Tele, we have to assume a typical system configuration—at least 
one cable, perhaps an effects pedal, and an amplifier with a built-in or external 
speaker system, as in the schematic shown in Figure 12-8. For our purposes, 
the Tele can be reduced to a magnetic neck pickup, magnetic bridge pickup, 
pickup switch (SW1), tone potentiometer (T), volume potentiometer (V), and tone 
capacitor (C). 

The electrical equivalent of a pickup is an AC signal source, series resistance, 
inductance, and parallel capacitance. Recall from our teardown that no resistors 
or capacitors are associated with a passive magnetic pickup. The resistance is due 
to the DC resistance of the fine copper wire—typically around 10KO for a single 
coil Tele pickup. The capacitance is the equivalent capacitance between coils of 
wire. Most references that I’ve seen suggest that a normal range for coil winding 
capacitance is 100 to 200pF. As noted earlier, the published inductance values for 
single coil pickups range from 2 to 5H. 

The significance of the equivalent circuit for each pickup is that they appear as 
classic parallel LC circuits. Recall that at resonance, a parallel LC circuit presents a 
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high impedance and corresponding high voltage across the inductor and capacitor. 
The lower the value of internal resistance, the sharper the peak of resonance. 
Conversely, with increased resistance, the resonance peak becomes less pronounced. 
If we assume a Fender Vintage Noiseless neck pickup with an inductance of 4H 
and an equivalent capacitance of 160pF, then the resonant frequency of the neck 
pickup in free space can be calculated as follows: 
F =1/[2p (LC)1/2] 
F = 1/[6.28 x (4 x 160 x 1072)/2] 
F = 6291Hz 
Similarly, the theoretical free space resonant frequency of a 3.7H bridge pickup 
with an equivalent capacitance of 160pF can be calculated as follows: 


F = 1/[6.28 x (3.7 x 160 x 102)? 
F = 6541Hz 


q DA Ifyou don't have a calculator handy, a nice LC resonance frequency calculator is 
Note . a B A 
available at What Circuits (www.whatcircuits.com). Try plugging in values for the 
O nm 


range of equivalent capacitance from, say, 50 to 200pF, and notice the resonant 
frequency. 


Returning to the schematic in Figure 12-8, you'll see that the pickups are not in 
free space. They can be connected in parallel with each other and with the other 
systems’ components. The capacitance across the inductance of each magnetic 
pickup includes a contribution from the 0.05pf tone capacitor (C) as well as the 
equivalent capacitance from the cable, effects pedal, and amplifier input circuitry. 
The typical cable contributes 200 to 500pF, depending on length and manufacturer. 
Cable resistance is insignificant, given the low signal levels involved. Effects pedals 
easily contribute another 100 to 200pF to the system. In addition, pedals that don’t 
completely disconnect when powered off contribute as little as 500KQ of shunt 
resistance. The typical amp input also contributes about 1M of shunt resistance and 
100pF capacitance. All this has an effect on the tone of the system, namely shunting 
high frequencies to ground. 

The resonant frequencies of the pickups are significant in that they're within 
the most sensitive band of human hearing. As such, the nonlinearities in frequency 
response they introduce into the electric guitar system will likely be evident to the 
listener. However, it’s difficult to quantify how the other system elements connected 
to the guitar can shift the resonant frequency of the system and therefore the tone. 
You could use SPICE (Simulation Program with Integrated Circuit Emphasis) or a 
similar tool to simulate the circuit, but you'd be hard pressed to provide the exact 
electrical parameters of your specific setup—your guitar and pickups, your cables, 
your effects pedals, and your amp. 
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For example, it’s almost impossible to find capacitance and resistance loading 
values for effects pedals that don't totally disconnect from the circuit when not in 
use. And cable manufacturers like to use qualitative superlatives in defining their 
guitar cables, but few list actual specifications. One exception is Lava Cable (www. 
lavacable.com), which manufactures cables with capacitance of 25 to 50pF per foot. 

To get a feel for the relative contribution of components, let’s run a few 
experiments with the aid of a signal generator and oscilloscope. Since we know the 
current through a parallel LC circuit will be minimum at resonance, we can apply a 
constant amplitude audio signal across a pickup and sweep the frequency. A dip in 
current should indicate resonance. 

As shown in the plot in Figure 12-9, the resonance dip in current for the Fender 
Vintage Noiseless neck pickup is about 3kHz, which is significantly different from 
the free space resonant frequency calculations. Differences in theoretical and 
measured values could be due to differences between the actual versus published 
inductance values and assumed capacitance values. Notice that for illustration 
purposes, I cleaned up the actual plot, which wasn’t as pronounced or clean as that 
shown in the figure. The change in current at resonance is only on the order of a few 
milliamps with a 5V sweep generator. 

To determine the resonant frequencies of the guitar as a whole, you could use 
the same method of sweeping a constant amplitude audio signal, but this time with 
the pickups mounted in the guitar body, with the tone capacitor in the circuit. The 
audio signal could be input and measured at the audio jack. Similarly, you could 
measure the resonant frequency of your system as a whole—say, for example, 
the Tele body, a 30-foot Fender coil cable, an MTX distortion pedal, and a Fender 
Champion tube amp. You could then substitute components and measure the 
resonant frequency. 

At issue, of course, is the value of these measurements beyond our interest in 
electronics. We can’t assume that our objective measures will reflect the quality 
of tone produced by the system, and therefore the value to the guitar designer 
or player. Perhaps you can now appreciate why Fender hasn’t changed much in 
its original Tele design, including the use of antiquated components and wiring 
techniques. This isn’t to say that the guitar shouldn’t be modded for fear of 
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FIGURE 12-9 Idealized dip in current 
at resonance 


250 


Part III For Musicians 


introducing some unknown variable into the system and wrecking the tone. On the 
contrary, the beauty of the Tele is that the design is so simple that most mods can be 
undone in a few minutes, without any permanent damage. 


Mods 


Despite the Tele's apparent mechanical simplicity, you might be amazed at the 
tonal differences that can result from subtle changes in components and wiring. In 
determining which of the following mods are for you, it’s worth repeating that tone 
is a matter of taste and music style. A stock Tele may be all you ever need—but 
then perhaps you won't be able to resist manipulating the electronics to create a 
better tone. If so, here’s a list of popular electronic mods for the Tele. 


More Pickup Switching Options 


One of the most popular and inexpensive mods is adding a serial pickup option 
by swapping a four-way selector switch for the stock three-way switch. The serial, 
in-phase tone is distinctive and useful with a variety of styles. 


Compensated Volume Control 


At low volume settings, the highs in the guitar signal are attenuated disproportionally. 
A work-around is to set the volume potentiometer to maximum volume and adjust 
overall volume by adjusting other system components. A popular mod is to use a 
treble bleeder capacitor—a 0.001pf ceramic disc capacitor—from the high side to the 
wiper arm of the volume pot. The capacitor provides a low impedance path for high 
frequencies, regardless of the pot’s position. 


Functional Tone Control 


As noted earlier, a shortcoming of the Tele’s design is the suboptimal tone pot. It’s 
a common practice to set the potentiometer to 250KO for maximum treble and to 
forget about it. However, even at maximum, high frequencies are attenuated. For 
example, at 3000Hz, the total impedance to ground is essentially the value of the 
pot, given the capacitive reactance is negligible: 


Impedance = R + Xe 
= 250KQ + 1/[2n x F C] 


= 250K0 + 1/[6.28 x 3000 x 5 x 107°] 
= 250KQ + 1.1K 
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The obvious way to maximize the high frequency output of the Tele is to use 
a higher value tone pot. Substituting a 500KO or even a 1MO potentiometer for the 
250KQ potentiometer is a common mod. 

A commercial mod that does away with the tone potentiometer and 0.05pf tone 
capacitor, Stellartone, is based on switched capacitors instead of a pot. I’ve used the 
Stellartone (www.stellartone.com) on two Teles with good results. However, as with 
the standard tone pot, I tend to use it wide open, and I use an effects pedal and amp 
controls to vary the relative contribution of highs to the final tone. 


Pickup Variations 


You probably don't have enough time or money to try all the various pickups 
available for the Tele. In this teardown, we touched on the most popular 
configurations of passive magnetic pickups. In addition to a variety of passive 
magnetic pickups, there are active magnetic pickups and piezo pickups, both 

of which may have onboard amplifiers and impedance-matching circuitry that 
require battery power. Pickup variation mods range from using a different variety 
of passive pickups to a combination of active magnetic and piezo pickups with a 
passive magnetic pickup. 


Passive Magnetic Pickups 


In addition to the stock pickups from the big-name guitar manufacturers, several 
third-party manufacturers specialize in passive magnetic pickups for specific 
guitars. Figure 12-10 shows a popular replacement neck pickup for the Tele 
designed by Kent Armstrong (www.kentarmstrong.com). The pickup, produced 
in Korea, is more expensive than the equivalent Fender pickup, but it's more 
affordable than the hand-built pickups available from boutique shops. If you look 
carefully at the figure, you can see four leads—one pair for each coil in this hum- 
canceling pickup. 


FIGURE 12-10 Kent Armstrong pickup 
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FIGURE 12-11 Single-coil kit 


If you can’t find or afford the passive magnetic pickup you need, or you 
simply can't resist working with 43AWG wire, then another option is to wind your 
own. Figure 12-11 shows a single-coil kit for the Tele that I purchased from 
Steward-MacDonald (www.stewmac.com). 

The kit comes with Alnico 5 magnet pole pieces and the plates to hold the pole 
pieces in place. You'll need some 43AWG wire and steady hands to complete the 
pickup without kinking or snapping the wire. You might as well invest in a full roll 
of wire at the start, given your only option in dealing with a broken wire is to start 
over. Even if you don't build your own passive magnetic pickup, it's worth visiting 
the Stewart-MacDonald site to review the specs for common pickups, including the 
number of turns of wire, magnet polarity, and type of magnet. 


Active Magnetic Pickups 


Passive magnetic pickups are limited in the signal strength they can achieve. 
Increase the strength of the magnets and the steel strings are pulled into the 
pickup, damping the notes. Move the strings closer to the pickup and you have 
the same problem. One way to address this and other shortcomings of the passive 
magnetic pickup is to install an amplifier and interfacing circuitry at the point 
the signal wires exit the magnetic pickup coil. The leader in the active magnetic 
pickup market is EMG (www.emginc.com). 

Active magnetic pickups are considered a “hot” signal source, with a typical 
output of 1.5VAC. In addition, they are usually shielded internally. Both factors 
contribute to an SNR that is superior to that of a typical passive magnetic pickup. 
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Because active pickups have little magnetism compared to passive magnetic pickups, 

strings can be positioned much closer to the pickup, which can increase playability. 
Aside from cost—about double that of a passive magnetic pickup—the major 

downside of using an active magnetic pickup is the need to supply power, typically 

9VDC at 801A. The issue is typically lack of space for a 9V battery. My suggestion 

is to use a router to create a cavity in the guitar back and install a battery 

holder. Steward-MacDonald and WD Music Products (www.wdmusic.com) sell 

battery holders and router guides. In addition, if you upgrade to active magnetic 

pickups, you'll have to replace the standard 250KO potentiometers with 25KO, 

potentiometers. 


Piezo Pickups 


Piezoelectric, or piezo, pickups are vibration sensors. They’re standard issue on 
most acoustic-electric guitars and increasingly common on hybrid magnetic-piezo 
electric guitars. Piezo pickups rely on the piezoelectric effect, in which a voltage 
is produced when a crystal is stressed. Because of their structure, piezo pickups 
are relatively impervious to magnetic fields, including those that cause hum. The 
high impedance output of a piezo pickup can be sent directly to an output jack. 
However, it can’t be mixed with the output from a magnetic pickup without an 
active mixer/preamp. 

Properly configured, a piezo pickup can transform a Tele or another electric 
guitar into a semi-acoustic guitar with shimmering highs. Moreover, with an 
onboard mixer, the high impedance signal from a piezo pickup can be combined in 
varying degrees with the signal from an active or passive magnetic pickup, resulting 
in unique tone combinations somewhere between an acoustic and a traditional Tele. 

Examples of piezo pickups compatible with the Tele include the GHOST pickup 
system from Graph Tech (www.graphtech.com) and the Tune-O-Matic Powerbridge 
from Fishman (www.fishman.com). Onboard piezo mixers and amplifiers are 
available from L.R. Baggs (www.Irbaggs.com) and Fishman, among others. These 
amplifiers and mixers provide isolation and impedance matching for the high- 
impedance piezo pickup, and typically provide auto-mixing as dictated by a smart 
1/4-inch output jack. If the jack senses a stereo plug, magnetic signals are routed 
to one channel and the piezo signals to another. If it senses a mono plug, the 
mixer combines the signals from the piezo and magnetic pickups, with the relative 
contribution of each signal controlled by the position of the mixing pot. 


A MIDI Intertace 


Transforming your Tele into a MIDI controller opens up myriad possibilities, 

from automatic transcription of music notation to controlling drum machines and 
synthesizers. You can add a MIDI interface to your Tele in two ways—the easy way 
and the hard way—and I’ve done both. The easy way, and the way I recommend 

if you’re new to MIDI, is to purchase an external MIDI pickup, such as the Roland 
GK-3 (www.roland.com), shown in Figure 12-12. 
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FIGURE 12-13 Pickup installed in reworked 
pickguard 


To install the unit, mount the thin, active magnetic pickup immediately above 
the bridge plate and attach the GK-3 unit with either temporary adhesive or two 
wood screws, as shown in Figure 12-13. Notice that the pickup is composed of six 
separate pickups, as opposed to a single pickup with six pole pieces. Each of the six 
pickups responds only to the string immediately above it. In this way, the signals are 


Chapter 12 Electric Guitar 255 


easily parsed and it's possible to determine which string contributes a specific note 
during play. 

Ideally, the active magnetic pickup should be mounted as close to the bridge as 
possible. The design of Tele's bridge plate is such that you have to mount the pickup 
just above the plate. However, at this position, the pickguard presses the pickup 
against the strings. The solution is to cut the pickguard with a jigsaw, coping saw, 
or band saw to make room for the pickup. Consider purchasing an inexpensive 
pickguard to cut and use with the MIDI pickup. You can reinstall the original 
pickguard if you decide to remove the pickup. 

The hard—and most attractive—way to attach a MIDI interface to a Tele is to use 
the embedded version of the Roland pickup. Instead of working with double-sided 
tape, however, you'll need a drill, soldering iron, and the better part of a day. You'll 
need to drill three holes in the pickguard and in the body for switches. In addition, 
you'll have to add a third potentiometer between the tone and volume controls. 
More significantly, you'll have to bore a 1-inch diameter, 2-inch deep hole from the 
edge of the guitar to the control area for the 13-pin MIDI connector. And, to add an 
extra challenge to the effort, the three ribbon cables included in the standard kit 
aren't long enough for the Tele. You'll either have to extend the cables or find longer 
versions at an electronics supply house. 

I didn't want to wait a week for delivery of longer cables, so I opted for extending 
the original cables by splicing in a few extra inches of ribbon cable. Fortunately, the 
operation was successful. With the exception of the thin magnetic pickup mounted 
just above the bridge, my Tele looks and handles like a standard electric when I'm 
not using it as a MIDI controller. Next time, however, I'll buy cable extensions and 
save a few hours of bench time. 
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Chapter 13 


Effects Pedal 


uitarists who strive for a particular tone for each song or genre they play 

have two options: they can buy a Fender Stratocaster and a Marshall amp to 
play one song, a Gibson Les Paul and VOX amp to play another, and so on; or they 
can fake it with signal processing. Few musicians have the funds or space for the 
first option, making analog and/or digital signal processing the de facto means of 
morphing sounds. 

Signal processors for guitars are available in a variety of configurations. They 
can take the form of a chip embedded in a guitar body or amplifier, a rack-mounted 
unit, or an effects pedal. An effects pedal, such as the one shown in Figure 13-1, is a 
signal processor in an indestructible case with a rugged on-off button. Effects pedals 


FIGURE 13-1 MXR Distortion+ effects pedal 
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are designed to interface with the musician's shoes and feet. The on-off buttons are 
stomped, and guitarists operate rubber-encased knobs with their feet—all without 
interrupting guitar play. 

Effects pedals are available for almost every conceivable sound-processing task, 
from creating a classic tube sound to adding reverb, chorus, wah, or compression to 
the signal from a guitar. With a multi-effects pedal or handful of analog or digital 
single-effects pedals, a skilled guitarist can play authentic-sounding acoustic, hard 
rock, metal, country, jazz, and blues with a single electric guitar and amp. 

In this chapter, I'll tear down a popular analog effects pedal, the Dunlap M-104 
MXR Distortion+ pedal, referred to hereafter as simply “the pedal.” As its name 
suggests, this popular signal processor introduces a controllable level of distortion 
into the guitar signal. The simplicity of the pedal’s circuitry lends itself to modding, 
which TIl cover at the end of this chapter. 


Highlights 
Give yourself 10 minutes to complete the basic teardown. The pedal consists of 
an aluminum box that contains a well-laid-out circuit board with about two-dozen 
components. There's a 741 operational amplifier, a pair of 1/4-inch audio jacks, 
two audio-taper pots, switching diodes, metal film resistors, an LED, a variety of 
capacitors, and a foot switch. 
During the teardown, note the following: 


e External power requirements Effects pedals, like most other music 
electronics, use positive ground instead of conventional negative ground. 

e Layout of the circuit board and overall construction Effects pedals are 
built to take abuse. 

e Component types and ratings Try to date the design of the board, based on 
components. 


Specifications 


Effects pedal specifications are often written in qualitative music jargon. For 
example, Dunlap's materials for this pedal refer to “retro-authentic soft-clipped 
distortion tones” and “classic fuzz tones.” While these terms may be understood by 
a guitarist, they lack the technical specificity required for an objective comparison 
of pedals from different vendors. 

Many specifications of industry standards are simply understood. For example, 
virtually all effects pedals are configured so that the audio input jack is on the right 
side; the audio output jack is on the left; and the controls knobs, LED, and on-off button 
or pedal are on the top. Figure 13-2 illustrates this standard pedal configuration. 

The effects pedals on either side of the Distortion+ pedal in Figure 13-2 
are two of my favorites from Roland/Boss, a major manufacturer of single- and 
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FIGURE 13-2 Standard pedal configurations 


multiple-effects pedals. The Roland/Boss OD-2 Turbo Over Drive pedal is similar 
to the Distortion+ in how it modifies the guitar's signal, but it uses three times as 
many discrete components. The BD-2 Blues Driver pedal creates a much richer 
distortion than either of the other pedals, but it uses a high discrete component 
count. 

As you can see from Figure 13-2, an advantage of a common right-input, 
left-output design is that pedals can be cascaded with short, direct cables. Typical 
effects pedals, including the three in the figure, present a nominal input impedance 
of IMQ and a nominal output impedance of about 2KO, and they require 9VDC 
(positive ground) at up to 500mA. 


Operation 


Since this is a stand-alone effects pedal with only two controls and an on-off 
button, as shown in Figure 13-2, operating the pedal is a no-brainer. Insert a 
1/4-inch mono audio plug from your guitar or effects pedal into the input jack, 
and connect the mono plug to another effects pedal or a power amp into the 
output jack. Stomp on the large button to activate the circuitry, including the LED 
power indicator. Turn the DISTORTION knob clockwise to increase the amount of 
distortion in the signal. You can turn the OUTPUT knob to alter the volume of the 
guitar signal, without affecting the level of distortion. 

Pedals are typically used as part of a sequence of five or six pedals. A typical 
pedal setup might include, from guitar to amp, a wah-wah pedal, chorus pedal, 
overdrive pedal, and delay pedal. Because of the interaction among pedals, the 
same pedals can be arranged to provide a variety of tone. 
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For example, if you place a reverb pedal before a distortion pedal in the signal 
chain, you'll get a very different tone compared to using a distortion pedal and then 
a reverb pedal. And substituting a pedal with a specific effect from, for example, 
Roland/Boss with one from Ibanez will result in a different tone. 

Because of expense and complexity of using multiple, single-function effects 
pedals, digital, all-in-one, multi-function pedal boards are used by some guitarists. 
However, dedicated, single-function effects pedals set the standard for guitar signal 
processing. 


Teardown 


The teardown is illustrated in Figure 13-3. As you can see, it’s a 5- to 10-minute 
operation. Even if you're following along at home with an effects pedal other than the 
Distortion+, once you remove the back and expose the circuit board, you're 80 percent 
there. The remaining 20 percent of effort is in analyzing the circuitry on the board. 
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FIGURE 13-3 Teardown sequence 
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Hundreds of different effects pedals are on the market, and each manufacturer 
has its own way of achieving a particular tone. For example, the popular Roland/ 
Boss distortion pedals use half a dozen transistors, whereas our pedal achieves 
similar tones with a single operational amplifier. The distortion pedals from 
different manufacturers produce similar but different tones. There is no clear-cut 
better tone—it's a mater of personal taste. 


Tools and Instruments 


A Phillips-head screwdriver, nut driver set, and crescent wrench are all you need 
for this teardown. If you intend to make a habit of removing retaining nuts from 
switches and buttons mounted on front panels, consider picking up a plastic nut 
removal tool from Steward-MacDonald (www.stewmac.com). Other pedals may 
have pressure screws in their plastic control knobs, requiring either a small Allen 
wrench or small flat-blade screwdriver. 

A multimeter might help in tracing the schematic, but it’s not necessary. 
A dual-trace oscilloscope would enable you to visualize the effect of the pedal at 
various distortion settings. 


Step by Step 
This teardown involves opening the metal box and freeing the controls. However, 


take your time. It's easy to scratch the paint on an effects pedal when you're 
removing the retaining nuts on switches and potentiometers. 


Step 1 
Remove the back cover. Extract the four machine screws with a Phillips-head 


screwdriver and set aside the back cover, shown in Figure 13-3a. Ifa 9V battery 
is installed, remove it from the battery cavity. 


Step 2 

Remove the external retaining nuts. Carefully remove the retaining nuts from the 
external jacks, switches, and potentiometers, which are visible in Figure 13-3b. 
You'll need a 7/16-inch nut driver for the input and output jacks, and a 13mm 

deep metric driver for the on-off button. Use the plastic nut removal tool to avoid 
scratching the paint when you remove the retaining nut from the on-off switch. 
The metal retaining nuts screw into the soft plastic of the input and output 
jacks—so avoid cross-threading the jacks when you reseat them. 


Step 3 
Extract the circuit board. Remove the 9V battery connector and lead from the 
board to avoid damaging the wires. 
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Step 4 

Examine the board. The two potentiometers, input and output jacks, and 
push button switch dominate the circuit board, as shown in Figure 13-3c. 
Note the operational amplifier and associated components, shown in 


Figure 13-3d. 


Layout 


Thanks to the use of low-density leaded components, the layout of the circuit 
board is clean and the connections are easy to trace with the aid of a multimeter. 
As a bonus, component labels are stenciled on the board. Carefully bend the 
potentiometers out of the way and orient the board so that the on-off button is 
at the right, as shown in Figure 13-4. From this perspective, the components 
associated with the power circuitry—the power adapter jack, 100pf at 16V 
electrolytic capacitor, and 9V battery jack—are at the upper-right. The power-on 
LED is just to the left of the large button. 

The normal signal path is from the right jack to the left jack, which is from 
top to bottom in this orientation. The jack on the top is a special sensing jack that 
cuts power to the unit when a plug is removed. The signal processing components, 
including a 741 operational amplifier, a pair of germanium diodes, 0.25W metal 
film resistors, and several capacitors, are in the upper-left area of the board. 

See Figure 13-5 for a close-up of the two germanium diodes and operational 


amplifier. 
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FIGURE 13-4 Component layout 
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FIGURE 13-5 Germanium diodes and operational 
amplifier 


Components 


The components in this effects pedal are hardly representative of the cutting 
edge of electronics. As with many guitars, you'll find the use of traditional, leaded 
components common in many effects pedals designed to provide a vintage tone. 


Diodes 


The centerpiece of the pedal is a pair of 1N270 germanium diodes, labeled D1 and 
D2 in Figure 13-5. Unlike typical silicon power diodes used in power supplies, 
germanium diodes are relatively fragile, and their uses are limited to low-power 
switching applications, RF input probes, and AM/FM detectors. The 1N270 can 
handle an average forward current of only 40mA and a peak inverse voltage of 
only 100V. 

For our purposes, the most significant characteristic of germanium diodes 
is their relatively low forward conduction voltage. As shown in Figure 13-6, the 
relationship between forward voltage and current is nonlinear for both germanium 
and silicon power diodes. With increasing forward voltage, there is an approximately 
exponential increase in current flow. Figure 13-6 also illustrates that germanium 
diodes conduct when forward-biased about 0.3V, versus 0.7V for silicon diodes. 

Diodes are “soft switches,” in that they don’t instantly transform from perfect 
insulator and perfect conductor at a specific forward conduction voltage. Figure 13-6 
illustrates that both standard silicon and germanium diodes conduct in varying 
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FIGURE 13-6 Silicon versus germanium diode 
conduction 


degrees at 0.3V. Whereas the germanium diode is at nearly full conduction, the 
silicon diode is barely conducting. Both standard silicon and germanium diodes 
present high impedance to current when reverse-biased—until their peak inverse 
voltage is exceeded and an avalanche of current ensues. 

The forward-bias conduction voltages of diodes are additive, in that if two 
germanium diodes are connected in series, cathode-to-anode, the series will conduct 
when forward-biased at 0.3V + 0.3V = 0.6V. Similarly, a germanium diode in series 
with a standard silicon diode will conduct when forward-biased at 0.3V + 0.7V = 1.0V. 


You may be wondering why I keep referencing “standard” silicon diodes. I do this 
because a special class of silicon diodes called Schottky or hot carrier diodes are 
used for high-speed switching. The forward voltage drop is typically between 
0.15 and 0.45V and the on-off switching time is often an order of magnitude less 
than that of standard silicon diodes. However, most effects pedals use either 
standard silicon or germanium diodes, so we'll focus on those technologies for 
now. 


The fixed forward conduction voltage of a diode or series of diodes can be 
applied to a variety of applications. One use is to create a constant voltage drop, 
independent of current. For example, to run a 5.0V circuit from a 6.0V battery, 
you could insert a silicon power diode in series with the battery, providing the 
circuit with 6.0V-0.7V = 5.3V. This may be within the maximum voltage limits 
for the circuit. Alternatively, you could connect two diodes in series, providing a 
working voltage of 6.0V-(0.7V x 2) = 4.6V, again, assuming this voltage will work 
for the circuit. 
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Another use for the forward-bias voltage drop is to create a clipper or limiter to 
constrain the amplitude of an AC signal. Within the power-handling capabilities of 
a diode, when a voltage in excess of the forward conduction voltage is applied to a 
diode, the device appears as a low-resistance shunt. A series resistor can extend the 
operating range of a diode clipper or limiter by protecting the diode from excessive 
current. 

A single germanium diode will limit the amplitude of an AC signal applied 
across it to 0.3V, but only during the part of the cycle when the anode is positive with 
respect to the cathode. Virtually no current flows when the diode is reverse-biased. 
If symmetrical clipping is required, two diodes can be used in parallel, arranged 
anode-to-cathode. When one diode is forward-biased, the other is reverse-biased. 


Circuit Board and Enclosure 


Effects pedals are known as “stomp boxes” for good reason—they’re designed to 
take abuse. Unlike many other electronics devices, they’re intended to be stepped 
on repeatedly, to withstand an occasional dousing with soda or beer, and to have 
their power and signal chords yanked out mercilessly. As a result, the circuit 
board, jacks, and all-metal enclosure of this pedal are substantial. The aluminum 
enclosure not only provides structural integrity and a hefty heat sink, but also EMI 
shielding to and from other electronic devices. 

The circuit board is also multilayered, meaning a layer of conductive traces are 
sandwiched between the top and bottom layers. While a multilayered board makes 
tracing connections between components more challenging, it often includes a large 
grounded area that shields the circuit from noise. 


Resistors 


This pedal uses a 47KQ audio taper pot for the output control, a 470KO audio 
taper pot for the distortion control, and about a dozen metal film fixed resistors. 
Metal film resistors are appropriate for effects pedals in general because they 
produce less noise than cheaper carbon resistors. Resistor noise introduced at this 
point in the signal chain may be amplified several-fold by other pedals and the 
power amp. 

This pedal is a low-power device that could have been produced with SMT 
resistors and other components. However, given that the size of the enclosure is 
already as small as practical, and that the input and output jacks need a substantial 
board for physical support, there is no obvious reason to develop a more compact 
board. 


Operational Amplifier 


This pedal is built around the popular LM741CN, a contemporary version of the 
741 operational amplifier, or op amp, introduced in the 1960s. This ubiquitous 


266 Part 111 For Musicians 


JI 
Offset [ | NC 
IN- [I 1] VCC+ 
vcc- [ | Offset 


FIGURE 13-7 Noninverting AC 
operational amplifier circuit 


component, containing 20 transistors and about a dozen resistors, has several 
features that make it ideal for use in an effects pedal. It can be configured as a 
high-input impedance, low-output impedance amplifier, and gain can be easily 
adjusted using a few resistors in a feedback network. Moreover, the bandwidth is 
more than adequate for audio work. 

Figure 13-7 show a generic noninverting AC amplifier based on the 741 
operational amplifier. The operational amplifier has two inputs, a noninverting 
input (+) and an inverting input (-). Because the guitar input signal is fed to the 
noninverting input, the output will be in phase with the input. Conversely, if the 
input signal is sent to the inverting input (-), the output will be 180 degrees out of 
phase with the input. Both inputs are critical to manipulating the behavior of the 
operational amplifier through the external feedback provided by the voltage divider 
formed by R1 and R2. 

My favorite heuristic for working with operational amplifiers, borrowed from 
The Art of Electronics by Horowitz and Hill, is this: “The output will tend to change in 
a way that forces the external feedback network to minimize the voltage difference 
between inputs.” Armed with this heuristic, you can manipulate the gain of the 
circuit to suit your needs. You can also use it to understand the operation of any 
operational amplifier. 

Let's start our analysis by defining the voltage gain of the generic AC amp in 
Figure 13-7 as the ratio of output voltage to input voltage. Note that the input voltage 
is applied to the noninverting (+) input of the operational amplifier. Mathematically, 
we have this: 


Gain = Von Vin(+) 
Now assume we apply 1.0V to the noninverting (+) input of the operational 


amplifier. Based on the heuristic, we know that the output feedback will shift such 
that 1.0V appears at the inverting input (-) of the operational amplifier. Given the 
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In this book, you have discovered basic 
concepts and formulas that provide a 
foundation for your studies In modern 
electronics, whether you become a dedicated 
hobbyist or study electrical or electronics 
engineering. 

Conclusion 

Having read this book, you should now know 
enough to read intermediate-level electronics 
books and articles intelligently, to build 
electronics circuits and projects, and to 
pursue electronics to whatever depth and for 
whatever reason you want. Specifically, you 
Should now be able to do the following: 
Recognize all the important, discrete 
electronics components In a schematic 
diagram. 

Understand how circuits that use discrete 
components work. 


Calculate the component values needed for 
circuits to function efficiently. 

Design simple circuits. 

Build simple circuits and electronics projects. 


To see how much you have learned, you 
may want to take the final self-test at the 
end of this chapter. It tests your 
comprehension of the concepts and formulas 


presented throughout this book. 
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circuit configuration, the only way for 1.0V to appear at the inverting input is for the 
voltage divider formed by R1 and R2 to deliver 1.0V. 
Recall that in working with two resistors in series, the voltage drop across a 

given resistor is proportional to the ratio of resistance contributed by that resistor 
to the total resistance. For example, consider R1 and R2 in Figure 13-7. It should be 
intuitive that when R1 = R2, the AC output voltage of the operational amplifier is 
equally divided between R1 and R2. Similarly, as the value of R1 approaches zero, 
the voltage drop across R2 approaches the AC output voltage of the operational 
amplifier. Mathematically, this can be expressed as follows: 

VRI= V 


out 


VR2= V, 


out 


x RI/(R1 + R2) 
x R2/(R1 + R2) 


Following these formulas, given R1 = 25KQ and R2 = 75KQ, for a total of 100KQ, 
25 percent of the AC output of the operational amplifier appears across R1 and 75 
percent across R2. 

Since the voltage drop across R2 is applied to the inverting (-) input of the 
operational amplifier, we now have this: 


VR2 = Vin(=) = Von X R2/(R1 + R2) 


From our heuristic, we can assume that the values at the inverting (-) and 
noninverting (+) inputs are equal: 


Valt] = Vial) 
Now we can express the gain as a function of the output voltage: 


Gain = Vo [ V, 


out out 


x R2/(R1 + R2)] 
Simplifying, we have this: 
Gain = 1 + R1/R2 


The gain of the generic AC amplifier circuit is defined by the ratio of R1 to R2. 
Now assume that we need an amplifier that delivers a gain of 10 and that R1 =1MO. 
We can calculate the value of R2 as follows: 


Gain = 10 = 1 + R1/R2 
10 = 1 + 1,000,000/R2 
9 = 1,000,000/R2 

R2 = 110,0009 


Let's work backward to check our work. Given a 1.0V input to the AC amplifier, 
at a gain of 10, the output voltage should be 10V. And, as we calculated, 10V across 
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the R1-R2 voltage divider will deliver 1/9th of the output voltage, or 1.0V, to the 
inverting (-) input of the operational amplifier. 

Let's consider the power requirements. The 741, like many operational 
amplifiers, is designed to operate as a dual-supply device, with positive, negative, 
and ground. However, providing users with both a positive and negative supply 
voltage with two batteries and a complicated AC power supply is expensive. 

An economical workaround, illustrated in Figure 13-7, is to create a reference 
voltage from a single-sided supply (+V) and to ground the negative voltage supply 
lead. In this example, R4 and R5, of equal value, create a voltage divider that supplies 
a bias halfway between ground and +V, or about 4.5VDC with a 9V supply. Notice 
how capacitors are used to isolate the inputs and outputs of the operational amplifier 
from the DC supply voltage and ground. 

Because of the high input impedance of the 741 operational amplifier, there must 
be a finite return path to ground for the input current. In our example circuit, R5, 
which is typically 1M, serves this function. 


Capacitors 


The use of capacitors in this pedal is typical of audio circuitry. A 100pf at 16V 
electrolytic capacitor is used to filter the 9VDC supply. Two lyf at 35V tantalum 
capacitors and three Mylar film capacitors, from 0.001 to 0.047pf at 50V, are used 
for signal handling and bypassing. As shown in Figure 13-8, the lpf tear-shaped 
tantalum capacitor is polarized. The capacitance value (simply 1 for 11f), polarity, 
and voltage rating are stamped plainly on the capacitor body. 


FIGURE 13-8 Tantalum (left) and Mylar capacitors 
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The Mylar film capacitors, which are dipped in a hard epoxy coating for 
moisture resistance, are nonpolarized. The code on a Mylar film capacitor indicates 
capacitance and multiplier. For example, the Mylar capacitor in Figure 13-8, marked 
473, has a capacitance of 47 and a multiplier of 3, or 0.047pf. Similarly, the 0.01pf 
Mylar capacitor in the pedal is marked 103, and the 0.001pf capacitor is marked 102. 
See Appendix A to review capacitance codes. It’s important for you to recognize 
capacitor values, because much of modding pedals involves replacing capacitors with 
those of different types and values to achieve different tones. 


Connectors 


The major connectors in this pedal are for power and audio. The power jack is 
notable in that it accepts a 2.1mm, 9VDC plug (positive ground) that is standard 
throughout the pedal industry. If you try to power this or any other effects pedals 
with a standard negative ground wall wart, you risk frying your pedal. 

The mono audio input jack is designed to disconnect power from the circuitry 
when the plug is removed. If you’re debugging a pedal, make sure that you insert a 
plug in the input jack or you won't be able to activate the signal processing circuit. 

This battery-saving feature sounds good in theory, but few musicians take the 
time to unplug their effects pedals after each practice. Unfortunately, the pedal on- 
off button is often not a true power on-off switch. For example, with a plug inserted 
in the input jack of this pedal, the current draw is 0.4mA with the on-off button in 
the off position. Removing the plug from the input reduces the current draw to zero. 


How It Works 


This pedal is fundamentally a high-input impedance, symmetrical signal clipper. 
The audio signal from a guitar is sent to the noninverting input of a 741 operational 
amplifier configured as an AC amplifier, as shown in the simplified schematic of 
Figure 13-9. You should recognize most of the major components from the earlier 
discussion of a generic AC operational amplifier circuit. 

Symmetrical signal clipping is the same type of distortion associated with 
vacuum tubes operated near saturation. By creating symmetrical distortion, this 
pedal enables a guitar player to achieve the tone characteristic of a powerful tube 
amp run at full power while using a low-power practice amp. 


Gain 
As discussed earlier, the gain of the operational amplifier is varied by changing the 


ratio of R1, a 1MO resistor, to R2, the 470KO potentiometer. If R2 is set to 470KQ, 
the gain of the circuit is as follows: 


Gain = 1 + R1/R2 = 1 + 1,000,000/470,000 = 3.1 
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Offset [| | NC 
IN- [ 1] VCC+ 
IN+ [| 741 | OUT 
Vcc- [| || Offset 


FIGURE 13-9 Simplified schematic of the pedal 


With R2 set to 47KO, the gain is this: 
Gain = 1 + R1/R2 = 1 + 1,000,000/47,000 = 21.3 


The amplified signal is AC-coupled to a clipper circuit composed of two 
germanium diodes wired in parallel, anode-to-cathode. The output level is adjusted 
by varying the tap position of the 47KO pot. Because of the clipping effect of the 
diodes, the theoretical maximum output level of the pedal is +0.3V, regardless of the 
gain or level settings. 


Clipping 

Clipping is performed by two germanium diodes, D1 and D2, protected by a 10KO 
current limiting resistor, R3. The degree of clipping depends on the amplitude of 
the signal presented to the two diodes, which depends on the setting of the 470KO 
potentiometer. For example, consider Figure 13-10, in which the input signal 

is approximately +0.33V. The sinusoidal waveform is minimally clipped at the 
positive and negative peaks. 

Now consider the waveform in Figure 13-11, in which the amplitude of the signal 
applied across the diodes is approximately +0.6V. The resulting clipped waveform 
resembles a square wave, and the sound is harsher than that of the minimally 
clipped waveform of Figure 13-10. 

Figure 13-12 shows an oscilloscope tracing of the pedal input and output signals 
with the controls set for maximum distortion. I used a BK Precision 4011 function 
generator to create the 400Hz sine wave input, captured the input and output signal 
data with a Tektronix TDS2022 100MHz oscilloscope, and plotted the data with a 
spreadsheet application. Note this figure’s resemblance to Figure 13-11. 
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Input Voltage 


Output Voltage 
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FIGURE 13-10 Minimal clipping 
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FIGURE 13-11 Pronounced clipping 


From examining the figures, you should see that distortion is a function of 
amplitude of the waveform output from the operational amplifier, relative to the 
forward conduction voltage of the diode clipper circuit. The lower the resistance 
setting of the 470KQ potentiometer, the greater the amplification provided by the 
operational amplifier, and the greater the distortion. It's also worth noting that the 
output of the pedal is a little greater than the theoretical limit of +0.3V. 
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FIGURE 13-12 Oscilloscope trace of clipping 


Impedance Matching 


The operational amplifier serves as not only a variable gain amplifier to provide 
varying degrees of clipping, but it also provides a high impedance input for the 
guitar signal. An electric guitar with standard magnetic pickups is a low-power 
device designed to work with a high impedance load—on the order of 1MQ. A 
lower impedance load will markedly diminish the guitar signal strength and 
adversely affect tone—notably, the loss of higher frequency signals. Feeding 

the guitar output directly to a diode clipper would be equivalent to shorting 

the guitar output through the relatively low-resistance current-limiting 

resistor. 


Mods 


There’s a healthy economy in pedal modding. For $20, you can purchase a pedal- 
specific kit with a couple capacitors, diodes, some wire, and a one-page guide of 
where to install the components. It’s common to replace silicon with germanium 
diodes, a Mylar capacitor with a polypropylene capacitor of higher or lower value, 
and to replace resistors with wire or resistors of higher value. The value of a kit is 
information on which capacitors and diodes to replace to achieve a given tone on a 
specific pedal. 

Some generic mods will work with a range of pedals. Following is a list of generic 
mods that will work for distortion pedals based on a diode clipper. 
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Change Diode Configuration and Type 


Consider different types and configurations of clipping diodes, such as 
those explained here and shown in Figure 13-13. Each of the clipping circuit 
configuration circuits depicted here provides a different output tone. The best 
tone—and therefore configuration—depends on the type of music you want to 
play and your personal preference. Most guitarists associate the tone produced 
by germanium diodes with that of vintage effects pedals. 

Here’s a key to the configurations shown in Figure 13-13: 


A. The default version of the pedal, with two germanium diodes, which produces 
a symmetrical clipping pattern at +0.3V. 

B. A silicon diode paired with a germanium, resulting in an asymmetric clipping 
at 0.3V on one side of zero and 0.7V on the other. 

C. A pair of silicon diodes, resulting in symmetrical clipping at +0.7V. 

D. A silicon diode paired with two germanium diodes in series, resulting in an 
asymmetrical clipping at 0.7 and 0.6V. 

E. A germanium diode paired with two germanium diodes in series, with an 
asymmetrical clipping at 0.3 and 0.6V. 

FA silicon LED paired with a pair of germanium diodes in series, resulting in an 
asymmetrical clipping of 1.2 and 0.6V. LEDs conduct when forward-biased at 
1.2 to 2.4V, depending on the LED design and composition. 


In addition to diodes, you can try transistors and other components with 
nonlinear junction properties. 


Tone Switch 


Consider installing a multiposition rotary switch to select one of the diode 
configurations defined in Figure 13-13. Because of limited space, you'll probably 
have to mount the switch on the upper side panel of the pedal. 


A B C 
Q 

A de XG 
O 

D E F 


FIGURE 13-13 Clipping 


circuit configurations 
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Add True Bypass Switching 


The pedal is never completely out of the signal line, even when the on-off button 
is off. There is a 0.001pf capacitor across the input connector and less than 2MQ to 
ground through the bias voltage divider. The on-off button should disconnect these 
passive elements in the off position to avoid influencing the audio signal. 


Try Different Operational Amplifiers 


Operational amplifiers of the same type from different manufacturers and op 
amps of different types have different sound characteristics. To experience the 
range of possible sounds from your pedal, consider replacing the 741 with an 

8-pin DIP (dual inline package) socket so that you can easily change and evaluate 
different op amps. Check the Web to find modern, high-performance and low-noise 
operational amplifiers wired to 8-pin DIP carriers compatible with the pin-outs of a 
741 operational amplifier. 


Chapter 14 


Vacuum Tube Guitar Amplifier 


It this chapter, I’ll tear down the Fender Champion 600, or Champ—a compact 
5W combo guitar amplifier that features two vacuum tubes and a 6-inch 
speaker, as shown in Figure 14-1. The modern Champ is a Chinese reproduction 
of a small practice amp produced in the United States in the 1950s. It’s a favorite 
of the modding community because of its simple design, affordability, and ready 
availability of third-party kits and components. Musicians are drawn to the amp 
because it develops full distortion at only a few watts—a must for bedroom jam 
sessions when nonmusician parents or roommates don’t want to be bothered by 
the noise. 

The Champ retails for about $250, but I’ve picked up several used amps online 
for about half that—and spent the difference on various mods. I'll walk you through 
the circuitry and suggest a few mods that can be applied to most tube-based amps. 


FIGURE 14-1 The Fender Champion 600 
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Highlights 
In this teardown, we'll encounter a high-voltage linear power supply, vacuum 
tubes, and both power and output transformers. We'll also explore the operating 


characteristics of Class A amplifiers. You should pay particular attention to the 
following: 


How shielding is used to minimize noise and EMI 

Provisions for handling heat 

The relatively sparse, open circuit board design 

The use of high-power and high-voltage components 

How the design differs from conventional solid-state devices, in terms of 
component density, circuit complexity, circuit density, and component count 


Specifications 


In contrast with the hi-fi industry, Fender and other guitar amplifier suppliers don’t 
provide the typical specifications of their amps, such as frequency response, total 
harmonic distortion (THD), or noise level. The specifications offered by Fender for 
the Champ include the following: 


Dimensions: 11 x 12 x 7 1/2 inches (HWD) 
Weight: 15 pounds 

Output power: 5W 

Speaker: 40, 6-inch ceramic magnet 
Preamp tube: 12AX7A dual triode 

Power tube: 6V6GT pentode 

Inputs: two 


Power input requirements are not specified, but based on my measurements, the 
amp draws 380mA at 120VAC, or about 40W, regardless of input. 


Operation 


Operating the Champ involves little more than allowing the tubes to stabilize, 
plugging in your electric guitar, and turning the volume control clockwise until you 
like what you hear. Using Figure 14-1 as a guide, on the faceplate, from right to left, 
is an on-off switch, an LED power indicator, a potentiometer for setting volume and 
tone, a low-impedance microphone jack, and a high-impedance electric guitar jack. 

I usually warm up my amp for about 15 minutes before using it to give the tubes 
time to reach thermal equilibrium. To give you an idea of the heat involved, consider 
that after playing for an hour, the temperature of the steel faceplate on my Champ is 
about 200°F. 


When you complete the following self-test 
and feel confident that you have mastered 
the information in this book, refer to Appendix 


E, “Supplemental Resources,” for additional 
resources for further learning, including the 
following: 

Books such as The Art of Electronics by 


Paul Horowitz and Winfield Hill (New York: 
Cambridge University Press, 1989) provide a 
great next step in further electronics study. 


Magazines such as Everyday Practical 
Electronics offer interesting projects in each 
issue. 

You can browse websites for electronics 
project ideas. For example, Earl Boysen's 
website, www.buildinggadgets.com , provides 


tips, ideas, and links to a variety of great 
online resources. 


Note For those interested in more serious 
study, you should be aware that there is a 
difference between the path you take to 


become an electrician (or technician) and an 
electrical (or electronics) engineer. Training for 


electronics technicians is available in military 
trade schools, public and private vocational 
schools, and in many high schools. Engineers 
are required to understand the mathematical 
details in more depth and must take at least 
a 4-year curriculum at an accredited college 


or university. 
Whatever your goal, you can feel confident 
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Teardown 


You should allocate about 2 hours for this teardown, which is illustrated in 
Figure 14-2. 


C ti A If you follow along with your own amp, you could be exposed to potentially 
AULION lethal voltages. Now is a good time to review the safety tips in the Introduction 


of this book. 


Tools and Instruments 


For this teardown, you'll need a Phillips-head screwdriver, preferably with 
insulated handle; a clip lead with medium to large jaws; and a multimeter. Place 
a towel, carpet remnant, or foam sheet on your workbench to protect the amp's 
easily torn blonde vinyl. 


FIGURE 14-2 Teardown sequence 
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FIGURE 14-2 (continued) Teardown sequence 
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Step by Step 

Before embarking on this teardown, take steps to insure your longevity. If you're 
not experienced working with high-voltage circuits, unplug the amp and set it aside 
for a day or two to give the high-voltage filter capacitors time to self-discharge. 
Because the high-voltage filter capacitors lack bleeder resistors, the high voltage 
will bleed off over hours instead of minutes. 


Step 1 

Remove the back plate. As depicted in Figure 14-2a, remove the four Phillips-head 
wood screws that secure the back plate, which is made of thin pressboard, with the 
vinyl covering stapled from the inner side. 

As shown in Figure 14-1, the rolled steel chassis is housed in the upper 2 inches 
of the cabinet, with the lower part of the cabinet dedicated to housing the speaker. 
Steel is used instead of aluminum with many tube-type amps because of the 
mechanical stability it affords. 


Step 2 
Remove the chassis. Place the amp speaker-side down and remove the two 
Phillips-head machine screws on either side of the unit, as shown in Figure 14-2b. 
Next, remove the two screws on either edge of the faceplate. Unplug the speaker 
jack from the chassis. 

With the amp upright, as shown in Figure 14-2c, carefully slide the chassis out 
of the cabinet. Avoid jarring the fragile glass envelope of the vacuum tube on the 
underside of the chassis, and don’t touch the circuit board. 


Step 3 

Examine the chassis layout. Carefully flip it over so that the transformers and 
tubes are facing up, as shown in Figure 14-2d. Notice the large power transformer 
on the right and the small audio output transformer near the midline of the 
chassis. The large, exposed 6V6GT power tube is nestled between the two 
transformers, the audio output jack, and the power cord entrance. The small 
12AX7A dual triode, shielded by a steel cover, is to the left. 


Step 4 

Examine the cabinet. The wood and vinyl cabinet houses a 6-inch speaker (see 
Figure 14-2e) and a fragile EMF shield composed of thin aluminum foil. The shield 
extends about 1 inch below the chassis and makes electrical contact with the 
chassis at the two tabs on either end. The delicate foil, shown in Figure 14-2f, is 
inevitably damaged as part of the chassis extraction process. 
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Step 5 

Remove the 6V6GT power tube. Use two fingers of one hand to push down on the 
retaining spring that secures the base of the tube. With your other hand, grip the 
base collar—not the glass envelope and not the metal tube pins—and pull straight 
up. Notice the keyed pin at the center of the base, which will help you align the 
tube's metal pins with the socket when you replace the tube. Remove and set aside 
the two screws and lock washers that secure the retaining ring. 


Step 6 

Remove the 12AX7A tube and shield. Push down on the tube shield and twist a 
few degrees counterclockwise to disengage the two prongs on the shield base. 
Allow the spring to push up the cover. Grasp the glass envelope of the tube and 
pull straight back, perpendicular to the chassis, to extract the tube, shown in 
Figure 14-2g. Because there is no slotted pin in the center of the tube, you'll have 
to visually align the pins when you reinsert the tube. 


Step 7 

Examine the circuit boards. Grasp the large power transformer and flip the 
chassis to expose the two circuit boards, shown in Figure 14-2h. The main board 
containing the charged high-voltage electrolytic capacitors is secured by six 
Phillips-head machine screws, and the smaller board is attached to the faceplate 
by the volume control and input jack hardware. A ribbon cable connects the two 
boards. 


Step 8 

Discharge the high-voltage capacitors. With one hand in your pocket, clip one end 
of a clip lead to one of the side tabs on the chassis. Clip the other end of the clip 
lead to the metal shaft of an insulated screwdriver. Now carefully touch the tip of 
the screwdriver to the anode leads of each silicon power diode. Don't be surprised 
if you see an arc—it’s a sign that you've succeeded in at least partially discharging 
the capacitors. Verify your work with your multimeter, and repeat the process if 
the circuit isn't fully discharged. 


Step 9 

Extract the main circuit board, shown in Figure 14-21. Unplug the ribbon cable 
connection to the two boards, unplug the power and transformer leads, and remove 
the six retaining screws. Although the connection points on the board are labeled, 
make a note of the transformer and power lead connections. 

If you didn’t remove the retaining ring of the larger vacuum tube, you won't be 
able to extract the circuit board because the white ceramic tube sockets are soldered 
to the main board, as shown in Figure 14-2]. Ceramic provides superior insulation 
and voltage-handling capabilities compared with plastic tube sockets. You'll have a 
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much easier time of examining the components if you unsolder the audio out and 
LED indicator twisted pairs that tether the board to the chassis. 


Layout 


The layout of this amp is utter simplicity—one reason why it's the target of so much 
mod activity. Position the chassis with the on-off switch in the lower-right corner, 
as shown in Figure 14-3. 

Most of the power supply components are on the right side of the main board, 
immediately behind the DPDT (double-pole, double-throw) on-off switch and LED 
power indicator. The four silicon power diodes, each with ceramic disc bypass 
capacitors, and three 22pf at 450VDC electrolytic capacitors are positioned opposite 
the power transformer. One of the 22pf capacitors serves as a cathode bypass 
capacitor for the 6V6GT, and the other two are part of the power supply filter. Two 
fuses, a 1A slow-blow for the 120VAC mains and a 4A slow-blow for the tube filament 
supply, are nestled in this area as well. 

With the exception of a fourth 22pf at 450VDC electrolytic capacitor immediately 
adjacent to the 12AX7A tube socket, the right side of the board is devoted to signal 
amplification. Note that the voltage and power ratings of many components are 
greater than those in a typical solid-state amp. Components are bulky and leaded, 
typified by the 2W resistors and orange Mylar signal capacitors rated at 400VDC. 

The only notable component on the smaller circuit board is the volume control 
potentiometer. Instead of a common 2W metal potentiometer, the volume control 


FIGURE 14-3 Layout 
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is a compact plastic unit. Although it looks out of place with otherwise vintage 
components, its silky operation imparts a quality feel to the amp. 


Components 


The major components in this teardown are the vacuum tubes, transformers, and 
the elements of the high-voltage power supply. 


Vacuum Tubes 


The Champ's two vacuum tubes are its most distinguishing features. The small 
12AX7A dual-triode amplifier has a characteristic stubby evacuated glass envelope 
and exposed pins. Each triode, which consists of a heater, cathode, control grid, 
and plate (the heater and cathode count as one element), can produce a voltage 
gain of up to 100. The 12AX7A excels in low-level audio applications that require 
high gain. 

The maximum plate dissipation of the 12AX7A, the maximum power the plate 
element can safely dissipate as heat, is a little more than 1W per triode section, or 
about 2W for the tube as a whole. Exceeding the maximum plate dissipation because 
of excessive plate current will literally melt the plate. Furthermore, exceeding the 
maximum plate voltage of 330VDC will result in internal arcing. In either case, the 
tube and associated circuitry would be destroyed. 

The heaters of the 12AX7A are similar to those of other dual tubes in that they 
can be connected in serial or in parallel, depending on the available voltage. In 
this application, the two heaters are connected in parallel and supplied by 6.3VAC. 
Increasing the heater voltage beyond this will result in overheating and premature 
failure. 

The concentric structure of a triode parallels that of a capacitor. As a 
consequence, significant capacitance exists between the control grid and plate and 
can result in unwanted oscillation. This unwanted capacitance can be reduced and 
the stability ofthe tube improved by inserting additional grids between the control 
grid and the plate, as in the tetrode (one additional grid) and pentode (two additional 
grids) tube designs. 

The 6V6GT is a single-pentode power tube consisting of a heater, cathode, 
control grid, screen grid, suppressor grid, and plate. (Again, for categorization 
purposes, the heater and cathode count as one element.) Although popular as an 
output tube for audio amplifiers, the 6V6GT is relatively lightweight as power tubes 
go. Specifications include an amplification factor of about 10, a plate dissipation 
of 14W, and a maximum plate voltage of 350VDC. The 6V6GT heater requires 
6.3VAC. 

The majority of tubes sold in the United States are imported from Russia and 
China. For example, my Champ’s 12AX7A was made by a Russian manufacturer and 
the 6V6GT is from China. 
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Transformers 


By weight, the iron core power and audio output transformers are the most 
significant components of the Champ. The power transformer has a 120VAC 
primary and two secondary windings. The high-voltage winding supplies about 
280VAC to the capacitor input power supply, and another secondary winding 
supplies 6.3VAC to the tube filaments. There are two filaments in the 12AX7A 
and one in the 6V6GT. 

The audio output transformer, unshielded and considerably lighter and 
smaller than the power transformer, enables the 6V6GT to drive the 40 speaker. 
The transformer isolates the high voltage in the output tube circuit from the 
output speaker and provides impedance matching. In addition, the audio output 
transformer enables the high-impedance tube circuit to drive the low-impedance 
speaker. 


Printed Circuit Boards 


The main circuit board is notable because there are no foil traces on the top side 
of the board. In addition, as shown in Figure 14-2j, the foil tracks on the underside 
are wide and generously spaced to accommodate the relatively high currents and 
voltages in the amp. 

The original Champ, like some modern, boutique guitar amplifiers, sports 
point-to-point wiring. Components are soldered to posts by their leads, and 
insulated wire is connected to posts to form circuits. Point-to-point wiring was 
largely abandoned in favor of the circuit board because it was labor-intensive 
and didn’t lend itself to automated fabrication. Although I’ve used guitar amps 
from Carr (www.carramps.com) and Gretsch (http://gretsch.com) with point-to- 
point wiring, I attribute their wonderful tone to quality components, intelligent 
circuit design, and sturdy enclosure, rather than the antiquated construction 
techniques. 


Speaker 


Externally, the 6-inch Fender speaker is unremarkable. The nominal impedance, 
essentially the average resistance at range of audio frequencies, is also typical 

at 40. The DC resistance of my speaker is 3.60, which is normal. However, 

this speaker, like most guitar amp speakers, differs from most hi-fi speakers in 
frequency response range and intended operating power. Typical guitar speaker 
frequency response is 75Hz to 5kHz, which is broader than a standard woofer or 
midrange speaker. 

Another distinguishing features of guitar speakers is extended cone and coil 
travel. In practical terms, this affects optimum operating power. While a typical stereo 
speaker rated at, say, 100W, can be driven from 100mW to 100W, the Champ's speaker 
should be driven at 4-5W so that it can contribute to the highly valued distortion. 
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Fuses 


The Champ's power supply has two fuses: a 1A slow-blow on the primary of the 
power transformer and a 4A slow-blow in the power transformer 6.3VAC secondary. 
Because the fuses are slow-blow, occasional transients over the stated amperage 
won't melt either fuse, but overloads of a few seconds or more will. 

Unfortunately, if the Champ suddenly dies, the chassis has to be extracted 
from the speaker enclosure to examine the fuses. Most modern equipment designs 
incorporate a fuse holder that’s accessible from the outside of the device. Curiously, 
the original Champ sported an external fuse holder where the on-off switch is today. 


Resistors 


The plastic potentiometer used to control amp volume is an audio taper 
potentiometer. As discussed in previous teardowns, the resistance between the 
middle wiper terminal and a terminal is a logarithmic function of the mechanical 
position of the wiper. 

The fixed resistors are 0.25 and 1W metal oxide film. In addition, the 1W 
resistors have a flame-resistant, nonflammable coating. Flame-resistant resistors are 
commonly used in high-voltage circuits where there is potential for shorted tubes 
and other mishaps that could ignite ordinary components. 


Wiring and Cables 


The transformers are connected to the main board with PVC-coated stranded wire 
and clip-on connectors. In addition, the main board is connected to the audio 
output jack via 18-gauge PVC-insulated stranded wire. 

The wires carrying audio are tightly twisted, as are wires from the main 
board to the LED power indicator. Twisting provides some immunity to EMI and 
unintended coupling between circuit elements. 


LED Power Indicator 


The LED power indicator, which is incorporated into a vintage-looking 
incandescent lens hood, is powered by the 6.3VAC secondary of the power 
transformer. Moreover, the voltage for the LED indicator is taken after the 4A 
heater fuse. As a result, if the heater fuse blows, the LED power indicator will not 
be illuminated, even if the high-voltage circuitry is energized. Bottom line: don’t 
trust the LED power indicator. 


Capacitors 


The most prominent capacitors in this amp are the four 22pf at 450VDC electrolytic 
capacitors. Three are used to filter the high-voltage supply. The fourth and the two 
small axial-lead electrolytic capacitors are used to bias the tubes. The dielectric 
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used in electrolytic capacitors dries out with time, and the elevated temperature of 
a tube circuit accelerates the process. 

Silver mica capacitors are used for high-voltage blocking and signal coupling 
between amplifier sections, and low-cost ceramic disc capacitors are used for 
bypassing the power diodes. Both silver mica and ceramic disc capacitors are 
more stable than electrolytic capacitors, and their operating temperature range 
is compatible with the elevated temperature of tube circuitry. 


Silicon Power Diodes 


The amp uses five 1N4006 silicon power diodes, conservatively rated at 800V PIV 
and 1A average output current. Four are used as a full-wave bridge rectifier in the 
high-voltage power supply, and one rectifies the 6.3VAC heater voltage to drive the 
LED power indicator. 

The four diodes in the high-voltage bridge are each bypassed with 8200pF 
ceramic disc capacitors. While the 1N4006 has good inrush current properties, it is 
susceptible to reverse voltage spikes. The bypass capacitors help protect the diodes 
against reverse spikes from the power transformer. 


EMI Shielding 


The aluminum foil EMI shield is at best unimpressive. Electrically, the thin 
aluminum foil shield should reduce EMI. However, as noted earlier, the foil is 
fragile and easily damaged. 


How It Works 


Figure 14-4 shows a simplified schematic of the Champ, including labels for the 
basic tube elements. A detailed schematic is available on the Fender web site 
(www.Fender.com). 

Starting with the power supply, at the lower-right of the schematic, is a simple, 
unregulated power supply built around a transformer (T1), a diode bridge, and 
a capacitor input smoothing filter. The power transformer has two secondary 
windings, one 280VAC for the high-voltage supply, and one 6.3VAC for the three 
tube heaters—two in the 12AX7A and one in the 6V6GT—and the power indicator 
LED. For clarity, the LED circuit, consisting of a diode, series resistor, and LED, is 
not shown. 

The 6.3VAC winding is notable in that it’s connected to an artificial center tap 
composed of a 1000 resistor on either end of the winding to ground. The benefit of 
this design over a floating 6.3VAC winding is reduction in hum. A better design is a 
transformer with a real center tap, but center-tapped transformers cost a few cents 
more than a pair of resistors. 

The 280VAC secondary is connected to a bridge rectifier composed of four silicon 
power diodes. The resulting full-wave rectified DC is smoothed by a bank of three 
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R1 R2 


1/2 12AX7A 1/2 12AX7A 


120 VAC 


6.3 VAC to Heaters/LED 


FIGURE 14-4 Simplified schematic 


22uf at 450VDC electrolytic capacitors connected in parallel. The capacitor bank, 
which provides a total of 66uf at 450VDC, boosts the bridge output voltage to about 
365V DC, the plate voltage of the 6V6GT output tube. Series resistors (R1 and R1) are 
used to drop the plate voltage down to about 340VDC for the 12AX7A preamp tube. 

The power transformer, which is shielded to reduce hum, is both a step-up and 
a step-down transformer, supplying both higher and lower voltages than the line 
voltage applied to the primary winding. Recall that the primary and secondary 
voltages are related to the turns ratio. Given an input of 120VAC and an output of 
280VAC, the primary-to-secondary turns ratio of the power transformer should 
be 120:280, or 1:2.3, for the high-voltage winding. Similarly, the turns ratio for the 
primary to 6.3VAC secondary is 120:6.3, or 19:1. 

The audio output transformer is a step-down transformer, converting the high 
voltage, low current of the tube circuit to low voltage, high current for the speaker. 
While primary and secondary voltages are related by simple turns ratios, primary 
and secondary impedances are related by turns ratio squared. Given that the typical 


that this book has given you a solid 
grounding for your future studies. Wherever 
you go in electronics, good luck! 


Final Self-Test 


This final test allows you to assess your 
overall knowledge of electronics. Answers and 
review references follow the test. Use a 


separate sheet of paper for your calculations 
and drawings. 


1. If R = 1 MQ and | = 2 pA, find the 
voltage. | 
2. If V = 5 volts and R = 10 kV, find the 
current. | 
3. If V = 28 volts and | = 4 amperes, find 


the resistance. — | 
4. If 330 ohms and 220 ohms are connected 


in parallel, find the equivalent resistance. 

5. If V = 28 volts and I = 5 mA, find the 
power. | 

6. If the current through a 220-ohm resistor 


is 30.2 mA, what is the power dissipated by 
the resistor? | 

7. If the power rating of a 1000-ohm resistor 
is 0.5 watts, what is the maximum current 
that can safely flow through the resistor? 
8. If a 10-ohm resistor IS in series with a 
32-ohm resistor, and the combination IS 
across a 12-volt supply, what is the voltage 
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plate load resistance for a 6V6GT is about 5K and the nominal impedance of Champ's 
speaker is 40, we can estimate the turns ratio of the audio output transformer. The 
output-to-speaker impedance ratio is 5000:4, or 1250:1. Taking the square root gives 
us the turns ratio, or 35:1. 

The amplifier circuit proper is built around a two-stage preamplifier using the 
12AX7A dual triode. This preamp feeds the 6V6GT power tube, which in turn drives 
the 40 speaker through the audio output transformer. A resistor and capacitor 
network in the front end of the amp, not shown in the schematic for clarity, provide 
high- and low-impedance inputs for a guitar and microphone, respectively. 

If you're new to tubes, the solid-state equivalent of a triode is an n-channel 
J-FET (junction field effect transistor). Structurally, the heater element ofa 12AX7A 
triode is surrounded by a cathode, which is in turn surrounded by a porous control 
grid, which is surrounded by the sheet metal plate. In operation, the heater raises 
the temperature of the cathode so that it emits electrons. A high positive voltage 
applied to the plate attracts these electrons. Unimpeded, a plate current flows from 
cathode to plate. However, a small negative voltage applied to the grid, relative to the 
cathode, can drastically reduce the flow plate current. In this way, a small varying 
voltage applied to the grid is amplified in the cathode-plate circuit. 

If the control grid is made significantly negative relative to the cathode, electrons 
streaming from the cathode are repelled and plate current ceases. Conversely, if 
the grid is made positive relative to the cathode, plate current increases—to a point. 
A significantly positive grid attracts electrons to itself, resulting in a significant 
grid current and catastrophic failure of the tube. Establishing the grid voltage 
relative to the cathode—the tube bias—establishes the operating parameters of the 
circuit. 

Returning to the schematic, the audio signal from the input circuit is applied to 
the control grid of the first triode. The voltage developed across the plate resistor 
is coupled through a capacitor (C1) and the volume potentiometer (VR1) to the grid 
of the second triode. The capacitor blocks the high voltage of the plate circuit while 
passing the audio signal. 

Similarly, the output of the second triode is coupled via C2 to the control grid 
of the 6V6GT power tube. Variations in the plate current of the 6V6GT are coupled 
through the audio transformer to the 6-inch speaker. Notice that the first grid after 
the control grid, the screen grid, is connected to high positive voltage. The grid 
nearest the plate, the suppressor grid, is connected to the cathode. 

A cathode resistor—a resistor in series with the cathode—creates the bias for 
each tube. The voltage drop across a cathode resistor from plate and grid current 
makes the cathode positive relative to the control grid. Recall that a negative control 
grid repels electrons and diminishes plate current. In this way, the amplitude of 
the negative grid bias affects the amplification factor and the amount of distortion 
imparted by each tube. 

As shown in the schematic, the cathode resistors are bypassed with decoupling 
capacitors. This decoupling allows for higher amplification because audio-frequency 
plate current that bypasses the cathode resistor doesn’t contribute to a greater voltage 
drop across the cathode resistor—and a more negative control grid bias voltage. 
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Without the bypass capacitors, the bias voltage will fluctuate with the input 
signal. For example, if the input is going positive, the control grid becomes less 
negative, and plate and therefore cathode current increases. The voltage drop 
across the cathode resistor makes the control grid more negative, reducing the 
tube conduction and gain. 

The values of the cathode resistors and bypass capacitors are selected so 
that the plate current is never cut off, regardless of input. This configuration is 
commonly referred to as a Class A amplifier. A characteristic of Class A amplifiers is 
inefficiency, because the amplifier tube is always conducting, even when there is no 
input signal. Class A amplifiers are also capable of faithfully reproducing audio with 
only one output device. 

Note the although capacitor coupling is used between tubes, the output of the 
6V6GT is coupled to the speaker by the audio output transformer. Transformer 
coupling from a high-impedance tube to a low-impedance speaker is more efficient 
than capacitive coupling. Also, recall from our teardown of the solid-state stereo 
amplifier (Chapter 9) that the low-impedance output of the integrated amplifier chips 
was connected directly to the speakers. 


Mods 


Following examples posted on the Web and through my own experimentation, I’ve 
made several mods of the Champ to improve the tone, enhance safety, improve 
usability, and minimize susceptibility to noise. While amplifier specifications such 
as power and frequency response may be interesting to electronics enthusiasts, 
guitar players are primarily concerned with tone—a subjective assessment that 
defies technical definition. Keep this in mind as you consider potential mods for 
the Champ or another tube guitar amp. 


Convenient Fuse Placement 


The internal fuses are a pain to check. You can make the mains fuse more 
convenient to check and change by installing a mains fuse holder and 1A at 
120VAC slow-blow in the faceplate, using the space for the low input impedance 
jack. You'll have to unsolder the unused jack from the small circuit board to make 
room for the fuse holder. Wire the fuse so that it is on the hot (black) mains lead, 
between the wall cable and the on-off switch. If the switch shorts, the fuse will 
blow before the chassis melts. Leave the 4A heater fuse in place. 


Improved EMI Shielding 


At a minimum, consider reinforcing the area where the chassis tabs make contact 
with the aluminum foil shield. Use wood screws to attach a 1-inch-wide strip of 
aluminum—not foil—on either side of the inner cabinet. Alternatively, replace the 
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entire shield with copper or aluminum sheeting. Another option is to coat the 
inner surface of the amp with conductive paint sold through luthier supply stores 
such as Stewart-MacDonald (www.stewmac.com). 


Larger Speaker and Cabinet 


The stock speaker, while good at relatively low volumes, bottoms out at maximum 
volume. It’s a simple matter to replace the stock Fender speaker with a 10 or 15W 
speaker from Celestion, Jensen, or Eminence. If you want to move to an 8-inch 

or 10-inch speaker, a number of vendors offer cabinet upgrades that accept the 
Champ’s metal chassis. 


Improved Thermal Management 


The sealed chassis mounted at the top of the cabinet creates an excellent 
environment for causing early failure of electrolytic capacitors. The simplest 
thermal management mod is to remove the back plate, at the possible expense of 
tone. Vacuum tubes are designed to run hot, especially if you want to hear their 
characteristic distortion. 

Another option that doesn’t affect tube temperature or performance is to 
perforate the cabinet top. This mod will definitely decrease resale value, however. 


Cleaner, Safer Power 


Clean up the power by adding a commercial EMI filter module where the power 
enters the chassis. An EMI filter is mandatory if you plan to operate the amp 
around fluorescent lights, cell phones, and computer equipment. 

Consider replacing the electrolytic capacitors with a higher ripple current 
variety. However, avoid the temptation to increase the capacitance as well. If 
you do, you could increase the voltage to beyond the maximum for the tubes and 
components. A higher capacitance also places a greater surge load on the diodes, 
since an uncharged capacitor momentarily looks like a short-circuit to the diode 
bridge. 

Another option is to transform the unregulated, capacitor input supply to a 
regulated supply by inserting a choke between the bridge rectifier output and 
capacitor bank. The downside is that a choke-input filter will drop the DC output 
voltage to about 90 percent of the output from the bridge. A new power transformer 
with a higher output voltage is a workaround, but an expensive one. Curiously, the 
original Champ featured a choke-input power supply. I suspect the expensive choke 
was dropped from the current design as a cost-saving measure. 

Finally, add a bleeder resistor across the capacitor bank to bleed off the 
potentially lethal high voltages after you turn off the amp. A 250K, 1W flame-proof 
resistor across the high-voltage capacitors should be sufficient. 
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Gain Control 


As discussed earlier, the 12AX7A and 6V6GT operate with fixed bias, by virtue 
of fixed cathode resistors and bypass capacitors. If you want to adjust the gain 
of the amp on the fly, replace the fixed cathode resistor of the 6V6GT with a 
potentiometer. If you make this modification, be certain to stay within the plate 
dissipation rating of the 6V6GT; otherwise you'll shorten the life of the tube. 

The challenge with adding a gain control is that you need a convenient place to 
mount it. Unless you want to drill a hole in the cabinet, cabinet back, or faceplate, 
you'll have to remove either the LED power indicator or one of the two input jacks 
temporarily. 


Change the Cathode Capacitor 


Changing the value of the 6V6GT cathode bypass capacitor can significantly alter 
the tone of the amp. Several mod kits increase the value of the bypass capacitor for 
thicker tone. However, you can experiment with higher and lower values until you 
find a tone to your liking. 


More Efficient Audio Output Transformer 


The stock audio output transformer is an inexpensive model from China. A better 
transformer, either of conventional iron-laminate design or toroidal, could provide 
higher efficiency. Bigger isn’t necessarily better, but all else being equal, a larger 
audio output transformer will handle more current before saturating. 


Permanent Speaker Connection 


Minimize the resistance and power loss of the output circuit by wiring the speaker 
directly to the output of the audio transformer. Consider soldering the leads to the 
speaker terminals to provide a secure, low-resistance connection. 


Higher Quality Tubes 


The stock tubes used in many amps don’t provide the best possible tone. Although 
tone preferences vary from person to person, some tubes are know for their 
superior tone. As noted earlier, the stock Champ comes with relatively inexpensive 
tubes of Russian and Chinese manufacture. Several companies import tubes in 
bulk and then test for gain, optimum bias settings, and other parameters, and they 
resell the tubes under their value-add label. Groove Tubes (www.groovetubes.com), 
which is owned by Fender, is one such domestic tube reseller. GT tubes are more 
expensive than their untested counterparts, but you have a better idea of what 
you're getting. 
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Try an Upgrade Kit 


The easiest way to mod the Champ is to purchase a commercial upgrade kit 
that addresses a variety of issues with proven mods. I’ve had success with a 
combination of a commercial upgrade kit from Mercury Magnetics (www. 
mercurymagnetics.com) and a new set of tubes from Groove Tubes. 

The Mercury Magnetics upgrade includes a power transformer, audio output 
transformer, choke for the power supply, a handful of components for modifying 
tube bias levels, and a 15W, 6-inch speaker, shown on the right of Figure 14-5a. 

The original components appear on the left of the figure. The upgraded amplifier 
chassis—about 7 pounds heavier than the original—is shown in Figure 14-5b. 

The mod kit from Mercury Magnetics is one of dozens available through and 
reviewed on the Web, and you can find other sources of magnetics for tube amps. For 
example, Hammond Manufacturing (www.hammondmfg.com) offers an extensive 
line of transformers and chokes. The benefits of working with a commercial upgrade 
kit include consistent, known results. You have to determine whether those results 
are to your liking and worth the expense. 

If you make any modifications to the circuitry, use a fused Variac or other brand 
of variable transformer to increase the AC line voltage gradually while you monitor 
the input current. I use a Variac with a built-in voltmeter and a digital Kill A Watt EZ 
(www.p3international.com) to monitor current, but a Variac with a built-in current 
monitor is best if you can afford one. 


FIGURE 14-5 Mercury Magnetics upgrade 
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Appendix Á 


Component Markings 


Te fully understand the function of an electronic device, you'll need to identify 
the value of the components used in the underlying circuitry. Fortunately, 
most component manufacturers use standard component markings, which are 
defined in the following tables. 


Numeric Notation 


Standard numeric notation is listed in Table A-1. Note that alphabetic notation may 
be used as a decimal point indicator with SMT components. 


TABLE A-1 Numeric Notation 


Notation 
p- pico 

n-nano 
u -micro 
m- milli 


K-kilo 


M- mega 


Multiplier 
10-?=0.000000000001 
10°°=0.000000001 
10°°=0.000001 
10?=0.001 

10°?=1000 


10°= 1,000,000 


Example 
2.3pF 
14nH 
0.01uf 
3mW 
23KW 
1K2 
5MO 
M47 


Value 

2.3 x 10*?F=0.0000000000023F 
14 x 10 °H=0.0000000014H 
0.01 x 10 °F=0.0000001F 
3x10°-W=0.003W 

23 x 10°W=23,000W 

1.2 x 10%0=12000 

5 x 10%0=5,000,0000 

0.47 x 100 =470,0000 


295 


296 Part IV Appendixes 


Leaded Components 


With the exception of some capacitors, MOVs, and unmarked glass diodes, most 
leaded components conform to standard marking systems. The most common 
standards are reproduced here. 


Capacitors 


Capacitor marking systems vary by capacitor type. Ceramic disc and most film 
capacitors are marked in pF using the system in Table A-2. In addition to tolerance 
markings, film capacitors commonly have a voltage marking. Once you have the 
system down for a specific vendor or type of capacitor, the most difficult step is 
converting the value into a range you're familiar with and that's listed in catalogs. 


TABLE A-2 Ceramic Disc and Film Capacitor 
Marking Examples 


Marking Value 


101 10 x 10'= 100pF=0.1nF=0.0001pf 
102 10 x 10?= 1000pF=1nF=0.001pf 
103 10 x 103= 1000pF=10nF=0.01pf 

J +5% 

K +10% 


Electrolytic capacitors, because of their large size relative to other capacitors, 
have markings for polarity, capacitance, and working voltage. There's generally no 
guesswork, as the values and units are listed plainly on the component. Where the 
difficulty arises is deciphering the codes that indicate, for example, whether the 
capacitor is designed for high temperature, high ripple current, low volume, high 
stability, and so on. Unfortunately, these codes are vendor-specific. For example, 
Panasonic Type A, Series EE, is designed for high ripple applications, whereas Type 
A, Series FM, is a low impedance design. 


Resistors 


Table A-3 lists the standard resistor and inductor color-code system. Standard 
value resistors use three bands, the first two for value and the third for the 
multiplier. A fourth band displays tolerance. Precision resistors may feature a third 
value band, for a total of five bands. 


drop across each resistor, and what will the 
two voltage drops add up to?  ___ 
9. A current of 1 ampere splits between 
6-ohm and  12-ohm resistors in parallel. Find 
the current through each. 


10. A current of 273 mA splits between 


330-ohm and 660-ohm resistors in parallel. 
Find the current through each resistor. ———__ 
11. If R = 10kV and C = 1 wf, find the 
time constant. | 

12. If R = 1 MY and C = 250 uf, find the 


time constant. | 

13. Three capacitors of 1 uF, 2 uF, and 3 uF 
are connected in parallel. Find the total 
capacitance. —— —ć 

14. Three capacitors of 100 uF, 220 uF, and 
220 uF are connected in series. Find the total 
capacitance. ———__ 

15. Three capacitors of 22 pF, 22 pF, and 33 
pF are connected in series. Find the _ total 
capacitance. —— 
16. What is the knee voltage for a 
germanium diode? sy 

17. What is the knee voltage for a silicon 
diode? 

18. In the circuit shown in Figure 12.1 , V S 
= 5 volts and R = 1 kV. Find the current 
through the diode, ID. — 

19. For the circuit shown in Figure 12.1 , V 
12 volts and R = 100 ohms. Find ID. 


20. For the circuit shown in Figure 12.2 , V S 
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TABLE A-3 Resistor Color Codes 


Color Value Multiplier Tolerance 
Black 0 10°=1 

Brown 1 10*=10 +1% 
Red 2 10*=100 +2% 
Orange 3 10°=1K 

Yellow 4 10*=10K 

Green 5 

Blue 6 

Violet 7 

Grey 8 

White 9 

<none> +20% 
Silver 10*=0,1 +10% 
Gold 10*=0.01 +5% 


Table A-4 shows examples of color bands applied to standard four-band and 
precision five-band resistors. 


TABLE A-4 Resistor Color-Code Examples 


Band 1 Band 2 Band 3 Band 4 Band 5 Value (Ohms) 
Black Red Red Silver 1200+10% 
Brown Blue Orange Gold 16K+5% 
Green Green Yellow 550K+20% 
Orange Red Red Gold Red 32.242% 
Yellow Grey Blue Brown Brown 4860+1% 
Inductors 


Leaded inductors use the same basic color-code scheme for value and multiplier 
as defined in Table A-3. Table A-5 lists several examples of the color-band marking 
scheme applied to leaded inductors. Note that the value is in pH. 
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TABLE A-5 Inductor Color-Code Examples 


Band 1 Band 2 Band 3 Band 4 Value (pH) 


Black Red Red Silver 1200+10% 
Red Violet Brown Gold 270+5% 
Green Green Black 55 + 20% 
Orange Red Red Gold 3200+5% 


Yellow Grey Brown Silver 480+10% 


SMT Components 


SMT components use characters instead of the color bands or dots to indicate 
value and operating parameters. However, many of the latest generation of SMT 
components are too small to mark. You'll have to use a capacitance meter to 
determine the value of those tiny beige ceramic capacitors, for example. 


SMT Capacitors 


SMT tantalum capacitors use a standard three-digit and one-letter notation, in 
which the first two digits indicate the value and the third digit indicates the 
multiplier, and the letter indicates voltage rating. The anode is marked with a 
polarity band. Depending on the space available on the face of the capacitor, it may 
also have a batch ID, manufacturer's logo, and date of manufacture code. See Table 
A-6 for voltage markings. 


TABLE A-6 SMT Tantalum Capacitor 
Voltage Markings 


Code Voltage Code Voltage 


X 1.8 C 16 
E 2.5 D 20 
G 4 E 25 
J 6.3 V 35 
A 10 T 60 
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The effect of the multiplier on the value represented by the first two digits of a 
tantalum capacitor can be determined from this formula: 


Multiplier = 10”* 


where n is the value of the third digit. See Table A-7 for SMT tantalum capacitor 
marking examples. 


TABLE A-7 SMT Tantalum Capacitor Marking Examples 


Marking Value 

475J 47 x 105*%=47x10*=4.7uf at 6.3VDC 
476A 47 x 106 °=47 x 10°=47uf at 10VDC 
156V 15x 106-°=15 =x 10°=15uf at 35VDC 
106G 10 x 106-*=10x 10%=10uf at 4VDC 
2271 22 x 107%=22x10*=220uf at 50VDC 


SMT electrolytic capacitors are marked with a straightforward notation that 
indicates capacitance in pf and working voltage, as in Table A-8. 


TABLE A-8 SMT Electrolytic 
Capacitor Marking Examples 


Marking Value 


1/16 1pf at 16VDC 
22/25 22uf at 25VDC 
100/25 100uf at 25VDC 


SMT Resistors 


Standard-tolerance SMT resistors are marked with a three-digit code. The first two 
digits are the value and the third digit is the multiplier. The multiplier is simply 
10", where n is the value of the third digit. Resistance less than 100 is marked with 
R to indicate the position of the decimal point. See Table A-9 for examples. 
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TABLE A-9 SMT Standard-tolerance 
Resistor Marking Examples 


Marking 
475 
4R6 
150 
151 


Value (Ohms) 
47 x 10°=4.7M 
4.6 
15x10°=15 
15x10*=150 


Precision resistors are marked with a four-digit code, in which the first three 
digits represent the most significant digits of the component value and the fourth 
is the multiplier. See Table A-10 for examples. Note that simply because a value is 
possible doesn't mean that it's available. Manufacturers produce standard resistor 
values that are applicable to practical engineering design needs. For example, it 
would be expensive to manufacture 6.2, 6.3, 6.4, and 6.5K + 5 percent resistors, in 
part because their values nearly overlap when you consider the tolerance. Standard 
values in this range and tolerance are 6.2 and 6.8K. Other values are possible, but 
nonstandard values are more expensive than standard values. 


TABLE A-10 SMT Precision-tolerance 
Resistor Marking Examples 


Marking 
4995 
OR22 
1000 
1501 


Value (Ohms) 
499 x 10°=49.9M 
0.22 

100 x 10°=100 


150 x 10'=1.5K 
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Resources 


Practical Theory 


Web sites are a great source for component and circuit theory. My favorite first stop 
on the Web is Wikipedia (www.wikipedia.org). But logging into the Web can be a 
hassle in the middle of a teardown. If you're just getting into electronics, you owe it 
to yourself to invest in a modest library of books or ebooks. 


Core Resources 


If your bookshelf is bare, I suggest starting with Getting Started in Electronics, 
by Forrest M. Mims III (Master Publishing, 2003). Once you've digested the 
material, invest in a copy of The Art of Electronics by Horowitz and Hill (Cambridge 
University Press, 1989). If your interests are in communications, power supplies, 
and RF amplifiers, consider adding any year of the ARRL Handbook for Radio 
Communications to your library. All three books are available through Amazon and 
Barnes & Noble. Go for the second-hand copies of these classics and save yourself 
some money. 

If you're short on cash or simply prefer a local electronic reference, then 
you have to download Lessons in Electric Circuits, by Tony R. Kuphaldt, at www. 
openbookproject.net/electricCircuits. This excellent, richly illustrated, and regularly 
updated resource is available for free download as searchable PDF and HTML files. 


Topic-specific Sources 


If you've exhausted the core resources and want to delve deeper into a topic, try 
these books and web sites. 
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Control Theory 


e Feedback Systems: An Introduction for Scientists and Engineers, by K.J. Astrom and 
R.M. Murray (Princeton University Press, 2009). www.cds.caltech.edu/~murray/ 
amwiki 

e Parallax, Inc., www.Parallax.com Information on microprocessors and control 
applications using the BASIC Stamp processor. 


Distortion and Music 


e Electronic Musician tutorials, www.emusician.com/tutorials 


Guitar Effects Pedals 


e Guitar Effects Pedals, by D. Hunter (Backbeat Books, 2004). While mainly dealing 
with the history and practical application of effects pedals, Hunter’s book offers 
generic schematics for a range of standard effects. 


Guitar Magnetic Pickups 
Fender, www.fender.com 
e The Guitar Pickup Handbook, by D. Hunter (Backbeat Books, 2008). A good book, 
written more for the musician than electronics enthusiast. 
e “The Secrets of Electric Guitar Pickups,” by H. Lemme. http://www. 
buildyourguitar.com/resources/lemme/index.htm A good overview of the 
complexities of pickups and system interactions. 


PIR Sensors 


e Parallax, www.Parallax.com Free, downloadable documentation on an 
inexpensive passive infrared (PIR) sensor based on the BISOOO1. 


Semiconductors 


e National Semiconductor, www.national.com The web site features an 
interactive program called WEBENCH Power Designer that enables you to design 
and simulate circuits. 


Tube Amplifiers 


e Aiken Amplification, www.aikenamps.com 

e Building Valve Amplifiers, by Morgan Jones (Newnes, 2004). 

e The Guitar Amp Handbook: Understanding Tube Amplifiers and Getting Great 
Sounds, by D. Hunter (Backbeat Books, 2005). 


Zebra Elastomeric Connectors 


e Fujipoly America, www.fujipoly.com 


Appendix B Resources 303 


Component Specifications 


The best source for information on components is the component's official 
datasheet, directly from the manufacturer, a datasheet clearinghouse, or through a 
parts catalog. 


General 


Here are my favorite online and print catalog references, in order of preference: 


e DigiKey, www.digikey.com My first stop for component specifications. 
Products are linked to an extensive online database of datasheets. 

e Mouser Electronics, www.mouser.com My second stop for general components, 
and my first for hard-to-find and specialized components. 

e DatasheetCatalog.com, www.datasheetcatalog.com Free, extensive database of 
official datasheets of semiconductors by device type and manufacturer. 

e Allied Electronics, www.alliedelec.com Excellent source for capacitor and 
resistor information. 

e Jameco Electronics. wwwjameco.com Less extensive than DigiKey or 
Mouser, but easier to navigate, and the online photos make it easy to identify 
components. 

e Parts Express, www.parts-express.com Like Jameco, easy to navigate and 
loaded with photos of components. Great for specifications on speakers and 
audio components. 


Component-specific Sources 


The companies and web sites listed here include sources of components discussed 
in the teardowns covered in this book. There are hundreds of additional 
component companies that can be accessed on the Web. 


Capacitors 


e Carli Electronics Company, www.carli-cap.com.tw 
e NTE Electronics, www.nteinc.com 

e RFE International, rfeinc.com 

e Vishay, www.vishay.com 


Diodes 


e Diodes Incorporated, www.diodes.com 
e National Semiconductor, www.national.com 
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Electric Guitar Components 


e Allparts, www.allparts.com 
e Fender, www.fender.com 
e Stewart-MacDonald Instrument Repair Supply, www.stewmac.com 


Microcontrollers and Supporting Components 


e Atmel, www.atmel.com 
e Freescale Semiconductor, www.freescale.com 


Operational Amplifiers 


e National Semiconductor, www.national.com 


Resistors 


e Bourns, www.bourns.com Fixed, variable, leaded, SMT, and high power 
resistors. 
e Vishay, www.vishay.com 


Speakers 


e Celestion, www.celestion.com 
e Eminence, www.eminence.com 


Temperature Sensors 


e Diodes Incorporated, www.diodes.com 
e National Semiconductor, www.national.com 
e Vishay, www.vishay.com 


Transistors 


e Diodes Incorporated, www.diodes.com 
e Vishay, www.vishay.com 


Transformers and Inductors 


e Hammond Manufacturing, www.hammondmfg.com 
e Vishay, www.vishay.com 


Vacuum Tubes 


e Tube Zone, www.tubezone.net/tubedata. html An extensive source of freely 
downloadable PDFs of original vacuum tube manufacturers’ datasheets. 


Index 


A 


AC voltmeter, 194-196 
accelerometers, 93-94 
accuracy, 179, 207 
activation pulses, 47 
Ah calculations, 30 
alpha radiation, 7, 8 
alphabetic notation, 295 
ambient light sensitivity, 33 
American Wire Gauge (AWG) system, 21-22 
Americium particle emitter, 4, 5-11, 16, 18 
ammeter, 196-197 
amplifiers 
operational, 216, 265-268, 304 
specifications, 304 
stereo power amplifier, 143-173 
vacuum tube guitar amplifier, 275-291 
analog ohmmeter, 45 
analog Volt-Ohm-Meter (VOM), 177-201 
analog-to-digital converters, 91 
aperture angle, 207 
audible continuity tester, 199-200 
audio jacks, 241-242 
audio output transformers, 290 
AudioSource AMP 100 amplifier, 143-173 
auto-input feature, 149 
auto-on feature, 148-149 
AV600 surge suppressor, 53, 54-69, 80-81 
avalanche diodes, 56 
AWG (American Wire Gauge) system, 21-22 
axial lead epoxy-dipped capacitors, 16 


bandwidth, 145 
bathroom scale, digital, 35-51 
batteries 
analog VOMs, 190, 198 
digital bathroom scale, 50 
lithium, 198 
motion-activated LED light, 20, 27, 29-30, 31 


smoke alarm, 3, 5, 9, 12, 15, 16 
temperature and, 207 
battery tester, 194 
bipolar transistors, 123, 124 
BISO001S IC, 24-25 
BLDC (DC brushless motor), 125-130 
books/documents, 301 
brushless DC motor/fan, 125-126 
buzzers, 44, 190-191, 199. See also piezoelectric 
transducer 
bypass switching, 274 


C 


cables, 284 

cadmium sulfide (CDS) sensors, 23, 26-27 
calibration, 141-142 

calorie counter function, 84 


capacitors 
ceramic, 29 
dipped, 16 


effects pedal, 268-269 
electric guitar, 241 
electrolytic, 16, 29, 105, 296, 299 
film, 296 
marking systems, 296 
non-inductive, 65-66 
polypropylene film, 65-66 
SMT, 29, 298-299 
sonic distance measurer, 219 
specifications, 303 
stereo power amplifier, 163 
ultrasonic humidifier, 121 
vacuum tube guitar amplifier, 284-285 
cataphoresis, 107 
cathode capacitor, 290 
cathode resistors, 287-288 
CDS (cadmium sulfide) sensors, 23, 26-27, 32, 33 
cell phones, 93-94 
ceramic capacitors, 29 
ceramic disc capacitors, 16, 296 
CF (compact fluorescent) lamp, 95-111 
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circuit boards 
digital hygro thermometer, 136 
double-sided, 77 
effects pedal, 265 
printed, 283 
single-sided, 66 
sonic distance measurer, 211-212, 219, 223 
ultrasonic humidifier, 119-120 
vacuum tube guitar amplifier, 283 
circuit breakers, 62, 67, 76 
circuit tracing, 23-24 
clipping, 270-272 
clock frequency, 89 
closed loop system, 130-131 
CMOS operational amplifiers, 216 
CMOS voltage detectors, 89, 91 
color rendering index (CRI) score, 98 
color temperature, 96-97, 98 
compact fluorescent (CF) lamp, 95-111 
component identification, 23-24 
component markings, 295-300 
components 
alphabetic notation, 295 
analog VOMs, 184-191 
compact fluorescent lamp, 102 
digital bathroom scale, 40-46 
digital hygro thermometer, 137-139 
dual-sensor alarm, 9-16 
effects pedals, 263-269 
electric guitar, 239-243 
electronic pedometer, 87-90 
leaded, 296-298 
motion-activated LED light, 24-30 
numeric notation, 295 
SMT, 298-300 
sonic distance measurer, 213-219 
specifications, 303-304 
stereo power amplifier, 158-165 
surge suppressor, 62-66 
ultrasonic humidifier, 121-126 
vacuum tube guitar amplifier, 282-285 
component-specific sources, 303-304 
connectors 
digital bathroom scale, 45-46, 302 
effects pedal, 269 
electronic pedometer, 86, 90, 302 
identifying, 118 
RCA, 152, 157, 168 
stereo power amplifier, 152, 157, 168 
ultrasonic humidifier, 117-120 
Zebra Elastomeric Connectors, 45-46, 86, 
90, 302 
control theory, 302 
Crane ultrasonic humidifier, 113-131 
CRI (color rendering index) score, 98 


crystal oscillator, 89, 139 
crystals, quartz, 138, 217-218 
CUN voltage detector, 89, 91 
cyanoacrylate, 51 


D 


D’Arsonval movement, 186 
DC brushless motor (BLDC), 125-130 
DC motors, 125-126 
DC voltmeter, 192-194 
Digi-Keys, 76, 190 
digital bathroom scale, 35-51 
digital hygro thermometer, 133-142 
digital multimeter (DMM), 37, 45, 177, 179-180 
diodes 
1N4007, 65 
analog VOMs, 186-188 
avalanche, 56 
CF circuit, 106-107 
effects pedal, 263-265, 273 
germanium, 187-188, 262-265, 270, 273 
Schottky, 186-188, 264 
silicon, 77, 187-188, 263-264, 273, 285 
sonic distance measurer, 217 
specifications, 303 
stereo power amplifier, 162-163 
TVS, 56 
ultrasonic humidifier, 121 
dipped capacitors, 16 
displays. See LCD 
distortion, 146-147, 269, 302 
DMM (digital multimeter), 37, 45, 177, 179-180 
documents/books, 301 
dual-sensor smoke alarm, 3-18 


E 


EEPROM (electrically erasable programmable 
read-only memory) chip, 40, 41, 42, 46, 47 
effects pedal, 257-274, 302 
elastomeric buttons, 90 
elastomeric connections, 45-46, 86, 90, 302 
electric guitar, 231-255, 304 
electrically erasable programmable read-only 
memory (EEPROM) chip, 40, 41, 42, 46, 47 
electricity 
joule energy rating, 55 
lightning strikes, 53, 55 
power conditioners, 53, 54, 55, 69-81 
surge protective devices, 53-81 
surge suppressors, 53, 54-69, 80-81 
uninterruptible power supply, 53, 55 
voltage spikes/surges, 54, 55-56, 79 
electrolytic capacitors, 16, 29, 31, 296, 299 
electromagnetic buzzers, 190-191 


= 100 volts, R1 = 72 kV, R2 = 4 kV, and 


V Z = 28 volts. Find the current through the 
zener diode, IZ. __ 

21. For the circuit in Figure 12.2 , VS = 10 
volts, R1 = 1 kV, R2 = 10 kV, and VZ = 


6.3 volts. Find IZ. _— 

22. Using the circuit shown in Figure 12.3 , 
find the DC collector voltage, VC, iff VS = 
28 volts, @ = 10, RB = 200 kV, and RC = 
10 kV. —— 

23. Again, using the circuit shown in Figure 
123 , find RB if VS = 12 volts, B = 250, R 
C = 22 kV, and VC = 6 volts. | 

24. Using the circuit shown in Figure 12.3 , 
find B if VS = 10 volts RB = 100 kV, RC 
= 1 kV, and VC = 5 volts. — 

25. What are the three terminals for a JFET 
called, and which one controls the operation 
of the JFET? | 

26. Using the circuit shown in Figure 12.4 , 
find the value of R B required to turn the 
transistor ON if VS = 14 volts RC = 10 kV, 
and B = 50. —_— č 

27. Again, using the circuit shown in Figure 
12.4 , find the value of R B required to turn 
the transistor ON if VS = 5 volts, RC = 4.7 
kV, and B = 100. 
28. Using the circuit shown in Figure 12.5 
find the values of R1, R2, and R3 that 
can enable the switch to turn Q 2 ON and 
OFF , if VS = 10 volts, B1 = 50, B2 = 20, 


electromechanical relay, 33 
electronic ballast, 107 

electronic devices. See components 
electronic pedometer, 83-94 

EMI shielding, 240, 285, 288-289 
energy ratings, 55 

epoxy encapsulation, 36, 40, 41, 42 
external load cells, 50-51 


F 


Fairchild Semiconductor, 65 
Fender Champion guitar amplifier, 275-291 
Fender Telecaster electric guitar, 231-255 
ferrite chokes, 76 
film capacitors, 296 
fluorescent lamp, 95-111 
frequency calculator, 248 
frequency response, 145 
Fresnel lens, 25-26 
Fujipoly America, 46 
Furman power conditioner, 54, 69-81 
Furturlec, 25 
fuses 
analog VOMs, 190 
fast-blow vs. slow-blow, 124 
stereo power amplifier, 165 
thermal, 64, 76 
ultrasonic humidifier, 124 
vacuum tube guitar amplifier, 284, 288 


G 
gain, 269-270 
gain control, 290 
galvanometer, 181, 186-188, 190, 192-200 
Gauge Factor (GF), 49-50, 51 
Geiger counter, 7, 8 
germanium diodes, 187-188, 262-265, 270, 273 
GF (Gauge Factor), 49-50, 51 
GN suppression, 56 
ground contamination, 80 
ground fault, 66 
ground lead, 66 
guitar magnetic pickups, 243-255, 302 
guitars 
amplifiers, 275-291 
effects pedal, 257-274, 302 
electric guitar, 231-255 


H 


heat sinks 
compact fluorescent lamp, 103-104 
stereo power amplifier, 159-161 
ultrasonic humidifier, 122 

high voltage (HT) probes, 100-101 
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HT (high voltage) probes, 100-101 
humidifier, ultrasonic, 113-131 
humidity 
ambient, 25, 207 
closed loop system and, 130-131 
electronics and, 207 
measuring, 133-142 
problems caused by, 17, 25 
relative, 113, 130, 134, 138, 140-142 
variable, 114 
humidity sensor, 117, 130, 136, 138, 141, 142 


I 


ICs (integrated circuits) 
BISO001S, 24-25 
EEPROM, 40, 41, 42, 46, 47 
epoxy encapsulation, 36, 40, 41, 42 
microcontroller support, 89 
SOIC, 24, 25 
TDA7294, 155, 158-159, 169-171 
TLOOOIS, 24-25, 32, 33 
IE core, 124, 125 
IEC (International Electrotechnical 
Commission), 57 
impedance, 138 
impedance matching, 272 
incandescent bulbs, 98 
inductors 
color-code system, 296, 298 
core, 105, 108 
leaded, 297 
marking systems, 297-298 
microHenry, 76 
sonic distance measurer, 218-219 
specifications, 304 
integrated circuits. See ICs 
International Electrotechnical 
Commission (IEC), 57 
International standards organizations, 57 
ionization chamber, 8, 10, 11, 16 
ionization-based sensor, 4, 5, 7, 8, 10-11 


J 


J3Y transistors, 44-45 
Joemex thermal circuit breaker, 62 
joule energy rating, 55 


K 


Kidde Pi9000 smoke alarm, 3-18 
KSP44 transistors, 65, 69 


L 


laser module, 214 
laser specifications, 208 
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laser-guided sonic distance measurer, 203-227 digital hygro thermometer, 137, 139 
LC resonance frequency calculator, 248 electronic pedometer, 88-89 
LCD (liquid crystal display) sonic distance measurer, 215 
digital bathroom scale, 45-46 specifications, 304 
digital hygro thermometer, 133, 139 MIDI interface, 253-255 
electronic pedometer, 86-87, 90 modifications 
sonic distance measurer, 214 analog VOMs, 200-201 
leaded components, 296-298 AV600 surge suppressor, 69 
leaded inductors, 297 CF lamp, 110-111 
LED power indicator, 284 digital bathroom scale, 50-51 
LEDs (light emitting diodes) digital hygro thermometer, 141-142 
motion-activated, 19-33 dual-sensor smoke alarm, 18 
surge suppressors, 57, 66, 76 effects pedals, 272-274 
ultrasonic humidifier, 121 electric guitar, 250-255 
white, 29 electronic pedometer, 94 
LG suppression, 56 motion-activated LED light, 32-33 
light emitting diodes. See LEDs PL-Plus C power conditioner, 80 
light sensitivity, 33 sonic distance measurer, 226-227 
lightning strikes, 53, 55 stereo power amplifier, 172-173 
lights ultrasonic humidifier, 130-131 
compact fluorescent lamp, 95-111 vacuum tube guitar amplifier, 288-291 
LED, 19-33 mods. See modifications 
motion-activated, 19-33 Monster Cable, 54, 55 
linear potentiometers, 90, 185, 186, 241 Monster Power AV600 surge suppressor, 53, 54-69, 
liquid crystal display. See LCD 80-81 
lithium cells, 36, 39 motion-activated LED light, 19-33 
LN suppression, 56 Mouser TMOV, 80 
load cells, 37, 39, 42-43, 47-51 MOVs (metal oxide varistors) 
logic boards, 157-158, 165, 168-169, 172 analog VOMs, 190 
low-dropout regulators, 27 AV600 surge suppressor, 55-56, 62-64 
considerations, 54 
M ground, 80 
PL-Plus C power conditioner, 71, 75-76, 79-81 


magnetic guitar pickups, 243-255, 302 
magnetic switch (MS), 128 
memory 


thermal, 80 

TMOV upgrade, 80 
EEPROM, 40, 41, 42, 46, 47 MS (magnetic switch), 128 
pedometer, 84 OS multimeter, 37, 99 

RAM, 41 multiuse circuit board, 4 


MEMS accelerometer, 93-94 music 


mercury thermometers, 139-140 Hee a Ss , 
mercury toxicity, 97 electric guitar, 43l=400, 


mercury vapor, 99, 103 guitar magnetic pickups, 243-255, 302 


metal film resistors, 66, 105-106 seen N , eon 
metal oxide varistors (MOVs) vacuum tube guitar ampiitier, = 


analog VOMs, 190 


AV600 surge suppressor, 55-56, 62-64 N 

considerations, 54 National Instruments Zone, 50 

ground, 80 negative temperature coefficient (NTC) 

PL-Plus C power conditioner, 71, 75-76, 79-81 thermistor, 137 

thermal, 80 negative-positive-negative. See NPN 

TMOV upgrade, 80 neon lamp, 65 
microcontroller support ICs, 89 Newline digital bathroom scale, 35-51 
microcontrollers NPN (negative-positive-negative) transistor 


digital bathroom scale, 36, 41-42 compact fluorescent lamp, 103 


digital bathroom scale, 44-45, 46 
dual-sensor smoke alarm, 9, 14, 17 
motion-activated LED light, 27-29 
stereo power amplifier, 162 
ultrasonic humidifier, 123-124 
vs. PNP transistors, 45 

NTC (negative temperature coefficient) 

thermistor, 137 
numeric notation, 295 


0 


ohmmeter, 9, 37, 45, 158, 197-200, 201 
Ohm’s law, 48, 167, 177, 198, 200 
Omega Engineering, 50 
Omron HJ-112 electronic pedometer, 83-94 
operating temperature, 207 
operational amplifiers, 216, 265-268, 304 
operational considerations 
analog VOMs, 180-181 
AV600 surge suppressor, 57 
compact fluorescent lamp, 99 
digital bathroom scale, 37 
digital hygro thermometer, 135 
dual-sensor smoke alarm, 5 
effects pedals, 259-260 
electric guitar, 234-235 
electronic pedometer, 84-85 
Fender Champion guitar amplifier, 276 
motion-activated LED light, 21 
PL-Plus C power conditioner, 71 
sonic distance measurer, 208 
stereo power amplifier, 149 
surge suppressors, 57 
ultrasonic humidifier, 114-115 
oscillators, 89 


P 


passive infrared (PIR) sensors, 20, 21, 25, 26, 


32, 302 
pedometer, electronic, 83-94 
pendulum sensors, 84, 87-88, 92-94 
pendulums, single-axis, 92-93 
photoelectric sensor, 4, 7, 12-13, 92-94 
piezo pickups, 253 
piezoelectric sound detector, 93 
piezoelectric transducer (PT) 

digital bathroom scale, 44, 46-47, 50 

distance, 5 

smoke alarm, 5, 7, 14, 15 

ultrasonic humidifier, 121, 126-127 
PIR (passive infrared) detection, 30-32 


PIR (passive infrared) sensors, 20, 21, 25, 26, 


32, 302 
PL-Plus C power conditioner, 54, 69-81 
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PNP (positive-negative-positive) transistors 
sonic distance measurer, 212, 217 
ultrasonic humidifier, 123-124 
vs. NPN transistors, 45 

polypropylene film capacitor, 65-66 

positive-negative-positive. See PNP 

potentiometers, 90, 164, 185, 186, 241 

power conditioners, 53, 54, 55, 69-81 

power consumption, 148 

power output, 147-148 

power strips, 53, 54 

power supplies, 53, 55, 127, 155, 166 

power transformer, 124-125 

precision, 179 

precision resistors, 184-186, 296 

printed circuit boards, 283 

PT. See piezoelectric transducer 


Q 


quartz crystals, 138, 217-218 


R 


radiation 
alpha, 7, 8 
dual-sensor smoke alarm, 5, 7, 8 
Geiger counter, 7, 8 
PIR. See PIR entries 
ultraviolet, 99, 103 
radiation levels, 7 
RadioShack 22-109 VOM, 177-201 
RAM (Random Access Memory), 41 
Random Access Memory (RAM), 41 
receiver transducers, 205-206 
regulators. See voltage regulators 
relative humidity (RH) sensor, 134, 138 
relays, 77, 165 
resistance bridge, 47-50 
resistors 
cathode, 287-288 
color-code system, 296-297 
effects pedal, 265 
fusible, 106 
marking systems, 296-297 
metal film, 66, 105-106 
precision, 184-186, 296 
SMT. See SMT resistors 
sonic distance measurer, 219 
specifications, 304 
stereo power amplifier, 163 
ultrasonic humidifier, 123 
vacuum tube guitar amplifier, 284 
variable, 26, 50, 167, 185, 196 
resolution, 179, 206 
resonance, 247-249 
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resonant frequencies, 128, 138, 225, 248-249 
resources, 301-304 
books/documents, 301 
specifications, 303-304 
topic-specific sources, 301-302 
response time, 56 
RF inductors, 122 
RH (relative humidity) sensor, 134, 138 
rocker switch 
power conditioner, 77 
surge protector, 57, 61, 65, 67-68 
ultrasonic humidifier, 122 
rotary switches, 188-189 


S 


safety issues 
Americium caution, 5, 6-7, 9, 18 
compact fluorescent lamp, 96, 97, 99 
ionization chamber, 8 
ionization sensor, 7, 8 
laser beams, 208 
radiation. See radiation 
smoke alarm teardown, 5, 6-9, 18 
stereo power amplifier, 155 
ultrasonic humidifier, 117 
vacuum tube guitar amplifier, 277 
scale, digital bathroom, 35-51 
schematics 
CF lamp, 108-110 
digital bathroom scale, 40, 46-47 
digital hygro thermometer, 140-141 
electronic pedometer, 90-91 
motion-activated LED light, 31 
power conditioners, 77-79 
smoke alarm, 16, 17 
sonic distance measurer, 222-226 
stereo power amplifier, 166-171 
surge suppressors, 66-67 
vacuum tube guitar amplifier, 285-287 
Schottky diodes, 186-188, 264 
semiconductors, 44, 302, 303 
sensors 
CDS: 28, 26-97-37: 33 
pendulum, 84, 87-88, 92-94 
photoelectric, 4, 7, 12-13, 92-94 
PIR, 20, 21, 25, 26, 32, 302 
temperature, 133, 304 
shunt regulators, 163, 166-167 
signal-to-noise ratio (SNR), 49, 145-146, 225, 232 
silicon diodes, 77, 187-188, 263-264, 273, 285 
silicone-carbon elastomeric buttons, 90 
Simulation Program with Integrated Circuit 
Emphasis (SPICE), 248 
single pole, single throw (SPST) rocker switch, 122 


small outline integrated circuit (SOIC), 24, 25 
small outline transistor. See SOT 
smoke alarms, 3-18 
SMT (surface mount technology), 20, 184 
SMT board, 29 
SMT capacitors, 29, 298-299 
SMT components, 298-300 
SMT potentiometers, 90 
SMT resistors 
analog VOMs, 184-185 
digital bathroom scale, 40, 41 
motion-activated LED light, 29 
overview, 299-300 
SMT Schottky diodes, 186-188, 264 
SNR (signal-to-noise ratio), 49, 145-146, 225, 232 
SOIC (small outline integrated circuit), 24, 25 
Song Chaun relay, 77 
sonic distance measurer, 203-227 
SOT (small outline transistor) packaging, 27-28, 
44-47 
SOT-23 case, 45 
SOT-89 package, 27, 31, 215 
SOT-90 case, 27 
SOT-323 package, 27, 28, 31 
SPDs (surge protective devices), 53-81 
speakers, 283, 289, 290, 304 
specifications 
AMP 100 stereo amplifier, 144-149 
AV600 surge suppressor, 55-57 
capacitors, 303 
components, 303-304 
Crane ultrasonic humidifier, 113-114 
digital bathroom scale, 36-37 
digital hygro thermometer, 134 
diodes, 303 
dual-sensor smoke alarm, 5, 7, 8 
effects pedals, 258-259 
electric guitar components, 304 
electronic pedometer, 84 
Fender Champion guitar amplifier, 276 
Fender Telecaster electric guitar, 232-233 
inductors, 304 
laser, 208 
microcontrollers, 304 
motion-activated LED light, 20 
PL-Plus C power conditioner, 70-71 
RadioShack 22-109 VOM, 178-180 
resistors, 304 
resources, 303-304 
speakers, 304 
TCP SpringLamp, 97-98 
transformers, 304 
transistors, 304 
vacuum tubes, 304 
Zircon Sonic Measure DM S50L, 205-208 


speech synthesizer, 33 
SPICE (Simulation Program with Integrated 
Circuit Emphasis), 248 
spike diversion, 56 
spike-clamping voltage, 70, 81 
spike-diversion system, 67-68 
spikes, 54, 55-56, 79 
SPST (single pole, single throw) rocker switch, 122 
stacked potentiometers, 164 
stereo power amplifier, 143-173 
strain gauges, 36, 37, 39, 42-44, 47-51 
superglue, 51 
surface mount technology. See SMT 
surge protective devices (SPDs), 53-81 
surge suppressors, 53, 54-69, 80-81 
surges, 54 
switch indicators, 65 
switches 
dual-sensor smoke alarm, 16 
electric guitar, 242 
magnetic, 128 
reed, 122 
rocker. See rocker switch 
rotary, 188-189 
sonic distance measurer, 219 
SPST, 122 
tone, 273 
ultrasonic humidifier, 122 
symmetrical distortion, 269 


T 


tape measure, sonic distance, 203-227 
TCP SpringLamp, 95-111 
TDA7294 power ICs, 155, 158-159, 169-171 
teardowns 
analog VOMs, 177-201 
compact fluorescent lamp, 95-111 
digital bathroom scale, 35-51 
digital hygro thermometer, 133-142 
dual-sensor smoke alarm, 3-18 
effects pedal, 257-274 
electric guitar, 231-255 
electronic pedometer, 83-94 
motion-activated LED light, 19-33 
resources, 301-304 
sonic distance measurer, 203-227 
stereo power amplifier, 143-173 
surge protective devices, 53-81 
ultrasonic humidifier, 113-131 
vacuum tube guitar amplifier, 275-291 
temperature sensors, 133, 304 
THD+N (total harmonic distortion plus noise), 
146-147 
thermal circuit breaker, 62, 67, 76 
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thermal cutoff, 64 
thermal fuses, 64, 76 
thermal management, 289 
thermal MOV (TMOV), 80 
thermistors, 137-139, 213-214 
thermo-fuse varistor (TVZ), 71 
thermometers 
hygro, 133-142, 223 
mercury, 139-140 
TLOOOIS IC, 24-25, 32, 33 
TMOV (thermal MOV), 80 
TO (Transistor Outline) packages, 17 
tone switches, 273 
tools/instruments 
analog VOMs, 181 
compact fluorescent lamp, 100-101 
digital bathroom scale, 37 
digital hygro thermometer, 135 
dual-sensor smoke alarm, 7 
effects pedals, 261-262 
electric guitar, 235-237 
electronic pedometer, 85 
motion-activated LED light, 21 
power conditioners, 72-73 
sonic distance measurer, 210 
stereo power amplifier, 149 
surge suppressors, 59 
ultrasonic humidifier, 117 
vacuum tube guitar amplifier, 277 
toroidal transformers, 56, 104-105, 153, 162 
total harmonic distortion plus noise 
(THD+N), 146-147 
transducers. See also piezoelectric transducer 
pendulum, 90-92 
ultrasonic, 115, 117-119, 213, 217, 225 
transformers 
audio output, 290 
power, 124-125 
specifications, 304 
toroidal, 56, 104-105, 153, 162 
vacuum tube guitar amplifier, 283 
variable, 59 
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transient suppression voltage (TSV), 56, 62-63 


transient voltage suppression. See TVS 
Transistor Outline (TO) packages, 17 
transistors 

bipolar, 123, 124 

compact fluorescent lamp, 103-104 

considerations, 44-45 

J3Y, 44-45 

KSP44, 65, 69 

NPN. See NPN 

PNP, 45, 123-124 

sonic distance measurer, 217 

SOT packaging, 27-28, 44-47 
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transistors (Continued) 

specifications, 304 

ultrasonic humidifier, 123-124 
triggers, enhanced, 50 
TSV (transient suppression voltage), 56, 62-63 
tube amplifiers, 302 
tubes, vacuum, 279, 282, 289, 304 
TUVRheinland web site, 71 
TVS (transient voltage suppression), 56 
TVS diodes, 56 
TVZ (thermo-fuse varistor), 71 


U 


UL 1449 compliance, 81 

UL 1449 rating, 57 

ultrasonic humidifier, 113-131 

ultrasonic oscillator, 126-127 

ultrasonic transducers, 115, 117-119, 213, 217, 225 
ultrasound sensing methods, 30, 31 
ultraviolet (UV) radiation, 99, 103 
Underwriters Laboratories, 57 
uninterruptible power supply (UPS), 53, 55 
UPS (uninterruptible power supply), 53, 55 
UV (ultraviolet) radiation, 99, 103 


V 


vacuum tube guitar amplifier, 275-291 
vacuum tubes, 279, 282, 289, 304 


variable resistors, 26, 50, 167, 185, 196 
Variac variable transformer, 59 
voltage detectors, 89, 91-92 
voltage hazards, 97 
voltage regulators 
7130 regulator, 27-28, 31, 32, 33, 215 
LM317LM regulator, 212-213, 215, 216, 223 
low-dropout, 27 
motion-activated LED, 27-28, 31, 32 
shunt, 163, 166-167 
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RU2157659 -- METHOD FOR INVESTIGATING TELEPATHY COMMUNICATION 
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EMBODIMENT 


HU9901402 -- TELEPATHY TABLE GAME 

GB222163 -- Improvements in or relating to apparatus for the development of concentration and telepathy 
FR2661295 -- Transmitter/receiver of gravitational waves 

JP2014155432 -- SUPERNATURAL POWER 


CN101513296 -- Natural telepathy crystal earbob 


US2011127346 
Co-creative Learning and Research Method and Apparatus 


Inventor: VON BEZOLD ERNST 


A method is claimed to provide experiential nonlocal real time interaction between or among a participant or participants, 
observer or observers, participant-observer or participant-observers, and phenomenon or phenomena by means of 
presentation of sensory information or semantic mapping, by direct observation or using sensory or semantic representation 
for example by imaging methods or technology including without limitation, image projection over a distance, e.g., by 
internet, television or telepathy, so arranged as to permit and facilitate rapid or real time 'simultaneous' or prescient attention 
to the phenomenon and interaction with it, so as to facilitate contemporaneous, or time-delay, or time-advance "feedback" 
active input to the phenomenon or the phenomenon presentation system, in some sense constituting thereby an entraining 
and entrained system being modulated by the attention and energetic or related state and interaction or resonance with the 
phenomenon, of the participant-observer(s), and furthermore their resonance or interaction, whether attentively or 
consciously intended or consciously or not, with one another and collectively. 
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[0001] A preferable embodiment of this method uses 1) a phenomenon which may vary on account of, without limitation, 
participant a) attention or b) intention or c) emotion focused by other means or d) thinking or e) a permutation or 
combination or permutations or combinations of the foregoing; 


[0000] 2) means, as hereinafter illustrated, to present the participant with status data about the phenomenon or phenomena 
including, as phenomena, status data about observer/participants; said status data being in a preferred embodiment as current 
as possible (‘real time’) status data, as well as past status data (history) or preview, forecast, projective, or hypothetical data. 


3) means to assist the participant in interpreting or understanding a co-relationship between characteristics of the 
phenomenon and attributes, including the immediate process experience during phenomenon data generation, of the 
participant, including participant attentional behaviours, attitude mood and emotions, thinking, intention and bodily 
processes and status, especially the pattern of health. 


4) means to provide the participant-observer as user with contextual information and variable, including without limitation 
user-directed or influenced, information 

about the state of the system as a whole, both in particular the phenomenon as such as well as user(s) status data, on a data- 
intensification and withdrawal training basis to develop and optimise the development of user capabilities for remote sensing 
and for “remote” imaginative perception, inspiration and intuiting, 1.e., directly perceived understanding of remote 
phenomena in part or totality and their course and development without sense-perceptible or imaginatively correlated 
experience. 


4) Means to provide groups of participant with weather and water quality feedback to enable them to change their 
participation at the time, in the past and moving forward, so as to modify the presented or selected phenomena collectively, 
for example water quality, especially to improve it, precipitation patterns, ocean current behaviour, and so forth; and to work 
similarly with other living and inorganic phenomena to improve and stabilise the biosphere, lithosphere, atmosphere, 
photosphere of interest, that environment of greatest interest being for the time being that of this planet which is our home; 
especially to enable conscious and intentional ameliorative direct attentive perception and interaction of large numbers of 
planetary residents in respect of stabilising and otherwise ameliorating climate change by intelligent collective selective 
conscious interaction with the root or the proximal causes of climate change. 


BACKGROUND 


[0002] Telepsychokinesis is a scientific fact. This is illustrated by, for example, the work of Marcel Vogel documented in the 
Proceedings of the Second International Psychotronics conference in Prague, Czechoslovakia, 1973 (a conference also 
contributed to by Hal Puthoff, William Tiller, and Shafica Karagulla among many others), and the classic early work of J. B. 
Rhine and others at Duke University and later members of the Parapsychological Association which is a part of the 
American Association for the Advancement of Science. 


[0003] Snow crystals forming under locally physically similar conditions are widely held to be highly variable, and this 
because their formation, and likewise the associative structure of water as a fluid, depends on a weak, and therefore sensitive, 
bond between hydrogens associated with an oxygen atom, attraxted to nearby oxygens with surplus electric charge to share. 
This writer asked in a Materials Laboratory poster presentation to material scientists who included visiting researchers and 
international delegations from the US, Germany, Japan, Soviet Union, etc., at the Fourth International Fracture Conference, 
Waterloo Ontario Canada, 1977: “Can Loving Attention Affect Snow Crystal Growth?” 


[0004] The cumulative weight of scientific evidence prior to that has demonstrated, for example with Copper II chloride 
crystal solutions doped with fluid extracts such as blood or plant juice and grown in for example Petri-dish sized quiet 
environments, that under controlled conditions, the crystal forms a homeomorphic image of the donor organism which can 
and has been used for medical diagnosis and in the case of plants, for quality control. See for example Sensitive 
Crystallization Processes A Demonstration of Formative Forces in the Blood, by Ehrenfried Pfeiffer; second edition, edited 
by Erica Sabarth and Henry N. Williams, MD. Anthroposophic Press, Spring Valley, N.Y., 1975. The purpose of this 
technology, as Pfeiffer further elucidated in a memoir, was primarily and strategically to enable the experimenter to develop 
and apply the perceptive power of thinking to intuit the relationship between the crystal formed and the individual or plant, 
etc., affecting it through admixture of a fluid sample, thus coming “through creative intuition” to recognise directly (compare 
dhyana in the yoga supras of Patanjali) the, as it were, ‘noumen behind the phenomenon’; and only secondarily to apply the 
specific finding to deliver a diagnostic outcome. 


[0005] A substantial body of work has demonstrated the sensitivity of water to environment, and notably, a human psycho- 
kinetic influence on water, both through plant growth experiments and through effects on the physical properties of water 
such as infrared absorption and light scattering. See for example the extracurricular work of Ed Brame, spectroscopist, in 
Wilmington Del. at E I Dupont de Nemours, highlighted in Krippner, S. and A. Villoldo: The Realms of Healing; Celestial 
Arts, Millbrae, Calif., 1976. 


PRIOR ART 
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[0006] Besides the foregoing examples, mass experiments have demonstrated dream telepathy (Dream Telepathy. By M. 
Ullman and S. Krippner of Maimonides Medical Center Dream Laboratory, Brooklyn, N.Y.; 1973) and mass prescient 
psychokinetic influence at the Princeton University REG remote event detection project (Robert Jahn et. al.), notably prior to 
the mass trauma attendant on the attacks Sep. 11, 2001 on the World Trade Center, New York, and on the Pentagon, 
Washington, D.C. 


[0007] The concept of influencing ice crystal formation by intention, prayer, human energy, has been presented and widely 
promoted, with copious plausible imaging, though methodologically stringent reproducibility remains a question as of this 
writing, by the Japanese hado researcher M. Emoto. 


[0008] More reliably as of this writing, the work of William A. Tiller et al. and their series of substantial monographs on 
highly reproducible distant psychokinesis replicated using as mediating devices, oscillators previously programmed 
(‘energised’) by meditators, shows the potential malleability of physical systems in the face of human mental concentration 
and intent (www.tiller.org). 


[0009] Recent work has continued to demonstrate results consistent with the foregoing. An intention experiment project was 
organised by Lynne McTaggart (author of The Intention Experiment; Free Press, New York, 2007) with a team of 
experimental scientists and hundreds of volunteers distant from the experimental sites. They demonstrated and studied 
experimentally, changes in properties of systems using water, plants. The experimenters used the internet to recruit and 
facilitate shared intention, and shared timing—synchrony—of participants seeking to influence the experimental systems at a 
distance, e.g., for water luminescence, for healing, etc. As of this writing, see 


http://www.theintentionexperiment.com/the_ experiments. 


[0010] The foregoing findings and reports represent a part of a larger paradigm shift now taking place in world science and 
culture, prefigured by the uncertainty principle of Heisenberg and the explicitly interactionist epistemologies of nineteenth 
and twentieth century dialecticians, some of whose revolutionary political application of such a powerful principle as 
interactivity significantly polarised and probably delayed its more widely spreading, deeper scientifically comprehensive 
application, e.g., to spiritual research and application in, e.g., human healing and environmental renewal, into the post- 
Communist period at the end of the twentieth century. In effect, the recent developments and inventions develop and address 
a previously undervalued potential which has been overhanging the market. 


DESCRIPTION OF THE INVENTION 


[0011] A simple preferable embodiment of the invention starts out by making use of a reagent system, for example, similar 
to the many described above, initially to provide real-time feedback to the participant. In this example an automatic 
(therefore requiring no attention to operate the physical environment) self-cleaning snow crystal growing system is used to 
present a snow crystal growing site, or a sense-perceptible representation such as a visual, auditory, tactile, thermal, etc., 
image or images of a site, to a participant, by means such as a video display or television, amplified filtered sound, etc., for 
example by projection (e.g., onto a surface, such as a screen or the moon), on the internet, etc. 


[0012] The participant is able to observe the particular phenomenon, 1.e., here, the snow crystal as it develops. In a preferred 
embodiment the participant is asked to bring impartial appreciation to the process of observing, rather than unaffective 
neutrality or any further specific intention. 


[0013] As a nonessential clarifying feedback facilitation method using a multiple control design adapted from Ullman and 
Krippner (1973, op. cit.), the participant may be presented for comparison, control crystals grown under comparable 
conditions, 1.e., at the same time in more or less the same place, with or without a set-theoretically or other analytically based 
highlight of unique net difference, if any, between the crystal grown under an attentionally or intentionally highlighting 
condition and the controls. 


[0014] As the participant's ability to provide formative facilitation to the crystal becomes more evident, the presentation may 
optionally be attenuated or intensified, preferably by user-directed modulation, to encourage imaginative perception of the 
growing crystal leading to clairvoyant perception of the forming crystal independent of the presentation. Without limitation, 
a coordinate remote viewing application is another potential interactive resonant or ‘feedback’ path. It will be evident from 
remote viewing literature of the twentieth century (e.g., Rudolf Steiner; Robert A. Monroe, David Moorehouse, Courtney 
Brown) that selecting the ‘time’ of viewing extends the potential of croos-time interaction or resonance research from an 
instrumental quantum level to the small-scale macroscopic system of the growing snow crystal. 


[0015] The therapeutic feedback for patients and therapist and the artistic potential of snow crystal growing are among the 
motivating factors which in this example increase the participant's energetic concentration and compliance with plausible and 
reasonable protocol. 


[0016] At this point, in respect of the participant's continued participation, large numbers of participants who may or may not 
have worked ‘together’, whether at the ‘same’ time or not, with snow crystals or some similarly sensitive system, may work 
together to love snow crystals as they fall onto land, lakes, rivers, etc. The literature on love and the healing response of 
plants to loved water, would motivate such work, and participant's direct perception would provide feedback, along with 
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local snow and water sampling trials, to contribute to a basis for judgement of effectiveness. 


[0017] Similarly, sufficiently skilled participants, having developed love-based intuition and exact clairvoyance using this 
system, would be in a developing position en masse to guide local and planetary weather to greater harmony and stability. 


RU2157659 
METHOD FOR INVESTIGATING TELEPATHY COMMUNICATION 


Inventor: BERESNEV V N / RJAZANOVA MP 


SUBSTANCE: method involves determining and processing bioenergetic signals of percipient before and after mental 
suggestion of information sent by inductor person. Percipient beta- or gamma-radiation level 1s treated as the bioenergetic 
signal. The degree, to which this radiation type increases, is used for making conclusions concerning percipient response to 
telepathic action. 

EFFECT: high accuracy of measurements. 


METHOD RESEARCH 


The invention relates to the engineering psychology and medicine and can be used during the sessions suggestive influence 
to determine the effectiveness of telepathic communication with the inductor percipient. 


The most efficient in its use energobioterapevticheskih purposes, as well as in determining the ability of the inductor to 
provide geterosuggestivnoe impact on the percipient. 


There is a method of research percipient telepathic communication with the inductor, providing for EEG before and after a 
session of telepathic communication with the subsequent interpretation of the electroencephalogram (AP Dubrov, Lee AG 
Modern problems of parapsychology. Moscow, Publishing House Foundation parapsychology them. LL Vasileva, 1998, p. 
148-161). 


At the same time the existence of telepathic communication with the inductor percipient judged by sync rhythms 
electroencephalogram (MN Livanov, V. Ananiev Elektroentsefaloskopiya. Med. ed., 1959). 


However, as noted in these sources, the method 1s sensitive to numerous interference and crosstalk, complicates processing 
and interpretation of the data. 
In addition, the subjective interpretation of the results of the EEG reduces their credibility. 


It is also known research percipient telepathic communication with the inductor, providing for the exchange of energy- 
sources and characteristics of torsion fields, due to the spatial orientation of the spins of elementary charges (Stavitskiy VI 
from captivity energy performances. St. Petersburg, Publishing House of the "Politehnica", 1997, p. 32). 


However, this method is extremely complex technical implementation and interpretation of the results, because the essence 
of the torsion field is beyond the scope of energy-makropredstavleniya exchange. 


Immediate removal of the electrical signals from the percipient in the dynamics imposed on the surface of the body 
percipient between the two selected points of the electrodes connected to an electrical outlet equipped with a self-tuning 
filter (US 5,029,590, A 61 K 5/04, 1991), also has a low accuracy because of the wide variation of bioelectric signals and 
significant external and internal interference. 


The closest to the claimed method is the study of telepathic communication percipient with the inductor, providing a 
continuous determination and subsequent treatment of bio-energy signals percipient, is removed from electrodes placed on 
the surface of the body, using a polytron in active and passive phases before and after mental suggestion information 
inductor percipient ( RU 2098017, A 61 B 5/16, 5/04, 1997). 


The degree of telepathic communication is judged by the following formula: 
where W - the level of perception of telepathic signal; 


M1 and MO - average values ??of output current, respectively, in a polytron active and passive phases of telepathic influence; 
& sigma; | and & sigma; 0 - standard deviations of the current in the active and passive phases. 


The disadvantage of the prototype method is to use a non-standard and therefore not easily accessible means of 
measurement, which is the Polytron. 


The technical problem of the process - to expand the arsenal of the means of implementation and improvement of standard 
measurements. 
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and R4 = 22 kV. —— 

29. Again, using the circuit shown in Figure 
12.5 , find the values of R1,R2, and R 3 
that can enable the switch to turn Q2 ON 
and OFF if VS = 28 volts pl = 30, B2 = 
10, and R4 = 220 V _—_— 

30. An N-channel JFET has a drain saturation 
current of | DSS = 14 mA. If a 28-volt drain 
supply is used, calculate the drain resistance, 
RD. 


31. Draw one cycle of a sine wave. 


32. Mark in V pp, Vrms , and the period of 


the waveform on your drawing for question 
Bi ey 

33. If V pp = 10 volts, find Vrms . — 

34. If Vrms = 120 volts, find V pp. | 


35. If the frequency of a sine wave is 14.5 
KHz, what is the period of the waveform? 


36. Find the reactance X C for a 200 UF 


Capacitor when the frequency is 60 Hz. 
37. Find the value of the capacitance that 
gives a 50-ohm reactance at a frequency of 
10 kHz. —— 

38. Find the inductive reactance X L for a 


10-mH inductor when the frequency is 440 
Hz. 
39. Find the value of the inductance that has 


100 ohms reactance when the frequency is 1 
KHz. 
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The solution of this problem lies in the fact that in the process of investigation of telepathic communication percipient with 
the inductor, the definition and the subsequent processing of bio-energy signals percipient before and after mental suggestion 
information inductor percipient as bioenergy signal determine the level of & beta; - and / or & gamma; radiation percipient, 
and the degree of increase in the level of radiation is judged on the reaction of the percipient on telepathic. 


At higher levels of & beta; - and & gamma; radiation by 30% or more is judged on a strong degree of telepathic 
communication. 


Thus, the proposed method is based on the first time specified by the author previously unknown phenomenon of increased 
levels of & beta; - and & gamma; percipient radiation in response to the telepathic. 


FIG. 1-8 shows the variation of average values beta; - and gamma; percipients radiation - patients with various diseases - in 


response to mental suggestion information from the inductor (energobioterapevta) to the following examples 1-8 
respectively. 
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Sessions telepathic communication were carried out in addition to symptomatic treatment in the Scientific and Medical 
Consultation Center ( St. Petersburg). 
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As a reference method, a method of the prototype, which is defined, in particular, the ability of the inductor to provide a 
telepathic impact on the percipient. 


Example 1. 


Patient F., '42, entered with a diagnosis of psoriasis. OBJECTIVE: rashes ranging from small dots to child palm over the 
body, gastroduodenitis, biliary dyskinesia, pancreatitis. Spend 15 sessions of telepathic communication (TC) bioenergy with 
the percipient weekly by mental suggestion information from the installation to restore the functions of the digestive system. 
Each treatment was carried out for 1 hour, twice the rate of 4-5 m geterosuggestivnoy percipient connection with the inductor 
50 minute intervals under the control of levels of & beta; - and & gamma; percipient radiation using a portable universal 
radiometer RUP-1 (& beta; -radiation) and dosimeter DRGZ-02 ($ gamma;-radiation). Before mental suggestion 
background level of & beta; -radiation is & beta; 0 = 20 & plusmn; 1 min-1 & bull; cm-2, and & gamma; radiation - & 
gamma; 0 = 0.11 & plusmn; 0.02 mc / s. Within 2 minutes from the start of the session is an increase of the level of & beta; 
and & gamma; radiation percipient to & beta; max = 27 & plusmn; 3 min-1 & bull; cm-2 and & gamma; max = 0,145 € 
plusmn; 0,02 mc / s, which is based on the percentage increase in the radiation level from baseline at 37 and 32 %, 
respectively. After removing the effects of background values ?? geterosuggestivnogo levels & beta; - and & gamma; 
radiation are reduced by 4 min (Fig. 1). After the sessions of telepathic effects rashes on the body for 2 years did not occur. 
According to the results of analyzes, gastro and pancreatitis are not found, the function of the biliary tract is restored. 


Example 2. 


Patient N., '32, entered with a diagnosis of duodenal ulcer, pancreatitis. Spend 10 sessions weekly telepathic communication, 
as in Example 1, with the duration of exposure geterosuggestivnogo for 5 minutes with the installation of ulcer healing and 
restore functions of the digestive system. It recorded a high degree of telepathic communication percipient with the inductor 
to increase the levels of & beta; - and & gamma; radiation from the background (& beta; 0 = 21 & plusmn; 1 min-1 & bull; 
cm 2; & gamma; 0 = 0,10 & plusmn; 0,02 mc / c) 43 and 38% respectively. Duration Transient (time to reach steady-state 
value level & beta; - and & gamma; radiation, measured from the beginning, and after removing the effects of 
geterosuggestivnogo) - 2,5 & divide; 3,5 min (Fig. 

2). According to the results of clinical tests of duodenal ulcer healed, the pancreas 1s normal. 


Example 3. 


Patient J., 37 1., Was admitted with a diagnosis of dystonia, accompanied by headaches, seizures of facial muscles and limbs. 
Spend 10 sessions of telepathic communication 2 times per month, as in Example 1, with the duration of exposure 
geterosuggestivnogo for 4-5 minutes with the installation of ulcer healing and restore functions of the digestive system. It 
recorded a high degree of telepathic communication percipient with the inductor to increase the levels of & beta; - and & 
gamma; radiation from the background (& beta; 0 = 21 & plusmn; 2 min-1 & bull; cm 2; & gamma; 0 = 0,12 & plusmn; 0,02 
mc / c) 49 and 40% respectively. Duration Transient - 2-3 min (Fig. 3). As a result, cramps face and extremities, and 
headaches, the patient stopped (the period of 3 years). 


Example 4. 


Patient L., 45 1., Was admitted with a diagnosis of chronic konkrementny holestsestit (cholelithiasis), biliary dyskinesia. 
Spend 20 sessions weekly telepathic communication, as in Example 1, with the duration of exposure geterosuggestivnogo for 
4 minutes with the installation of functional recovery of the bile ducts and the dissolution of the stone. It recorded a weak 
degree of telepathic communication percipient with the inductor, since an increase in levels of & beta; - and & gamma; 
radiation from the background (& beta; 0 = 20 & plusmn; 1 min-1 & bull; cm 2; & gamma; 0 = 0,09 & plusmn; 0,01 md / s) 
at 23 and 20% respectively. The duration of the transients 1-4 min (Fig. 4). By results of US rock reduced in size, but not 
completely disappeared. In this example, the course of treatment was not effective enough that corresponds with the weak 
response of controlled fields & beta; - and & gamma; radiation patient. 


Example 5. 


Patient P., '42, entered with a diagnosis of chronic viral hepatitis B. Objective: based on the results observed ultrasound 
sealing and deformation of the walls of the gallbladder; liver - slices large- infiltrates within various circuits; blood levels of 
bilirubin - 35 mmol /1 and transaminase - 4.6 mmol / 1 - higher than normal. Spend 12 sessions of telepathic communication 
2 times a week, as in Example 1, with the duration of exposure geterosuggestivnogo 4-5 minutes to install to restore the 
function of the gallbladder and liver. The degree of telepathic communication percipient with the inductor is low, since 
increasing levels of & beta; - and & gamma; radiation from the background (& beta; 0 = 20 & plusmn; 1 min-1 & bull; cm 2; 
& gamma; 0 = 0,08 & plusmn; 0,01 mc / c) is 28 and 25% respectively. The duration of the transients (Fig. 5) is on the 
leading edge (from the start of exposure geterosuggestivnogo) - 1.5 min, at the trailing edge (after removal of exposure) - 4 
min. After the designated communication procedures geterosuggestivnoy blood levels of bilirubin - 10.5 mmol / l 
transaminase - 0.2 mmol / 1. According to the US state of the liver and gall bladder improved by reducing the number of 
infiltrates in the liver. 


Example 6. 
http://rexresearch.com/telepathy/Telepatents.html 6/17 


7/7/2017 Telepathy patents 


Patient P., '62, entered with a diagnosis of lymphocytic leukemia. The content of leucocytes in 1 liter of blood - 15.0 & bull; 
109 lymphocytes - 78 & bull; 109. 

Spend 7 telepathic communication sessions on a weekly basis, as in Example 1, with the duration of exposure 
geterosuggestivnogo 5 minutes to install on the functional recovery of hematopoiesis. Degree telepathy percipient the 
inductor is low, since increasing levels of & beta; -, and the radiation from the background is 12 and 10% respectively. The 
duration of the transients (Fig. 6) 1s on the leading edge 2 min, falling edge - 4 min. After the appointed procedures 
geterosuggestivnoy communication blood levels of white blood cells - 11,9 & bull; 109, lymphocytes - 64 & bull; 109. Thus, 
our treatment was ineffective, that corresponds with a slight deviation of & beta; - and & gamma; relative to the background 
radiation. 


Example 7. 


Patient S., '22, entered with a diagnosis of asthma, chronic bronchitis. OBJECTIVE: recurrent attacks of breathlessness and 
bronchospasm about 1 time per month, allergic to dust, debris, animal dander. The complaints of pain in the liver and 
pancreas. 15 sessions carried telepathy weekly as in Example 1, 2 times per month at geterosuggestivnogo exposure duration 
for 5 minutes with the installation of the restoration of the liver, pancreas, bronchus, lung. The degree of telepathic 
communication percipient with high inductor, since an increase in levels of & beta; - and & gamma; relative to the 
background radiation 1s 47 and 44%, respectively. The duration of the transients (Fig. 7) is on the leading edge 3 min, on the 
falling edge - 4 min. As a result, dyspnea and bronchospasm, and pain in the liver and pancreas stopped. During two years of 
follow up there was no recurrence. 


Example 8. 


Patient S., 25 1., Was admitted with a diagnosis of diabetes with blood sugar 23 mmol / L. 

20 sessions carried telepathy weekly as in Example 1, weekly during the duration of exposure geterosuggestivnogo 5 min 
with setting at restoring pancreatic functions. 

The degree of telepathic communication with the percipient inductor is low, since an increase in levels of & beta; - and & 
gamma; relative to the background radiation is 27 and 25%, respectively. The duration of the transients (Fig. 8) 1s on the 
leading edge 2 min, falling edge - 4 min. As a result, blood sugar dropped to 6.5 mmol / 1. Comparative results of 
determining the presence of telepathic communication with the inductor percipient Examples 1-3, 7 and 8 of the proposed 
method is confirmed by studies using Polytron prototype method. 


In Examples 4-6, characterized by low levels of change & beta; - and & gamma; radiation percipient, in a study on 
sustainable polytron telepathic connection is detected. 


As can be seen from the above examples, the use of the method, instead of the prototype expands the arsenal of methods and 
means of research of telepathic communication. 


This new way of standard and simple, because it is implemented on the basis of common funds radiation dosimetry 
techniques are used instead of the prototype Polytron and correlation analyzer, performing processing of the results by the 
formula (1). 


The technical result derived by means of the simplification process is the availability of its implementation in the field, as 
well as reducing the cost of the analysis. 


RU2127546 
METHOD OF EXTRASENSORY PHENOMENON EXAMINATION AND DEVICE FOR ITS EMBODIMENT 


Inventor: BLATOV I V 


FIELD: medicine; electroencephalography. 

SUBSTANCE: for examination of extrasensory phenomena, for example, telepathy, when performing experiment in mental 
transmission of images, it is proposed to take encephalograms of inductor (information transmitting person) and at least of 
one recipient (information receiving person) synchronously. Inductor's encephalogram is compared with that of each of 
recipients at information transmission moments and in periods when no transmission is performed. Comparison of 
encephalograms taken at analogous points of surface of examined persons' heads is carried out by computer processing with 
use of different mathematic models. Device for embodiment of the method includes two units of buffer storage. 

EFFECT: possibility to study brain work of inductor and recipient in process of information transmission and reception. 


METHOD RESEARCH 


The invention relates to medicine and, in particular, to the field of brain study electrical processes - electroencephalography. 
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It is now considered scientifically proven the existence of extrasensory information transfer from one person to another, that 
is, the fact of transmitting information by known channels (visual, auditory, etc.) Using subliminal signals that are perceived 
by the subconscious directly, without going through a process of awareness, either kakim- the other has not yet been studied 
or little studied channels. 


Psychic information transfer observed in different areas (diagnosis and treatment of diseases, telepathy, etc.). 


The largest number of science-based experiments, confirming the extrasensory information transfer took place in the field of 
telepathy (AP Dubrov and VN Pushkin. 
Parapsychology and modern science. - M .: Sovaminko, 1989, p.133). 


A known method of investigation of telepathic transmission of information is that the group of subjects consisting of the 
inductor - a person transmitting information, and, at least one recipient - the person receiving the information, given the task 
to psychic transmission and reception of information by transmitting imagery imposed inductor using Zener cards, which 
show sharply differing shapes (circle, square, cross, etc.). 


Typically, the experiment used 5 such cards chosen randomly. 


A recipient who does not have the touch with no inducer connection and located usually in another room, receives and stores 
mental images Zener cards passed to it inductor. 


Telepathic communication between the inductor and the recipient is considered to be established if the recipient is in a series 
of 100 experiments right call not less than 80% of the transmitted image (In the absence of likelihood of correct telepathic 
communication "guessing" of the image of 5 is only 20%). 


A drawback of known methods for studying psychic phenomena is that they lack the operations aimed at the study of brain 
inductor and the recipient during transmission and reception of information. 


The present invention seeks to overcome this disadvantage. 


The essence of the invention lies in the fact that the known sequence of operations used in the research is the fact that the 
group of subjects consisting of the inductor - a person transmitting information, and at least one recipient - the person 
receiving the information, given an assignment to psychic transmission and reception of certain information, such as by 
Zener cards and the content information is given at random and the presence of extra-transmission information is judged by 
the number of correctly received by the recipient of information units, a number of new operations, namely: 


1. Simultaneously with the presentation of the inducer and a mental maps Zener transmit this data, selected at random, all the 
participants in the experiment (the inductor and the at least one recipient) was deprotected EEG electroencephalogram 
inductor and then compared with each of the EEG recipients in the Validity Period information transmission and non- 
transmission periods. 


2. Produce computer processing electroencephalograms inductor and recipients taken at a similar point in head reliability of 
information transmission periods and during periods of non-transmission with the use of various mathematical models, such 
as calculating a correlation coefficient of electrical brain processes inductor electrical brain processes each of recipients and 
coherence spectra of electroencephalograms in different frequency bands, and then these indicators calculated for the validity 
period of information transfer, are compared with those calculated for the periods of non-transmission information, and the 
results of calculations build generalized topographic maps of brain inductor to each recipient, which applied indices 
calculated using interpolation and color painting. 


All the well-known mathematical models currently used for the analysis of electrical brain processes only one patient. 


Unlike the present process is that known processing methods electroencephalogram, which are based on different 
mathematical models, it is proposed to use for comparison and analysis of brain electrical processes more than one patient, 
and at least two patients: the inductor and the recipient. 


Below, exemplary methods using known computer processing of the EEG of the inductor and one of the recipients given 
calculation synchronism electrical processes, characterized by a correlation coefficient. 


Calculations are made for each point of the electrodes at the inductor and recipient. 


For example, electrical processes at Fp1 at the inductor compared with the electrical processes in the same point of the 
recipient; in the same way electrical processes are compared at all other points. 


The correlation coefficient is calculated by the formula where U11 - the current value of the voltage (potential difference) 
between the point of the study (for example, Fp1) and reference point (eg, earlobes) in the inductor; 
U21 - the current value of the voltage in a similar point in the recipient; 
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Ulsr - the mean value of the voltage at the point in the study of the inductor calculated for analysis according to the epoch 
U2sr - average value of the voltage at the point under the recipient; 
n - the number of dots per epoch analysis (for example, 4 seconds). 


Similarly, one can compare the electrical brain processes inductor electrical processes marrow recipient and using other 
mathematical models. 


3. Based on values ??resulting from the previous operation, build generalized topographic maps of brain inductor with each 
of the recipients, which is applied to the computed metric, using interpolation and color painting. 


To construct a generalized topographical map of the circuit of the head (usually in the form of a circle or oval) applied 
anatomical landmarks (nose and ears), and the points at which measurements are made (typically in terms of standard 
electrode placement, such as the system 10 - 20). 


After each of the electrodes at the point of the inductor and the recipient will be calculated indicator values ??determined by 
the selected mathematical model, they are applied to a generalized topographical map by colors, wherein each hue value is 
assigned to its index. 


The ratios in the intermediate points (points located inside the square at the vertices of which the electrodes) is determined 
by interpolation. 


Furthermore generalized maps can be constructed (e.g., by the nonparametric Mann-Whitney test) difference also maps 
showing the increase (or decrease) the calculated parameters in the reliability of information transmission period as 
compared with the background (non-transmission information). 


These cards allow the difference to determine which parts of the brain of the inductor and recipient are involved in psychic 
transmission. 


With the participation in the experiment several recipients, generalized and difference map can be constructed also by 
comparing every two recipients. This option cards can be useful in the study of the brain in group hypnosis, group therapy, 
anger management, etc. 


4. Simultaneously with the transfer of imagery and inductor during periods of absence of such a transfer, 1t impose visual or 
auditory stimuli (light flashes, clicks, chessboard with changing fields, etc.), And then after each stimulus from the inductor 
and recipient are measured caused by these stimuli potentials. 


Unlike previous operations, aimed at studying the electrical processes in the brain that are integrated over a relatively long 
period of extrasensory information transfer, this operation will allow to investigate the ultrafast electrical processes. 


Computer processing of evoked potentials of the inductor and recipients can be made by analogy with computer processing 
of conventional EEG, a technique which is described in Sec. 3 (construction of generalized and difference maps recipients. 


It should be noted, however, that the implementation of this operation requires a particularly sensitive special equipment to 
measure evoked potentials. 


Thus, compared with known methods studies psychic effects the proposed method allows to study brain function during 
extra-transmission information, wherein the area of ??1ts application may not be limited only to research area psychic effects, 
and extended to a number of adjacent areas, where the prevalent sensory channels information (the study of the brain in 
learning, hypnosis, group therapy, studied the phenomenon of the "crowd", etc.). 


The proposed method of investigation of psychic phenomena, in principle, be implemented using normal commercially 
available EEG instrument. 


However, due to the fact that all the standard EEG electroencephalogram designed for removing only one patient in the study 
of several patients require several electroencephalographs (the number of participants of the experiment). 


Moreover, difficulties arise with the timing of these electroencephalographs, especially in those cases where an experiment is 
carried out in several locations. 
Even greater difficulties arise in this case in the construction of the generalized and difference maps. 


Known electroencephalograph Blatova-Risse (application N 93039980/14/039709 on 06/08/93, the decision to grant a patent 
on 20.11.95), which is a prototype, which is designed for the simultaneous removal of electroencephalograms just a few 
patients. 


Electroencephalograph Blatova-Risse contains at least two measuring-transmitting systems (IEC), which is placed on 
patients, and a receiving-recording complex (PPH). 
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Each IPC consists of electrodes, the amplifiers whose inputs are connected to the terminations of the electrodes, the switch 
having inputs connected to the outputs of the amplifiers, analog-to-digital converter, an encoder and a transmitter, connected 
in series with the output switch, the receiver decoder, the two comparison circuits code memory codes stimulator and 
autonomous power supply wherein the input of the decoder coupled to the receiver output, while the output - to the first 
input of the comparison codes, the second inputs of which are connected to the outputs of the memory device codes, the 
output of the first comparison circuit connected to the code control input of the switch and receiving- recording facility 
includes a receiver, a transmitter and a data processing unit having an input coupled to the output of the receiver, and the 
output - to the input of the transmitter. 


The disadvantage electroencephalograph Blatova-Risse is that the measurement of brain electrical potentials of all patients 
performed not simultaneously but one after the other. 


This is due to the fact that simultaneously with the measurement of the potential of this information is transmitted by radio. 


Such a shift in time (up to several milliseconds) between the measurement of potentials in the same locations in different 
patients do not have a significant effect on the accuracy of the study of normal electroencephalogram, but will make some 
errors when using evoked potentials. 


To eliminate this drawback of the known device, comprising at least two measuring-transmitting complex, located on the 
patient, and the receiving-recording complex, each measuring and transmitting complex consists of electrodes, amplifiers 
whose inputs are connected to the electrode terminals, switches, inputs connected to the outputs of the amplifiers, analog-to- 
digital converter having an input connected to the output of the switch, the encoder and transmitter are connected in series, a 
receiver and a decoder, connected in series, two diagrams comparing the codes memory codes stimulator and an autonomous 
power source, with the output a decoder coupled to the first input of the comparison codes, the second inputs of which are 
connected to the outputs of the memory device codesoutput of the first comparison circuit codes coupled to the control input 
of the switch and receiving and recording a set consists of a receiver, the transmitter and the information processing unit 
performed on a standard computer, whose input is connected to the output of the receiver, and the output - to the input of the 
transmitter, administered two block buffer memory having a first input connected to the output of analog-to-digital converter 
and the outputs - through an OR gate with the input of the encoder, a second input of the buffer memory are connected 
correspondingly with the second and third inputs of the first comparator circuit codes. 
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FIG. 1 is a functional diagram of the device of FIG. 2 - a diagram for explaining its operation. 
Here, I-1, I-2 ... 

In - measuring and transmitting complex, located on the patients (n - the total number of patients) 
II - receiving and recording facility, 

11, 12... 1k - electrodes for removing potential 

21,22... 2k - Amplifiers (k - total number of measuring channels) 
3 - the switch, 

4 - analog-to-digital converter, 

5 - the first block of the buffer memory, 

6 - the second block of the buffer memory, 

7 - OR circuit, 

8 - encoder 

9 - transmitter patient 

10 - Receiver patient 

11 - a decoder 

12 - first comparison circuit Codes 

13 - second comparison circuit Codes 

14 - memory codes, 

15 - stimulator 

16 - Autonomous power supply 

17 - Receiver recording complex, 

18 - transmitter recording complex, 

19 - information processing unit (computer). 
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The device operates as follows. 
Potentials, remove the electrodes 11, 12 ... 1k, amplified by amplifiers 21, 22 ... 2k. 
The output amplifier is always present current value potential. 


The outputs of each amplifier via a switch 3 sequentially in time are connected to the input of analog-to-digital converter 
(ADC) 4. 

In order to ensure synchronous measurement capabilities similar points in all patients receiving and recording facility 
periodically generates a synchronization command "C" in the form of a code, which is modulated by the carrier frequency 
emitted by the transmitter 18 and received by the receiver 10 of the patient. 

After amplification and conversion by the decoder 11, the received code posting two data inputs of the comparison circuit 12 
and code 13, to the second inputs of which are fed from the code memory 14 codes. 


When the received code coincides with the code sync applied to the second input of the comparison circuit 12 codes at its 
first output signal is generated which is fed to the control input of the switch 3. 


The command switch 3 (simultaneously in all patients) connects the ADC inputs to the 4 outputs of the amplifier 2 in a strict 
sequence, starting with the first channel. 


At the same time on the same team, synchronizing the second and third outputs of the comparison circuit 12 codes are 
generated control signals mode of operation of the buffer memory units 5 and 6. 


This can be accomplished, for example, a trigger, present at the output of the first comparison circuit 12 codes, the shoulders 
of which are connected respectively to the second and third outputs and which changes its state on the pitch synchronization. 


Mode block buffer memory varies depending on whether or not there is a voltage on their control inputs. 


For example, if the voltage at the control input of the buffer memory unit is recording information, and in the absence - in the 
reading mode. 


Therefore, if one block of the buffer memory is recording information, the latter will always operate in the read mode, and 
the command "synchronization" occurs scheme their operation modes. 


From the diagrams in Fig. 2, it is seen that after the arrival of a synchronizing command "C" first memory blocks in all 
patients switched to the recording information and the latter - to read. 


The first memory blocks are recorded, digitized and measured potentials from 1st to k-th channels. 
At this time, the second memory block all potential work in the mode of reading information. 
Of these time division read information recorded in the previous period (before the command "C") 4. 


The read information of memory blocks 7 through an OR gate is input to the encoder 8, which is converted by a serial binary 
code. 


This code is modulated by the carrier frequency of the transmitter 9. 
9 emitted by the transmitter signal is received by the receiver 17 of the recording industry. 


After amplification and decoding this signal is entered into the computer data processing unit 19, where the computer 
processing the received information using the above mathematical models. 


To start the stimulator 15, the receiving-recording facility generates a command (code) to start the stimulator. 


This code is emitted by the transmitter 18 and received by the receiver 10 of all patients, to the input of the comparison 
circuit 13 codes, the second input of which is fed from the output of the code memory 14 codes. 


For each patient, set your own code stimulant. 


At concurrence of the received code with the code received from the code memory 14, the output of the comparison circuit 
13 codes formed a team to run the stimulator 15. 


When transmitting a code stimulant stimulant runs in only one patient. 


http://rexresearch.com/telepathy/Telepatents.html 


11/17 


7/7/2017 Telepathy patents 


To start stimulants other patients need to pass their codes. 


Thus, compared with the prior art, the device with high precision (to a few microseconds) removing electroencephalograms 
synchronize all patients, which gives a new device, previously unknown property. 
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GB222163 
Improvements in or relating to apparatus for the development of concentration and telepathy 


Inventor: THOMAS GILBERT OAKLEY / AMELIA LESTER 


Telepathic messages, indicating. - Apparatus for the development of concentration and telepathy comprises a sphere A, 
which may be solid or hollow and filled with a liquid and " electrodes " E<1>, to be held in the hands of the user, connected 
to some part of the apparatus, such as terminals D which are connected to pieces of tin-foil D<2> on opposite sides of the 
sphere. The sphere A may take the form of an inverted flask carried by a socket B mounted on the base C of the apparatus. A 
piece F of black manganese oxide may be enclosed within the sphere. 


This invention is for improvements in or relating to apparatus for the development of concentration and telepathy and has for 
its object to provide an inexpensive article of the crystal type which shall give all the effects of the more expensive crystals. 


According to this invention the apparatus comprises a hollow sphere of transparent material intended to be filled with a 
liquid, such as water, a stand for the sphere and " electrodes " intended to be held in the hands of the user whose other ends 
are secured in proximity to the sphere, preferably on opposite sides of the sphere as viewed in plan. 


According to one method of carrying cut this invention, the crystal is made in the form of a spherical glass body having- a 
neck for filling purposes which is plugged by rubber. The stand for the sphere comprises a base having an upstanding socket 
into which the neck of the sphere is dropped so that the spherical portion rests upon the top of the socket. 


On opposite sides of the stand are two terminals, such as are commonly used for electrical purposes, which are intended to 
receive wires from a pair of metal electrodes intended to be held in the hands of the user. 


Two strips of tin-foil extend up within the socket from the terminals to the base of the sphere where this rests upon the 
socket. When using the apparatus the glass sphere is filled with water ,and a crystal of black manganese oxide is inserted. 


The use of this apparatus, as applied to conveying thought to another person 

The user takes the electrodes one in each hand and gazes upon the crystal concentrating his thoughts upon the person with 
whom he wishes to communicate and visualizes them in his mind's eye. Preferably, the person with whom communication 1s 
to be made is similar using, by pre-arrangement, another apparatus of the same kind and the result is that direct 


communication is established. 


Preferably, the apparatus is used against a dark background. 
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According to this invention apparatus for the development of concentration and telepathy comprises a lens-like sphere and " 
electrodes " intended to be held in the hands of the user and connected to some part of the apparatus, for example on opposite 
sides of the said sphere. Preferably, the lens-like sphere takes the form of a hollow transparent body (for example a flask 
having a spherical body portion) intended to be filled with a liquid, such as water. In the accompanying* drawing which 
shows an apparatus according to one method of carrying out this invention, the hollow sphere takes the form of a spherical 
bodied flask A having a filling of rubber, A . The flask is inverted and rests in a. cylindrical support B, which 1s shown in 
central vertical section in the drawing, so that only the bulbous portion of the flask extends above the support.The support is 
carried on a base C provided with two terminals D, such as are commonly used for connecting wires in electrical apparatus. 
These terminals are connected by wires D to strips of tin-foil D - one for each wire, which extend up within the support B on 
opposite sides of it and are in contact with the underside of the bulbous portion of the flask A. By wires E the terminals have 
connected to them handles E (which wires and handles may, for convenience, be termed " electrodes ") similar to those used 
for medical shocking-coils. When using the apparatus the flask A is filled with water and a crystal F of black manganese 
oxide is inserted in it. The use of the apparatus, as applied to conveying thought to another person, is as follows:- The user 
takes the handles E , one in each hand, and gazes upon the crystal, constituted by the bulbous portion A of [he flask.In so 
doing he concentrates his thoughts upon the person with whom ie wishes to communicate and visualizes them in his .mind's 
eye. Preferably, the person with whom communication is to be made is similarly using, by prearrangement, another apparatus 
of the same kind, and the result is that telepathic communication is established. 


Preferably, the apparatus is used against a dark background. 
The " electrodes " serve as something’ to grip which help to concentrate thought. 
Obviously, instead of a hollow body A, a solid glass body providing a lens-like spherical portion could be used. The filling 


liquid and the manganese oxide would then be dispensed with, but it is believed that black manganese oxide has an effect 
upon the liquid which enables the visualising of objects. 


FR2661295 
Transmitter/receiver of gravitational waves 
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40. Find the series and parallel resonant 
frequency of a 0.1 UF capacitor and a 4-mH 
inductor that has negligible internal resistance. 


41. Using the circuit shown in Figure 12.6 , 


find XC, Z, Vout, I, tan 0, and 8, if Vin = 
10 V pp, f= 1 kHz, C = 01 uF, and R = 
1600 ohms. = — 

42. Again, using the circuit shown in Figure 
12.6 , find XC, Z, V out , Il, tan 6, and ©, if 


Vin = 120 Vrms , f = 60 Hz, C = 0.33 UF, 
and R = 6 kV. —__— 

43. Using the circuit shown in Figure 12.7 , 
find X C, AC V out , and DC V out , if Vin = 
1 V pp AC, riding on a 5-volt DC level; f 
10 kHz; R1 = 10 kV; R2 = 10 kV; and C 
= 0.2 UF. 

44. Again, using the circuit shown in Figure 
12.7 , find XC, AC V out , and DC V out , if 
Vin = 0.5 V pp AC, riding on a 10-volt DC 
level; f = 120 Hz; R1 = 80 ohms; R2 = 
20 ohms; and C = 1000 pF. — 

45. In the circuit shown in Figure 12.8 , V in 
= 10 V pp AC, riding on a 5-volt DC level; f 
= 1 kHz; L = 10 mH; r = 9 ohms; and R 
= 54 ohms. Find AC V out, DC V out, XL , 
Z, tan 6, and 86. —_ 

46. In the circuit shown in Figure 12.9 , L = 
1 mH, C = 0.1 uF, and R = 10 ohms. Find f 
r, XL, XC, Z, Q, and the bandwidth ———__ 
47. In the circuit shown in Figure 12.10 , L = 
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Inventor: HENRI PUYUELO JACQUES EMILE 


The present invention relates to a transmitter/receiver of gravitational waves capable of allowing man to produce telepathy 
(thought transmission) or telecommunication at very long range. This device is worn by means of spectacles (32) or of a 
small helmet in the region of the temporal bone (30) in the vicinity of the inner ear. (Fig. 6). It measures 2 to 3 cm in 
diameter (35) and has an antenna (34) of about ten centimetres in height. It consists of a box (35) containing a built-in 
receiver circuit (37) and a built-in transmitter circuit (38) as well as a transmitting gravito-diode (33) and a receiving gravito- 
diode (44). This device is intended for thought transmission for human beings, for telecommunication at very long range in 
space vehicles, for psychoanalysis in the medical field (hypnosis, study of the brain, etc.). 
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1 Description 


The present invention provides a transceiver of gravitational waves may allow man have to do to telepathy (mind reading) or 
the telecommunication great distance. 
This device is worn 1 through glasses (32) or small helmet at the temporal bone (30) adjacent to the inner ear. 


(Fig.6) Il measure 2 to 3 cm in diameter (35) and has an antenna (34) dune ten centimeters high. 
This antenna is actually an elongated gravito-diode (33) which detects and transmits the gravitational waves. (Figure 4) 
See more details for the patent on the diode-gravity. 


This device seen in section, (Fig.5) comprises: - a receiver (36) - an integrated receiver circuit (37) - a transmitter integrated 
circuit (38) - an orifice (39) to permit connection of the device at of the temporal bone. 

- An LED (40) that signals the operating device I - a selector (41) emission -rdception - a 9 Volt battery (42) - a switch (43) - 
stop walking. 

- An antenna (34) is an elongated-gravity diode. 


The receiver circuit is shown diagrammatically Fig. 1. 


A receiving antenna for gravitational waves (34) low voltage signal v selected through dune coil (#) and a variable capacity 
(8) in the circuit portion IJ 
A Darlington circuit using two transistors Ti (4) and T2 (5) and 3 resistant (1), (2), (3) amplifies the current detected by the 
low-gravity-diode antenna. 


The signal V is amplified by a low frequency operational amplifier and V is N. 
See the characteristic of the diode-gravity Fig.2 
The issuer is tircuit fig.3 schematically. 


Through the earpiece (36), a -diode gravito receives a weak signal u varianle through a resistor (22). With a Darlington 
circuit anda high frequency operational amplifier. 


This voltage is amplified O and P is U. 
The varible capacity (27) allows you to tune the antenna (34) and the IJ signal 1s transmitted on a gravitational frequency. 


The device runs on a 9V battery. 


Seriously bizarre : 


JP2014155432 
SUPERNATURAL POWER 


Inventor: MATSUO FUKIKO 


PROBLEM TO BE SOLVED: To develop and freely realize the first supernatural power conversation telepathy in the 
world and to develop and realize other supernatural power, while humans have conversed only with humans that they meet 
and the supernatural power has been unrealistic for 4.6 billion light-years. 

SOLUTION: In October 2003, world's first supernatural conversation was developed. Supernatural power first sends the 
mind and the mind to heads. Telepathy as means with which humans converse with invisible parties was found and spread 
throughout the world. A house in Akashi city. Swallowtail butterfly Onnamon (emblem for females) is imperial and 1s 
worshipped as a god, and the supernatural power has become widespread through Japan and main countries in the work by 
TV and Niigata Earthquake in the hometown of the inventor. A sultry night was developed after four years. Love becomes 
popular, capacity of the supernatural power rapidly increases, show business is especially gay and there is joy all over the 
world. Children learn a universal language without the need of translation by 9 years old and have conversation when they 
are 10 years old. The conversation reaches space but aliens and animals do not reply. There are psychokinesis, psychic 
photography, out-of-body experience, telekinesis capable of healing even tumors. Conversation is held with ghosts from 20 
years ago. Metempsychosis 1s possible. World diplomatic relation restoration (for North Korea or the like) or the like is 
pursued, show business is saved from epidemic, prescriptions are spread through the world helping 500 to 1,000 people, 
shrines and temples are constructed at Yasaka-jinja shrine, and patent application is instructed by the Prime Minister Abe. 
There is a desire to dedicate to a birthplace for the first time in the world. The emperor speaks that the swallowtail butterfly 
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is the emblem of the first imperial married couple, the butterfly of the time is famous and can freely talk with world's major 
corporations and specialists. 


The Cure for Chi-Communism : 


CN101513296 
Natural telepathy crystal earbob 


Inventor: SHANGLUN CHEN 


The invention relates to a natural telepathy crystal earbob, and belongs to the technical field of jewelry making. A primary 
product is made into an earbob decoration with intrinsic value by utilizing the unique characteristics of the primary product 
through elaborative selection, repeated comparison and processes of abrading, polishing, perforating and the like for the 
primary product with hexagon according to a basic shape of the primary product. The natural telepathy crystal earbob 1s 
believed to be favored by successful women having the consumption conditions and pursuing fashion glamour, and increases 
sparkle to the diversification of the society. 


Jing crystal jewelry stones to build the technical field 


[0002] 

Lucky this stone after stone came from the country of origin, 1t was placed, and other ordinary spar together, without any 
special, I stumbled on this little rock scene and there was swimming in the living body can After, I feel it is a rare and 
precious, therefore it made the style, shape have a unique and novel features of earrings and I believe it also will let more 
people love and luck. 


[0003] 

The production process from the country of origin business purchases in selection, came home one by one carefully further 
repeated viewing, found life objects can swim in the side to select it, cook the label, and then by machine cutting, grinding, 
fight After the holes and other procedures, coupled with the processing of gold and silver connecting ring, connecting 
buckle, from the overall look at each link found no flaws even completed. 
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(57) ABSTRACT 


The present invention discloses a system and method for 
non-holographic virtual teleportation of one or more remote 
objects to a designated three-dimensional space around a user 
in realtime. This is achieved by using a plurality of partici- 
pating teleportation terminals, located at geographically 
diverse locations, that capture the RGB and depth data of their 
respective environments, extract RGB images of target 
objects from their corresponding environment, and transmit 
the alpha channeled object images via Internet for integration 
into a single composite scene in which layers of computer 
graphics are added in the foreground and in the background. 
The invention thus creates a virtual 3D space around a user in 
which almost anything imaginable can be virtually teleported 
for user interaction. This invention has application in intuitive 
computing, perceptual computing, entertainment, gaming, 
virtual meetings, conferencing, gesture based interfaces, 
advertising, ecommerce, social networking, virtual training, 
education, so on and so forth. 
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10 mH, C = 0.02 uF, and r = 7 ohms.Find f 
r, XL, XC, Z, Q, and the bandwidth. 

48. If the voltage across the resonant circuit 
of question 47 is at a peak value of 8 volts 
at the resonant frequency, what IS the 


voltage at the  half-power points and what are 
the half-power frequencies? ———__ 
49. Using the amplifier circuit shown in Figure 
12.11 , find the values of R1, R2, and RE 
that can provide the amplifier with a voltage 
gain of 10. Use VS = 28 volts, RC = 1 ky, 
and B = 100. 
50. Again, using the circuit shown in Figure 
12.11 , find the values of R1, R2, and RE 


that can provide the amplifier a voltage gain 


of 20. Use VS = 10 volts RC = 2.2 KV, 
and B = 50. | 

51. Using the circuit shown in Figure 12.11 , 
how would you modify the amplifier In 
question 50 to obtain a maximum gain? 
Assume that the lowest frequency it has to 


pass is 50 Hz. 
52. Using the JFET amplifier circuit shown In 


problem 42 of Chapter 8, “Transistor 
Amplifiers,” with a bias point of V GS = -2.8 
volts, a drain current of ID = 2.7 mA, and V 
DS = 12 volts, find the values of RS and R 
D a oro 

53. If the transconductance of the JFET used 


in question 52 is 4000 umhos, what is the 
AC voltage gain? 
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54. A certain op-amp circuit uses an input 
resistance of 8kV to an inverting input. For 
the op-amp circuit to have a gain of 85, what 
should the value of the feedback resistance 
be? 

55. If the input to the  op-amp circuit of 
question 54 is 2 mV, what is the output? 


56. What is an oscillator? = ——__ 

57. Why iS positive feedback rather than 
negative feedback necessary in an oscillator? 
58. What feedback method is used in a 
Colpitts oscillator? | 

59. What feedback method is used in a 
Hartley oscillator? | 

60. Draw the circuit of a  Colpitts oscillator. 


61. Draw the circuit of a Hartley oscillator. 
62. What is the formula used to calculate the 
output frequency of an oscillator? | 

63. Draw the circuit symbol for a transformer 
with a center tap. 


64. Name the two main coils used on a 


transformer. «| 
65. What is the equation that shows the 
relationship between the input voltage, the 


output voltage, and the number of turns In 
each coil of a transformer? | 
66. What is the equation that shows the 
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SYSTEM AND METHOD FOR 
NON-HOLOGRAPHIC TELEPORTATION 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


[0001] 


Not Applicable 


REFERENCE TO A MICROFICHE APPENDIX 
[0002] 


Not Applicable 


TECHNICAL FIELD OF INVENTION 


[0003] The present invention generally relates to the field of 
virtually teleporting in real time, from diverse geographical 
locations, one or more remote objects, subjects, themes, 
events, environments, computer graphics, interfaces, seam- 
lessly into user’s three-dimensional (3D) space to create an 
interactive immersive experience. Specifically the invention 
pertains to creation of a 3D virtual space around a computer 
user in which almost anything imaginable can be virtually 
teleported for user interaction. More particularly the inven- 
tion pertains to a non-holographic real time technique that 
extracts from their corresponding backdrops, images and 
depth information of one or more remote objects located at 
remote teleportation terminals, transmits said images with 
alpha channel to a host teleportation terminal, extracts host 
object and composes a composite scene of all participating 
objects by inserting pre-selected background and foreground 
computer graphics. More importantly the invention creates a 
new versatile genre of non-holographic virtual teleportation 
that has a broad scope applicability in applications such as 
intuitive computing, perceptual computing, entertainment, 
gaming, virtual meetings, conferencing, gesture based inter- 
faces, advertising, ecommerce, social networking, virtual 
training, education, so on and so forth. 


BACKGROUND 


[0004] Ina pending application (U.S. application Ser. No. 
13/864,019) the present inventors disclosed a multilayered 
augmented reality technique that deployed a virtual chroma 
keying approach that eliminated the requirement of bulky and 
cumbersome physical chroma screens by making use of digi- 
tally generated virtual chroma mask. That approach reduced 
the size of hard chroma screen background and increased the 
portability of an Augmented Reality Kiosk. But it did not 
completely eliminate the need of a reduced size chroma 
screen. Furthermore, although it added multiple layers of 
foreground and background computer graphics to the user’s 
3D space, it did not extract, transmit and insert into the scene 
objects from remote locations. Adding 2D or 3D foreground 
and background segmentation techniques for background 
removal not only completely eliminates the need for hard 
chroma screen, but creates a virtual 3D space around a user in 
which almost anything can be teleported from any remote 
location for user interaction. 3D depth sensing is known in 
prior art to enable separation of a subject from background 
within a camera view without any chroma screen, and at the 
same time capture user movements for interacting with the 
system. It also opens an entire new way to teleport remote 
objects between remote geographical locations in real time. 

[0005] Traditionally, holography has been used for virtual 
teleportation of human subjects. Ideally, teleportation is 
defined as transfer of matter from one point to another without 
traversing the physical space between them. As much as it 
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may be a very cool concept in the popular ScFi culture, for the 
real world inventors, it is not a matter of actually moving 
matter, but one of transporting information. In other words, 
teleportation of a physical being will always be virtual and 
never real. 

[0006] In prior art holography is the closest one can get to 
demonstrate virtual teleportation. However, holography 
based techniques are unsuitable for adaptation by the masses 
owing to high cost and time required for creating an extensive 
set up that requires a 3D laser infrastructure. Therefore, in this 
disclosure, a system and method for achieving virtual tele- 
portation of one or more remote objects based on non-holo- 
graphic technique is described. Such a system does not 
require expensive 3D laser holography infrastructure set up, 
can be used with any Internet connected computing device, 
can be installed in minutes, can teleport multiple objects 
simultaneously in High Definition (HD) resolutions to any 
real or fictionally created location. 

[0007] Another need addressed by the present invention 
relates to perceptual computing, which is of great importance 
in entertainment, education, productivity, immersive gaming, 
social networking and most importantly in futuristic contact- 
less or touch-less virtual interfaces. Currently known gesture 
based algorithms are unable to provide a fine degree of con- 
trol needed in operating systems such as a computing device 
wherein data input with the precision of a keyboard, mouse or 
touchpad is required. They are limited to executing basic 
commands such as those of starting or stopping an applica- 
tion, or triggering an event. The present invention also 
addresses this need and finds utility in various applications 
such as video and computer gaming, entertainment, confer- 
encing, interactive and perceptive computing to create an 
enriched user experience. 


PRIOR ART 


[0008] Chou et al., in U.S. Pat. No. 8,375,085 disclose a 
system and method of enhanced collaboration through tele- 
portation, wherein several remote users collaborate in a vir- 
tual environment. Dawson et al., in U.S. Pat. No. 8,392,839 
disclose a system and method for using partial teleportation 
or relocation in virtual worlds by using a facility such as a 
virtual kiosk at which one can view previously rendered 
images of portions of one or more teleportation destinations. 
When full teleportation is initiated, the processing intensive 
rendering is supplemented from image data representing the 
portion or the teleportation destination, thus hiding rendering 
delays and simulating seamless, instantaneous response to 
the full teleportation operation. 

[0009] Shin etal., in PCT application no. WO 2001011511 
disclose an electronic commerce system and method over 
three-dimensional virtual reality space, wherein an interac- 
tive electronic commerce system using intelligent virtual 
objects in a three-dimensional virtual reality space over a 
communication network such as the Internet, is provided. 
Altberg et al., in PCT application no. WO 2008130842 
describe methods and systems to connect people via virtual 
reality for real time communications with respect to a com- 
mercial advertisement. Kikinis et al., in PCT application no. 
WO 2012054231 disclose a system and method for 3D pro- 
jection and enhancements for interactivity wherein the sys- 
tem projects a user-viewable, computer-generated or -fed 
image, wherein a head-mounted projector is used to project 
an image onto a retro-reflective surface, so only the viewer 
can see the image. 
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[0010] The above patent disclosures emphasize the need of 
a cost effective and easy to set up system for achieving virtual 
teleportation of a plurality of remote objects for enhancing 
user experience in perceptual computing, entertainment, 
social networking, gaming, virtual interfaces, education, con- 
ferencing applications, or such applications. However, none 
of the systems and methods described in the prior art disclo- 
sures use a non-holographic technique to create a teleporta- 
tion experience in a customized environment. 


BRIEF SUMMARY OF THE INVENTION 


[0011] The present invention addresses the foregoing need 
for an easy to install, cost effective virtual teleportation 
method and system thereof. It discloses a non-holographic 
method of virtually teleporting any object from a three dimen- 
sional space of a remote location, into a customized environ- 
ment wherein one or more background layers or background 
layers of computer graphics may be inserted to render a 
seamless 3D environment in which all the teleported objects 
can interact. The system does not employ any laser hologra- 
phy means for recording or replaying image or scene. Fur- 
thermore, it also does not deploy any physical chroma screens 
or chroma keying techniques for background removal, 
thereby making it an effective and accessible system for the 
masses. 

[0012] The present invention is directed to hardware, sys- 
tems, methods, programs, computer products, computer read- 
able media, interfaces and modules for controlling one or 
more operating parameters of one or more teleporting devices 
coupled to one or more computing devices with internet con- 
nectivity in different geographic locations for generating a 
composite scene comprising of a plurality of remote objects 
against a single customized 3D environment in real time. 
Accordingly, there is a need for such non-holographic virtual 
teleportation system and method as summarized herein in 
some detail. 

[0013] Itis an object of the present invention to provide a 
virtual teleportation platform wherein interactive video con- 
ferencing between several remote objects (participants) is 
possible, thereby eliminating the need for expensive travel. 
Other objects of the invention include providing a virtual 
teleportation system wherein depth, shape and gesture related 
interactive features are provided to create a realistic and 
believable 3D environment set up. 

[0014] A further object of the present invention is to desig- 
nate a virtual three-dimensional space around a host object at 
a host teleportation terminal, comprising of one or more 
human subjects, and to selectively teleport, 1.e. virtually 
transmit images of one or more of remote objects located at 
different remote teleportation terminals at diverse geographi- 
cal locations, to the virtual three dimensional space of the host 
object at the host teleportation terminal. 

[0015] It is therefore an object of the present invention to 
provide a new method of virtually teleporting one or more 
remote objects to a predetermined, customized scene or envi- 
ronment without employing holographic techniques. This 
object is achieved by, firstly, extracting in real time one or 
more images of remote object(s) from the camera scene by 
deploying known foreground and background segmentation 
techniques, such as 2D pixel recognition and differentiation, 
or by 3D depth mapping and differentiation; secondly, trans- 
mitting and inserting one or more extracted objects into a 
single teleported host scene; thirdly, inserting layers of com- 
puter graphics as background and foreground layers, fourthly, 
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compositing the final teleported scene with the objects and 
computer graphic layers properly aligned to generate a seam- 
less virtual 3D environment in which each of the teleported 
objects can interacts. 

[0016] Itis further object of the present invention to provide 
a system that can be readily and easily used without the need 
for a sophisticated 3D laser infrastructure set up, and without 
any specialized knowledge of using 3D recording and replay- 
ing paraphernalia. In different embodiments of the present 
invention, the foreground/background segmentation is 
achieved by known techniques such as 2D pixel recognition 
and differentiation, or 3D depth measurement achieved by 
either dual camera triangulation, or multiple camera array 
that uses micro or nano lenses, or by means of Time-of-Flight 
(ToF) sensors, or by means of structured light based sensing 
methods. 

[0017] Yet another object of the present invention is to 
provide a multi-layered perceptual computing interface 
(MLPCI) that virtually teleports all interactive tools such as 
keyboard, mouse, pen, page scroller, onscreen navigation 
links, icons, etc., into user’s 3D space, wherein the user can 
perform sophisticated data input gesture-based interactions 
without using any proximity hardware like controller, gloves 
or near field sensor. It is further object of the present invention 
to enable execution of complex commands such as typing 
text, otherwise impossible by any gesture recognition system 
of prior art. It is therefore an object of the invention to enable 
MLPCI by replacing the background layer with the live 
screen view of the application that user is interfacing with. It 
is also further object of the invention to insert the graphic 
elements of virtual interactive tools as one or more translu- 
cent foreground layers and make the user transparent/trans- 
lucent so that the virtual translucent interface apparently 
appears to float in the 3D space between the user and the 
display screen. It is therefore an object to allow user’s trans- 
parent silhouette guide the user to move his hands and fingers 
in air for executing any command of desire via the virtual 
interface with ease. 

[0018] Itis thus an eventual object of the instant invention 
to create a virtual 3D space around a user and teleport almost 
anything imaginable within that space, such as friends, fam- 
ily, date, colleagues, store merchandise, venues, events, ser- 
vices, environments, user interfaces and even dreams, for the 
purpose of intuitive computing, perceptual computing, enter- 
tainment, gesture based interfaces, gaming, advertising, 
ecommerce, social networking, virtual training, education, so 
on and so forth. 

[0019] Accordingly, a teleporting device is configured in 
different embodiments to include singly or in combination, 
one or more digital RGB cameras, 3D depth sensing (time of 
flight) ToF camera, 3D depth sensing camera based on struc- 
tured light imaging, or dual camera depth sensor, or multiple 
camera array, that can be coupled to an internet enabled 
computing device. 

[0020] These advantages in addition to other objects and 
advantages of the invention will be set forth in the description 
which follows, and in part will be obvious from the descrip- 
tion, or may be learned by the practice of the invention. The 
objects and advantages of the invention may be realized and 
obtained by means of software, algorithms, hardware 
devices, remote servers and combinations thereof particularly 
pointed out in the appended claims. 

[0021] The foregoing discussion summarizes some of the 
more pertinent objects of the present invention. These objects 
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should be construed to be merely illustrative of some of the 
more prominent features and applications of the invention. 
Applying or modifying the disclosed invention in a different 
manner can attain many other beneficial results as will be 
described. Accordingly, referring to the following drawings 
may have a complete understanding of the invention. 
Description of several preferred embodiments is as follows. 


BRIEF DESCRIPTION OF THE SEVERAL 
VIEWS OF THE DRAWINGS 


[0022] The above-mentioned and other features and advan- 
tages of this present disclosure, and the manner of attaining 
them, will become more apparent, and the present disclosure 
will be better understood by reference to the following 
description of embodiments of the present disclosure taken in 
conjunction with the accompanying drawings, as illustrated 
herein: 

[0023] FIG. 1(a): A representative diagram illustrating an 
embodiment of a system facilitating virtual teleporting of 
three remote objects in real time using a client-server network 
architecture. 

[0024] FIG. 1(b): A representative diagram illustrating an 
embodiment of a system facilitating virtual teleporting of 
three remote objects in real time using a Peer-to-Peer archi- 
tecture. 

[0025] FIG. 1(c): A representative diagram illustrating an 
embodiment wherein a user initiates teleportation session by 
activating Teleportation Icon 140 on a virtual interface by 
means of hand gesture. 

[0026] FIG. 1(d): A representative diagram illustrating an 
embodiment wherein an invitation to teleport is sent to 
selected participants from contact list. 

[0027] FIG. 1(e): A representative diagram illustrating an 
embodiment wherein the invited participants accept the invite 
to teleport. 

[0028] FIG. 1(f): A representative diagram illustrating an 
embodiment wherein the initiator of the teleportation session 
selects the location to teleport participants (such as under 
water expedition). 

[0029] FIG. 1(g): A representative diagram illustrating an 
embodiment wherein the teleportation process commences. 
[0030] FIG. 1(%): A representative diagram illustrating an 
embodiment wherein the initiator is being teleported to the 
desired virtual location. 

[0031] FIG. 1(7): A representative diagram illustrating an 
embodiment wherein the invitees to the teleportation session 
join the initiator of the teleportation session at the selected 
virtual location. 

[0032] FIG. 1(7): A representative diagram illustrating an 
embodiment wherein the session initiator ends the teleporta- 
tion session by activating “End Session” option on a virtual 
interface by means of hand gesture. 

[0033] FIG. 2: A representative diagram illustrating an 
alternate embodiment ofa system facilitating virtual teleport- 
ing for an e-commerce application. 

[0034] FIG. 3: A representative diagram illustrating a 
multi-layered perceptual computing interface (MLPCI) 
embodiment for creating a virtual interface. 

[0035] FIG. 3(a): Illustrative screenshot of a virtual inter- 
face embodiment of the present invention wherein the user 
gestures the START icon 316 for launching the application. 
[0036] FIG. 3(8): Illustrative screenshot of a virtual inter- 
face embodiment wherein the user launches the target appli- 
cation 318 (Internet Browser) by hand gesture. 
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[0037] FIG. 3(c): Illustrative screenshot of a virtual inter- 
face embodiment wherein the user activates the cursor by 
launching the virtual touchpad 320 to move the cursor on the 
target application page. 

[0038] FIG. 3(d): Illustrative screenshot of a virtual inter- 
face embodiment wherein the user launches and uses the 
virtual keyboard 322. 

[0039] FIG. 3(e): Illustrative screenshot of a virtual inter- 
face embodiment wherein the user launches and uses the 
virtual page scrolling function 324. 

[0040] FIG. 3(/): Illustrative screenshot of a virtual inter- 
face embodiment wherein the user uses gesture controlled 
drawing tool function 326 to draw and to close the applica- 
tion. 

[0041] FIG. 4: An exemplary block diagram illustrating the 
operating modules of a virtual teleporting system. 

[0042] FIG. 5: An illustration of the process flow steps 
deployed in an embodiment of the present invention. 

[0043] FIG. 6: A representative diagram illustrating inte- 
gration of different modules of the embodiment within a 
television set or a display monitor. 


DETAILED DESCRIPTION OF THE INVENTION 


[0044] It is to be understood that the present disclosure is 
not limited in its application to the details of construction and 
the arrangement of components set forth in the following 
description or illustrated in the drawings. The present disclo- 
sure is capable of other embodiments and of being practiced 
or of being carried out in various ways. Also, it is to be 
understood that the phraseology and terminology used herein 
is for the purpose of description and should not be regarded as 
limiting. Exemplary embodiments of the present invention 
are directed towards a system and a method for facilitating 
non-holographic virtual teleporting in real time directed at 
one or more remote objects. 

[0045] It is advantageous to define several terms, phrases 
and acronyms before describing the invention in detail. It 
should be appreciated that the following terms are used 
throughout this application. Where the definition of term 
departs from the commonly used meaning of the term, appli- 
cant intends to utilize the definitions provided below, unless 
specifically indicated. For the purpose of describing the 
instant invention following definitions of the technical terms 
are stipulated: 

[0046] 1. 2D foreground segmentation: Two dimensional 
image segmentation techniques for distinguishing a back- 
ground from a foreground, such as those based on pixel rec- 
ognition and differentiation. The 2D pixel differentiation 
technique requires a training session so that the system first 
reads and learns the pixel pattern in a given scene and uses it 
as a reference to extract target object from the background. 
[0047] 2.3D background segmentation: Three dimensional 
image segmentation techniques such as those based on depth 
measurement techniques by dual camera triangulation algo- 
rithm, multiple camera array, Time-of-Flight 3D mapping, or 
structured light based 3D imaging processes. 

[0048] 3. Teleporting device/Teleporting terminal: A com- 
puter device or a combination of devices coupled to an inter- 
net enabled computing device comprising of at least one RGB 
(Red, Green, Blue) sensor, which is a high definition camera 
with HD resolution of 720P (1280x720 pixels) or Full HD 
resolution of 1080P (1920x1080 pixels) that captures the live 
object images at each of the teleporting terminal; at least one 
audio sensor, and at least one depth sensor, which is based on 
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generating 3D maps of the objects at each of the teleportation 
terminal using one of the following approaches: a) Time-of- 
Flight based depth sensing, b) Structured Light based 3D 
sensing, c) using Dual Camera based triangulation algorithm, 
or d) by means of Multiple Camera Array method. The com- 
plete assemblage of Internet-connected teleportation 
enabling hardware and software at a specific geo-location is 
referred as teleporting terminal. A teleporting terminal that 
deploys two-dimensional segmentation may not need the 
depth sensor. 


[0049] 4. Time-of-Flight Depth Sensor: A time-of-flight 
sensor or camera (ToF camera) is a range imaging camera 
system that resolves the depth of an object by measuring the 
time-of-flight of a light signal between the camera and the 
subject for each point of the image distance based on the 
known speed of light. 


[0050] 5. Structured Light Depth Sensor: Another type of 
depth sensor that 1s used for measuring the three-dimensional 
shape of an object using projected light patterns and a camera 
system. 


[0051] 6. Dual Camera Depth Sensor: Depth of a three- 
dimensional object can also be measured by using two RGB 
cameras for capturing image data points on the object from 
two different perspectives, and then using triangulation algo- 
rithm to analyze all the data points for creating a 3D map of 
the object. 


[0052] 7. Multiple Camera Array: Using an array of mul- 
tiple cameras to record a scene 1s a more recent technique that 
is used to generate pixel specific data from multiple perspec- 
tives. In this system each pixel carries depth information in 
addition to the normal RGB data. Such pixel-specific infor- 
mation can be deployed in many different ways, one of which 
being creating a depth map of the image. An array may 
comprise of either multiple micro cameras with their own 
imaging sensors, or a collection of miniaturized micro or 
nano lenses focusing light from different perspectives on a 
single processor chip collectively analyzing the entire image 
information from all perspectives to measure the depth of 
each pixel from each perspective. 


[0053] 8. Remote object/s & Remote terminal/s: One or 
more human subjects, living beings, physical objects or 
articles located in a designated three dimensional space in a 
single or multiple geographical locations who are to be vir- 
tually teleported to a different location. The complete assem- 
blage of teleportation enabling hardware and software infra- 
structure at such a remote location is referred as remote 
terminal. 


[0054] 9. Host Object/s: One or more human subject, living 
being located in a designated three-dimensional space in a 
geographical location, who initiate a teleportation session 
with one or more remote teleportation terminals, and who are 
to be virtually teleported to a pre-defined virtual location. The 
complete assemblage of teleportation enabling hardware and 
software at such a host location is referred as host terminal. 


[0055] 10. Camera view background: The local back- 
ground environment surrounding each of one or more remote 
object(s) or host object(s) from which the corresponding 
object(s) have to be extracted and transmitted with alpha 
channel (transparency) to the host terminal, so that various 
teleported or computer generated graphic elements can be 
integrated into a composite teleported scene. 


[0056] 11. Teleported scene background layer: The back- 
ground layer comprising of one or more preselected computer 
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generated graphic content, retrieved from a repository, for 
insertion into the integrated, composite teleported scene. 
[0057] 12. Teleported scene foreground layer: The fore- 
ground layer comprising of one or more preselected computer 
generated graphic content, retrieved from a repository, for 
insertion into the integrated, composite teleported scene. 
[0058] 13. Elements of a teleported scene: The remote 
object(s), host object(s), computer generated background 
graphics layer(s), computer generated foreground graphics 
layer(s), and alpha and audio channel associated with each of 
them constitute the elements of the teleported scene. 

[0059] 14. Remote Object Connection Module (ROCM): A 
set of computer programs that is used to logically connect one 
or more remote objects in real time via internet means that 
include but are not limited to a telecommunication link, or a 
wired or wireless local area network (LAN), or a wide area 
network (WAN), or a virtual private network (VPN) or intra- 
net through wired or wireless telecommunication protocol, or 
TCP/IP protocol, or GPRS protocol or WiFi protocol or Blue- 
tooth or radiofrequency protocol or a telecommunication pro- 
tocol. 

[0060] 15. Object Scene Capture Module (OSCM): A set of 
computer programs that receive, as input from RGB sensor, 
the image of object scene in real time from the teleporting 
device 


[0061] 16.Object Extraction Module (OEM): A set of com- 
puter programs that rely on 2D or 3D background and fore- 
ground segmentation techniques to extract in real time scene 
objects from their backgrounds. 

[0062] 17. Remote Object Transmission Module (ROTM): 
A set of computer programs that transmit in real time, to a host 
object terminal, the extracted image of a remote object along 
with associated parameters, those include but not limited to 
depth, texture, color, alpha channel and audio channel. 
[0063] 18. Object Insertion Module (OIM): A set of com- 
puter programs that integrates, places and composes one or 
more remote teleported objects within alpha channeled areas 
of extracted host object image scene. 

[0064] 19. Foreground Layer Insertion Module (FLIM): A 
set of computer programs that inserts in real time a pre- 
defined foreground layer of computer graphics to the compo- 
sition of teleported scene. 

[0065] 20. Background Layer Insertion Module (BLIM): A 
set of computer programs that inserts in real time a pre- 
defined background layer of computer graphics to the com- 
position of teleported scene. 

[0066] 21. Teleported Scene Compositing Module 
(TSCM): A set of computer programs that integrates and fine 
tunes in real time the composition of all the elements of the 
teleported scene, such as host and remote objects, back- 
ground and foreground layers of computer graphics, alpha 
channel and audio channel to produce a live composition of 
teleported environment. 

[0067] 22. Teleported Composite Scene Display Module 
(TCSDM): A set of computer programs that display in real 
time the integrated, composite teleported scene on display 
devices of each of the participating teleportation terminals. 
[0068] 23. Communication Module (CM): A set of com- 
puter programs which delivers the integrated, composite tele- 
ported scene in real time to a preselected destination using 
either wired or wireless telecommunication protocol, or TCP/ 
IP protocol, or WiFi protocol or Bluetooth, or a radiofre- 
quency protocol. 
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[0069] 24. Central Processing Unit (CPU): A computing 
system that analyzes and executes the operations of ROOM, 
OSCM, OEM, ROTM, OIM, FLIM, BLIM, TSBLIM, 
TCSM, TCSDM. 


[0070] The present invention is now described with refer- 
ence to the drawings. An overview of a system in a preferred 
embodiment facilitating virtual teleportation of three remote 
objects in a teleportation session to a new real or virtual 
location using non-holographic technique is now discussed in 
conjunction with FIGS. 1(a) and 1(6). FIG. 1(a) illustrates the 
technical implementation of virtual teleportation in client 
server network architecture, while FIG. 1(5) illustrates imple- 
mentation in a peer-to-peer network. The system 100 includes 
a plurality of objects 104, 112 and 124 located at plurality of 
teleportation terminals who are to be teleported. The host 
object 102 at host terminal initiates the teleportation session. 
Host object is present in a backdrop comprising of host back- 
ground elements 104. The host scene is captured by the RGB 
sensor (camera) of a teleporting device 106 coupled to a 
computing device 108. After removal of background ele- 
ments 102, 110 is the extracted alpha channeled RGB image 
with audio of the host object 104. The extracted image data 
110 is transmitted from the host terminal via Internet through 
wired or wireless means to a real time teleportation server 
132. In a peer-to-peer network the teleportation server 132 is 
not required FIG. 1(6) since the elements of the scene at the 
host and each of the participating terminals are transmitted 
directly between them in real time. 


[0071] A remote object 112 at a remote teleportation ter- 
minal is present in a remote background 114. The remote 
scene at the remote terminal is captured by teleporting device 
116 coupled to a computing device 118. 120 denotes the alpha 
channeled extracted image with embedded audio of remote 
object 112, which is transmitted via internet through wired or 
wireless means. Another remote object 122, at another remote 
teleportation terminal, is present along with remote back- 
ground element 124. The remote scene at this remote terminal 
is captured by teleporting device 126 coupled to a computing 
device 128. 130 denotes the extracted image data of remote 
object 124, which is transmitted along with its corresponding 
alpha channeled background via internet through wired or 
wireless means. In a client-server network architecture FIG. 
1(a), the teleportation server 132 inserts and manipulates 
each of the transmitted alpha-channeled object image data 
110, 120 and 130 into the alpha channeled background areas 
of the host environment, so that each object image is overlaid 
distinct from each other on its pre-defined location in the 
teleported scene or environment. The environment that 
includes all the teleported objects participating in the telepor- 
tation session is then enhanced by inserting one or more 
background layers 134, and one or more foreground layers 
136 into a composite teleported scene 138. Such background 
and foreground layers are retrieved from a database of com- 
puter generated graphic content. The final integrated compos- 
ite teleported scene or environment 138 is then displayed on 
a display panel at each of the participating terminals. Such 
display is either a plasma display panel, or an LCD (liquid 
crystal display) panel, or an LED (light emitting diode), or an 
OLED (organic light emitting diode) display panel, ora video 
projector, or a see-through display screen, or a television set. 


[0072] As illustrated in FIG. 1(6), in a peer-to-peer net- 
work, all the data processing steps are distributed and shared 
between the participating teleportation terminals, and the 
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composite teleported scene 138 is generated at the client 
terminal itself and shared with each of the participating ter- 
minals seamlessly. 

[0073] Each of the teleportation terminals is equipped with 
means to initiate, modify, pause or record a teleportation 
session, to invite, add or delete participants in a teleportation 
session. The participants of a teleportation session can also 
chose environment or virtual location (as defined by the fore- 
ground and background layers) they want to be teleported in. 
A practical implementation of the present invention can be a 
virtual conference taking place between participating telepor- 
tation terminals in a virtual environment created by the com- 
puter generated elements of the teleported scene simulating 
either a real world environment or a fictional environment. 
The integrated composite teleported scene of a teleportation 
session can be either recorded locally at one or more telepor- 
tation terminals, or broadcast live and made instantly avail- 
able to one or more preselected remote destinations via an 
Internet, or a television satellite link, or a telecommunication 
link, or a wired or wireless local area network (LAN), or a 
wide area network (WAN), or a virtual private network (VPN) 
or intranet. 

[0074] Forconnecting the participating teleportation termi- 
nals with each other the system uses any one of the commu- 
nication protocols known to prior art such as TCP/IP protocol, 
GPRS protocol, WiFi protocol, a telecommunication link, a 
wired network, a wireless network, a virtual private network, 
intranet, wireless telecommunication protocol, Bluetooth, or 
a radiofrequency protocol. 

[0075] Ina variant of this embodiment one or more partici- 
pating teleportation terminals deploy chroma-keying tech- 
niques for background removal. In yet another variant of the 
embodiment the host teleportation terminal does not deploy 
background removal. In another variant of this embodiment, 
the teleportation device coupled to its Internet enabled com- 
puting device is integrated within an LCD panel, an LED, an 
OLED display panel, a video projector, or a see-through 
display screen, or a television set. In yet another variant, the 
teleportation terminal is handheld communication device, or 
a head-mounted teleportation apparatus. 

[0076] Having disclosed the technical aspects of a pre- 
ferred embodiment is some detail, it is pertinent to walk 
through the practical implementation of the instant invention. 
FIG. 1(c) through FIG. 1(7) illustrate various steps from ini- 
tiating a teleportation session to ending the session. While a 
convention keyboard/mouse can be used for executing all the 
teleportation related commands, all the commands can also 
be executed via gestures using the virtual interface of the 
invention as depicted herein. The teleportation session is ini- 
tiated by activating the Teleportation Icon 140 on a virtual 
interface by means of hand gesture. The invitation to teleport 
is sent to selected participants from contact list FIG. 1(4). The 
invited participants accept the invite FIG. 1(e). The initiator 
of the teleportation session selects the location (such as under 
water expedition) session FIG. 1(f), which is followed with 
teleportation of the participants FIG. 1(g), FIG. 1(%), FIG. 1 
to an underwater ship. Finally, at the conclusion of the tele- 
portation session, the session initiator ends the session FIG. 
1(7). 

[0077] Referring now to FIG. 2, which illustrates another 
embodiment of the system facilitating virtual teleporting for 
an e-commerce application, in which a user 1s teleported into 
a 3D environment of a virtual store or showroom, a virtual 
shopping mall, or, a merchandise service center, and interacts 


relationship between the turns ratio and the 
currents in the primary and secondary coils of 
the transformer? | 

67. What is the equation that shows the 
relationship between the impedance of the 
primary coil, the impedance of the secondary 
coil, and the number of turns in each coil of 
a transformer? ———__ 

68. What are the two main uses for 
transformers? 

69. Draw a simple half-wave rectifier circuit 
with a smoothing filter at the output. | 
70. Draw a simple  full-wave rectifier circuit 
using a center tap transformer and a 
Smoothing filter at the output. = — 
71. Given a 10 V rms input to a full-wave 
rectified power supply, calculate the values of 
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results in a 5-volt DC output across a 
50-ohm load. | 
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with merchandises therein. In a variant of this embodiment, 
one or more merchandises are teleported into user’s 3D envi- 
ronment for product demonstration, pre-purchase preview of 
goods, technical support, troubleshooting and service of pre- 
owned goods. 202 denotes a human subject or a user at a 
teleportation terminal 204. 

[0078] The image parameters, audio and video data of 202 
are captured via teleporting device 206 and transmitted to 
teleportation server 208 that hosts a database containing 
specifications, images, computer graphics and 3D models of 
merchandise, such as a given model of a washing machine 
210. Upon initiation of a teleportation session by the user, the 
teleportation server 208 retrieves the computer-generated 
graphics pertaining to the washing machine 210 and transmits 
the merchandise data to the teleportation terminal 204, where 
it is inserted in the teleported scene 212 in user’s 3D space as 
a foreground layer appearing in front of the user. Such an 
embodiment can be used for applications wherein several 
customers can be serviced remotely and conveniently for 
sales, marketing or troubleshooting of a product and thereby 
eliminating the need for a personal visit. Similar embodi- 
ments can be used in applications such as teaching and pro- 
viding education to students remotely. 

[0079] In another variant of ecommerce teleportation 
embodiment, instead of teleporting the merchandise object 
into user’s 3D space, the user is teleported to a 3D environ- 
ment of a virtual shopping mall or a store. Briefly, in the 
manner described in the first preferred embodiment as illus- 
trated in FIG. 1, the user image captured at the user’s telepor- 
tation terminal is extracted from the user environment and 
transmitted to the teleportation server where it is inserted into 
a teleported scene that includes foreground and background 
layers of computer graphics that create a real time in-store or 
in-mall shopping experience for the user. 

[0080] The teachings of the instant invention is not limited 
to virtual teleportation of objects such as human subjects or 
material objects into a user’s 3D space, but data entry means, 
navigation controls, or icons can also be teleported into user’s 
3D space between the user and the computer display, serving 
as voice or gesture responsive virtual interface. Such means 
of gesture or voice responsive computer-generated elements 
of virtual interface are retrieved from the application database 
and inserted as one or more foreground layers of the compos- 
ite scene. These computer-generated graphic elements of vir- 
tual interface include: 

[0081] a) virtual keyboard, virtual mouse, virtual touchpad, 
virtual pen of varying transparency to make other elements of 
the composite teleported scene behind the foreground layer 
visible to enable data input, 

[0082] b) virtual menu for accessing different teleportation 
functions as well as navigating to other co-existing and unre- 
lated client applications that include but not limited to, mail 
client, Internet browser, social networking applications, gam- 
ing applications, productivity applications, 

[0083] c) virtual icons for displaying application links and 
alerts in real time. 

[0084] As illustrated in FIG. 3, such a system of a virtual 
interface application comprise of a computer (teleportation 
terminal) operated by a user 302 whose image along with his 
3D space data is captured by a teleporting device (depth 
sensor plus RGB camera) 304 coupled to user’s computer 
306. The computer screen displays the interface of the target 
application 308 the user is working on. Such target applica- 
tion has fields in which the user is required to enter personal 
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information by typing text. Implementing the features of the 
instant invention the user can perform all actions without 
using any data input hardware. This is achieved by means of 
first generating a 3D map ofuser’s 3D space by means of data 
captured by the teleporting device 304 that is used for track- 
ing user’s hand movements. Computer-generated graphic 
elements of virtual interface from the application database are 
then retrieved and inserted as a foreground layer in user’s 3D 
space. Such elements of virtual interface are rendered trans- 
lucent so that the target application on the display screen is 
operationally visible to the user. Virtual keyboard 310 is an 
example of the elements of virtual interface. An association of 
each key on the virtual keyboard is established with the 3D 
map of user’s 3D space, so that when user moves his finger in 
air to overlap on a specific key on the virtual keyboard the 
system matches the location of the specific key with the 
location of user’s finger. To make both, the target application 
and virtual keyboard, clearly visible on screen, the user’s 
image is rendered translucent 312. The screen view of the 
target application can be either rendered visible through the 
transparent foreground layer or captured in real time and 
screen capture inserted as background layer 314 of the user’s 
camera view. The ultimate effect of this composition of the 
translucent foreground layer, the translucent user image and 
the target application’s screen image in the background of the 
composition is that the target application, the virtual key- 
board and user’s fingers are all clearly visible to the user, and 
gives him an impression like the virtual keyboard is floating in 
air in between him and the target application interface dis- 
played on the computer screen. 


[0085] FIG. 3(a) through 3(/) further illustrate practical 
implementation of the instant embodiment wherein the user 
begins the method by launching the virtual interface applica- 
tion’s START icon 316 by hand gesture, and then launching 
the target application 318 (Internet Browser) by hand gesture 
FIGS. 3(a) and 3(6). The user then activates the cursor by 
launching the virtual touchpad 320 to move the cursor to the 
data entry field on the target application page FIG. 3(c). To 
type the information in the data entry field FIG. 3(d) the user 
launches and uses the virtual keyboard 322. To move and 
scroll the page FIG. 3(e) the user can also launch the virtual 
page scrolling function 324. The user can also use the drawing 
tool function 326 to close the application FIG. 3(/). 


[0086] Such an embodiment as illustrated in FIGS. 3 and 
3(a)-3(f) enables the user to perform highly sophisticated 
operations remotely using hand movements and without 
touching any data input hardware or using any wearable or 
gesture recognition proximity hardware. Combining the dis- 
closed virtual interface with voice-activated commands can 
impart unprecedented versatility to the instant invention. 
Such virtual interface embodiment can have widespread 
application as a visual and voice interface in gaming and 
entertainment facilitating sophisticated gesture based inter- 
action and navigation. In a variant of virtual teleportation of 
virtual interface tools in user’s virtual 3D space, the interface 
does not require any START or HOME button, but can just 
trigger the application links and navigation and other tools by 
just moving his hand to the edge of the display screen. Each of 
the four edges of the display screen can be assigned to specific 
group of virtual interface tools. 

[0087] Referring now to FIG. 4, the drawing illustrates an 
exemplary block diagram depicting the operating modules of 
the system 400 for facilitating virtual teleporting of remote 
objects into user’s 3D space using a non-holographic tech- 
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nique. The operating modules referred to hereunder may be 
present on a single or plurality of computing devices present 
at a single teleportation terminal location, or at plurality of 
teleportation terminals, or at remote teleportation servers. 


[0088] System 400 comprises of Object Connection Mod- 
ule (OCM) 402, Object Scene Capture Module (OSCM) 404, 
Object Extraction Module (OEM) 406, Remote Object Trans- 
mission Module (ROTM) 408, Object Insertion Module 
(OIM) 410, Foreground Layer Insertion Module (FLIM) 412, 
Background Layer Insertion Module (BLIM) 414, Teleported 
Composite Scene Integration Module (TCSIM) 416, Tele- 
ported Composite Scene Display Module (TCSDM) 418, 
Communication Module (CM) 420, Computer Generated 
Foreground/Backdrop content database 422. These modules 
may be hosted on a local or remote server or distributed at 
multiple remote locations. Component 422 provides a means 
for storage of computer-generated foreground and back- 
ground content including data in audio, video, animation, 3D 
image, map or text format. 424 serves as a repository of 
preselected computer-generated foreground and background 
content. 


[0089] Component 402 is responsible for connecting one or 
more teleportation terminals with each other and to a com- 
mon teleportation server. This connection may be achieved by 
wired or wireless means via an Internet or a telecommunica- 
tion link, or a wired or wireless local area network (LAN), or 
a wide area network (WAN), or a virtual private network 
(VPN) or intranet. Component 404 is responsible for captur- 
ing the object scene comprising of a object along with object 
background by means ofa teleporting device capable of sens- 
ing image attributes and depth parameters. Instances of tele- 
porting devices include time-of-flight sensor based camera, 
structured light sensor based camera, dual camera depth sen- 
sor based camera, multiple camera array and digital image 
capturing devices capable of 2D pixel differentiation. Com- 
ponent 406 is responsible for distinguishing and separating 
the object from its immediate background using foreground/ 
background segmentation techniques. Component 408 is 
responsible for transmitting selectively or completely, the 
extracted object image along with other image attributes such 
as RGB color, texture, audio, alpha channel from one telepor- 
tation terminal to the other or to the teleportation server. 
Component 410 combines the plurality of remote object 
images received from multiple remote locations for insertion 
into an integrated composite scene rendering individual 
remote images as part of the composite scene by manipulat- 
ing them in terms of their image attributes. Component 412 is 
responsible for insertion of a layer of preselected computer 
graphics as a foreground layer while component 414 is 
responsible for insertion of a layer of preselected computer 
graphics as a background layer in the teleported integrated 
composite scene. Component 416 integrates said foreground 
layer, said background layer and remote object images in 
relation to each other for rendering a seamless customized 
view of a teleported scene. Component 418 is responsible for 
displaying the teleported integrated composite view in a dis- 
play device such as a plasma display panel, an LCD (liquid 
crystal display) panel, an LED (light emitting diode), an 
OLED (organic light emitting diode) display panel or a video 
projector. Component 420 is responsible for transmitting and 
communicating the teleported integrated composite view to 
preselected destinations including, a handheld communica- 
tion device, an email account, downloadable URL link of a 
remote server, so on and so forth. In different embodiments of 
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present invention, the teleported integrated composite view is 
transmitted through wired or wireless telecommunication 
protocol, or TCP/IP protocol, or GPRS protocol or WiFi 
protocol or Bluetooth or radiofrequency protocol or IMAP, 
SMTP or a telecommunication protocol. 


[0090] FIG. 5 depicts an exemplar methodology illustrat- 
ing the steps followed in one aspect of the invention. It is to be 
understood and appreciated that the present invention is not 
limited by order of steps and that some of the steps may occur 
in different order and/or concurrently with other steps from 
that illustrated here. At step 502, one or more objects, located 
at geographically diverse teleportation terminals, which are 
required to be virtually teleported are connected via Internet 
means in real time. At step 504, the object scene at each of the 
participating terminals is captured in RGB along with its 
depth data by means of a teleporting device. At step 506, the 
remote object image is extracted from the remote background 
using one or more of foreground-background segmentation 
techniques. At step 508, image parameters of captured object 
at each of the participating teleportation terminals, such as 
color, texture, audio, alpha channel are transmitted either to a 
teleportation server when client-server network architecture 
is deployed, or directly to participating peers if peer-to-peer 
network architecture is deployed. At step 510, the transmitted 
object images are inserted and appropriately placed in rela- 
tion to each other into a single composite scene. At step 512, 
a layer of computer-generated graphics that can act as virtual 
foreground layer is accessed from a database and inserted in 
the teleported scene. At step 514, a layer of computer-gener- 
ated graphics that can act as virtual background layer is 
accessed from a database and inserted in the teleported scene. 
At step 516, each element of the teleported scene, 1.e. each of 
the extracted remote objects, the extracted host object, the 
foreground and background layers of computer generated 
graphics, alpha channels, along with their corresponding 
audio channels are composed into a final composite tele- 
ported scene. At step 518, the integrated composite teleported 
scene is displayed in real time on a device such as a plasma 
display panel, an LCD (liquid crystal display) panel, an LED 
(light emitting diode), an OLED (organic light emitting 
diode) display panel or by a video projector. The displayed 
integrated teleported content including the composite back- 
ground scene and remote objects is transmitted to one or more 
preselected destinations such as, a handheld communication 
device, an email account, downloadable URL link of a remote 
server, so on and so forth through wired or wireless telecom- 
munication protocol, or TCP/IP protocol, or GPRS protocol 
or WiFi protocol or Bluetooth or radiofrequency protocol or a 
telecommunication protocol. 


[0091] FIG. 6illustrates another embodiment of the present 
invention in which the teleporting device 602 along with its 
computing hardware 604 and all the different modules are 
integrated within a television set or a display monitor so that 
such television set or display monitor itself functions as a 
fully functional teleportation terminal. Alternatively, this 
embodiment can also be practiced by compiling all the com- 
ponents (except the display device) of the teleportation sys- 
tem into a kit that can be provided as a teleportation accessory 
to a television set or a display panel. 


[0092] Inan embodiment of the present invention, the com- 
puter-generated graphics layers that may be used as fore- 
ground/background layers in the integrated teleported scene 
constitute a video gaming environment comprising of one or 
more virtual game characters or elements that the remote 
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object(s) interact(s) with immersively, whether using hand or 
body gestures, or voice activated commands, or by using 
handheld game controller device. 

[0093] In yet another embodiment of the present invention, 
only a part of the remote objects are teleported to the remote 
destination. This is achieved by manipulating the image of the 
remote object such that it appears partly transparent. Option- 
ally, some of the remote objects may be rendered totally 
transparent, while some may be rendered translucent and 
some may be rendered as such while transmitting the image 
attributes such as color, texture, alpha channel, and audio 
channel. This embodiment can be used for providing a 
sophisticated gesture based computing interface. 

[0094] In one embodiment of the present invention one or 
more teleportation terminals deploy chroma-keying tech- 
niques for background removal and object extraction. This 1s 
particularly important in showcasing a product or service 
such as an automobile, or a direct sales session for a fast 
moving consumer product to a large audience physically 
present in a high footfall public place such as shopping malls. 
In such an embodiment host teleportation terminal (public 
place) does not deploy any background removal or object 
extraction, while the remote terminal may either deploy 
chroma-key based or depth-based background removal. In 
another embodiment of the present invention, the plurality of 
remote objects may be the participants of a virtual confer- 
ence, workshop, virtual training, etc., wherein the remote 
object image captured at remote teleporting terminal along 
with associated audio and video data is transmitted into the 
teleported scene at host terminal. 

[0095] Ina yet another embodiment of the present inven- 
tion a useful, confidential and private means of one-on-one 
interaction is provided for communicating with strangers, 
such as encountered in social and dating networks. In this 
embodiment the user is teleported anonymously into a secure 
and private 3D environment of another unknown user without 
sharing any of their personal identification for the purpose of 
socializing or going on a blind date with a stranger. In still 
another embodiment the computer programs of one or more 
modules run remotely from a server via an active server 
webpage, or operate as a browser plugin, or run from an 
external drive of a computer. 

[0096] Although the present invention has been particu- 
larly shown and described with reference to exemplary 
embodiments thereof, it will be understood by those of ordi- 
nary skill in the art that various changes in form and details 
may be made therein without departing from the spirit and 
scope of the present invention as defined by the appended 
claims. Therefore, the present embodiments are to be consid- 
ered as illustrative and not restrictive and the invention is not 
to be limited to the written description. 

The invention claimed is: 

1. A computer-implemented method of virtually teleport- 
ing non-holographically, in real time, a plurality of objects or 
users located at diverse geographical locations, into a custom- 
ized, seamless 3D environment, using a plurality of telepor- 
tation terminals, wherein the method comprises of the steps 
of: 

a) a host teleportation terminal initiating connection via 
Internet means to one or more remote teleportation ter- 
minals participating in a teleportation session; 

b) capturing each remote scene at plurality of participating 
terminals comprising of at least one remote object in a 
remote background and at least one host object in host 
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background, by means of RGB sensor of a teleporting 
device coupled to an internet enabled computing device; 

c) extracting each of the plurality of RGB device-captured 
object images from their corresponding remote back- 
grounds by means of a plurality of teleporting devices, 
coupled to their corresponding internet enabled comput- 
ing devices; 

d) transmitting each of the extracted RGB-captured remote 
object images along with their corresponding alpha 
channeled background for compositing the final telepor- 
tation scene or environment; 

e) inserting each of the transmitted alpha-channeled object 
images into the alpha channeled background areas of the 
host environment; 

f) inserting one or more background layers of retrieved 
computer-generated content to produce an integrated 
composite teleported scene or environment that includes 
all the objects participating in the teleportation session; 

g) inserting one or more foreground layer of retrieved 
computer-generated content in the integrated composite 
teleported scene or environment; 

h) compositing the final teleported scene by manipulating 
each element of the scene, so that each of the plurality of 
object images is overlaid distinct from each other on its 
pre-defined location in reference to the foreground and 
background layers in the teleported scene or environ- 
ment; 

1) displaying in real time the final integrated composite 
teleported scene or environment on a display panel at 
each of the participating terminals. 

2. A method of claim 1, wherein the step (c) of extraction of 
object images from their corresponding backgrounds are 
achieved by 2D foreground segmentation technique compris- 
ing of 2D pixel recognition and differentiation. 

3. A method of claim 1, wherein the step (c) of extraction of 
object images from their corresponding backgrounds is 
achieved by depth differentiation using any one, or combina- 
tion thereof, of the following 3D background segmentation 
techniques: 

a) Time-of-Flight imaging, 

b) Structured light imaging, 

c) Dual camera triangulation, 

d) Multiple camera array of micro or nano cameras or 

lenses. 

4. A method of claim 1, wherein data processing for one or 
more of the steps from a) through h) are: 

a) shared equally by each of the participating terminals in 

a peer-to-peer network, 

b) are implemented at a remote teleportation server in a 
client-server network. 

5. A method of claim 1, wherein the teleporting device 1s a 
combination of devices that are coupled to an internet enabled 
computing device and comprise of: 

a) at least one RGB sensor, which is a high definition 
camera with resolutions not less than 720P that captures 
the live object images at each of the teleportation termi- 
nal; 

b) at least one audio sensor; and, 

c) at least one depth sensor, which is based on generating 
3D maps of the objects at each of the teleportation ter- 
minal using one of the following algorithms: 

1) dual camera triangulation, 
11) multiple camera array, 
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111) Time-of-Flight, 
iv) structured light. 

6. A method of claim 1, wherein the integrated composite 
teleported scene is either recorded locally at one or more 
teleportation terminals, or broadcast live and made instantly 
available to one or more preselected remote destinations via 
an Internet connection, or a television satellite link, or a 
telecommunication link, or a wired or wireless local area 
network (LAN), or a wide area network (WAN), or a virtual 
private network (VPN), or Intranet. 

7. A method of claim 1, wherein the plurality of remote 
teleportation terminals are connected by means selected from 
a group comprising of internet protocol, a telecommunication 
link, a wired network, a wireless network, a virtual private 
network, intranet, wireless telecommunication protocol, 
TCP/IP protocol, GPRS protocol, WiF1 protocol, Bluetooth, 
or a radiofrequency protocol. 

8. A method of claim 1, wherein the foreground layer and 
the background layer of the integrated composite teleported 
scene constitute a 3D video gaming environment comprising 
of virtual game characters and elements that interact with one 
or more users immersively by means of voice, hand, body 
gestures or combination thereof. 

9. A method of claim 1, wherein the plurality of remote and 
host objects are participants of a virtual conference that takes 
place in a virtual environment created by the computer gen- 
erated elements of the teleported scene simulating either a 
real world environment, or a fictional environment. 

10. A method of claim 1, wherein, either, 

a) a user is teleported into a 3D environment of a virtual 
store or showroom, a virtual shopping mall, or, a mer- 
chandise service center, and interacts with merchandises 
therein, or, 

b) merchandises are teleported into user’s 3D environment 
for product demonstration, pre-purchase preview of 
goods, technical support, troubleshooting and service of 
pre-owned goods. 

11. A method of claim 1, wherein a user is teleported 
anonymously into a secure and private 3D environment of 
another unknown user without sharing any of their personal 
identification for the purpose of socializing or going on a 
blind date with a stranger. 

12. A method of claim 1, wherein one or more elements of 
the teleported scene are rendered transparent or translucent 
for providing pre-defined level of visibility to hidden or 
masked elements. 

13. A method of claim 1, wherein at least one background 
or foreground layer is replaced by a live screen capture of the 
desktop that a user is interacting with, and, one or more 
transparent or translucent foreground layers comprising of 
computer graphics that operate as virtual computing inter- 
face, displaying voice or gesture responsive data entry means, 
navigation controls or icons that include but not limited to: 

a) virtual keyboard, virtual mouse, virtual touchpad, virtual 
pen of varying transparency to make other elements of 
the composite teleported scene behind the foreground 
layer visible to enable data input; 

b) virtual menu for accessing different teleportation func- 
tions as well as navigating to other co-existing and unre- 
lated client applications that include but not limited to, 
mail client, Internet browser, social networking applica- 
tions, gaming applications, productivity applications; 

c) virtual icons for displaying application links and alerts in 
real time. 
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14. A method of claim 1, wherein the display is a plasma 
display panel, an LCD (liquid crystal display) panel, an LED 
(light emitting diode), an OLED (organic light emitting 
diode) display panel, a video projector, or a see-through dis- 
play screen, or a television set. 

15. A method of claim 1, wherein the teleportation device 
coupled to its Internet enabled computing device is integrated 
within an LCD panel, an LED, an OLED display panel, a 
video projector, or a see-through display screen, or a televi- 
sion set. 

16. A method of claim 1, wherein the teleportation terminal 
is handheld communication device, or a head-mounted tele- 
portation apparatus. 

17.A method of claim 1, wherein one or more participating 
teleportation terminals deploy chroma-keying techniques for 
background removal. 

18. A method of claim 1, wherein the host teleportation 
terminal does not deploy background removal. 

19. A system of virtually teleporting a plurality of remote 
objects from plurality of remote teleportation terminals in 
real time into a customized, seamless 3D environment of a 
host object’s host teleportation terminal, by means of a plu- 
rality of teleporting devices coupled to a plurality of internet 
enabled computing devices, comprising of: 

a) Remote Object Connection Module (ROOM) which 1s a 
set of computer programs that is used to logically con- 
nect one or more remote objects via internet means; 

b) Object Scene Capture Module (OSCM), which 1s a set of 
computer programs that receive, as input from RGB 
sensor, the image of object scene in real time from the 
teleporting device; 

c) Object Extraction Module (OEM) which is a set of 
computer programs that deploy either 2D pixel recogni- 
tion and differentiation techniques for foreground seg- 
mentation, or, 3D depth sensors for foreground-back- 
ground segmentation to extract object with alpha 
channel from background of the captured object scene in 
real time; 

d) Remote Object Transmission Module (ROTM) which is 
a set of computer programs that transmit in real time, to 
a host object terminal, the extracted image of a remote 
object along with associated parameters, that include but 
not limited to depth, texture, color, alpha channel; 

e) Object Insertion Module (OIM) which is a set of com- 
puter programs that integrates, places and composes in 
real time one or more remote teleported objects within 
alpha channeled areas of extracted host object image 
scene; 

f) Background Layer Insertion Module (BLIM), which is a 
set of computer programs that inserts a pre-defined 
background layer of computer graphics to the composi- 
tion of teleported scene in real time; 

g) Foreground Layer Insertion Module (FLIM), which is a 
set of computer programs that inserts a pre-defined fore- 
ground layer of computer graphics to the composition of 
teleported scene in real time; 

h) Teleported Scene Compositing Module (TSCM), which 
is a set of computer programs that integrates and fine 
tunes in real time the composition of host and remote 
objects with background and foreground layers of com- 
puter graphics to produce a live composition of tele- 
ported environment; 

1) Teleported Composite Scene Display Module (TCSDM) 
which is a set of computer programs that display in real 
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time the integrated, composite teleported scene on dis- 
play devices of each of the participating teleportation 
terminals; 

3) Central Processing Unit (CPU), which analyzes and 
executes the operations of ROCM, OSCM, OEM, 
ROTM, OIM, FLIM, BLIM, TSBLIM, TCSM, 
TCSDM. 

20. A method of claim 19, wherein the integrated compos- 
ite teleported scene is either recorded locally at one or more 
teleportation terminals, or broadcast live and made instantly 
available to one or more preselected remote destinations via 
an Internet connection, or a television satellite or a telecom- 
munication link, or a wired or wireless local area network 
(LAN), or a wide area network (WAN), or a virtual private 
network (VPN) or intranet. 

21. A method of claim 19, wherein the plurality of remote 
objects are connected by means selected from a group com- 
prising of internet protocol, a telecommunication link, a 
wired network, a wireless network, a virtual private network, 
intranet, wireless telecommunication protocol, TCP/IP pro- 
tocol, GPRS protocol, WiFi protocol, Bluetooth, radiofre- 
quency protocol, a telecommunication protocol. 

22. A method of claim 19, wherein the foreground layer 
and the background layer of the integrated composite tele- 
ported scene constitute a 3D video gaming environment com- 
prising of virtual game characters and elements that interact 
with one or more users immersively by means of voice, hand, 
or body gestures. 

23. A method of claim 19, wherein the plurality of remote 
and host objects are participants of a virtual conference that 
takes place in a virtual environment created by the computer 
generated elements of the teleported scene simulating either a 
real world environment or a fictional environment. 

24. A method of claim 19, wherein, either, 

a) a user is teleported into a 3D environment of a virtual 
store or showroom, a virtual shopping mall, or, a mer- 
chandise service center, and interacts with merchandises 
therein; or, 

b) merchandises are teleported into one or more users’ 3D 
environment for product demonstration, pre-purchase 
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preview of goods, technical support, troubleshooting 
and service of pre-owned goods. 

25. A method of claim 19, wherein a user is teleported 
anonymously into a secure and private 3D environment of 
another unknown user without sharing any of their personal 
identification for the purpose of socializing or going on a 
blind date with a stranger. 

26. A system of claim 19, wherein one or more foreground 
layers comprise of computer graphics that operate as virtual 
computing interface displaying voice or gesture responsive 
data entry means and navigation controls or icons that include 
but not limited to: 

a) virtual keyboard, virtual mouse, virtual touchpad, virtual 
pen of varying transparency to make other elements of 
the composite teleported scene behind the foreground 
layer visible to enable data input; 

b) virtual menu for accessing different teleportation func- 
tions as well as navigating to other co-existing and unre- 
lated client applications that include but not limited to, 
mail client, Internet browser, social networking applica- 
tions, gaming applications, productivity applications; 

c) virtual icons for displaying alerts in real time. 

27. A system of claim 19, wherein the computer programs 
of one or more modules run remotely from a server via an 
active server webpage, or operate as a browser plugin, or run 
from an external drive of a computer. 

28.A system of claim 19, wherein a Communication Mod- 
ule (CM) which is a set of computer programs that stream live 
the integrated, composite teleported scene to one or more 
preselected remote destinations. 

29. A system of claim 19, wherein one or more teleporta- 
tion terminals deploy chroma keying techniques for back- 
ground removal. 

30. A method of claim 19, wherein the host teleportation 
terminal does not deploy background removal. 

31. A system of claim 19, wherein modules (a) through (h) 
and module (J) are compiled as a kit that can be incorporated 
into a television set or a display panel. 
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A dual-band RF energy harvesting circuit using 4th 
order dual-band matching network 


Sachin Agrawal**, Manoj S. Parihart and P.N. Kondekar’ 


Abstract: A novel compact rectifier for dual-band operation in the RF energy har- 
vesting is presented. The circuit comprises a 4th order dual-band impedance match- 
ing and a single-series circuit with one double diode, both are integrating into a 
compact shape to occupy a small area of 30 x 35 mm’. The merit of the proposed 
rectifier circuit is that it can be extended to n number of the frequency band by 
using only 2 x n matching elements. To validate the design method experimentally, 
a prototype of a dual-band rectifier is fabricated for two public telecommunication 
bands of GSM-900 and 1800. In order to reduce the circuit complexity and sensitiv- 
ity arising due to lumped elements, the meander line and the open stub are used to 
realize the proposed circuit. A good agreement is obtained between the simulation 
and the measurement. The measured results show that the proposed rectifier circuit 
exhibits the conversion efficiency of 25.7 and 65% for an input power of —20 and O 
dBm, respectively. In addition, diode nonlinearity which affects the performance of 
the rectifier in terms of impedance matching is also investigated. 
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Keywords: RF energy harvesting; dual band impedance matching; rectifier; 
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PUBLIC INTEREST STATEMENT 


With rapid growth in wireless communication, 

a huge amount of radio frequency (RF) energy 
broadcasted through billions of microwave sources 
such as mobile phones, handheld radios, and radio 
broadcast stations. Therefore, it is meaningful to 
collect and supply it to many electrical devices 

like mobile headsets, wearable medical sensors 
through RF energy harvesting. Since the ambient 
RF energy is distributed in multiple frequency 
bands, therefore the amount of energy harvested 
could increase if the circuit is designed for multiple 
frequency bands. In this work, we present a 
compact dual-band energy harvesting circuit to 
harvest energy from two most useful frequency 
bands, GSM-900 and 1800. The merit of the 
proposed rectifier circuit is it can be extended to n 
number of the frequency band by using only 2 x n 
matching elements. A prototype is fabricated, and 
its performance is evaluated using Vector Network 
Analyzer (VNA). The total size of the rectifier is 
about 30 x35 mm”. 


© 2017 The Author(s). This open access article is distributed under a Creative Commons Attribution 
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Figure 1. Typical block diagram 
of RF energy harvesting circuit. 


1. Introduction 

A revolutionary growth in wireless technology attracts huge attention from research community to 
make the self-sustainable device feasible through RF energy harvesting. It exploits ambient electro- 
magnetic energy transmitted from different RF systems to remotely feed the electronic devices 
(Nintanavongsa, Muncuk, Lewis, & Chowdhury, 2012). Compared to other harvesting techniques, RF 
energy harvesting provides relatively predictable energy supply owing to the features of easy avail- 
ability and less dependency on environmental variations. The typical block diagram of RF energy 
harvesting circuit is shown in Figure 1. It consists of three major blocks viz; antenna, matching net- 
work (MN), diode detector followed by an energy storage. The first element, antenna is employed to 
capture the RF signals of different frequencies and polarization, while second MN is for maximum 
power transfer, and the last rectifier is used to convert the RF energy to dc voltage. It means harvest- 
ing circuit performance can be evaluated in terms of accessible ambient RF energy and its conversion 
rate (Agrawal, Pandey, Singh,& Parihar, 2014). These parameters are heavily influenced by surround- 
ing terrain conditions as the multiple reflection and dissipation certainly deteriorate the level of 
available ambient RF energy. As a result, conversion efficiency and dc output voltage may degrade. 
Previously, the majority of available RF energy harvesting circuits focused on single frequency band 
hence offer low dc output voltage. As the multiple RF energy sources of different frequency bands are 
available, thus from an ambient RF harvesting perspective, the output dc voltage could be increased 
if the circuit is designed for multiple frequency bands rather than a single band. A wide-band energy 
harvester can also promise a high output voltage by accumulating the number of RF signals at a 
time. However, due to nonlinear behavior of the diode, harvesting circuit itself exhibits nonlinearity 
i.e. its input impedance varies with the received RF power. Thus, it is quite difficult to retain the im- 
pedance match and high conversion efficiency over a large frequency range (Song, Huang, Zhou, & 
Carter, 2014). The losses due to impedance mismatch over a large bandwidth can be illustrated in 
Collado and Georgiadis (2013), where only 8% conversion efficiency is achieved at —20 dBm. 


To address this, it is preferable to harvest energy from several narrow frequency bands rather than 
a single large one. In literature, numerous topologies have been proposed to accomplish the multi- 
band energy harvesting (Bergès, Fadel, Oyhenart, Vigneras, & Taris, 2015; Hamano et al., 2016; Ho 
et al., 2016; Keyrouz, Visser, & Tijhuis, 2013; Kuhn, Lahuec, Seguin, & Person, 2015; Liu, Zhong, & Guo, 
2015; Niotaki, Georgiadis, Collado, & Vardakas, 2014; Pinuela, Mitcheson, & Lucyszyn, 2013; Scheeler, 
Korhummel, € Popovic, 2014; Shariati, Rowe, Scott, € Ghorban, 2015; Sun, Guo, He, & Zhong, 2013). 
These topologies can be differentiated in terms of filter functionality i.e. how the antenna or source 
impedance is matched to the rectifier circuit. For instance, in Pinuela et al. (2013) and Keyrouz et al. 
(2013) several single-band rectennas (combination of antenna and rectifier circuit) were stacked to 
constitute a multi-band harvesting circuit. In this case, each rectenna was designed for a specific 
frequency band. Thus, for compact applications, this architecture is not suitable due to the number 
of antennas used. Moreover, in most of the reported works, the quality assessment of the output 
voltages combination was not taken into consideration. In Kuhn et al. (2015), the circuit complexity 
is reduced to a certain extent by replacing the multiple antennas with a single wide-band antenna. 
However, in this topology too, the number of rectifiers increases with the frequency bands, which 
leads to prolonging the circuit complexity. 
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Besides, a multi-band harvesting circuit can also be formed by simply embedding a multi-band 
matching network between the multi-band antenna and the rectifying circuit (Bergès et al., 2015; 
Hamano et al., 2016; Ho et al., 2016; Liu et al., 2015; Niotaki et al., 2014; Scheeler et al., 2014; Shariati 
et al., 2015; Sun et al., 2013). The multi-band matching network can be designed either by distrib- 
uted or by lumped element. In general, the multi-band rectifier circuit experiences two types of 
losses: first due to shift in resonance frequency from the optimum frequency point, and second due 
to the filter complexity. Because of the diode nonlinearity, the input impedance of the circuit varies 
as a function of power and frequency which causes a shift in resonance frequency. The difficulty due 
to diode nonlinearity can be observed in Sun et al. (2013) where the dual-band rectifier circuit exhib- 
its impedance matching for a small range of input power. The losses induced because of filter com- 
plexity can be observed in the recently reported works on dual band harvesting circuit (Niotaki et al., 
2014; Scheeler et al., 2014; Shariati et al., 2015). In Niotaki et al. (2014), for P „ = —15 dBm, author 
achieved the conversion efficiency of 23% at the expense of increased filter complexity consisting 
two series and two shunt pairs of reactive elements. Thus, for more than dual band applications, the 
proposed circuit topology is not suitable due to excessive filtering components used. To obtain good 
conversion efficiency a dual-band rectenna reported in Scheeler et al. (2014). However, the rectenna 
was large in size and requiring a complex impedance tuning circuit. In Shariati et al. (2015) also, a 
dual-band matching network consisting nine reactive elements was employed to achieve the dual- 
band characteristics. 


In order to reduce the filter complexity, this work proposed a compact dual-band harvesting cir- 
cuit for GSM-900 and 1800. It consists of a 4th order dual-band matching network based on 1 — n 
frequency transformation, which is optimized for the energy harvesting circuit to reduce the com- 
plexity up to 2 x n reactive elements (n is the number of frequency bands). Similar to frequency 
transformation method, the proposed dual-band rectifier circuit can be extended to n number of 
frequency bands by using the 2 x n number of reactive elements. The detailed analysis and design 
guidelines of dual band rectifier circuit are discussed in Section 2. 


2. Dual band rectifier design and analysis 

This section presents the design and analysis of a dual-band harvesting circuit in terms of imped- 
ance matching, DC output voltage and RF-to-dc conversion efficiency. The topology of the proposed 
dual-band RF energy harvesting circuit is shown in Figure 2(a). As seen, the low-cost Schottky diode 
is used to transform the input RF power to DC voltage. The impedance matching at two frequency is 
achieved using a series and parallel combination of the LC pair. The main idea underlying the sug- 
gested multi-band matching network is 1 — n frequency transformation (one to many mapping of 
frequency), which transforms a single-band matching network to multi-band matching network 
(Nallam € Chatterjee, 2013). As the name (1 — n) suggests that for designing a multi-band matching 
network, primarily a single-band matching network is required whose resonant frequency is depend- 
ent on the frequencies for which multi-band matching network proposed to designed. 


Moreover, this frequency transformation method depends on the type of load impedance, wheth- 
er itis series or parallel combination of RC or RL. Since the selected diode (HSMS-2852) has capacitive 
behavior throughout the frequency, it can be represented in a series or parallel combination ofR and 
C. In the case of parallel RC load, the following equations are used to transform the single-band 
matching network into multi-band matching network. 
n-(m+2) 


n n-m 
O,+d,@, +4,,,50, Fa 


o = —— CC (1) 


n-1 n-(m+1) n-(m+3) 
O, + O41 + Om+30; aad: 


where, n is the number of bands and m varies from 2 to n. After substituting the value of n, Equation 
(1) can be expanded in partial fraction form using the causal foster analysis as: 


a-a, © + (2) 
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Figure 2. (a) Circuit diagram 
of the proposed dual-band 
rectifier circuit and (b) 
optimized dual-band rectifier 
circuit. 
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The coefficients a, and az can be calculated as: 


n 


On = PEDO, (3) 
i=1 
n,n mí 
a, =(-1)" ` C1” oo; (4) 
i,j=1,1 8 14 
n,n, n > 
i,j, k=1, 1, 1 & ¡Aj4k 
n,n,n... e 
Cun = Gi ` CDE oOo 7 (6) 


ij k...=1,1,1...1Aj4k 


n 
a, = | [co (7) 
¡=1 
Equation (6) is similar to that presented in Nallam and Chatterjee (2013), except the term (-1)7*", 
which is included here to realize the multi-band matching network for more than three frequency 
bands i.e. for n > 3. 


With this transformation, the capacitor of the matching network is transformed to the combina- 
tion of prototype capacitor parallel with inductor whereas, an inductor is transformed into a combi- 
nation of the same inductor with a series capacitor. Figure 3 shows the circuit schematic of 
transformation of a single-band matching network to the dual-band matching network. It can be 
seen that C, is transformed to C} ||L, and L} transformed to L, series with C,. After successful usage 
of (1)-(7), the resultant multi-band matching network requires 3n — 1 and 4n — 1 reactive elements 
for L and I-type topology, respectively. 
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Figure 3. Conversion of a 
single-band matching network 
to dual-band matching 
network using 1 — n frequency 
transformation. 


— 
a. > 


Single-band 
matching network 


Dual-band 
matching network 


As the aim is to design a dual-band harvesting circuit, therefore, we require here only 5 or 7 reac- 
tive elements with L and II-type topologies, respectively. From Figure 2(a), it can be seen that the 
resultant matching network consists of five elements, where the inductor L, and capacitor C, results 
after the transformation of capacitor C} and inductor L,, respectively. Besides, the inductor L, occurrs 
due to the diode reactive element, which is generally a capacitor. 


In this work, two frequencies 0.9 and 1.8 GHz that correspond to the maximum signal strength are 
chosen for dual-band harvesting circuit. According to this method, it is necessary to assign the fre- 
quencies in descending order e.g. œ = 1.8, œw, = 0.9. Therefore, from (3) single-band matching net- 
work frequency is equal tow, — œ, = 21(1.8 — 0.9) x 10? = 0.9 x 27 x 10”. In order to match the 
source impedance with the rectifier at the calculated frequency 0.9 GHz, the chosen matching topol- 
ogy is L-type as shown by the encircled portion in Figure 2(a). The corresponding element values can 
be approximated using the various methods some of which are described in Pozar (2010). 
Subsequently, this single-band matching network is transformed to dual-band matching network 
using (1)-(7). The detailed design steps of the dual-band rectifier circuit are summarized as follows: 


(1) As we are interested in matching the diode to 50 Q at two frequencies (0.9 and 1.8 GHz) so, the 
order of transformation is equal to 2 orn = 2. 


(2) In the first step, single-band matching network is designed at the frequency f calculated as: 
f =f, —f, = 1.8 — 0.9 = 0.9 GHz. In this case, any matching topology that matches the diode 
to 50 Q, at 0.9 GHz for an input power P,, = —20 dBm, and load resistance 4.7 KQ can be used. 
The chosen single-band matching network is shown by the encircled portion in Figure 2(a). 


(3) Afterwards, this single-band matching network is transformed into dual-band using the 
(1)-(7) as shown below: 


Since n = 2 therefore, from (2) 


oO = CO, + — (8) 
From (4) a, can be calculated as: 
d, = En Y CD0,0, = 0,0, (9) 


a, = —1.62 x 47° x 10° = 0.64 x 10% (10) 


Thus, inductor L, (=66 nH) is transformed to impedance as: 


. 1 
j66 x 10%w = j66 x 10%w, + ———— 
"50.23 x 102o, a 
Similarly, capacitors (=0.5 pF) are transformed to the admittance as: 
j5x10°°@ =j5x 10° Ye, + —— 
t| p32 x 100, (a 
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Figure 4. Simulated |S}; | 
vs. frequency for different 
combination of circuit 
elements. 


Figure 5. Layout of the 
proposed dual-band RF energy 
harvesting circuit. 


The circuit schematic of the dual-band harvesting circuit is shown in Figure 2(a). It can be seen 
that resultant matching network consists of five reactive elements according to 3n — 1. In order to 
reduce the circuit complexity and sensitivity due to reactive elements, a parametric study has been 
carried out to eliminate the elements showing minimum influence on the circuit performance. 


Figure 4 shows the simulated |S}; | for the different combination of matching elements. The simu- 
lated results demonstrate that |S}; | experiences maximum change when inductor L, and capacitor 
C, are removed from the circuit, whereas it remains almost unaffected when L, is not present in the 
circuit. Therefore, inductor L, can be extruded from the circuit and the resultant matching circuit 
requires only 2n and 3n reactive elements in place of 3n — 1 and 4n — 1 elements. In this way, for 
each topology, the proposed circuit reduces n — 1 elements compared to the conventional method. 
Figure 2(b) demonstrates the optimized circuit diagram of the dual-band rectifier. It can be observed 
that circuit requires large inductors value of 32 and 66 nH. Thus, it is quite difficult to realize the 
practical rectifier circuit whose response is similar to the response of simulated result. In order to 
avoid any impedance mismatch due to the small difference in elements value, the meander line in- 
ductor and open stub are used to realize the inductors and capacitors, respectively. In this case, not 
only fabrication and optimization process become so easy but the cost will also reduced. 


Figure 5, shows the layout of the dual-band rectifier circuit. In Nintanavongsa et al. (2012) and 
Agrawal et al. (2014), it has been demonstrated that the number of rectifying diodes or equivalently 
voltage multiplier stages are very much sensitive to the RF-to-dc conversion efficiency. In low-power 
region (< —20 dBm), efficiency decreases if voltage multiplier stages increase, whereas in higher 
power region (> —20 dBm), an opposite effect occurs. As the demand is to harvest energy in low- 
power region, single-series circuit with a double diode is used to convert received RF energy into dc 
voltage. From the left side of the circuit, the first meander line corresponds to the inductor L,, while 
the second meander line represents the inductor L., of the Figure 2(b). The shunt stub is accounted 
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Figure 6. Photograph of the 
fabricated dual-band RF energy 
harvesting circuit. 


for the shunt capacitor C, of Figure 2(b). The dimensions of each element are calculated according 
to their respective reactive element value and the substrate on which circuit has to be fabricated. In 
Assimonis, Daskalakis, and Bletsas (2016), it has been demonstrated that traces (microstrips) con- 
nected to the rectifier terminals (e.g. distance between the diode and via and diode and load) are 
highly sensitive for RF-to-dc efficiency. Therefore, traces d}, d, between diode and capacitor C} and 
C,, d, between diode and load and d, between diode and ground are adjusted to optimize the im- 
pedance matching as well as the conversion efficiency of the rectifier. Due to nonlinear behavior of 
the diode, harvesting circuit itself exhibits nonlinearity i.e. its input impedance varies with received 
RF power, therefore harmonic-balance (HB) and large signal analysis (LSSP) were employed to take 
into consideration the nonlinear behavior of the rectifier. 


The photograph of the fabricated dual-band rectifier is shown in Figure 6. It is fabricated on a 1.54 
mm thick FR-4 substrate with a dielectric constant (e,) of 4.3 using chemical etching method. The 
rectifier performance is evaluated in terms of |S}; | and output voltage using the Agilent vector net- 
work analyzer (VNA). The simulated and measured pal is illustrated in Figure 7(a). The measured 
result shows reasonable agreement with the simulated one; the slight difference can be accounted 
for the fabrication imperfections. It is well known that impedance matching is a function of fre- 
quency and input power, due to the nonlinearity of the diode. Such a characteristic is examined in 
Figure 7(b), where the measured |S,,| is demonstrated as a function of input power level for three 
different load impedance values. From results, it is clear that impedance matching of the harvesting 
circuit is greatly affected by the input power and the load impedance. Figure 7(b) demonstrates that 
as power increases, the impedance matching at 0.9 GHz degraded drastically, while at 1.8 GHz, it 
improves. Moreover, it is noticed that the impedance matching at higher power level is more sensi- 
tive to the variation of load impedance (RL). 


The measured RF-to-dc conversion efficiency and output voltage vs. input power for both frequen- 
cies are demonstrated in Figure 8(a). For 0.9 GHz, efficiency is equal to 25.7 and 65.1% for an input 
power of —20 and O dBm, respectively. However, at 1.8 GHz the efficiency is relatively small that 
might be due to the increased parasitic losses in the rectifier diode. Figure 8(b) shows the relation 
between the output voltage and frequency for various input power levels at fixed load resistance 
value of 4.7 kQ. It can be seen that maximum output voltage is achieved in the frequency range of 
860-900 and 1770-1800 MHz, showing the rectifier’s capability to harvest RF energy in the GSM-900 
and 1800 bands. 


Figure 9, depicts the measured conversion for various values of load resistance. It can be noticed 
that the circuit yields maximum efficiency when the load impedance is 4.7 KQ. It starts decreasing 
as the load impedance varies from 4.7 kQ. Table 1 shows the comparison of the conversion efficiency 
and the size of the proposed rectifier with the similar works reported previously. Only measured re- 
sults are compared in Table 1. It can be seen that in low-power condition maximum efficiency is 
achieved in Sun et al. (2013), but the expense of bulky circuit size. However, the proposed rectifier 
offers an optimal conversion efficiency with compact circuit size. 


Lp 
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Figure 7. (a) Simulated and 

measured |S,,| vs. frequency 
and (b) measured |S, | for eerie 
various power levels. —0— Measured 
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Figure 8. (a) Measured output 
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conversion efficiency and 
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Table 1. Performance comparison of the proposed dual rectifier with recently published works 


Ref. Measured rectifier efficiency (%) Input power (dBm) _ Rectifier size 
Ho et al. (2016) 15.8 @ 0.89 GHz —20 100 x 65 mm? 
11.2 @ 1.76 GHz 
Hamano et al. (2016) 10 @ 2.15 GHz —10 37x71 mm? 
15 @ 5.84 GHz 
Berges et al. (2015) 27 0 0.91/2.4 GHz —16 78 x 88 mm? 
Sun et al. (2013) 30 @ 2.14 GHz —20 145 mm 
35 @ 1.84 GHz 
Liu et al. (15) 20 O (0.91+1.8) GHz —20 23x37 mm? 
This work 27.5 @ 0.9 GHz —20 30x 35 mm? 
20 @ 1.8 GHz 
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3. Conclusion 


“<- cogent -engineering 


A new compact 4th order dual-band rectifier has been designed to harvest the RF power of GSM-900 
and 1800 bands. In order to reduce the circuit complexity and sensitivity due to reactive elements, 
the meander line and the open stub are used to fabricate the matching network. ForP,. = —20 dBm, 
the measured RF-to-dc conversion efficiency of 27.5 and 20% is achieved at 0.9 and 1.8 GHz, respec- 
tively. Further, more than 45 and 34% conversion efficiency is maintained from —10 to 10 dBm for 


0.9 and 1.8 GHz, respectively. 
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TELEPORTATION SYSTEM FOR 
ELECTRONIC MANY-QUBIT STATES USING 
INDIVIDUAL PHOTONS 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


This application claims priority to a U.S. Provisional 
Patent Application with application No. 60/651,151 entitled 
“TELEPORTATION OF ELECTRONIC MANY-QUBIT 
STATES VIA SINGLE PHOTONS,” which was filed on Feb. 
9, 2005. This application is hereby incorporated by reference 
in its entirety. 


DESCRIPTION OF RELATED ART 


Transport, or transportation, is the movement of people, 
goods, signals and information. The field of transport has 
several aspects, which include infrastructure, vehicles, and 
operations. Infrastructure includes transport networks (e.g., 
roads, railways, airways, canals, and pipelines, etc.), as well 
as the nodes, or terminals, (e.g., airports, railway stations, bus 
stations and seaports). The vehicles (e.g., automobiles, 
bicycles, buses, trains, airplanes) generally ride on the net- 
works. Operations involve the control of the system (e.g., 
traffic signals, ramp meters, railroad switches, and air traffic 
control). 

At the level ofa particle (e.g., electron, photon, atom, etc.), 
there are two approaches to transporting that particle from 
one place to another. The first is very similar to the approaches 
described above, in which that particle is phyically moved 
from one place to another. The second, called teleportation, is 
when the complete quantum-mechanical state of one particle 
(an origin particle) is imprinted onto a second (a destination 
particle) at a different location. The two particles involved do 
not move themselves, so teleportation does not use the same 
infrastructure, vehicles, and operations used in transporta- 
tion. The complete quantum mechanical state (often referred 
to as the wave function of the particle) fully describes the 
physical properties of the particle. Usually in order to perform 
teleportation the destination particle is first prepared in a 
known quantum mechanical state. Because complete quan- 
tum-mechanical states cannot be fully measured, it is impor- 
tant that this process be possible without knowledge of the 
actual quantum mechanical state the origin particle is in. For 
the same reason once teleportation is complete the origin 
particle is left in a state unrelated to its initial (before telepor- 
tation) quantum mechanical state. The process is accompa- 
nied by the sending of some classical information from origin 
to destination. This information is insufficient to fully create 
the quantum mechanical state, but is sufficient to correct 
potential errors that occur during the teleportation process. 
Amidst the growing technological evolution, there remains a 
continued need in the development of technological devices 
that use teleportation. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a block diagram of teleportation system for elec- 
tronic many-qubit states using individual photons. 

FIG. 2 is a block diagram illustrating the teleportation of a 
spin state from the quantum dot systems of FIG. 1. 

FIG. 3 is an diagram of the electronic states of the quantum 
dot illustrating possible virtual processes excited by the pho- 
ton j of FIG. 1. 

While the invention is susceptible to various modifications 
and alternative forms, specific embodiments have been 
shown by way of example in the drawings and subsequently 
are described in detail. It should be understood, however, that 
the description herein of specific embodiments is not 
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intended to limit the invention to the particular forms dis- 
closed. In contrast, the intention is to cover all modifications, 
equivalents, and alternatives falling within the spirit and 
scope of the invention as defined by the appended claims. 


DETAILED DESCRIPTION OF EMBODIMENTS 


Turning now to FIG. 1, this figure is a block diagram of 
teleportation system for electronic many-qubit states using 
individual photons 100. An origin quantum dot system 110 
includes four quantum dots numbered 111, 113, 115, and 117 
and respectively labeled r,, r,, r3, and r4. Each quantum dot 
contains a single electron in the lowest-energy conduction 
state, and the state of that quantum dot is fully described by 
the orientation of the spin of that electron. It is those electrons 
that can be teleported. With the teleportation system 100, 
information associated with the quantum dots 111-117 in the 
quantum dot system 110 can be transported to a destination 
quantum dot system 120. When the information associated 
with the quantum dots 111-117 is teleported, information 1s 
now associated with quantum dots 121-127, respectively 
labeled r,', r,', rx', andr,’ result. If there are four quantum dots 
in the quantum dot system 110, then there are four quantum 
dots in quantum dot system 120, such that each quantum dot 
in the quantum dot system 120 was teleported from the quan- 
tum dot system 110. Alternatively, the number of quantum dot 
system 110 can be 3, 7, 20, or some other suitable number. 
Each quantum dot r, (e.g., r, or quantum dot 113) within the 
quantum dot system 110 represents a single qubit. Thus, this 
quantum dot system is a multi-qubit system with many qubit 
states (the state of the electron in each quantum dot); each 
qubit state is represented by a different qubit. 

The origin quantum dot system 110 also includes four 
single spin detectors numbered 112, 114, 116, and 118 asso- 
ciated with each quantum dot. As the number of quantum dots 
in the system 110 varies, the number of detectors can also 
vary so that a one to one ratio remains for the number of 
quantum dots to the number of detectors. A single spin detec- 
tor is a device that can record a spin, or intrinsic angular 
momentum of the conduction electron in a particular quan- 
tum dot along a particular axis (in this case perpendicular to 
the photon propagation direction in FIG. 1. For example, the 
single spin detector can be a single-electron transistor (SET), 
or the nucleation of ferromagnetic materials can be used as a 
mechanism for the single spin detector, or the transport across 
the quantum dot measured by two leads in a magnetic field 
can be used for the single spin detector, or the interaction of a 
photon (as described below) with the spin, and the measure- 
ment of the photon polarization, can be used for the single- 
spin detector. For example, the quantum detector 112 can 
record a spin associated with the quantum dot 111. Similarly, 
the quantum detector 116 can record a spin associated with 
the quantum dot 115. Since there is a spin detector associated 
with each quantum dot in the quantum dot system 110, the 
spin of the lowest conduction electron for each quantum dot 
can be individually determined along the axis perpendicular 
to the photon propagation in FIG. 1. As the spin of the lowest 
conduction electron for each quantum dot fully determines 
the quantum-mechanical state of that quantum dot, measure- 
ment of the spin along one axis provides a small amount of 
information about the state of that quantum dot. This infor- 
mation can be used to correct potential errors in imprinting 
the origin quantum state onto the destination in the telepor- 
tation process. 

As clearly illustrated in FIG. 1, each quantum dot in the 
quantum dot system 110 also has an associated photon. A 
photon is a quantum of electromagnetic energy, regarded as a 
discrete particle having zero mass, no electric charge, and an 
indefinitely long lifetime. A single-photon source 130 can 
produce these photons. Examples of the single photon source 
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can include a highly attenuated laser beam, or a laser beam 
passing through an extremely small aperture that permits one 
photon to pass per laser pulse, or some other suitable photon 
source. Photons 131, 133, 135, and 137 are associated with 
origin quantum dots 111, 113, 115, and 117, respectively. 
These photons are also associated with destination quantum 
dots 121, 123, 125, and 127, respectively. Therefore, each 
quantum dot r, in the quantum dot system 110 is connected to 
an associated quantum dot r; in the quantum dot system 120 
through a single photon. To accomplish this, quantum dots of 
different sizes can be used, where each pair of dots at r, and r; 
have the same size. For example, the quantum dot 111 can be 
the same size as the quantum dot 121. Then these pair of 
quantum dots can be connected by the photon 131 with a 
proper resonant frequency. In an alternative implementation, 
an individual piece of optical fiber can connect corresponding 
quantum states (e.g., quantum dot 111 and quantum dot 121). 
An optical fiber 1s a device which efficiently transmits light 
from one end of the fiber to the other end. When one end is 
placed very close to the emitting region of the microcavity 
containing quantum dot 121, and parallel to the direction the 
photon can propagate in free space, then the single photon can 
enter into the fiber with a nearly 100% probability. When the 
other end is placed very close to the quantum dot 111, then the 
photon can enter the microcavity containing quantum dot 111 
with nearly 100% probability. 

The teleportation system 100 also includes a second quan- 
tum dot system 120 that serves as the destination where the 
quantum dots in system 110 are teleported. Since the desti- 
nation quantum dot system 120 includes only the quantum 
dots whose electron spin orientations have been teleported 
from the quantum dot system 110, the number of quantum 
dots in this destination system can equal the number of quan- 
tum dots in the quantum dot system 110. 

Finally, the teleportation system 100 also includes numer- 
ous photon detectors. The number of photon detectors can be 
4, 9,2, or some other suitable number. In one implementation, 
the teleportation system 110 can include a photon detector for 
each quantum state present in the quantum dot system 110. 
For example, the teleportation system 100 actually includes 
quantum detectors 141, 143, 145, and 147 associated with the 
quantum dots 111, 113, 115, and 117. The photon detectors 
can be a photomultiplier tube, avalanche diode, or some other 
suitable detector that can record a polarization associated 
with the detected photon. 

Turning now to FIG. 2, this block diagram 100 illustrates 
the teleportation of the electron spin state from one of the 
quantum dots in system 110 to its corresponding quantum dot 
electron in system 120. Teleporting the many-qubit states in 
the quantum dot system 110 can be considered as the inde- 
pendent teleportation of each spin state from r, in quantum dot 
system 110 to r; in quantum dot system 120. Therefore, the 
teleportation described with reference to FIG. 2 can apply to 
any of the gubit states, or quantum dots (e.g., quantum dot 
112) described with reference to FIG. 1. 

In the block diagram 100, the quantum dot r; and the 
quantum dot r, are each embedded in an optical microcavity. 
An optical microcavity is a structure formed by reflecting 
faces on the two sides of an optical medium, such that a 
standing wave is formed having a wavelength associated with 
the thickness of the optical medium. The microcavity 210 is 
associated with the quantum dot r' and the microcavity 220 is 
associated with the quantum dot r,. These microcavities can 
be formed by growing layered structures such as Indium 
Gallium Arsenide, Gallium Arsenide, or some other suitable 
layered structure of light confinement. After the layered struc- 
ture is grown, the microcavity is formed by etching mesas, or 
“whispering galleries” into the layered structures. For a high 
quality factor, a silicon microcavity can be plasma treated to 
form a highly reflecting silicon dioxide layer. The microcavi- 
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ties 210, 220 have different lengths in the z-direction and the 
x-direction, so that a scattered photon cannot change its direc- 
tion. 

The photon source 130 initiates the teleportation process 
by emitting a single photon j that travels in the -z-direction. 
This photon can have a wavelength of 1.55 microns, 800 
nanometers, or some other suitable wavelength. In addition, 
the photon j can be polarized in the x-direction and enter the 
microcavity 210 that contains the quantum dot r;. The quan- 
tum dot r/ is initialized parallel to x. Before the photon j 
interacts with the quantum dot r;', the initial wave function 
describing both the photon and the spin associated with dot r; 
is IP, ..?(0))=l1)|<"), which is a product state, meaning 
that the photon and electron spin are not “entangled”. After 
this photon interacts with the quantum dot r/, the resulting 
spin wave function is IW, .“(T))=e"? Y, eS we), 
where 


lA tla lv’) 


(Dr _ 
Win) = > 


and 


AO) 


(ly _ 
Win) = > 


The interaction of the photon with the spin can occur through 
one of two possible pathways, as indicated on FIG. 3. The 
photon can virtually excite an electron-light-hole pair (going 
from 340 to 320), or an electron-heavy-hole pair (going from 
340 to 310). The full quantum-mechanical state is a linear 
superposition of these two potential pathways. The wave- 
function labeled “hh” is for the heavy-hole pathway, that 
labeled “lh” is for the light-hole pathway. Whichever pair is 
virtually excited the system will return to configuration 330, 
which is the same as its original configuration 340. 

After the photon j interacts with the spin in the quantum dot 
r;, the photon travels to microcavity 220 containing the quan- 
tum dotr,. This quantum dot r, can have one excess electron in 
a general single-spin state IW,)=al})+Bl)), where the 
quantization axis is the z-axis. Now this photon can facilitate 
teleportation from microcavity 220 to microcavity 210 until 
the spin in the quantum dot at microcavity 220 decoheres. 
Decoherence is the process whereby the quantum state of a 
system becomes unrelated to its past state, principally 
through interaction with other quantum mechanical entities 
such as nuclei, other electrons, or phonons. When the photon 
j interacts with the quantum dot r,, this photon can teleport the 
spin associated with this quantum state to the microcavity 210 
associated with the quantum dot r/. After the photon j inter- 
acts with the quantum dot r,, the linear polarization of the 
photon j and the spin in quantum dot r, are measured. With 
these two measurements and a phase correction, it is possible 
to reconstruct the original spin state of quantum dot r, at 
quantum dot r/. 


Quantitative Description 


Copying information in a classical, or typical, system is 
quite different than copying information in a quantum sys- 
tem. Specifically, the information contained in a quantum 
two-level system cannot be completely copied because of 
underlying physical phenomenon described by the no-clon- 
ing theorem. While copying is not possible, there is a mecha- 
nism for transferring quantum information without transfer- 
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ring the object itself containing the quantum information. For 
a quantum information processor, the operation that can par- 
tially replace copying is the ability to transfer quantum infor- 
mation from one system to another. When the transfer is 
separated into a channel of classical information (e.g., a tele- 
phone wire, fiber-optic cable, or other commonly used 
method of communicating “0””s and “1””s) and one of Ein- 
stein-Podolsky-Rosen (EPR) correlations (1.e., the distribu- 
tion of entangled particles between origin and destination) 1t 
is called “quantum teleportation.” 

Quantum teleportation can be performed with photons. A 
single photon state, (1.e., left or right circular polarization of 
the photon) can be teleported with the aid of an entangled 
photon pair. Normally, quantum teleportation of a single pho- 
tonic qubit involves generating one maximally-entangled 
two-photon pair, a two-photon entangled measurement of one 
member of this pair, and measurement of the original photo- 
nic qubit. A qubit, or quantum bit, is a unit of quantum 
information that is the quantum mechanical version of the 
classical bit. 

As mentioned above, the photon source 130 initiates the 
teleportation process by emitting a single photon that travels 
in the -z-direction and is initially linearly polarized in the x 
direction, to the microcavity 210 that holds the destination 
quantum dot r/, whose spin is initialized parallel to x. Using 
the times t ,<t ,+T<t,<t.<t,, where t,=0 can help distinguish 
what occurs during each step of teleportation. Before the 
photon j interacts with the quantum dot r;' (1.e., t=O), the initial 
spin wave function associated with dot r’ is 
(ON. 

Turning now to FIG. 3, this figure is a diagram of the 
electronic states of the quantum dot illustrating possible vir- 
tual processes excited by the photon j of FIG. 1. For an 
upward spin-?, light with a polarization of o”, excites an 
electron and a heavy hole as shown at reference numeral 310. 
Light of polarization O”, for the same spin, excites an elec- 
tron and a light hole (see reference numeral 320). In both 
cases the selection rules and Pauli blocking force the light 
subsequently emitted from electron-hole recombination to 
have the same polarization as was absorbed, and the final 
occupations of electron states in the dot, as shown at reference 
numeral 330, are the same as the initial occupations. These 
virtual processes have different probabilities, however, and 
this leads to Faraday rotation: a phase shift e for light of 
polarization o”, and e" for light of polarization O” ¿,. In 
contrast, the phase shift is phase shift e» for light of polar- 
ization O” ¿, and e*° for light of polarization o” ( Tora down- 
ward spin | Thus there is a conditional Faraday rotation of 
the components of the electron-photon state depending on the 
photon polarization and spin orientation. 

After photon j interacts with the quantum dot r/, the result- 
ing spin, wave function is IW, 
Wyte (WY), where 


(oe 11) lov’) 
nn) = => 


originates from the virtual process where a photon creates an 
electron and a heavy hole. The term 


(¿AR lr Y) 
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6 
originates from the virtual process where the photon creates 
an electron and a light hole. Both [W,,“Y) and IW) are EPR 
states (maximally-entangled states). A photon state |W) can 
be written as 


elo) + evt) 


V2 


lp) = 


with a linear polarization rotated by z-axis with respect to the 
state |>) of linear polarization in the x direction. Conse- 
quently, 


MD) = — [+ Eo) 


where S,=S,"”-S,”. Thus, the spin-photon interaction pro- 
duces a conditional single-photon Faraday rotation around 
the z-axis by the angle +S,/2. If S¿=11/2, the linear polariza- 
tion of the incoming photon is rotated —11/4 by the spin up 
component, and at the same time is rotated +11/4 by the spin 
down component, yielding two orthogonal photon polariza- 
tions. Thus, WO, (IP) Kel t+ >l |'>/V/2, which is 
maximally entangled. A maximally entangled state of two or 
more particles, when each particle has two orthogonal quan- 
tum mechanical states, corresponds to a many-particle state 
composed of the sum of two terms (A and B), in which both 
A and B are the product of one single particle wave function 
for each of the particles in the many-particle state, and each 
single-particle wave function for a given particle that appears 
in A is orthogonal to the single-particle wave function for the 
same particle in B. In order to enhance the spin-photon inter- 
action sufficiently to achieve S,=a/2, which yields maximally 
entangled states, each quantum dot is placed in its own micro- 
cavity (as described in FIG. 1). Using a switchable cavity, as 
described below, permits the precise control of the Faraday 
rotation angle S,/2 necessary for high fidelity teleportation. 
After interacting with the spin in the quantum dot system 120, 
the photon is sent to quantum dot system 110, and can be 
retained as a resource for teleportation from quantum dot 
system 110 to quantum dot system 120 until the spin at 
quantum dot system 110 decoheres. For coherence times of 
100 ns, the maximum teleportation distance (determined by 
the speed of light) can be ~15 m; and for 10 ms, it is 1.5x10° 
m 


When it is time to teleport a spin in a quantum dot (e.g. 111) 
part of quantum dot system 110 to another dot (e.g. 121) part 
of quantum dot system 120 we let the photon interact with the 
quantum dot in the microcavity 220, giving rise to a GHZ 


> state in the hybrid spin-photon-spin system. A GHZ state is a 


maximally-entangled state of 3 particles. The quantum dot 
111 can have one excess electron in a general single-spin state 
IP =al P+Bl)), where the quantization axis is the z-axis. 
After this interaction, the equation that results is 


(So SO (1) 
e —— 


— 2 ots- 


Na 


+ af T)|-So/2+2/4)|V’) 


(We. (tc) = 
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-continued 
+ B|T)|+59/2-—2/4)|T’) 


+ PIM 1+50/2 47/4910") 


When S¿ 1/2, Det can be rewritten and the equation 
that results 1s: 


Wee (tc) = (2) 
1 
— [h-a tT) 1”) + BILYIV ) +L alt’) AI) 
V2 
which results in 
(3) 


1 
We te) = =| ealt) + AI) +1 > all’) AI) + 


1 


a. yl — AIT) + all’) +] AY) a11) 


in the S, representation for the spin at the origin (110). 


If the linear polarization of the photon is measured first, 
then depending on the two initial spin orientations [see Equa- 
tion 2], collapse of the wave function leaves the qubits at the 
quantum dot system 110 and at quantum dot system 120 in 
one of the four Bell states. After performing a single-spin 
measurement in the x direction of the spin in one of the 
quantum dots (e.g. 111) of the quantum dot system 110 
(which, as described below, can be done with a single pho- 
ton), the spin state of the corresponding dot (e.g. 121) in the 
quantum dot system 120 is projected onto (see previously 
described Equation 3) IPY (t,»=-alM)+Bl)), | 
PO (tp) =-alt-BI 4, ¡WO 3(tp)=BI P +a |, 
Po? 4(tp)=BIt)-al |') with equal probability. Thus if noth- 
ing further is done there is a 75% chance of error in the 
teleportation process, for three of the four states are not the 
same as the initial state. After communicating classically (1.e., 
with two bits) the outcome of the measurement of the linear 
polarization of the photon and quantum dot’s 111 spin orien- 
tation along S, to the destination quantum dots 120, it is 
known which of the four states has been produced at quantum 
dot 121, and the original spin state of quantum dot 111 can be 
reconstructed at quantum dot 121, completing the teleporta- 
tion. This teleportation system enables teleportation by using 
a single photon without an intermediate electronic qubit. 


Expansion to a Many Qubit Teleportation System 


As previously described with reference to FIG. 1, the tele- 
portation system 100 is a many qubit teleportation system 
because the quantum dot system 100 includes many quantum 
states numbered 111-117. Similarly, the quantum dot system 
120 also includes many quantum states numbered 121-127. 
Because the quantitative description above referred to a 
single qubit within the quantum dot system 110, a single 
quantum qubit within the quantum dot system 120, and a 
single photon, this description corresponded to a single qubit 
teleportation system, such as the single bit system 105. How- 
ever, the previous quantitative description is equally appli- 
cable to the many-qubit teleportation system 100. 
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The approach for two or more dots closely resembles that 
of one dot. The teleportation can still be performed bit-by-bit, 
so long as photon j G=1,2,3, . . . ) coming from the dot at r; of 
quantum dot system 120 travels to the dot at r, of quantum dot 
system 110, as described with reference to FIGS. 1-2. Tele- 
portation is mediated by photons that scatter independently 
off the dots and the conditional phase shifts from each spin 
can be treated independently. This approach provides a 
method of teleporting a many-qubit state of an arbitrary num- 
ber of qubits, always relying on single-photon measurements. 

Faraday rotation to entangle the photon and electron spin 
provides one of the possible ways to measure the spin with a 
single photon, which is described with reference to the fol- 
lowing equation: 


-c fh -o fh 
DPT) =e DP) iso y (0) (4) 


where 
RAYAS + lr Y) 
nn) = => 
and 
rO O) 
vi) = —§ 


It is assumed that the microcavities have an additional reso- 
nant mode at a different frequency for photons propagating in 
the x direction. Equation 4 shows that 1f the spin on the 
quantum dot points in the +x (-x) direction, this incoming 
photon is converted into an outgoing circularly polarized 
photon o (Oca ). Measuring the circular polarization of the 
photon j after it escapes yields the spin orientation along x. It 
is possible for high fidelity because time-correlated single 
photon counting permits a counting efficiency close to one. In 
an alternative embodiment, the electrical single-spin mea- 
surements at quantum dot system 110 can be accomplished 
witha single electron transistor (SET), by converting the spin 
information to charge information. 

The spin-selective coupling between the electron spins and 
the photons, which leads to their mutual entanglement (and 
eventually to teleportation), is enhanced by surrounding each 
of the dots by a unique high-Q microcavity (see FIG. 2). Each 
microcavity has a single well-defined left-circularly polar- 
ized photon mode (and a right-circularly polarized photon 
mode of identical frequency) nearly resonant with the funda- 


oy mental optical transition of the quantum dot. By relying on 
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non-resonant interaction of photons both in the z-direction 
and the x-direction, the four highest-energy valence states are 
nearly degenerate, which corresponds to nearly spherical dots 
of zincblende or wurtzite material. Nearly degenerate means 
that energy difference of these four states are much smaller 
than the detuning energy hw,. Then, in both the z-direction 
and the x-direction, there is a conditional Faraday rotation 
depending on the spin state of the excess electron on the dot. 

The Faraday rotation from the virtual process in which a 
photon creates an electron and heavy hole is three times larger 
than that from the virtual process in which a photon creates an 
electron and light hole, and is in the opposite direction. The 
transition matrix elements for exciting an electron and heavy 
hole (V,,,) or an electron and light hole (V,,) are calculated 
from the electron-photon interaction Hamiltonian eA-p/2mc, 
where p is the momentum of an electron and A is the vector 
potential of the electromagnetic field. The full Hamiltonian in 
the rotating frame reads then 
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Ec = hogd Vin 0 0 (5) 
y| m Be 0 0 
0 0 Ec = ho Vin 
0 0 Vin Ec 


where E, is the energy of the excess electron. The basis states 
are (110; If | bh); Ilo, 211 | hd}; the states |f} | hh) 
and 17 | ,1h) are shown schematically in FIG. 3. The Hamil- 
tonian for the spin down is similar. The rates of Faraday 
rotation for these virtual transitions are Q,,=V,,7/ 
hw j=3V,,7/h?o,, and Q,=V,,7/h*w,. Thus the phase shift 
accumulated by the photon state during the photon’s resi- 
dence time T in the microcavity is given by S,/”=Q,,T and 
S.=0 ,, Y for heavy and light holes, respectively. The total 
phase shift is governed by the following equation S,=S,/”- 
S9)"=(Q,,,-2,) T=QoT. If S¿=1/2 (modulo 2x), the photon 
and electron spin become maximally entangled. 

Having an interaction strength between the photon and the 
quantum dot transition to be weak (1.e. V,,, V,,<<hw,,) cre- 
ates certain consequences. The frequency of the photon is 


tuned below the band gap E,,,,,, which leads to non-resonant 


interaction. Values for the band gap can be E,,,,=1 eV, 3 eV, or 
some other suitable value. The level broadening can be 
T=10 eV, 15 ueV, or some other suitable value. An interac- 
tion time between the photon and the electron spin can 
approximately T=1 ns, 2 ns, or some other suitable time that 
is much smaller than the limiting spin decoherence time in 
semiconductor nanostructures. For an interaction time T=1 
ns, the bandwidth that results T =0.7 eV. If the size of 


photon 


the microcavity is 3.5 um”, V,, is typically 50 weV. Thus for 
a reasonable choice ha ~1.5 meV>>T’, T roroy, the scattering 
frequency can be adjusted to 


Ome > x 10957, 


and consequently S¿=1/2. 

To control the interaction time T precisely, the microcavity 
can be actively Q-switched with an electro-optic modulator. 
Response times for these types of modulators can be less than 
1 ps. With this response time, it leads to a phase error on the 
order of 1 ps/1 ns=0.1%. In contrast, the Q-factor can be as 
high as Q=1.25x10*, which is equivalent to a photon lifetime 
oft=43 ns. Although this Q was achieved fora 10° um? cavity, 
the same processing can be applied to 3.5 um? cavities. The 
theoretical limit on the Q value of a cavity of this size is 
Q~10'°. Insertion of a spherical (colloidal) quantum dot (as 
part of a 2-quantum dot system or a system with more quan- 
tum dots) into a photonic crystal with holes can be the sim- 
plest method of incorporating quantum dots controllably into 
a high-Q microcavity. After T=1 ns in the small cavity, before 
Q-switching, the escape probability is 1-e~””*=2%. Thus, the 
entangled state can be produced with high fidelity. This 2% 
estimate also applies to the fidelity of the single-shot photon 
measurements of the electron spin orientation. Transmission 
into or out of the cavity has a fidelity much greater than 99% 
fidelity because commercial highly transmissive coatings 
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have reflectivities <<0.1%. Hence, the total fidelity of the 
teleportation can exceed 97%. 

The many qubit teleportation system 100 can also provide 
a general link between spintronic quantum information 
devices and photonic quantum information devices. Letting 
the photon interact only with the spin at quantum dot system 
110 gives the possibility to transfer a |W(O)) onto the photon 
state, and back (1.e., this provides a way of transferring quan- 
tum information from an electron spin in a quantum dot to a 
photon, or from a photon to an electron spin in a quantum 
dot). An example of a general class of opto-spintronic quan- 
tum information devices relying on this ability includes a 
Quantum Dynamic RAM (QDRAM) memory. In other 
words, the teleportation system 100 can be used in imple- 
menting QDRAM. For this type of memory device, the many- 
spin state can be transferred to the many-photon state and 
back. As the decoherence time of photons is much longer than 
the decoherence time of the spins of electrons, it is useful to 
keep the quantum information encoded as photons between 
error-correcting operations acting on the electron spins. Thus, 
the refresh time can be much longer than the decoherence 
time of the electrons. This can enhance the maximum dis- 
tance possible for teleportation beyond that determined from 
the electron spin coherence time. With the teleportation sys- 
tem 100 that enables efficient transfer of quantum informa- 
tion between spintronic and photonic systems, many other 
such devices can be imagined which can also exploit the 
complementary advantages of spintronic and photonic quan- 
tum information processing. 

The particular embodiments disclosed above are illustra- 
tive only, as the teleportation system 100 can be modified and 
practiced in different, but equivalent, manners apparent to 
those skilled in the art having the benefit of the teachings 
herein. Furthermore, no limitations are intended to the details 
of construction or design herein shown, other than as 
described in the claims below. It is, therefore, evident that the 
particular embodiments disclosed above may be modified 
and all such variations are considered within the scope and 
spirit of this invention. Accordingly, the protection sought 
herein is set forth in the claims below. 


The invention claimed 1s: 

1. A method for creating a logic state, the method compris- 
ing the steps of: 

receiving a photon with a first initial polarization; and 

interacting the photon with a first semiconductor crystal 

having a first spin orientation, wherein said interaction 
produces a first resulting polarization of said photon 
dependent upon the first spin orientation of said first 
semiconductor crystal, wherein interacting the photon 
with the first semiconductor crystal generates a maxi- 
mally entangled state. 

2. The method of claim 1, further comprising the steps of: 

measuring the first resulting polarization of said photon; 

and 

determining an original spin orientation associated with 

the first semiconductor crystal in response to the mea- 
sured first resulting polarization. 

3. The method of claim 2, further comprising the step of 
using the measured resulting polarization and a measured 
spin polarization for correcting potential errors associated 
with teleportation. 

4. The method of claim 1, further comprising the steps of: 

interacting the photon with a second semiconductor crystal 

having a second spin orientation, wherein said interac- 
tion produces a second resulting polarization of said 
photon dependent upon the second spin orientation asso- 
ciated with the second semiconductor crystal; and 
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11 12 
defining a logic state using the second resulting polariza- dependent upon the second spin orientation associated 
tion, the first spin orientation, and the second spin ori- with the second semiconductor crystal; 
entation. measuring the third resulting polarization; and 
5. The method of claim 4, further comprising the steps of: determining the spin orientation associated with the second 
causing the first spin orientation to have a definite initial 5 semiconductor crystal after interaction with the first 
orientation; photon, but before interacting with the second photon, in 


response to measuring the third resulting polarization. 
6. The method of claim 5, further comprising the step of 
using the measured second and third resulting polarizations 

10 for correcting potential errors associated with teleportation. 


measuring the second resulting polarization; 

receiving a second photon witha second initial polarization 
propagating ina direction different from the first photon; 

interacting the second photon with the second semiconduc- 
tor crystal for producing a third resulting polarization * ok ok E E 
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A system for quantum teleportation of a quantum state of an 
input photon, including: a light emitting diode configured to 
produce a polarization entangled photon pair; a beam splitter 
configured to direct photons of the entangled photon pair 
along respective first and second paths; a measurement unit 
performing a joint measurement on the input photon; a timing 
unit configured to measure a first delay between the input 
photon and the photon of the entangled photon pair at a point 
of maximum indistinguishability of the photons as they pass 
through the joint measurement unit, and to measure a second 
delay between the two photons of the entangled photon pair as 
they exit the light emitting diode; a controller configured to 
determine a teleportation measurement is valid if the first 
delay is within a first predetermined timing window and the 
second delay is within a second predetermined timing win- 
dow. 
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SYSTEM AND METHOD FOR QUANTUM 
TELEPORTATION 


FIELD 


[0001] Embodiments described herein generally relate to 
systems and methods for quantum teleportation. 


BACKGROUND 


[0002] The ‘no-cloning’ theorem states that quantum infor- 
mation cannot be copied, which has profound implications 
for quantum information technology. The security of quan- 
tum cryptography depends directly upon it, by encoding 
information on single photons. However, without the ability 
to copy information the options to create simple quantum 
communication networks are limited, and in quantum com- 
puting, losses due to imperfect measurements or probabilistic 
logic gates can terminate a quantum algorithm. Quantum 
teleportation, where quantum information is destroyed so that 
it may be transferred simultaneously to another location, has 
been proposed as an elegant solution. In quantum communi- 
cation networks teleportation allows a quantum channel 
between two nodes to be established. In quantum computing 
based on linear optics, the so called feed-forward technique 
allows probabilistic logic operations to be performed off-line 
on sacrificial qubits until they succeed, after which the 
intended input qubits can be teleported through with success 
probability arbitrarily close to unity. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0003] FIG. 1 is a schematic of a teleportation system in 
accordance with an embodiment of the present invention; 
[0004] FIG. 2 is a more detailed schematic of the embodi- 
ment of FIG. 1, with the measurement unit shown in more 
detail; 

[0005] FIG. 3 is a yet more detailed schematic of FIG. 2 
with the photon paths shown in more detail; 

[0006] FIG. 4a is a plot of second-order-correlation against 
time delay between photon detection events and FIG. 46 is a 
Poincare sphere; 

[0007] FIG. 5a is a plot of the fidelity of the teleportation of 
a state against the first delay time and second delay time, and 
FIG. 56 is the teleportation fidelity against second delay time 
for a first delay time of zero; and 

[0008] FIG. 6 is a schematic of a teleportation system in 
accordance with a further embodiment of the invention. 


DETAILED DESCRIPTION 


[0009] Embodiments of the present invention provide a 
system for quantum teleportation of a quantum state of an 
input photon, the system comprising: 

[0010] a light emitting diode configured to produce a 
polarisation entangled photon pair; 

[0011] abeam splitter configured to direct one photon of 
an entangled photon pair along a first path and the other 
photon of said entangled pair along a second path; 

[0012] an input for said input photon; 

[0013] a measurement unit for performing a joint mea- 
surement on the input photon with one of the photons of 
an entangled photon pair directed along the first path, the 
measurement unit comprising a first detector unit for 
detecting two photons upon which a joint measurement 
has been performed; 
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[0014] a second detector unit configured to detect the 
photon from said entangled photon pair directed along 
the second path; 

[0015] a timing unit is configured to measure a first 
delay, said first delay being the magnitude of the delay 
between the input photon and the photon of the 
entangled photon pair at the point of maximum indistin- 
guishability of the photons as they pass through the joint 
measurement unit, the timing unit being further config- 
ured to measure a second delay, said second delay being 
the magnitude of the time between the two photons of 
the entangled photon pair as they exit the light emitting 
diode; and 

[0016] a controller configured to determine that a tele- 
portation measurement is valid if the first delay 1s within 
a first pre-determined timing window and the second 
delay is within a predetermined timing window. 

[0017] In an embodiment, the system further comprises an 
electrical source for said light emitting diode and wherein 
said electrical source is a D.C. source. Such a driven source 
provides a quasi continuous streams of anti-bunched photons. 
[0018] The first delay can be measured in a number of 
ways, in one embodiment said timing unit is configured to 
determine the first delay time from the detection time of the 
said two photons by the first detector unit. In further embodi- 
ments, the timing unit is also configured to compensate for 
variations between the path lengths from the point where the 
respective spatial modes of the two photons meet in the joint 
measurement unit to the first detector unit. For example, in an 
embodiment, there are two detectors in the first detecting unit 
and the will be optical output paths leading from the point 
where the respective spatial modes of the two photons meet in 
the joint measurement unit to each of the detectors in the first 
detector unit. The timing unit is configured to determine the 
delay between the output paths and compensate for this delay. 
[0019] In some embodiments, the joint measurement unit 
comprises a beam splitter to permit two-photon-interference 
and wherein said timing unit is configured to determine the 
first delay time from the detection time of the said two pho- 
tons by the first detector unit, the timing unit also being 
configured to compensate for variations between the path 
length taken by the two photons from the beam splitter to the 
first detector unit. However, it should be noted that in some 
further embodiments, when a beam splitter is used, the joint 
measurement unit may be configured such that the point 
where the respective spatial modes of the two photons meet 
does not coincide with the beam splitter. 

[0020] In an embodiment the first timing window will be 
from 0 tot, „ax where t ,,,,,, 1s the coherence time of the photon 
which follows the first path. In some embodiments, this will 
be 400 ps or less, in other embodiments 200 ps or less. As it 
will not usually be known which photon will arrive first, in 
some cases the magnitude of the delay is measured. 

[0021] Ina further embodiment the timing unit is config- 
ured to measure the second delay from the time when the 
photon which follows the second path is received at the sec- 
ond detector, the timing unit being further configured to com- 
pensate for differences in path lengths taken by the two pho- 
tons of the entangled photon pairs. 

[0022] Ina further embodiment, the system further com- 
prises a blocking unit located in the second path, said timing 
unit being configured to operate said blocking unit to allow 
the transmission of a photon along the second path if the 
second delay time is below the second timing window 
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[0023] In some embodiments, said second timing window 
is from 0 to t,,,,,., Where tza 18 of the order of the exciton 
radiative lifetime. For example, t,,,,,, may be 1 ns or less. 
Entangled photons will be produced from decay of a biexci- 
ton where a first photon 1s emitted due to the decay of the 
biexciton and then a second photon will be emitted due to the 
decay of the remaining exciton. The photon emitted due to 
decay of the biexciton will be emitted at the same time or 
before the photon which is emitted due to exciton decay. 
However, the system could be configured such that either the 
first or the second photon can be directed along the first path. 


[0024] Ina further embodiment, the system further com- 
prises a blocking unit located in the second path, said timing 
unit being configured to operate said blocking unit to block 
the transmission ofa photon along the second path unless said 
controller has determined that the first delay time is within the 
first timing window. In this embodiment, the detection of 
photons from the joint measurement takes place first and, if 
the first delay time is short enough to suggest that the joint 
measurement could result in teleportation of the state of the 
input photon, the blocking unit is configured to open to allow 
the transmission of the photon which follows the second path. 


[0025] An electrically driven entangled light source is used. 
The emitted photons of such sources may have a poor coher- 
ence time. This may result in partial distinguishability 
between the photons which undergo the joint measurement 
and this can affect the possibility of successful teleportation 
and will thus degrade the overall quality, or fidelity, of tele- 
ported photons. In an embodiment, to improve the teleporta- 
tion fidelity, the system further comprises a state measure- 
ment unit configured to perform state measurements on both 
of the photons which pass through the joint measurement unit 
and wherein the controller determines that the teleportation 
measurement is valid 1f, additionally the state measurements 
on both photons agree with at least one ofa predetermined set 
of results. For example, the photons which undergo the joint 
teleportation measurement will be passed through polarising 
beam splitters in and their polarisations will be measured. 


[0026] Ina further embodiment, if a blocking unit it used 
which is configured to only allow the passage of a second 
photon if the first delay time is within the first timing window, 
the blocking unit may also be configured to only allow the 
passage of the second photon if the first delay time is within 
the first timing window and the results of the state measure- 
ment unit indicate that teleportation has occurred. 


[0027] In an embodiment, the joint measurement is a mea- 
surement involving Bell states or mixtures with Bell states. 


[0028] In a further embodiment, the controller is config- 
ured to allow post measurement selection of valid measure- 
ments 


[0029] The first detector unit may comprise first and second 
detectors, the first and second detectors being superconduct- 
ing detectors. These types of detectors allow high time reso- 
lution to be achieved. 


[0030] The system may be configured such that the source 
also provides the input photon. For example, the system may 
further comprise an input photon delay unit and a switch, said 
switch being configured to direct a photon from the first path 
into the said input photon delay unit, wherein in the input 
photon delay unit, the photon from the said source is delayed 
to coincide with a further photon output by the source such 
that the photon which is delayed becomes the input photon. 
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The polarisation state of the input photon may be modified as 
desired before the joint measurement in order for the state to 
be teleported to be selected. 

[0031] In some embodiments, the state to be teleported is a 
superposition state. 

[0032] The light emitting diode may comprise a quantum 
dot. In a further embodiment, the quantum dot is provided in 
a p-1-n diode. 

[0033] The above teleportation system may be used in a 
number of apparatus such as a quantum computer, quantum 
relay etc. The teleportation may also be used for quantum 
communication. 

[0034] Further embodiments provide a method of teleport- 
ing of a quantum state of an input photon, the method com- 
prising: 

[0035] providing a polarisation entangled photon pair 
from a light emitting diode; 

[0036] directing one photon of the entangled photon pair 
along a first path and the other photon of said entangled 
pair along a second path; 

[0037] providing an input photon; 

[0038] performing a joint measurement on the input pho- 
ton with one of the photons of an entangled photon pair 
directed along the first path and detecting the two pho- 
tons upon which a joint measurement has been per- 
formed; 

[0039] detecting the photon from said entangled photon 
pair directed along the second path; 

[0040] measuring a first delay, said first delay being the 
magnitude of the delay between the input photon and the 
photon of the entangled photon pair at the point of maxi- 
mum indistinguishability of the photons as they undergo 
joint measurement, 

[0041] measuring a second delay, said second delay 
being the magnitude of the delay time between the two 
photons of the entangled photon pair as they exit the 
light emitting diode; and 

[0042] determining that a teleportation measurement is 
valid if the first delay is within a first timing predeter- 
mined window and the second delay is within a second 
predetermined timing window. 

[0043] FIG. 1 shows schematically teleportation of photons 
from a sender, commonly referred to as Alice, to a receiver, 
commonly referred to as Bob. 

[0044] In FIG. 1, entangled light is generated using electri- 
cally driven entangled light source 1. The electrically driven 
entangled light source emits the individual component pho- 
tons of entangled pairs into two spatial modes 3 and 5. In the 
system of FIG. 1 the source is electrically driven and the 
electrical driving current to the source is d.c. This causes a 
continuous stream of single photons to be produced in each 
output mode. The photons streams in spatial modes 3 and 5 
are anti-bunched, which means that there is suppressed prob- 
ability of generating two photons in a given mode at the same 
time. 

[0045] In one embodiment, the photon source comprises a 
semiconductor quantum dot as the active element. This type 
of source will be described in more detail in relation to FIG. 
4. 

[0046] In the system of FIG. 1, photons in modes 3 and 5 
emitted at the same time from the entangled LED source 
(ELED), form entangled photon pairs 7. Photons in modes 3 
and 5 are distributed to sender Alice 9, and receiver Bob 11 
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respectively. Distribution of spatial modes 3 and 5 may be 
achieved by free-space or fibre optic channels. 


[0047] Sender Alice 9 also receives input photons 13 in a 
further spatial mode 15. The input photons 15 are required to 
have similar frequency to those in mode 3, but may be deliv- 
ered in pulses or continuously, and need not be anti-bunched. 


[0048] Sender Alice has a measurement unit which per- 
forms a joint measurement on two photons, one from each 
input modes 13 and 3. The measurement unit has a detection 
unit which is configured to detect both photons from input 
modes 13 and 3. The system also comprises a timing unit (not 
shown) which measures the time delay between the detection 
of the two photons. From this measured time delay it is 
possible to determine the time delay 1, relevant to the joint 
measurement process, which is the delay between the input 
photon and the photon of the entangled photon pair at the 
point of maximum indistinguishability of the photons as they 
pass through the joint measurement unit. In general, the joint 
measurement will involve passing both photons through a 
beam splitter. Typically the delay will be between the two 
photons when their spatial modes meet at a beamsplitter. In 
some embodiments, the photons may pass through the beam 
splitter at different times, but one of the photons may be 
delayed close to the beam splitter to allow interference to take 
place. 


[0049] The joint measurement shall reveal no information 
of the qubit state of the photons, which if polarisation encod- 
ing schemes are used means that the polarisation of a photons 
in modes 3 and 13 is not revealed by the measurement. The 
joint measurement basis is selected so that after completion, 
the qubit state of the input photon in mode 13 may be trans- 
ferred, via entanglement with a photon in mode 3, to a photon 
in mode 5. Examples of suitable joint measurements are joint 
detection of two photons, one in modes 3 and one in mode 13, 
in a Bell state such as (1H3;V,3;)-|V3H,3))/V2, or detection of 
a pair of photons in an pure two-photon state such as IH}. V3), 
where modes 3' and 13' are the output modes of a beamsplitter 
with modes 3 and 13 as inputs. 


[0050] Receiver Bob 11 measures the qubit state of photons 
received in mode 5 and has a detector, the second detector to 
detect these photons. The basis for Bob’s measurement may 
be the logical qubit basis, or rotation thereof. For photonic 
qubits encoded in the polarisation degree of freedom, with 
horizontal (H) polarisation corresponding to 0, and vertical 
(V) polarisation corresponding to 1, this corresponds to a 
measurement distinguishing between H and V polarisation, 
or some basis rotation such as between left (L) and right (R) 
or diagonal (D) and anti-diagonal (A) polarised photons. 


[0051] Bob also measures the detection time of the received 
photon, relative to those detected by Alice. This may be 
achieved by detection times measured by Alice and Bob rela- 
tive to the same clock, relative to separate synchronised 
clocks, or relative to timing signals generated by detection 
events. 


[0052] In this embodiment, teleportation is achieved using 
time-based post-selection using the above mentioned timing 
unit and a controller. Teleportation may generally only be 
achieved when a photon in mode 13 1s detected by Alice at the 
same time as a photon in mode 3, which was generated at the 
same time as a photon in mode 5, detected by Bob. 

[0053] The first stage of ensuring these conditions are met 
is by post-selecting events where the time difference between 
photons detected in a joint measurement by Alice 9, the first 
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delay, is sufficiently close to zero, for example within the 
coherence time of photons in modes 13 and 3. 

[0054] Information which records the time of such success- 
ful coincidences measured by Alice 1s transmitted to Bob via 
classical communication link 15, which could be for example 
an Internet connection. 

[0055] Dependent on the configuration of the joint mea- 
surement, it may also be necessary for Alice to additionally 
transmit the measurement outcome to ensure that the correct 
transformation is applied prior or after Bob’s measurement to 
photons in mode 5, in order to reproduce the input state in 
mode 15. This will be explained in more detail with reference 
to FIG. 2. 

[0056] Finally, a controller performs post-selection based 
on the measurement time of photons in mode 5, relative to 
successful, post-selected, joint measurement times commu- 
nicated from Alice via classical channel 17. Photons in mode 
5 may be identified as being emitted at similar times to the 
photon formerly in mode 3 and detected by Alice, using the 
relative detection time between Bob’s photon and Alice’s 
joint measurement, and also the relative delays in the system 
due to the propagation times down modes 3 and 5 and the 
measurement apparatus of Alice and Bob. 

[0057] FIG. 2 shows the operation principles of an experi- 
mental implementation of the present invention. Photonic 
qubits are encoded in the polarisation degree of freedom, and 
an arbitrary input photon qubit state ®,, in mode a may be 
written as; 


d =al0) +Bl1), 


[0058] In addition, and entangled photon pair state |W) ,.. is 
generated by entangled light source 21, which are distributed 
amongst modes b and c, written as; 


MW) ,=(10,0,) +1141.) )/2 


[0059] The three-photon input state is ID) 8 IW),. 
where: 


i>) , B ¡w), xal0,0,0.) +a10,1,1,.) +B11,020. 
) +B11,1,1.) 


[0060] Modes a and b overlap at 50/50 beamsplitter 23, 
which assuming photons in modes a and b are indistinguish- 
able except for polarisation, and accounting for phase 
changes upon reflection, yields the following, 3-photon out- 
put state upon detection of a single photon in modes d and e. 


I) des (10410) 11,0.) (all) BIO) .) 


[0061] Usually, the joint measurement performed is detec- 
tion of a single photon in mode d and a single photon in mode 
e. This is often referred to a Bell measurement, and in the ideal 
case, the photons in modes d and e are indeed in the entangled 
Bell state (10,1,) -11,0,) YV2. 

[0062] In real systems, linear optics are not perfect and 
although, for example, a 50:50 beam splitter may be used, 
typically such a beam splitter will not be perfect. Such imper- 
fections will cause some small variations to the Bell States 
such that they are not true and perfect Bell states. 

[0063] Also, to avoid any confusion, the term Bell state is 
used to mean the pure Bell states and mixtures of Bell states, 
for example Werner states. 

[0064] Afterjoint measurement of the first two photons, the 
output state is Dd =a11) .-B10) .. This qubit state is the same is 
the input state, apart from a simple unitary transformation of 
a bit-flip and phase change, which can be compensated for 
using logic or physical rotation of the output photons with a 
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polarisation controller. The joint measurement implemented 
using a beamsplitter with an entangled photon pair and input 
photon thus performs quantum teleportation. 

[0065] In the above embodiment, an electrically driven 
entangled light source is used. The emitted photons of such 
sources may have a poor coherence time. This may result in 
partial distinguishability between photons in modes a and b, 
which will no longer maximally interfere at the beamsplitter. 
In this case, some of the photons in modes e and d will not give 
rise to successful teleportation, and will degrade the overall 
quality, or fidelity, of teleported photons. For example, there 
will be contributions from pairs of photons of the same polari- 
sation in modes e and d. 

[0066] In one embodiment, these can be eliminated by 
additionally performing a state measurement, using a state 
measurement unit, for example the polarisation of the pho- 
tons in modes e and d may be measured using polarising 
beamsplitters 25 and 27. Ensuring coincident detection of a 
photon in modes e and d are oppositely polarised, by accept- 
ing events from photon detector combinations 27 and 31 or 29 
and 33, removes these unwanted coincidences, and improves 
the teleportation fidelity. In other types of sources for 
example, laser-driven entangled light sources such as para- 
metric down converters, the coherence time is typically 
manipulated to acceptable levels at the expense of efficiency. 
[0067] Timing unit 35 measures the time between photons 
registered by each of the detectors 27, 29, 31, and 33 in order 
to determine the first delay time. Successful coincidences are 
selected for communication to Bob if the first delay time 
between photons is below a first threshold, and the polarisa- 
tion combination is correct. 

[0068] In an embodiment, the first threshold is set at the 
coherence time, which for an entangled light emitted diode is 
typically around 200 ps. In a further embodiment, an 
improved source could be used which would have coherence 
time twice the radiative lifetime, which could be around 2 ns. 
[0069] Suitable polarisation combinations are any where 
the two photons have opposite polarisation, and are thus 
combinations of photons in different modes registered by 
detectors 27 with 31 and 29 with 33, or combinations of 
photons in the same modes registered by detectors 27 with 29 
and 31 with 33. Since, to detect e.g. 27 and 29 requires 1 Hand 
1 V photon in mode e. This can be achieved by H in mode a 
reflected, and V in b transmitted, or V in a reflected and H in 
b transmitted. Superposition of these states, which have the 
same phase transformation through the beamsplitter, means 
the input is (IH,V,) +1V,H,) )/V2, i.e. another Bell state. 
Note that a joint measurement of a pair of oppositely 
polarised photons in the same mode e or d creates the output 
qubit state P =al1) +610) ., which requires only a bit-flip to 
recreate the input qubit. 

[0070] Preferably, all four combinations referred to above 
of oppositely polarised photon detection in modes e or d are 
used to perform a joint measurement. However, any subset is 
also possible, albeit achieving teleportation with lower prob- 
ability. In the experiments below only one of the combina- 
tions is selected, corresponding to 0 in mode e and 1 in mode 
d. In an embodiment, with Ys efficiency for each combination, 
and two Bell states to keep track of, the theoretical maximum 
Bell state measurement efficiency of 0.5 could be reached. 
[0071] FIG. 3 shows a complete experimental teleportation 
system. Continuously electrically driven entangled light 
source 1 consists of d.c. current/voltage source 51 and 
entangled light emitting diode (ELED) 53. ELED 53 com- 
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prises carbon p-doped top GaAs/AlAs Bragg reflector 55, 
intrinsic doped GaAs cavity layer 57, and silicon n-doped 
bottom GaAs/AIAs Bragg reflector 59. Current is injected via 
contacts 61 and 63, to create electrons and holes that relax into 
quantum-well-like InAs wetting layer 65, and InAs quantum 
dot 67. Quantum dot 67 generates entangled photons by 
radiative decay of the biexciton (XX) state consisting of two 
electrons and two holes, via the exciton state (X) consisting of 
one electron and hole, to the empty ground state. An aperture 
69 in contact 61 allows photons to escape. 

[0072] In an embodiment, the above ELED is based on 
self-assembled InAs quantum dots placed in the intrinsic 
region of a GaAs p-i-n junction grown by molecular beam 
epitaxy The relatively thick (~400 nm) intrinsic region sup- 
presses charging of the X state and ensures that the neutral X 
and XX states are dominant. Two top and 14 bottom Al, 
98Gap o As/GaAs distributed Bragg mirror pairs create a pla- 
nar 24 optical cavity which enhances the light collection 
efficiency around the X and XX emission wavelengths. 
Mesas of size 360x360 um” were etched to define individual 
ELED devices and a metal mask with ~2 um diameter aper- 
tures placed on top of each device to isolate individual dots 
optically and serve as a p-type electrical contact. 

[0073] The device was cooled to ~16K in a liquid helium 
cryostat and electrically excited by injecting a d.c. current 
density of 93 nAum”?, which gives roughly equal X and XX 
intensities 

[0074] In an embodiment, in order for XX and X photons 
emitted in the same radiative cascade to be entangled in 
polarisation the fine structure splitting (FSS) of the interme- 
diate X state of the quantum dot must be close to zero. The 
FSS for the dot used here was characterized by linear polari- 
sation-dependent electroluminescence spectroscopy and 
found to be 2.0+0.2 weV. The X and XX emission was verified 
to be unpolarised within error. 

[0075] Photons emitted by the ELED are collected by lens 
71 and coupled into single mode fibre 73. XX and X photons 
are separated into different modes using wavelength depen- 
dent distribution unit 75, which may be implemented using an 
optical grating. The two output modes are coupled to single 
mode fibres 77 and 79, so that XX photons travel along fibre 
77 towards Alice, and X photons travel down fibre 79 towards 
Bob. 

[0076] In this experiment, the input qubit is generated by 
the same ELED as the entangled photons, though the input 
qubit may in general originate from another source. To 
achieve this, the stream of XX photons in fibre 77 is divided 
using 50/50 beamsplitter 81, which is implemented using an 
evanescent fibre 2x2 coupler. On one splitter output 83, the 
emission is polarised using fibre polarising beam splitter 85, 
which also introduces a delay of ~2.5 ns. The input polarisa- 
tion is then chosen using polarisation controller 87 to produce 
a photonic input qubit in mode a. 

[0077] A pair of entangled photons travel in modes b and c, 
with the XX photon in mode b originating from the other 
output port 89 of beamsplitter 81. Polarisation controller 91 
corrects any transformation of the photon polarisation state 
caused by the fibres, so that a H polarised XX photon col- 
lected by lens 71 remains H polarised at the output mode d 
after 50/50 beamsplitter 23. Similarly, polarisation controller 
93 corrects polarisation transformation for the output of mode 
e. 
[0078] Polarising fibre beamsplitters 95 and 97 perform 
polarisation discrimination for the joint measurement of a 
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single photon in mode d and one in mode e by Alice. Super- 
conducting single photon detectors (SSPDs) 99 and 101 
detect H polarised photons in mode d, and V polarised pho- 
tons in mode e respectively, performing a joint measurement 
to allow teleportation. The time between detection times of 
such photon pairs (the first delay time) is recorded and 
denoted T}. 


[0079] Bob’s apparatus consists of fibre delay 103, to 
ensure the joint measurement is performed prior to detection 
of the output qubit, and polarisation controller 105, to select 
the polarisation basis for Bob’s measurement on the output 
qubit in mode c. For a P polarised input qubit, Bob’s mea- 
surement basis is selected so that polarising fibre beamsplitter 
107 can discriminate between polarisations P and Q, where Q 
is orthogonal to P. Bob uses avalanche photodiodes (APDs) 
109 and 111 to detect single output photons, and their arrival 
time relative to a H polarised detection event recorded by 
Alice. This time difference, the second delay time, is denoted 
Ta: 

[0080] The choice of SSPDs to measure T, is due to their 
fast response time, which enables precision sufficient to 
detect time differences within the coherence time of the emit- 
ted photons, which in this example is ~200 ps. Less precision 
is required in the measurement of T,, as strong entanglement 
is expected for X photons emitted up to 1 ns after a XX photon 
due to small FSS, slow re-excitation, and the XX and X 
radiative lifetime. Therefore APDs are suitable detectors for 
Bob, as though they are less precise, they have higher effi- 
ciency compared to SSPDs. 


[0081] FIG. 4a shows experimentally measured XX and X 
photon statistics in fibres 77 and 79. The measurement per- 
formed is a standard Hanbury Brown and Twiss type, from 
which we determine the second order correlation g”, as a 
function of the time delay t between detected photons. For X 
or XX photons emitted more than a few ns apart, g@ is 
approximately 1, signifying a continuous stream of photons, 
with random time delay between emission of a pair of XX or 
X photons. However, around t=0, a clear anti-bunching dip is 
observed for both XX and X emission, signifying a sup- 
pressed probability of generating two XX or X photons at the 
same time. The residual g at t=0 is approximately 0.1, and 
is attributed to the finite time resolution of our detectors, with 
the underlying g” expected to be close to zero. 


[0082] In contrast, for a Poissonian light source such as a 
laser, or the individual output beams of a parametric down 
conversion (PDC) entangled light source, g%)1=0 is expected 
to remain 1, as indicated by the dashed line. PDC light sources 
are therefore not anti-bunched in contrast to the light sources 
used in systems in accordance with embodiments of the 
present invention. 


[0083] FIGS. 5a and b show results demonstrating success- 
ful teleportation of photonic qubits using a system in accor- 
dance with an embodiment of the present invention. 


[0084] Three-photon coincidences g(t,, t,) are mea- 
sured corresponding to photon detection by SSPD,,, SSPD,, 
and APD, or APD, where q, is the time difference between 
detection by SSPD pand SSPDH, and q, is the time difference 
between detection by SSPD, and APD; or APD o. The fidel- 
ity for teleportation of an input qubit with polarisation P onto 
an output qubit with ideal expected polarisation P' (orthogo- 
nal to Q') is given by; 


Jp TT) =8p p(w pT2)/ (Spp Ča pT2)+8p o OC», 
T2)) 
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[0085] As the input polarisation P may be selected from an 
infinite set, an averaged teleportation fidelity measurement f* 
is often used, where averaging is across 6 states from 3 mutu- 
ally unbiased bases. In practice this translates to the averaging 
of the teleportation fidelity across 6 experiments, where the 
input state polarisations are horizontal (H), vertical (V), 
diagonal (D), anti-diagonal (A), left-hand circular (L) and 
right-hand circular (R). These states are shown in FIG. 4b on 
the Poincarré Sphere, which allows any polarisation state to 
be represented and visualised. In our examples the logical 
basis corresponds to the polar states H and V, and the states D, 
A, L, and R, which lie on the equatorial plane of the Poincarré 
sphere, are therefore logical superposition states and may be 
written as D=(H+V)/V2, A=(H-V)/V2, L=(H+iV)/V2 and 
R=(H-iV)/V2. 

[0086] The average teleportation fidelity for the 6 input 
states is plotted in FIG. 5a as a function of the measured time 
delays tT, and t,. A high fidelity spot is observed at the centre 
of the figure, indicating that post selecting measurements 
based on the time delay between detected photons by Alice, 
and the time between a photon detected by Alice and Bob, 1s 
sufficient to allow teleportation. Note that the zero time on 
axis T, is arbitrarily defined to correspond to photon events 
where the ancilla and target photons were generated at the 
same time. A large time difference may exist in an application 
between detection events, but this is manifested only by a 
linear shift of all data int., and a high fidelity spot can always 
be post-selected. 

[0087] FIG. 55 shows the average teleportation fidelity 
plotted as a function of the second time delay, measured as the 
delay between Alice and Bob’s photon detection t,, when 
t,—0. This constitutes a vertical slice through the data in FIG. 
5a. A peak is observed in teleportation fidelity when the 
correct value, zero, of tT, is selected. In this case, the peak 
average fidelity measured is 0.704+0.016, which exceeds the 
maximum value of % achievable using non-entangled light 
sources by 2.2 standard deviations, thus proving quantum 
teleportation has occurred. 

[0088] In the above embodiment, teleportation of single 
photonic qubits, mediated by individual pairs of entangled 
photons generated by an electrically driven entangled light 
source has been demonstrated. This is realized by embedding 
a single semiconductor quantum dot within a light-emitting- 
diode, resulting in anti-bunched emission and elimination of 
multi-photon errors. The average fidelity across 6 different 
input states is measured to be 0.70, above the classical limit. 
The unique single-photon nature of the photonic teleporter 
together with its electrical operation will help lift the com- 
plexity restriction of achievable future applications. 

[0089] The systems described above provides full telepor- 
tation of arbitrary unknown photonic qubits which 1s ideally 
suited to distributed quantum computing and networking. 
However, until now such experiments have used light sources 
that produce random numbers of input-qubits. Teleportation 
has been demonstrated with a semiconductor quantum light 
source that emits no more than one photon or entangled 
photon pair simultaneously. The light source is electrically 
driven, which will offer a significant practical advantage 
when constructing complex quantum logic circuits. 

[0090] Teleportation of optical qubits can allow consistent 
logic operations in massively parallel quantum computers, 
and the formation of secure quantum networks. Photon tele- 
portation has previously employed laser-generated entangled 
photons created in random quantities. However, practical 


Answers to Final Self-Test 


The references in parentheses to the right of 
the answers give you the chapter and 
problem number where the material IS 


introduced so that you can easily review any 
concepts covered in the test. 

1. V = 2 volts (Chapter 1, problem B5) 

2. | 0.5 mA (Chapter 1, problem 6) 

3. R = 7 ohms (Chapter 1, problem 7) 
4. 132 ohms (Chapter 1, problem 10) 

5. P = 140 milliwatts or 0.14 watts 
(Chapter 1, problems 13 and 14) 

6. 0.2 watts (Chapter 1, problems 13 and 
15) 

7. 22.36 mA (Chapter 1, problems 13 and 
16) 

8. 2.86 volts, 9.14 volts, 12 volts (Chapter 
1, problems 23 and 26) 

9. 2/3 ampere through the 6-ohm resistor; 
1/3 ampere through the 12-ohm resistor 
(Chapter 1, problem 28 or 29) 

10. 91 mA through the 660-ohm resistor; 
182 mA through the 330-ohm resistor 
(Chapter 1, problem 28 or 29) 

11. T = 0.01 seconds (Chapter 1, problem 
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250 seconds (Chapter 1, problem 
34) 

13. 6 uF (Chapter 1, problem 40) 

14. 52.4 uF (Chapter 1, problem 41) 

15. 8.25 uF (Chapter 1, problem 41) 
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complexities of the generating scheme coupled with balanc- 
ing the opposing requirements of high efficiency and infre- 
quent multi-pair emission, restricts deployment in useful 
quantum information technology. Sources based on paramet- 
ric down conversion within laser-excited non-linear crystals, 
are not directly electrically driven and exhibit no suppression 
in probability of generating two photons simultaneously in a 
given mode. 


[0091] FIG. 6 shows a variation of the teleportation system. 
The embodiments described above post-select the time dif- 
ference between output photons and the joint measurement T, 
by measuring the output photons with a detector. However, 
said time-difference may also be selected by blocking pho- 
tons using a blocking unit in the output beam except for those 
occurring at a desired time, wherein the desired time is when 
a photon which satisfies the second delay time limit is 
expected to arrive. This may be achieved by Alice communi- 
cating with, or controlling, photon blocking unit 121, causing 
photons to be blocked except at times corresponding to detec- 
tion of a simultaneously generated first or ancilla photon by 
Alice. For example, if the time delay for an ancilla photon to 
travel from the source to Alice’s detectors was At,, and the 
delay between the source and the blocking device At,, then 
upon a successful joint detection event by Alice with 1,0, 
Alice would cause the blocking device to open at time 
approximately At,—At, later, for a short amount of time. The 
time that the blocking device remains open should for 
example be similar to the width of the high fidelity region in 
FIG. 5b, which is the order of 1 ns for the prototype source. 


[0092] In an embodiment, only photons with high telepor- 
tation fidelity post-selected by Alice will be allowed to pass. 
Such photons could be measured immediately, or transferred 
to another party or application. In one embodiment, the 
blocking unit will only allow the passage of photons at the 
desired time if Alice has already made a joint measurement 
and the results from the first delay time suggests that telepor- 
tation may have occurred. In further embodiments, Alice will 
only instruct the blocking unit to allow the passage of photons 
if her measurements of the polarisation of the photons which 
have undergone joint measurement suggest that teleportation 
has occurred. 

[0093] The blocking device could be constructed from a 
variety of standard components, including an electro-optic- 
modulator or interferometer. 

[0094] While certain embodiments have been described, 
these embodiments have been presented by way of example 
only, and are not intended to limit the scope of the inventions. 
Indeed the novel methods and apparatus described herein 
may be embodied in a variety of other forms; furthermore, 
various omissions, substitutions and changes in the form of 
methods and apparatus described herein may be made with- 
out departing from the spirit of the inventions. The accompa- 
nying claims and their equivalents are intended to cover such 
forms of modifications as would fall within the scope and 
spirit of the inventions. 


1. A system for quantum teleportation ofa quantum state of 
an input photon, the system comprising: 
a light emitting diode configured to produce a polarisation 
entangled photon pair; 
a beam splitter configured to direct one photon of an 
entangled photon pair along a first path and the other 
photon of said entangled pair along a second path; 


an input for said input photon; 
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a measurement unit for performing a joint measurement on 
the input photon with one of the photons of an entangled 
photon pair directed along the first path, the measure- 
ment unit comprising a first detector unit for detecting 
two photons upon which a joint measurement has been 
performed; 

a second detector unit configured to detect the photon from 
said entangled photon pair directed along the second 
path; 

a timing unit is configured to measure a first delay, said first 
delay being the delay between the input photon and the 
photon of the entangled photon pair at the point of maxi- 
mum indistinguishability of the photons as they pass 
through the joint measurement unit, the timing unit 
being further configured to measure a second delay, said 
second delay being the delay time between the two pho- 
tons of the entangled photon pair as they exit the light 
emitting diode; and 

a controller configured to determine that a teleportation 
measurement is valid if the first delay is within a first 
predetermined timing window and the second delay is 
within a second predetermined timing window. 

2. A system according to claim 1, further comprising an 
electrical source for said light emitting diode and wherein 
said electrical source is a D.C. source. 

3. A system according to claim 1, wherein said timing unit 
is configured to determine the first delay time from the detec- 
tion time of the said two photons by the first detector unit, the 
timing unit also being configured to compensate for varia- 
tions between the path lengths from the point where the 
respective spatial modes of the two photons meet in the joint 
measurement unit to the first detector unit. 

4. A system according to claim 1, wherein the joint mea- 
surement unit comprises a beam splitter to permit two-pho- 
ton-interference and wherein said timing unit is configured to 
determine the first delay time from the detection time of the 
said two photons by the first detector unit, the timing unit also 
being configured to compensate for variations between the 
path length taken by the two photons from the beam splitter to 
the first detector unit. 

5. A system according to claim 1, wherein the timing unit is 
configured to measure the second delay from the time when 
the photon which follows the second path is received at the 
second detector, the timing unit being further configured to 
compensate for differences in path lengths taken by the two 
photons of the entangled photon pairs. 

6. A system according to claim 1, wherein the system 
further comprises a blocking unit located in the second path, 
said timing unit being configured to operate said blocking 
unit to allow the transmission of a photon along the second 
path if the second delay time is within the second timing 
window. 

7. A system according to claim 1, further comprising a 
blocking unit located in the second path, said timing unit 
being configured to operate said blocking unit to block the 
transmission of a photon along the second path unless said 
controller has determined that the first delay time is within the 
first timing window. 

8. A system according to claim 1, wherein the joint mea- 
surement is a Measurement involving Bell states or mixtures 
with Bell states. 

9. A system according to claim 1, further comprising a state 
measurement unit configured to perform state measurements 
on both of the photons which pass through the joint measure- 
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ment unit and wherein the controller determines that the 
teleportation measurement is valid 1f, additionally the state 
measurements on both photons agree with at least one of a 
predetermined set of results. 

10. A system according to claim 1, wherein the controller is 
configured to allow post measurement selection of valid mea- 
surements. 

11. A system according to claim 1, wherein the first detec- 
tor unit comprises first and second detectors, the first and 
second detectors being superconducting detectors. 

12. A system according to claim 1, wherein said second 
timing window is from 0 to t,,,.,,, where t,,,,,, 18 of the order 
of the exciton radiative lifetime. 

13. A system according to claim 1, wherein the first timing 
window is from 0 to ti max, Where t; „ax 18 the coherence time 
of the photon which follows the first path. 

14. A system according to claim 1, wherein the system is 
configured to allow the light emitting diode to provide the 
input photon. 

15. A system according to claim 14, further comprising a 
input photon delay unit and a switch, said switch being con- 
figured to direct a photon from the first path into the said input 
photon delay unit, wherein in the input photon delay unit, the 
photon from the said source is delayed to coincide with a 
further photon output by the source such that the photon 
which is delayed becomes the input photon. 

16. A system according to claim 1, wherein the state to be 
teleported is a superposition state. 

17. A system according to claim 1, wherein said light 
emitting diode comprises a quantum dot. 

18. A quantum computer comprising a teleportation sys- 
tem according to claim 1. 


Dec. 5, 2013 


19. A quantum communication relay comprising a telepor- 
tation system according to claim 1. 
20. A method of teleporting of a quantum state of an input 
photon, the method comprising: 
providing a polarisation entangled photon pair from a light 
emitting diode; 
directing one photon of the entangled photon pair along a 
first path and the other photon of said entangled pair 
along a second path; 
providing an input photon; 
performing a joint measurement on the input photon with 
one of the photons of an entangled photon pair directed 
along the first path and detecting the two photons upon 
which a joint measurement has been performed; 


detecting the photon from said entangled photon pair 
directed along the second path; 


measuring a first delay, said first delay being the magnitude 
of the delay between the input photon and the photon of 
the entangled photon pair at the point of maximum indis- 
tinguishability of the photons as they undergo joint mea- 
surement, 


measuring a second delay, said second delay being the 
magnitude of the delay time between the two photons of 
the entangled photon pair as they exit the light emitting 
diode; and 

determining that a teleportation measurement is valid if the 
first delay is within a first timing predetermined window 
and the second delay is within a second predetermined 
timing window. 
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To all whom it may concern: | 

Be it known that I, Nigora TesLa, a citi- 
zen of the United States, residing in the 
borough of Manhattan, in the city, county, 
and State of New York, have invented cer- 
tain new and useful Improvements in Appa- 
ratus- for Transmitting Electrical Energy, 


of which the following is a specification, ref- . 
had to the drawing accom- ` 


erence bein 
panying and forming a part of the same. 
In endeavoring to adapt currents or dis- 
charges of very high tension to various valu- 
able uses, as the distribution of energy 
through wires from central plants to distant 
places of consumption, or the transmission 
of powerful disturbances to great distances, 
through the natural or non-artificial media, 
I have encountered difficulties in confining 
considerable amounts of electricity to: the 
conductors and preventing its leakage over 
their supports, or its escape into the ambient 
air, which always takes place when the elec- 
tric surface density reaches a certain value. 
The intensity of the effect of o transmit- 
. ting circuit with a free or elevated terminal 
is proportionate to the quantity of electric- 


ity: displaced, whicli is determined by the. 
product of the capacity of the circuit, the ` 


pressure, and the frequency of the currents 
employed. To produce an electrical move- 
ment of the required magnitude it is de- 
sirable to charge the terminal as highly as 
possible, for while a great quantity of elec- 
tricity may also be displaced by a large 
capacity charged to low pressure, there are 
disadvantages met with in many cases when 
the former is made too large. The chief of 
these are due to the fact that an incrense of 
the capacity entails a lowering of the fre- 


quency of the impulses or discharges and a : 


iminution of the energy of vibration. This 
will be understood when it is borne in mind, 
that a circuit with a large capacity behaves 
as a slackspring, whereas one with a small 
capacity acts like a stiff spring, vibrating 


more vigorously. . Therefore, in order to 


attain the highest possible frequency, which 
for certain purposes is advantageous and, 
apart from that, to develop the greatest 
energy in such a transmitting circuit, I em- 
ploy a terminal of relatively small capacity, 
which I charge to as high a pressure as prac- 
ticable. To accomplish this result I have 
found it imperative-to so construct the ele- 
vated conductor,.that its outer surface, on 


' pressly provided for safety ap 


which the electrical charge chiefly accumu- 
lates, has itself a large radius of curvature, 
or is composed of separate elements which, 
irrespective of their own radius of curva- 
ture, are arranged in close proximity to each 
other and so, Sit the outside ideal surface 
enveloping them is of a large radius. Evi- 
dently, the smaller the radius of curvature 
the greater, for a given electric displace- 
ment, will be the surface-density and, con- 
sequently, the lower. the limiting pressure to- 
which the terminal may be charged without 
electricity escaping into the air. Such. a 
terminal 1 secure to an insulating support 
entering more or less into its interior, and I 


. likewise: connect the circuit to it inside or, 
- generally, at points where the electric den: 


sity is small. This plan of constructing and 
stipporting a highly charged conductor I 
have found to be of great practical impor- 
tance, and it may be usefully applied in many 
ways. | 

Referring to the accompanying drawing, 
the figure is a view in elevation and part 
section of an improved free terminal and 
circuit of large surface with supporting 
structure and generating apparatus. =. ` 

The terminal D ‘consists of a suitably 
shaped metallic frame, in this case a ring of 
nearly circular cross section, which. is cov- 
ered with half spherical metal plates P P, 
thus constituting a very large conducting 
surface, smooth on all places where the elec- 
tric charge principally accumulates. . The 
frame is carried by a strong platform ex- 
liances, in- 
struments. of observation, etc., which in turn 
rests on Insulating supports F F. These 
should penetrate far into the hollow space 
formed by the terminal, and-if the electric’ 
density at the points where théy are bolted 
to the frame is still considerable, they may 
be oan protected by conducting hoods 
as H. 3 | 


S 

A part of the improvements which form 
the subject of this specification, the trans- 
mitting circuit, in its general features, is 
identical with that described and claimed in 
my original Patents Nos. 645,576 and 649,621. 
The circuit comprises a coil A which is in 
close inductive relation. with a primary C, 
and .one end of which is connected to a 
ground-plate E, while its other end is led 
through a separate self-induction coil B and 
a metallic cylinder B’ to the terminal D. 


2 


The ‘connection to the ‘latter should always 
be made at, or near the center, in order to 


secure a symmetrical distribution of the cur- 


rent, as otherwise, when the frequency 18 
very high and the flow of large volume, the 
performance of the apparatus might be im- 
paired. The primary C may be excited in 
any desired manner, from a suitable source 
of currents G, which may be an alternator 
or condenser, the important ‘requirement 
being .that the resonant condition is estab- 
lished, that is to say, that the terminal D is 
charged to the maximum pressure developed 
in the circuit, as.1 have specified in my 
original patents before referred to. Thead- 
justments should be made with particular 
care when the transmitter 18 one of great 


power, not only on account of economy, but . 


also in order to avoid danger. I haveshown 
that it is practicable to produce in a resonat- 
ing circuit as E A B B’ D immense electri- 
cal activities, measured by tens and even 
hundreds of thousands of horse-power, and 
in such a case, if the points of maximum 
pressüre should be shifted below the ter- 
minal D, along coil B, a ball of fire might 
break out and destroy the support F or any- 
thing else in the way. For the better ap- 
preciation of the nature of this danger it 
should be stated, that the destructive action 


may take place with inconceivable violence. 


This will cease to be surprising when it is 
borne in mind, that the entire energy accu- 
mulated in the excited circuit, instead of re- 
quiring, as under normal working condi- 
tions, one quarter of the period or more for 
its transformation from static to kinetic 
form, may spend itself in an incomparably 
smaller interval of time, at a rate of many 
millions of horse power., The accident 1s 
-apt to occur. when, the transmitting circuit 
being strongly excited, the impressed oscil- 
lations upon it are caused, in any manner 


more or less sudden, to be more ra id than 


the free oscillations. It is therefore, ad- 


visable to begin the adjustments with feeble ' 


and somewhat slower impressed oscillations, 
strengthening und quickening them grad- 
ually, until the apparatus has been brought 


under perfect. control. To increase the- 


safety, I provide on a convenient place, pref-. 
erably on terminal D, one or more elements 
or plates. either of somewhat smaller radius 


of curvature or protruding more or less be- 
yond the others: (in which case they maybe 


of larger radius of curvature) so that, should’ 


the pressure rise to a value, beyond ‘which it 
is not desired to go, the powerful discharge 
may dart out there and lose itself harmlessly 
in the air. Such a plate, performing a func- 
tion similar to that of a safety valve on 8 
high pressure. reservoir, is indicated at V. 
Still further extending the, principles 
underlying my invention, special reference 
ia made to coil B «¿nd conductor B’. ' The 


of terminal D, though 


be more or less fully 


'be extended up to the terminal 
be-somewhat below the uppermost turn of 


surfaces of large radii 


jn surfaces of large ra 
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latter is in the form of .a cylinder with 


smooth or polished surface of a radius much 


larger than that of the half spherical ele- 


ments P P, and widens out at the bottom 
into a hood H, which should be slotted to 
avoid loss by eddy currents and the pur- 


pose of which will be clear from the fore- 
going. The coil B is wound on a frame or 
drum D? of insulating material, with its 
turns close together. - I have discovered that 
when so wound the effect of the small radius 
of curvature of the wire itself is overcome 
and the coil behaves as a conductor of large 
radius of curvature, corresponding to that 
of the drum. This feature is of consider- 
able practical importance and is applicable 
not only in this special instance, but gen- 
erally. For example, such plates at P P 
referably of large 
radius of curvature, need not be necessarily 
so, for provided only that the individual 
plates or elements of a. high potential con- 
ductor or terminal are arranged iù prox- 
imity to each other and with their outer 
boundaries along an ideal symmetrical en- 
veloping surface of a large radius of curva- 
ture, the advantages of the invention will 
e M realized. The lower 
end of the coil B—which,.if desired, may 
D—should 


coil A. This, I find, lessens the tendency of 
the charge to break out from the wire con- 
necting. both and to pass along the sup- 
port E”. ? | li 
Having described my invention, 1 claim: 
1. As a means for producing great elec- 


trical activities a resonant circuit having 


‘ts outer conducting boundaries, which 


are 
charged to a high ] 


otential, arranged in 
of curvature so as 
to prevent leakage of the oscillating charge, 
substantially as set forth. — 

9. In apparatus for the transmission of 
electrical energy a circuit: connected to 
ground and: to an elevated terminal and 
having its outer conducting boundaries, 
which are subject to an tension, arranged 

ii of curvature sub- 
stantially as, and for the purpose described. 

3. In a plant for the transmission of elec- 
trical energy Without wires, in combination 
with a primary or exciting circuit a second- 


-ary connected to ground and to an elevated 


terminal and having its. outer conducting 
boundaries, which are charged to a np 
potential, arranged in surfaces of large radii 
of curvature for thé. purpose of preventing 
leakage and loss of energy, substantially as 


- set forth.. - 


4. As a means for rimar electrical 
energy to'a distance through the. natural 


media. a grounded -resonant circuit, tom- 
‘prising cl 
impressed and another for raising the ten- 


a part upon which oscillations are 
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sion, having its outer conducting boundaries 


on which a high tension charge accumulates 
arranged in surfaces of radii of curva- 
ture, substantially as descrived. | 

5. The means for 
electric .potentials consisting of a primary 
exciting circuit and.a resonant seconda 
having its outer conducting elements whic 
are subject to high tension arranged in prox- 
imity.to each other and in surfaces of large 
radit of curvature so as to era leakage 
of the charge and attendant lowering of po- 
tential, substantially as described. | 


6. A circuit comprising a part upon which 


oscillations are imp and another part 
for the tension by resonance, the 
latter part being supported on places of low 


electric. density and having its outermost 


conducting boundaries arranged in surfaces 
of large radii of curvature, as set forth. 


7..In apparatus for the transmission of 


‘electrical energy without wires a grounded 


circuit the outer conducting elements of 
which have a great aggregate area and are 


arranged in surfaces of large radii of curva- 
ture só.as to.permit the storing of,a high 


charge at a small electric density and pre-- 


vent. loss through leakage, substantially as 
pr e O 


roducing excessive 


“at. points. of low 


8. A wireless transmittér comprising in 


combination a source of oscillations as a 


condenser, a primary exciting circuit and a 
secondary grounded and elevated conductor 
the outer conducting boundaries of- which 


are in-proximity to each other and arranged 
- in surfaces of large radii of curvature, sub- 
stantially as described. | 


9. In apparatus for the transmission of 
electrical energy without wires an elevated 
conductor or antenna having its outer high 
potential conducting or capacity elements 


arranged in proximity to each other and in 


surfaces of large radu of curvature so as to 
overcome the ‘effect of the small radius of 


. curvature of the individual elements and 
' leakage of the charge, as set forth. _ 


10. A ground 
circuit having its outer conducting bound- 
aries ‘in surfaces of large radii 


ed resonant reis 


of curvature in combination with an ele- 


vated terminal of recent supported 
3 electric density, substan- 
tially as described. oo 
NIKOLA TESLA. 
Witnesses: its 


RICHARD Donovan. 
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To ali whom it may concern: 


Be it known thatI, NIKOLA TESLA, acitizen 
of the United States, residing at the borough 
of Manhattan, in the city, county, and State 
of New York, have invented certain new and 
useful Improvements in Methods of Utilizing 
Radiant Energy, of which the following is a 
_ specification, reference being had to the draw- 

ings accompanying and forming a part of the. 


on 


Io same. 
It is well known that certain radiations— 
such as those of ultra-violet light, cathodic, 
- Roentgen rays, or the like—possess the prop- 
erty of charging and discharging conductors 
- 15 of electricity, the discharge being particu- 
larly noticeable when the conductor upon 
which the rays impinge is negatively electri- 
fied. These radiations are generally consid- 
ered to be ether vibrations of extremely small 
20 wave lengths, and in explanation of the phe- 
nomena noted it has been assumed by some 
authorities that they ionize or render con- 
ducting the atmosphere through which they 
- are propagated. My own experiments and 
25 Observations, however, lead me to conelu- 
sions more in accord with the theory hereto- 
fore advanced by me that sources of such 
radiant energy throw off with great velocity 
minute particles of matter which are strongly 


30 electrified, and therefore capable of charging. 


an electrical conductor, or even if not so may 

at any rate discharge an electrified conduc- 

tor either by carrying off bodily its charge or 
otherwise. | 

35 ` My present application is based upon a dis- 

covery which I have made that when rays or 

radiations of the above kind are permitted 

to fall upon an insulated conducting body 

connected to one of the terminals of a con- 

40 denser, while the other terminal of the same 

is made by independent means to receive or 

to carry away electricity, a current flows into 

the condenser so long as the insulated body 

is exposed to the rays, and under the condi- 

45 tions hereinafter specified an indefinite ac- 

=~ cumulation of electrical energy in the con- 

denser takes place. This energy after a suit- 

_ able timeinterval, during which the rays are 

allowed to act, may manifest itself in a pow- 

5o erful discharge, which may be utilized for 

the operation or control of mechanical or elec- 


or a no a i y 


© 


other ways. - 

In applying my discovery Ï provide a con- 
denser, preferably of considerable electro- 
static capacity, and connect one of its ter- 
minals to an insulated metal plate or other 
conducting body exposed to the rays or 
Streams ofradiant matter. It is very impor- 
tant, particularly in view of tke fact fhat elec- 


trical devices or rendered useful in many 


33 


6o 


trical energy is generally supplied ata very - 


slow rate to the condenser, to construct ‘the 
same with the greatest care. I use by prefer- 
ence the best quality of mica as dielectric, tak- 
ing every possible precaution in insulating 
the armatures, so that the instrument may 
Withstand great electrical pressures without 
leaking and may leave no perceptible electri- 
fication when discharging instantaneously. 
In practice I have found that the best results 
are obtained with condensers treated in the 
manner described in a patent granted to me 
February 23, 1897, No. 577,671. Obviously the 
above precautions should be the more rigor- 
ously observed the slower the rate of charg- 
ing and the smaller the time interval during 
which the energy is allowed to accumulate in 
the condenser. The insulated plate or con- 
ducting body should present as large a sur- 
face as practicable to the rays or streams of 
matter, 1 having ascertained thatthe amount 
of energy conveyed to it per unit of time is 


65. 


under otherwise identical conditions propor- 


tionate tothe area exposed,ornearlyso. Fur- 


thermore, the surface should be clean and 
preferably highly polished or amalgamated. 
The second terminal or ármature of the con- 
denser may be connected to one of the poles 
of a battery or other source of electricity or 
to any conducting body or object whatever of 


„Such properties or so conditioned that by its 
means electricity of the required sign will be 


supplied to the terminal. A simple way of 
supplying positive or negative electricity to 
the terminal is to connect the same either to' 
an insulated conductor, supported at some 
height in the atmosphere, or to a grounded 
conductor, the former, as is well known, fur- 
nishing positive and the latter negative elec- 
tricity. As the rays or supposed streams of 
matter generally convey a positive charge to 
the first condenser-terminal, which is connect- 
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16. Approximately 0.3 volts (Chapter 2, 
problem 9) 
17. Approximately 0.7 volts (Chapter 2, 
problem 9) 
18 ID = 43 mA (Chapter 2, problem 12) 
19. 1D 120mA (Chapter 2, problem 12) 
20. IZ = 3 mA (Chapter 2, problem 29) 
21. IZ = 3.07 mA (Chapter 2, problem 29) 
22. VC = 14 volts (Chapter 3, problems 
20-23) 
23. RB = 1.1 M & (Chapter 3, problems 
20-23) 
24. B = 50 (Chapter 3, problems 20-23) 
25. Drain, source, and gate, with the gate 
acting to control the JFET (Chapter 3, 
problem 28) 
26. RB 500 k $ (Chapter 4, problems 8) 
27. RB = 470 k & (Chapter 4, problems 
4-8) 
28. R3 = 44 k®@, Rl = 2.2 k®, R2 = 
2.2 k $% (Chapter 4, problems 19-23) 
29. R3 = 2.2 k&, R1 = 66 k #2, R2 
66 k$ (Chapter 4, problems 19-23) 
30. RD = 2 k & (Chapter 4, problem 39) 
31. See Figure 12.13 . 

Figure 12.13 
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ing an artificial source. 
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ed to the platé or conductor above mentioned, 
I usually connect the second terminal of the 
condenser to the ground, this being the most 
convenient way of obtaining negative electric- 
ity, dispensing with the necessity of provid- 
In order to utilize 
for any useful purpose the energy accumu- 
lated in the condenser, I furthermore connect 
to the terminals of the same a circuit includ- 
ing an instrument or apparatus which it is de- 
sired to operate and another instrument or 
device for alternately closing and opening the 
circuit. This latter may be any form of cir- 


- euit-controller, with fixed or movable parts 
15 


or electrodes, which may be actuated either 
by thestored energy or by independent means. 

The rays or rađiations which are to be util- 
ized for the operation of the apparatus above 
described in general terms may be derived 
from a natural source, as the sun, or may be 


- artificially produced by such means, for ex- 
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- nicate an electrical charge to the same. The 


when the radiations of the sun or-of any other 


will result. This phenomenon, I believe, is 


ample, as an are-lamp, a Roentgen tube, and 
the like, and they may be employed for a 
great variety of useful purposes. 

My discovery will be more fully understood 
from the following detailed description and 
annexed drawings, to which reference is now 
made, and in which— | | 

Figure 1 is adiagram showing typical forms 
of the devices or elements as arranged and 
connected in applying the method for the op- 
eration of a mechanical contrivance or instru- 
ment solely by the energy stored; and Pig. 2 
isa diagrammatical representation of a modi- 
fied arrangement suitable for special pur- 


poses, with a circuit-controller actuated by 


independent means. 


-Referring to Fig. 1, C is the condenser, P- 


theinsulated plate or conducting body, which 
is.exposed to the rays, and P’ another plate or 
conductor, all being joined in series,as shown. 
The terminals T T’ of the condenser are also 
connected to a circuit including a receiver R, 
which is to be operated, and a circuit-control- 
ling device d, which in this case is-composed 
of two very thin conducting-plates? 1, placed 
in close proximity and very mobile, either by 
reason of extreme flexibility or owing to the 
charater of their support. To improve their 
action, they should be inclosed in-a receptacle 
from which the air may be exhausted. The 
receiver R is shown as consisting of an elec- 
tromagnet M, a movable armature a, a re- 
tractile spring b, and a ratchet-wheel w, pro- 
vided with a spring-pawl r, which is pivoted 


to armature a, as illustrated. The apparatus - 


being arranged as shown, it will be found that 


source capable of producing the effects before 
described fall upon the plate P an accumula- 
tion-of electrical energy in the condenser C 


best explained asfollows: Thesun as well as 
other sources of radiant energy throw off mi- 
nute particles of matter positively electrified, 
which, impinging upon the plate P, commu- 
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opposite terminal of the condenser being con- - 
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nected to the ground, which may be consid- 


ered as avast reservoir of negative electricity, 
a feeble current flows continuously into the 
condenser, and inasmuch as these supposed 
particles are of an inconceivably small radius 


or curvature, and consequently charged toa 


relatively very high potential, this charging 
of the condenser may continue, as I have 
found in practice, almost indefinitely, evento 
the point of rupturing the dielectric. Obvi- 
ously whatever circuit - controller be em- 
ployed it should operate to close the circuit 
in which it is included when the potential in 
the condenser has rgached the desired magni- 
tude. Thusin Fig rhen the electrical pres- 
sure at the terminis T T' rises to a certain 
predetermined value the plates 7 t, attract- 
ing each other, close the circuit connected to 
the terminals. This permits a flow of current 
which energizes the magnet M, causing it to 


draw down the armature a and impart a par- 


tial rotation to the ratchet-wheel w. As the 


current ceases the armature is retracted by 
tho spring b without, however, moving the 


wheel w. With the stoppage of the current 


the plates ¢ ¢’ cease to be attracted and sepa- 
rate, thus restoring the circuit fo its original 


condition. i | 

Many useful applications of this method of 
utilizing the radiations emanating from the 
sun or other source and many ways of carry- 
ing out the same will at once suggest them- 
selves from the above description. 
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By way . 
of illustration a modified arrangement is + 


shown in.Fig. 2, in which the source S of ra- - 


diant energy is a special form of Roentgen 
tube devised by me having but one terminal 


k, generally of aluminium, in the form of 


half a sphere with a plain polished surface 
on the front side, from which the streams are 
‘thrown off. It may be excited by attaching 
it to one of the terminals of any generator of. 
sufficiently-high electromotive: force; but 
whatever apparatus be used if is important 
that the tube-be exhausted to a high degree, 
as otherwise it might prove: entirely ineffect- 
ive. The working or discharge circuit con- 
nected to the terminals T T' of the condenser 
includes in this case the primary p of a trans- 
former and a circuit-controller comprising a 
fixed terminal or brush ¿ and a movable ter- 
minal /' in theshape of a wheel with -conduct- 


ing and insulating segments which may be 


rotated at an arbitrary speed by any suitable 
means. In inductive relation to the primary 


“wire or coil p is a secondary s, usually of a 


much greater number of turns, to the ends of 


which is-connected a receiver R. The ter- 


minals of the condenser being connected as 
indicated, one to an insulated plate P and 
the other to a grounded plate P’, when the 
tube $ is excited rays or streams of matter 
are emitted from the same, which convey a 
positive charge to the plate P and condenser- 


receiving negative electricity from the plate 
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terminal T, while terminal T' is continuously — | 
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_ P'. This, as before explained, results in an 


accumulation òf electrical energy in the con- 


- denser, which goes on as long as the circuit 


oe 5 


including the primary p is intérrupted. 


Whenever the circuit is closed, owing to the 


- rotation of the terminal /', the stored energy 


to 


45 


20 


_ is discharged through the primary p, this giv- 


ing rise in the secondary s to induced cur- 


rents which operate the receiver R. 


It is clear from what has been stated above 
that if the terminal T’ is connected toa plate 
supplying positive instead of negative elec- 
tricity the rays should convey negative elec- 
tricity to plate P. The source S may be any 
form of Roentgen or Lenard tube; but it is 


- obvious from the theory of action that in or- 
der to be very effective the electrical im- 


pulses exciting it should be wholly or at least 
preponderatingly of one sign. If ordinary 
symmetrical. alternating currents are em- 


.. ployed, provision should be made for allow- 


p 


tive of the desired result. 


ing the rays to fall upon the plate P. only 
during those periods when they are produc- 
Evidently if the 


radiations of the source be stopped or inter- 


cepted or their intensity varied in any man- 
ner, as by periodically interrupting or ryth- 


‘mically varying the current exciting the 
. Source, there will be corresponding changes 


30 


in the action upon the. receiver R, and thus 


- Signals may be transmitted and many other 


35 
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useful effects produced. * Furthermore,it will 


be understood that any form of circuit-closer 


which will respond to or be set in operation 
when a predetermined amount of energy is 
stored in the condenser may be used in lieu 
of the device specifically described with ref- 
erence to Fig. 1, and also that the special 


- — details of construction and arrangement of 
- | 40. 


the several parts of the apparatus may be 

very greatly varied without departure from 

the invention. f | a 
Having described my invention, what I 


© @laim is— | 


1. The method of utilizing radiant energy, 


mar soe a 


| which consists in charging one of the arma- 


tures of a condenser by raysor radiations, and 
the other armature by independent- means, 
and discharging the condenser through a suit- 
able receiver, as set forth. —. 

2. The method of utilizing radiant energy, 
which consists in simultaneously charging 
a condenser by means of rays or radiations 


| and an independent source of electrical en- 


ergy, and discaarging the condenser through 
a Suitable receiver, as set forth. 
- 3. The method of utilizing radiant energy, 
which consists in charging one of the arma- 
tures of acondénser by rays or radiations, and 
the other by independent means, controlling 
the action or effect of said rays or radiations 
and discharging the condenser through a suit- 
able receiver, as set forth. 

4. The method of. utilizing radiant energy, 
which consists in charging one of the arma- 
tures of a condenser by rays or radiations and 
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the other by independent means, varying the . 


intensity of the said rays orradiationsand pe- 
riodically discharging the condenser through 
a suitable receiver, as set forth. — 

5. The method of utilizing radiant energy, 


which consists in directing upon an elevated. 


70 


conductor, connected to one of the armatures 


of a condenser, rays or radiations capable of 
positively electrifying the same, carrying off 
electricity from the other armature by con- 
necting the same-with the ground, and dis- 


charging the accumulated energy through a 


suitable receiver, as set forth. 
6. The method of utilizing radiant energy, 


which consists in charging one of the arma- — 


tures of a condenser by raysor radiations,and 
the other by independent means, and effect- 
ing by the automatic discharge of the accumu- 
lated energy the operation or eontrol of a 
suitable receiver, as set forth. 
bs —_ NIKOLA TESLA. 
Witnesses: . | 


M. Lawson DYER, ' * 


RICHARD DONOVAN. 
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To alt whom it may concern: 
-  BeitknownthatI, NIKOLA TESLA, acitizen 

of the United States, residing at the borough 
of Manhattan, in the city, county, and State 
of New York, have invented certain new and 
useful Improvements in Methods of Utilizing 
Radiant Energy, of which the following is a 
_ specification, reference being had to the draw- 


on 


ings accompanying and forming a part of the. 


10 Same. 
It is well known that certain radiations— 
such as those of ultra-violet light, cathodic, 
- Roentgen rays, or the like~possess the prop- 
erty of charging and discharging conductors 
- 15 of electricity, the discharge being particu- 
larly noticeable when the conductor upon 
which the rays impinge is negatively electri- 
fied. These radiations are generally consid- 
ered to be ether vibrations of extremely small 
20 wave lengths, and in explanation of the phe- 
nomena noted it has been assumed by some 
authorities that they ionize or render con- 
ducting the atmosphere through which they 
- are propagated. My own experiments and 
25 Observations, however, lead me to conelu- 
sions more in accord with the theory hereto- 
fore advanced by me that sources of such 
radiant energy throw off with great velocity 
minute particles of matter which are strongly 


30 electrified, and therefore capable of charging. 


an electrical conductor, or even if not so may 

at any rate discharge an electrified conduc- 

tor either by carrying off bodily its charge or 
otherwise. . | 

35 ` My present application is based upon a dis- 

covery which I have made that when rays or 

radiations of the above kind are permitted 

to fall upon an insulated conducting body 

connected to one of the terminals of a con- 

40 denser, while the other terminal of the same 

is made by independent means to receive or 

to carry away electricity, a current flows into 

the condenser so long as the insulated body 

is exposed to the rays, and under the condi- 

45 tions hereinafter specified an indefinite ac- 

=- cumulation of electrical energy in the con- 

denser takes place. This energy after a suit- 

- able timeinterval, during which the rays are 

allowed to act, may manifest itself in a pow- 

5o erful discharge, which may be utilized for 

the operation or control of mechanical or elec- 


r a a a 


trical devices or rendered useful in many 
other ways. Po o | 

In applying my discovery 1 provide a con- 
denser, preferably of considerable electro- 55 
static capacity, and connect one of its ter- 
minals to an insulated metal plate or other 
conducting body exposed to the rays or 
streams of radiant matter. It is very impor- 
tant, particularly in view of the fact fhatelec- 60 
trical energy is generally supplied at a very ~ | 
slow rate to the condenser, to construct ‘the 
same with the greatest care. I use by prefer- _ | 
ence the best quality of mica as dielectric, tak- | | 
ing every possible precaution in insulating 65. > 
the armatures, so that the instrument may > be, A 
Withstand great electrical pressures without i 


leaking and may leave no perceptible electri- 
fication when discharging instantaneously. 

In practice I have found that the best results 70 
are obtained with condensers treated in the - 
manner described in a patent granted to me | 
February 23, 1897, No. 577,671. Obviously the | 
above precautions should be the more rigar- 3 

ously observed the slower the rate of charg- 75: | 
ing and the smaller the time interval during | 
which the energy is allowed to accumulate in | 
the condenser. The insulated plate or con- 

ducting body should present as large a sur- 

face as practicable to the rays or streams of 80 

matter, I having ascertained thatthe amount ` 

of energy conveyed to it per unit of time is 

under otherwise identical conditions propor- ' 

tionateto the area exposed,ornearlyso. Fur- | 
thermore, the surface should be clean and 35 | 
preferably highly polished or amalgamated. ` | 
The second terminal or ármature of the con- | 
denser may be connected to one of the poles 

of a battery or other source of electricity or 

to any conducting body or object whatever of 90 


-such properties or so conditioned that by its q 
means electricity of the required sign will be 3 


supplied to the terminal. A simple way of 
supplying positive or negative electricity to | E 
the terminal is to connect the same either to'gg | 
an insulated conductor, supported at some E 
height in the atmosphere, or to a grounded 
conductor, the former, as is well known, fur- 

nishing positive and the latter negative elec- 

tricity. As the rays or supposed streams of roc p 
matter generally convey a positive charge to - E 
the first condenser-terminal, which is connect- | 
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ed to the platé or conductor above mentioned, 
I usually connect the second terminal of the 
condenser to the ground, this being the most 
convenient way of obtaining negative electric- 
ity, dispensing with the necessity of provid- 
In order to utilize 
for any useful purpose the energy accumu- 
lated in the condenser, I furthermore connect 
to the terminals of the same a circuit includ- 
ing an instrument or apparatus which it is de- 
sired to operate and another instrument or 
device for alternately closing and opening the 
circuit. This latter may be any form of cir- 


- euit-controller, with fixed or movable parts 
15 


or electrodes, which may be actuated either 
by thestored energy or by independent means. 

The rays or radiations which are to be util- 
ized for the operation of the apparatus above 
described in general terms may be derived 
from a natural source, as the sun, or may be 


artificially produced by such means, for ex- 


25 


30 


35 


45 


50 


55 


60 


65 


- nicate an electrical charge to the same. The 


when the radiations of the sun or-of any other 


will result. This phenomenon, I believe, is 


ample, as an are-lamp, a Roentgen tube, and 
the like, and they may be employed for a 
great variety of useful purposes. 

My discovery will be more fully understood 
from the following detailed description and 
annexed drawings, to which reference is now 
made, and in which— | | 

Figure 1 is adiagram showing typical forms 
of the devices or elements as arranged and 
connected in applying the method for the op- 
eration of a mechanical contrivance or instru- 
ment solely by the energy stored; and Pig. 2 
isa diagrammatical representation of a modi- 
fied arrangement suitable for special pur- 


‘poses, with a circuit-controller actuated by 


independent means. 


-Referring to Fig. 1, C is the condenser, P- 


theinsulated plate or conducting body, which 
is.exposed to the rays, and P’ another plate or 
conductor, all being joined in series,as shown. 
The terminals T T’ of the condenser are also 
connected toa circuit including a receiver R, 
which is to be operated, and a circuit-control- 
ling device d, which in this case is-composed 
of two very thin conducting-plates? 1, placed 
in close proximity and very mobile, either by 
reason of extreme flexibility or owing to the 
charater of their support. To improve their 
action, they should be inclosed in-a receptacle 
from which the air may be exhausted. The 
receiver R is shown as consisting of an. elec- 
tromagnet M, a movable armature a, a re- 
tractile spring b, and a ratchet-wheel w, pro- 
vided with a spring-pawl r, which is pivoted 


to armature a, as illustrated. The apparatus. 


being arranged as shown, it will be found that 


source capable of producing the effects before 
described fall upon the plate P an accumula- 
tion-of electrical energy in the condenser C 


best explained asfollows: Thesun as well as 
other sources of radiant energy throw off mi- 
nute particles of matter positively electrified, 
which, impinging upon the plate P, commu- 
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opposite terminal of the condenser being con- 
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nected to the ground, which may be consid- © 


ered as avast reservoir of negative electricity, 
a feeble current flows continuously into the 
condenser, and inasmuch as these supposed 
particles are of an inconceivably small radius 


or curvature, and consequently charged toa 


relatively very high potential, this charging 
of the condenser may continue, as I have 
found in practice, almost indefinitely, evento 
the point of rupturing the dielectric. Obvi- 
ously whatever circuit - controller be em- 
ployed it should operate to close the circuit 
in which it is included when the potential in 


tude. Thus in Fig.Qywhen the electrical pres- 


80 


the condenser has Brien the desired magni- f 


sure at the terminis T T' rises to a certain 
predetermined value the plates 7 t, attract- 
ing each other, close the circuit connected to 
the terminals. This permits a flow of current 
which energizes the magnet M, causing it to 


draw down the armature a and impart a par- 


tial rotation to the ratchet-wheel w. As the 


current ceases the armature is retracted by 
tho spring b without, however, moving the 


wheel w. With the stoppage of the current 


the plates ¢ ¢’ cease to be attracted and sepa- 
rate, thus restoring the circuit fo its original 


condition. i | 

Many useful applications of this method of 
utilizing the radiations emanating from the 
sun or other source and many ways of carry- 
ing out the same will at once suggest them- 
selves from the above description. 
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By way . 
of illustration a modified arrangement is : — 


shown in Fig. 2, in which the source S of ra- 


diant energy is a special form of Roentgen 
tube devised by me having but one terminal 


k, generally of aluminium, in the form of 


half a sphere with a plain polished surface 
on the front side, from which the streams are 
‘thrown off. It may be excited by attaching 
it to one of the terminals of any generator of 
sufficiently-high electromotive: force; but 
whatever apparatus be used if is important 
that the tube-be exhausted to a high degree, 
as otherwise it might prove: entirely ineffect- 
ive. The working or discharge circuit con- 
nected to the terminals T T' of the condenser 
ineludes in this case the primary p of a trans- 
former and a circuit-controller comprising a 
fixed terminal or brush ¢ and a movable ter- 
minal ¢' in theshape of a wheel with-conduct- 
ing and insulating segments which may be 
rotated at an arbitrary speed by any suitable 
means. In inductive relation to the primary 
“wire or coil p is a secondary s, usually of a 
much greater number of turns, to the ends of 


which is-connected a receiver R. The ter- 


minals of the condenser being connected as 
indicated, one to an insulated plate P and 
the other to a grounded plate P’, when the 
tube $ is excited rays or streams of matter 
are emitted from the same, which convey a 
positive charge to the plate P and condenser- 


receiving negative electricity from the plate 
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terminal T, while terminal T'is continuously — | 
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_ P'. This, as before explained, results in an 


accumulation of electrical energy in the con- 


_ denser, which goes on as long -as the circuit 

. including the primary p is intérrupted. 
- 5 Whenever the circuit is closed, owing to the 
- rotation of the terminal /', the stored energy 
_ 1s discharged through the primary p, this giv- 
ing rise in the secondary s to induced cur- 

` rents which operate the receiver R. . 

to Itis clear from what has been stated above 
that if the terminal T’ is connected toa plate 

supplying positive instead of negative elec- 
- tricity the rays should convey negative elec- 
tricity to plate P. The source S may be any 
- t§ form of Roentgen or Lenard tube; but it is 


- obvious from the theory of action that in or- 


der to be very effective the electrical im- 
pulses exciting it should be wholly or at least 
-  _preponderatingly of one sign. If ordinary 
- 20 Symmetrical alternating currents are em- 
... ployed, provision should be made for allow- 
~ ing the -rays to fall upon the plate P. only 
during those periods when they are produc- 
tive of the desired result. Evidently if the 


25 radiations of the source be stopped or inter-. 


cepted or their intensity varied in any man- 
ner, as by periodically interrupting or ryth- 
‘mically varying the current exciting the 
. Source, there will be corresponding changes 


30 in the action upon the receiver R, and thus 


- Signals may be transmitted and many other 
- usefuleffects produced.  Furthermore,it will 


be understood that any form of circuit-closer 


_ which will respond to or be set in operation 
.35 when a predetermined amount of energy is 
stored in the condenser may be used in lieu 
of the device specifically described with ref- 
erence to Fig. 1, and also that the special 
- details of construction and arrangement of 


e 40. the several parts of the apparatus may be 


very greatly varied without departure from 
the invention. E | p 

Having described my invention, what I 

= claim is— ee, ae. 

~ 45 1. The method of utilizing radiant energy, 
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| which consists in charging one of the arma- 


tures of a condenser by raysor radiations, and 
the other armature by independent: means, 
and discharging the condenser through a suit- 


able receiver, as set forth. __. 50. 


2. The method of utilizing radiant energy, 
which consists in simultaneously charging 
a condenser by means of rays or-radiations 


| and an independent source of electrical en- - 
ergy, and discharging the condenser through 55 


a suitable receiver, as set forth. 
- 3. The method of utilizing radiant energy, 
which consists in charging one of the arma- 
tures of acondénser by rays or radiations, and 
the other by independent means, controlling 60 
the action or effect of said rays or radiations 
and discharging the condenser througha suit- 
able receiver, as set forth. 

4. The method of. utilizing radiant energy, 


which consists in charging one of the arma- 65 


tures of a condenser by rays or radiations and 

the other by independent means, varying the . 

intensity of the said rays or radiations and pe- 

riodically discharging the condenser through 

a suitable receiver, as set forth. — 70 
5. The method of utilizing radiant energy, 


which consists in directing upon an elevated. 


conductor, connected to one of the armatures ' 
of a condenser, rays or radiations capable of 
positively electrifying the same, carrying off 75 
electricity from the other armature by con- 
necting the same-with the ground, and dis- 


charging the accumulated energy through a 


suitable receiver, as set forth. 


6. The method of utilizing radiant energy, 80 


which consists in charging one of the arma- 
tures of a condenser by raysor radiations,and 
the other by independent means, and effect- 
ing by the automatic discharge of the accumu- 
lated energy the operation or control of a 85 
suitable receiver, as set forth. 
ar —_ NIKOLA TESLA. 

Witnesses: A 
M. Lawson DYER, | Ñ 
RICHARD DONOVAN. . 
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Testatika Demonstration (4 August 1999) 
Translation by Stefan Hartmann < harti@harti.com > & Hans Holzherr 


From: Hans Holzherr 
To: Stefan Hartmann 


Recently, over 30 technicians and engineers (most of them retired) were allowed to visit the 
Methernitha group in Linden, Switzerland, where they witnessed a demo of the different Testatika 
machines. 


Here 1s a report from Hans Holzherr from Switzerland who was present: 
Hello Mr. Hartmann, 
To your questions: > Have you seen live a machine with a load? If so, what load? 


I am referring in the following to the model with the 50-cm diameter disks. This machine was 
already running when the visitors stepped into the room, and was not halted during the whole time - 
-- we were there for about 1.5 hrs. As a first load a 1000-Watt lamp was connected for 
approximately 10 seconds whose brightness did NOT diminish --- the corresponding sequence on 
the Testatika film is just an effect of the camera aperture's automatic adjusting to the sudden 
brightness! The second load was a U-shaped heating element, that Mr.Baumann handed to me. It 
became so hot within one second that I had to put 1t down immediately! What was particularly 
impressive was that while he pulled back one of the contact wires (that was with the lamp, I 
believe), a 1-cm long arc appeared between the output electrode and the connecting wire for 
approximately one second. The apparatus was under a plexiglass hood. Near the base it had two 
holes which Baumann used to insert the contact wires to touch the output electrodes. 


How do you think the high wattage 1s produced ? 
Good question! I'd love to know the answer, too! 
Did the disks slow down when a load was placed across the output electrodes ? 


I did not notice that (nobody else did), but of course you tend to turn your look to 'where the action 
is' (the lamp etc.) The disks turned with 15 rpm, which is quite slow. The spin rate was regulated 
magnetically. 


What general impression did you have ? 


It was really impressive! One can hardly believe it, with this slow rotation. In any case, this cannot 
be explained in terms of bare electrostatics in the sense of the Wimshurst machine. The perforated 
sheets seem to have a key function... Beside the pick-up and the drive electrodes there are a number 
of small plexiglass blocks with glued-on perforated sheets, whose function is unknown. 


As Adolf Schneider already mentioned, my colleague Bernhard XXX and I want to try to copy the 
principle experiment shown by Baumann --- without much hope to find anything extraordinary, 
though. 


The device consists of a horizontal swiveling plexiglass arm with a small rectangular plexiglass 
plate at both ends glued to the lower side of the arm. The lower side of the arm 1s covered with 
perforated aluminum sheets (square holes), while the bottom of the plates 1s covered with brass wire 
mesh. Beneath each plate five additional plates are glued onto the base plate. There is also wire 
mesh between each pair of plates in the two blocks. From the mesh layer between the lowest plate 
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and the base a wire goes to the two capacitors, which are connected in parallel . Baumann seized the 
arm with both hands and turned it about ten times back and forth (a full rotation was not possible, 
because the capacitors were in the way), then measured the DC voltage with a digital measuring 
instrument: 60 Volts. Then, as he short-circuited the condensers a loud crack could be heard. I don't 
know 1f that already is an abnormal result... 


On my question Baumann replied that with metal foil (instead of wire mesh) the device would not 
produce that effect. 


For more information, Contact: leo@zelator.in-berlin.de 


"Back-Engineered Testatika" 
by 
Paul E. Potter 
http://website.lineone.net/~aarekhu/index.html 
(Copyright 2000) 


That the Swiss Methernitha group's Testatika machine 1s thought to be based on a Wimshurst 
electrostatic generator, is only a sparse approximation of the truth --- of the great multitude of 
electrostatic influence machines developed around the 1900's it more closely follows the charge- 
separation-and-collection system used by the 1898 Pidgeon machine [note 1] for its electrical 
circuit. 


Its 50-per-disc steel grilles or 'gitter-grilles' are plainly unique to the Methernitha (see fig.1) but in 
principle follow on from previous research and patents for corrugated sectors which were found to 
be more efficient charge carriers [note 2] than flat ones, and from a similar example in more recent 
times of aluminium rods extending out like wheel spokes from an insulating hub of perspex [note 
31. 


Another unique function of these perforated grilles attached to the discs 1s how they induce charge 
from the rotating discs onto the special collecting pads, or 'tasten' antennae keys (which are also 
perforated --- so as to more readily pick up charge); for in a Wimshurst you had conductive brushes 
or rails of sharp points which actually touched the discs or were placed very close to them, but in 
the Methernitha the charge has to be made to traverse a parallel air-gap to the pads and for this 
purpose the metal gitter-grilles are so designed to create miniature eddy-currents of charged air 
which circulate in and out of the perforated metal's surface charges, and are more easily bounced 
out to the collecting pads. This process is categorised as VARIABLE CAPACITANCE electrostatic 
generation. 


Careful note needs to be made of how the Methernitha uses its basically Pidgeon setup with regard 
to its neutralising rods (that equalise and stabilise the opposite charges --- see fig.2), and how 
charges are picked up from one area and accumulated at others, so that the polarities of charge are 
distributed correctly to specific areas on both discs [note 4]. 


And although there have been some fanciful claims, or misinformation, that it uses all sorts of 
radioactive materials to achieve its pulsed output I most strongly believe that the auxiliary 
electromagnetic circuit, that wraps itself around the rotating discs, portrays a simple electronic 
approach; afterall, who would use radium radioactive emission alongside leyden jar capacitors ! 


Indeed, the more you look into certain elements of its construction the more they point to three main 
eras of electronics development, the 1900's, the 1920's and the 1950/60's. The authentic Methernitha 
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was designed and developed by purists who believed they had discovered a previously unknown 
electronic phenomenon, but they wanted to keep an integrity to the early pioneering days of the 
Pidgeon, Wimshurst and Holtz electrostatic machinery; they would not use such modern devices as 
transistors or IC chips (more's the pity) --- but they do use some pretty uncommon electronic 
engineering in their circuit [note 5]. 


Obviously, the electronics are in two parts; one --- the electrostatic generator and its particular 
technologies of how to direct what charge where, and two --- the very unique auxiliary 
electromagnetic circuit of inductances, capacitances and rectification that mobilises that 'static' 
electricity. To understand how they convert static energy into an electromotive force you would do 
well to go back to the earliest years of radio. From the pages of spark radio you soon appreciate just 
how important oscillation circuits and their valve rectifiers were, and moreover, how difficult 1t 
proved to engineer them. For although radio transmitters and receivers from the 1900's used 
resonating circuits their oscillations were controlled by sparks between two contacts and, of course, 
they were relatively inefficient. Not until the 1920's did the first electric current oscillations become 
an observable controlled phenomenon when someone coupled a rectifier valve, a capacitor, and a 
resistor together [note 6]. The early 1920's also saw the best era of experimentation and invention 
for novel devices that turned static energy into useable electromagnetic energy; it was in a 1921 
patent that we see a German physicist Hermann Plauson describe in great detail his methods to 
convert static power, not only from rotary influence machines but also from balloons collecting 
atmospheric electricity up in the sky; and by using thermionic rectifiers, leyden jar capacitors and 
inductor coils he proposed a free-energy network that was to power the whole of Germany [note 7] ! 
The thermionic rectifier valve heralded a new era for radio and high voltage physics, and as it was 
then subjected to such a broad array of experiments and modifications to improve its efficiency so it 
paved the way for all sorts of new avenues in electronics. Indeed, with such a technical catalogue of 
similarities with what we see in the available photographs of Testatika it can be assumed without 
doubt that the horizontal glass tube which sits on top of the Methernitha machines is exactly what a 
home-made vacuum thermionic rectifying valve would look like; with its internal anode mesh-plate, 
surrounded by a coiled copper grid, fed by a glowing (heated) cathode wire running horizontally 
across its centre and capped by two black end-pieces, which are too big and bulbous to be mere end- 
caps and must surely be black rubber vacuum seals to seal the glass tube and the input/output wires 
[note 8]. 


With such a rectifier, some induction coils, and some leyden jar capacitors you have a circuit that 
oscillates, and that's what has to happen with a Methernitha, the electromagnetic circuit has to 
oscillate for it to work, and then the oscillations have to be rectified (or even modulated) so that the 
resulting single-pole pulses can be channeled through the big cans, which are basically high- 
efficiency transformers, and outputted as reduced voltage higher current DC pulses (see fig.3). 


The precise components used to oscillate the primary oscillating circuit are, I believe, not to be seen 
in any of the available photographs, but there are various hints for their approximate whereabouts 
on the machine. Firstly, according to electronic design there should be a capacitor and coil 
configuration in close proximity to the rectifier. Well, from the picture "3K WREAR" can be seen 
the two long upright tubes which, according to those who have seen them first-hand, comprise a 
spirally turned aluminium strip (which indicates they are chokes [note 9]) inside a glass tube, inside 
the same sort of outer shielding that the big cans have (which indicates they are electrostatic 
shields), inside yet another glass tube, and are terminated at the top with a brass connecting rod 
which does a right-angled turn and passes into the side of the tower --- but only two-thirds up the 
height of the tower. These two assemblies must form a connection to the rectifier, because the 
rectifier is at the top of the tower, so why don't these electrostatically sensitive tubes extend all the 
way up to it ? Again, from the photographs of the rear and front of the Methernithas there is a wire 
that comes out of the tower's side wall at about 4 inches above the upright's brass terminals and this 
wire then passes through a short black tube and on to the rectifier valve. This, of course, would 
happen on both sides of the tower, enabling a connection to both ends of the rectifier. But why have 
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(Chapter 5, problem 7) 
32. See Figure 12.14 . 
Figure 12.14 


r À 
\ rms Y 


T 
Period 

(Chapter 5, problems 3 and 7) 

33. 3.535 volts (Chapter 5, problem 4) 

34. 340 volts (Chapter 5, problem B5) 

35. 69 wsec (Chapter 5, problem 7) 

36. 13.3 ohms (Chapter 5, problem 14) 
37. 0.32 uF (Chapter 5, problem 14) 

38. 27.6 ohms (Chapter 5, problem 17) 
39. 16 mH (Chapter 5, problem 17) 

40. 8 kHz (Chapter 5, problems 19 and 21) 
41. XC = 16 k &, Z = 2263 ohms, V out 


= 7.07 volts, | = 44 mA, tan 0 = 1, O = 
45 degrees (Chapter 6, problems 10 and 
23) 

42. XC = 8 k®, Z = 10 k%2, V out = 72 
volts, | = 12 mA, tan 0 = 1.33, 8 = 53.13 


degrees (Chapter 6, problems 10 and 23) 
43. XC = 80 ohms, AC V out = 8 mV, DC 
V out = 2.5 volts (Chapter 6, problem 26) 
44. XC = 1.33 ohms, AC V out = 8.3 mV, 
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this 4 inch gap of connections at the top of the tower ? Something is placed inside the top of the 
tower in this intermediate space which is very necessary to the circuit, and I think it must be the 
location of the capacitor/inductor configuration to oscillate the circuit. This (fig.4) is how I would 
see the inside of the top of the towers [note 10]. 


I've seen some of the patented inventions that rotate discs --- by using magnets (1.e., H.Rosenberg's 
permanent magnet excited rotational machine, US Patent # 3,411,027 ), and by utilising inscribed 
metalised discs (US Patent # 3,239,705 for instance), but there simply isn't enough room for these to 
be located in the Methernitha disc setup --- also, you don't want to interfere with the ES fields that 
zip around the revolving discs: From the reports of those who have seen the small machines 
working it appears their discs were rotated by small DC electric motors after they were hand- 
started, some re-wound with thinner wire (to presumably increase their torque) and powered 
directly from the discs' generated electricity --- but I have also seen how two discs can continue to 
rotate simply by careful placement of curved electrodes [note 11] which would act on the charges 
on the discs --- like the 3kw Testatica Distatica generators. 


After reading through the many early accounts of electrostatic rotary machines, and some of the 
more recent ones, you can't help but be puzzled by the Methernitha's incredibly low rotational speed 
of just 60 rpm (and in the 1999 engineers report as low 15 rpm !). Most other early experimenters 
boasted up to 3000 rpm. J.G.Trump in his work on high voltage generation in space [note 12] spun 
his rotary machine at 10,000 rpm (to produce 433 Watts at 24 KV no less). One reason for this low 
speed might be to do with the close proximity of the 50 lamellas (gitter-grilles) on the discs at their 
inner ends, they are very close together, I think too close. Air, normally an insulator, breaks down 
and conducts at around 25-35 KV (this figure has been fairly constant from day-one of electrostatic 
machine experiments right through to the present day --- because air has a breakdown field strength 
of 3x 106 volts/metre) and short-circuits the circuit. I feel that because this design of grilles is prone 
to short-circuiting at high voltages the Methernitha people have limited their rotational speed so as 
to ensure a low operating voltage --- of what I'd guesstimate to be only 12 to 24K V. 


But, 1s this a waste of extra potential ? Not necessarily, for I don't think that the main power output 
comes solely from what the two counter-rotating discs supply. 


There is, I believe, a far more important power generator --- the electron cascade generator, and the 
Methernitha has two of them, held inside the two horseshoe magnets, and providing the circuits to 
the magnets are made to oscillate at the right frequency at a high enough voltage then these 
metalised-perspex laminated blocks can enmass A MUCH LARGER AMOUNT OF 
ELECTRICITY THAN WHAT IS PUT INTO THEM. 


This, perhaps, is the previously unknown electronic phenomenon that the Methernitha group have 
so zealously been trying to protect against unscrupulous entrepreneurs. But I would say that this 
copious supply of free energy is already known to the world --- it 1s not readily available - and its 
principles are not fully understood, as yet, but it 1s known about. 


As the descriptions say (on the Testatika website), between the horseshoe magnet legs are four 
blocks of transparent 'plexiglass' type material alternated with copper and aluminium plates (that 
may or may not be perforated), in the sequence c-p-a-c-p-a-c-p-a-c-p-a (also see fig.6). And 
according to the Linden Experiment, where Paul Baumann induces a resonance of about 80-140 
MHz in a coiled horseshoe and then has an aluminium-insulator-copper block moved between the 
horseshoe legs, a voltage could be taken off the plates of the block which measured 700 volts (DC 
presumably) [note 13]. This incredible phenomenon has never been replicated by any 'outside 
researcher’, and is said to be the basis by which the Methernitha machine could be understood how 
to work [the clue, possibly, to this Principle Experiment may be variable-capacitance and dielectric- 
absorpsion]. 
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But what, I hear you say, is an electron cascade... Well, it was only by chance, very recently, that I 
happened to listen to an audio tape by a Dr. Flanagan about crystal water; when I switched the tape 
over after the end of side one Dr. Flanagan then began talking about an electronic configuration that 
applied a high frequency, high voltage alternating field across an insulator --- that created what he 
called an electron cascade effect --- Yes, I thought, here is the answer to the Methernitha Machine. 


The electron cascade or avalanche effect is where air molecules are accelerated to the device at such 
a high velocity that they collide with other molecules and atoms in the air to liberate new electrons 
which in turn also collide and liberate even more ‘free electrons' from other air molecules (see 
fig.5), all of which become accelerated by the electric field, and an avalanche of electron- 
multiplications progresses throughout the whole immediate environment [note 14]. It's a chain 
reaction, and an entirely safe one, it happens in a more ferocious way in lightning strikes, and is a 
natural phenomenon. And, as in this case, the environment actually becomes part of the circuit [note 
15] because the process is actually negatively-ionising the air surrounding the Methernitha 
machines, and that is why those who have been near these generators when working say the air 
around about them is cool and fresh [note 16]. 


In view of the fact that 1t's designers have chosen to wind insulated wire (which may or may not be 
bifilar) around the horseshoe metal 1t 1s likely that the horseshoes are used for some form of 
induction [note 17], it would also be very possible to draw directly from this part of the circuit the 
extra electric current produced from the electron cascade blocks, with suitable connections that 
might lead downward into the wooden base (where it is believed that an alternate layering of 
perforated metal plates and insulating plates - making up a large high-voltage storage capacitor - 1s 
located). This power could then be discharged as a pulsed output of high wattage, especially if the 
final output part of the electronic circuit is configured as a Pulse Forming Network of multiple 
sections of inductor / capacitor combinations [note 18]. 


The two big cans at the side, the big capacitors, are probably not highly technical (see fig.7), once 
the fundamental formula has been decided upon all models of a Testatika generator would follow a 
similar construction process. The written descriptions are a little contradictory but they seem to 
suggest a central input rod, or tube, connecting at the bottom of the cans to a stack of inter-linked 
pancake coils, that are wound secondary-outside primary-inside, fitted around a core of 6 hollow 
donut-ring magnets stacked in such a way with plastic spacers as to allow air gaps between them, 
and then finally the output of each can is a connection from the top coil of the secondaries of the 
pancake coils to a brass ring around the centre of the black plastic top lid --- and from the 
photographs can be seen a large diameter wire or tube [note 19] connecting that polarity's output 
terminal to the top lid's brass ring via a brass screw terminal. I would suggest that the ring magnets 
(of anistropic ferrite perhaps) are gapped in this way to prevent the magnetic flux fields of the 
pancake primaries co-joining as one sprawling field, because 1t would be more advantageous, and 
safer, to have each separate pancake's magnetic flux cut it's own adjoining secondary coil, and 
divide the secondary output voltage into smaller amounts of potential, thus depending less on 
complicated insulating procedures that accompany high voltage single primary / single secondary 
transformers. 


The use of aluminium mesh and solid copper sheeting is commonly used in electronic construction; 
the outer aluminium mesh cylinder would be used to shield stray electrostatic charges, and the solid 
copper cylinder is to shield the large amount of stray electromagnetic fields produced by the 
transforming process from high voltage/low current to lower voltage/higher current [note 20]. 
Obviously they don't want field contamination taking place between the sensitive electrostatic 
generator and the transformers. 


Within these two outside shielding-cylinders are 'grid condensers' which, according to the 1999 
report by the 30 engineers, can be as many as 20 layers of perforated sheet (presumably as 
concentric cylinders) - which I have indicated (in fig.7 for instance) as being electrically connected 
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BETWEEN each separate secondary winding - in the fashion of an old discovery from the early 
days of wireless telegraphy and based on the 'disruptive discharge coil' devised by Nikola Tesla, that 
such a condenser connected in the center of a secondary coil collects the maximum amount of 
voltage created by that secondary. This configuration of one condenser inside another inside another 
etc etc, has a striking similarity to the layout of a pulse forming network [see note 18]. 


In the red wired can the transformer 1s wired to output negative, and the blue wired can's 
transformer 1s wired to output positive polarity. Special note should be made of a similar 
arrangement for divided primary / secondary windings devised by Van de Graaff in his 'High 
Voltage Electromagnetic Charged-Particle Accelerator Apparatus Having an Insulating Magnetic 
Core' [note 21] with respect to magnetic reluctance gaps. 


Whilst it has been said that the clear perspex disc was designated the 'cloud' disc, and the (rear) dark 
disc the 'ground' disc I would think this relates to different types of acrylics or plastics that might 
become charged to different polarities, as in the triboelectric series, where frictional charging of 
different plastics --- and then bringing them close together, might cause donation or acceptance 
from one to the other; I would think from the above that cloud represents a donator (positive charge) 
and that ground must mean an acceptor (negative charge). Has anyone tried the combination of a 
teflon disc (extremely negative charge) with a glass disc (highly positive charge) ? 


Or discs doped with paramagnetic particles perhaps [note 22] ? 
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The circuit has to be made to oscillate for it to work, and then the oscillations have Fu ll Circuit 
to be rectified, so that OC pulses can be channeled through the transformers in 
the big cans and converted to high- current DC output The rectifying diode, 
together with the coils LI and L2, and the capacitors C5 andWC+ are one of many 
configurations that will create the oscillations and rectify them. The rectifier must 
have aheated filament to provide cathodic dectrons, and its efficiency is greatly 
improved by being inside avacuum enclosure. 

A reed switch is triggered by magnets in the disc rim to provide atiming pulse to 
indicate the disc's rpm. 

What makes this machine over unity’ is its ability to magnify its basic input - and 
this it does by creating and utilizing an electron cascade effect, which ionizes and 
polarizes the arin the environment surrounding the two horseshoe magnet . 
configurations (basically by oscillating the dielectric blocks with high frequency high Pla (anes) Rectifier- Diode 
voltage pulses), the ar molecules are accelerated toward the blodes at high speed 
to cause them to collide with other air molecules to dislodge tree dectrons, which 
are also accelerated to free up more electrons by further collisions, and so on and 
so forth. The resulting avalanche permeates the surrounding environment. 

In each Big Can is a step-down transtormer of multiple pancake coil windings 
especially coupledto a toroid-magnet core so asto intensify the field and produce 
divided voltage outputs which charge up separate 'condenser-grilles, 

which build up the chargetor output Electrostatic shielding 

in the big cans is provided by the outer perforated 

aluminium cylinder and magnetic shielding HF 
is provided by a solid copper cylinder. 


Electron (ECs 1 


Cascade Generator Hidden Wires 


a | in the Wooden Base 
; (& possibly Lecherwired 
for high-frequency resonance) 


Electron (ECG 2) 
Cascade Generator 


© Paul E Potter 2000 


Back-Engineered Methernitha --- Notes 


Note 1 --- For more information on the Pidgeon machine see "Electrical Influence Machines" by 
John Gray, 1903 p. 206 & "Philosophical Magazine" Dec 1898, p. 564, and of course the Pidgeon 
patents. 
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Note 2 --- See "Modern High Speed Influence Machines" by V.E. Johnson, 1921, p. 76. Johnson 
was not only a researcher of electrostatic machines but was also an innovative constructor of them, 
and as such was keen to try any technique that made his generators more powerful than even the 
specialised Wommelsdorf multi-disc condenser machines. This book is an absolute must for those 
who wish to work in this field. Another 'must' is the website of Antonio Carlos M. de Queiroz ( 
http://www.coe.ufr).br/~acmq/electrostatic.html ) which is absolutely full of information about (and 
with links to) present-day developments in electrostatic machines. 


Note 3 --- See "Self-Excited, Alternating, High-Voltage Generation Using A Modified Electrostatic 
Influence Machine" by M.Zahn, et al., American Journal of Physics, Vol 42 (1974) p. 289. 


Note 4 The Methernitha designers have taken a basic Pidgeon electric field system and added a few 
modifications of their own, partly to lock a certain polarity of charge to a certain area so as to 
stabilise it, and also to boost certain areas with charge. As in their use, for example, of an extra field 
plate located at the top-centre in front of the front disc (just under the rectifying valve), note also 
that this plate, or antennae key, is indirectly coupled to the rest of the circuit, via a coil setup. Much 
the same occurs with the two plates slightly below it, these plates are connected to a brass terminal 
which connects to a copper wire that goes down and winds in a coil shape around a hollow plastic 
tube, and inside the tube will be another wire or small coil that draws off the electric charge. So 
these three plates are using not direct connection but induction to get their charge. 


Note 5 ------- By looking at how each of the photographed machines have been constructed you can 
see that these are high quality crafted structures. I would think each would start off as sub- 
assemblies fitted together by pairs or small groups of members, those sub-assemblies of wooden 
base, big cans, perspex framework, discs with bearings and axles, when completed would be passed 
on to the electrical engineers of the community who would then fit the wiring connections, vacuum 
tube rectifier and make sure that not only did they work but that they looked like a work of art. 


Note 6 --- The Fleming valve had been around since 1905 and while it progressed to the thermionic 
valve and audion, by 1922 the ‘Pearson and Anson Effect’ was discovered whereby oscillating 
currents could be produced with a resistor, capacitor and thermionic valve coupled together. 


Note 7 --- See US Patent 1,540,998 (9 June 1925) Conversion of Atmospheric Electric Energy by 
Hermann Plauson. He also wrote a book of the subject titled "Gewinnung und Verwertung der 
Atmospharischen Elektrizitat" in 1920 in German (which 1s currently held in the British Library). 


Note 8 --- Whilst some have seen the smaller 300 Watt machine’s discharger/rectifier quite open 
and not encased in a vacuum tube the vacuum tube models would be much more efficient and 
would waste less current. Also, the rectifier tube must have a heated filament (which on the 3K W 
machines can be seen as a glowing line running the whole length of the grid and coil assembly 
between the two black end caps, and in the films you can see faint flashes coming from behind the 
rectifier so possibly the filament is wrapped around the other side of the grid/coil assembly as well). 
Coolridge, back in the 1900’s, discovered that no discharge from the cathode to the anode would 
occur, even at 100,000 volts, unless the filament was heated (Physics Review, Vol. 2, Dec 1913, p. 
418). Aluminium mesh will give off electrons quite readily and can be used as a cold cathode --- but 
a heated cathode offers the advantage of being able to control the oscillations. 


Note 9 --- The two long upright tubes are without doubt choke coil assemblies in precisely the right 
place to slow down the current where it gets oscillated and rectified. In a choke the higher the flow 
of current the greater will be its resistance to that current flow. An even better form of choke will 
have some form of iron core inside it. 


Note 10 --- I have come up with 6 different circuits for this oscillation section, some of which 
include small quartz crystals. (See notes 13 and 16 on frequency of oscillation). The black dial at 
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the rear of the 3kw machine is most likely to select a variety of capacitances so as to control the 
oscillations of the circuit, which in turn control disc rotational speed. 


Note 11 --- The phenomenon of electrostatic motors has been well researched over the years (see 
"Electrostatic Motors" O. Jefimenko in "Physics Teacher" Vol. 9, March 1971, p. 121-9, and in 
"Electrostatics And Its Applications" by A.D. Moore (1973) p. 131-147; "Electrostatic Motors" by 
B.Bollee in "Philips Tech. Review" Vol 30 (1969), p. 178-194). The Methernitha Testatika 
generators (see a recent report by 30 engineers) auto-rotate, after they have been started by hand, by 
the same principles of these ES motors. 


Note 12 --- J.G.Trump worked for the US Air Force and pioneered some highly efficient 
electrostatic machines around the 1960’s (see" Electrostatic Sources of Electric Power" in "Elec. 
Eng." 66:525, June 1947; and "High Voltage Generation in Space:The Parametric Electrostatic 
Machine" in "Progr. Astronaut. Rocketry" (vol 3 --- Energy Conversion for Space Power) 1961 
p745). 


Note 13 --- Although the “Linden Experiment” was thought to register a frequency of 80-140 MHz 
this does not necessarily mean that the Methernitha generators would oscillate at that rate also. Such 
a frequency seems unnecessarily high. 


Note 14 --- See "Plasma --- The Fourth State of Matter" by D.A. Frank-Kamenetski (1972) pp10, 
and Dr.Patrick Flanagan’s US patents 4,743,275 (May 10, 1988) and 4,391,773 (Jul 5, 1983). 


Note 15 --- The effect is very similar to the converging forces in a non-uniform field, the oscillating 
perspex blocks become one ‘electrode’ and the surrounding air in the room becomes the opposite 
‘electrode’, and by the processes of electrophoresis and dielectrophoresis the electrically charged 
particles in the air (the electrons and negative ions) are drawn toward the central electrode, which in 
this case 1s the perspex block assembly (see "Nonuniform Electric Fields" by Herbert A. Pohl in 
"Scientific American" (Dec 1960) p. 107-8). I am much more inclined to believe that the ingenuity 
of the design of these types of machines comes from physicists and not electronic engineers. 


Note 16 --- Dr. Flanagan actually uses the electron field generator in his own special ionizer (see 
Method of Purifying Air and Negative Field Generator US Patent 4,391,773). 


How does an electron cascade generator work, I would think that while you have an alternating 
electron movement (and Dr. Flanagan reckons this effect occurs with a high voltage field alternating 
at above 20 KHz) at the metal electrodes, the perspex blocks sandwiched between them would 
transfer the electricity not through their mass but around it, as surface charge --- actually in the layer 
of air right next to the insulator’s surface. Its the same principle as dielectric absorption - the 
perspex blocks don't discharge themselves fast enough to keep up with the alternating voltage and 
so they accumulate more and more charge --- until it forms as a layer of charge on the insulator's 
surface. This means that at a high enough frequency the surface-air molecules polarize, with the 
more mobile electrons separating from the slower bulks of those molecules and while the electrons 
get thrusted back and forth a secondary layer of (slower) positive air ions develops, and so on, and 
the process of high voltage high frequency polarization triggers the electron avalanche effect. 


In the event that the perspex blocks are indeed ELECTRETS (as free-energy researcher Geoff Egel 
and others suggest) I would think that they would work in a similar fashion to the above process, of 
dielectric absorption that charges up the blocks before they produce the cascade-effect. Because in 
the electret the electrons charged into the perspex/plastic, and the positive ions, would still be 
manipulated by the reversing electromagnetic field in such a way as to orientate (as with dipoles) 
back and forth, to eventually reach the point (if the whole circuit is tuned properly) where they 
would attain resonance with the immediate air surrounding them. And if this effect is similar to an 
inductance then possibly a back-emf will result also, to increase the output voltage. Either way I 
believe the effect will still be an electron cascade through the environment and the product of this 
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oscillating output (at the blocks) could similarly be drawn off and accumulated in the multi-layered 
base capacitor network. 


I would suggest that a test program to find the best type of blocks would be; One --- try different 
types of plastic/acrylic/ceramic materials for the blocks. 

Two --- try different methods of electrifying the plastics (as with electrets). Three --- try plastics 
doped with semiconducting particles. Four - try plastics doped with paramagnetic particles. Five - 
try hollow plastic blocks containing an electrolytic fluid. More information on plastics will be found 
on the Electret vs Dielectric Absorption Page. 


Note 17 --- There are several definitions of Bifilar, one where the wires cancel out their magnetic 
fields, and one where the wires are wound to ensure a tight low-loss magnetic flux coupling, in this 
case you need all the magnetic flux you can get so it must be the latter --- See "Transformers For 
Electronic Circuits" by Nathan R. Grossner (1967), p. 224 etc. 


Most commonly used magnetic metal is Mumetal, which is an easily saturable magnetic material, 
routing magnetic flux through it rather than in the surrounding air, so as to enhance the mutual 
induction between the two coilings of red wire around the horseshoe legs. 


Note 18 --- So that the machine's output voltage doesn't drain away when it is connected up to a 
large load, what is needed here is a Pulse Forming Network (or artificial delay line). "Such a 
network is an improvement on simple capacitor storage because of the cascading action from one 
capacitor to the next along the chain. At the beginning, all capacitors are charged to the same 
voltage but as soon as the first one starts to loose voltage, the one behind it is then free to discharge 
into it. This topping-up action, which trickles down the network from capacitor to capacitor, is the 
mechanism by which the voltage across the output terminals tends to hold onto its original level." 
(see "High Energy Discharge Systems" A.P.Stephenson, Electronics Today International, March 
1992, pp. 24-26). 


Note 19 --- When voltage of a high potential and high frequency flows along a wire it does so on 
the outer surface (called the ‘skin effect’) and so the Methernitha would use thick wiring or even 
1/8" tubing to connect its circuit. 


Note 20 --- Two references for shielding are: "A Shielded Loop" by S. Goldman in "Electronics" 
Vol 11 (1938), pp. 20-22; and "Measurements in Radio Engineering" by F.E. Terman (1935), p. 218 
& p. 341. 


Note 21 --- For information on maximum voltage in the center of a secondary coil see "A 
Handbook of Wireless Telegraphy" by J. Erskine-Murray (1913) p. 42; and an article called 
"Dielectric Hysteresis at Radio Frequencies" by E.F.W. Alexanderson in "Proc. I.R.E., Vol. 2 (June 
1914) p137-157. For Van de Graaff's transformer see US patents 3,323,069 (May 30, 1967) and 
3,187,208 (June 1, 1965). These patents were not just for a Van de Graaff high voltage generator, 
they were for a special system devised by Van de Graaff long after his generator had been in use to 
convert static electricity into current electricity. This system may be a little too complicated for the 


Methernitha but, nevertheless, the principles he used for multiple primary / secondary windings may 


be of some interest. 


Note 22 --- Dr. Flanagan modified his insulator blocks, made of resin, by doping them with 
paramagnetic granules (such as silicon carbide) to enhance even more the electron cascade effect; 
which is an idea that the physicist Thomas Townsend Brown first experimented with (by using lead 
oxide granules) in his US Patent 3,187,206 (June 1, 1965) to good effect. The surrounding air could 
also be ‘enhanced’ in similar fashion to polarise it's electric charge and improve its side of the 
performance (for those interested in the ‘physics’ of this see an article by W.A.Douglas Rudge "On 
Some Sources of Disturbance of the Normal Atmospheric Potential Gradient" in Proc. Royal Soc. 
A, Vol. 90 (1914) pp. 571, etc). 
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Note 23 --- Some other generators with similarities to the Testatika machine are the "Electrostatic 
Energy Field Power Generating System" invented by William W. Hyde (US Patent 4,897,592 of Jan 
30, 1990) 1s a rotor/stator variable capacitance machine capable of producing 300 KV. Other such 
generators are; "Parametric Electric Machine" invented by Ferdinand Cap (US Patent 4,622,510 of 
Nov 11, 1986) which has a series resonant (LCR) circuit structured into 1t so that 1t oscillates --- and 
indeed operates AT RESONANCE to ensure a high output; "Electrostatic Generator" invented by 
Dan B. Le May, et al. (US Patent 3,094,653 of Jun 18 1963) is a very ingenious system of variable 
capacitance; the "Electrostatic Machine" by Noel Felici (US Patent 2,522,106 of Sep 12, 1950) is a 
good standard which utilizes a valve rectifier; and the "Electrostatic Generator" by William S. 
Spencer (US Patent 1,415,779 of May 9, 1922) is an early rotor/stator generator which transferred 
its electric impulses through a transformer to produce a higher current output. 


Fig.2 


Z Pidgeon (configured as 
Merhernitha machine) 


Wimshurst machine 
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| In the Testatika-D istatica Video it has... "By means of grid-condensers the energy is stored and itis then uniformly discharged, 
at the same time reducing the high-voltage and building up power with addit onal devices.” 


"Principle Experiment" 
by 
Paul E. Potter 


With respect to the 30 engineer's report (of 1999) the principle experiment’ was set up in such a 
way (see diag 1) that by swivelling the cross-piece over two other plexiglas blocks a current was 
transferred into two capacitors. Possibly when someone grabs hold of the swivelling cross-piece 
they transfer some static electricity from their body to the grilles of the cross-piece which, when 
vigorously turned back and forth will initiate a transfer of electric charge to the two stacks of blocks 
below them attached to the base. This may either be because anyone walking over a carpet or 
wearing man-made fibres will already hold thousands of volts of electrostatic charge - which will be 
enough to 'prime' this apparatus after touching it, to get it to work, much the same as when a 
rotating influence machine has to be primed with an electric charge before 1t will work; or, as many 
researchers have surmised already, that the plexiglas blocks glued to the swivelling cross-piece had 
been charged up with electricity as an ELECTRET. 
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DC V out = 2 volts (Chapter 6, problem 


45. XL = 62.8 ohms, Z = 89 ohms, AC V 
out = 6.07 volts, DC V out = 4.3 volts, tan 
8 = 1, © = 45 degrees (Chapter ©, 
problems 31 and 35) 

46. fr = 16 kHz, XL = 100 ohms, XC = 
100 ohms, Z = 10 ohms, Q = 10, BW = 
1.6 kHz (Chapter 7, problems 2, 6, and 20) 
47. fr = 11254 Hz XL = XC = 707 


ohms, Z = 71.4 k&, Q = 101, BW = 111 
Hz (Chapter 7, problems 10, 11, and 20) 

48. V hp = 5.656 volts, flhp = 11,198 Hz, 
f2hp = 11,310 Hz (Chapter 7, problem 27) 


49. Your values should be close to the 
following: RE = 100 ohms, VC = 14 volts, 
VE = 1.4 volts, VB = 2.1 volts, R2 = 1.5 
k &, R1 = 16.8 kl (Chapter 8, problem 

17) 

50. RE = 110 ohms VC = 5 volts, VE = 
0.25 volts VB = 0.95 volts, R2 = 2.2 k &, 
R 1 = 18.1 kl (Chapter 8, problem 17) 
51. The gain can be increased by using a 
capacitor to bypass the emitter resistor RE 
; CE = 300 UF (approximately). (Chapter 
8, problem 20) 

52. RS = 1.04 k&, RD = 3.41 k & 
(Chapter 8, problem 42) 

53. Av = -13.6 (Chapter 8, problem 39) 
54. RF = 680 k & (Chapter 8, problem 45) 
55. V out = 17/0mVY and is inverted 
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The use of mesh around the cross-piece guarantees a variable capacitance to the moving arms --- 
and as these are moved quickly over the base blocks (again, alternated with mesh and Plexiglas) an 
amount of electric charge will be transferred to them EACH TIME the arms go backward-and- 
forward over them. Electronically, you have one variable capacitance acting upon another variable 
capacitance - which is why Baumann said that if metal foil were used instead of the mesh it would 
not produce the same effect. 


What happens next is called "dielectric absorption", and the following extract, from "Dielectrics" by 
P.J.Harrop (1972) pp71, will explain; 


"When a given dielectric [1.e., plexiglas] has a field put across it, and this field is then removed, the 
electrodes are briefly shorted out (not enough for all the ions and particles to relapse back) and the 
device left on open circuit one finds subsequently that it has partially charged up again. 


This is due to the slow-moving charge carriers remaining in position. It can be a frightening 
phenomenon with practical dielectrics since a person who has briefly discharged a charged insulator 
may subsequently touch it and be severely shocked." Some dielectric materials being more prone to 
this effect than others, and so obviously some experimentation will be needed to choose the best 
perspex, plexiglas, plastic, or acrylic materials so as to take the most advantage from this dielectric 
absorption effect. 


Once the blocks are being charged up the electric charge simply flows into the two interconnected 
capacitors and accumulates. 


Principle Experiment 
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Linden Experiment ~ 


A look at the only available diagram of the Linden experiment (see diag 2) shows a horseshoe 
magnet coupled to what seems to be a closed-ended wire. It can also be seen in this diagram that the 
wire coils around the magnet are sufficiently spaced apart so as to provide capacitance (between 
each coil of the wire) in the circuit. So, with capacitance, coils (for induction), and magnetic flux, 
you have all the ingredients needed to make an oscillating circuit --- provided there is a supply of 
voltage and some sort of interruption mechanism - then you have a circuit that will resonate. And 
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this leads us back to that oft repeated question --- 1s the block used in the Linden Experiment an 
electret. The first person to PUBLISH how they have duplicated this experiment will be the one to 
answer that question... 


But there is something wrong with this diagram --- the resonant frequency of this simple circuit --- 
depending only on the values of inductance and capacitance included in the circuit would 
consequently enable it to oscillate at only a few kilohertz at best. No circuit of 
capacitance/inductance can be made to resonate at such a high frequency as claimed, not even if it 
included any form of quartz crystal. If, as the diagram says, it resonates at 140 MHz then there must 
be a Lecher wire system (the running of two conducting wires in a parallel line, about a foot apart or 
less, for several feet) to make 1t resonate at such a high frequency. It would seem to me also that a 
required modification of the Linden Experiment diagram would be to put a different metal into this 
circuit where the wire is said to be "closed-ended", say for instance a zinc plate, then there will be a 
contact voltage established between the copper wire and the zinc plate. Such a voltage would start 
the circuit resonating, for the reasons stated above. 


And as with the Tini setup if a block comprising two metal plates separated by a suitable dielectric 
material (such as plexiglas) is placed in an oscillating electric field the electric charge on the metal 
plates will permeate into the dielectric, and for the same reasons as detailed above in the Principle 
Experiment, will temporarily accumulate voltage because of dielectric absorption. As I have already 
said elsewhere there is a great similarity between the phenomenon of the Testatika horseshoe blocks 
(and the Tini setup) and the principle behind Patrick Flanagan's Electron Field Generator which 
energizes an electron cascade mechanism throughout the immediate environment. 


| LL | | http: daiwa murray net aulusersiegel | 
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Geoff Egel (1997) --- http://www2.murray.net.au/users/egel ~ 


Rectifier Circuit ~ 
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The rectifier forms the basis for Testatica’s operation 
For whilst the LC arcuits L?, VC", UPR*, UPR? and C’ set up 
oscillations from the generator’s ugh voltage output the 
rectifier controls the oscillations to provide positive de pulses 
(which are then directed through a step-down transformer 
BP*/B and BP-/B-), to supply power 
ata higher current rate and lower voltage. 


( 


single tilament 
rectifier 


Unidentified European Report ~ 


"Believe or Not, Here It Is!" 


The first really running "free energy" machine coming from Switzerland, Europe. It was developed 
over a 20 years Research period by a religious group called: METHERNITHA. This group lives in 
CH-3517 Linden, Switzerland. The inventor of this superb machine, Mr.Paul Baumann claims, its 
running principle was found by studying the lightning effects from nature. 


And here are the facts : 


* Testatika is an influence-type Wimhurst machine which runs on it's own energy, once started by 
counterclock revolving it's 2 dics by hand !!! 
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* Testatika not only runs on it' own energy, but produces also a huge amount of excess power, at 
least 3 KWATTS of power! That is enough to supply a one-person apartment with one machine! 


* The machine you see during this demo-animation is only about 70 cm wide, 40 cm deep and about 
60 cm tall ! 


* It delivers DC-Voltage ranging from 270 til 320 Volts, only depending on the dryness of the air! 
At this voltage it can supply at least 10 Amperes of DC-current ! 


* Testatika is not a perpetuum mobile, but an energy machine that collects it's huge amount of 
"FREE" energy from the charged and ionized air particles. But there are still some technological 
tricks implemented to overcome the normal drag-resistance of a conventional Wimhurst machine, 
which is still the secret of the Methernitha group !!! 


When will this technology be available for everyone? 


The Testatika machines, (there already exists also some smaller units which only deliver about 200- 
300 Watts) are not yet mass-production type models! They are still laboratory prototype units, 
although they are build with a very good craftmansship ! 


For more info contact directly: 


METHERNITHA, CH-3517 LINDEN, Switzerland 
TEL.-Nr.: ++ 41 31 97 11 24 


The pictures are from some photos and from a video-tape Methernitha sells. It shows the machines 
(also the smaler ones) and explains also Methernitha's spiritual aims. The tape has a running length 
of about 40 minutes and is really worth looking at it! It is also available in 

VHS-NTSC and American language. It also shows Methernitha's earlier research developments like 
huge wind generators. 


With the Testatika there is no fraud, hidden batteries or any other hidden energy source. It is really 
running! They already have the technology of ten years ahead! No more oil, no more pollution, no 
more atomic waste products, no more hunger in this world! This is the machine the mankind has 
dreamed about for centuries. Now it has come true! 


More information about the Methernitha machine 1s also available in the German magazine RAUM 
& ZEIT, issue Nr.40 (8). 


Jean L. Naudin Labs (4 February 1998) ~ 
"Testatika Generator and Over-Unity" 
by 


Cyril Smith 


Having read Nelson Camus” article purporting to "explain" the Testatika over-unity generator 
(http://members.aol.com/overunity2/nelson/testatic.htm), I am of the opinion that the real 
explanation is hidden amongst the 19th century electrical mumbo jumbo which makes up much of 
the machine (Leyden Jars, Horseshoe Magnets, Wimshurst Generator and so on). From the 
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description of spiral-wound foil capacitors containing radioactive material and placed within current 
carrying coils it strikes me that perhaps the real energy comes from Beta particles (fast electrons) 
absorbed into the electrical circuit. 


To extract energy from Beta particles it 1s not just enough to capture them. Clearly this will result in 
a current flow according to the capture rate, but current by itself is not power. The kinetic energy of 
the particle must be captured and this will result in potential difference or voltage. If a Beta particle 
enters a thin foil conductor normal to its surface and is captured, then the potential difference 
associated with giving up its kinetic energy can be expected to occur across the opposite faces of the 
foil. If however the Beta particle were turned so as to enter at a shallow grazing angle to the surface, 
not only would the probability of capture be increased (since the particle will travel further within 
the material) but the potential difference will occur along the length of the foil. Beta particles 
travelling even at relavistic velocities can be turned within short distances by relatively weak 
magnetic fields, so the concept shown in the following Figure suggests itself. 


Magnetic 
Field 


Beta 


emitter DC 


Output 


Thin Foil 
Conductor 


Methernitha Statement of Purpose ~ 


"The Research Work of Methernitha in the Field of the so-called Free Energy" 


Ever since the foundation of Methernitha there existed a department for research, development and 
electronics, which was concerned with the problem of alternative energy sources, namely with 
technologies, which were suited to exploit the inherent forces of nature and thus to unlock sources 
of energy without disturbing natures ecological balance in any negative way. Any technology man 
invents should serve him in short as well as in long terms, and this condition is not fulfilled as soon 
as it opposes nature in any way. 
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This team of research within Methernitha works completely autonomous and is financed out of the 
co-operatives own resources, without any outside support. 


The efficient utilisation of wind energy was one of the first objectives of Methernitha's research 
program. At the beginning generators with special excitation were developed, which allowed to load 
the cells of accumulators even at low RPM at times when there are only moderate air movements. 


Utilising the kinetic energy of water currents was another field of interest of the development team, 
but it was pursued more as hobby. The key problem was here to transfer the slow revolutions of the 
waterwheel to an extent that the excitation threshold of the generator could be surpassed by a 
minimal loss of energy. 


Also solar cells and solar heat collectors attracted the attention of our researchers since a long time. 
But since in these fields other institutions have attained outstanding results, Methernitha started, and 
this was already more than 30 years ago, to concentrate its efforts on lesser known and even 
generally unknown sources of energy. The result of this scientific work is the Thestatica machine. 


The question arises: How it comes, that Methernitha, nothing more than a private organisation, 
could invest so much time, engagement, perseverance and financial resources in this kind of 
research. 


Research and development are integrated parts of the general idealistic concept of Methernitha. To 
make you understand these ideals and goals, we will now introduce you into the practical sides of 
this spiritual community Methernitha, as it functions as a co-operative of people, living and 
working together. 


Linden is a calm village of farmers just as dozens of others in the region of the valley called 
Emmental. However Linden is also the home of a special form of human life, which is capable of 
attracting more and more people from all over the globe, and which has repeatedly caused 
astonishment through its excellent functioning, even in extremely difficult situations. 


There is no doubt that the formation of Methernitha is also a good part of the life story of Paul 
Baumann. Through his extraordinary technical capabilities, but also through his astonishing 
practicable wisdom he opened relations to all kind of people with ideals and in many places, and 
pretty soon, the idea to form a co-operative enterprise took shape. 


"In the name of the God Almighty" people of equal thinking gathered and founded a co-operative, 
which could serve as the economic basis of this spiritual community. 


"We want to be a united group of brothers, and never separate however severe the burden may be", 
this was the solemn vow. 


Renunciation of alcohol and smoking and the will to realise a harmonious community life without 
dispute and discord like in the original Christian communities were the prerequisites to become a 

member. For the members Methernitha is an ideal opportunity to lead a fulfilled life by practising 
charity. 


A workshop was erected and soon, one house after the other grew on these premises. Also all 
construction was done out of own resources and solely with the savings from the common work. 


Today Methernitha is a social model proving the quality of its ideals through its well functioning 
just more than forty years. The people working here are almost without exception members of 
Methernitha. 
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Not even the prospering development that took place over the following decades could impair or 
even suppress the global idealistic aims. On the contrary, everybody works in his own interest with 
diligence and great joy towards the erection and the support of their new homeland and according 
to the principle: 


One for all and all for one! 

With this word one can conquer anything. Also the ancient truths appear again and attain respect. 
The people living here feel themselves as members of a family, like a group sitting in the same boat 
and proud, but also grateful proprietors of their own beautiful homeland, which they may shape 


exactly as they wish to. Evidently, this form of human social life can function only on the base of 
idealistic principles. 


The question arises, how the realisation of a sincere religious philosophy of life may be brought in 
harmony with a successful economic management. It is not obvious at all, that this is attainable. 


Nowadays there are many amongst us that are caught in the world-wide and dense network of social 
and economic dependencies and obligations and many also feel the confrontation with its problems. 


One member of the economic directory has recently phrased this in the following way: 


"The fact that all essential functions of Methernitha are fulfilled without any external force, driven 
solely through inner conviction, which causes everybody to help and take care of the other, this is 
for me the most astonishing effect which is produced by this form of living together. It seems to be 
a miracle." 


Another miracle within Methernitha is the Thestatica, which 1s the result of more than 20 years of 
research. 


This wonder machine is lurked from nature, nothing else. Nature 1s the greatest source of power as 
well as knowledge which man has, and it still conceals many secrets, which are only revealed to 
those, who approach and tie in with them with highest respect and responsibility. 


To understand nature and to perceive its voice, man is obliged to experience silence and solitude, 
and it was there, where the knowledge about this technology was obtained. 


For these reasons it was always a great concern of Methernitha to acquire properties, untouched by 
man as far as possible, be it in valleys or forests, in the mountains or ashore of lakes, where one 
could study nature, ones own being and the creator of all this universe in silence and concentration 
and without being disturbed. 


The public never understood this properly, rather interpreted it wrongly as an act of seclusion, 
assuming we had to hide something unclean. We actually had --- and still have --- to take great 
troubles to realise undisturbed all the things we intended to accomplish. 


Such undertaking in research and development necessitate considerable financial expenditures. 
Therefore we are quite often obliged to construct things with most primitive means and materials. 
What was thrown away by our affluent society, we collect and possibly set up with it a cornerstone 
in the discovery of new forces and truth. 


We are fortunate in gaining the experience that paradoxically the most beautiful and useful results 
can be achieved by just using the most simple means. Never did we use any borrowed capital 
because we want to stay free Swiss citizens and do not want to be hindered or even bound in any 
way in the pursuance of our aims. 
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The two conterrotating discs generate an electrostatic charge. One disc represents the earth, the 
other the cloud. Using grid electrodes the charges are bound. After that they are collected by non- 
contacting so-called antenna keys and then sorted. 


After being initially turned on by hand, the discs rotate by themselves according to the electrostatic 
laws about attraction and repulsion. A rectifying diode keeps the cycles in steady state. Otherwise 
the impulses of attraction and repulsion would accumulate and cause the discs to run faster and 
faster. The correct speed 1s of great importance and for optimal power generation the discs have to 
run quite steady and slow. 


By means of grid condensers the energy is stored and then uniformly discharged, at the same time 
reducing the high voltage and building up power with additional devices. Finally the machine 
supplies a uniform direct current, which varies according to the size of the model. The machine 
furnishes about 3-4kW permanent output, depending on humidity, whereby the electric potential 
ranges from 270 to 320Volt. High humidity of the atmosphere prevents the build-up of electric 
potential. The drier the air, the better. 


No doubt, through the so far achieved results one main objective has been reached, namely to prove 
that it is possible to use Free Energy. Nevertheless the research work is not yet completed. 


To the educated physicist many a thing of this machine may seem impossible, maybe even crazy. 
Maybe he is also offended by the conceptions used to explain the whole. Only partly we could use 
the concepts of conventional physical terminology to explain and define only approximately the 
functions and properties of the various parts of the machine. 


After all 1t will be necessary to create some more new concepts like the one we have already used 
before, when we termed the non-contacting collectors of electric charges as antenna keys. 


This machine puts experts, which are just trained in conventional physics to a very hard test, 
because its mode of action is not explainable with the state of the art of officially accepted physical 
knowledge, or at the most only partially explainable. However also a trained specialist should 
remain free and independent in his thinking, and should avoid to be limited by the temporal 
framework of publicly admitted knowledge in any science. 


It has to be remembered that the established science was already many times forced to change or 
give up some of its very fundamental concepts. Think about Galilee, to name only one example. 
Our human society almost condemned this man as a sorcerer and magician, just because he 
investigated and discovered a truth that seemed unacceptable by the established science of the days. 


The book knowledge of any times is not wrong, but it is incomplete, and therefore allows to draw 
wrong conclusions. 


We are part of a new area which brings to light many new facts and new knowledge. The clothes of 
nowadays science have become too tight and should be stripped off, just as the larva of an insect 
does with its skin. Only this will allow a true metamorphosis to take its course, and finally, at the 
limits and at the destination of all worldly knowledge, an universal and unlimited spiritual science, 
radiating and beautiful, just as the completed imago of an insect, may give its blessings and 
benediction to a renovated humanity. 


To ever reach there, a universal development of man has to take place. This however is only 
possible when man becomes aware of his true role within the whole creation, and again learns to 
recognise his true tasks, because the whole universe functions within a strict and precisely 
structured order according to the will and word of the creator. Therefore also man should recognise 
and realise these universal laws that are valid within the whole and within every part of this 
creation. 
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The hard facts rather show how far man has left the divine order through his self willed and 
authoritarian way of action and that he has become the actual cause of all discord and evil on this 
planet. 


Unfortunately the ruling bodies that should be responsible for the well-being of the people work too 
often with the target to make life more and more difficult and to render impossible every free 
spiritual development. 


Instead of utilising the achievements of science and technology for the benefit and preservation of 
all form of life, they are abused carelessly and irresponsibly to destroy and to kill, and thus turn 
them into a curse upon mankind. 


To change all this, the evolution of a new technology is not enough, even if it were the most 
ecological and ingenious. To change this present status one has to go much deeper down, to the 
root-cause of all this evil, and this is mans way of thinking, his state of mind. 


The ancient divine commandments are still valid today and also show today the way and direction 
humanity should go, as clearly spoken by the prophet Mica: 


God has told you what is good. And what 1s it that the Lord asks of you? Only to act justly, to love 
loyalty, to walk wisely before your God. 


"Testatika-Distatica Machine" 
(Transcribed from the Methernitha Testatika video by Paul E Potter) 


"... The efficient utilization of wind energy was one of the first objectives of Methernitha’s research 
program. 


At the beginning generators with special excitation were developed which allowed to load the cells 
of accumulators even at low rpm, at times when there are only moderate movements. 


Utilizing the kinetic energy of water currents was another field of interest of the development team, 
but 1t was pursued more as hobby. The key problem was here to transfer the slow revolutions of the 
water-wheel to an extent that the excitation threshold of the generator could be surpassed by a 
minimal loss of energy. Also solar cells and solar heat collectors attracted the attention of our 
researchers since a long time. But since in these fields other institutions have obtained outstanding 
results Methernitha started, and this was already more than 20 years ago [since 1960], to 
concentrate 1ts efforts on lesser-known and even generally unknown sources of energy, the result of 
this scientific work 1s the Testatika machine of which most of you may have heard already. 


The two counter-rotating discs generate an electrostatic charge. One disc represents the earth, the 
other the cloud. Using grid-electrodes* the charges are bound. After that they are collected by non- 
contacted, so-called, antennae keys** and then sorted [shorted ?]. 


After being initially turned on by hand the discs rotate by themselves according to the electrostatic 
laws about attraction and repulsion. 


A rectifying-diode keeps the cycles in steady state, otherwise the impulses of attraction and 
repulsion would accumulate and cause the disc to run faster and faster. The correct speed is of great 
importance, and for optimum power generation the discs have to run quite steady and slow. 


By means of grid-condensers* the energy is stored and it is then uniformly discharged, at the same 
time reducing the high-voltage and building up power with additional devices. 
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Finally, the machine supplies a uniform direct current which varies according to size of the model. 


The machine furnishes about 3 to 4 Kilo-Watt permanent output, depending on humidity, whereby 
the electrical potential ranges from 270 to 320 volt. High humidity of the atmosphere prevents the 
build up of electric potential. The dryer the air the better. 


No doubt, through the so-far achieved results, one main objective has been reached, namely, to 
prove that it is possible to use free energy. Nevertheless, the research work is not yet completed: To 
finish a model which can be handed out more or less to anybody and without any haphazards, also 
to non-specialists, much work and also time will still be needed. 


Only partly we could use the concepts of conventional physical terminology in order to explain and 
define only approximately the functions and properties of the various parts of the machine. After all, 
it will be necessary to create some more new concepts, like the one we have already used before, 
when we termed the non-contacting collectors of electric charge as antennae keys**. This machine 
puts experts who are just trained in conventional physics to a very hard test..." 


* The German original has gitter-condensers, with gitter defined as wire lattice, grille, grate. 


** the original word used is tasten or taster, which means antenna, probe, key. 
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(Chapter 8, problem 45) 
56. An oscillator is a circuit that emits a 
continuous sine wave output without 
requiring an input signal. Other types of 
oscillators exist that do not have sine wave 
outputs, but they are not discussed in this 
book. (Chapter 9, introduction) 
57. Positive feedback causes the amplifier to 
sustain an oscillation or sine wave at the 
output. Negative feedback causes the 
amplifier to stabilize, which reduces 
oscillations at the output. (Chapter 9, 
problems 2 and_ 3) 
58. A capacitive voltage divider (Chapter 9, 
problem 14) 
59. An inductive voltage divider (Chapter 9, 
problem 14) 
60. See Figure 12.15 . 

Figure 12.15 
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Copyright Notice and Disclaimer 


All text, diagrams and photographs are Copyright O 1996-2013 A. R. Winstanley. 
All Rights Reserved. 


All text, diagrams and photographs are fully protected by copyright and may not 
be reproduced in any commercial or non-commercial publication or medium, mirrored 
on any commercial or non-commercial website nor may they be appended to or 
amended, monetised or used or re-distributed for any commercial reason, without the 
prior permission of the writer. 


Every care has been taken to ensure that the information and guidance given 1s 
accurate and reliable, but since conditions of use are beyond the writer’s control no legal 
liability or consequential claims will be accepted for any errors contained herein. 


Where mentioned, the U.K. mains voltage supply is 230V a.c. and you should 
amend ratings for your local conditions. 


Preface 


In 1996 when the world wide web was still very young, I launched the first and 
most detailed website ever describing the practical skills of electronic soldering, and my 
Basic Soldering Guide quickly became the #1 web site of its kind in the Google search 
engine. 


Thanks to its in-depth reference text and the unequalled high-quality close-up 
photography showing soldering step by step, many quickly learned the essential stages 
needed to make a solder joint successfully. Even novices who had never tried soldering 
before, gained the skills and confidence needed to acquire this skill. 


My Basic Soldering Guide became a key go-to online guide for soldering, and I’ve 
enjoyed receiving encouraging feedback ever since from the likes of the US Air Force, 
US Marines, US Coastguard, Honeywell trainers, Atomic Energy authorities, Australian 
aeronautical suppliers, UK colleges and universities, trainees and many more around the 
world. 


In association with Antex (Electronics) Ltd., the leading UK manufacturer of 
electronic soldering equipment, I’m delighted to bring you this updated Basic Soldering 
Guide containing over 80 all-new colour photographs, more background, more detailed 
information and lots more practical hints and tips. 


I’ve revisited various areas of the guide and refreshed them, taking onboard 
readers’ queries and nearly 17 years of online feedback, experiences and answering 
reader’s questions. With the help of all-new photography, I’m sure you’ll master the 
skills needed to solder electronics successfully using this updated guide. 


I welcome feedback and comments, and readers can reach me via my website 
www.alanwinstanley.com or Email me at alan@epemag.demon.co.uk 


Alan Winstanley 
July 2013 
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Introduction 


The first and most important aspect of assembling any electronic project 1s that of 
soldering, which 1s a delicate and precise skill that can be mastered with experience. 
Sometimes called “soft soldering”, there’s no shortcut to acquiring the necessary 
expertise, and producing a consistently satisfactory solder joint takes a little practice. 
However, like riding a bicycle, soldering is an art which once learnt is never forgotten, 
and the purpose of this new and updated guide is to explain the techniques of soldering 
and desoldering for beginners, which I hope will set the hobbyist or trainee technician 
firmly on the road to successful electronic assembly or repairs in the future. 


Soldering is the least “aggressive” way of joining non-ferrous metals together, and 
is used universally in electronics, air conditioning and refrigeration circuits, household 
plumbing and more besides — applications where the precise joining together of 
components at fairly moderate temperatures is needed. Further up the scale, brazing 
involves using higher temperatures to melt brazing rods onto larger metal parts, perhaps 
to repair a metal chair, lawnmower or to fabricate metal components or jewellery into 
intricate shapes. Lastly, welding is a very aggressive way of fabrication using welding 
rods or wire; steel girders, oil rigs and ships are all welded together, or robotic spot- 
welding is used for the mass production of, say, washing machines or car bodyshells 
using sheet steel to make strong rigid assemblies. 


Due to the lower temperatures used and the need to make consistently good 
electrically conductive and mechanically sound joints with precision, soldering is used to 
connect components together when manufacturing electronic circuits. Small components 
would quickly be destroyed by brazing or welding, although tiny spot-welding joints do 
appear in electronics, perhaps to weld a metal tag onto a button battery. 


This guide therefore deals with the soldering techniques used in electronics at 
hobbyist or trainee educational level. It explains what to look for before buying a 
soldering iron, describes ways of making various solder joints on circuit boards and 
other electronic components, and also how to desolder — removing solder in order to 
repair a circuit board or replace an electronic component. 


You'll also find more details of other aspects of soldering, including an outline of 
typical solder types and fluxes. In short, everything you need to get started in electronics 
soldering is here, so let’s get started! 


First steps 


The principle behind soldering sounds quite simple: the idea is to join components 
together to form an electrical connection, by using a mixture of lead and tin solder or 
alternatively “lead-free” solder (an alloy of tin and copper), which is melted onto the 
joint using a soldering iron. If you have never picked up a soldering iron before, then 
this guide will show you everything to help you start soldering with confidence. I also 
hope that the guidance will help those working in other areas — computer technicians or 
audio enthusiasts, for example, who may be faced with electronic repairs or 
modifications using a soldering iron for the first time. 


If you’re an electronics hobbyist or trainee, before embarking on any form of 
ambitious electronic project, it is recommended that you practice your soldering 
technique on some brand new components using clean strip board (or protoboard) or a 
printed circuit board, and select a simple and straightforward constructional design as a 
starting point. Become acquainted and comfortable with your chosen soldering iron, 
which likely to become as familiar to you as a favourite pen. Learn how to balance it and 
handle 1t with precision. Try soldering an assortment of resistors, capacitors, diodes, 
transistors and integrated circuits with it, and then try your hand at desoldering — 
removing the solder again to make a repair or modification. 


A really good place to start learning is by building a simple electronics kit, such as 
a Velleman kit that contains a good quality printed circuit board. You’ll learn some of 
the basic skills of successful soldering this way, and it’ll be a great confidence booster 
too. 


Did you know? In the USA and elsewhere, the letter L in “solder” is silent and 
they say “soda” or “sodder” — but here in Britain we do pronounce the L and we say 
“sole-der”. 


Soldering iron choices 


Search any electronics catalogue or website and you”1l see a bewildering array of 
soldering equipment on sale, including irons, controllers, work stations and desoldering 
equipment too. A large range of soldering irons is readily obtainable - which one is 
suitable for you depends on your budget and how serious your interest in electronics is, 
but there’s something for every pocket distributed by a variety of retail, industrial and 
mail-order outlets. 


The Antex range of soldering equipment has been very popular with industry, 
education and the electronics hobbyist for 60 years; I grew up with an Antex iron and a 
trusty 15W Antex iron was an everyday part of my hobby electronics all the way through 
the 1980’s. An industrial user or a more dedicated hobbyist — with a bigger budget! — 
will be interested in a soldering station instead and again Antex offers a range of British- 
made products for industry or home use. 


A very basic mains electric soldering iron can cost from under £5 (US$ 8), but I 
find that these very cheap irons, as sold on auction websites, are pretty crude and 
imprecise. They are best suited for simple electrical repairs and DIY rather than 
precision electronics or printed circuit boards discussed here. They tend to be bulky and 
uncomfortable for extended use, and they may not have suitable “bits” or tips of various 
sizes to suit different tasks. 
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^ This classic Antex XS25 “pencil style” 25W mains-powered soldering iron has 


exchangeable tips or “bits” and is great for general hobbyist or educational use. Stands 
are also available to store them safely in between use. 


A quality pencil-style electric soldering iron such as the Antex XS25 (photo) will 
be approximately £20 (US$18 tax free) - though it’s possible to spend into three figures 
on a soldering iron “station” if you’re really serious about the subject! Don’t be tempted 
to over-spend on an elaborate workstation though, unless you are really very serious 
about becoming involved in electronics. You will usually obtain perfectly satisfactory 
results using a fairly modest “pencil” iron model, and you can upgrade to something 
more sophisticated should your needs change in the future. 


^ For enthusiasts or industry, this Antex 660TC soldering station has a separate 
mains-powered control unit and a matching low-voltage soldering iron rated at 24 Volts, 
50 Watts so it’s suited to a wider range of tasks than a lower powered one. 


When choosing your soldering iron, certain factors to bear in mind include: 


Voltage: for the British market, “mains” electric irons run directly from the mains 
at 230V a.c. or will be set for other voltages (110V a.c.) depending on the country. 
However, low voltage types (e.g. 12V or 24V) usually form part of a “soldering station” 
for use with a matching controller made by the same manufacturer. Some low-voltage 
irons run off batteries (e.g. a car battery or Ni-cads) but these are uncommon. 


Wattage: this is an extremely important factor to think about when choosing your 


iron. Typically, irons for general electronics work may have a power rating of between 
15-25 watts or so, which is fine for most electronic assembly tasks, printed circuit boards 
and inter-wiring. It’s important to note that a higher wattage does not mean that the iron 
runs hotter - it simply means that there is more power “in reserve” for coping with larger 
joints. The maximum electric iron wattage generally available is about 100W, which 1s 
OK for DIY electrical repairs but is far too high for general electronics or circuit board 
use. 


A higher wattage iron offers you more flexibility for tackling a wider range of 
tasks. It has a better “recovery rate” which makes it more “unstoppable” when 1t comes 
to heavier-duty work, because it won’t be drained of its heat so quickly. So check the 
power ratings carefully, and anything between 15—40W is fine for general electronics 
soldering. 


Temperature Control - the simplest and cheapest types don’t have any form of 
temperature “regulation”. Simply plug them into the mains and switch them on! Thermal 
regulation is “designed in” (by physics, not electronics!). Sometimes they are described 
as “thermally balanced” as they have some degree of temperature “matching” — in other 
words, they warm up as quickly as they lose heat during use, so in a primitive way they 
maintain roughly a constant temperature. This type of iron 1s perfectly acceptable for 
hobby or less demanding professional use. It’s essential to use the manufacturer’s 
specified tips (see later) to maintain proper temperature matching, otherwise the iron 
may not heat up enough — or it may overshoot in temperature. 


These unregulated irons form an ideal general-purpose iron for most users, and 
they cope reasonably well with printed circuit board soldering and general interwiring. 
However, most of these “miniature” types of iron will be of little use when attempting to 
solder large joints (e.g. very large terminals or very thick copper wires) because the 
components being soldered will draw or “sink” heat away from the tip of the iron, 
cooling 1t down too much and preventing solder from flowing properly. That’s when a 
higher wattage iron is needed. 


A proper temperature-controlled iron will be quite a lot more expensive - 
retailing at say £40 (US$ 60) or more - and will have some form of built-in thermostatic 
control, to ensure that the temperature of the “bit” (the tip of the iron) is maintained at a 
fixed level within reasonable limits. This is desirable during frequent use, since it helps 
to ensure that the temperature will be relatively stable regardless of the workload. Some 
irons have a bimetallic strip thermostat built into the handle which gives an audible 
“click” in use, and some may include an adjustable screwdriver control within the handle 
as well. Others may have electronic controls built in. 


(Chapter 9, problem 24) 


61. See Figure 12.16 . 
Figure 12.16 
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^ An Antex 660TC soldering station with matching iron and bench stand. 


More expensive still, soldering stations cost from £70 (US$ 115) upwards (the 
iron may be sold separately, so you can pick the type you prefer), and consist of a 
complete bench-top control unit into which a special low-voltage soldering iron is 
plugged. Some versions might have a built-in digital temperature readout, and a control 
knob to vary the setting. The temperature could be boosted for soldering larger joints, for 
example, or for using higher melting-point solders (e.g. lead-free or silver solder). These 
are designed for the discerning user, or for continuous production line or professional 
use. A thermocouple will be built into the tip or shaft, which monitors temperature. 


The best soldering stations have irons which are well balanced, with comfort-grip 
handles which remain cool all day, and silicone-based cables which are burn proof. 
Antex produces a range of irons with silicone cables specially for education use, to help 
avoid accidents caused by careless use by students. 


Anti-static protection: if you need to solder a lot of static-sensitive parts (e.g. 
CMOS chips or MOSFET transistors), more advanced and expensive soldering iron 
stations use static-dissipative materials in their construction to avoid static charges 
accumulating on the iron itself, which could otherwise damage or “zap” some 
semiconductors. Such irons are listed as “ESD safe” (electro-static discharge proof). The 
cheapest irons are not classed as ESD-safe but they still perform well enough in most 
hobby or educational applications provided you take the usual anti-static precautions 
when handling these components. The iron would need to be well earthed (grounded) in 


these circumstances, to carry away any static. 
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^^ Just part of the range of spare tips or “bits” produced by Antex for their 
soldering irons. Use only tips intended for a particular iron, to avoid thermal matching 
problems. 


Tips or Bits: it’s often useful to have a small selection of manufacturer’s bits 
(soldering iron tips) available with different diameters or shapes, which can be changed 
depending on the type of work in hand. You will probably find that you become 
accustomed to, and work best with, one particular shape of tip for the majority of your 
work. Usually, tips are iron-coated or plated to preserve their life and to maintain good 
tip “hygiene”. Be sure only to use tips that are specifically designed for your iron, 
otherwise thermal problems may arise. I show separately some typical tips, courtesy of 
Antex. 


M Useful accessories from Antex including solder, tips and tip cleaner, 
desoldering braid and a heatshunt. 


Spare parts: it’s always reassuring to know that spares are available in the future 
if required, so 1f the element blows, you don’t need to replace the entire iron. This is 
especially the case with expensive irons. Check some websites or mail-order catalogues 
to see whether spare parts are listed. One drawback is that you may need another 
soldering iron when exchanging a broken heating element! 


AM Gascat 40 gas-powered soldering iron kit by Antex, with spare tips and 
cleaning sponge. 


Gas or electric? So far I’ve discussed electric soldering irons, but gas-powered 


soldering irons are sold which use butane propellant rather than mains electricity to 
operate. They have a flint lighter or (better still) a built-in piezo for ignition, and have a 
catalytic element which, once warmed up, continues to glow hot when gas passes over 
them. They tend to be big and bulky compared to electric pencil irons. 


Field service engineers use gas-powered irons for working on repairs where there 
may be no power available, or where a joint is tricky to reach with a normal electric iron, 
so they are really for occasional “on the spot” use, rather than for mainstream 
construction or assembly work. I use one when I just need to do a quick repair and can’t 
be bothered getting the electric soldering iron going! 


Gas irons can have higher power equivalents than electric ones (eg 125 watts or 
more) but some gas-powered irons are nothing more than miniaturised blowtorches, 
which may or may not be useful for occasional heavier duty soldering. In the author’s 
experience they can be difficult to use in confined areas. Extreme care is needed at all 
times to ensure hot gas emitted from the iron’s exhaust port doesn’t damage nearby 
materials, plastics or wiring. Gas irons can have useful accessories to convert them into 
e.g. a hot knife for sealing nylon rope, or a hot-air blower for use with heatshrink tubing. 
Almost every electronics constructor uses an electric-powered iron though. 


A solder gun is a pistol-shaped iron, typically running at 100W or more, and is 
completely unsuitable for soldering modern electronic components: they’re too hot, 
heavy and unwieldy for micro-electronics use, nor are they designed for that. Plumbing 
or DIY, maybe..! 


AMA heat resistant soldering iron stand with cleaning sponge. (Antex) 


Soldering irons are best used along with a heat-resistant bench stand, where the 
hot iron can be safely stored in between use (photo). It is extremely important that a hot 
soldering iron is safely “parked” ready for action, and a bench stand is really a necessity. 
Soldering stations usually have such a feature, otherwise a separate soldering iron stand 
is essential, ideally one that’s supplied with a tip-cleaning sponge. You can make your 
own cleaning sponges using cellulose sponge only. 


^^ A benchtop fume extractor fan for hobbyist use. A replaceable carbon filter 
helps remove particles and air is vented out the back. 


Other equipment worth considering includes the use of fume extractors, which 
are compulsory in the industrial workplace. Solder fumes and flux smoke are not known 
to be toxic but they can cause irritation. A basic fume extractor (photo) consists of a 
small bench-top fan which draw fumes and irritating smoke away from the operator’s 
face and filters out some of the smoke particles, before exhausting the air back out 
through the fan. The carbon-impregnated foam filters are replaceable. Such devices are 
quite effective and users soon find them indispensable, even though they can be a bit 
noisy at close range. 


Professional fume extraction systems draw the smoke and fumes directly from the 
work area via a clip-on tube fitted to the soldering iron, then vent the fumes away 
through a large filter pump. It is definitely worth considering a small bench top unit for 
regular hobby or occasional professional use, as having decent ventilation can only be a 
good thing. 


^^ A soldering accessory toolkit by OK Industries, including probes, scrapers and 
wire brush 


A variety of specialist hand tools are available that assist with soldering, and a 
good supplier’s catalogue will offer a range of small brushes, scrapers and cleaning tools 
in a handy kit, together with the usual types of wire cutters, pliers and so forth, which are 
necessary for handling components and tidying up as required. Some specialist service 
aids (aerosols etc.) are also described later. 


Now let’s look at how to use soldering irons properly, and later on we will 
describe the techniques for putting things right when a joint somehow goes wrong — 
and don’t worry, even the experts get 1t wrong sometimes! 


How to solder 


This guide will show you step by step how to solder successfully and plenty of 
photographs are provided to help explain the techniques needed.As you read through the 
guide I'll explain all the stages in more detail, but let’s look at the basics first. 


First of all, successful soldering requires that the items being soldered together are 
held with as little movement as possible. So it’s best to secure the work as needed, so 
that your accuracy isn’t affected should the workpiece move accidentally. 


In the case of a printed circuit board, various holding frames are useful especially 
when densely populated boards are being soldered: the idea is to insert all the parts on 
one side (a process called “stuffing the board”), hold them in place with a suitable pad to 
prevent them falling out again, turn the board over and then snip off the wires with 
cutters before soldering the joints. The frame saves an awful lot of turning the board over 
and back again, especially with large boards: all the soldering can be performed in one 
pass. 


^^ The ever-popular “Helping Hands” (left) helps support sundry parts, wires etc. 
during soldering. 
A modeller’s vice (right) holds parts firmly. A vacuum base fixes it onto smooth surfaces. 


Only the more serious constructor will purchase a holding frame, and hobbyists 
can retain parts in place by improvising in a variety of ways — the ever popular “Helping 


Hands” stands cost a few pounds and is widely sold. They have adjustable crocodile 

clips to grip parts, and maybe a magnifying glass or soldering iron stand as well. The 
cast iron base provides stability. Other parts could be held firm in a modeller”s small 
vice, for example. 
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Helping Hands” uses crocodile clips to grip parts during soldering. Or just 
place parts flat on the bench. 


When soldering parts onto an ordinary circuit board, components’ wires can 
simply be bent to the correct pitch (distance apart) to fit through the board, insert the part 
flush down against the board’s surface, splay the wires a little so that the component 
grips the board under spring tension, and then solder it. This technique is universally 
used in manual through-hole soldering, which is explained in full later. 


In the author’s view - opinions vary — it’s generally better to snip off the surplus 
wires leads first, to make the joint and neighbouring joints more accessible and also to 
reduce the mechanical shock transmitted to the p.c.b. copper foil. However, in the case 
of diodes and transistors the author tends to leave the snipping until after the joint has 
been made, since the excess wire will help to “sink” heat away from the heat-sensitive 
semiconductor junction. 


A special clip-on heatsink is available which also helps stop excess heat from 
reaching temperature-sensitive semiconductors like these. P’ ve always managed without 
one but beginners might find them reassuring. Integrated circuits can either be soldered 
directly into place if you are confident enough, or better, use a dual-in-line socket to 


prevent heat damage. The chip can then be swapped out at a later date 1f needed. 


Parts which become hot in operation (e.g. some power resistors), should be raised 
above the board slightly to allow air to circulate. Some components, especially large 
electrolytic capacitors, may require a mounting clip to be screwed down to the board 
first, otherwise the part may eventually break off due to vibration. It’s a good idea to bolt 
such components firmly into place before soldering their terminals, in order not to strain 
the soldered joints or the components when fasteners are tightened. 


By securing the workpiece as much as possible to prevent movement, you have a 
much higher chance of producing good-quality reliable solder joints. 


(Chapter 9, problem 25) 
62. | (Chapter 9, problem 11) 


a = 
2TY LC 
63. See Figure 12.17 
Figure 12.17 
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(Chapter 10, problem 4) 


Next steps 


Let’s get to grips with actual soldering techniques in more detail. The soldering of 
electronics components utilises lead/ tin or lead-free solder and the process is 
compatible with many non-ferrous metals. You can solder copper, lead, brass, gold plate, 
silver, nickel, tin and tin plate, zinc and more besides but some metals such as nichrome, 
galvanised or stainless steel require a highly specialist “flux” (see later) to solder them 
and aren’t discussed here. Some materials such as beryllium, chromium, magnesium and 
titanium are non-solderable in any case, according to solder manufacturers Multicore. 


In electronics we’re mainly concerned with soldering parts or wires onto printed 
circuit boards or terminals that are usually already “tinned” with solder or plated, ready 
for soldering with flux-cored solder. The key factors affecting the quality of a solder 
joint are: 


o Cleanliness — dirt or impurities drastically hinder good solder coverage. 
° Temperature — the right level to enable the solder to flow freely! 

e Time — apply heat for just the right amount of time! 

o Adequate solder coverage — enough to form a good joint without 


touching neighbouring areas. 


A little effort spent now in soldering the perfect joint may save you — or 
somebody else —a considerable amount of time in troubleshooting a defective joint in 
the future. Let’s discuss the basic principles outlined above in more depth. 


Cleanliness and “Tinning” the bit 
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^^ A clean and shiny soldering tip or “bit” is essential for each and every solder 
Joint you make. 


Firstly, and without exception, all parts - including the soldering iron’s tip itself - 
must be clean and free from contamination. Fact is, solder just will not “take” to dirty 
parts! Old components or copper board can be impossible to solder because of oxidation 
that builds up on the surface of the leads. This repels the molten solder and will soon 
become evident because the solder will “bead” into shiny globules looking like mercury, 
going everywhere except where you need it. Dirt and contamination are the enemies of a 
good quality soldered joint! 


When all the conditions are right for soldering, materials are said to be “wettable” 
and will accept molten solder, which should flow readily over their surfaces. Hence, it’s 
really necessary to ensure that parts are free from grease, oxidation and other 
contaminants. Note that in any case, some incompatible materials or surface finishes just 
cannot be soldered using ordinary lead-free solder, no matter how hard you try — e.g. 
aluminium parts would require special aluminium solder and fluxes (see later) to be 


used. 
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AM The two tags on this switched potentiometer have blackened with age and 
oxidation. They must be cleaned before they can be soldered... 


In the case of old components that have been stored a long time, where the leads 
have blackened and oxidised, use a small hand-held file or perhaps fine emery cloth to 
reveal fresh metal underneath. Stripboard and copper printed circuit board will generally 
oxidise after a few months, especially where it has tarnished due to fingerprints, so the 
copper strips could be cleaned using e.g. an abrasive rubber block made for the purpose. 
Also available is a fibre-glass filament brush (photo), which is used propelling-pencil- 
like to remove contamination. They’re OK for general cleaning but best avoided on fine 
surfaces (e.g. gold plated switch contacts). These produce tiny particles which can 
irritate the skin, so avoid accidental contact with any debris. 


^^ A glass-fibre filament brush like this is useful for cleaning oxidised parts. 


^^ The glass-fibre brush works like a propelling pencil and produces irritating 
dust. 


Cleaning oxidised tags with a glass fibre brush to make them nice and shiny, 
ready for soldering 


Afterwards, a wipe with a rag soaked in cleaning solvent will remove most grease 
marks and fingerprints. After preparing the surfaces, avoid touching any parts as far as 
possible. 


Another side effect of trying to solder contaminated or incompatible materials 1s 
the tendency to apply more heat and “force the solder to take”. As the materials aren’t 
wettable the molten solder won’t flow where you want it to flow. This can do more harm 
than good, because it may be impossible to burn off any contaminants anyway, and the 
component or the printed circuit board may be overheated and damaged in the process. 
Semiconductors may be harmed by applying excessive heat for more than a few seconds, 
and extreme heat applied to printed circuit board tracks can cause irreparable damage, 
because the tracks will be lifted away from the substrate especially on a delicate or badly 
designed board. You can avoid trouble by ensuring the surfaces to be soldered are clean 
and wettable to begin with. 


Getting Ready 


As already explained, cleanliness in soldering is a major factor in obtaining 
successful results. A soldering iron stand usually has a sponge that 1s dampened — it 
wants to be quite damp but not running wet, so squeeze out any excess. 
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^^ Dampen the sponge but don’t soak it unduly. Note the hole, which gives an edge 
to wipe tip with. 
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AA An Antex soldering iron tip. It simply slides onto the iron’s heating element. 
Only the extreme end is wettable and will accept solder: the tip should be kept nice and 
shiny. 


Soldering iron bits are typically iron-plated to resist wear, then chrome-plated to 
prevent molten solder being deposited on them, with the extreme tip being “wettable” to 
work with molten solder. Before using the iron to make a joint, the hot tip must be 
“tinned” with a few millimetres of solder: you should always flood a brand new tip with 
plenty of solder to tin it immediately, when using it for the first time. 


^ Tinning the tip ready for use: apply a few millimetres of solder to the hot tip. 


Wipe off excess solder using a damp sponge and it’s ready to use. That’s why 
sponges have a hole or well in them — the edge acts as a wiper and the hole catches 
excess solder. 


A useful tip: after tinning the bit, just before using the iron it helps to re-apply a 
small amount of solder to a clean tip, to improve the thermal contact between the tip and 
the joint. The molten solder fills the void between the materials and the iron tip, to help 
transfer heat better so that the solder flows more quickly and easily. 


AM A tinned tip should look like this, ready to make the next joint. 


It’s sometimes better to tin larger parts as well before making the joint itself, but 
this 1s not generally necessary with p.c.b. work. Small tinlets of special paste are 
available onto which you dab a hot iron - the product cleans and tins the iron ready for 
use. It’s useful in extreme cases where the bit has some stubborn contamination. 


I find special Tip Tinner &Cleaner products to be very useful: gently abrasive in 
action, they help to clean dirty bits and keep them in good condition. Use them for 
removing stubborn contaminants, but don’t overdo it. 


AA Tip Tinner and Cleaner is a useful aid to maintaining a soldering iron bit ... 


AM Just press the hot iron onto the solid paste and scrub it around a little. The tip 
will be cleaned, tinned, and made ready for use. 


64. Primary and secondary (Chapter 10, 
problem 2) 
65. Vin/V out = VP/VS = N P/N S = TR 
(Chapter 10, problem 6) 
66. | out /l in = |S /|P = N P/N S = TR 
(Chapter 10, problem 13) 
67. Zin/Z out = (N P/N S)2, or 
impedance ratio, is the square of the turns 
ratio. (Chapter 10, problem 16) 
68. They are used for stepping up or 
stepping down an AC voltage, and to match 
impedances between a generator and a 
load. (Chapter 10, introduction) 
69. See Figure 12.18 . 

Figure 12.18 


(Chapter 11, problem 14) 
70. See Figure 12.19 . 
Figure 12.19 


The move to lead-free solders (see next chapter) has had some effect on the life of 
soldering iron bits, with increased wear and corrosion noted due to the higher 
temperatures and the fluxes found in tin-based solders. You can therefore expect bits to 
wear out over time. Once the iron-plating is damaged due to oxidation or erosion, the bit 
is fast approaching its end of life. Never use an abrasive or file to sand down a tip: the 
iron-coating will be damaged and the iron’s core exposed, so the tip will soon be made 
useless due to erosion. 


Having prepared the soldering iron tip ready for use, in the next chapter solder and 
fluxes are discussed. 


Solder and Fluxes 


In recent years there’s been a move towards using more environmentally-friendly 
materials in electronic products. EU legislation such as Restriction of the Use of Certain 
Hazardous Substances in Electrical and Electronic Equipment (RoHS) aims to reduce 
toxic heavy metals being sent to landfill. (Look for the RoHS symbol on equipment to 
indicate compliance.) Due to ROHS compliance, the electronics industry had to change 
the type of solder it uses in electronic production. 


^ Electronics solder is supplied in reels or handy dispensers like this. 


Solder comes in various forms including solid bars or pellets for melting in small 
electric ‘solder pots’ used for treating the ends of wires with solder. Traditional general- 
purpose electronics-grade solder is in wire form — starting with so-called “60/40” which 
contains 60% tin (symbol Sn) and 40% lead (symbol Pb) and is sold in handy dispensers 
or reels. Although tin-lead solder is now banned in industry, there’s nothing to stop the 
hobbyist from using it but best practice is to use lead-free solder in our work: my advice 
is to try both, and see which you prefer to work with. “40/60” tin-lead produces lower 
quality results but is slightly cheaper and perfectly acceptable in hobby circles. 


Various diameters of solder wire are marketed. In the UK they’re sold in Standard 
Width Gauge (SWG) sizes, typically as 18SWG (1.2mm) or 22SWG (0.7mm). The 
latter is fine for almost all hand-soldering of printed circuit boards or general electronics. 
For larger solder joints (e.g. larger switch or motor terminals), 18SWG solder would be 


better as more solder can be dispensed more quickly. 


Lead-free solder is universally available and contains typically 99.7% pure tin and 
0.3% copper (symbol Cu). It needs a higher melting point which makes it slightly more 
difficult to work with, but standard soldering irons will cope with it well. Antex lead-free 
solder (Sn 99.25 / Cu 0.75) 1s a good compromise at 0.8mm diameter and is sold in small 
dispensers. 


Other solders are produced for specialist work, including aluminium solder (Alu- 
Sol®) and another solder variant used by professionals is Multicore “Smart” wire which 
contains a small amount of pure silver (symbol Ag). It produces very clean results and is 
often associated with SMD (surface mount devices), though some engineers also use it 
for routine p.c.b. work for producing the best possible finish by hand. As “Smart” wire 
contains lead it is not ROHS compliant. 


An interesting variant is Eutectic solder, which is 63/37 Tin/Lead. It goes instantly 
from solid to liquid when melted and is particularly good for hand-soldering. An almost- 
equivalent lead-free product would be Stannol Flowtin TC or TSC solder. 


The low-down on fluxes 


When melting solder with a soldering iron, oxides of metal are produced as a result 
of the high temperatures involved. Unfortunately, these oxides contaminate the metal 
surfaces being soldered, which interferes with the flow of molten metal and the 
production of a good quality solder joint. 


All electronics-grade solder wire therefore contains an additive called “flux” which 
helps the molten solder to flow more easily over the joint. It does this by scrubbing away 
the oxides which arise naturally during heating, and it will often be seen as a pungent 
brown fluid bubbling away on the joint, accompanied by some fumes. 


Those coming into electronics from other industries should note that flux is 
already contained within “cored” electronics solder and on no account should any 
acidic flux be applied separately before using the soldering iron. Plumbers, for example, 
apply flux paste to copper pipes before soldering them, but electronics-grade solder wire 
already contains a flux and extra flux is almost never needed. Electronics 1s no place for 
acid fluxes! 
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^^ A close-up of electronics-grade multi-cored solder. Five cores of rosin flux can 
be seen running through it. 


For almost all electronic hand assembly, solder wire containing “Rosin flux” is 


used. Cores of flux run through the solder wire like letters running through seaside 
candy, and they prevent the hot area from being contaminated by oxides, otherwise 


solder would never flow properly and the result would be an incomplete and unreliable 
joint. 


Flux dispensers and Colophony 


Flux dispenser pens are sold that allows special liquid flux to be applied separately 
onto a work area. These might be handy for difficult or challenging jobs to help solder to 
flow better: adding more flux this way won't do any harm and may help a solder joint to 
be made more quickly and reliably. In my hobby electronics, there’s hardly ever been a 
time when I felt the need to apply extra flux but it’s useful for some very tricky or 
demanding jobs. 


AM For more demanding work, a flux dispenser pen allows additional flux to be 
applied 


For example I’ve used specialist Chemtronics flux dispenser pens on tricky, extra- 
large solder joints involving very thick wires for lead-acid battery connections where I 
really struggled to make the solder flow properly. You might also use them in micro- 
electronic surface-mount work. The extra flux can only help, but for the rest of the time 
rosin-flux core solder wire contains sufficient flux and that’s all that you’ll need. 


AM Colophony or rosin flux is available in small tinlets if you want to prepare your 
own liquid flux. 


One thing that many seasoned electronics enthusiasts will recognise is the 
distinctive smell of rosin flux: its intense woody pine smell is not unpleasant, and flux 
fumes themselves are not known to be harmful but solder smoke can be an irritant, 
especially if you suffer from asthma or other respiratory conditions. (I dealt with solder 
fume extraction earlier when soldering irons were outlined.) 


Rosin flux is also known as Colophony. It’s an amber resin that’s glassy and 
brittle like sugar candy, distilled from the resins of conifers (mainly pine trees) and it’s 
worth knowing about. For electronics use, Colophony 1s available in individual tinlets of 
solid resin (e.g. Kolophonium in 20g tins by Donau Elektronik GmbH, sold by Westfalia 
or Conrad). 


As an aside, the resins of various trees are used in incense burners: placing a few 
fragments on a charcoal burner produces intense delicious fragrances of pine, 
frankincense or forest but you still wouldn’t want to inhale the smoke or fumes directly. 


Solids of Colophony can be dissolved to make a semi-liquid flux, for dipping or 
applying manually prior to soldering. To make your own rosin flux from solids of 
Colophony, chip off some fragments and crush them into a small tinfoil dish, then apply 
some isoproponal alcohol (start with 2 parts solvent to 1 part Colophony) and let it 
dissolve over about 20-30 minutes or more. 


—— A A A A A A A A A A A a a A A A A A A A A A A a o 


^^ Add e.g. x 2 volume isopropanol alcohol and allow the solids to dissolve. 
Experiment as needed. 


^^ The resulting flux can be very sticky so handle with care and do not spill. 


In this form 1t can be applied directly with a brush or dropper to areas prior to 
soldering. In an open dish, after a day or two the solvent will mostly have evaporated to 
leave an extremely sticky resin that should be handled carefully: it’s no co-incidence that 
Colophony 1s also used in adhesives and varnishes, and different grades of Colophony 
resins are used to treat violin or double-bass bows to add friction to bow hairs! Try 
experimenting with different ratios of solvent and making some up and storing it in an 
old nail varnish bottle with brush, or generally do what works for you. 


Unused Colophony crystals can be reformed into their storage tinlet by warming 
carefully with a hot air gun, but don’t overdo it. You can also use flux cleaners or PCB 
solvent cleaners if you want to remove traces of excess rosin flux after soldering: these 
are left behind as a brown deposit and are otherwise harmless. 


The subject of using your soldering iron to raise the temperature of the materials 1s 
discussed next. 


Temperature flow 


This aspect takes a bit more understanding, but with practice you”11 soon 
understand how temperature flows within a workpiece being soldered and how you have 
to harness it properly. After ensuring all parts are clean and the soldering iron 1s ready to 
go, the next step to successful soldering requires that the temperature of all the parts is 
raised to roughly the same level, before solder can be applied. 


Imagine the most basic task of soldering a simple resistor onto a printed circuit 
board: the copper p.c.b. and the resistor lead should both be heated together so that the 
solder will flow readily over the joint. Later 1”11 show the precise stages step by step. 


A beginner will often mistakenly just heat one part of the joint (e.g. a resistor’s 
wire protruding through a printed circuit board) and hope that the resultant “blob” of 
solder will be enough to tack everything together. That’s completely wrong, because the 
remaining metal in the joint is cold when molten solder is flooded on to it. The joint will 
be weak, incomplete or unreliable. Flux will not have flowed properly either, so the joint 
could be contaminated internally. 


Another beginner’s mistake is to use a soldering iron to carry blobs of molten 
solder over to the joint, as if to daub solder over it. The secret of success is to control the 
iron accurately and apply the hot tip onto the workpiece so that it’s in contact with all the 
parts. Within a fraction of a second, heat will conduct from the iron and raise the 
temperature of the entire joint, after which solder can be melted over it. Remove the iron 
and let the joint cool naturally. It takes some practice with your chosen soldering iron tip 
to obtain the best heating action, making sure the tip 1s clean and tinned properly to 
begin with. 


(Chapter 11, problem 31) 
71. R1 = 84 ohms, C 1 = 622 uF, C2 = 
265 pF (Chapter 11, problems 26-29) 
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^^ Set a typical temperature of 330-350 °C (626-662 °F) or more, if you have a 
soldering station. 


The melting point of traditional tin-lead solders 1s about 190°C (374°F) but lead- 
free tin-based solders require higher temperatures, having melting points of typically 
201-227 °C. As Antex reminds us, the melting point is not the temperature of the 
soldering iron tip: instead you should set a temperature that ensures the solder melts 
instantly onto the tip. Fixed-temperature soldering irons have no adjustability but they’ Il 
cope just fine with either type of solder. A soldering station usually has a variable 
control that gives more control in different circumstances. In practice the iron tip 
temperature should be set for typically 330-350 °C (626-662 °F) or maybe a little more if 
using lead-free solder. 


Now is the time... 


The next diagram shows what would happen if you applied a hot soldering iron to 
an imaginary metal block. In step (1) heat travels out of the iron into the cold metal 
block, which starts to warm up starting at the edges. Gradually (2), the whole metal 
block’s temperature rises until the middle of the block finally rises in temperature as 
well. In effect heat is now travelling back “towards” the iron tip, until finally (3) the 
whole block is at the same temperature as the iron. At this point solder could now be 
applied. 


AM How metal in the joint actually “sinks” heat away from the tip to begin with. 
Then heat moves back towards the tip until the solder’s melting point is finally reached. 


Y 0u”1l notice this effect as a time delay when soldering any joint. The “working 
area” of the iron’s tip gets cooled to begin with, because the metal in the rest of the joint 
is sinking heat away from where it’s most wanted. Only after the whole joint has risen in 
temperature can solder be melted onto it. 


^^ Soldering a small p.c.b. joint 


With experience, you’ll get a feel for how long it takes before you can apply 
solder. The more metal that is present in the joint, the longer period that heat must be 
applied for. A small p.c.b. joint takes well under one second to complete. A large metal 
terminal could take quite a few seconds or more to heat up. As I explained earlier, higher 
power (wattage) irons cope better with larger workpieces because they recover more 
quickly and are more “unstoppable”, making it easier for them to heat larger workpieces 
without cooling down so much. 


If you apply solder too early, 1t won’t melt properly and the result will be a grey, 
crystalline joint caused by the solder’s melting point temperature not being reached and 
the flux not having flowed properly. Semiconductors must be soldered as rapidly as 
possible as they are heat-sensitive, but they’re a lot more robust than they used to be. 


AM A clip-on Antex heat shunt fitted to a transistor leg, helps prevent thermal 
damage due to overheating when soldering it in place. Less essential these days, but 
beginners find them re-assuring. 


Until they have gained some practice, novices sometimes buy a small clip-on heat- 
shunt (photo) which resembles a pair of aluminium tweezers. In the example of, say, a 
transistor, the shunt is attached to one of the leads near to the transistor's body. Any 
excess heat then diverts up the heat shunt instead of into the transistor junction, thereby 
avoiding the risk of thermal damage. Applying far too much heat may destroy the part or 
damage the p.c.b. foil which may lift away from the board. 


In due course constructors learns to judge how much solder should be applied to 
any particular joint. An ideal p.c.b. joint 1s very slightly concave in shape. If not enough 
solder is used, the result may be an incomplete joint which may cause an intermittent 
fault later on. An excess of solder — shaped like a ball bearing - is an unnecessary waste 
and in extreme cases may cause short circuits, especially on densely-populated boards. 
There is no need to add more solder “for luck”. Professionally-produced p.c.b.s have a 
green solder resist coating which helps to ensure that solder does not stray onto adjacent 
pads. As a finishing touch, I usually spray the solder-side of a circuitboard with aerosol 
spray lacquer afterwards. It keeps the solder joints nice and shiny and helps prevent 
corrosion. 


Some components can create hazards during a soldering operation: 


Coin cells and button batteries are commonly used as power, clock or memory 


backups. If heated excessively they can explode without warning due to the build-up of 
internal pressure. Spot-welders are used in industry to connect tags to them, but if you 
need to solder wires to such a cell then 1t should be done as quickly as possible. 


Some memory back-up capacitors or electrolytic capacitors remain energised 
for a while even when the circuit 1s powered down. Molten solder is a perfect electrical 
conductor and in some cases the component’s contacts could be shorted during the 
soldering (or desoldering) operation. If molten solder shorts it out then the arcing may 
cause globules of solder to be spattered outwards without warning, potentially risking 
eyesight damage. 


Always ensure that powered components are electrically inert and discharged 
before soldering. Cells, batteries and battery packs should not be accidentally shorted 
during the soldering process, to avoid arcing and solder spatter. Note that electrolytic 
capacitors can also explode after a while 1f reverse-connected, so observe polarity 
closely. 


Let’s now consider the practical stages of soldering components and wires 
successfully. 


Soldering Step by Step 


Earlier I explained the individual factors that affect the quality of a solder joint. 


These are: 


Cleanliness — dirt or impurities drastically hinder good solder coverage. 

Temperature — the right level to enable the solder to flow freely! 

Time — apply heat for just the right amount of time! 

Adequate solder coverage — enough to form a good joint without 
touching neighbouring areas. 


These rules apply whether soldering a p.c.b. or performing other tasks such as 
interwiring (hooking everything together with connecting wire). 


We’ll now summarise the stages of making a typical solder joint — soldering 
components onto a printed circuit board (through-hole soldering). Most people insert 
components into the circuit board and simply splay the wires out to hold them in place 
under spring tension. I find it best to snip excess wire leads off at this stage, to improve 
accessibility. 


All parts must be bright, clean and free from dirt and grease. 

Try to secure the work firmly to stop parts moving around. 

“Tin” the soldering iron tip with a small amount of solder. Do this 
immediately, with new tips being used for the first time. 

Wipe the tip of the hot soldering iron on a damp cellulose sponge to 
remove excess solder or contamination. 

Many people then add a tiny amount of fresh solder to the cleansed tip 
just before using it. 

Heat all parts of the joint with the iron typically for under a second or so, 
until it’s heated throughout. 

While heating, then apply sufficient rosin-core solder to form an 
adequately-covered joint. 

It only takes a second or two at most, to solder the average p.c.b. joint this 
way. 

Do not move parts until the solder has cooled. 

Remove and return the iron safely to its stand. 


This special photo sequence illustrates these stages. It’s best to start with the 
smallest, fiddliest parts first when soldering a blank p.c.b., because that’s when you’ve 
got the most access on the board. Accessibility will be reduced as more components are 
added, so we’ll start with a simple wire link on a professionally designed p.c.b. 


^^ A typical professional blank p.c.b. — silk-screen printing shows what goes 
where. The underside has been treated with a green solder resist coating, and the solder 
pads are ready-tinned to help with soldering. 


^^ Preparing a wire link for soldering — cut off some tinned copper wire and bend 
the ends to fit the p.c.b. correctly. Round-nose pliers (shown) are perfect for this, but 


ordinary electronics or “radio” pliers will do. 


^^ Wires are prodded through the holes in the board, then turn it upside down to 
view the solder side. You can then “spring” or splay the ends apart slightly, so they are 
held in place while you solder them. 


^ Wipe the hot soldering iron on the damp sponge to clean the tip. Do this 
periodically when contamination, flux deposits etc. build up on the iron to keep the tip 
nice and shiny. Tip Tinner Cleaner helps too. 


^ It often helps to dab a tiny amount of solder wire onto the tip, to improve heat 
transfer. 


Appendix A 


Glossary 
Ampere (A) 
The unit of measurement of electric current. 
Amplifier 
Electronic device or circuit that produces an 
output signal with greater power, _ voltage, or 


current than that provided by the input signal. 
Capacitance (C) 

The capability of a component to store an 
electric charge when voltage is applied across 
the component, measured in farads. 

Capacitor 

A component that stores electric charge when 
voltage is applied to it. It can return the 
charge to a circuit in the form of an electric 
current when the voltage is removed. 

Current (I) 

The amount of electric charge flowing through 


a circuit, measured in amperes. 
Diode 
A component that conducts current in one 


direction only. 
Discrete components 


Individual electronic parts such as resistors, 
diodes, capacitors, and transistors. 

Farad (F) 

The unit of measurement of capacitance. 
Feedback 


A connection from the output of an amplifier 
back to the input. In some instances, a 


^^ Then apply the soldering iron to heat both the solder “pad” and the wire end at 
the same time (say <I second). Apply a few millimetres only, of solder. Then remove the 
soldering iron immediately and allow the joint to cool down by itself. The green solder- 
resist coating ensures solder doesn't flow onto neighbouring pads. 


^^ These “end cutters” can then be used to snip off excess wire after soldering... 
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^^... but ordinary electronics “side cutters” are fine for trimming or snipping 
wires. 


^^ The ideal solder joint should be smooth and slightly concave, quite shiny, not 
dull or crystalline-looking nor ball-bearing shaped. 


Try to get consistent results in your soldering, but don’t worry too much about the 
lack of uniformity — this 1s soldering by hand after all, not by precision machinery, and 
some slight variation is OK provided the solder coverage is good and the soldering is 
generally clean and effective. You'll improve with practice, that’s for sure! 


“A large i.c. socket can be added next... 
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M Go along the rows of pins and solder them one at a time. See how simple it is! 
Heat both the solder pad and pin with the iron, and dab on a little solder wire to ensure 
full coverage. Ensure the socket is flush against the board. 


^^ As hardly any metal is involved each pin should take well under a second to 
solder at most. 


M Continue until the i.c. socket is soldered. 


Once the smallest parts are soldered into place, you can continue to solder the 
remaining components. It’s easiest to handle the smallest so-called “discrete” parts first 
while you still have plenty of room on the board. I usually solder resistors and capacitors 
next. The principle of soldering them is just the same as a simple wire link: insert them 
from above till they are flush on the board, then splay their wires a little to hold them in 
place, and preferably snip off at least some of the wire to give you more access. 


^^ Continue by inserting “discrete” components from above, splay their wires out 
underneath to secure them in place, then snip and solder the joints exactly as before. 
Some parts like this blue electrolytic capacitor are polarity sensitive (note the — sign), 
and must be inserted the right way round. Same is true of every semiconductor. 


^^ This row of Y watt resistors was next. I like to show the colour codes all the 


same way round, with gold or silver (tolerance bands) on the right for consistency. 


^^ This transistor was next. Solder it quickly to avoid damage, and observe polarity 
correctly, so it is the right way round on the p.c.b. The heatshunt is optional. 
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“ Unusually, this toggle switch fitted directly onto the board as well which saved w 


^ As there is comparatively more metal to heat up, it'll take longer to solder the switch 
terminals, and you'll need more solder as well. Thicker gauge solder is useful at such 
times. Allow say 2-3 seconds to solder each terminal. 


Don’t forget to clean the soldering iron tip on its damp sponge every now and then, 
to ensure the bit is kept clean and shiny. Later on I'll show you how to correct any 
problems by desoldering using various techniques. Next, we’ll move on from printed 
circuit board “through-hole” soldering and look at how to handle wires and leads. 


Interwiring — get hooked up! 


With practice, through-hole soldering of p.c.b.s will become second nature. 
There”s no substitute for tackling some soldering jobs though, particularly trying a 
simple kit based on a quality p.c.b. which will boost your confidence enormously. 


Most electronic devices need connecting up to external components such as battery 
packs, speakers, l.e.d.s or switches. Usually, multi-stranded connecting wire 1s used to 
connect circuit boards and external parts together. Unlike single solid-core wire, multi- 
stranded wire 1s flexible and vibration-resistant. Hobbyists mainly use 7/0.2mm wire (7 
strands, each 0.2mm diameter) for low-voltage hook-ups although much Chinese 
equipment uses much thinner wires than this. So let’s look at some aspects of soldering 
this type of wire. 


In a separate photo sequence I show how a potentiometer (a panel-mounted 
variable resistor) and a light-emitting diode (1.e.d.) are connected using multi-stranded 
wire. The same principles of soldering apply to most other components including panel- 
mounted switches, loudspeakers, buzzers, audio sockets and more. 


Components usually have terminals or “tags” to which wires can be soldered. Start 
by ensuring the component’s tags are clean: otherwise solder will not wet properly and 
the joint will be impossible to solder, so all contamination must be removed. This is 
especially true of parts that have been in storage a long time. The connections often 
oxidise or blacken, so clean the solder tags with e.g. an abrasive glass-fibre brush, or a 
needle file or abrasive paper. Using a glass fibre brush was shown earlier in “Cleanliness 
and Tinning the Bit”. 


portion of the output voltage is used to 


control, Stabilize, or modify the operation of 
the amplifier. However, in some instances, 
unwanted feedback can cause a squealing 
noise or can cancel another signal. 

Filter 


Electronic circuit that can either block or pass 
frequencies that fall within a certain range. 
Frequency (f) 

Number of cycles of a waveform that occurs 


in a given time period, measured in hertz 
(cycles per second). 

Ground 

Zero volts. This is the arbitrary reference 
point in a circuit from which all voltage 
measurements are made. 

Henry (H) 

The unit of measurement of inductance. 
Impedance (Z) 

Total opposition (resistance and reactance) of 
a circuit to alternating current (AC) flow, 
measured in ohms. 

Inductance (L) 

The property of a component that opposes 
any change in an existing current, measured 
in henrys. 

Inductor 


A coil of wire whose magnetic field opposes 
changes in current flow when the voltage 
across the coil is changed. 
Integrated circuit (IC) 


^ How not to strip insulation off wire: some of 
avoid doing this! 


the cores have also been 


^ Gripping a wire end in a “Helping Hand” croc clip can help with soldering. 


After stripping a short length of insulation from the connecting wire, there are two 
ways to solder it to a component’s solder tag. The first way is to “tin” the stripped wire 
end to solidify it - just heat it with the iron and melt a little solder on it, and let 1t cool. 
Poke the wire end through the solder tag, apply the hot iron to both parts and solder them 
together using a few millimetres of solder. 


Although the assembly doesn’t hold itself together so well during soldering 
(consider a Helping Hands jig 1f needed) this 1s quicker and easier to make and also easy 
to desolder again, and is perfectly adequate for most joints of this kind. The majority of 
commercial wire joints seem to be made this way. 


^^ Apply a hot iron and solder, in order to “tin” the wire ends. This makes them 
into a solid. 


^^ Then feed the tinned wire through the hole in the solder tag. Crop the wire with 
cutters if needed... 


AM 


. and apply the iron to heat the joint. As there's quite a lot of metal to heat, 
allow several seconds to heat it up and then simply solder the wire and solder tag 
together with a dab of solder wire. 


AM The result is a perfectly satisfactory solder joint. 


The second way 1s to loop the untinned wire through the tag a few turns and then 
solder it. This secures the wire during soldering, but it’s messier to desolder if things go 
wrong (see later): 


LDDs! 


^^ The centre wire (potentiometer wiper terminal) has been wrapped around to 
secure it before soldering. 


^^ Solder the joint in just the same way — heat it up and dab on some solder wire. 


Much electronic equipment 1s connected or inter-wired this way and soldering 
everything together is a key stage in assembling any electronic project. PI explain some 
refinements you can try, later. 


Wire joints 
Soldering isn’t always the best solution to some problems, for reasons that I 
explain in the next section called Fatigue and Breakage. However you can solder wires 


together to join them simply and cheaply, and next I show a classic wire joint of this 
kind, sometimes called a Western Union joint. 


^^ Soldering a Western Union wire joint. 


Strip the ends from each wire using wire strippers, and try not to cut any of the 
stranded cores or this will create a weakness. (Stray strands of wire can also be a 
hazard.) Then twist the wires securely together several times, ideally four or five. Apply 
a soldering iron to the exposed joint and dab on some solder until it flows fully over the 
joint, then remove the iron and allow the joint to cool. 


The wire’s plastic insulation may shrink back a little due to the heat, but try not to 
overheat it excessively. If you have the resources you can finish off by insulating the 
joint with some heatshrink tubing (slide it over a wire before you make the solder joint! ). 
Otherwise use ordinary PVC tubing or insulation tape if you have any. 


A solder tag can be soldered easily enough, and it’s probably best to feed a 
stripped wire end through the tag and twist 1t over several times before soldering it, so 
it’s held together when soldering. 
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^^ A solder tag is soldered by wrapping a stripped wire end through the hole and 
round again, to secure it. 


AA Apply plenty of heat and solder for a few seconds. 


^^ The completed solder tag 


The next sequence show how the same basic principles of soldering wires are used 
to connect up a device such as a panel-mounting l.e.d.. A series resistor can be wrapped 
around and soldered directly to one of the l.e.d. solid wires, and then two multi-stranded 
connecting leads are soldered to the 1.e.d. and resistor. It’s best to use heatshrink tubing 
or PVC sleeve to insulate the solder joints and prevent short circuits afterwards. 


^^ Multi-stranded wires can be soldered to the solid leads of an l.e.d.: insulate 
them afterwards. Different coloured wires identify the polarity of anode and cathode. 


AM PVC sleeving or heatshrink is needed to prevent short circuits. 


“A commercial l.e.d.— the series resistor can be made out in the sleeving. 


Wires can also be soldered directly to printed circuit boards by stripping and 
tinning the ends, provided they fit through the holes in the p.c.b. It’s a very common and 
cheap way of hooking up a board using “flying leads” and you'll see this all the time in 
consumer electronic equipment. For convenience so-called “solder pins” can be used, 
onto which flying leads may be soldered from the component-side instead. 


^^ A set of l.e.d.s connecting wires, stripped, tinned and ready to be soldered to the 
p.c.b. 


Electronic component in the form of a small 
silicon chip in which numerous transistors and 


other components have been built to form a 
circuit. 
Kirchhoff's laws 


A set of formulas that form the basis for 
direct current (DC) and alternating current 
(AC) circuit analysis. This includes Kirchhoff's 

current law (KCL) , which states that the sum 
of all currents at a junction equals zero; and 
Kirchhoff's voltage law (KVL) , which states 
that the sum of all voltages in a loop equals 


zero. 
Ohm (Q) 
The unit of measurement of resistance. 


Ohm's law 
A formula used to calculate the relationship 


between voltage, current, and resistance, 
expressed as V= IR. Also expressed as E = 
IR. 

Operational amplifier (op-amp) 

An integrated circuit, multistage amplifier. An 
op-amp is much smaller and, therefore, more 
practical than an equivalent amplifier made 
with discrete components. 

Oscillator 

An electronic circuit that produces a 


continuous output signal such as a sine wave 
or square wave. 

Phase angle 

For a signal, the angle of lead or lag between 
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^ Solder the two “flying leads” to the copper pads in the usual way. 
Hopefully the holes are big enough for the wires! 


M Connecting an l.e.d. to a circuit board with flying leads. 


Wires can also be attached to the underside (solder-side) of circuit boards, tacking 
them onto existing solder joints by re-melting them and absorbing the tinned wire end 
into it (“reflow soldering” — see later). This is a cheap and cheerful, semi-reliable way of 
rigging wires to a circuit board, and it’s used all the time in imported consumer 
electronics. 


Tidying up 


PII leave it to readers to decide whether they should cut off excess wire before or 
after soldering. After the soldering is complete, I prefer to tidy up the joint by snipping 
any excess wire from the joint using a pair of “end cutters” shown earlier. These 
expensive hand tools have specially angled blades that snip the joint neatly down to the 
top of the solder joint. Ordinary side cutters will do fine. 


It’s worth taking time out to inspect the work closely, looking for any missing 
solder joints, whiskers of solder or swarf shorting out any solder pads, and all such 
potential problem areas should be dealt with prior to testing the board. Faultfinding goes 
beyond the scope of this guide, but it’s true to say that almost always, any problems 
noticed after powering up the circuit are due to soldering faults or wrong components 
being used. 


Reflow technique 


Another technique often used is “reflow” soldering. This is used to “tack” devices 
or wires together, especially if very small, sensitive or fiddly parts are involved. There 
might be no room to make a “proper” sturdy joint, or it might just not be necessary to 
have any mechanical strength in the joint, especially if tiny parts are used. 


As an example, imagine a small temperature sensor (I used a transistor) for use in a 
thermometer project. It could be quite tricky to solder flying leads onto the sensor’s 
leadouts, so a good approach is to tin both the flying leads and the sensor’s leads, and 
then simply touch them together and re-melt the solder with the iron. There’s no need to 
add any more solder, because the solder that’s already there will re-melt and the joint 
will be made. Sometimes this 1s called a butt joint. 


^^ The leads of this sensor (transistor) have been tinned, ready for flying leads to 
be tacked onto them with a reflow method. A Helping Hands jig might help! 


^^ The three flying leads stripped, tinned and ready to be reflow-soldered onto the 
device. 


^^ To reflow solder them, simply hold the two leads together while re-melting the 
solder with the iron. 
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^ Remove the iron and let the solder cool. The wire is tacked on. 


AA Repeat for the other leads. They just need insulating with sleeving, then job 
done! 


Depicted next 1s a typical “tag strip”, an insulated panel with metal solder tags 
used for making sundry connections. (Entire TVs and radios used to be hand-built with 
them, in the early-mid 20th Century!) The principles of soldering are exactly the same, 
but more time is needed when applying the soldering iron because more metal is present, 
which needs more heat. You”1l need more solder for bigger joints like these, so larger 
diameter solder makes a quicker job of it. Consider adding more flux (see earlier) to see 
if it helps. 


^^ Wrap wires through the terminals and arrange everything neatly, then solder as 
normal. 


^^ Don’t be afraid to apply more heat with larger assemblies like these: they 
contain more metal than, say, an ordinary p.c.b so allow more time for the solder to flow 
over everything properly. 


Fatigue €: Breakage 


Earlier I explained how multi-stranded hookup wire is flexible, which also makes 
it vibration proof — that’s why a car’s electrics are full of multi-stranded wiring, and test 
equipment probes use ultra-flexible multi-stranded wire for the same reason. Solid-core 
wire can be bent and will stay in shape (called “plate wiring”) but if it’s repeatedly bent 
or vibrated then it may eventually break somewhere due to fatigue. 


The same is true of wires that have been soldered or tinned. No longer is the wire 
100% multi-cored and flexible — instead it’s been turned into a single core wire at the 
point where it’s been soldered. This is potentially a weak spot and could eventually 
fracture due to fatigue, if subjected to continued vibration (e.g. in a car engine bay or in 
motorised equipment). 


In a lot of equipment problems can be avoided by adding strain reliefs of some 
sort, to stop the wire being flexed where it’s been soldered. Heatshrink tubing, or a dab 
of hot-melt glue, are ways of taking the pressure off the joint and ensuring soldered 
wires won’t snap off due to vibration. 


One of the reasons that higher-quality equipment and cars etc. use crimp terminals 
and connectors is that crimped (as opposed to soldered) connections retain all the 
flexibility of multi-core stranded wire from end to end, avoiding problems of wires 
breaking off. A ferrule is a very neat way of tidying wire ends and preventing stray 
strands of wire doing damage. Ferrules can be used to connect wires into screw terminal 
blocks etc. Simply clamp the terminal block down onto it and the screw will grip the 
ferrule. 


^^ Instead of soldering them, wires can be terminated with ferrules prior to fitting 
to e.g. screw terminal blocks. This makes them vibration-proof and also avoids any 
problem of stray wires poking out. 


Faults & Desoldering techniques 


By putting into practice the guidelines in my Basic Soldering Guide practice, 
there’s no reason at all why you should not obtain perfect results and eliminate any 
potential problems. Hopefully the information gives you plenty of guidance to tackle 
various soldering projects with confidence. There’s no substitute for getting some hands- 
on experience though, so I’d repeat the advice to try assembling a simple high quality 
electronic kit or two, such as those produced by Velleman and see how you get on. 
Powering up your first project successfully 1s a great thrill as every electronics hobbyist 
knows. 


^^ Popular desoldering products, a pump and various widths of desolder braid. 


Let's now look at reversing the soldering procedure — what to do if things go 
wrong, or maybe you have to repair a circuit by replacing a faulty component. 


A solder joint which is badly made is likely to be electrically “noisy”, unreliable 
and will probably worsen over time. Expansion and contraction of the joint due to 
heating and cooling can also throw up intermittent problems later down the line. The 
joint may look OK but underneath it may have a poor electrical connection, or could 
work initially and then cause the equipment to fail at a later date! These intermittent 
problems can be maddening to fix. TV repair technicians have an uncanny ability to go 
straight to a faulty solder joint because they see the same problem all the time, especially 
on equipment that has a “reputation”. 


the current waveform and the voltage 


waveform, expressed in degrees. 

Phase shift 

The change in a phase of a signal as it 
passes through a circuit, such as in an 
amplifier. 

Pinout 


The configuration of leads used to connect an 
electronic component to a circuit. 


Power 
The expenditure of energy over time, 
measured in watts. 


Reactance (X) 

The degree of opposition of a component to 
the flow of alternating current (AC), measured 
in ohms. There are two types of reactance: 
Capacitive reactance (X C) exhibited by 
capacitors and inductive reactance (X L ) 
exhibited by inductors. 

Rectification 

The process to change alternating current 
(AC) to direct current (DC). 

Resistance (R) 


The degree of opposition of a component to 
the flow of electric current, measured In 
ohms. 

Resistor 

A component whose value is determined by 


the amount of opposition it has to the flow of 
electric current. 
Resonance frequency 


^^ These dry or grey/ gray joints were caused by dirty parts, poor heating and 
inadequate solder coverage 


A solder joint that’s poorly formed is called a “dry joint” or “cold joint” or a “grey/ 
gray” joint. Usually it results from inadequate heating, dirt or grease preventing the 
solder from melting onto the parts properly, and is often noticeable because the solder 
tends not to wet the surface properly. Instead it forms beads or globules. Alternatively, if 
it seems to take a very long time for the solder to wet the joint, that’s another sign of 
contamination and that the joint may be a dry one, or the material is incompatible 
anyway. A matt, crystalline appearance instead of a shiny joint points to inadequate 
heating: the solder cooled down far too quickly and didn’t flow properly. 


Whether you want to replace a faulty component or fix a dry or poor-quality solder 
joint, it’s usually necessary to remove the troublesome solder and then re-solder it afresh. 
Naturally, there are tools and techniques that make the job easy. It’s very bad practice to 
simply re-melt the joint and then lash out with the board, whiplash style, hoping that the 
molten solder will be flicked off the board. 


The usual way of removing solder from a joint is to use a desoldering pump. These 
work like a small spring-loaded bicycle pump, only in reverse! A plunger is pressed 
down until it locks into position. It’s released by pressing a button which sucks air back 
through a pointed nozzle, carrying any molten solder with it. It may take one or two 
attempts to clean up a joint this way, but a small desoldering pump 1s an invaluable tool 


especially for p.c.b. work and they are widely available now. 


^^ A hobby desoldering pump primed for use 


Desoldering pumps often have a heatproof P.T.F.E. nozzle which may need 
replacing occasionally. Each time the button is pressed, a plunger clears the nozzle but 
sometimes solder particles and swarf will be ejected in the process; when you prime the 
pump, point the nozzle into a small pot or old aerosol top to catch any debris. Remove 
the spout and clean out the pump from time to time. 


AM Suck up molten solder using a desoldering pump 


With very stubborn joints where the last traces of molten solder just can’t be 
shifted, 1t sometimes helps to actually add more solder and then desolder the whole lot 
again with a pump. 


Desolder Braid 


An alternative to a pump is to use desoldering braid which arrives in small 
dispenser reels. It’s a flux-impregnated fine copper braid which is applied to the molten 
joint, and the solder is then drawn up into the wick by capillary action. It’s remarkably 
effective and for certain tasks, 1t can be more thorough than a pump. I recommend that a 
small reel is bought (start with 1.5mm width) for the toolbox, to tackle larger or difficult 
joints which would take several attempts with a pump. 


^^ Desolder braid is also handy and can sometimes be more effective than a 
desolder pump. It comes in various widths to suit the scale of work being tackled. 


To use desolder braid, press the end of the braid down onto the joint using the tip 
of an iron, and let the solder melt underneath: the braid will then absorb the solder. The 
braid becomes hot so beware of burns. Once the solder’s solidified on the braid, cut it off 


and discard. 


^^ Desolder braid can also be used to remove excess solder, e.g. two i.c. pins 
shorted together. 


^^ Press some desolder braid over the joint, then melt it with an iron to draw 
molten solder up the braid. 
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Remove the braid immediately and don’t drag “whiskers” of molten solder 
around. The excess solder is absorbed by the braid, which is snipped off ready for the 
next job. 


Be aware that you can damage a printed circuit board accidentally when removing 
the desolder braid if it’s not removed quickly enough. The solder will soon solidify, 
which effectively solders the braid to the printed circuit board! A careless tug may yank 
copper tracks or pads away from the board, stuck to the braid. You can also drag solder 
“whiskers” onto neighbouring pads unless the braid is removed cleanly. Why not 
practice using desolder braid with an old circuit board? 


Whichever desoldering method you use, care is needed to ensure that the boards 
and parts are not damaged by excessive heat. It’s not that difficult to apply so much heat 
when desoldering that the adhesive holding the copper foil tracks on the p.c.b. eventually 
fails, causing the copper track to lift away — everyone’s worst nightmare. 


^^ Typical copper track damage (centre) caused by overheating during soldering 
or desoldering. The track has lifted off, but you can try repairing it by adding extra 
wiring or SuperGlue it if the track isn’t broken. 


If this should ever happen, remove the iron immediately and permit the area to 
cool (a freezer aerosol is valuable at such times). If you’re lucky, you can maybe repair 
the lifted track using a droplet or two of Super Glue, or add “jumper wires” to bypass the 
damage. 


AM A Freezer aerosol can give rapid cooling where excess heat has been applied 
during soldering. Also used in circuit faultfinding to identify overheating parts. 


You now know everything you need to know about making the ideal solder joint, 
and desoldering it in case you need to make a repair. Just to remind you, a Quick 
Summary guide follows. 


Quick Summary Guide 


To round off the Basic Soldering Guide, let’s summarise how to make the perfect 
solder joint. 


o Ensure materials to be soldered are compatible with tin/ lead or lead-free 

solder. 

All parts must be clean and free from dirt and contaminants. 
Try to secure the workpiece firmly during soldering. 

e Brand new soldering iron tips must be flooded with solder immediately, 
the first time they are used. 

° Wipe the tip of the hot soldering iron on a damp cellulose sponge at 
frequent intervals. Then “tin” the iron tip by applying a small amount of 
solder. 

e Aim to heat all parts of the joint with the iron for under a second or so, to 
bring them up to the same temperature. 

° Continue heating and apply sufficient rosin-core tin/ lead or lead-free 
solder to form a complete joint. 

o It only takes a second at most, to solder the average p.c.b. joint. It should 
be smooth and shiny, and through-hole joints should be slightly convex in 
shape. 

e Remove the iron and return it safely to its stand. 

6 Do not move parts until the solder has cooled. 

e Tin the soldering iron tip and clean it well, when switching it off, ready 
for next time. 

o Consider using e.g. electronics flux dispenser pens or Colophony (rosin) 
to help with difficult joints. 


Sometimes solder joints don’t go quite to plan, and sooner or later everyone 1s 
faced with the need to problem-solve or troubleshoot, so a simple Troubleshooting Guide 
follows next. 


Troubleshooting Guide 


This troubleshooting guide may help fix common problems encountered with 


Solder won’t “take” (wet) and won’t flow 
properly over the joint -- molten solder 
forms beads or “ball bearings” instead of 
flowing properly. 


Solder doesn’t melt or flow very well -- the 
joint is crystalline or grainy-looking - a grey 
or dry joint. 


Solder joint forms a “spike” and applying the 
iron again makes it even worse! 


The copper foil of my p.c.b. has lifted off the 
circuit board! 


Brown varnish-like deposits are left behind 
after I finish soldering. 


troublesome solder joints. 


Grease or contaminants present; 


Material may not be suitable for soldering with 
standard lead/tin or lead-free solder, e.g chromium. 


Joint has been moved before being allowed to cool 
naturally, or: 


Joint was not heated adequately. Too large a joint — 
too much metal present — and/ or the soldering iron 
temperature or power rating are too low. 


Probably overheated, burning away the flux. The 
iron, when removed, would cause the solder to stand 
up in a spike. 


Excessive use of heat has damaged the adhesive. 
Provided the track hasn’t broken, it may be 
repairable. 


These are the remains of rosin flux and are nothing to 
worry about. 


Treat contaminated parts with 
abrasive cleaners etc. as required to 
expose base metal. 


Some metals can’t be soldered with 
electronics-grade solder. 
Desolder and remake. 


Apply heat for a longer period, or 
use a higher power soldering iron, or 
check the temperature setting and 
raise it if possible. 


It is usually best to desolder and 
remake the joint freshly again. 


You can sometimes repair it with 
Super Glue, or re-wire the board 
with jumper wires. 


It can be removed with PCB cleaners 
or some solvents, if you want to tidy 
up the board and inspect your work. 


The frequency at which the reactance of a 
capacitor and inductor connected together In 
a circuit are equal. 

Saturated transistor 

A transistor that is completely turned on. 
Semiconductor 


A material that has electrical characteristics of 
a conductor or an insulator, depending on 
how it is treated. Silicon is the semiconductor 
material most commonly used in electronic 
components. 

Transformer 

A component that transforms an input 
alternating current (AC) voltage to either a 
higher level (step-up transformer) or a lower 
level (step-down transformer) AC voltage. 
Transistor, BJT 

A bipolar junction transistor (BJT) IS a 
semiconductor component that can either be 
used as a switch or an amplifier. In either 
case, a small input signal controls the 
transistor, producing a much larger output 
signal. 


Transistor, JFET 

A junction field effect transistor (JFET), which, 
like the bipolar junction transistor, can be 
used either as a switch or an amplifier. 
Transistor, MOSFET 

Like the BJT and JFET, a metal oxide silicon 
field effect transistor (MOSFET) that can be 
used either as a switch or an amplifier. The 


Possible Hazards and simple First Aid 


It’s extremely rare that soldering iron operators receive any burns or other injuries 
from the use of hot soldering irons. Soldering is perfectly safe provided that common 
sense precautions are taken during the soldering operation. Here are some of them: 


e Components are very hot after soldering, so let them cool before handling 
them to avoid skin burns. 

@ Beware of splashes of molten solder caused by careless handling of a hot 
soldering iron. 

o Beware of energised components (capacitors, batteries etc.) being shorted 
by molten solder and ejecting solder splashes due to arcing. 

e Always park a hot iron safely on a stand in between use — never hang it 
vertically next to the bench. 

o Keep a hot soldering iron away from its mains cable (silicone cables 


reduce the risk of accidental damage). 
o Beware of wire offcuts flying off (danger to eyesight) when snipping 
wires to length before or after soldering. 

Avoid inhalation of solder and flux fumes as this can irritate the 
respiratory tracts, especially in sensitive cases (e.g. asthma). 


Should you receive a more serious skin burn which requires attention, then: 


° Cool the affected area immediately. Use plenty of cooler running water 
— but avoid ice cubes etc. as they can cause nerve damage after a time or 
inhibit the flow of blood to the affected area. 


e Remove any objects which may be constrictive, before any swelling 
starts (rings, watches, bracelets). 

° Do not prick blisters nor apply ointments, salves or lotions at this stage. 

o Local pain relief for small burns can be obtained by spraying Burneze 
aerosol onto unbroken skin. 

° Seek medical attention for more serious burns. 


Eyesight problems are exceptionally rare, e.g. pieces of wire offcuts or solder 
splashes lodging in the eye area, and should be treated by a qualified first-aider or A&E. 
The best you can do is bathe the affected area with e.g. a first-aid eyewash bottle or fresh 
water. Then seek professional medical help straight away. 


Useful resources 


Details of the Antex range of soldering equipment, solder tips and spare parts can 
be obtained from www.antex.co.uk. UK and international distributors are also listed on 
the Antex (Electronics) web site. 


If you’re interested in hobby electronics then why not try EPE Magazine, the No. 
] UK magazine for hobby electronics enthusiasts, students, trainees and technicians 
around the world. You can buy a printed edition from newsstands, download a PDF 
version (for Windows) or try a tablet/ smartphone version from Pocketmags. More 


details at www.epemag.com 


Y ou can learn more about the writer at his website 
http: //www.alanwinstanley.com/ 


Some mail order suppliers of soldering equipment and electronic parts include: 


° ESR Electronic Components Ltd. (soldering equipment, Velleman kits) 


J Bowood Electronics (Antex irons and spares, electronic parts) 

° Rapid Electronics (components, tools, equipment) 

o Cricklewood Electronics (CCTV, Antex soldering irons and spares, 
components) 


o Maplin Electronics (UK electronics retailer and mail order) 
° Farnell Electronic Components (major UK industrial supplier) 
° RS (UK electronics industrial supplier) 


° Brewsters Ltd (soldering equipment mail order specialists) 
ə Velleman UK (electronic kits) 
o uasar Electronics (Velleman kit mail order retailers) 


° Kemo Kits (Germany, trade only) 
e Hobbytronics (UK hobby mail order supplier) 
e Multicore Solders (now a Henkel brand) 


These links were correct at the time of going to press, July 2013. 
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Conclusion 


I really hope the Basic Soldering Guide will give you the confidence to try your 
hand at electronic soldering. It’s really a lot easier than it sounds, and armed with the 
guide’s advice and photographs, the next thing to do is invest in a decent-quality 
soldering iron such as the excellent range manufactured by Antex that will serve you 
well for years to come. 


Soldering an electronics kit together such as the professional designs produced by 
Velleman is a great way of testing out your new skills. Start with a small, simple kit 
costing a few pounds to gain confidence and experience, and avoid the temptation to 
tackle something too complex until you’re ready to extend yourself further. 


Feedback is welcomed by email to alan@epemag.demon.co.uk 


You can learn more about me at www.alanwinstanley.com or read my column in 
EPE Magazine. 


Good luck with your soldering! 


Alan Winstanley 


Text and Photographs © Copyright © Alan Winstanley 1997-2013 


Play fair and support writers who share their skills and expertise 


Preparing a resource like this takes months and 1s based on four decades of 
practical experience which I gladly share with readers. It costs a small fortune in time, 
experience, IT and photographic equipment to put an ebook like this together, and the 
Royalties that you pay to buy the book puts food directly on my table. You paid for your 
copy (thank you!) so 1f you see any unauthorised versions of my work anywhere in 
circulation, I’d really appreciate being told about it. Thank you! A.R.W. 
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MOSFET IS the most commonly used 
transistor in integrated circuits. 

Turns ratio (TR) 

The ratio of the number of turns in the 


primary or input winding of a transformer to 
the number of turns in the secondary (or 
output) winding. 

Volt (V) 

The unit of measurement for the potential 
difference that causes a current to flow 


through a conductor. 

Voltage (V) 

The potential difference of energy that, when 
applied to an electrical circuit, causes current 
to flow, measured in volts. 

Watt (W) 

Unit of electric power dissipated as heat when 
l amp of current flows through a component 
that has 1 volt applied across it. 

Zener 

A particular type of diode that enables the 
flow of current at a definite reverse-bias 
voltage level. 


THE COMPLETE 
ENCYCLOPEDIA OF 


MINERAL 


Description of over 600 Minerals from around the world 


PETR KORBEL & MILAN NOVAK 


Explanation of the abbreviations used in the book 


C -= color 

S — streak 

L  -— luster 

D - diaphaneity 
DE - density 

H - hardness 
CL - cleavage 

F  — fracture 

M  -— morphology 
LU - luminescence 
R  — remark 
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XX -crystals 


In the figure captions, the bigger dimension is 
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Introduction 


The ever increasing number of publications about 
minerals reflects a growing interest in naturc. 
Most of those publications though only deal with a 
few dozen of the most common mincrals or 
gemstones. This book fills the gap by also 
featuring less common and rare minerals. The 
authors describe over 600 mineral species and 
varieties, illustrated with about 750 color 
photographs. In choosing illustrations of particular 
minerals, aesthetic criteria such as size of crystal 
and color played a role in addition to their 
importance and distribution in nature. This book 
includes some rare mincrals, known only from one 
locality. because they form very attractive crystals 
or aggregates. There are mincrals known to 
humankind since prehistoric times such as quartz 
and gold, but also mincrals first described quite 
recently like rossmanite. The photographs show 
well-formed and colorful crystals but many 
aggregates, which are more common in nature, are 
also included. The mincrals in the book are listed 
according to the mincralogical system of Hugo 
Strunz, in his book Mineralogische Tabellen in 
1978. The chemical formulae of individual 
minerals follow the form of Glossary of Mineral 
Species 1995 by M. Fleischer and J.A. Mandarino. 
The information is complemented in both cascs 
with the latest knowledge from scientific 
literature. such as new nomenclature of 
amphiboles, micas and zcolites. 

The mineral descriptions cover the basic physical 
and chemical data, including chemical formula 
and crystal system. The data provided correspond 
mainly to the end-members. The less common 
valence of the chemical elements is marked in the 
chemical formula (Fe. Mn“, As”, Mn”, Pb"). 
Where an element features in both valences in the 
mincral, they are both marked (e.g. ilvaite, 
braunite). 

The origin of individual minerals is described in 
detail. We chose for a relatively simplified scheme 
because the normal complexity cannot be 
described here in detail. Minerals can be 
distinguished as either primary (resulting directly 
from a solidifying of magma, crystallizing of an 
aqueous solution or metamorphism — re- 
crystallization in a solid state) and secondary 
(resulting from alteration of the original mineral, 
c.g. during its oxidation or reduction under low 
tempcrature and pressure close to the surface of 
the Earth). Primary mincrals are divided into 
following groups: |. magmatic, when a mineral 
crystallizes directly from a melt (it includes 
magmatic and effusive igneous rocks. including 
granitic and alkaline sycnite pegmatites and 


Marcasite, 100 mm, Misburg. Germany 
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meteorites): 2. sedimentary, when a mineral 
crystallizes during a process of diagenesis or from 
hydrous solutions under normal temperature 
(clastic, organic and chemical sedimentary rocks); 
3. metamorphic, when a mineral crystallizes 
during metamorphic processes in a solid state at a 
wide range of temperature and pressure (it 
includes regionally and contact metamorphosed 
rocks and skarns); 4. hydrothermal, when minerals 
crystallize from aqueous solutions and fluids 
under high to low temperatures (it includes ore and 
the Alpine-type veins, cavities in volcanic rocks, 
minerals and rocks, hydrothermally altered under 
high temperature, c.g. greisens). 

Secondary minerals are divided into following 
groups: |. oxidation. when minerals result from 
the oxidation (weathering) of the primary minerals 
in the oxidation zone of ore deposits and other 
rocks (it includes the origin of malachite and 
azurite during the chalcopyrite oxidation, also the 
origin of secondary phosphates in granitic 
pegmatites during the oxidation of primary 
phosphates): 2. cementation. when minerals result 
from the reduction of the primary mincrals (the 
origin of native copper and native silver under the 
reduction conditions in the cementation zone of 
ore deposits). This classification is very much 
simplified of course, because in many cases we 
cannot readily determine a specific origin of a 
particular mineral. This relates to minerals that 
crystallize under conditions which approximately 
represent a transition between separate phases of 
the origin, such as the magmatic or hydrothermal 
origins of clbaite in the pegmatite cavities: the 
metamorphic or hydrothermal origins of grossular 
in skarns; the magmatic or metamorphic origins of 
cordicrite in migmatites; and the hydrothermal or 
secondary origins of some phosphates in granitic 
pegmatites etc. 

With the localities for individual minerals we have 
tricd to list the most important worldwide 
localities regardless of their recent production but 
we have also included recent discoveries since 
these may produce important mincral specimens. 
Wherc a mineral has an important usc this is listed 
at the end of mincral description. We would like to 
acknowledge all who contributed in any way to the 
production of this book, particularly those private 
collectors and institutions which loaned mincrals 
for photography. We hope those fascinated in the 
world of minerals and of nature will find this book 
a fascinating source of information. 

This book is dedicated to the memory of Dr. 
Jaroslav “venck, who was of extraordinary 
influence to several generations of Czech and 
Slovak mincralogists and mineral collectors with 
his enthusiasm for mineralogy and attitude to life. 


1. Elements 


Copper 
Cu 


CUBIC 000090 


Properties: C - light pink to copper-red, it darkens and 
covers green to black in air; S — red; L — metallic; D - 
opaque; DE - 8.9; H ~ 2.5 - 3; CL — none; F — hackly; 
M - cubic crystals and its combinations, dendritic 
aggregates, sheets, slabs, massive. 

Origin and occurrence: Primary hydrothermal copper 
is mainly related to basic igneous rocks; it is also 
common as a product of supergene cementation. It is 
associated with cuprite, malachite, azurite, silver. 
chalkocite, bornitc and other minerals. The largest ac- 
cumulations of primary copper are in the Keweenaw 
Peninsular, Lake Superior, USA, the largest being 15 x 
7 x 3m (approx. 50 x 23 x 10ft)and weighing 420 tons. 
Fine crystals up to 50 mm(approx. 2in) also occur 
there. as do calcite crystalwith copper inclusions. Su- 
perb supergene coppercrystals come from many 
localities like Tsumeb, Namibia and Chessy. France. 
Crystals up to 140mm (5% in) long occurred in the 
Ray mine and in Bisbee, Arizona, USA. Very fine 
spincl-law twins up to 5 cm in size and dendritic ag- 
grcgates come from Mednorudnyansk, Ural moun- 
tains. Russia; crystals up to 30 mm (*161n) were found 


Silver, $2 mm, Freiberg. Germany 
Copper. 120 mm, Keweenaw Peninsula, U.S.A. 


Copper. 42 mm, Cornwall, UK 


in Dzhezkazgan, Kazakhstan. Fine specimens of cop- 
per, associated with cuprite, azurite and malachite oc- 
curred in Rudabanya. Hungary. Application: electro- 
nics, electrical engineering, ingredient in gold alloys. 


Silver 
Ag 


CUBIC eee 


Properties: C - silver-white, tarnishes gray to black: S 
- silver-white; L - metallic; D - opaque: DE — 10.5: H 
- 2.5 — 3; CL - nonc; F — hackly; M — cubic crystals. 
dendritic aggregates. wires. leaves, massive. 

Origin and occurrence: Hydrothermal in ore veins and 
also of secondary cementation origin in association 
with acanthitc, stephanite, proustite, pyrargyrite, 
copper and many other minerals. The best specimens of 
crystallized and wire silver come from Kongsberg, 
Norway, where wires up to 400mm (16 in) long and 
crystals up to 40 mm (17"t6 in) in size have been found. 


Silver, 55 mm, Schwarzwald. Germany 


Beautiful specimens of wire silver with wires over 100 
mm (4 in) long are known from Freiberg, Schnceberg 
and St. Andreasberg, Germany. Wires several cm long 
were also found in Pribram and Jachymov, Czech 
Republic. Dendritic aggregates from Batopilas, 
Chihuahua. Mexico, reached up to 150 mm (6 in). 
Crystals and aggregates of silver, grown together with 
copper are genetically unique in the basalt cavitics in 
the Keweenaw Peninsula near Lake Superior, 
Michigan. USA. Wires, up to 100 mm (4 in) long, 
come also from the San Genaro Mine in Huancavelica 
and Uchucchaqua, Peru. New finds of silver wires, up 
to 150 mm (6 in) long, have been made in 
Dzhezkazgan, Kazakhstan. 

Application: photographic industry, jewelry, clec- 
tronics. 


Gold, 48 mm. El Dorado, California, U.S.A. 


Gold 


Au 
CUBIC © © 


Properties: C — gold-yellow; S - yellow: L — metallic: 
D - opaque: DE - 19.3; H - 2.5-3; CL — none; F - 
hackly; M — octahedral and cubic crystals, skeletal 
and dendritic aggregates, leaves, nuggets. 

Origin and occurrence: Primary hydrothermal in ore 
veins, also in contact mctamorphic deposits and 
pegmatites. Placer deposits are secondary. It occurs 
with pyrite, arsenopyrite, quartz, sylvanite. calaverite. 
krennerite and other mincrals. Beautiful leaves and 
crystals of gold found in many localities in California, 
USA (Colorado Quartz mine, Nigger Hill and others). 
Fine leaf gold comes from Rosia Montana. Romania. 
The best crystals, skeletal octahedra, up to 50 mm (2 
in) have been found in alluvial sediments near Gran 
Sabana, Roraima Shield, Venezuela. Gold wires up to 
110 mm (4%s in) long were very rare in Ground Hog 
mine, Gilman, Colorado. USA. The largest known 
sheets of crystallized gold occurred in the Jamestown 
mine. California, USA, where a cavity, which yielded 
49 kg (108 Ib) of golden leaves, was discovered on 
26.12.1992. The largest measures about 300 mm 
(116 in) and has about 25.79 kg (56 lb 13 oz) of 


Gold, 68 mm, Eagle's Nest Mine, California, U.S.A. 


gold on it. Typical aggregates of fine gold wires come 
from Farncomb Hill near Breckenridge, Colorado, 
USA. Fine crystals were also found tn Berezovsk, 
Ural mountains and in the Lena River basin, Siberia. 
Russia. Fine scales and larger nuggets from placer 
deposits were found in Klondike, Alaska; Tuolumne 
County, California, USA and in Ballarat, Victoria, 
Australia. Fine dendritic aggregates occurred in the 
Hope's Nose, Devon. UK. A unique lind of leaves up 
to 100 mm (4 in) was made in Krepice near Vodnany, 
Czech Republic. 

Application: practically the only source of gold as a 
metal: used in jewelry, electronics and medicine. 


Mercury 
Hg 


TRIGONAL o... 


Properties: C — tin white; L — metallic to adamantinc; 
D — opaque; DE — 13.6; M — liquid at temperatures 
above -39°C (-38.2°F); R - very poisonous fumes. 

Origin and occurrence: Hydrothermal in low- 
temperature ore deposits, also connected with hot 
springs. It is associated with cinnabar, calomel and 
other Hg mincrals. It occurred in Almaden. Spain; 


Mercury, 30 mm, Socrates Mine, California, U.S.A. 


Idria and Avala, Serbia; New Almaden and New Idria. 
California, Terlingua. Texas. USA; Dedova hora, 
Czech Republic and Rudnany, Slovakia as droplets 
and liquid cavity fillings. 

Application: chemical industry, measuring instru- 
ments, metallurgy. 


Moschellandsbergite 
Ag? Hg3 


CUBIC o. 


Properties: C - silver- white; S — silver-white: L - 
metallic; D — opaque; DE — 13.5; H - 3.5; CL — good; 
F -- conchoidal; M — dodecahedral crystals and their 
combinations, granular. massive. 

Origin and occurrence: Hydrothermal in low- 
temperature deposits. associated with cinnabar. 
tetrahedrite, pyrite and other minerals. Crystals. 
several mm long. were found in Moschellandsberg, 


Moschellandsbergite. 6 mm grain, Moschellandsberg 


Germany. They are also known fiom Sala, Sweden; 
Les Chalanches. France and Brezina, Czech Republic. 


Lead 


Pb 
CUBIC o. 


Properties: C — gray-white, tarnishes to lead-gray and 
gets dull; S — lead-gray: L — metallic; D — opaque; DE 
- 11.3; H — 1.5; CL — none; M - octahedral and cubic 
crystals, massive. 

Origin and occurrence: Hydrothermal, also sedi- 
mentary (authigenic) associated with willemite and 
other mincrals. The best specimens with crystals up to 
40 mm (l%s in) in size, come from LDngban, 
crystallized also from Pajsberg. Sweden. Octahedra, up 
to 10 mm (Ain), are described from El Dorado, Gran 
Sabana, Venezuela. It also occurs in Franklin, New 
Jersey, USA and Jalpa, Zacatecas, Mexico. 


Iron 
Fe 


CUBIC o. 


Properties: C - steel-gray to black; S — gray: L - 
metallic; D — opaque; DE - 7.9; H - 4; CL — perfect; 
F — hackly; M — crystals, granular, massive. 

Origin and occurrence: Terrestric iron occurs mainly 
in basic rocks, but it is also known from carbonate 
sediments and the petrified wood. The most famous 
locality is Blaafjeld near Uivfaq on Disko Island, 
Greenland, where masses up to 20 tons were found. 


Appendix B 
List of Symbols and Abbreviations 

The following table lists common symbols and 
abbreviations. 

Symbol/Abbreviation Meaning 

A Ampere 

AC Alternating current 

A pp Peak-to-peak amperes 

A rms Root mean square amperes 
AV AC voltage gain 

B (beta) Current gain 

BW Bandwidth 

C Capacitor 

DC Direct current 

F Farad 

g m Transconductance 

f Frequency 

fr Resonant frequency 

H Henry 

Hz Hertz 

| Electric current 

I B Base current 

| C Collector current 

I D Drain current of a field effect transistor 
(FET); also current through a diode 
I DSS Saturation current 

l pp Peak-to-peak current 

l rms Root mean square current 
kHz Kilohertz 

k $2 Kilohm 

kW Kilowatt 


Lead. 53 mm, Langban, Sweden 


Iron, 80 mm, Buhl. Germany 


Chunks, weighing over 10 kg (22 lb) come from Bühl 
near Kassel, Germany. Impregnations of iron in 
dolerite occur in the Khuntukun massif and masses up 
to 80 kg (176 lb) are known from Ozernaya Mt., 
Siberia, Russia. 


Platinum 
Pt 


CUBIC o... 


Properties: C - steel-gray to dark gray; S — steel-gray to 
silver-white: L — metallic; D — opaque: DE - 21.5; H 
44.5; CL - none; F — hacklv: M —- cubic crystals, 
nuggets. grains and scales. 


Platinum, 8 mm, Konder, Russia 


Origin and occurrence: Platinum occurs in magmatic 
segregations, together with chromite. olivine and 
magnetite in ultrabasic rocks; secondary in placers. 
The best crystals up to 15 mm ('¥%n in) come from 
Konder in Khabarovsk Region, small crystals, but 
mainly nuggets, weighing up to 11.5 kg (25 lb 5 oz) 
found in the Tura River basin near Turiinsk, Ural 
Mountains. Primary platinum is known from deposits 
in the vicinity of Nizhniy Tagil, Ural Mountains, 
Russia; from the Onvcrwacht mine, Bushveld, South 
Africa and Sudbury, Ontario, Canada. Fine smaller 
nuggets, weighing up to 75 g (165 lb) were found in 
the Trinity River sediments in California. USA and 
the Choco River sediments in Columbia. 
Application: chemical industry, catalytic convertors, 
rocket industry. 


Arsenic, 45 mm, Alden Island, Canada 


Arsenic 
As 


TRIGONAL 000 


Properties: C — tin-white, tarnishes quickly to black; 
SB tin-white: L — metallic; D - opaque; DE — 5.8; H 
- 3.5; CL — perfect; F - uneven; M - rhombohedral 
crystals, botryoidal aggregates, granular, massive. 
Origin and occurrence: Mainly hydrothermal, 
together with other As minerals. It forms massive 
veins, up to 200 mm (7% in) thick, with botryoidal 
surface in Jachymov, Czech Republic and in Freiberg. 
Germany. In Akatani, Japan, spherical aggregates 
consisting of small crystals were found. It is also 
known from Sacarimb, Romania. Botryoidal 
aggregates of arsenic with leaf gold were found in the 
Royal Oak mine, Coromandel, New Zealand. Crystals 
of metamorphic origin come from Sterling Hill. New 
Jersey, USA. 


Subarsen, 58 mm, Atlin, Canada 


Antimony, 37 mm, New Brunswick, Canada 


Stibarsen 
SbAs 


TRIGONAL 0090 


Properties: C — tin-white to gray, tarnishes black; S 
gray; L - metallic. sometimes dull; D - opaque: DE 
6.3; H - 3-4; CE - perfect: M — indistinct crystals, 
botryoidal aggregates. 

Origin and occurrence: ln pegmatites with antimony, 
stibiotantalite and microlite; hydrothermal in ore 
veins withpyrargyrite. proustite, pyrostilpnite and 
dyscrasite. Beautiful botryoidal aggregates of 
stibarsen (previously labeled as allemontite), up to 
100 mm (approx. 4 in) in size, come from Pribram 
and Trebsko, Czech Republic. Botryoidal aggregates 
up to 80 mm (3'% in) and imperfect crystals were 
found in quartz veins in Atlin, British Columbia, 
Canada. Fine specimens occurred in a Li-bearing 
pegmatite near Varutrask, Sweden. 


Antimony 
Sb 


TRIGONAL 0.0.0 


Properties: C ~ tin-white; S - gray: L - metallic; D - 
opaque; DE - 6.7: H - 3-3.5; CE - perfect; F 
uneven; M — rhombohedral crystals, botryoidal 
aggregates, massive. 

Origin and occurrence: Hydrothermal in ore veins 
with silver, stibnite, stibarsen, sphalerite and other 
minerals; also in pegmatites. As veinlets in a 
pegmatite in Varutrask, Sweden. Cleavable plates. up 
to 50 mm (2 in) known from Tornáva, Finland. 


Massive aggregates up to 200 mm (7' in) come from 
Pribram, Czech Republic. Rhombohedral crystals up 
to 10 mm (‘/« in) across and accumulations up to 300 
mm (11%%s im) in size described from Lake George, 
New Brunswick, Canada. 


Bismuth 
Bi 


TRIGONAL eee 


Properties: C — silver-white, tarnishes pink; S — 
silver- white; L ~ metallic; D — opaque; DE - 9.8: H - 
2-2.5; CL - perfect; M -— rhombohedral crystals, 
granular, massive. 

Origin and occurrence: \t is found in pegmatites, 
greisens and hydrothermal in ore veins together with 
chalkopyrite. arsenopyrite, lollingite, nickeline, 
breithauptite and many other minerals. Common in 
pegmatites in Anjanabonoina, Madagascar. Very fine 
crystals, up to 20 mm (%%: in) known from Schlema 
and Hartenstein, Germany. Skeletal aggregates, over- 
grown with other arsenides, occurred in Jachymov, 
Czech Republic. Masses weighing several kg found in 
Bolivia (Tasna, Velaque) and Australia (Kingsgate, 
New South Wales). Cleavable masses up to 12 cm 
(4"/uin) described from Cobalt and Gowganda, 
Ontario, Canada. 

Application: Bi ore. 


Arsenolamprite 
As 


ORTHORHOMBIC o 


Properties: C — gray-white, it covers with a black 
coating: S — black, L — metallic to adamantine; D 

opaque: DE — 5.6; H - 2; CL - perfect: M — acicular 
crystals. tabular and fan-shaped aggregates. massive. 
Origin and occurrence: Hydrothermal in ore veins 
associated with arsenic, bismuth, silver and other 
minerals. Its crystals and veinlets were found with Cu 


Bismuth, 20 mm, Cinovec, Czech Republic 


Arsenolamprite, 70 mm, Jachymov. Czech Republic 


arsenides in Cerny dul, Czech Republic. Occurs also 
in Jachymoc, Czcch Republic and Marienberg 
Germany. Found recently in Cavnic. Romania. 


Graphite 
c 


HEXAGONAL eeece 

Properties: C — black to steel-gray; S — black to steel- 
gray; L — metallic, dull, earthy; D - opaque; DE - 2.3; 
H - 1-2: CL - perfect; M — hexagonal tabular crystals, 
massive. 

Origin and occurrence: Metamorphic, from 
metamorphism of a scdimentarvmatcrial with C 
contents: also primary magmatic.Associated with 
many materials, stabile underconditions of the 
graphite origin. Crystals several cm in size known 
from Nordre Stromfjord. Greenland. Crystals were 
also found in Sterling Hill, New Jersey and 
Crestmore, California. USA Foliated aggregates are 
found in Sri Lanka (Radegara, Galle region). Accu- 
mulations in Buckingham and Grenvillc, Quebec, 
Canada are industrially important. Also common in 
Shunga deposit in Karelia, Russia: in Cesky Krumlov, 
Netolice and Blizna, Czech Republic. 

Application: metallurgy, nuclear industry, production of 
lubricants. 


Graphite. 130 mm, Krichim, Bulgaria 
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Diamond 
c 


CUBIC © © 


Varieties: bort (opaque technical diamonds), balas 
(dark colored, spherical radial aggregates), carbonado 
(brown-black to black massive aggregates, up to cgg 
sized) 

Properties: C — colorless, yellow, brown. white, pink, 
black, red, blue, green; S — white; L — adamantine; D 
— transparent to translucent; DE — 3.5; H — 10; CL - 
perfect; F — conchoidal; M — octahedral and cubic 
crystals; LU — sometimes fluorescent, sometimes 
phosphorescent. 

Origin and occurrence: Primary magmatic 
occurrences are limited to kimberlitc pipes, secondary 
occurrences to placers. Large primary deposits are 
known from South Africa (Premier mine, Kimberley) 
and Yakutia, Russia (pipes in the vicinity of Mirnyi). 
Primary and secondary occurrences of diamonds arc 
located in lamproites and placers near Argyle, 
Western Australia. Australia. Most historical dia- 
monds from India (Golconda). Brazil (Diamantina, 
Minas Gerais). Congo. Angola and Namibia were 
found in placer deposits. Diamonds of industrial 
grade always prevail over the gem quality stones. The 
largest gem-grade diamond ever found. the Cullinan, 
weighing 3106 carats. comes from the Premier mine 


Diamond, 15 mm x, Mirnyi, Russia 
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in Kimberley, South Africa. It yielded gem rough for 
104 faceted stones, the heaviest of which weighs 531 
carats. The largest faceted diamond known, called 
Golden Jubilce. was found in the same place in 1986. 
It weighed 755 carats before cutting and as a finished 
stone it weighs 545.65 carats. The dark blue Hope (44 
carats) and the green Dresden (76 carats) probably 
came from India. Absolutely unique red diamond, 
weighing 5 carats, which is at the Smithsonian Insti- 
tution, Washington, DC, USA, is of unknown origin. 
Application: the most popular gemstone, bort and 
carbonado varicties are used as abrasives. 


Sulfur 
S 


ORTHORHOMBIC 0000 

Properties: C - sulfur-yellow, yellow-brown, greenish, 
reddish to yellowish-gray: S — white; L — resinous to 
greasy; D - transparent to translucent; DE - 2.1; II - 
1.5-2.5: CL — imperfect: F - conchoidal to uneven: M — 
dipyramidal, disphcnoidic and thick tabular crystals, 
botryoidal and stalactitic aggregates. 

Origin and occurrence: Hydrothermal product of 
fumaroles, product of an activity of microorganisms, 
disintegration of sulfides and acidic chemical reactions; 
associated with gypsum, anhydrite, aragonite, calcite, 


Sulphur, 66 mm, Sicily, Italy 


celestite and halite. The world’s best crystals come from 
many localities near Girgenti, Sicily, Italy (Caltanisseta, 
Cianciana) where they reached up to 12 cm (4'/:sin) in 
size. Fine crystals are also known from Tarnobrzeg. 
Poland and Yavokskoyc near Lvov, Ukraine. As a 
product of solfataras it occurs in many volcanically 
active places. like Solfatara near Pozzuoli, Italy or in 
sulfur lava near Shiretoku, Japan. Sulfur layers. up to 30 
m (100 ft) thick, associated with salt diapirs, are located 
near Charles Lake, Louisiana, USA. It originates during 
intensive oxidation'reduction reactions of pyrite in Rio 
Tinto. Spain and in Kostajnik. Serbia. 

Application: chemical, paper-making, rubber and 
leather-making industries, agriculture. 


Selenium, 110 mm, Kladno, Czech Republic 


Selenium 
Se 


TRIGONAL ee 


Properties: C — gray to red-gray; S — red; L — metallic, 
D — opaque to translucent; DE - 4.8; H — 2; CL — good; 
M - acicular crystals, droplets of vitreous surface, felt- 
like aggregates. 

Origin and occurrence: Secondary, resulting from 
alteration. fumaroles and from burning coal dumps, 
with sulfur, sal ammoniac and other sulfates. Also from 
oxidation of organic compounds in U- and V-bearing 
deposits of the Colorado Plateau type, associated with 
pyrite, zippeite and other minerals. Red needles up to 
20 mm (7s in) long come from the United Verde mine, 
Jerome, Arizona, USA. Black selenium needles found 
in burning coal dumps in Kladno and Radvanice, 
Czech Republic. Occurs with ores of U and V along 
sandstone fissures in the Peanut Mine, Bull Canyon, 
Colorado, USA. Occurred through volcanic activity in 
Vulcano, Lipari Islands, Italy. 


Tellurium 
Te 


TRIGONAL ee 


Properties: C — tin-white; S — gray; L — metallic; D — 
opaque; DE — 6.2; H - 2-2.5; CL — perfect: M — 
prismatic and acicular crystals, granular, massive. 
Origin and occurrence: Primary hydrothermal in low- 
temperature ore deposits; it originates also as secondary 
through the oxidation-reduction reactions of tellurides. 
It is associated with gold. sylvanite, altaite, pyrite and 
other minerals. Crystals up to 30 mm (l/s in) long are 
known from Balya, Turkey. Crystals up to 20 mm (fx 
in) long occurred in the Au deposits Cripple Creek and 
Colorado City, USA. Crystals up to 10 mm (%x in) 
across come from Kawazu and Suzuki, Japan. Rich 
cleavage masses and crystals up to 70 mm (2% in) long 
were found in Uzbekistan. Crystallized tellurium ts also 
known from Fata Baii and Baia de Aries, Romania. 


Tellurium, 1 mm xx. Zlatna, Romania 


2. Sulfides 


Algodonit 
CugAs 


HEXAGONAL ee 


Properties: C — steel-gray to silver-white, it quickly 
covers with a brown coating on air; S — gray; L - 
metallic; D — opaque; DE - 8,7; H - 4; CL — none; F 
— conchoidal: M — crystals, granular, massive. 
Origin and occurrence: Hydrothermal, mainly 
intimately inter-grown with other Cu arsenides. Its 
largest accumulations are known from Cu deposits in 
melaphyres in the Keweenaw Peninsula, Lake 
Superior, Michigan, USA. It is also known from 
Chile (Algodones mine near Coquimbo, Atacama). 
Other localities are Talmessi, Iran and Langban, 
Sweden. 


Domeykite 
Cu3As 


CUBIC 0090 


Properties: C — tin-white to steel-gray, it tarnishes 
yellow and covers with a brown coating; S — gray; L 
— metallic; D - opaque: DE - 7,9; H - 3-3,5; CL - 
none; F — uneven; M - botryoidal aggregates, 
massive. 

Origin and occurrence: Hydrothermal with copper, 
cuprite, algodonite and silver. Common in masses, 
weighing several kg, together with algodonite in the 
Keweenaw Peninsula, Michigan, USA. The largest 
accumulations are known from Talmessi and Anarak, 
Iran. It occurs near Copiap and Chanarcillo, Chile. 
Massive aggregates in cuprite up to 50 mm (2 in) 
come from Biloves, Czech Republic. 


Sphalerite, 56 mm, Picos de Europa, Spain 
Algodonite, 60 mm, Keweenaw Peninsula, U.S.A. 


nya, Hungary 


Domeykite, 3 mm x, Rudaba 


de . 


Allargentum 
Ag.xSb, 


HEXAGONAL $ 


Properties: C — silver-white; S — gray; L — metallic; 
D - opaque; DE — 10,1; H — not determined; CL — 
none; M — small crystals, granular. 

Origin and occurrence: Hydrothermal in the silver- 
bearing ore veins, associated with silver, 
breithauptite and dyscrasite. Crystals up to 1 mm ("x 
in) known from Hartenstein, Germany. Its inter- 
growths with silver ores were found in Cobalt, 
Ontario, Canada. It is also known from Broken Hill, 
New South Wales, Australia and microscopic in 
Rejska vein in Kutna Hora, Czech Republic. 


Allargentum, 50 mm, Schlema, Germany 


Dyscrasite 
Ag3Sb 


ORTHORHOMBIC oo 


Properties: C — silver-white, it tarnishes yellow to 
black; S — silver-white; L - metallic; D — opaque; DE 
- 9,7; H - 3,5-4; CL - good; F - uneven; M - 
pyramidal and prismatic crystals. granular, massive. 
Origin and occurrence: Hydrothermal in the ore 
veins, associated with silver, stibarsen, pvrargyrite, 
calcite and other minerals. The best specimens come 
from the silver-bearing veins, cross-cutting the U 
deposit Haje near Poíbram, Czech Republic, where 
prismatic crystals up to 50 mm (approx. 2 in) long 
and striated tabular twins were found. They arc 
mostly embedded in stibarsen; all the specimens, 
appearing in the mineral shows, are etched out of 
matrix. Deformed crystals of completely different 
habit are known from St. Andreasberg, Germany. 
Crystals occurred also in the Consols mine in 
Broken Hill, New South Wales, Australia. 


Chalcocite 
Cc u75 


MONOCLINIC 00 0. 


Properties: C — lead-gray to black: S - lead-gray to 
black; L — metallic: D — opaque: DE - 5,8; H - 2,5- 
3; CL — imperfect: F — conchoidal; M — prismatic to 


Dyscrasite, 75 mm, P?ibram, Czech Republic 


tabular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, also sedi- 
mentary and metamorphic, mostly secondary, in the 
oxidation and cementation zones of ore deposits. lt 
occurs together with pyrite, chalcopyrite, covellite, 
bornite and other minerals. Crystals up to 25 cm (97/s 
in) found in the M’Sesa mine, Zaire. Beautiful 
crystals several cm across come from Redruth and St 
Just, Cornwall, UK. Crystals over 20 mm (?%/:2 in) 
across occurred in Bristol, Connecticut and in Butte, 
Montana. Crystals up to 50 mm (2 in) in size known 
from the Flambeau mine near Ladysmith, Wisconsin, 
USA. Shiny cyclic twins of crystals up to 20 mm 
(41 in) found in Dzhezkazgan, Kazakhstan. Massive 
aggregates are important Cu ore in Rio Tinto, Spain; 
Bor. Serbia; Bisbee, Arizona, USA and Tsumeb, 
Namibia. 

Application: important Cu ore. 


Djurleite 
Cuz 1516 


MONOCLINIC eee 


Properties: C — lead-gray to black; S — lcad-gray; L 
— metallic: D — opaque: DE - 5.8; H - 2,5-3; CL — 
none; F - conchoidal: M — short prismatic to tabular 
crystals, granular, massive. 

Origin and occurrence: Secondary as a product of 
the cementation zone in ore deposits. Crystals up to 
10 mm (4 in) across known from the Botallack mine 


añ 


Chaleocite, 17 mm x, Cornwall, UK 


near St. Just, Cornwall. UK. Aggregates of thick 
acicular crystals up to 30 mm (1 ‘fe in) long found in 
Dzhezkazgan, Kazakhstan. 

It occurs in massive form in many porphyry copper 
deposits (Butte, Montana; Bisbce, Arizona, USA). 
also in Tsumeb. Namibia, together with chalcopyrite, 
pyrite and other mincrals. 


Djurleite, 3 mm xx. Dzhezkazgan, Kazakhstan 


Berzelianite 
Cu7Se 


CUBIC eee 


Properties: C — silver-white, tarnishes black; S — 
silver shiny: L — metallic; D — opaque: DE - 7,3; H 
- 2.5; CL - none; F — uneven; M — granular, massive. 
Origin and occurrence: Hydrothermal, together with 
other selenides in U, Fe and Au deposits. It is the 
main mineral in the selenide mineralization in 
Tilkerode, Germany. Grains, up to several tens of cm 
across, greenish tarnished, occurred together with 
other selenides in Bukov, Haboi, Petrovice and 
Pr edborice , Czech Republic. Similar occurrence is 
known from near Pinky Fault near Athabasca Lake. 
Saskatchewan, Canada. 


Berzelianite, 60 mm, Bukov, Czech Republic 


Bornite, 15 mm xx, Dzhezkazgan. Kazakhstan 


Bornite 

CusFeSy4 
ORTHORHOMBIC 00090 

Properties: C - copper-red, tarnishes iridescent; S — gray- 
black: L — metallic; D — opaque; DE - 5,1; H - 3-3,5; CL 
— imperfect; F — uneven to conchoidal: M -- pseudo-cubic 
octahedral crystals, massive. 

Origin and occurrence: Magmatic, hydrothermal, 
sedimentary, in skarns and pegmatites together with 
chalcocite, chalcopyrite, pyrite, quartz and other mine- 
rals. Fine crystals up to 10 mm (%s in) across are known 


Bornite, 3 mm xx, Dzhezkazgan, Kazakhstan 


from Carn Brea, Cornwall, England, UK. Crystals up 
to 30 mm (*% in) come from Likasi, Shaba, Zaire. 
Beautiful crystals up to 40 mm (1%s in) across were 
found recently together with chalcocite in 
Dzhezkazgan. Kazakhstan. Massive aggregates are 
common and used as Cu ore in Kipushi, Shaba, Zaire. 
Fine-grained, sedimentary bornite occurs in Cu- 
bearing shales in Mansfeld, Germany, where it forms 
the main ore layer. Crystals, up to 20 mm (*“/» in) in 
size, occurred in the Cole shaft and masses, weighing 
several thousands of tons, were mined in the Campbell 
shaft, Bisbee, Arizona, USA. Application: Cu ore. 


Umangite 
CuzSe2 


TETRAGONAL eee 


Properties: C - blue-black with reddish tint. tarnishes 
purple: S — black; L — metallic; D - opaque; DE ~ 6,6; 
H - 3; CL — imperfect; F - uneven to conchoidal; M — 
granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
together with other selenides (clausthalite. berzelianite). 
It is common, associated with berzelianite in Tilkerode, 
Germany; Sierra de Umango, Argentina and Slavkovice, 
Czcch Republic. Larger accumulations occur in the 
Martin Lake mine near Athabasca Lake. Canada. 


L Inductor 

LC Inductor-capacitor circuit 

mA Milliampere 

mH Millihenry 

M $2 Megohm 

UA Microampere 

uF Microfarad 

WH Microhenry 

us Microsecond 

ms Millisecond 

mV Millivolt 

N p Number of turns in a primary coil 
N S Number of turns in a secondary coil 
Q Ohms 

pF Picofarad 

P Power 

Q Transistor; also the Q value of a 
resonant circuit 

R Resistor 

R in Input resistance of a transistor 

r DC resistance of an inductor 

T Period of a waveform 

T Time constant 

TR Turns ratio 

O Phase angle 

uV Microvolt 

V Voltage 

V C Voltage at the collector of a transistor 
V DD Drain supply voltage 

V E Voltage at the emitter of a transistor 
V GG Gate supply voltage 


Acanthite 
Ag2S 


MONOCLINIC eee 


Properties: C — black; S — black; L — metallic; D — 
opaque; DE - 7,2; H - 2-2,5; CL — none; F — uneven; 
M - pseudo-cubic crystals, massive. It mainly occurs 
as paramorphs after argentite (high-temperature 
phase of the same composition). 

Origin and occurrence: Hydrothermal in ore veins. 
Beautiful crystals over 50 mm (2 in) long occurred in 
the Himmelsfúrst mine in Freiberg, in Annaberg and 
Schnceberg, Germany. Acicular crystals are known 
from Jachymov, Czech Republic. It is common in 
association with silver, proustite, pyrargyrite, poly- 
basite, stephanite. galena and other minerals in 
Mexico, Probably the best paramorphs after argentite 
up to 70 mm (2% in) across come from the Rayas 
mine, Guanajuato. Fine crystals occur in the Las 
Chispas mine, Arizpe, Sonora and many localities in 
Zacatecas, Chihuahua. 

Application: important Ag ore. 


Argentite 
Ag?S 


CUBIC 000. 


Properties: C — black-gray, tarnishes black; S - 
black; L - metallic; D - opaque; DE - 7,1; H - 2-2,5; 
CL - imperfect: F — uneven to conchoidal: M — 
octahedral and cubic crystals, dendritic aggregates, 
massive. Stabile at temperatures over 179EC 
(354.2°F), below this temperature there are 
paramorphs of acanthite after argentite. 


Umangite, 40 mm, Beaverlodge Lake, Canada 


ARO 


PU ares 2D ere 


Acanthite, 23 mm, Arizpe. Mexico 


Origin and occurrence: Hydrothermal in low- 
temperature ore deposits, associated with silver, 
galena and Ag sufosalts. Occurs between the 
oxidation and cementation zone with stromeyerite, 
silver, jalpaite, ¡odargyrite and other mincrals. Fine 
crystals up to 40 mm (ls in) across, are known 
from Freiberg and Schnceberg, Germany. Similar 
crystals found in Jachymov and Midinec, Czech 
Republic. Crystals up to 30 mm (1*%s im) occur in 
Sarrabus. Sardinia, Italy. Maybe the best argentite 
crystals occurred in Mexico (Arizpe, Sonora; 
Zacatecas; Guanajuato), where crystals reached up 
to 40 mm (1%s in). Fine crystals up to 20 mm (%/» in) 
across reported from Chanarcillo in Chile. 
Application: important Ag ore. 


Argentite, 29 mm. Zacatecas, Mexico 


Aguilarite, 4 mm xx, Guanajuato, Mexico 


Hessite 
Ag) Te 


MONOCLINIC eee 


Properties: C — lead to stecl-gray, tarnishes black: S — 
light gray; L — metallic; D - opaque; DE - 8,4; H - 2- 
3; CL — imperfect; F - even; M — pseudo-cubic crystal 
combinations, granular. massive. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature ore veins together with calave- 


Hessite, 31 mm, Botes, Romania 


rite, sylvanite, altaite, gold, tellurium and other sul- 
fides. The best specimens with crystals up to 20 mm 
(4 in) across (1 in) and aggregates up to 100 mm 
(4 in) come from the Bote mine. Romania. Small 
crystals occur in the Jamestown mine, California, 
USA. Massive aggregates were found in Gold Hill, 
Colorado. USA and Moctezuma, Mexico. Aggre- 
gates, up to tens of cny (several sq in) in size, were 
known in the Zavodinskii mine. Altai, Kazakhstan. 


Aguilarite 
Ag4Ses 


ORTHORHOMBIC © 


Properties: C — lead-gray, tarnishes black: S — gray- 
black; L — metallic; D — opaque; DE - 7,7; H — 2,5; 
CL — none; F - hackly; M — skeletal crystals, 
massive. 

Origin and occurrence: Hydrothermal in ore veins, 
together with silver, stephanitc, proustite, pearccitc, 
calcite and quartz. The best crystallized specimens 
with crystals up to 30 mm (1% in} across come from 
the San Carlos mine, Guanajuato and Chontalpan, 
Taxco, Guerrero, Mexico. It is also known in inter- 


growths with acanthite and naumannite from the 
Comstock Lode, Virginia City, Nevada, USA. 


Argyrodite 
AggGe Se 


ORTHORHOMBIC ó 


Properties: C — stecl-gray, tarnishes black; S — gray- 
black; L — metallic; D — opaque; DE — 6,3: H — 2,5- 
3; CL - none; F — uneven to conchoidal; M — 
combinations of cubic crystals, botryoidal 
aggregates, massive, 

Origin and occurrence: Hydrothermal in low- 
temperature basc metal deposits, associated with Ag 
sulfosalts. It occurred in crystals in the Himmelsfhrst 
mine, Freiberg, Germany. Crystals were also found 
in several localities in Bolivia (Atoche, Colquechaca. 
Potosi). Crystal measuring 60 mm (24 in) across is 
reported from Porco. Bolivia. 


Stromeyerite 
AgCuS 


ORTHORHOMBIC eee 


Properties: C — dark steel gray, tarnishes bluc; S 
stcel-gray; L — metallic; D — opaque; DE - 6,3; H 
2.5-3; CL - none; F — conchoidal; M - pseudo- 
hexagonal tabular crystals, massive. 

Origin and occurrence: Mostly secondary in the 
cementation zone of ore veins, associated with 
freibergitc, bornite, chalcocite, galena and other 
minerals. Fine tabular crystals up to 10 mm (4 in) 
across found in Dzhezkazgan. Kazakhstan, where 
pseudo-morphs of stromcyerite after silver wires also 
occur. Skeletal prismatic pscudo-morphs after 
chalcocite crystals come from Vraneice, Czech 
Republic. Massive aggregates are common in many 
deposits in Colorado, USA (Aspen; Red Mountain), 
Chile (Copiapo). Bolivia (Potosi) and Canada (Cobalt, 
Ontario). 
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Argyrodite. 34 mm, Mexico 
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Jalpaite 
Ag 3 CuS 2 


TETRAGONAL ee 


Properties: C — light gray. tarnishes dark gray to iri- 
descent; S — black; L - metallic; D - opaque: DE - 6,8; 
H — 2-2,5; CL - good; F - conchoidal: M - crystals, 
granular. 

Origin and occurrence: Hydrothermal in low-tem- 
perature ore veins. Crystals up to 25 mm (1 in) across 
known from Jalpa. Queretaro, Mexico. Crystals up to 
30 mm (Us in) across come from the Caribou mine, 
Colorado, USA. Massive aggregates, associated with 
galena, sphalerite. pyrite, stromcyerite, polybasite and 
other minerals, occurred in Paibram, Czech Republic. 


Jalpaite, 30 mm veinlet. P?ibram. Czech Republic 
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Pentlandite, 90 mm, Sudbury, Canada 
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Pentlandite 
(Fe,Ni)9Sg 
CUBIC eee¢ee6e 


Properties: C — light bronze to red-brown: S - light 
bronze: L — metallic; D- opaque: DE - 5,0; H — 3,5- 
4: CL — none; F — conchoidal; M — crystals, massive. 
Origin and occurrence: Typical magmatic liquid 
mincral, associated with pyrrhotite and chalcopyrite. 
It is common in Sudbury, Ontario, Canada, as mostly 
microscopic inclusions in chalcopyrite, but also as 
imperfect crystals. Large accumulations are known 
from Talnakh near Norilsk, Siberia, Russia, where it 
occurs together with Cu, Pt and Pd sulfides. It is also 
important ore in the deposit near Rustenburg, South 
Africa. 

Application: the most important Ni orc. 


Sphalerite, 31 mm, Elmwood, U.S.A. 


Sphalerite, 70 mm, Olkusz, Poland 


Sphalerite 
ZnS 
CUBIC 000o 


Varieties: clciophane (green, yellow, orange), 
marmatitc (black) 


Properties: C —- colorless, yellow, orange, green, 
brown, black: S — brownish, light yellow, white; L — 
resinous to adamantine; D — transparent, translucent, 
opaque: DE - 4,1; H — 3,5-4; CL — perfect; F - 
conchoidal; M — tetrahedral and dodecahedral 
crystals, botryoidal, fibrous and stalactitic aggregates, 
massive; LU — sometimes orange. 

Origin and occurrence: Magmatic (liquid, in pegma- 
tites); hydrothermal in low- to high-temperature 
deposits, skarns, hydrothermal sedimentary deposits; 


rare sedimentary and metamorphic. It occurs together 
with galena, pyrite, chalcopyrite, marcasite, fluorite. 
barite, quartz and other minerals. Beautiful crystals up 
to 100 mm (4 in) across come from Trepea, Serbia. 
Green and red crystals up to 100 mm (4 in) known 
from Cananea, Sonora, Mexico. Fine yellow crystals 
up to 30 mm (1% in) were common in Banska “tiav- 
nica, Slovakia; similar crystals occur in Madan, Bulga- 
ria. The most beautiful yellow, orange and red crystals 
up to 150 mm (6 in) across found in Picos de Europa, 
Santander, Spain. They are sometimes faceted. Brown 
crystals up to 50 mm (2 in) come from Joplin, 
Missouri; stalactitic aggregates up to 150 mm (6 in) 
long come from Galena, Illinois, USA. Perfect black, 
shiny crystals and twins up to 50 mm (2 in) are famous 
from Dalnegorsk, Russia; yellow crystals, up to 30 
mm (1% in), occurred in Dzhezkazgan, Kazakhstan. 
Transparent crystals up to 30 mm (1°/ in) also found 
in Franklin, New Jersey, USA. Green crystals up to 
100 mm (approx. 4 in) across occurred in the Big Four 
mine, Colorado, USA. Crystals up to 50 mm (2 in) 
known from the Oppu mine, Aomori. Japan. 
Application: principal Zn ore. 


Coloradoite 
HgTe 


CUBIC ee 


Properties: C — black-gray; S — black-gray; L - 
metallic; D - opaque; DE - 8,1; H - 2,5; CL - none; 
F - uneven to conchoidal; M — granular, massive. 
Origin and occurrence: Hydrothermal, associated 
with altaite, calaveritc, krennerite, gold, pyrite and 
other minerals in Au-bearing veins. It was common 
in Cripple Creek and in the Smuggler mine, 
Colorado: in the Norwegian mine, California, USA. 
Grains, reaching up to several mm, come from 
Jilove, Czech Republic. 


Coloradoite, 70 mm, Kalgoorlie, Australia 


Chalcopyrite, 10 mm xx, Cavnic, Romania 


Chalcopyrite 
CuFeS> 


TETRAGONAL 00000 

Properties: C — brass-yellow, tarnishes iridescent; S 
~ green-black: L — metallic; D — opaque; DE - 4,3; 
H - 3,5-4; CL - imperfect: F - uneven: M — 
tetrahedral crystals, boiryoidal aggregates. massive. 
Origin and occurrence: Magmatic. hydrothermal 
and sedimentary, in association with sphalerite, 
galena, tetrahedrite. pyrite and many other sulfides. 
Fine crystals up to 30 mm (Iis in) across are known 
from Banska “tiavnica, Slovakia and from Cavnic. 
Romania. 

Crystals up to 120 mm (4''/1win) across, associated 
with other sulfides, come from the Nikolai mine in 
Dalnegorsk. Russia. Beautiful crystals up to 120 mm 
(4' min) found in Japan (Arawaka, Osarizawa). Fine 
crystals reaching up to several cm occur in Peru 
(Huanzala, Huaron). Massive aggregates arc 
important Cu ore in Sudbury. Ontario, Canada; 
Bingham, Utah; Bisbee, Arizona. USA and Rio 
Tinto, Spain. 

Application: important Cu ore. 4 ir 


Chalcopvrite. 15 mm x, Ground Hog Mine. U.S.A. 
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Luzonite, 60 mm, Recsk, Hungary 


Germanite, 40 mm, Tsumeb, Namibia 


Luzonite 
CuzAsSy 
TETRAGONAL © © 

Properties: C — dark pink-brown; S — black; L - 
metallic; D - opaque: DE - 4,5; H - 3,5; CL — good; 
F — uneven to conchoidal: M — crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal in low- to 
medium-temperature veins, associated with cnargite, 
tetrahedrite, sphalerite, bismuthinite, Ag sulfosalts and 
other minerals. Crystals up to 40 mm (1% in) across 
come from Quiruvilca; it is common in Cerro de 
Pasco, Peru. It is also common in the Teine mine, 
Hokkaido. Japan; crystals also occur in Kinkwascli, 
Taiwan. It is known from Bor, Serbia and Recsk, 
Hungary. 


Stannite 
Cu 2FeSnS, 
TETRAGONAL 0090 


Properties: : C — steel-gray to black, tarnishes blue; 


Stannite, 10 mm xx, Potosi, Bolivia 


S — black; L — metallic; D - opaque; DE — 4,5; H — 
4: CL - imperfect; F — uneven; M — pseudo- 
octahedral crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- 
temperature Sn deposits. The best specimens come 
from Bolivia; crystals up to 50 mm (2 in) across 
known from Llallagua; crystals up to 30 mm (1% 
in) from Chocaya and cross-like inter-growths from 
the San Jose and Itos mines near Oruro. It occurs as 
massive vein fillings in Carn Brea, Cornwall, UK 
and Cínovec, Czech Republic. It was also found in 
amblygonite pegmatites in Caceres. Spain and in 
quartz-amblygonite veins near Vernesov, Czech 
Republic. 

Application: Sn ore. 


Germanite 
Cu>76Fe4Ge4532 
CUBIC ee 

Properties: C- pink to purple-grey, S — black, L - 
metallic, D - opaque, DE — 4,5, H - 4, CL — none, F 
— uneven, M — tetrahedral crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal, often inter- 
grown with tennantite, bornite and other minerals. It 
was important only in one particular place in 
Tsumeb, Namibia, where larger accumulations were 
found. Smaller occurrences are known from the 
Shikanai mine, Japan; small cubic crystals come 
from the Humboldt mine, Colorado, USA. 


Tennantite 
Cu) 2As4S73 
CUBIC TER) 


Properties: C — steel-gray; S — black, brown to dark 


red; L — metallic; D ~ opaque; DE - 4.6; H — 3-4,5; 
CL - none; F - conchoidal to uneven; M — tetrahedral 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
and greisens with pyrite, calcite, dolomite, quartz and 
other sulfides and Cu-Pb-Zn-Ag sulfosalts. Fine 
crystals are known from Cornwall. UK (Whcal Jewel, 
Gwennap; Carn Brea). Crystals up to 150 mm (6 in) 
across, come from Tsumeb, Namibia. Crystals of 
binnite in Lengenbach, Binntal. Switzerland, up to 30 
mm (1%s in). Crystals up to 20 mm (A: in) across 
were found recently in Dzhczkazgan, Kazakhstan. 
Large masses occurred in Kipushi, Zaire. Crystals up 
to 25 mm (1 in) known from El Cobre, Zacatecas. 
Mexico. Application: Cu ore. 


Tetrahedrite 
Cu) 25645 )3 
CUBIC eeee 

Properties: C - steel-gray to black: S — black, brown: 
L - metallic: D - opaque; DE - 5.0; H - 3-4.5; CL - 
none; F - conchoidal: M - tetrahedral crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in low- to 
medium temperature veins; in contact metamorphic 
deposits together with chalcopyrite. galena, sphaicrite, 
pyrite, bornite, calcite, quartz and other mincrals. The 
largest known crystals up to 25 cm (9% in) across 


Tetrahedrite, 10 mm xx, Peru 


Tennantite, 26 mm. El Cobre, Mexico 


come from Anzen and Irazein in Pyrennecs, France. 
Common crystals several cm in size occur in Cavnic, 
Romania. Fine specimens with crystals up to 70 mm 
(2% in) across found in the Mercedes mine in 
Huallanca, Peru. Other Peruvian localitics like 
Casapalca and Morococha yielded fine crystallized 
specimens. Fine crystals up to 20 mm (*/1 in) in size 
known from Poibram, Czech Republic. 

Application: ruda Cu. 
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Freibergite, 15 mm xx, Obecnice, Czech Republic 
> AS a 


a 0a 


Freibergite 
(Ag,Cu,Fe) 1 2(Sb,As)45S ¡ 3 


CUBIC 000. 


Properties: C — gray to black; S — black, brown to 
dark red; L — metallic; D - opaque; DE — 5,4; H - 3- 
4.5; CL - none; F — uneven to conchoidal; M — 
tetrahedral crystals. massive. 

Origin and occurrence: Hydrothermal in ore 
deposits, associated with many sulfides and 
sulfosalts. It is mainly massive in the Himmelsfurst 
mine in Freiberg, Germany; Cobalt, Ontario, Canada 
and in Mount Isa, Queensland, Australia. It was a 
principal Ag ore in Kutna Hora, Czech Republic. 
Application: Ag ore. 


Wurtzite 
ZnS 
HEXAGONAL ooo 


Properties: C - dark red-brown, dark brown to brown- 
black; S — brown: L — resinous to submetallic; D — 


Wurtzite, 30 mm xx, Ánimas, Bolivia 


translucent to opaque; DE — 4,1; H - 3,5-4; CL - 
good; M —- pyramidal, prismatic to thick tabular, 
striated crystals, concentric banded and radial 
aggregates. 

Origin and occurrence: Hydrothermal in ore veins 
with sphalerite, marcasite, pyrite and other minerals. 
Also of low-temperature origin along the cracks of 
clay concretions. The best wurtzite crystals come from 
Bolivia; crystals up to 40 mm (1%4s in) across from 
Animas and crystals up to 20 mm (*%2 in) across from 
Llallagua and Potosi. Fine crystals up to 30 mm (1? 
in) across found in Talnakh near Norilsk, Siberia, 
Russia. Interesting radial aggregates, up to several cm 
in diameter, occurred in Poibram, Czech Republic. 


Greenockite 
CdS 


HEXAGONAL eee 


Properties: C - yellow to orange, dark red; S - 
orange-yellow to brick-red; L - adamantine to 
resinous; D — upaque tu translucent, DE — 4,8; H - 3- 
3,5; CL - good; F -— conchoidal; M - trillings, 
pulverulent coatings. 

Origin and occurrence: Mainly secondary as 
pulverulent coatings on sphalerites. It also occurs in 
cavitics of volcanic rocks together with prehnite, 
zeolites and calcite. Crystals are known from ore 
veins in Llallagua, Bolivia. Pulverulent coatings are 
described from Poibram. Czech Republic; Bleiberg, 
Austria and from the deposits in the Tri State region, 
Missouri, USA. Crystals up to 10 mm (4 in) 
occurred in the cavities of volcanic rocks near 
Renfrew, Scotland, UK. 


Enargite 
Cu3AsS, 
ORTHORHOMBIC 0000 


Properties: C — gray-black to black; S — gray-black; 


Grenockite, 20 mm, Ocna de Fier, Romania 


an 


L — metallic; D — opaque; DE - 4,4; H - 3; CL - 
perfect; F — uneven; M - tabular and prismatic, 
striated crystals, massive. 

Origin and occurrence: Hydrothermal in medium- 
temperature, sometimes in low-temperature deposits, 
associated with quartz, pyrite, sphalerite, galena, bor- 
nite and other minerals. Beautiful crystals. up to 100 
mm (4 in) across, come from the Luz Angelica mine 
in Quiruvilca; crystals up to 150 mm (6 in) across 
from Morococha and Cerro de Pasco, Peru. Fine crys- 
tals were found in Butte, Montana, USA and in Man- 
cayano, Luzon, Philippines. lt occurs as a principal Cu 
ore in several deposits (Bor, Serbia; Huaron, Peru). 
Application: Cu ore. 


Cubanite 
Cu7FeS3 


ORTHORHOMBIC eee 


Properties: C — brass-yellow to bronze; S — black; L 
- metallic; D - opaque; DE - 4,1; H - 3,5; CL - 
none; F — conchoidal; M - tabular crystals, massive. 
Origin and occurrence: Magmatic in liquid deposits 
as inclusions in chalcopyrite, as hydrothermal in 
high-temperature deposits, associated with chalco- 
pyrite, pyrite, pyrrhotite and sphalerite. The best 
crystals, twins, up to 40 mm (1°/t in) across, come 
from the Henderson No.2 mine, Chibougamau, 
Quebec, Canada. It was also described in crystals 
from Sudbury, Ontario, Canada and Morro Velho, 
Brazil. Its large accumulations are important Cu ore 


Cubanite, 33 mm x, Chibougamau, Canada 


Enargite, 41 mm, Butte, USA. 


in Sudbury, Ontario, Canada; in Mooihoek, South 
Africa and in Prince William Sound, Alaska, USA. 
Application: important Cu ore. 
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Sternbergite, 20 mm, St. Andreasberg, Germany 
i ` A ~ ba Pia , e. 
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Sternbergite 
Ag? FeS 3 


ORTHORHOMBIC o © 

Properties: C — golden-brown: S — black; L — metal- 
lic to adamantine: D — opaque: DE -- 4,3; H — 1-1,5: 
CL -— perfect: M — thin tabular pseudo-hexagonal 
crystals, often in rosettes and fan-shaped aggregates. 
Origin and occurrence: Hydrothermal in Ag-bearing 
veins, associated with stephanitc, acanthite, proustite, 
argentopyrite and other minerals. Tabular crystals up 
to several mm across known from Jachymov and 
Midinec, Czech Republic: from St. Andreasberg, 
Johanngeorgenstadt, Schneeberg and Freiberg, 
Germany. 


Pyrrhotite, 68 mm, Dalnegorsk, Russia 


Argentopyrite, 60 mm, M?d?nec, Czech Republic 


Argentopyrite 
Ag? FeS 3 


ORTHORHOMBIC o. 


Properties: C — gray-white, tarnishes iridescent: S — 
gray; L — metallic; D — opaque, DE — 4,3; H - 3,5 - 
4: CL — none; F — uneven: M — thick tabular pseudo- 
hexagonal crystals. granular. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with proustite, pyrargyrite, stephanite, 
sternbergite, dolomite, quartz and other mincrals. 
Crystals up to 5 mm (*/s in) across come from Jachymov 
and Midinec, Czech Republic: it is also known from 
Schlema, Freiberg and Schneeberg, Germany and from 
Colquechaca, Bolivia. 


Pyrrhotite 
Fe | .,S (x = 0-0,17) 


MONOCLINIC 00090 

Properties: C — bronze-ycllow to brown, tarnishes 
quickly; S - dark gray-black: L - metallic; D - 
opaque; DE - 4,7; H - 3,5-4,5; CL - none; F - 
uneven to conchoidal; M —- tabular, pyramidal and 
prismatic crystals, massive. 

Origin and occurrence: Magmatic liquid in basic rocks, 
together with pyrite and pentlandite; in pegmatites; 
hydrothermal in high-temperature and metasomatic 
deposits: sedimentary and metamorphic. Tabular 
crystals up to 300 mm (11"/ in) across come from 
Trepea, Serbia and Dalnegorsk, Russia; prismatic crys- 
tals up to 150 mm (6 in) long found in Santa Eulalia, 
Chihuahua, Mexico and Chiuzbaia, Romania. Tabular 
crystals up to 110 mm (4%/ in) occurred in Cavnic. 
Romania. Large imperfect crystals, coated with 
wavellite. are known from Llallagua, Bolivia. Huge 
masses of industrial importance occur in Sudbury, 
Ontario, Canada; Talnakh near Norilsk, Siberia, Russia 
and elsewhere. Application: sometimes as Fe ore. 


V GS Gate to source voltage 

V GS (off) Gate to source cutoff voltage 
V in AC voltage of an input signal 

V out AC output voltage 

V p Peak voltage 

V pp Peak-to-peak voltage 

V rms Root mean square voltage 

VS Supply voltage 

W Watts 

X C Reactance of a capacitor 


X 
Z 


L Reactance of an inductor 
Impedance 


Nickeline, 138 mm, Pohla. Germany 


Nickeline 
NiAs 
HEXAGONAL oe... 

Properties: C - light copper-red, tarnishes gray to 
black; S — light brown-black; L - metallic; D 
opaque; DE - 7,8: H - 5-5.5; CL - nonc: F - 
conchuidal: M — striated crystals, botryoidal and 
dendritic aggregates, granular. massive. 

Origin and occurrence: Hydrothermal in high- 
temperature ore veins with skutterudite, nickel- 
skutterudite, salflorite, rammelsbergite and other 
minerals. Also magmatic in norites and peridotites. 
Crystals up to 15 mm (*%2 in) across come from 
Pohla; small crystals were found in Richelsdorf, 
Germany. Fine massive aggregates and small 
crystals occurred in Bou Azzer, Morocco. Huge 
accumulations are known in Cobalt and Gowganda, 
Ontario, Canada. 

Application: Ni ore. 


Breithauptite 
NiSb 
HEXAGONAL ee 


Properties: C — light copper-red, purplish; S — red- 
brown: L- metallic; D — opaque: DE — 8,6: H — 5,5; 


CL - none; F - conchoidal to uneven. M — thin 
tabular crystals, dendritic aggregates, massive. 
Origin and occurrence: Magmatic, hydrothermal 
and metamorphic, associated with silver, nickclinc, 
cobaltite and other sulfides. It occurs inter-grown 
with pyrrhotite and pentlandite in magmatic liquid 
deposit Vlakfontein, South Africa. It is common in 
hydrothermal veins in Cobalt, Ontario, Canada: also 
known from Sarrabus, Sardinia, Italy and St. 
Andreasberg, Germany. 


Breithauptite, 80 mm, Cobalt, Canada 
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Millerite, 26 mm, Antwerp, U.S.A. 


a 


Millerite 
NiS 


TRIGONAL 900 


Properties: C - light brass-ycllow to bronze, tarnishes 
iridescent; S - grcenish-black; L - metallic; D — 
opaque; DE -. 5,4: H - 3-3,5; CL - perfect; F - uneven; 
M — acicular crystals, cleavable masses, aggregates of 
parallel inter-grown crystals with velvety surface. 

Origin and occurrence: Hydrothermal in low-tempe- 
raturc ore deposits. also as a product of decomposition 
of Ni sulfides. [ft is associated with pyrrhotite, 
ankcrite. whewellite, barite and other minerals. 


Alabandite, 40 mm, Sacarimb, Romania 


Clcavable masses occurred near Temagami near 
Sudbury. Ontario, Canada and in Kambalda, Western 
Australia, Australia. Acicular crystals come from ore 
veins in Jachymov and Pribram. Czech Republic; 
needles in cavities of siderite concretions in the 
vicinity of Kladno, Czech Republic, reached up to 70 
mm (2% in). Acicular crystals up 10 80 mm (3?/s in) 
long known from the limestone cavities near Dort- 
mund, Germany. Beautiful specimens with crystals up 
to 50 mm (2 in) long in the cavitics in hematite occur- 
red in the Sterling mine, Antwerp, New York, USA. 
Velvety fibrous aggregates were found in the Thomp- 
son mine, Manitoba. Canada. Application: Ni orc. 


Alabandine 
MnS 


CUBIC o. 


Properties: C - black: S — green; L — submetallic; D 
- opaque; DE - 4,1; H -~ 3.5-4; CL - perfect: F — 
uneven; M — cubic and octahedral crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with rhodochrosite, calcite. galena, 
sphalcrite, pyrite and other minerals. Crystals up to 20 
mm (*/x in) across together with granular aggregates 
are relatively common in Romania (Sacarimb, Baia de 
Arics , Roşia Montana). Crystals are also known 
from the Queen of the West mine, Colorado and from 
the Lucky Cuss mine, Tombstone, Arizona. USA. 


Galena, 56 mm, Neudorf. Germany 


Galena. 66 mm. Picher, U.S.A. 


Galena 
PbS 


CUBIC 000090 


Varieties: steinmannite 


Properties: C - lead-gray: S - lead-gray; L 
metallic; D — opaque: DE - 7,6; H - 2.5; CL - 
perfect; F — conchoidal; M — cubic crystals and their 
complex combinations, tabular crystals, skeletal 
aggregates, massive. 

Origin and occurrence: Magmatic, hydrothermal, 
metamorphic, very rare sedimentary, associated with 
sphaleritc. chalcopyrite. pyrite, quartz and other 
minerals, Large crystals up to several tens of cm in 
size come from many localitics in the USA. (Joplin, 


Clausthalite. 20 mm veinlet, Tilkerode, Germany 


Missouri; Galena, Kansas; Picher, Oklahoma: 
Sweetwater mine, Missouri). Beautiful. often skeletal 
crystals or spincl-law twins up to 200 mm (7% in) 
across known from the Nikolai mine in Dalnegorsk, 
Russia. Fine crystals occur also in Naica. Chihuahua, 
Mexico. Famous complicated combinations of 
crystals were found in Neudorf, Germany. Octahedral 
crystals up to 10 mm (* In) (steinmannite varicty) 
were common in Pribram, Czech Republic. Beautiful 
specimens with cubes up to several cm across come 
from Madan, Bulgaria; spinel-law twins occurred in 
Herja, Romania. 

Application: the most important Pb ore. 


Clausthalite 
PbSe 


CUBIC eee 


Properties: C — lead-gray, bluish; S — gray-black: L 
— metallic; D- opaque; DE — 8,3; H - 2,5 — 3; CL- 
good: F — granular; M -- granular, massive.. 

Origin and occurrence: Hydrothermal in ore veins with 
a low S content, together with berzelianite, umangite, 
uraninitc and other minerals. It occurs as massive 
aggregates in calcite veins with other selenides in 
Clausthal and Tilkcrode. Germany. It is similar in 
Skrikerum, Sweden: common in the U deposits in 
Predboricc. Bukov and Zlatkov, Czech Republic. 
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Altaite. 65 mm, Stania, Romania 


Altaite 
PbTe 


CUBIC 0090 


Properties: C — tin-whitc to yellowish. tarnishing to 
bronze: S — black; L - metallic; D - opaque; DE 
8,3; H - 3; CL ~ perfect; F — conchotdal; M ~- cubic 
and octahedral crystals, massive. 


Miargyrite, 20 mm. Kutna Hora, Czech Republic 


Origin and occurrence: Hydrothermal in vein Au 
deposits, associated with other tellurides, galena and 
other mincrals. Crystals up to 20 mm (*/2 in) across 
are known from the Revenge mine, Colorado, USA. 
It is massive with aguilarite in Kalgoorlie. Western 
Australia, Australia, It is relatively common with 
other tellurides in Sacarimb , Romania; in the 
Zavodinskit mine, Altai, Russia and in Zod near 
Sevan Lake, Armenia. 


Miargyrite 
AgSbS) 


MONOCLINIC 0090 


Properties: : C — black to stecl-gray; S — cherry-red; 
L - metallic, adamantine: D — opaque: DE — 5,3; H 
— 2,5; CL — imperfect; F — conchoidal; M — thick 
tabular, striated crystals. massive. 

Origin and occurrence: Hydrothermal in low- 
temperature ore veins, together with proustitc, 
pyrargyritc, polybasite, silver, quartz and other 
minerals, Fine crystals, up to 10 mm (4 in) across, 
occurred in Pribram and Kutna Hora, Czech 
Republic: in Braunsdorf and Freiberg, Germany. It ts 
also known from many localitics in Bolivia (Tatasi, 
Oruro — 10 mm (4: in) crystals, Potosi) and Mexico 
(Sombrercte, Catorce). It was also found in 
Hicndelacncina, Guadalajara, Spain. 

Application: Ay ore. 


Franckeite 
(Pb,Sn)¢ FeSn25b25S 14 
TRICLINIC © o 


Properties: C — gray-black; S — gray-black: L - 
metallic; D — opaque; DE - 5,9; H - 2,5-3; CL 


Franckeite, 30 mm, Oruro, Bolivia 


Cylindrite, 30 mm, Poopo, Bolivia 


perfect; M — thin tabular, curved crystals, often 
rosctte-likc aggregates of crystals. 

Origin and occurrence: Hydrothermal in Ag-Sn 
deposits, associated with cylindrite, zinkenite, 
cassiterite, wurtzite and other mincrals; in contact 
metamorphic limestones. The best crystals up to 60 
mm (24 in) across come from various localities in 
Bolivia (Mollecagua near Poopo; Huanuni; Chocoya 
near Potosi: Colquechaca and Oruro). It is known in 
contact metamorphic limestone from the Kalkar 
quarry, California, USA. 

Application: Sn ore. 


Cylindrite 
Pb3Sn4FeSb 7S 14 


TRICLINIC © © 


Properties: C - lead-gray to black; S ~ black; L - 
metallic; D - opaque; DE - 5,4; H — 2,5; CL - 
perfect: M - cylindrical, conical and spherical 
crystal aggregates, massive. 

Origin and occurrence: Hydrothermal in Sn-bearing 
veins with franckcite, stannite, cassiterite, galena 
and other minerals. World famous specimens with 


crystals up to 50 mm (2 in) long come from the 
Trinacria and Santa Cruz mines near Poopo, Bolivia. 
It was also reported from the Smirnovsk deposit, 
Transbaikalia, Russia. 


Cinnabar 
Hes 
TRIGONAL e... 

Properties: C — red to brownish-red; S — crimson: L — 
adamantine to metallic. also dull: D — opaque: DE - 
8,2: H - 2-2,5; CL - perfect; F — conchoidal to uneven: 
M -— rhombohedral, thick tabular and prismatic 
crystals, massive. 

Origin and occurrence: Low-temperature hydro- 
thermal mincral, associated with realgar, mercury, 
pyrite, marcasite and other minerals. The worlds 
best specimens with crystals up to 70 mm (2% in) 
across are known from many localities in China 
(Hunan and Guizhou provinces). Fine shiny crystals 
up to 10 mm (*/s in) across come from Nikitovka. 
Ukraine and in Khaidarkan, Kyrgyzstan, Crystals up 
to 30 mm (lY in) also found in Monte Amiata and 
Rippa near Seravezza, Italy. Its massive aggregates 
are an important Hg ore in Allchar, Macedonia; 
Almaden, Spain and elsewhere. 

Application: the most important Hg ore. T 


J 


Cinnabar, 30 mm x, Hunan, China 
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Covellite, 65 mm. Butte, U.S.A. 


Covellite 
Cus 


HEXAGONAL eee 


Properties: C — indigo-blue, tarnishing iridescent; S 
— lead-gray; L — submetallic to resinous; D - opaque; 
DE - 4,6: H — 1,5-2; CL — perfect; F - uneven; M - 
hexagonal tabular crystals, massive. 

Origin and occurrence: Rare hydrothermal; mainly 
secondary in the oxidation zone of ore deposits, 
associated with chalcopyrite, chalcocite. djurleite, 
bornite and other minerals. Tabular crystals up to 30 
mm (1"/1 in) across are known from Butte, Montana 


Linneite, 60 mm, Ruwenzori. Uganda 
ort che Fae a 


and Summitville, Colorado. USA; also from 
Sarrabus, Sardinia, Italy. Massive aggregates are 
common in Bor, Serbia; Bisbee. Arizona, USA and 
elsewhere. 

Application: Cu ore. 


Linnette 
Co2*co3*, 8, 


CUBIC eee 


Properties: C — light gray to steel-gray; S — black- 
gray; L — metallic; D — opaque; DE - 4,9; H — 4,5- 
5,5; CL — imperfect; F — uneven to conchoidal; M — 
octahedral crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
and metamorphic deposits, together with 
chalcopyrite, pyrrhotite, millerite, bismuthinite and 
sphalerite. The best crystals up to 30 mm (1%s in) 
across come from the Kilembe mine, Uganda. 
Crystals are also known from Musonoi, Shaba, 
Zaire; Mhsen, Germany; siderite concretions in 
Kladno, Czech Republic and from the Bastnas mine 
near Riddarhyttan, Sweden. 


Carrolite 
Cu(Co,Ni)5S4 


CUBIC eee 


Properties: C — light to steel-gray. tarnishing red- 
purple; S — gray; L - metallic; D — opaque; DE - 4.8; 
H - 4,5-5,5; CL — imperfect; F — conchoidal to 
uneven; M — octahedral crystals, granular. massive. 
Origin and occurrence: Hydrothermal in ore veins, 
associated with linneite, chalcopyrite and other 
minerals. It is a principal Co ore in deposits in Zaire. 
Beautiful crystals up to 20 mm (*/x in) across are 
known from the M’Sesa mine near Kambove, 
Kolwezi and from Kamoto, Shaba. 

Application: Co ore. 


Carrollite, 8 mm x. Kambove, Zair 


LR 
a 


Stibnite 
Sb753 


ORTHORHOMBIC 00090 


Properties: C — stecl-gray. tarnishing iridescent or 
black; S - lead-gray; L - metallic; D - opaque: DE — 
4.6; H — 2; CL - perfect; F — conchoidal to uneven; 
M — thick to thin prismatic crystals, thin needles, 
massive. 

Origin and occurrence: Hydrothermal in medium- and 
low-temperature ore veins with quartz and gold, the 
other associated minerals are rare (arsenopyrite, 
berthierite. gudmundite, antimony). The largest known 
stibnite crystals occurred in the in the Ichinokawa 
mine, Shikoku. Japan. where they were up to 60 cm 
(24 in) long. Similar sized crystals were found recently 
in several localities in China (the Xikuangshan mine, 
Hunan). Crystals up to 200 mm (FA in) across come 
from Manhattan. Nevada, USA. Beautiful crystals are 
known from Romania; long prismatic ones with barite 
crystals are prevalent in Baia Sprice, clusters of thin 
needles come from Herja and thick prismatic crystals 
from Baiuj . Perfect druses of crystals up to 150 mm (6 
in) long, associated with purple fluorite crystals, barite 
and calcite, occurred in Kadamdzhai. Kyrgyzstan. 
Beautiful druses of stibnite crystals with quartz come 
also from Kremnica, Slovakia. Also Kostajnik, Serbia 
and La Lucette, France yielded tine crystals in the past. 
Application; Sb ore. 


Stibnite. 120 mm, Baia Sprie, Romania 


Stibnite, 187 mm, Ichinokawa, Japan 
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Bismuthinite, 160 mm, Tasna, Bolivia 


Bismuthinite 
Bi2S 3 


ORTHORHOMBIC 0000 


Properties: C — lead-gray to tin-white, tarnishing 
yellow and iridescent: S — lead-gray; L — metallic; D 


Kermesite, 20 mm xx, Freiberg, Germany 


an 


Tetradymite, 80 mm, Ciclova, Romania 


~ opaque; DE ~ 6,8; H ~ 2-2.5; CL - perfect; F -- 
uneven; M - thick prismatic to acicular, striated 
crystals, fibrous aggregates, massive. 

Origin and occurrence: Hydrothermal in orc 
deposits; also in recent volcanic exhalation deposits, 
associated with bismuth, arsenopyrite, stannite, 
galena and other minerals. The world’s best crystals 
over 50 mm (2 in) long. come from Bolivia (Tasna; 
Huanuni; Llallagua). Fine crystals were also found in 
Redruth, Cornwall, UK. Rich finds were made in 
Biggcnden. Queensland, Australia. Interesting 
crystals are known from Spind, Norway. 
Application: Bi orc. 


Kermesite 
Sb,530 


TRICLINIC .... 


Properties: C — cherry-red; S - brown-red; L - 
adamantine to submetallic; D — translucent to 
opaque; DE - 4,7; H - 1-1,5: CL — perfect; M — 
acicular crystals, radial aggregates. 

Origin and occurrence: Secondary, as a result of a 
stibnite oxidation in Sb deposits, associated with 
stibnite, antimony, senarmontite, valentinite and 
stibiconitc. Famous specimens with needles up to 100 
mm (4 in) long, in radial aggregates. come from 
Pezinok and Pernek, Slovakia. Crystals up to 50 mm 
(2 in) long found in the Globe and Phoenix mines, 
Zimbabwe. It is also known from Bolivia (San 
Francisco mine, Poopo; Oruro) and Braunsdorf, 
Germany. 


Nagvagite, 100 mm, Sacarimb, Romania 


Tetradymite 
BizTe2S 


TRIGONAL eee 


Properties: C — light stecl-gray. tarnishing dark to 
iridescent: S — light steel-gray; L - metallic; D — 
opaque; DE - 7,3; H ~ 1,5-2; CL — perfect; M - 
pyramidal crystals, curved bladed aggregates, 
massive. 

Origin and occurrence: Hydrothermal in medium- 
and high-temperature Au deposits; also in contact 
metamorphosed deposits, together with gold. hessite, 
calaverite, pyrite and other minerals. Crystals up to 
10 mm (/ in) across are known from Župkov , 
Slovakia. It is common in Colorado (Red Cloud) and 
in California (Carson Hill), USA. It occurs with gold 
in skarns in Baija Bihorului, Romania. 


Nagyagite 
PbsAu(Te,Sb)4Ss_g 


TETRAGONAL © © 


Properties: C — black-gray; S — black-gray: L 
metallic: D — opaque; DE — 7,5; H - 1,5; CL — 
perfect; F — uneven: M — thin tabular to foliated 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature veins. associated with altaite. arsenic, 
gold. rodochrosite and other minerals. Foliated 
crystals up to 40 mm (1%. in) across come from 


Sacarimb and Baia de Arics , Romania. Fine speci- 
mens were also found in Tavua, Viti Levu, Fiji and in 
the Sylvia mine, Tararu Creek, New Zealand. It also 
occurred in Gold Hill and Cripple Creek, Colorado. 
USA and in Kalgoorlie, Western Australia, Australia. 


Sylvanite 
(Au,Ag)2 Te, 


MONOCLINIC 000 


Properties: C — steel-gray to silver-white, tarnishing 
to yellow; S - stecl-gray to silver- white; L - 
metallic; D — opaque; DE - 8,2; H — 1,5-2; CL - 
perfect: F — uneven: M — short prismatic to thick 
tabular crystals, skeletal aggregates, granular. 
Origin and occurrence: Hydrothermal in low- 
temperature ore veins, also in medium- and high- 
temperature deposits as one of the latest minerals, 
associated with gold calaverite. hessite. krennerite 
and other mincrals. The best specimens come from 
Sacarimb and Baia de Aries , Romania. where it 
occurs as skeletal crystals and aggregates. Crystals 
were also found in Cripple Creck, Colorado, USA: 
crystals up to 10 mm (/ in) across come fom the 
Emperor mine, Viti Levu, Fiji. 


Sylvanite, 20 mm, Cripple Creek, U.S.A. 
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Krennerite, 3 mm xx, Sacarimb, Romania 


Krennerite 
AuTez 


ORTHORHOMBIC o o 


Properties: C — silver-white to brass-yellow; S - 
silver-white; L — metallic: D — opaque; DE - 8,9; H 
- 2-3: CL — perfect: F - conchoidal to uneven: M - 
short prismatic, striated crystals, massive. 

Origin and occurrence: Hydrothermal in gold- 
bearing veins, associated with gold, tellurium, pyrite, 
quartz and other tellurides. Crystals up to 20 mm 
(7*/s2 in) across found in Tavua, Viti Levu, Fiji. Small 
crystals occurred in Sacarimb and Baia de Aries , 
Romania and in Cripple Creek, Colorado, USA. 
Application: Au ore. 


Calaverite 
AuTe> 


MONOCLINIC eee 


Properties: C — brass-yellow to silver-white; S — 
greenish; L - metallic. D — opaque; DE - 9,3; H - 
2,5-3; CL — none; F — uneven to conchoidal; M — 
bladed and short prismatic, striated crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature Au-bearing veins, sometimes in 
medium- and high-temperature deposits, associated 
with coloradoite, altaite, krennerite and other 
tellurides. It is common in the Mother Lode in 
California (Carson Hill). It is important, together 
with hessite in Cripple Creek. crystals up to 10 mm 
(C/s in) across come from the Cresson mine, 
Colorado, USA.. Ít is also known from several mines 
near Kirkland Lake, Ontario, Canada. 

Application: Au ore. 


an 


Pyrite 
FeS2 
CUBIC .0.... 

Properties: C - light brass-yellow, tarnishing 
iridescent and darkens; S — green-black to brown- 
black: L — metallic; D — opaque; DE — 5,0; H - 6-6,5; 
CL — imperfect; F - conchoidal to uneven; M — 
combinations of cubic crystals, striated, stalactitic 
and spherical aggregates, massive. 

Origin and occurrence: Magmatic segregations in 
basic rocks with pyrrhotite and pentlandite, in 
pegmatites and skarns; hydrothermal in porphyry and 
vein deposits together with other sulfides: hydro- 
thermal sedimentary. sedimentary and metamorphic. 
Magmatic segregations are known from Sudbury, 
Ontario, Canada and Merensky Reef, Transvaal. 
South Africa. Large crystals up to 200 mm (7% in) 
across are known from Rio Marina, Elba, Italy. Fine 
octahedra come from Llallagua, Bolivia. Crystals, up 
to 120 mm (4''/«in) across, were found in Bingham 
and Park City, Utah, USA. Crystals up to 150 mm (6 
in) are known from Huanzala and Quiruvilca, Peru. 
The largest pyrite deposit is Rio Tinto, Spain, where 
fine-grained pyrite formed accumulations about 1 
billion tons. Beautiful cubes up to 80 mm (3'/ in) 
come from Navajun, Spain. Large deformed crystals 


Calaverite, 21 mm, Na agyag. onnie 


Appendix C 
Powers of Ten and Engineering Prefixes 


The following table shows powers of the 
number 10, decimal equivalents, prefixes used 
to denote the value, symbols used, and 


typical usages. 


10° | 1,000,000,000 GHz 


10% | 1,000,000 Mega- M MO, MHz, MV | 
A AN Con 
10° | 0.001 Mili- | m | mA, mH, msec, mV | 
HA, uE, WH, usec, pV | 
10° | 0.000,000,001 Nano- | n | nH,nsec | 
107? |0.000,000,000,001 | Pico- | p | PR pH | 


Pyrite, 74 mm, Navajun, Spain 


up to 200 mm (7°%s in) across occurred in the Samo 
mine near Hnust'a , Slovakia. Interesting, complex 
combinations of crystals found in Nanisivik, on an 
edge from Climax, Colorado, USA. 

Application: production of sulfuric acid. 


Hauerite 
MnS) 


CUBIC 0090 


Properties: C — red-brown to brown-black; S - 
brown-red; L — metallic to adamantine; D — opaque: 
DE - 3,44; H — 4; CL - perfect; F — uneven to 
conchoidal; M - octahedral crystals and their 
combinations, spherical aggregates.. 

Origin and occurrence: Low-temperature sedimen- 
tary mineral, limited to clays with high S contents. 
The best crystals up to 50 mm (2 in) across come 
from the Destricella mine near Raddusa. Sicily, Italy. 
Crystals up to 25 mm (1 in) and their aggregates are 
known from Viglasska Huta (former Kalinka) near 
Zvolen, Slovakia. Crystals up to 15 mm (‘2 in) 
across occur in Tarnobrzeg, Poland. Also found with 
sulfur, gypsum. realgar and calcite in the salt domes 
near High Island, Texas, USA. 


Pyrite, 135 mm, Washington, U.S.A. 


Hauerite, 39 mm, Raddusa, Italy 
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Sperrylite, 55 mm, Talnakh, Russia 


Sperrylite 
PtAs> 


CUBIC © © 


Properties: C — tin-white; S — black; L — metallic; D 
— opaque; DE —- 10,8; H — 6-7: CL — imperfect; F — 
conchoidal; M - complex combinations of cubic 
crystals, massive. 

Origin and occurrence: 1 is mainly of magmatic 
liquid origin, associated with pyrrhotite. pentlandite, 
cubanite and other mincrals. The best crystals come 
from Talnakh near Norilsk. Siberia, Russia. where 
inter-grown crystals reached up to 50 mm (2 in). 
Crystals up to 40 mm (1% in) across known from 
Tweefontein, Potgictersrust, Bushveld, South Africa. 
It also occurred as disseminated aggregates in 
Sudbury. Ontario, Canada. 


Aurostibite 

AuSb 

CUBIC ee 

Properties: C - gray, tarnishing iridescent; S — gray: 


L - metallic: D — opaque; DE - 9,9: H - 3; CL 
Bnone; M - granular, 


Origin and occurrence: Hydrothermal in quartz 
veins, associated with gold and other Sb minerals. 
Grains up to 5 mm (+ in) across come from Krasna 
Hora. Czech Republic. It also occurs in the Giant 
Yellowknife minc, Northwest Territories and Hemlo, 
Thunder Bay, Ontario, Canada and is also reported 
from Bestyube, Kazakhstan. 


Krut’aite 
CuSe2 


CUBIC 0 


Properties: C — gray; S — gray; L — metallic; D - 
opaque: DE — 6,5; H — 4; M - microscopic crystals, 
massive. 

Origin and occurrence: Hydrothermal, associated with 
clausthalite, urantnite and other minerals. The richest 
accumulations of massive aggregates were found in the 
El Dragon mine, Potosi, Bolivia, where crystals up to | 
mm ('2 in) occurred as well. lt was originally des- 
cribed as microscopic from Petrovice, Czech Republic. 


Cobaltite 
CoAsS 


ORTHORHOMBIC 00.0 


Properties: C — silver-white; S — gray-black; L — 
metallic, adamantine to dull; D — opaque;DE - 6,3; 
H — 5,5; CL — perfect; F — uneven; M - pseudo-cubic 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- 
temperature ore deposits and mctamorphic. together 


Aurostibite, 4 mm grain, Krasna Hora, Czech Republic 


- * a e a W 


Krut'aite, 40 mm, El Dragon, Bolivia 


Cobaltite, 5 mm x, Hakansboda, Sweden 


with magnetite, sphalerite, chalcopyrite, other sulfides 
and arsenides of Co and Ni. The best dodecahcdra. 
several cm across, come from metamorphic sulfide 
deposits in Tunabcrg. Sweden, Other Swedish 
localities. like Hakansboda and Ramsberg, yielded 
crystals up to 60 mm (24 in) across. Fine crystals 
about 10 mm (*/s in) occurred in the magnesite deposit 
Mutnik near Hnust’a , Slovakia. Cubic crystals up to 
30 mm (ls in) across found in Espanola, Ontario, 
Canada. Beautiful crystals are known from the skarn 
in Bimbowric, South Australia, Australia. 
Application: Co ore. 


Gersdorfite 
NiAsS 


CUBIC 0090 


Properties: C -~ silver-white to stecl-gray, tarnishing 
gray-black; S — gray-black; L — metallic; D — opaque; 
DE — 6,0: H — 5.5; CL - perfect; F - uneven; M — octa- 
hedral striated crystals and their combinations. massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature ore deposits in association with nickel- 
inc, nickcl-skutterudite, ullmanite, siderite and other 
minerals. Crystals up to 100 mm (4 in) across come 
from the Snowbird mine, Montana, USA. It is import- 


ant in several mines near Sudbury and Cobalt. Ontario, 
Canada. Large cleavable masses are known from Dob- 
sina, Rudnany and Nizna Slana, Slovakia. Crystals 
from the Ait Ahmane mine near Bou Azzer. Morocco, 
reached up to 40 mm (1% in) . Application: Ni ore. 


Gersdorffite, 10 mm xx, Bou Azzer, Morocco 
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Ullmanste. 60 mm, Bou Cricha, Morocco 


Ullmanite 
NiSbS 


CUBIC e. 


Properties: C - steel-gray to silver-white; S — gray- 
black; L - metallic; D — opaque: DE - 6,8; H — 5-5,5; 
CL - perfect: F — uneven; M - combinations of cubic 
crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins 
together with other Ni minerals. Fine crystals, up to 
20 mm (7/32 in) across, come from Monte Narba near 
Sarrabus. Sardinia, Italy. Twins are known from 


Marcasite, 42 mm, Vintirov, Czech Republic 


Lolling, Austria. Crystals up to 10 mm (*/s in) were 
found in Ksice near Steibro, Czech Republic. It is 
common in Broken Hill, New South Wales, Australia 
and in Cochabamba, Bolivia. 

Application: Ni ore. 


Marcasite 

FeS, 
ORTHORHOMBIC 00090 

Properties: C — tin-whitc. bronze-yellow, tarnishing 
iridescent: S — grayish to brownish- black: L — me- 
tallic; D - opaque; DE — 4,9; H - 6-6,5; CL - good; 
F — uneven; M — tabular, pyramidal and prismatic 
crystals, often twinned into the form of cockscomb- 
like aggregates, stalactitic, botryoidal and massive. 
Origin and occurrence: lt originates at low tempera- 
tures in very acidic environment, either in sedimen- 
tary, or in hydrothermal deposits, associated with 
pyrite, pyrrhotite, galena, sphalerite, fluorite, 
dolomite and calcite. Hydrothermal crystals and 
pseudo-morphs after pyrrhotite are known from Frei- 
berg, Germany: Llallagua, Bolivia and Chiuzbaia, 
Romania. Crystals from Wiesloch, Germany and 
Reocin, Santander, Spain are of similar origin. Large 
crystals occurred in Joplin, Missouri and in Galena, 
Illinois, USA. The best crystals of sedimentary 
marcasitec come from coal basins. Fine crystals from 
black coal arc known from Essen, Germany. 
Cockscomb-like aggregates up to 150 mm (6 in) 
across, come from the brown coal basin in Vintigov, 
Czech Republic. Spherical, radial concretions with 
pyrite are known from Sparta. Illinois, USA and 
from Champagne, France. 

Application: production of sulfuric acid. 


Marcasite, 70 mm, Sparta, U.S.A. 


Lollingite, 7 mm xx, Cobalt, Canada 


Lollingite 
FeAs3 


ORTHORHOMBIC eee 


Properties: C — stecl-gray to silver-whitc; S — gray- 
black; L — metallic; D - opaque: DE - 7,5; H - 5-5,5: 
CL — sometimes good; F - uneven; M — prismatic 
crystals, massive. 

Origin and occurrence: Magmatic in pegmatites; 
hydrothermal in greisens and Sn-W veins, rare in the 
other types of ore veins, together with skutterudite, 


Safflorite, 70 mm. Bou Azzer, Morocco 


E Y 
` a Y S 


bismuth, nickeline. siderite, calcite and other mi- 
nerals. Fine crystals arc known from syenite in 
Langensundsfjord, Norway. Crystals up to 50 cm (20 
in) across come from a pegmatite in Kaatiala, 
Finland. Masses occur in the Kobokobo pegmatite, 
Kivu, Zaire. Massive aggregates with schorl were 
found in Dolni Bory. aggregates with cassiterite in 
Poebuz. Czech Republic. 


Safflorite 


(Co,Fe)As> 
ORTHORHOMBIC eee 


Properties: C — tin-white, tarnishing to dark gray; S 
— gray-black; L — metallic; D — opaque: DE - 7,5; H 
- 4,5-5; CL — good; F — uneven to conchoidal; M - 
prismatic crystals. radial aggregates, massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature with skutterudite, rammelsbergite, 
nickeline, silver, bismuth and lollingite. It is 
common in Schneeberg. Germany; Cobalt, Ontario, 
Canada; Batopilas, Chihuahua, Mexico and in Bou 
Azzer. Morocco. 


Rammelsbergite 
NiAs2 


ORTHORHOMBIC eee 


Properties: C — tin-white, pinkish; S - gray-black: L 
metallic; D — opaque: DE - 7,1; H - 5.5-6; CL - 
good: F — uneven; M — prismatic crystals, radial and 
fibrous aggregates, massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature veins associated with other Ni and Co 
mincrals. Botryoidal aggregates come from 
Schneeberg, Germany. It is common in Sarrabus, 
Sardinia, Italy; in the Eldorado mine near Great Bear 
Lake: in Cobalt, Ontario. Canada and Bou Azzer, 
Morocco. 


Rammelshergite, 60 mm, Schneeberg, Germany 


Dos so -~ 
2 ae 
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Arsenopyrite, 26 mm x, Portal. Mexico 


Arsenopyrite 
FeAsS 
MONOCLINIC 00090 

Properties: C - silver-white to stcel-gray; S — black; L 
- metallic; D — opaque: DE - 6,2; H — 5,5 — 6; CL - 
good; F — uneven; M ~ thick tabular to prismatic striated 
crystals, granular, massive. 

Origin and occurrence: It occurs in pegmatites: 
hydrothermal in high-temperature vein deposits and 
grciscns; metamorphic in contact metamorphic skarns, 
gneisses and mica schists. Long prismatic crystals up to 
30 cm ( 12 in) long are known from the Obira mine, 
Japan. It is very common in greisen Sn and W deposits, 
fine crystals are known from Hlorni Slavkov, Czech 
Republic and Ehrenfriedersdorf, Germany. Beautiful 
crystals up to 50 mm (2 in) across come from 
Panasqucira. Portugal. where they occurred associated 
with fluorapatite, wolframite and siderite. Historically 
important were large crystals from Tavistock. Devon , 
UK. Crystals up to 40 mm (1°. in) found in Llallagua, 
Bolivia. Crystals up to 50 mm (2 in) across were found 
recently in the Nikolai mine in Dalncgorsk, Russia. 


Cudmundite, 10 mm xx, Polar Urals, Russia 


Shiny crystals up to 30 mm (1’/ in) across, come from 
Hunan province, China. Application: As ore. 


Gudmundite 
FeSbS 


MONOCLINIC eee 


Properties: C — silver-white to stccl-gray; S — black; 
L — metallic; D — opaque; DE - 7,0; H — 5-6; CL - 
none; F — uneven: M — prismatic twinned crystals, 
massive. 

Origin and occurrence: Late hydrothermal mineral 
of ore deposits. also in metamorphic deposits and 
skarns. It is common in metamorphic sulfide depo- 
sits in Sweden (Boliden, Gudmundstorp). Massive 
aggregates arc known from Kutna Hora and Vlas- 
tijovice, Czech Republic. It was common in Broken 
Hill, New South Wales, Australia. 


Molybdenite 
MoS, 
HEXAGONAL 00... 

Properties: C — lead-gray; S — bluc-gray; L — me- 
tallic; D- opaque; DE - 4,0: H - 1-1,5; CL — perfect; 
M — tabular and prismatic crystals, scaly aggregates. 
Origin and occurrence: Magmatic in pegmatites. 
granites and aplites, hydrothermal in high- 
temperature veins, also in porphyry ore deposits and 
in contact metamorphic deposits; associated with 
chalcopyrite, quartz and other mincrals. Large 
crystals come from pegmatites in Blue Hill Bay, 
Maine, USA and in Mutue-Fides-Stavoren, Trans- 
vaal, South Africa, where they reach several tens of 
cm in size. Crystals up to 150 x70 mm (6 x 2% in) 
across come from the transitional type between 
pegmatites and quartz veins near Arendal and Moss. 
Norway: large crystals also occur in the Temiska- 
ming district, Quebec, Canada; tabular crystals up to 
120 mm (7/32 in) across found in quartz-molybdenite 
breccia pipes in veins in Australia (Queensland, New 
South Wales). Fine crystals are also known from 
Kladnica near Vito_a, Bulgaria: Horni Slavkov, 
Czech Republic and Ehrenfricdersdorf, Germany. As 
a fine grained disseminated ore was mined in 
Bingham, Utah and Climax, Colorado, USA. 
Application: Mo ore. 


Skutterudite 
CoAs2.3 
CUBIC eee 


Properties: C — tin-white to silver-gray, tarnishing to 


gray and iridescent: S -- black; L— metallic; D — opaque: 
DE - 6.8: H - 5,5 - 6; CL -- good; F - conchoidal to 
uneven: M - combinations of cubic crystals, skeletal 
aggregates, granular, massive. 

Origin and occurrence: Hydrothermal in medium- to 
high-temperature ore veins, associated with other Ni 
and Co mincrals. Crystals up to 50 mm (2 in) across 
come from Bou Azzer. Morocco. Crystals up to several 
cm in size were found in Schneeberg and Annaberg, 
Germany. Large massive accumulations occur in Cobalt 
and Gowganda. Ontario, Canada. Application: Co ore. 


Skutterudite, 25 mm, Schneeberg, Germany 


Nickel-skutterudite 
NiAs3 


CUBIC eooo 

Properties: C — tin-white to silver. tarnishing to gray 
and iridescent; S — black; L - metallic; D — opaque; 
DE - 6,5; H — 5,5 - 6; CL - good; F - conchoidal to 
uneven: M — combinations of cubic crystals, skeletal 
aggregates, granular. 

Origin and occurrence: Hydrothermal in medium- 
temperature veins with arsenopyrite, arsenic, bismuth, 
calcite and siderite. Known in crystals from Chatham, 
Connecticut and Chester, Massachusetts, USA: also 
Val d'Anniviers, Wallis, Switzerland. Massive aggre- 
gates come from Dobsina, Slovakia: Les Chalanches, 
France: Mohawk mine, Michigan. USA; Schneebcrg, 
Germany. Application: ruda Co a Ni. 


Nickel-skutterudite, 36 mm. Saxony, Germany 
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Proustite, 25 mm, Chanarcillo, Chile 


Pvrargyrite, 61 mm, Zacatecas, Mexico 


Proustite 
Ag3AsS3 


TRIGONAL © © 


Properties: C — crimson, darkens upon exposure to 
light; S — crimson; L — adamantine; D - translucent to 
opaque: DE - 5,6; H - 2-2,5; CL — good; F con- 
choidal to uneven; M — prismatic, rhombohedral and 
scalenohedral crystals, massive. 

Origin and occurrence: Low-temperature hydrother- 
mal mineral. also in the oxidation and cementation 
zone together with stephanite, silver. xanthoconite, 
acanthitc and other minerals. The best specimens with 
crystals up to 100 mm (4 in) long come from the 
Dolores mine, Chanarcillo, Chile. Crystals up to 80 
mm (3'/ in) long found in the Himmelsfurst mine in 
Freiberg, Niedcrschlema and Schnceberg, Germany. 
Large druses with crystals up to 40 x 20 mm (1%. x 
*/2 in) across occurred in Jachymov; crystals up to 20 
mm (**/2 in) across known from Paibram and Stara 
Vozice, Czech Republic. Fine crystals come from Ba- 
topilas, Chihuahua and Sombrerete, Zacatecas, Mexi- 
co. Crystalline masses of proustite, weighing over 250 
kg (550 Ib), were found in 1865 in the Poorman mine. 
Silver City, Idaho. USA. Application: Ag ore. 


Pyrargyrite 
Ag3 SbS3 


TRIGONAL ee 


Properties: C ~ dark red, darkens upon exposure to 
light: S - crimson; L — adamantine: D - translucent to 
opaque; DE - 5,9; H - 2,5; CL - good; F - conchoidal 
to uneven; M — prismatic, rhombohedral and 
scalenohedral crystals, granular, massive. 

Origin and occurrence: Low-temperature hydrother- 
mal mincral, also secondary in the oxidation and 
cementation zone, together with silver, acanthite, 
other Ag sulfosalts, calcite and quartz. Crystals in 
Colquechaca, Bolivia and Chañarcillo, Chile reached 
several cm in size. Crystals up to 70 mm (2% in) long 
occurred in the Santo Nino vein in Fresnillo, Zacate- 
cas, Mexico. San Genaro mine in Huancavelica, Peru 
yielded crystals up to 50 mm (2 in) across. Crystals 
up to 40 mm { l°% in) across found in Freiberg; smal- 
ler crystals only are known from St. Andreasberg, 
Germany. Crystals up to 20 mm (7/2 in) across come 
from Pribram and Stara Vozice, Czech Republic. 
Crystals up to 50 mm (2 in) across found in the San 
Carlos mine, Hiendelacncina. Spain. 

Application: Ag ore. 


Xanthoconite 
Ag3 AsS3 


MONOCLINIC © © 


Properties: C — dark crimson, orange-yellow to 
yellow-brown; S - orange-yellow; L — adamantine; 
D - translucent; DE - 5,5; H — 2-3; CL - good; F — 
conchoidal: M — tabular and lath-like crystals, 
botryoidal and radial aggregates. 


Xanthoconite, 2 mm xx, Marienberg, Germany 


ye 


Pyrostilpnite, 60 mm, Potosi, Bolivia 


Origin and occurrence; Hydrothermal in ore veins 
together with proustite, pyrargyrite, acanthite, arse- 
nic and calcite. Botryoidal masses with yellow 
crystals up to 7mm (%%: in) long come from Freiberg; 
other important localities arc St Andreasberg, 
Germany; Ste-Marie-aux- Mines, France; Cobalt, 
Ontario, Canada; Pribram, Trebsko and Jachymov, 
Czech Republic. 


Pyrostilpnite 
Ag3SbS3; 


MONOCLINIC ee 


Properties: C — hyacinth- to orange-red; S - orange- 
yellow; L — adamantine; D - translucent: DE — 6,0: 
H - 2; CLB perfect; F — conchoidal; M — tabular to 
lath-like crystals, radial aggregates. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature veins, associated with pyrargyrite, stephanite, 
acanthite and other Ag minerals. The best crystals 
come from St. Andreasberg, Germany. Crystals up to 
10 mm (? in) long were found in Pribram, Trebsko 
and Jachymov, Czech Republic. It is also described 
from Colquechaca, Bolivia and Chañarcillo, Chile. 
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Samsonite Samsonite, 12 mm x, SIS Germany 
Agg4MnSb>54 A + 
—— mm —_____ _ __ mm y" s y K . F 


MONOCLINIC a 


Properties: C - steel-gray; S — dark red; L - metallic; 
D — opaque; DE - 5,5; H - 2,5; CL - none; F - 
conchoidal; M — prismatic striated crystals. 

Origin and occurrence: The only locality, where it 
occurred in relatively larger amount, was the Samson 
mine in St. Andreasberg, Germany, where crystals up 
to 10 mm (4 tn) across were found. 


Chalcostibite 
CuSbS, 


ORTHORHOMBIC © © 


Properties: C — lead-gray, tarnishing to blue and 
green: S — lead-gray: L — metallic: D — opaque; DE 
~ 5,0; H - 3-4: CL - perfect: F - conchoidal; M — 
long prismatic, striated crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with jamesonite, chalcopyrite, tetra- 
hedrite. stibnite, andorite and other minerals. Partly 
altered crystals up to 100 mm (4 in) long are known 
from Rar-cl-Auz near Casablanca, Morocco. It is 
often in deposits in Bolivia (Huanchaca. Oruro, 
Colquechaca), where its crystals reach 10 mm (*/ tn) 


Chalcostibite, 29 mm, Saint Pons, France 


Appendix D 
Standard Composition Resistor Values 
The most commonly used type of resistor IS 
the carbon film resistor with a + 5 percent 
tolerance and either a 1/4 or 1/2 watt power 
rating. The standard resistance values for this 
type of resistor are listed in the following table 
(in ohms). You should purchase resistors at 


any of these values through the online 
distributors listed in Appendix E, “Supplemental 
Resources.” Power resistors are available with 


fewer resistance values, which you can find in 
the catalogs of various suppliers. 


Note In the following table, “k” represents 
kilo-ohms, so 7.5 k translates into 7,500 
ohms. Similarly, “M” stands for megohms, SO 


a value of 3.6M represents 3,600,000 ohms. 
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Emplectite, 60 mm, Schwarzenberg, Germany 


Wittichenite, 30 mm, Wittichen, Germany 


in size. The world's best crystals up to 16 cm (6%. in) 
long were discovered recently near St Pons. France. 


Emplectite 
CuBiS, 


ORTHORHOMBIC eee 


Properties: C — gray to tin-white; S — gray; L — 
metallic; D — opaque: DE — 6,4; H - 2; CL - perfect; F 
— conchoidal to uneven: M — thin prismatic to acicular 
striated crystals. 

Origin and occurrence: Hydrothermal in high- 
temperature veins associated with chalcopyrite, 


Berthierite, 98 mm, Herja, Romania 


molybdenite, quartz, tetrahedrite and other minerals. 
Fine acicular crystals up to 30 mm (1*/« in) long 
come from Krupka, Czech Republic. Crystallized 
specimens were also found in Wittichen and 
Johanngeorgenstadt, Germany; Colquijirca, Peru and 
in the Akenobe mine. Japan. 


Wittichenite 
Cu3zBiS3 


ORTHORHOMBIC © © 


Properties: C — steel-gray to tin-white, tarnishing 
yellow to steel-gray; S — black; L — metallic; D — 
opaque; DE — 6,2: H - 2-3; CL -— none: F — 
conchoidal; M prismatic crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with other Bi minerals, Cu-Fe sulfides, 
selenidcs and secondary U minerals. It occurs in 
Wittichen, Germany: Baița Bihorului, Romania; 
Tsumeb, Namibia and Cerro de Pasco, Peru. 


Berthierite 
FeSb3S4 


ORTHORHOMBIC eee 


Properties: C ~ dark stecl-gray. tarnishing iridescent 
to brown; S — dark brown-gray; L — metallic; D 
opaque; DE — 4,7; H — 2-3; CL — imperfect: M- long 
prismatic, striated crystals, fibrous, felt-like and 
radial aggregates. 

Origin and occurrence: Hydrothermal in low-tempera- 
ture Sb deposits. Acicular crystals up to 10 mm (4 in) 
long are known from the St. Antoni de Padua gallery in 
Kutna Hora, Czech Republic: thick prismatic crystals 
come from Poproc, Slovakia. Indescent columnar 
aggregates up to 200 mm (7*/ in) long occur in Herja, 
Romania. Fine specimens are known also from Oruro, 
Bolivia. 
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Stephanite, 8 mm xx. Zacatecas, Mexico 


Stephanite 
AgsSbS4 


ORTHORHOMBIC ee 


Properties: C — black; S — black; L -- metallic; D — 
opaque; DE - 6,3; H — 2-2,5; CL — imperfect: F — 
conchoidal; M — short prismatic to tabular striated 
crystals, massive. 

Origin and occurrence: Late hydrothermal mineral in 
Ag deposits. associated with proustite. acanthite, 
silver, tetrahedritc, galena, sphalerite and pyrite. 
Crystals up to 40 mm (1%: in) long come from 
Pribram and Jachymov, Czech Republic and from St. 
Andreasberg, Germany. Crystals up to 50 mm (2 in) 
across found in the Las Chispas mine, Arizpe, Sonora, 
Mexico and Hiendelacncina. Spain. Smaller crystals 
occurred in Freiberg, Schnccberg and Annaberg, 
Germany. Application: Ag ore. 


Pearceite 
AgijgAs7S|¡ | 


MONOCLINIC ee 


Properties: C — black; S -- black; L — metallic; D - 
opaque; DE - 6,1; H — 3; CL — none; F — conchoidal 
to irregular; M — short prismatic to tabular crystals 
and rosctte-like aggregates, massive. 


Origin and occurrence: Hydrothermal in low- to 
medium-tempcrature deposits with acanthite, silver, 
proustite, quartz, barite and calcite. Crystals several 
mm across are known from Jachymov, Moldava and 
Midinec, Czech Republic; from Arqueros, Chile and 
from the Veta Rica mine, Coahuila, Mexico. Crystals 
up to 12 mm ('%: in) across were found in the Cari- 
bou mine, Colorado, USA; also in Dzhezkazgan, 
Kazakhstan. 

Huge accumulations of almost pure pcarceite 
occurred in the Mollic Gibson mine near Aspen, 
Colorado, USA. 

Application: Ag ore. 


Polybasite 
(Ag,Cu) | 6267S VW 


MONOCLINIC o. 


Properties: C — black; S — black; L — metallic; D 
Bopaque; DE — 6,4; H — 2-3; CL — imperfect; F - 
uneven; M — pseudo-hexagonal tabular crystals, 
massive. 

Origin and occurrence: Hydrothermal in low- to 
medium-temperature ore veins, associated with 


Pearceite, 15 mm xx, Guanajuato, Mexico 


Polybasite, 39 mm, Zacatecas, Mexico 


pyrargyrite, tctrahedrite, stephanite, acanthite, 
quartz, and other mincrals. Crystals. several cm 
across, are known from Wolfach, St. Andreasberg, 
Freiberg and Schnecberg, Germany; also from 
Guanajuato, Mexico. The best specimens with 
tabular crystals up to 90 mm (3°/ in) across come 
from the Las Chispas mine, Arizpe, Sonora. Mexico. 
Application: Ag ore. 


Lorandite, TO mm x. Alichar, Macedonia 


Lorandite 
TIAsS» 


MONOCLINIC o. 


Properties: C — crimson, lead-gray, it covers with a 
yellow coating; S — cherry-red; L - metallic to 
adamantinc; D — translucent to transparent; DE — 
5,5; H — 2-2,5; CL - perfect; M — short prismatic to 
tabular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, associated 
with stibnitc, realgar, orpiment, pyrite and other 
minerals. Crystals up to 50 mm (2 in) across were 
found in Allchar, Macedonia. it is also known from 
Djijikrut, Tajikistan and from the cavities in dolomite 
from Lengenbach, Binntal, Switzerland. 


Livingstonite 
HgSb4Sg 


MONOCLINIC o. 


Properties: C — black-gray: S — red; L — metallic to 
adamantine: D — opaque; DE — 5,0: H - 2; CL — 
perfect; M — acicular crystals, columnar and fibrous 
aggregates, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature veins, associated with cinnabar, 
stibnite, getchellite and other minerals. The best 
specimens with prismatic crystals up to 50 mm (2 
in) long are known from Khaidarkan, smaller 
crystals only found from Kadamdzhai, Kyrgyzstan. 
It is also described from the La Cruz mine, 
Huitzuco, Guerrero, Mexico and from the Matsuo 
mine, Japan. 


Livingstonite, 40 mm, Khatdarkan, Kyrgystan 


Bournonite, 62 mm, Cornwall, UK 


Bournonite 
PbCuSbS; 
ORTHORHOMBIC 00090 

Properties: C — stecl-gray to black: S - stcel-gray to 
black; L — adamantine to dull; D — opaque; DE - 5,8; 
H - 2,5-3: CL — imperfect; F — conchoidal to uneven; 
M — short prismatic to tabular crystals, often striated, 
granular, massive. 

Origin and occurrence: Hydrothermal in medium- 
temperature ore deposits, together with galena. 
tetrahedrite, pyrite, siderite and other mincrals. The 
finest crystals, complex twins called cogswheel ore, 
over 50 mm (2 in) across come from the Herodsfoot 
mine near Liskeard, Cornwall. UK. Tabular crystals 
up to 40 mm (1°/ in) across found in siderite cavities 
in Pribram, Czech Republic; large prismatic and 
tabular crystals known from Neudorf, Germany. 
Smaller crystals common in Cavnic and Baia Spric, 
Romania. Crystals, up to 100 mm (4 in) across, 
occurred in Machacamarca, Bolivia, Crystals up to 
40 mm (1%s in) come from Huancavelica, Peru. 
Crystals up to 100 mm (4 in) across reported from 
the Les Malines mine, France. Crystals up to 20 mm 
(25/32 in) across found at Chenzhou. Hunan 
province, China. Application: Pb, Cu and Sb ore. 


Atkinite 
PbCuBiS; 


ORTHORHOMBIC © © 


Properties: C — black-gray, tarnishing brown; S - 
gray-black: L - metallic; D — opaque; DE - 7,3; H — 


Aikinite, 2 mm xx, Rud?any, Slovakia 


Betekhtinite, 10 mm xx, Dohezkazgan, Kazakhstan 


2-2,5: CL — imperfect; F — uneven; M — prismatic to 
acicular, striated crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with gold, pyrite. galena, tennantite and 
other minerals. It is common in quartz veins with 
gold in Berezovsk, Ural Mountains, Russia, where 
crystals up to 30 mm (1%%s in) long were found; fine 
crystals come also from La Gardette, Bourg 
d'Oisans, France. Grains up to 50 mm (2 in) across 
occurred in the Outlaw mine, Nevada, USA. H is also 
known in metamorphic veins in Val d'Annivicrs, 
Switzerland. 


Betekhtinite 
Cu¡p(Fe,Pb)S¿ 


ORTHORHOMBIC © © 


Properties: C - black: S - black; L — metallic; D 
opaque; DE - 6,1; H - 3-3,5; CL - good; M - 
acicular crystals, granular. 

Origin and occurrence: Hydrothermal in ore 
deposits. The best specimens come from Dzhez- 
kazgan as clusters of acicular crystals up to 70 mm 
(2% in) long. associated with bornite, chalcocite, 
djurlcite and other minerals. Rich specimens found 


in Kipushi Kipushi, Shaba, Zairc. Granular aggre- 
gates fairly common in calcite veinlets, cross-cutting 
Cu-bearing shales near Eislcbcn, Mansfeld, Germany. 


Andorite 
PbAgSb3S, 


ORTHORHOMBIC © © 


Properties: C - dark stecl-gray, tarnishing to yellow 
and iridescent; S - black; L — metallic; D — opaque; 
DE - 5,4; H — 3-3,5; CL - none; F - conchoidal; M — 
prismatic and tabular striated crystals, massive. 
Origin and occurrence: Hydrothermal in ore deposits, 
together with cassiteritc, jamesonite, stannite and 
other minerals. The worlds best specimens come 
from the Itos and San Jose mines in Oruro and the 
Tatasi mine in Potosi, Bolivia, where it forms crystals 
up to 30 mm (1*%s in) across. Thin tabular crystals are 
known from Baia Spric. Romania and from the 
Keyser mine, Nevada, USA. Needles up to 10 mm (z 
in) long occurred in Trebsko, Czech Republic. 
Application: ruda Ag. 


Andorite, 43 mm, Oruro, Bolivia 
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Freieslebenite. 2 mm xx, Baia Sprie, Romania 


Freieslebenite 
AgPbSbS; 


MONOCLINIC o... 


Properties: C - light stecl-gray, lead-gray to silver- 
white; S — light stcel-gray, lead-gray to silver-white; 
L - metallic; D - opaque; DE — 6,2; H - 2-2,5; CL - 
imperfect: F — conchoidal to uncven; M — prismatic, 
striated crystals. 

Origin and occurrence: Hydrothermal in ore deposits, 
associated with acanthite, pyrargyrite, silver, galena, 
siderite and andorite. 

Crystals up to 20 mm (*/: in) across come from the 
Santa Cecilia, Guadalajara. Spain; Freiberg, Germany; 


Diaphorite, 5 mm xx, Pribram. 


Czech Republic 


en 


Oruro, Bolivia and from the Treasury Lode, Colorado, 
USA. 


Diaphorite 
Pb2Ag35b3 S3 


MONOCLINIC o © 


Properties: C - stecl-gray: S — stecl-gray; L — metal- 
lic; D — opaque: DE - 6,0: H — 2,5-3; CL - none; F 
- conchoidal to uneven: M - prismatic striated crys- 
tals. 

Origin and occurrence: Hydrothermal in medium- 
temperature ore veins. associated with galena. 


Sartorite, 4 mm x. Binntal, Switzerland 


sphalerite, pyrargyrite, pyrite and other minerals. 
Beautiful striated crystals up to 10 mm (‘/s in) come 
from the cavities of quartz veins in Poíbram; rare 
small crystals. several mm across found in the 
cavities of quartz veins in the St. Antoni de Padua 
gallery in Kutna Hora, Czech Republic. Complica- 
ted combinations of crystals were described from 
Braunsdorf, Germany. Crystals up to 80 mm (3'/s 
in) long occurred in Hiendelaencina, Guadalajara, 
Spain. It is also reported from Catorce, San Luis 
Potosi, Mexico. 


Sartorite 
PbAs7S4 


MONOCLINIC ee 


Properties: C — dark lead-gray: S — chocolate-brown; 
L — metallic; D — opaque; DE - 5,1; H - 3; CL — 
good: F — conchoidal; M — prismatic striated crystals. 
Origin and occurrence: Hydrothermal in dolomite, 
associated with tennantite. dufrenoysitc, pyrite and 
realgar. The best crystals up to 100 mm (4 in) long 
come from Lengenbach, Binntal, Switzerland. lt was 
also found in the Zuni mine, Colorado, USA. 


Baumbhauerite 
Pb3As4Sq 


TRICLINIC $ 


Properties: C — lead- to stecl-gray, tarnishing 
iridcsccnt; S — chocolate-brown; L — metallic; D — 
opaque: DE - 5,4; H - 3; CL - perfect; F — 
conchoidal: M — tabular to short prismatic striated 
crystals, granular. 

Origin and occurrence: Hydrothermal. associated 
with realgar and other sulfosalts. The best crystals up 
to 25 mm (1 in) across come from Lengenbach, 
Binntal, Switzerland. Massive aggregates were 
found in Hemlo, Thunder Bay, Ontario. Canada and 
Sterling Hill, New Jersey, USA. 


Baumhauerite, 50 mm, Binntal. Switzerland 
Fi nat r 
: a 


Rathite, 60 mm, Binntal, Switzerland 


Rathite 
(Pb,TI)3As5S 10 


MONOCLINIC 0 


Properties: C — lead-gray, tarnishing iridescent; S — 
chocolate-brown; L — metallic; D — opaque; DE 
5,3: H - 3; CL — perfect; F — conchoidal; M — 
prismatic striated crystals. 

Origin and occurrence: Hydrothermal. associated 
with other Pb-Tl-As-S minerals. Crystals up to 10 
mm (?/s in) across come from dolomite in Lengen- 
bach. Binntal, Switzerland. 


Dufrenoysite 
Pb>As5)S 5 


MONOCLINIC © è 


Properties: : C — lead- to stecl-gray; S — red-brown to 
chocolatc-brown: L - metallic: D — opaque: DE — 5,6; 
H — 3; CL — perfect; F — conchoidal; M — clongated 
striated tabular crystals. 

Origin and occurrence: Hydrothermal low-temperature 
mineral, associated with rathite. sartorite, baumhaucrite 
and realgar. Crystals up to 25 mm (1 tn) across come 
from dolomite in Lengenbach, Binntal, Switzerland. 
Also found in Batopilas, Chihuahua, Mexico. 


Dufrenoysite, 10 mm x, Binntal, Switzerland 
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Jordanite 
Pb 14 (As,Sb)¿S>3 


MONOCLINIC ee 


Properties: C — lead-gray. tarnishing iridescent; S - 
black; L — metallic: D - opaque: DE - 6.4; H - 3; CL 
— perfect: F - conchoidal: M — tabular crystals, 
botryoidal aggregates. 


Geocronite, 70 mm, Pribram, Czech Republic 


AN 


Origin and occurrence: Hydrothermal in low- 
temperature ore veins, also in metamorphic dolo- 
mites, together with tennantite. sphalente, galena, 
dolomite and other minerals. The most famous 
crystals up to 50 mm (2 in) across come from cavities 
in dolomite in Lengenbach. Binntal, Switzerland. 
Tabular crystals occurred also in Sacarimb , Romania. 
Botryoidal aggregates, growing on barite crystals, 
were described from the Yunosawa mine, Japan. 


Geocronite 
Pb) 4 (Sb,As)gS3 


MONOCLINIC ee 


Properties: C — light lead-gray: S — light lead-gray to 
gray-blue; L — metallic; D - opaque: DE - 6,4; H - 2,5; 
CL - good: F - uneven; M - tabular crystals. massive. 
Origin and occurrence: Hydrothermal in ore veins, 
associated with galena, pyrite, tetrahedrite, barite, 
fluorite and quartz. Crystals, up to 80 mm (3'/ in) 
across, come from Pictrasanta, Italy. Crystals up to 
90 mm (376 in) found in Virgem da Lapa, Brazil. 
Tabular crystals up to 40 mm (1%s in) across occur- 
red in the Kilbricken mine, Ireland, Massive aggre- 
gates are known from Pribram, Czech Republic. 


Zinkenite 
Pb9Sb>7547 


HEXAGONAL eee 


Properties: C — stecl-gray, tarnishing iridescent: S — 
stecl-gray; L — metallic; D — opaque: DE - 5,3; H - 
3-3.5; CL -— imperfect; F - uneven; M — thin 
prismatic striated crystals, radial to felt-like aggre- 
gates, massive. 

Origin and occurrence: Hydrothermal in ore 
veins, associated with stibnite, jamesonite, bou- 
langcrite, bournonite, stannite and other minerals. 
Crystals up to 50 mm (2 in) across are known from 
the Itos and San Jose mines in Oruro. Bolivia. It 
was also found in Wolfsberg, Germany: St. Pons, 
France: Sacarimb and Baia Sprie, Romania. 


Jamesonite 
PbgFeSb¢Sj4 
MONOCLINIC eeee 

Properties: C — gray-black, tarnishing iridescent; S — 
gray-black: L — metallic; D — opaque; DE - 5.8; H - 
2.5: CL -- good; F - uneven; M - acicular crystals, 
fibrous and felt-like aggregates, massive. 


Zinkenite, 39 mm, Oruro, Bolivia 


Jamesonite, 30 mm xx. Sombrerete, Mexico 


Origin and occurrence. Hydrothermal in medium- 
and low-temperature base meta! ore veins, associated 
with other Pb-sulfosalts, pyrite, sphalerite, galena, 
tetrahedrite, quartz and other minerals. Needles up to 
80 mm (3's in) long occur in many localitics in 
Bolivia (Tasna; Bolivia mine, Poopo; San Jose and 
Itos mines, Oruro). It also comes from Wolfsberg 
and Freiberg, Germany; Nizna Slana . Slovakia and 
Sombrerete, Zacatecas, Mexico. 

Application: Pb and Sb ore. 


61 


Semseyite 
PbySbgS) | 


MONOCLINIC © © 


Properties: C - gray to black: S —- black: L - 
metallic; D — opaque; DE - 6,1; H - 2,5; CL - 
perfect; M — tabular and prismatic crystals and their 
rosette-like aggregates. 

Origin and occurrence; Hydrothermal in medium- 
temperature veins, associated with jamesonitc, 
bournonite. zinkenite, sphalerite and other minerals. 
Fine rosctte-like aggregates of crystals over 10 mm 
(%4 in) across come from Baia Sprie, Herja and 
Rodna, Romania. It was also found in the San Jose 
mine, Oruro, Bolivia: Wolfsberg, Germany and 
Huancavelica, Peru. 


Boulangerite 
PbsSb4S ¡y 
MONOCLINIC 0000 


Properties: C — lead-gray; S — brownish; L — metallic 
to silky: D — opaque: DE - 6,2; H — 2,5-3; CL — 


Semseyite, 40 mm, Cavnic, Romania 


ra 


good; M - acicular striated crystals, fibrous and felt- 
like aggregates. 

Origin and occurrence: Hydrothermal in low- and 
medium-temperature ore veins, together with other 
Pb sulfosalts, galena. sphalerite and other minerals. 
Fine needles over 100 mm (4 in) long come from 
cavities in quartz in Pribram, Czech Republic. It is 
common in the Cocur d’Alene district, Idaho. USA. 
Acicular crystals up to 30 cm (12 in) long were 
found in Trepea. Serbia and Leadville, Colorado, 
USA. It is also known from Wolfsberg. Germany and 
Bolivia (Colquechaca, Huanuni, Isca-Isca). 


Cosalite 
Pb»Bi2Ss 


ORTHORHOMBIC 000 


Properties: C — icad- to stecl-gray, silver-white; S — 
black; L — metallic; D — opaque: DE - 7,1; H — 2,5- 
3; CL — none; F — uneven; M — prismatic to acicular 
crystals, radial and fibrous aggregates. 

Origin and occurrence: Maginatic in peguialites, 
hydrothcrmal in medium-temperature deposits; also 
metamorphic, associated with sphalerite, chalco- 


Boulangerite, 40 mm, Zacatecas, Mexico 
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Cosalite, 3 mm xx, Ocna de Fier, Romania 


oe m 


7 


Kobellite, 20 mm xx. Rozhava, Slovakia 


-. 


pyrite, pyrite, cobaltite and other minerals. Elonga- 
ted crystals are known from Crodo, Italy. Fine 
needles up to 40 mm (1%s in) long. included in 
quartz crystals. were found in Kara-Oba, Kazakh- 
stan. It occurs also in Au deposits (Homestake mine, 
South Dakota. USA) or in skarns (Baija Bihorului, 
Romania). 


Kobellite 
Pb27Cug(Bi,Sb)39569 


AY 


ORTHORHOMBIC 0090 


Properties: C — black-gray to stecl-gray; S — black; L — 
metallic; D -- opaque; DE - 6,5; H - 2,5-3; CL — good: 
M - fibrous aggregates, granular, massive. 

Origin and occurrence: Hydrothermal in high-tempe- 
rature veins and pegmatites, together with cobaltite, ar- 
senopyrite, chalcopyrite and other minerals. It is known 
from a sulfide rich pegmatite in the Superior Stone 
quarry, North Carolina, USA. Massive aggregates arc 
common in Jedl’ovec , Slovakia. It was originally des- 
cribed from the Hvena mine near Askersund, Sweden. 


Realgar. 64 mm, Shimen, China 


Realgar 

AsS 
MONOCLINIC 0000 

Properties: C - red to orange-yellow; S — orange-red 
to red; L — resinous to greasy: D — transparent to 
translucent; DE — 3,6; H — 1.5-2; CL — good; F — 
conchoidal; M — prismatic striated crystals, granular, 
massive. 

Orpiment, 40 mm. Baia Sprie, Romania 


Origin and occurrence: Hydrothermal in low- 
temperature veins, associated with other As-Sb 
minerals; also as a sublimation product of volcanic 
gasses. in hot springs and sediments. The most 
beautiful crystals over 100 mm (4 in) long come 
from Shimen, Hunan, China. Crystals up to 70 mm 
(2% in) long occurred in the Getchell mine, Nevada, 
USA. Crystals up to 80 mm (3'/s in) long were found 
in Lengenbach, Binntal. Switzerland. Crystals are 
also known from Baia Sprie, Romania. Massive 
aggregates are common in Alichar, Macedonia. 


Orpiment 
As353 
MONOCLINIC e... 

Properties: C — lemon-yellow to bronze-yellow; S — 
light lemon-yellow; L - resinous to pearly: D - transpa- 
rent to translucent; DE — 3,5; H - 1,5-2; CL - perfect; 
M - prismatic crystals, foliated and fibrous aggregates. 
Origin and occurrence: Hydrothermal in low-tempera- 
ture veins, together with realgar, stibnite. calcite ete., 
also from hot springs and fumaroles. It is also a com- 
mon product of realgar oxidation. The best crystals up 


to 100 mm (4 in) long come from Shimen, Hunan, 
China. Fine clcavable lamellae occur in Lukhumi, 
Georgia and Men-Kyule, Yakutia, Russia. Crystals up 
to 50 mm (2 in) across found in the La Libertad mine, 
Quiruvilca and Huayllapon. Ancash, Peru. Crystals up 
to 80 mm (3'4 in) long described from the Getchell 
mine, Nevada, USA.. Fine specimens are also known 
from Allchar. Macedonia and Khaidarkan. Kyrgyzstan. 
Application: As ore, pigment. 


Getchellite 
AsSbS 3 


MONOCLINIC o. 


Properties: C — dark red, tarnishing green and irides- 
cent; S — orange-red; L — pearly to glassy, resinous; D 
— transparent; DE - 4,0; H - 1,5-2; CL - perfect; F - 
splintery; M — imperfect curved crystals, massive. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature ore deposits, associated with orpiment, 


Orpiment, 35 mm, Huavllapon. Peru 


Getchellite, 60 mm, Khaidarkan, Kyrgystan 


realgar, stibnite, cinnabar and other minerals. It was 
described from the Getchell mine, Nevada, USA. 
Beautiful specimens with grains up to several cm 
across come from Khaidarkan, Kyrgyzstan. It is also 
known from Zarehshuran. Kurdistan, Iran. 
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3. Halides 


Fluellite 
Al) (PO4)F2(OH) .7 H20 


ORTHORHOMBIC © © 


Properties: C - colorless. white, yellow; S — white; L 
— vitreous; D - transparent; DE - 2.2; H - 3; CL - 
imperfect; M - dipyramidal crystals. 

Origin and occurrence: Hydrothermal in greisens, 
also secondary as a result of triplite alteration. 
Crystal druses over 10 mm (^ in) in size come from 
Horní Slavkov. Czech Republic. Very similar 
specimens were found in Stenna Gwyn near St. 
Austell, Cornwall, UK. Also found in pegmatites in 
Kynzvart, Czech Republic and in Hagendorf, 
Germany as a product of triplite alteration. 


Cryolite 
NazAlF, 
MONOCLINIC © o © 

Properties: C -- colorless, white, purple, brownish; S 
~ white; L - greasy to pearly: D — transparent to 
translucent: DE - 3; H — 2.5; CL - none; F - uneven; 
M - pseudo-cubic crystals, massive. 


Fluorite. 67 mm, Berbes, Spain 
Cryolite. 35 mm, Ivigtut, Greenland 


ma aF (el e 
` x. i 


Fluellite, 10 mm x, Horni Slavkov, Czech Republic 


Origin and occurrence: Characteristic mineral of the 
cryolite pegmatites. Crystals up to 30 mm (1/16 in) in 
size were found in Ivigtut, Greenland, where it was 
mined as the Al ore for more than 100 years. It was 
associated with other aluminofluorides, sphalerite, 
cassiterite. ferrocolumbite and other minerals. It is 
also known from the Francon quarry in Montreal, 
Quebec, Canada in crystals up to 10 mm (A in) 
across. Massive cryolite occurs in Miass, Ural 
Mountains, Russia and in St. Peter’s Dome, Pikes 
Peak batholith, Colorado, USA. 

Application: it was an important Al ore. 
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Creedite. 70 mm, Santa Eulalia, Mexico 


Creedite 
Ca3Alq(SO4)(F,OH) ¡0 .6 H20 
ORTHORHOMBIC 0 0 © 

Properties: C — colorless. white, purple; S — white; L 
— vitreous; D — transparent; DE — 2.7; H - 4; CL - 
perfect; F — conchoidal; M - short prismatic to 
acicular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, associated 
with fluorite and barite. Purple crystals, several cm 
long, come from Wagon Wheel Gap near Creede, 
Colorado, USA. Nice druses were found in Santa 
Eulalia, Chihuahua, Mexico. The best creedite 
specimens with purple crystals up to 30 mm (1°/16 in) 
long were recently found in Akcha-tau, Kazakhstan. 


Carnallite 

KMgCl; .6 HO 
ORTHORHOMBIC 00090 

Properties: C — colorless, white, yellowish, red, blue; 


S - white; L - vitreous to greasy; DE - 1.6; H- 1-2; 
CL — none; F — conchoidal; M ~— pseudo-hexagonal 


«0 


pyramidal and tabular crystals. granular; LU - 
strong; R — decomposes under wet conditions. 
Origin and occurrence: Sedimentary. one of the last 
products of evaporation of salty solutions; also 
supergene as a product of a reaction of older salts 
with solutions, rich in potassium, associated with 
halite, sylvite and other minerals. Crystals up to 40 
mm (1%s in) across are known from the vicinity of 
Carlsbad, New Mexico, USA. Nice crystals come 
also from Stassfurt and Alexanderhall. Germany. 
Massive aggregates are common in many salt 
deposits, like in Saskatchewan, Canada; in Kalush, 
Ukraine and elsewhere. 

Application: : the most important potassium salt, 
used as fertilizer and for production of metal Mg. 


Atacamite 
CuzCl(OH) 
ORTHORHOMBIC 0090 

Properties: C — emerald-green, black-green; S — 
green; L — vitrcous; D — translucent; DE — 3.8; H — 
3-3.5; CL - perfect; F — conchoidal; M — prismatic 
crystals, columnar, radial and lamellar aggregates, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits in the arid climate, associated 
with other Cu minerals. Crystals up to 10 mm C% in) 
long were described from Burra district, Southern 
Australia, Australia. Crystals up to 10 mm (’/s in) 
across come from Tsumeb, Namibia; also from 
Bisbee, Arizona, USA. Rich aggregates of acicular 
crystals occur in many localities in Atacama 
province, Chile (Copiapo, Remolinos). 


A 


Carnallite, 80 mm, Merkers, Germany 
o. a < IAEA aa A 


Atacamite, 78 mm, Atacama. Chile 


Boleite 
Pb2gAggCuz4Clg2(OH) 4g 
CUBIC e 


Properties: C — blue: S — blue; L — pearly; D — 
translucent; DE — 5.1; H — 3-3.5; CL — perfect; M — 
cubic crystals; R — soluble in water. 


Boleite, 65 mm, Santa Rosalia, Mexico 


Origin and occurrence: Secondary. originated in 
the oxidation zone of Cu deposits in the arid cli- 
mate. By far the best specimens were found in 
Boleo. Baja California, Mexico, where cubes up to 
25 mm (1 in) in size were found. Ít is also known 
from Phillipsburg, Montana, USA and Challacollo, 
Chile. 
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Cumengite, 21 mm, Boleo, Mexico 
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Cumengite 
Pb2;Cu20Cl42(0H)40 


TETRAGONAL © 


Properties: C — indigo-bluc; S — blue; L — vitreous; D — 
translucent: DE — 4.7; H - 2.5; CL — good; M - tetrago- 
nal pyramidal crystals, also epitaxially overgrown on 


lodargyrite, 2 mm xx, Rudabanva, Hungary 


bolcite cubes. Origin and occurrence: Secondary in 
the oxidation zone of Cu deposits in the arid climate, 
associated with boleite. The largest crystals up to 35 
mm (1% in) are known from Boleo, Baja California, 
Mexico. It is also reported from Newport Beach near 
Falmouth, Cornwall, UK. 


lodargyrite 
P -Agl 


HEXAGONAL eee 


Properties: C — colorless, tarnishes to yellow: S — 
yellow; L - adamantine; D - transparent to 
translucent; DE — 5.7; H — 1-1.5; CL - perfect; F - 
conchoidal; M — prismatic to tabular crystals, 
granular, massive. 

Origin and occurrence: Secondary, product by 
oxidation of Ag ores. with other Ag minerals. Common 
greenish crystals over 10 mm CA in) in size occur in 
Broken Hill, New South Wales, Australia. Also found 
in Vrancice, Czech Republic: Tonopah, Nevada, USA; 
Chanarcillo and Copiapo, Chile. 


Villiaumite 
NaF 


CUBIC eee 


Properties: C — dark red; S — white; L — vitreous; 
D -- transparent to translucent; DE - 2.8; H — 2-2.5; 
CL — perfect; M — small crystals, granular, massive; 
R — soluble in water. 

Origin and occurrence: Late mineral in cavities in 
alkaline igneous rocks (nepheline sycnites). 
Crystals. several cm long, arc known from the 
Rasvumchorr Mountain, Khibiny massif, Kola 
Peninsula, Russia; only slightly smaller crystals 
come from Mont St.-Hilaire, Quebec, Canada and 
lllimaussaq, Greenland. 


Villiaumite, 10 mm xx, Khibiny Massif. Kola, Russia 


Halite, 55 mm, Trona, U.S.A. 


Halite 
NaCl 
CUBIC 0090090 

Properties: C — colorlcss, gray. white. red, blue; S — 
white; L — vitreous; DE — 2.2; H — 2; CL - perfect; F 
— conchoidal; M — cubic crystals, granular, massive; 
R = soluble in water. 

Origin and occurrence: Product of high-temperature 
fumaroles (Etna, Mt. Vesuvius; Italy); mainly sedi- 


Halite, 18 mm xx, Sonora, Mexico 


mentary, as a result of evaporation of sca water, 
associated with sylvitc, carnallitc and other mincrals. 
Very fine cubes over 10 mm (A in) are known from 
Weliczka and Bochnia, Poland. Blue cleavable aggre- 
gates are found in Bernburg, Germany. Salt deposits 
in Austria (Hallstatt, Hallein) are also important. 
Huge halite deposits, associated with potassium salts 
are mined in the vicinity of Stassfurt, Germany. Fine 
skeletal crystals are known from many localities in 
California, USA. 

Application: food and chemical industries. 
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Svivite, 77 mm. California, U.S.A. 


Sal ammoniac. 10 mm x, Batonyterenye, Hungary 


Sylvite 
KCI 


CUBIC 0090 


Properties: C — white, gray, blue, red; S - white; L — 
vitreous; D — transparent; DE — 2; H - 2; CL - per- 
fect; F — uneven; M — cubic crystals and their com- 
binations; granular, massive; R — soluble in water. 
Origin and occurrence: Sedimentary as a result of 
evaporation of sea water. together with halite, 
carnallite and other minerals. Nice cubes up to 50 
mm (2 in) come from Stassfurt; it forms stalactites in 
Wathlingen, Germany. Crystals are also known from 
Kalush. Ukraine and from Salton Sea, California, 
USA, where it occurs as octahedra on halite crystals. 
Application: chemical industry. 


Calomel, 30 mm, Terlingua, U.S.A. 


Sal ammoniac 
NHg¿C! 


CUBIC eee 


Properties: C — colorless, white, gray, yellow, brown; S 
— white; L — vitreous; D — transparent; DE - 1.5; H - 
1-2; CL - imperfect; F - conchoidal; M - 
combinations of cubic crystals, dendritic and skeletal 
aggregates; earthy. 

Origin and occurrence: Typical mineral for 
fumaroles and burning coal dumps. associated with 
sulfur and other minerals. Complicated crystals are 
known from Mt. Vesuvius, Etna and Vulcano, Italy. 
Crystals over 10 mm (*/s in) in size occurred on 
burning coal dumps near Kladno, Czech Republic; 
similar from localities in Eastern Pennsylvania, USA 
and near Ste-Etienne, France. 


Calomel 
HgCI 


TETRAGONAL © © 


Properties: C — colorless, white, gray, brown, it dar- 
kens on air; S — white; L — adamantine; D — transpa- 
rent to translucent: DE - 7.2; H — 1.5; CL - good; F - 
conchoidal; M -— tabular to pyramidal crystals, 
coatings, earthy; LU ~ dark red. 

Origin and occurrence: Secondary as a result of 
alteration of Hg minerals, associated with cinnabar, 
mercury and other minerals. Crystals were found 
in Moschellandsberg, Germany; Avala, Serbia; 


Appendix EÈ 


Supplemental Resources 
This appendix provides a list of websites, 
books, magazines, tutorials, and electronics 


suppliers that should be of interest if you 
want more knowledge about basic electronics 


concepts, reference material for circuit design, 
or the supplies needed to build circuits. 

Web Sites 

Following are some websites that may _ prove 
useful: 

Building Gadgets ( 
www.buildinggadgets.com/ ) — This IS an 


electronics reference site maintained by Earl 
Boysen (one of the authors of this book). 
There are lots of handy links to electronics 
tutorials, discussion forums, suppliers, and 
interesting electronics projects here. This 
website includes support web pages for 
each project in the Complete Electronics 
Self-Teaching Guide, including the following: 
Data sheets for key components. 


Parts lists with links to the appropriate 
locations in online catalogues for suppliers. 
Color photos showing details of circuit 


construction and testing. 

All About Circuits ( www.allaboutcircuits.com/ 
) — This site includes an online book on 
electronics theory and circuits, as well as 
discussion forums on electronics projects, 


Khaidarkan, Kyrgyzstan and Terlingua, New 
Mexico, USA. 

Fluorite 

Caf 

CUBIC ..... 


Properties: C — colorless, white, yellow, red, green, 
blue, purple, brown, black; S — colorless; L - vi- 
treous; D — transparent to translucent, opaque; DE — 
3.2; H- 4; CL - perfect; F — conchoidal to splintery; 
M — combinations of cubic crystals, granular, mas- 
sive; LU — blue, blue-green. also phosphorescent. 

Origin and occurrence: Rare magmatic, mainly 
hydrothermal and metasomatic. Associations are 
very diverse, depending on a type of the deposit, in 
which it occurs. Beautiful crystals are known from 
many localities all over the world. Pink octahedra, 
several cm in size, are known from pegmatites in 
Nagar. Pakistan. Nice crystals were also found in 
greisens in Cornwall. UK (Wheal Mary mine) and 
from Horni Slavkov, Czech Republic. Beautiful 
green cuhes up to 20 cm across and colorless cubes 
up to 10 mm (?*/s in) across from Dalnegorsk, Russia 
are of hydrothermal origin. Famous green and 
purple crystals come from Alston Moor and 
Weardale, England, UK. Nice pink octahedra up to 
30 mm (1?:s in) occurred in Huanzala, Peru. Beauti- 


Fluorite. 23 mm x, Chamonix, France 


Fluorite, 50 mm, Argentina 


ful yellow cubes up to 50 mm (2 in) associated with 
barite, are known from Halsbriicke and Annaberg. 
Germany. Purple complex combinations of crystals 
come from La Collada, Spain. Mainly purple cubes 
up to 10 mm (*/s in) occurred in Rosiclare, Illinois; 
in association with honey-yellow calcite crystals are 
known from the Elmwood mine, Tennessee; similar 
occurrences are also in several localities in Ken- 
tucky, USA. The most valuable fluorite specimens 
are pink octahedra up to 150 mm (6 in) from 
Goschenen, Switzerland; Mont Blanc massif, 
France and other Alpine localities. 

Application: metallurgy, chemical industry, special 
optics.optika. 
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4. Oxides 


Cuprite 
Cu,0 


CUBIC 0090 


Farieties: chalcotrichite (acicular to hair-like crystals) 
Properties: C - red; S - red: L ~ adamantine to sub- 
metallic; D - transparent to translucent; DE — 5.8-6.2; 
H — 3.5-4; CL - imperfect; F — conchoidal to uneven; 
M - combinations of cubic crystals. hair-like 
aggregates, granular, massive. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu sulfides. Crystals up to 150 mm (6 in) 
in size, covered with malachite, occur in Onganja, Na- 
mibia. Shiny octahedra, up to 40 mm (1%s in) in size, 
come from the Mashamba West mine, Zaire. Acicular 
and fibrous crystals of the chalcotrichite variety were 
found in Bisbee. Arizona, USA. Combinations of 
cubic crystals, covered with malachite, are known 
from Chessy ncar Lyon, France. Crystals up to 30 mm 
(17/12 in) across are reported from Tsumeb, Namibia. 
Application: important Cu ore. 


Zincite 
ZnO 


HEXAGONAL 0.0 


Properties: C — yellow, orange, red; S — orange- 
yellow; L — adamantine; D — transparent to trans- 


Amethyst. 122 mm, Guerrero, Mexico 
Cuprite, 18 mm x. Mashamba West, Zair 


Zincite, 11 mm x, Franklin, U.S.A. 


lucent; DE — 5.7; H — 4.5-5; CL - perfect: F - 
conchoidal: M - pyramidal crystals. granular, 
massive. 

Origin and occurrence: Metamorphic, associated 
with willemite and franklinite. lt forms very rare 
crystals up to 40 mm (1% in) in size in the metamor- 
phosed Zn deposits in Franklin and Sterling Hill, 
New Jersey, USA, it 1s mostly granular and massive. 
Zincite crystals and aggregates of vitreous luster 
from Poland, which are offered at the mineral shows, 
are not of a natural origin, there arc smelter products. 


Chalcotrichite, 50 mm. Bisbee, U.S.A. 


75 


Tenorite 
CuO 


MONOCLINIC eee 


Properties: C — steel-gray to black; S - gray; L — 
metallic; D — opaque; DE - 6.5; H - 3.5; CL -— im- 
perfect; F — uneven to conchoidal; M — thin tabular 
to scaly crystals, earthy. massive. 

Origin and occurrence: Secondary, in the oxidation 
zone of Cu deposits, together with other Cu super- 
gene minerals. lt was common in Cu deposits in the 
Keweenaw Peninsula, Michigan. USA. It was mined 
as Cu ore in Bisbee, Globe and Morenci, Arizona, 
USA. Thin tabular crystals are known from Tsumeb, 
Namibia. 


Spinel 
MgAl204 


CUBIC eee 


Varieties: pleonast (black) 

Properties: C — pink, red, green. blue, brown, black; 
S — white; L — vitreous to dull; D - transparent to 
opaque; DE - 3.6; H — 7.5-8; CL — imperfect; F — 
conchoidal to uneven; M - octahedral crystals. gra- 
nular, massive. 

Origin and occurrence: Magmatic, metamorphic. also 
in placers, associated with corundum. sillimanite and 
other minerals. Large pleonast crystals reaching up to 
150 mm (6 in) were found in the Aldan massif, Yakutia, 


Spinel, 10 mm x, Mogok. Burma 


Tenorite. 3 mm xx, Bisbee, U.S.A 
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Russia. Fine crystals weighing up to 14 kg (30 lb 12 oz) 
come from Amity, New York. Crystals up to 120 mm 
(4/+ in) across are known from Sterling Hill, New 
Jersey. Blue crystals of spinel come from Bolton, 
Massachusetts, USA and South Burgess, Ontario. 
Canada. Gemmy pink and red crystals up to 20 mm (%/s 
in) reported near Ratnapura, Sri Lanka and in Mogok, 
Burma. Fine pink crystals up to 50 mm (2 in) in size 
occur in Kukh-i-lal, Tajikistan. 

Application: gemstone. 


Gahnite 
ZnAl204 
CUBIC © © © 


Properties: C — black-green, black; S — gray; L — 
vitreous to greasy; D — translucent to opaque; DE — 


Pleonast, 15 mm xx. Vietnam 


4.4-4.6; H- 7.5-8; CL — imperfect; F — conchoidal to 
uneven; M — octahedral crystals, granular. 

Origin and occurrence: Magmatic and metamorphic, 
associated with wolframite, chalcopyrite and other 
minerals. Crystals up to 120 mm (47/6 in) in size come 
from Franklin and Sterling Hill. New Jersey, USA. 
Crystals from Broken Hill. New South Wales, Austra- 
lia reached up to 30 mm (I in). Blue-green crystals 
were found in Rowe. Massachusetts, USA. Cuttable 
blue crystals occur near Gidan Wayo, Nigeria. 


Magnetite 
Fe2*Fe3t,0, 
CUBIC eee 


Properties: C — black: S — black: L — metallic: D — 
opaque: DE - 5.2; H - 5.5-6.5; CL — none; F —- un- 


Magnetite, 20 mm x, Chester, U.S.A. 
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Gahnite, 90 mm, Broken Hill. Australia 


even to conchoidal; M — octahedral crystals, gra- 
nular, massive. 

Origin and occurrence: Magmatic, hydrothermal 
and metamorphic. rare sedimentary. Parageneses dif- 
fer according to the origin. Fine crystals up to 170 
mm (6'?:w in) in size, come from Traversella, Italy. A 
crystal 25 cm (9'/1s in) in size was found in Vastan- 
fors, Sweden. Fine crystals up to 40 mm (1% in) 
occur in Dashkesan, Azerbaijan, where it is associa- 
ted with andradite, epidote and apatite. Beautiful shi- 
ny octahedra up to 40 mm (1°/ in) are known from 
Alpa Lercheltini, Binntal, Switzerland. Rare cubes 
up to 20 mm (2 in) on edge come from the ZCA 
No.4 mine, Balmat, New York. USA.. Magnetite 
crystals reaching up to 10 cm were found in pegma- 
tites in Jaguaracu, Minas Gerais, Brazil. Crystals up 
to 20 cm (7'/+ in) in size reported from the Gardiner 
complex, Greenland. Crystals up to 50 mm (2 in) 
were lately found in Kovdor, Kola Peninsula, Russia. 
Application: Fe ore. 
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Franklinite, 30 mm, Sterling Hill, U.S.A. 


Franklinite 
(Zn,Mn2*,Fe2*)(Fe3*,Mn2*).04 


CUBIC © © 


Properties: C — black; S — dark brown; L — metallic; 
D - opaque; DE - 5.1-5.5; H - 6; CL — none; F — 
uneven to conchoidal; M — octahedral crystals, 
granular, massive. 

Origin and occurrence: Metamorphic, associated 
with willemite, zincite and other minerals. The only 
localities, where it is common and occurs in very 
large accumulations, are Franklin and Sterling Hill, 
New Jersey. USA. Crystals up to 170 mm (6"/t in) 


Chromite, 87 mm, Finnland 


across are known from there. It is rare in Langban, 
Sweden and Ocna de Fier, Romania. 
Application: Zn ore. 


Chromite 
FeCr3204 


CUBIC 0090 


Properties: C — black; S ~ brown; L — metallic; D — 
opaque; DE - 4.5-4.8; H - 5; CL - none; F — uneven; 
M — octahedral crystals. granular, massive. 

Origin and occurrence: Magmatic, together with 
magnetite, uvarovite and other minerals. Rare crys- 
tals reaching up to 10 mm Ç% in) are known from 
Uzun Damar, Turkey. It occurs mostly massive, like 
in deposits in Bushveld, South Africa; in Sarany, 
Ural Mountains, Russia and in Guleman, Turkey. 
Application: Cr ore. 


Hausmannite 
Mn2*m n3*304 


TETRAGONAL 0090 


Properties: C — black: S — brown; L — submetallic; D 
- opaque; DE - 4.8: H- 5.5; CL - perfect; F — uneven; 
M — pseudo-octahedral crystals, granular, massive. 
Origin and occurrence: Hydrothermal in high-tem- 
perature Mn deposits. also as a product of the contact 
metamorphism. The best specimens with crystals 
up to 30 mm (le in) in size come from the 
N"Chwaning mine, Kuruman, South Africa. Smaller 
crystals were found in Ilfeld and Ilmenau, Germany. 
It also occurred as fine crystals in Langban and 
Jakobsberg, Sweden. 


Minium, 60 mm, Broken Hill, Australia 


TR 


Minium 
Pb2*,Pb4*o, 


TETRAGONAL eee 


Properties: C - red, S — orange-yellow; L ~ dull to 
greasy; D — opaque; DE - 8.9; H- 2.5; CL - perfect; 


Hausmannite, 42 mm, Kuruman, South Africa 
o 


M - earthy and pulverulent aggregates, massive. 
Origin and occurrence: Secondary mineral, as a 
result of the galena oxidation. It occurs in 
Langban, Sweden; in Anarak. Iran: in Leadhills, 
Scotland, and in Broken Hill, New South Wales, 
Australia. 


79 


Ckryvsoberyl, 35 mm, Espirito Santo, Brazil 


Chryzoberyl 
BeAl204 


ORTHORHOMBIC © © © 
Varieties: alexandrite 


Properties: C - yellow-green, yellow. blue-green, 
alexandrite is green in daylight, purple in artificial 


Alexandrite, 75 mm, Malvshevo, Russia 


light; S — white; L — vitreous: D — transparent to 
translucent; DE ~ 3.8; H — 8.5; CL - good; F - 
conchoidal to uneven; M — thin to thick tabular 
crystals common cyclic twins. 

Origin and occurrence: Magmatic in pegmatites, 
prevailing as metamorphic, in association with 
schorl, phenakite and other minerals. Twins up to 22 
cm (8"°/⁄e in) occurred near Pancas, Espirito Santo, 
Brazil. Complicated twins up to 100 mm (4 in) in 


size come from Ambatondrazaka and other localities 
in Madagascar. Tabular crystals several cm in size, 
embedded in the sillimanitic rock, were found in 
Mar_íkov, Czech Republic. Fine alexandrite crystals 
up to 80 mm (3'⁄ in) are known from Malyshevo, 
Ural mountains. Russia, together with emerald and 
phenakite. Alexandrite crystals reach up to 30 mm 
(1/5 in) in Nyanda, Zimbabwe. Gemmy chryso- 
beryls, commonly with a cat's eye effect. come from 
the vicinity of Ratnapura, Sri Lanka. 

Application: gemstone. 


Valentinite 
Sb70 3 


ORTHORHOMBIC eee 


Properties: C — colorless, white, brownish; S — white; 
L — adamantine: D — transparent to translucent; DE — 
5.7-5.8: H — 2.5-3; CL — perfect; M — prismatic to 
tabular crystals, radial aggregates, massive. 

Origin and occurrence: Secondary mineral, origina- 
ted in the oxidation of stibnite. The best specimens 
with crystals up to 30 mm (ls in) were found in 
Pribram, Czech Republic. Fine crystals come also 
from Braunsdorf, Germany. Crystals up to 20 mm 
(7*/s2 in) long occur in Oruro, Bolivia. Beautiful radial 
aggregates up to 40 mm (1%s in) in diameter, 
associated with kermesite, are known from Pezinok 
and Pernck. Slovakia. Pscudo-morphs after stibnite 
crystals up to 35 cm (13%: in)long, are reported from 
the Xikuangshan Minc. Lengshuijiang. China. 


Arsenolite 
As730 3 


CUBIC o. 


Properties: : C — white: S — white; L — vitreous; D — 
transparent to translucent: DE - 3.9: H - 1.5; CL - 
good; F — conchoidal: M — octahedral crystals, 
crusts, coatings; R — soluble in water. 


Arsenolite, 3 mm xx, Recsk, Hungary 


Valentinite, 40 mm, Nicolet, Canada 


Origin and occurrence: Secondary mineral, resulting 
from the oxidation of As ores. Poorly developed crystals 
several mm long, occur in Jachymov, Czech Republic; 
in Johanngeorgenstadt and St. Andreasberg, Germany. 
Crystals up to 20 mm (**/s: in) long originated during a 
mine fire in the White Caps mine. Nevada, USA. 


Senarmontite 
Sb703 


CUBIC eee 


Properties: C — white, light gray; S — white; L - 
greasy, vitreous to adamantine; D - transparent to 
opaque: DE — 5.2-5.8; H - 2-2.5; CL — imperfect; F 
~ uneven; M -— octahedral crystals, granular. massive. 
Origin and occurrence: Secondary, produced by 
stibnite oxidation, with valentinite and cerussite. 
The finest crystals up to 30 mm (1*/is in) in size 
come from Djebel Hammimate, Algeria. Also 
occurred in Cetine. Italy and in Dubrava, Slovakia. 


Senarmontite, 3 mm xx. Pernek. Slovakia 


81 


Bixbyite, 11 mm x, Thomas Range, U.S.A. 


Bixbyite 
(Mn? Fe3+),0, 


CUBIC ee 


Properties: C — black; S — black; L - metallic to sub- 
metallic: D — opaque; DE - 5; H - 6-6.5; CLB 
imperfect; F — conchoidal to uneven; M - cubic 
crystals, also twins. 

Origin and occurrence: Hydrothermal in rhyolite 
cavities and metamorphic. Cubes up to 12 mm ("/x 
in) are found together with topaz in Thomas Range, 
Utah, USA. Crystals up to 25 mm (1 in) occurred in 


Corundum, 10 mm xx, Miass, Russia 


o» 


Leucosapphire, 30 mm, Sri Lanka 


the Postmasburg mine, South Africa. Crystals up to 
80 mm (3'/s in) come from Ultevis, Sweden. 


Corundum y 
Al203 
TRIGONAL 0000 


Varieties: ruby, sapphire, leucosapphire, emery 


Properties: C - colorless (leucosapphire), yellow, 
pink, red (ruby), blue (sapphire), purple, green, 


Ruby, 15 mm xx, Kola, Russia 


microcontrollers, and general electronics 


Issues. 

Williamson Labs ( www.williamson-labs.com/ 

) — This site includes tutorials on electronics 
components and circuits. Many of these 
tutorials include animated illustrations that 
can helo you understand how each circuit 
functions. 

Electro Tech online 
www.electro-tech-online.com/ ) — This IS a 


discussion forum on electronics projects and 
general electronics issues. 


Electronics Lab ( 
www.electronics-lab.com/index.html ) — This is 
a collection of a few hundred interesting 


electronics projects. 

Discover Circuits ( www.discovercircuits.com/ 
) — This ts a collection of thousands of 
electronic circuits. 


Books 

Following are some books that may prove 
useful: 

Electronics For Dummies, Second Edition , 
by Cathleen Shamieh and Gordon McComb 
(Indianapolis: Wiley, 2009)— This is a good 
book to start with. It provides an 
introduction to electronics concepts, 
components, circuits, and methods. 


The Art of Electronics, Second Edition , by 
Paul Horowitz and Winfield Hill (New York: 


Corundum. 4 mm. Montana. U.S.A. 


Ruby, 16 mm x, Jegdalek, Afehanistan 


gray; S - white; L - vitreous to adamantine; D — 
transparent to opaque: DE - 4.0-4.1: H - 9; CL - 
none; F - conchoidal to uneven; M — long pris- 
matic to barrel-like crystals, pebbles; LU - rare 
dark red. 

Origin and occurrence: Magmatic in andesites, peg- 
matites and basalts. metamorphic and in placers, in 
association with andalusite, topaz, spinel and other 
minerals. Crystals of common corundum weighed up 
to 30 kg (66 lb) near Bancroft, Ontario, Canada. A 
crystal, weighing 151 kg (333 lb 3 oz) was also found 
in the Letaba district, South Africa. Sapphire crystals 
weighing up to 20 kg (44 Ib), come from the vicinity 
of Ratnapura and Rakwana, Sri Lanka. Fine sapphire 
crystals are also known from Kashmir, India. Rough 
gem sapphire is mined from the Yogo Gulch sedi- 
ments in Montana, USA and from Anikia, Queens- 
land, Australia. Fine blue crystals up to 50 mm (2 in) 
long. occur near Miass, Ural mountains, Russia. Ru- 
by is even much rarer variety of corundum. Its beauti- 
ful crystals up to 50 mm (2 in) long come from Jeg- 
dalek, Afghanistan; Mogok. Burma and from Luc 
Yen, Vietnam. Prismatic crystals of opaque ruby, up 
to 40 mm (1%. in) in size were found in the Khit Is- 
land near Kola Peninsula, Russia. Ruby crystals up to 
30 em (12 in) in size embedded in green zoisite from 
the vicinity of Arusha, Tanzania are very decorative. 
Application: emery as abrasive material, sapphire 
and ruby as gemstones. 


Sapphire, 41 mm, Kashmir. India 
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Hematite, 50 mm, La Fibbia, Switzerland 


Hematite 
Fe203 
TRIGONAL 00000 

Properties: C — red, gray. black; S — red; L ~ metallic, 
dull; D — opaque; DE - 5.3; H — 6-6.5. earthy to 1; 
CL - none; F — uneven to conchoidal: M — thick to 


thin tabular crystals, massive, earthy. 
Origin and occurrence: Magmatic, hydrothermal. 


Loparite-(Ce), 10 mm xx, Khibiny Massif, Kola, Russia 


na 


sedimentary, also metamorphic, parageneses vary 
according to the origin. Beautiful crystals up to 100 
mm (4 in) in size come from Brumado, BahRa. 
Brazil. Crystals up to 30 cm (12 in), were found in 
the Wessels mine, Kuruman, South Africa. So called 
iron roses reached up to 100 mm (4 in) near St. 
Gotthard. Switzerland. Fine crystals several cm in 
size, occurred in Rio Marina, Elba, Italy. Very fine 
tabular crystals reached up to 70 mm (2% in) in 
Nador. Morocco. New finds of fine crystals up to 40 
mm (1%s in) in size were made in the Korshunovs- 
koye deposit, Russia. Fine botryoidal aggregates 
come from Hradiste and Horni Blatna. Czech 
Republic and from Botallack, Cornwall, UK. Sedi- 
mentary banded iron ores form huge deposits near 
Krivoy Rog, Ukraine or in the vicinity of Lake Supe- 
rior (Mesabi Range, Minnesota: Marquette, Michi- 
gan, USA). 

Application: important Fc ore. 


Ilmenite 
FeTiO3 
TRIGONAL 000 o 

Properties: C — black; S — black; L — metallic to dull; 
D — opaque: DE - 4.5-5; H — 5-6; CL — none; F — 
conchoidal to uneven; M - thick tabular crystals, 
granular, massive. 

Origin and occurrence: Magmatic, metamorphic 
and in placers, associated with pyrrhotite, rutile, 
magnetite and other minerals. Crystals weighing up 


limenite, 1] mm x, Binntal, Switzerland 


to 30 kg (66 Ib) were described from the Faraday 
mine near Bancroft, Ontario, Canada. Crystals up to 
150 mm (6 in) in size occurred near Girardville, 
Quebec, Canada. Crystals also reached up to 100 
mm (4 in) near Miass, Ural mountains, Russia. Crys- 
tals up to 120 mm 120 mm (4%. in), were found in 
Arendal and Kragero, Norway. Crystal rosettes up to 
10 mm (A in) in size come from Maderanertal, 
Switzerland. It is also common in placers (Kamituga. 
Kivu, Zaire: Sri Lanka; Travancore, India; Madagas- 
car etc.). 


Perovskite 
CaTiO, 


ORTHORHOMBIC © © © 


Properties: C — dark brown to black; S - colorless to 
gray; L - metallic to adamantine; D — opaque; DE - 
4.0-4.3: H 5.5-6; CL — imperfect; F — conchoidal to 
uncven; M - pseudo-cubic crystals, granular. 

Origin and occurrence: Magmatic in basic and ultra- 
basic rocks, metamorphic, together with magnetite, zir- 
con and other minerals. Fine pseudo-cubic crystals up 
to 40 mm (1%. in) in size come from Zlatoust and Ak- 
hmatovsk, Ural mountains, Russia. It occurs as crystals 
up to 80 mm (3'f in), associated with magnetite crys- 
tals in the Gardiner complex, Greenland. Crystals up to 
40 mm (1%s in) were found in Jacupiranga, Sao Paulo, 
Brazil. Crystals from Val Malenco, Italy, reached up to 
20 mm (%/ in). Crystals up to 20 mm (*/s: in) were 
lately found in Afrikanda, Kola Peninsula, Russia. 


Loparite-(Ce) 
(Ce,Na,Ca)TiO; 


ORTHORHOMBIC © 


Properties: C - black, S - dark red-brown, L - 
metallic; D — opaque: DE —- 4.6-4.9; H - 5.5-6; M — 
pseudo-cubic crystals, granular; R — metamict. 

Origin and occurrence: Magmatic in alkaline rocks, 
with lorenzenitc, eudialyte and acgirine. Fine inter- 
penetration twins up to 20 mm (*/s: in) in size come 
from Mount Nyorkpakhk, Kola Peninsula, Russia. 


Perovskite, 60 mm, Zlatoust, Russia 
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Stibiconite, 230 mm, Catorce. Mexico 


Stibiconite 
sb3+sb5*,0¿(OH) 
CUBIC e... 

Properties: C — white, creamy, light yellow, brown; 
S - white; L — vitreous, greasy to dull; D — opaque; 
DE - 4.1-5.8; H - 3-6; M — pseudo-morphs after 
stibnite crystals, earthy, massive. 

Origin and occurrence: Secondary, as a result of the 
stibnite oxidation, associated with valentinite and 
other minerals. Fine pseudo-morphs after stibnite 
crystals up to 30 cm (12 in) long come from Catorce, 


Bindheimite, 4 mm. Rudabanya, Hungary 


San Luis Potosí, Mexico. Similar pseudo-morphs 
were also found in Kostainik, Serbia; in the Ichino- 
kawa mine, Japan and in Pereta, Italy. Pseudo- 
morphs after stibnite up to 20 cm (74 in) long occur 
also in Cukuroren, Turkey. 


Bindheimite 
Pb>Sb)0¿(O,OH) 


CUBIC eee 


Properties: C — yellow, brown, gray; S — yellow, L — 
resinous, dull to earthy; D — translucent to opaque; 
DE - 4.6-5.6; H — 4-4.5; F — conchoidal to earthy; 
M -— botryoidal, nodular and earthy crusts. 

Origin and occurrence: Secondary in the oxidation 
zone of Pb-Sb deposits. Needles up to 10 mm (*/+ in) 
long come from Rudnik, Czech Republic. It is com- 
mon in Broken Hill, New South Wales, Australia; in 
Bisbee. Arizona, USA and in Sidi-Amor-ben-Salem, 
Tunisia. Lamellar pseudo-morphs up to several cm in 
size are known from Tsumeb, Namibia. 


Pyrochlore 
(Na,Ca)>Nb20¿(O H,F) 


CUBIC 0090 


Properties: C — vellow-brown, brown, black: S - 
brown; L — vitreous to greasy; D - translucent to 
opaque. DE - 4.5; H — 5-5.5; CL — locally good; F — 
conchoidal to uneven; M — octahedral crystals, gra- 
nular; R - radioactive (admixtures of U, Th). 

Origin and occurrence: Magmatic in alkaline rocks, 
together with zircon, astrophyllite and other minerals. 
Fine brown shiny crystals up to 20 mm (?*/32 in) in size 
come from the vicinity of Vishnevogorsk, Ural moun- 
tains, Russia. Crystals reaching 10 mm (’/s in) occur 
in the Panda Hill deposit, Tanzania. Crystals are also 
known from Oka, Quebec, Canada. Single octahedra 
measuring 5 mm (*/ in) were found in Luesha, Kivu, 
Zaire. Application: Nb,U and Th ore. 


Microlite, 7 mm x, Gillette Quarry, US.A. 
i ¿E 
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Pyrochlore, 58 mm, Vishnevogorsk, Ural Mits., Russia 
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Betafite 
(Ca,Na,U)>(Ti,Nb, Ta)20¢(OH) 


CUBIC ee 


Properties: C — black, brown, yellow-brown; SB red- 
brown: L — resinous to greasy; D - translucent to 
opaque: DE - 4.2; H - 3-5.5; CL — none; F - 
conchoidal to uneven; M - octahedral crystals; R — 
radioactive, metamict. 

Origin and occurrence: Magmatic in granitic peg- 
matites, rich in U, Th and rare earth elements, asso- 
ciated with beryl, cuxenite-(Y) and other mincrals. 


Betafite. 20 mm. Silver Crater. Canada 


The world's best specimens come from many locali- 
tics in Madagascar (Betafo, Ambatofotsikely etc.), 
where crystals up to 6 kg (13 lb 3 oz) were found. 
Beautiful specimens with crystals up to 100 mm (4 
in) in size occur in the Silver Crater mine near Ban- 
croft, Ontario, Canada. It is also known from Evje, 
Norway. 


Mikrolite 
(Na,Ca)2Ta20,(0,0H,F) 


CUBIC eee 


Properties: C — brown, yellow, green, reddish; S — 
white: L - vitreous to greasy, locally adamantine; 
D - translucent to opaque; DE — 5-6.4; H — 6-6.5; CL 
— locally good; F — conchoidal to uneven: M — 
octahedral crystals, granular, massive. 

Origin and occurrence: Magmatic. typical for granitic 
pegmatites, together with manganocolumbite, manga- 
notantalite and other minerals. Octahedra up to 65 mm 
(2*1 in) in size occur in Ankola, Uganda. Crystals up 
to 30 mm (1%: in) in size come from Virgem da Lapa, 
Minas Gerais, Brazil. Crystals up to 75 mm (3 in) are 
reported from the Harding pegmatite, New Mexico, 
USA. It occurs in important accumulations near 
Wodgina, Western Australia. 
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Quartz, 60 mm, Herkimer, U.S.A. 


Quartz 
SiO, 
TRIGONAL 000090 

Varieties: rock crystal, citrine, smoky citrine, 
morion, amethyst, rose quartz. chrysoprasc, jasper, 
chalcedony, agate, onyx, sardonyx, aventurine, helio- 
trope, tiger’s eye, falcons eye. 


RR 


Properties: C — colorless (rock crystal), white, yellow 
(citrine), brown (smoky citrine), black (morion), 
purple (amethyst), pink (rose quartz), green (chryso- 
prase); D — these varieties are mostly transparent, 
often translucent; C — other varieties are mainly multi- 
colored, separate colors have different hues and the 
color is commonly caused by microscopic admixtures 
of other minerals; varieties: red, green, brown. yellow 
(jasper), banded with different colors (agate): white 


Rock crystal, 95 mm, La Gardette, France Citrine, 32 mm, Charcas, Mexico 


and black bands (onyx), white and red-brown bands 
(sardonyx), grecn to red-brown with mica or hematite 
inclusions (aventurine), dark green with red spots 
(heliotrope), yellow-brown to black-brown, fibrous 


Smoky quartz, 70 mm, Middle Moat Mi., U.S.A. 


with silky luster (tiger’s eye), blue-gray to yellow- 
brown, fibrous with silky luster (falcon's eye); S - 
white; L — vitreous, silky, dull; D — transparent to 
translucent, opaque; DE - 2.6; H — 7; CL — none; F — 


Smoky quartz, 81 mm, Switzerland 
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Morion, 100 mm, Agadir, Kazakhstan 


Rose quartz. 145 mm, Minas Gerais, Brazil 


Amethyst, 100 mm, Bochovice, Czech Republic 


A AN 
4 z ¿A x 
conchoidal; M — long to short prismatic, acicular, 
dipyramidal to tabular crystals, fibrous, botryoidal 
and stalactitic aggregates and coatings, concretions, 
geodes, granular, massive. 
Origin and occurrence: Magmatic in different types 
of rocks, mainly in granites, granitic pegmatites and 
volcanic rocks: metamorphic in different types of 
rocks, mainly in quartzites and mica schists; 
hydrothermal in different types of ore and Alpine- 


Amethyst, 200 mm, Guerrero, Mexico 


type veins; secondary in the oxidation zone of ore 
deposits; also in different types of sedimentary 
rocks and in organic remains, also in placers. 
Probably the most common mineral in the Earth’s 
crust and the most important rock-forming mineral, 
as well. 

Large crystals of rock quartz up to 7 m (23 ft) long 
come from pcgmatites in the Bctafo region in 
Madagascar and from the Alpine-type veins, like 


Uri. Grimsel and Furka, Switzerland: perfect 
crystals are known from the cracks in marbles near 
Carrara, Italy; it also occurs in the quartz veins in 
Herkimer. New York and Hot Springs. Arkansas, 
USA. Citrine occurs mainly in granitic pegmatites 
and large crystals come from Goias, Brazil; from 
Suky and Netin, Czech Republic; from Murzinka, 
Ural mountains, Russia. Smoky quartz originates 
mostly in granitic pegmatites. it also occurs in the 
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Chalcedony, 68 mm, High Atlas. Morocco 


Carnelian, 40 mm, Nova Paka, Czech Republic 


na 


Chrvsoprase. 60 mm, Szklary. Poland 


Alpine-type quartz veins and in cavities of volcanic 
rocks. Perfect crystals up to several meters long, 
come from many places, the largest crystal, 
weighing 77 tons , was found in Kazakhstan: perfect 
crystals occur in pegmatites in many places in 
Brazil; also in Korostenskiy massif, Ukraine; in the 
Pikes Peak batholith, Colorado, USA; in the Alpine- 
type veins in Maderanertal and in Grimsel, 
Switzerland. Morion crystals, commonly associated 
with smoky citrine, were found in quartz veins and 
in pegmatites. 

lis crystals are known from St. Gotthard, Switzer- 
land. Amethyst comes from quartz and ore veins, 
cavities in volcanic rocks, rare in the Alpine-type 
veins. Famous localities in volcanic rocks are in the 
states of Rio Grande do Sul and Minas Gerais, 
Brazil, doubly terminated crystal, weighing 5.5 
tons, come from Diamantina. In Serra do Mar, Rio 
Grande do Sul. a cavity covered with amethyst 


Jasper, 50 mm, Ural Mis., Russia 


woe a 
a, Es . «PO . 


Cambridge University Press, 1989)— This is 


a useful reference book for designing 
circuits, as well as understanding the 
functionality of existing circuits. 

ARRL Handbook for Radio Communications 

2012 (Newington, Connecticut: American 

Radio Relay League, 2012)— Although this 
is intended for ham radio enthusiasts, it Is 
also a useful reference book for 
understanding circuit design. This handbook 


is updated every year, but if you buy the 
current edition, it should be good for several 


years. 
Magazines 

Following are some magazines that may 
prove useful: 

Everyday Practical Electronics Magazine ( 
www.epemag3.com/ ) — This magazine 
provides interesting detailed electronics 
projects for hobbyists. 

Nuts and Volts Magazine ( 
www.nutsvolts.com/ ) — This magazine 
provides information — on new components for 
hobbyists and projects, focusing on circuits 
using microcontrollers. 

EDN Magazine ( www.edn.com/ ) — This 
magazine includes articles on new 
components/designs for the engineering 


community. 


Jasper, 60 mm, Oregon, U.S.A. 


Petrified wood, 70 mm, Podkrkonosi, Czech Republic 


crystals measuring 10 x 2 x 1 m (33 x 6 x 3 ft 3in) 
was found: rich druses occur also in the ore veins in 
Porcura, Romania and Julimes, Mexico. Rose 
quartz, forming masses up to several meters in 
granitic pegmatites in the Rose Quartz pit. Quade- 


fron stained quariz, 95 mm, Horovice, Czech Republic 


ville, Ontario, Canada; in Ambositra, Madagascar; 
crystals up to 10 mm C% in) long growing on quartz 
crystals, come from Sapucaia. Minas Gerais, Brazil. 
Dark green chrysoprase veins up to 50 mm (2 in) 
thick are known from serpentinites in Szklary, 
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Agate. 50 mm. Zeleznice, Czech Republic Onyx. 65 mm. Brazil 


Poland. Jasper is known from volcanic rocks and #085 agate. 40 mm, Krdjali. Bulgaria 


their contacts with sediments, locally as a result of 
petrification of organic matter, mainly plants, it is 
also known from quartz veins. Rich aggregates 
occur in Idar-Oberstein, Germany; in Podkrkonosi 
region and in Krusne hory mountains, Czech 
Republic; in the Petrified Forest National Park, 
Holbrook, Arizona, USA; in Ural mountains, 
Russia; in Kabamby, Madagascar. Chalcedony is 
mostly found in quartz veins and geodes in volcanic 
rocks, also in sediments. 

Rich aggregates come from  Idar-Oberstein, 
Germany: Julimes, Mexico: many localities in 
Uruguay and Brazil; in Huttenberg, Austria. Agates 
are known from cavities in volcanic rocks, rare in 
hydrothermal veins and in sediments. The most 
important localities are located in the southern part 
of Brazil in the state of Rio Grande do Sul; tn 
Uruguay; also in Yemen; India; Mongolia; in several 


Agate, 140 mm, Horni Halze, Czech Republic 


A > aa 


Agate, 60 mm. Brazil 


localities in the USA; in Idar-Oberstein, Germany; 
in Podkrkonosi, Czech Republic. The most famous 
localities of onyx and sardonyx are in Brazil and 
Uruguay. 

Rich aggrcgates of aventurine come from Miass, 
Ural mountains, Russia; Mariazell, Austria; Belany, 
India. Heliotrope occurs in Idar-Oberstein, Germa- 
ny; Kozakov. Czech Republic and in Brazil. 


Aventurine, 30 mm, India 


Y 


Application: important raw material in glass indus- 
try, many colored varieties, like amethyst, smoky 
citrine, citrine, onyx, sardonyx, and heliotrope are 
cut as gemstones. 


Tiger s eye, 50 mm, Griqualand, South Africa 


> wh ee 


Tridymite, 9 mm, Big Luc 
pak ee EAS 


Mt.. U.S.A. 


or 


Tridymite 
SiO» 


ORTHORHOMBIC eee 


Properties: C - colorless to white; S -- white; L — 
vitreous: D — transparent: DE — 2.3; H — 6.5-7; CL - 
none; F — conchoidal: M - pscudo-hexagonal tabular 
crystals. 


Cristobalite, 110 mm, Vechec, Slovakia 


Origin and occurrence: Magmatic in cavities of young 
felsic volcanic rocks in association with cristobalite, 
chalcedony and other mincrals. Pscudo-hexagonal 
tabular crystals up to 10 mm (‘/s in) in size, come from 
Vechec, Slovakia. Similar crystals found in Ichigayama, 
Japan. Crystals up to 10 mm (/s in) occur with topaz 
and other minerals in the Thomas Range, Utah, USA. 


Cristobalite 
SiO» 


TETRAGONAL 0090 
Varieties: lussatite (fibrous) 


Properties: C — colorless to white; S -- white; L — 
vitreous; D — translucent; DE — 2.3; H — 6.5; CL — 
none; M - pscudo-octahedral crystals, spherical and 
botryoidal aggregates. 

Origin and occurrence: Magmatic in cavities of 
young felsic volcanic rocks, associated with tridy- 
mite. Crystals up to 4 mm (“x in) are known from 
Cerro San Cristobal, Hidalgo, Mexico. Crystals up 
to 2 mm ('/w in) long occur in Vechcc, Slovakia. Gray 
spherical aggregates come from Coso Hot Springs, 
California, USA. 


Common opal, 60 mm, Křemže, Czech Republic 


Opal, 50 mm, Herlany, Slovakia 


Opal 
SiO, .n H20 


AMORPHOUS 0009090 


Varieties: hyalite, milky opal, Fire opal, precious 
opal, wooden opal, geysirite. 


Properties: C — colorless (hyalite), white (milky 
opal), red (fire opal), iridescence (precious opal), 


Hyalite, 45 mm, Valec, Czech Republic 


brown, red-brown, yellow, green, gray, blue; S - 
white; L - vitreous, dull, carthy, waxy; D - 
transparent to translucent, opaque; DE - 2.1; H - 
5.5-6.5; CL — none; F - conchoidal; M — botryoidal 
and stalactitic aggregates. coatings. concretions, 
geades, massive; LU — white, yellow-green, green. 

Origin and occurrence: Hydrothermal in volcanic 
rocks and tuffs, also in various types of volcanic 
rocks and tuffites, in different types of sedimentary 
rocks, in organic remnants and hot springs, rare in 
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Opal, 47 mm, Opal Butte, U.S.A. 


hydrothermal veins; secondary in the weathering 
zone of different types of rocks. It is often associated 
with chalcedony. Coatings and stalactitic aggregates 
of hyalite up to 50 mm (2 in) thick known from 
Cerritos, Mexico; Valec, Czech Republic; Klamath 
Falls, Oregon, USA. Milky opal occurs in Dubnik, 
Slovakia; Smrcek, Czech Republic and many other 
localities. The most famous locality of fire opal is 
Zimapan, Hidalgo, Mexico. Precious opal comes 
from many localities in Australia, e.g. Baracoo 
River, Queensland; Coober Pedy, Southern Australia 
and White Cliffs, New South Wales, where it forms 
rich aggregates and vcinlcts in sandstones; classic 
locality is Dubnik, Slovakia, where it occurs in 


Dendritic opal, 56 mm, Křemže, Czech Republic Fire opal, 20 mm, Mexico 


andesites and was probably mined already by ancicnt Slovakia. White geysirite is known mainly from the 
Romans. Beautiful precious opals come also from hot springs in Iceland; Yellowstone National Park, 
the Virgin Valley. Nevada. USA. Petrified trees, Wyoming, USA; New Zealand. 
known as wooden opal, reach lengths of several Application: colored opal varieties, primarily 
meters in the Petrified Forest National Park, Hol- precious opal and fire opal are cut as gemstoncs, 
brook. Arizona, USA; in L'ubietova and Povraznik, diatomite in chemical industry. 


Precious opal, 35 mm, Opal Butte, U S.A. 
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Melanophlogite, 80 mm, Fortullino, Italy 


Melanophlogite 
SiO», 
CUBIC e 


Properties: C — colorless, white: S — colorless; L - vi- 
treous; D - transparent: DE - 2; H - 6.5; CL - none; 
M - pseudo-cubic crystals, spherical aggregates. 

Origin and occurrence: Hydrothermal, associated 
with sulfur and other minerals. It was originally 
described from the sulfur deposit in Racalmuto, 
Sicily, Italy as crystals up to 4 mm (*%/s: in) in size. It 


Rutile, 21 mm, Ibitiara, Brazil 


is also known from Chvaletice, Czech Republic, 
where it forms crystals up to 2 mm (‘fis in) in size, in 
Alpine-type veins. 


Rutile 

TiO, 
TETRAGONAL 00.0 

Properties: C — red-brown, red, brown, yellowish, 
black; S — light brown; L - metallic to adamantine; 
D — transparent to translucent; DE — 4.2; H - 6-6.5; 
CL - good: F - conchoidal to uneven; M - short pris- 
matic, striated crystals, common twins, acicular 
crystals, granular, massive. 

Origin and occurrence: Magmatic and metamorphic, 
also in placers, together with monazite-(Ce), topaz, 
beryl, quartz and other minerals. The largest crystals 
up to 150 mm (6 in) in size come from the Mount 
Graves, Georgia, USA. Beautiful epitaxial inter- 
growths with hematite occur in Cavradischlucht, St. 
Gotthard, Switzerland and in Ibitiara, Bahia, Brazil. It 
is common as inclusions in smoky citrine (quartz) 
crystals from Ibitiara, Bahia and Itabira, Minas 
Gerais. Brazil. Knee-like crystal twins up to 70 (2% 
in) cm in size were found in the vicinity of Golcuv 
Jenikov and Sobeslav, Czech Republic. 

Application: Ti ore. 


Rutile, 48 mm, Bahía, Brazil 


Cassiterite, 110 mm, Yunnan, China 


Cassiterite 
SnO, 
TETRAGONAL 00090 

Properties: C — colorless, brown, black; S — white, 
grayish. brown: L — metallic to adamantine, dull; 
D - transparent to opaque; DE - 6.3-7.2; H -- 6-7: CL 
— imperfect; F - conchoidal to uneven; M — 
dipyramidal and short prismatic crystals, multiple 
twins, granular, massive. 

Origin and occurrence: Magmatic in pegmatites, 
hydrothermal in high-temperature deposits, meta- 
morphic and in placers, together with wolframite, 
topaz and other minerals. Crystal twins up to 150 
mm (6 in) in size come from Horni Slavkov. Czech 
Republic. Crystals of similar size were also found in 
Panasqueira, Portugal. Fine twins up to 80 mm (3'/s 
in) were found in Rossarden. Tasmania, Australia. 
Crystals up to 70 mm (2% in) in size were found in 
Llallagua, colorless and transparent crystals up to 50 
mm (2 in) in size in Viloco, Bolivia. Crystals up to 
110 mm (4%s in) occurred lately in Tenkcrgin, 
Chukotka, Russia. Crystals up to 130 mm (5% in) in 
size arc known from pegmatites in Minas Gerais, 
Brazil (Fazenda do Funil). New finds of shiny 
crystals up to 100 mm (4 in) long were made in 
Hunan and Yunnan provinces, China. 

Application: Sn ore. 


Plattnerite 
PbO> 


TETRAGONAL o. 


Properties: C — black; S — brown; L — metallic to ada- 
mantine; D — opaque; DE - 9.6; H - 5.5; CL — none; 
M - acicular crystals, botryoidal aggregates. massive. 
Origin and occurrence: Secondary, as a result of the 
oxidation of other Pb minerals, together with pyro- 
morphite, hemimorphite and other minerals. Fine 
crystals come from Mina Ojuela, Mapimi, Durango. 
Mexico and from the Blanchard mine, New Mexico, 
USA. Botryoidal aggregates, weighing up to 100 kg 
(220 Ib), were found in the Morning mine, Mullan. 
Idaho, USA. 


Plattnerite, 150 mm, Mapimi, Mexico 
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Pvrolusite, 88 mm. Baraga, U.S.A. 


A. E E 
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Pyrolusite 
MnO> 
TETRAGONAL 0000 

Properties: C - black, steel-gray; S - black; L — 
metallic to dull; D - opaque; DE - 5.1; H — 6-6.5; 
CL - perfect; F — uneven; M — prismatic to acicular 
striated crystals, stalactitic and botryoidal aggre- 
gatcs, granular, massive. 

Origin and occurrence: Secondary, as a result of altec- 
ration of: manganite and other primary Mn minerals, 
also hydrothermal. Crystals up to 20 mm (*%/: in) long 
come from Horni Blatna, Czech Republic. Radial 
shiny aggregates were found in Ohrenstock, Germany. 
It occurred in Ilfeld, Germany, too. Large sedimentary 
Mn deposits, where pyrolusite is the main constituent, 
are known near Chiaturi, Georgia or near Nikopol, 
Ukraine. Crystals are reported also from Tsumeb, 
Namibia and Hotazel, South Africa. 

Application: important Mn ore. 


Hollandite 

Ba(M n4+ mn2+)30 16 
MONOCLINIC eee 

Properties: C — gray-black; S — black; L - submetallic; 


D — opaque; DE — 5; H — 6; CL — good; M - short pris- 
matic crystals, racemous and columnar aggregates. 


1m 


Origin and occurrence: Metamorphic in Mn depo- 
sits with braunite, scheelite and other minerals, also 
secondary. Crystals up to 5 mm (’/« in) long come 
from the Bradshaw mountains, Arizona, USA. It is 
common in the metamorphosed Mn deposits in 
Uitevis, Sweden; in Nagpur and Balaghat, India. 


Coronadite 
Pb(Mn4* Mn2*),0 ¡5 


TETRAGONAL eee 


Properties: C — black, black-gray: S - brown-black: 
L — submetallic to dull; D — opaque; DE — 5.4; H - 
4.5-5.5; M — botryoidal crusts with fibrous structure, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Mn deposits. Spherical aggregates up to 100 
mm (4 in) in diameter come from the Bou Tazoult 
mine, Imini, Morocco. Small crystals were found in 
the Beitana mine, Southern Australia, Australia and 
in the Silver Bill mine, Arizona, USA. 


Todorokite 
(Mn2* Ca,Mg)Mn9*307 . H20 
MONOCLINIC 000 


Properties: C — gray. brown-black, black; S - brown; 


Suppliers 


This section shows retail stores and online 
distributors. 


Retail Stores 


Following are some retail stores that may 
prove useful: 


Radio Shack ( www.radioshack.com/ ) — This 
retail chain carries electronic components 
and has stores in most U.S. cities. 

Fry's Electronics ( www.frys.com/ ) — This 
retail chain carries electronics | components 


and has stores in nine states. 


Online Distributors 


Following are some online distributors that 
may prove useful: 

Jameco Electronics ( www.jameco.com/ ) — 
This is a medium-sized distributor that 
carries most of the components you'll need, 
with a reasonably sized catalog that you'll 
find easy to use to find components. 

Mouser Electronics ( www.mouser.com/ ) — 
This is a large distributor that carries a wide 
range of components with a nice ordering 
system on its website that lets you put 
together separate orders for different 
projects, which is handy if you're planning 


multiple projects. This distributor also does a 
good job of packaging, clearly labeling 
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L — metallic to dull; D — opaque; DE ~ 3.5-3.8; H - 1; 
CL - perfect; M - platy crystals, stalactitic and 
nodular aggregates. 

Origin and occurrence: Secondary mineral. as a result 
of the oxidation of Mn minerals. Crystals are reported 
from several mines in the Kalahari region, South 
Africa (Hotazel. Smart). It was originally described 
from the Todoroki mine. Hokkaido, Japan. Ít is an 
important constituent of occanic Mn concretions. 


Ferrotapiolite 
FeTa704 


TETRAGONAL © © © 


Properties: C — black. brown; V - red-brown: L — sub- 
metallic, adamantine, resinous; D — opaque: DE - 7- 
7.8; H — 6-6.5; CL - none; F — uneven to conchoidal; 
M - dipyramidal and short prismatic crystals, massive. 
Origin and occurrence: Magmatic in pegmatites, 
together with manganotantalite, microlitc, cassiterite 
and other minerals. Crystals up to 40 mm (1% in) in 
size are known from the vicinity of Governador 
Valadares, Minas Gerais, Brazil. A crystal 120 mm 
(Ph. in) long has been described from Angarf, 
Morocco. Short prismatic crystals come from 
pegmatites near Topsham and Paris, Maine, USA. 


Ilmenorutile 
(Ti,Nb,Fe)O> 


TETRAGONAL 0090 


Properties: C — black: S — brown; L — submetallic; D 
— opaque; DE - 4.2: H - 6-6.5; CL — good; F - con- 
choidal to uneven; M -- prismatic crystals, granular. 
Origin and occurrence: Magmatic in pegmatites, 
together with schorl, zircon, fluorapatite and other 
minerals. Prisms several cm long come from Udraz 
near Pisek, Czech Republic. It is also known from the 
vicinity of Miass, Ural mountains, Russia and Evje, 
Norway. 
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Todorokite, 60 mm, Kamogun, Japan 


Ferrotapiolite, su mm, Marstkov, Czech Republic 


lmenorutile, 10mm x, Pisek, Czech Republic 


iin 
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Anatase 
TiO2 


TETRAGONAL eee 


Properties: C — black-gray, brown, red-brown, blue, 
rare colorless; S — white; L — submetallic to adaman- 
tine; D — transparent to opaque; DE — 3.8-4; H — 5.5- 
6; CL - perfect; F — conchoidal: M — dipyramidal 
and tabular crystals. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins, associated with brookite and quartz, also 
sedimentary and metamorphic. Beautiful crystals up 
to 50 mm (2 in) long were found in Alpa Lercheltini, 
Binntal, Switzerland. Famous black-blue crystals 
reaching up to 30 mm (1%fs in) come from Mats- 
korhae, Hardangervidda, Norway. Crystals up to 15 
mm (1%: in) were recently found in Dodo. Polar Ural, 
Russia. Crystals up to 30 mm (1?/s in) in size occurred 
in the Old Lot and Vulcan mines, Colorado, USA. 


Tellurite 
TeO? 
ORTHORHOMBIC ee 


Properties: C - yellow, yellow-orange; S — 
yellowish; L — adamantine: D — transparent; DE — 


Anatase. 16 mm, Hardangervidda. Norway 


5.8; H — 2; CL — perfect: M — acicular and thin 
tabular crystals, radial aggregates, pulverulent. 
Origin and occurrence: Secondary, resulting from 
the oxidation of AuBTe ores. Crystals up to 10 mm 
(/s in) long occurred in the Kawazu and Susaki 
mines, Japan. Beautiful specimens were found in 
Moctezuma, Sonora, Mexico: it also comes from 
Cripple Creek. Colorado, USA. 


Brookite 
TiO} 


ORTHORHOMBIC o... 


Properties: C — light to dark brown, yellow-brown, 
black; S — white to gray: L — submetallic to adaman- 
tinc; D — transparent to translucent, opaque: DE - 
4.1; H - 5.5-6; CL - imperfect; F — conchoidal to 
uneven; M - tabular, dipyramidal, long and short 
prismatic crystals. 

Origin and occurrence: Wydrothermal along the 
fissures of the Alpine-type veins and in granitic and 
alkaline pegmatites; it occurs as pseudo-morphs after 
titanite and ilmenite; also in sedimentary rocks. Perfect 
tabular crystals up to 50 mm (2 in) in size found in 
Rieder Tobel, Switzerland: Magnet Cove, Arkansas. 
USA: Passo di Viza, Italy. New finds of crystals up to 
50 mm in size made in Dodo, Polar Ural, Russia. 


Brookite, 590 mm. Puiva, Polar Urals, Russia 
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Teliurite, | mm x, Fata Baii, Romania 


~~ 


Ferberite 
FeWo 4 


MONOCLINIC eee 


Properties: C — black: S — brown-black to black; L — 
submetallic; D — opaque: DE — 7.5; H — 4-4.5; CL — 
perfect; F — uneven: M — short prismatic to tabular 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- to 
medium-temperature ore veins, in greisens and 
skarns; rare magmatic in granitic pegmatites and 
granites; it also occurs in placers. It is usually 
associated with cassiterite, scheclite, sulfides and 


Ferberite, 68 mm, Mundo Nuovo, Peru 


quartz. Perfect tabular crystals up to 120 mm (4/16 
in) in size found in the Quartz Creck mine, Colora- 
do, USA; also in Cinovec, Czech Republic; 
Panasqueira, Portugal; Ehrenfriedersdorf. Ger- 
many and Potosi, Bolivia. 

Application: W ore. 


Hubnerite 
M nWO4 


MONOCLINIC 0 0 © 


Properties: C — yellow-brown, red-brown. black: S — 
yellow-brown to black-gray; L — submetallic; D — 
translucent to opaque; DE - 7.2; H — 4-4.5; CL — 
perfect; F — uneven; M - short prismatic to tabular 
crystals. granular, massive. 

Origin and occurrence: Hydrothermal in high- to 
medium-temperature ore veins, in greisens; rarely 
magmatic in granitic pegmatites; also in placers. 
Perfect tabular to short prismatic crystals up to 25 
cm (9% in) in size, come from the Huayllapon 
mine. Pasto Bucno, Peru; also from Baia Sprie, 
Romania; Kara-Oba, Kazakhstan; the Sweet Home 
mine, Alma and Silverton, Colorado, USA. 
Application: W ore. 


Hubnerite, 39 mm, Silverton, USA. 
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Titanowodginite. 20 mm, Tanco, Canada 


Titanowodginite 
MnTiTa20g 


ORTHORHOMBIC e 


Properties: C — dark brown. black; S — dark brown: 
L - submetallic; D - translucent to opaque; DE - 6.9: 
H - 5.5; CL - imperfect. F — uneven; M — 
dipyramidal crystals, granular. 

Origin and occurrence: Magmatic in granitic 
pegmatites. Dipyramidal crystals up to 10 mm (s in) 
long occur in the Tanco mine, Bernic Lake, 
Manitoba, Canada. 

Application: Ta orc. 


Ferrocolumbite, 90 mm, Middletown, U.S.A. 


tne 


Ferrocolumbite 
FeNb30% 


ORTHORHOMBIC eee 


Properties: C — black, red-brown; S — red-brown to 
black: L — submetallic; D — translucent to opaque; 
DE - 5,2; H - 6; CL - good, F —- uneven to 
conchoidal: M — long to short prismatic and tabular 
crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites and granites; rare hydrothcrmal in high- 
tempcrature ore veins and in greisens; also in 
placers. Tabular crystals up to 1 m (39% in) in size 
occur in granitic pegmatites near Custer and Key- 
stone, South Dakota, USA: in Malakialina. Mada- 
gascar; Ichikawa, Japan: masses, weighing up to 270 
kg (594 1b) come from the Meyers quarry, Colorado. 
USA. 

Application: Nb ore. 


Manganotantalite 

MnTazO¢ 

ORTHORHOMBIC eee 

Properties: C — red, red-brown. black-brown, black: S 


- dark red to black; L — submetallic: D - translucent to 
opaque; DE - 8.0; H - 6-6.5; CL — good: F - uneven 


Manganotantalite, 19 mm, Nuristan, Afghanistan 


Euxenite-(Y), 40 mm, Ambatofotsy. Madagascar 


to conchoidal: M — prismatic to tabular crystals, 
granular, massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites and granites; also in placers. Crystals up to 
100 mm (4 in) in size come from Li-bearing peg- 
matites in the Tanco Mine, Bernic Lake, Manitoba, 
Canada; also from Sao Jose da Safira, Minas Gerais, 
Brazil. 

Application: Ta ore. 


Euxenite-(Y) 
(Y,Ce,U,Th) (Nb,Ta,Ti)304 


ORTHORHOMBIC © © 


Properties: C - black with brownish and green hucs:; 
S — gray, yellowish, brownish: L — submetallic, 
resinous: D - translucent to opaque: DE — 4.6; H — 6; 
CL — none; F — conchoidal: M — tabular crystals, 
granular, massive; R — locally weakly radioactive, 
commonly metamict, 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites; also in placers. Typically 
associated with monazite-(Ce), zircon, ilmenite and 
other oxides of rare earth elements. Crystals up to 
150 mm (6 in) in size are known from Kragero and 
Hitteró, Norway: from Ankazobe, Madagascar. 


Aeschynite-(Ce) 
(Ce,Ca) (Ti, Nb)206 


ORTHORHOMBIC © © 


Properties: C — black. red-brown. yellow; S — red- 
yellow; L — vitreous, resinous, adamantine; D — 
translucent to opaque: DE — 5.0; H — 5.5; CL — none; 
F — conchoidal: M — prismatic and tabular crystals, 
granular, massive: R - locally weakly radioactive, 
commonly metamict. 

Origin and occurrence: Magmatic in alkaline and 
granitic pegmatites and carbonatites. It is associated 


Aeschynite-(Ce), 45 mm, Hittero, Norway 


with zircon and oxides of rare earth elements. 
Crystals up to 190 mm (ns in) long occur in 
Quadeville. Ontario, Canada; other localities are 
Kragero, Norway; Trout Creck Pass, Colorado, USA. 


Stibiotantalite 
SbTaO q 


ORTHORHOMBIC © © 


Properties: C — yellow, yellow-brown, red-brown, 
yellow-green; S — yellow-brown; L — submetallic, 
vitreous, resinous; D — transparent to translucent; 
DE - 7.5; H — 5-5.5; CL -— good; F — uneven to 
conchoidal: M — prismatic, tabular and dipyramidal 
crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites: also in placers. Crystals up to 120 mm 
(4/16 in) in size occur in Muiane, Alto Ligonha, 
Mozambique; also found in the Little Threc mine, 
Ramona, and the Himalaya mine, Mesa Grande, 
California, USA. Also known from Greenbushes. 
Western Australia, Australia. 

Application: Ta ore. 


Stibiotantalite, 10 mm grain, Dobra Voda, Czech Republic 
PAS + 
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Uraninite 
UO, 
CUBIC ...o 

Properties: C — black, black-brown, black-gray; S — 
black, black-brown to greenish; L — submetallic, 
greasy, earthy; D — opaque; DE — 7.5-10,6; H — 5-6. 
earthy aggregates 3; CL — imperfect; F — uneven to 
conchoidal; M — cubic crystals, botryoidal aggre- 
gates, granular. massive; R — strong radioactive. 
Origin and occurrence: Mainly hydrothermal in ore 
veins, skarns; magmatic in granitic pegmatites; in 
sedimentary rocks; also in placers. 


Uraninite, 8 mm x, Portland, U.S.A, 


usually associated with other U minerals, e.g. 
coffinite and secondary alteration products, mainly 
U micas. Perfect crystals up to 100 mm (4 in) in size 
and weighing up to 2.5 kg (5 lb 8 oz) come from the 
Fissure mine, Wilberforce, Ontario, Canada. where 
they occur in simple pegmatites, cross-cutting 
marbles. 

Crystals are also known from Dieresis, Spain and 
Shinkolobwe, Zair. Rich botryoidal aggregates were 
found in Jachymov and Slavkovice, Czech Republic; 
in Bois-Noirs and Margnac, France. 

Application: U ore. 


TAQ 


Gibbsite, 80 mm, Gamba, Brazil 


Brucite, 30 mm. Azbest, Russia 


Gibbsite 
Al(OH); 


MONOCLINIC 0090 


Properties: C — colorless, gray, white, greenish; S — 
white; L — vitreous. pearly; D — transparent to 
translucent; DE -— 2.4; H - 2.5-3.5; CL — perfect; F - 
uneven; M — tabular crystals, lamellar and carthy 
aggregates, coatings and stalactitic films, granular, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of alteration Al-rich rocks; secondary in the 
oxidation associated with gocthite; metamorphic in 
weakly metamorphosed Al-rich rocks, typically with 
diaspore: a constituent of bauxites. Tabular crystals 
up to 100 mm (4 in) in size were found tn Zlatoust, 
Ural mountains. Russia; also in Villa Rica, Minas 
Gerais, Brazil. 


Brucite 
Mg(OH)> 


TRIGONAL 000 


Properties: C - colorless, gray, white, bluish, blue, 
yellow, brown: S — white; L — vitreous, pearly; D — 
transparent to translucent; DE — 2.4: H - 2.5; CL — 
perfect: F — uneven; M -— tabular crystals, foliated, 
acicular and earthy aggregates. granular, massive. 
Origin and occurrence: Hydrothermal in veins in 
serpentinites or dolomitic marbles. a product of 
pcriclase alteration; rare metamorphic in skarns and 
marbles. Perfect crystals up to 18 cm in size, come 
from the Low’s mine, Pennsylvania and the Tiliy Foster 
mine, New York, USA; also known from Asbestos, 
Quebec. Canada: Predazzo. the Alps, Italy; blue 
crystals up to 50 mm (2 in) in size were found in the 
Bazhenovskoye deposit. Azbest, Ural mountains. 
Russia. 


Diaspore 
AlO(OH) 


ORTHORHOMBIC eee 


Properties: C - colorless, gray, white, greenish, 
yellowish, pink, purplish; S — white; | — vitreous, 
pearly; D — transparent to translucent; DE — 3.4; H — 
6.5-7; CL — perfect; F — conchoidal; M - tabular 
crystals, foliated aggregates, stalactitic films, 
granular, massive. 

Origin and occurrence: Hydrothermal as a product 
of alteration Al-rich minerals, c.g. andalusite, 
typically with pyrophyllite and corundum; meta- 
morphic in Al-rich rocks; a constituent of bauxites. 
Tabular crystals up to 120 mm (47/1 in) in size come 
from Menderess, Turkey: also from Naxos, Greece; 
Chester. Massachusetts, USA. 


Diaspore, 35 mm, Milas, Turkey 
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Goethite, 77 mm, Santa Eulalia, Mexico 


Goethite, 60 mm, Pribram, Czech Republic 


Goethite 
Fe3+O(OH) 


ORTHORHOMBIC 00000 


Varieties: velvet ore 


Properties: C — black-brown, yellow-brown. brown; 
S — yellow-brown; L — submetallic, metallic, silky, 
earthy; D — translucent to opaque; DE — 4.3; H — 5- 
5.5; CL - perfect; F — uneven to conchoidal; M 

acicular to prismatic crystals, botryoidal aggregates, 
commonly with radial structure, coatings and 


Lepidocrocite, 30 mm, Rudabanya, Hungary 


was APN 


stalactitic films, earthy, granular, massive. 

Origin and occurrence: Secondary as one of the 
most common minerals of the oxidation zone of ore 
deposits, it forms a significant part of limonite; 
hydrothermal in ore veins, in cavities in pegmatites 
and volcanic rocks. It forms pseudo-morphs after 
pyrite and other Fe sulfides. Rich botryoidal 
ageregates of velvet ore with a velvety surface come 
from Pribram, Czech Republic; acicular crystals up 
to 50 mm (2 in) long are known from Bottalack and 
Redruth. Cornwall, UK; it also occurs in Siegen and 
Horhausen, Germany; in Florissant, Colorado, USA. 
Application: Fe ore. 


Manganite 
Mn3*o(OH) 
MONOCLINIC 0000 

Properties: C — black to black-gray; S — red-brown to 
black; L — submetallic to dull: D — opaque; DE - 4.3; 
H - 4; CL - perfect; F — uneven to conchoidal; M — 
long to short prismatic crystals, acicular and earthy 
aggregates, concretions, granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature ore veins, together with quartz; secon- 
dary in the oxidation zone of ore deposits; sedi- 
mentary and rare metamorphic in Mn-rich rocks. 
Druses of black crystals up to 40 mm (1%. in) long 
come from the classic locality Ilfeld, Germany; it 
also occurs in Ohrenstock and IImenau, Germany; in 
Nikopol, Ukraine; in Sterling Hill, New Jersey, 
USA: in the N’Chwaning No. 2 mine, Kuruman, 
South Africa. 

Application: Mn ore. 


Lepidocrocite 
Fe?*0(OH) 


ORTHORHOMBIC © © © 


Properties: C — dark red to red-brown; S — orange to 
brick-red; L - submetallic, adamantine to silky; D — 
transparent to opaque: DE - 4.0; H — 5; CL - perfect; 
F — uneven to conchoidal. M — tabular to short 
prismatic crystals, acicular, bladed and carthy 
aggregates, concretions, granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits, overgrown on botryoidal 
gocthite. It occurs together with goethite as a 
constituent of limonite, its tabular crystals and their 
aggregates are known from Herdorf, Germany and 
Rancie, France. 


Manganite, 85 mm. lifeld, Germany 


Lithiophorite 
(A1,Li)Mn9*0,(0H) 


MONOCLINIC 00.0 


Properties: C - black. commonly with bluish tint; 
S — black-gray to black; L — metallic to dull; D — 
opaque; DE - 3.3; H — 3; CL - perfect; F - uneven; 
M - scaly crystals. botryoidal and earthy aggregates, 
coatings, granular. massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits and along the cracks in 
sedimentary rocks. Botryoidal aggregates occur in 
Schneeberg, Germany; Jivina and Zajecov, Czech 
Republic; Miyazaki, Japan. 


Lithiphorite, 60 mm, Rangersdorf, Germany 


Curite 
Pb3U50¡7 .4 H30 


ORTHORHOMBIC © © 


Properties: C - dark orange to red-orange; S — light 
orange; L — adamantine to earthy; D — transparent to 
translucent: DE - 7.4: H — 4-5; CL - good: F — uneven; 
M — acicular crystals, carthy aggregates, coatings, 
massive; R - strong radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, associated with other secondary U 
minerals, c.g. torbernite, kasolite and uranophane. 
Rich aggregates were found in Shinkolobwe, Zaire; 
also known from La Crouzille, France; South 
Alligator, Northern Territory, Australia. 


Curite, 30 mm, Shinkolobwe, Zair 
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components for shipment. 


Digi-key ( www.digikey.com/ ) — This IS 
another large distributor with a broad 
selection of components. Digi-key may carry 
components that are difficult to find at 


smaller suppliers. 


5. Carbonates 


Magnesite 

MgCO} 

TRIGONAL e...o 

Properties: € - colorless, white, yellowish, 


brownish, black; S — white; L — vitreous to dull; D — 
transparent; DE — 3,1; H - 4; CL - perfect: F — con- 
choidal: M — rhombohedral and prismatic crystals, 
massive cleavable aggregates, earthy; LU — occasio- 
nally blue or green. 

Origin and occurrence: Rarely magmatic, mainly 
hydrothermal metasomatic and metamorphic. The 
largest crystals are known from Brumado, Bahia. 
Brazil, reaching up to 1 m (39%: in) in size, embedded 
in metamorphosed dolomites. Crystals in cavities in 
the same locality arc up to 50 mm (2 in) in size, Also 
crystals up to 50 mm (2 in) found in the Eugui 
quarries. Spain. Crystals up to 10 mm (?/s in) across 
come also from Val Malcnco, Italy. It prevails as 
massive aggregates, forming huge deposits. like 
Veitsch. Austria; Liao-Tung, China. Many deposits 
arc located in Slovakia (Jelsavska Dubrava, Hnusta). 


Application: heat-resistant material. 
— + 
Calcite, 40 mm, Houghton Co., U.S.A. 
Magnesite. 148 mm, Brumado. Brazil 


Smithsonite. 32 mm, Tsumeb. Namibia 


Smithsonite 
ZnCO 3 


TRIGONAL eee 


Properties: C — white, gray, green, pink, blue; S — 
white; L — vitreous to pearly; D — transparent to 
translucent; DE - 4.4: H - 4-5; CL — perfect: F - 
conchoidal to uneven; M - rhombohcdral crystals, 
botryoidal and stalactitic aggregates, massive; LU — 
sometimes green or blue. 

Origin and occurrence: Supergenc, as a result of oxi- 
dation of the primary Zn ores. associated with other su- 
pergenc Pb minerals. The largest yellow scalenohedra 
crystals up to 40 mm (1°/ in) in size come from Bro- 
ken Hill, New South Wales, Australia. Pink crystals, up 
to 30 mm (1% in) long occurred in Tsumeb, Namibia. 
World famous blue-grcen botryoidal crusts up to 100 
mm (4 in) thick found in the Kelly Minc, Magdalcna, 
New Mexico, USA. Nice aggregates and banded 
stalactites described from Monte Poni, Sardinia, Italy. 


Smithsonite, 40 mm, New Mexico, USA. 
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Siderite, 26 mm, Governador Valadares. Brazil 


Siderite 
FeCO3 


TRIGONAL 0000 


Properties: C - yellow, brown, black; S — yellowish- 
white; L — vitreous; D — translucent; DE - 4: H-4; CL 


Sphaerocobaltite, 16 mm, Bou Azzer, Morocco 
y TE +=. pa Ba 
. ms, ae. 


— perfect; F — uneven to conchoidal; M - rhombohedral 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature deposits, sedimentary. Crystals 
up to 40 cm long found in Mont St.-Hilaire, Quebec, 
Canada. Crystals up to 100 mm (4 in) in size come 
from Panasqucira, Portugal. Crystals up to 30 mm 
(1*/is in) in size occurred in Neudorf, Germany. 
Rhombs up to 20 mm (*"/:2 in) also found in Pribram, 
Czech Republic. Pseudo-morphs of gocthite after 
siderite up to 70 mm (2% in) across described from 
Pikes Peak, Colorado, USA. Deposits of massive 
siderite in Erzberg and Huttcnberg, Austria yielded 
crystals up to 50 mm (2 in) long. Fine crystals 
reported from Tavistock. Devon and Redruth, 
Cornwall, UK. 

Application: important Fe ore. 


Sfaerocobaltite 
CoCO2 
TRIGONAL e .0 


Properties: C — pink, gray. brown; S ~ red; L — 
vitreous; D -- transparent to translucent; DE - 4.1; H 
- 4; CL — perfect; M - scalenohedral and 
rhombohedral crystals, radial aggregates, massive. 
Origin and vecurrence: Secondary, as a product of 
the oxidation of primary Co minerals. The best 
specimens, with crystals up to 30 mm (1*/i6 in) long, 
come from Zaire (Musonoi; Kakanda). Crystals up 
to 10 mm (4 in) long known from Bou Azzer, 
Morocco. 


Rhodochrosite, 117 mm, Sweet Home Mine, US.A. 


Rhodochrosite Rhodochrosite, 70 mm, Mina Capillitas, Argentina 
MnCO3 


TRIGONAL @eee 


Properties: C — white. pink, red, brown, locally black 
coatings on crystals; S — white; L — vitreous; D — 
transparent to translucent: DE — 3.6; H - 3.5-4; CL — 
perfect; F — conchoidal to uneven; M — rhombohc- 
dral and scalenohedral crystals. hemispherical and 
botryoidal aggregates, granular, massive. 

Origin and occurrence: Only rare in pegmatites. 
hydrothermal in medium- and low-tempcrature veins, 
sedimentary and metamorphic. The most beautiful 
crystals come from the Sweet Home mine. Alma, 
Colorado. USA, where rhombs up to 150 mm (6 in) 
in size occur, associated with purple fluorite, hubne- 
rite, tetrahedrite and other minerals. Beautiful dark 
red scalchohedra, up to 100 mm (4 in) found in the 
N'"Chwaning No.l and 2 mines, Kuruman, South 
Africa. Pink rhombs up to 80 mm (3'/s in) come from 
Silverton, Colorado, USA. Nice pink hemispheres 
and botryoidal aggregates are known from Cavnic 
and Baia Spric. Romania. Similar specimens occur- 
red in Huaron, Peru. Pink banded crusts and stalac- 
tites were found in the Mina Capillitas, Catamarca. 
Argentina. Pink rhombs, associated with bertrandite, 
were lately found in Kounrad, Kazakhstan. 
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Calcite, 150 mm, Elmwood Mine, U.S.A. 


Calcite 
CaCO} 
TRIGONAL 000090 

Properties: C — colorless, white, gray, yellow, brown, 
pink, red, blue, green, black: S — white; L — vitreous 
to pearly; D — transparent to opaque: DE -— 2.7; H - 
3; CL - perfect; F — conchoidal: M — crystals of 
various habit, concretions, stalactites, oolitic 
aggregates, granular, massive; LU — sometimes red 
to orange. 


Calcite, 30 mm, Tunguzka, Russia 


Origin and occurrence: One of the most common 
minerals, resulting from a wide range of conditions, 
it is magmatic, hydrothermal, sedimentary, meta- 
morphic and secondary, it occurs in various para- 
geneses. Large crystals found in many localities 
throughout the world. Pinkish and yellow crystals 
over 500 mm (20 in) long come from Joplin. 
Missouri and from the Elmwood mine, Tennessee, 
USA. Beautiful calcite crystals, crystallographically 
of very complex habits, found in Dalnegorsk, 
Russia. Nice calcite specimens occurred also in 
Mexico (Naica, Chihuahua: Charcas, San Luis 
Potosi). European localities, like Pribram. Czech 
Republic; St. Andreasberg, Germany: Kongsberg, 
Norway are famous by their calcites, too. Wine 
yellow, complicated crystals are known from the 
Sarbayskoye deposit in Rudnyi, Kazakhstan. Clear 
cleavable aggregates of the birefringent calcite (so 
called Iceland spar) were found in basalt cavities in 
Helgustadir, Iceland. The largest of them reached up 
to 6 x 2 m (20 x 6 fi 6 in) in size. Very nice 
scalenohedra up to 80 mm (3'/s in) long with copper 
inclusions occur in Keweenaw Peninsula, Michigan, 
USA. Perfect scalenohedra and their twins up to 100 
mm (4 in) long arc known from Egremont and 
Frizington, UK. Beautiful butterfly twins up to 80 
mm (3' in) recently reported from Guiyang, Hunan, 
China. Crystals of calcite with sand inclusions up to 
100 mm (4 in) in size come from the vicinity of 
Fontainebleau, France. 

Application: building industry, optical industry. 


Dolomite, 33 mm x, Navarro, Spain 


Dolomite 
CaMg(C03) 
TRIGONAL 000090 

Properties: C — gray-white, pink, red, green, brown, 
black; S — white; L — vitreous to pearly; D - 
transparent to translucent, DE — 2.9: 11 ~ 3.5; CL 
perfect: F — conchoidal: M — rhombohedral crystals, 
massive. 

Origin and occurrence: Magmatic in pcgmatites, 
hydrothermal, metasomatic, sedimentary and meta- 
morphic, together with sideritc, magnesite, calcite 
and other minerals. Crystals up to 100 mm (4 in) 


Ankerite. 20 mm xx, Roudny, Czech Republic 


long found in Brumado. Bahia, Brazil. Fine crystals 
also occurred in Banska Stiavnica, Slovakia and in 
Cavnic. Romania. Crystals up to 200 mm (7/4 in) in 
size come from Eugui, Spain. Crystals up to 150 mm 
(6 in) long found in cavities in dolomitic rocks in 
Lengenbach, Binntal, Switzerland. Crystals several 
cm long known from Jachymov, Czech Republic. 
Large accumulations of massive dolomite are 
common in magnesite deposits. 

Application: metallurgy. heat-resistant material. 


Ankerite 
CaFe(C03) 
TRIGONAL 00090 

Properties: C — white, yellowish, brown-yellow; S — 
white; L — vitreous to pearly; D — translucent; DE 
3; H - 3.5-4; CL -— perfect; F — conchoidal; M — 
rhombohedral crystals, granular. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature veins, also sedimentary and 
metamorphic, together with siderite and other 
minerals. Crystals up to 50 mm (2 in) occurred in the 
Tui mine, New Zealand. Brown rhombs up to 40 mm 
(1% in) in size known from Gilman, Colorado, 
USA. Yellowish crystals up to 10 mm (’/s in) come 
from concretions ncar Kladno, Czech Republic. 
Massive aggregates are common in metasomatic 
deposits of sidcrite (e.g. Nizna Slana, Slovakia). 
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Kutnohorite. 60 mm, Kutna Hora, Czech Republic 


Kutnohorite 
CaMn(CO3)2 


TRIGONAL 00.0. 


Properties: C — white, gray, pink, yellowish; S — 
white; L — vitreous: D — translucent; DE - 3.1; H — 
3.5-4; CL — perfect: F — conchoidal: M - poorly 
developed crystals, granular, massive. 

Origin and occurrence: Hydrothermal and metamor- 
phic, associated with ankerite, quartz and other mine- 
rals. Poorly developed crystals are known from Kut- 
na Hora. Czech Republic. Small crystals several mm 
in size are described from Mont St.-Hilaire, Quebec, 
Canada. Large crystals occurred in Moncure, North 


Aragonite, 49 mm, Tazouta, Morocco 


Huntite, 110 mm, Koksin, Czech Republic 


te - a 


Carolina, USA. Small gray-white crystals were found 
in Broken Hill, New South Wales, Australia. 


Huntite 
CaMg(CO3)2 


TRIGONAL o. 


Properties: C — white; S — white; L — earthy; D 
opaque. DE - 2.7; H - 1.5; CL ~ none; F — 
conchoidal; M — fibrous aggregates, earthy. 

Origin and occurrence: Secondary mincral resulting 
trom the oxidation of dolomite, associated with 
magnesite and dolomite. Fine fibrous aggregates come 


Flos ferri, 110 mm, Erzberg. Austria 


from Koksin, Czech Republic. It also occurs in the Ala- 
Mar deposit, Nevada, USA. Massive aggregates are 
known from the Boquira mine, Bahia, Brazil. 


Aragonite 
CaCO; 


ORTHORHOMBIC 009090 

Varieties: Nos ferri, hot-spring tufa, peastone. tarno- 
witzite, 

Properties: C — colorless, white, yellow, reddish, 
greenish, purplish. bluish, gray; S — white: L 


Peastone, 35 mm, Karlovy Vary, Czech Republic 


vitreous; D — transparent to opaque; DE - 3: H - 3.5- 
4.5; CL — imperfect; F -- conchoidal; M — prismatic 
crystals. oolitic, banded, columnar and dendritic 
aggregates, massive; LU ~ locally weak cream 
yellow. 

Origin and occurrence: Primary as a late hydro- 
thermal mineral of high-temperature deposits more 
commonly secondary as a product of the oxidation 
of siderite and pyrite. It also results from 
precipitation of thermal springs, it is sedimentary 
and metamorphic. Fine white prismatic crystals up 
to 70 mm (2% in) long found together with blue 
celestite crystals in _pania Dolina. Slovakia. 
Similar crystals come from sulfur deposits in 
Cianciano, Italy and Tarnobrzeg. Poland. Maybe 
the best aragonite crystals in the world are known 
from the gossan of the magnesite deposit in 
Podrecany. Slovakia. where druses of crystals up to 
200 mm (77 in) long were found. Wine yellow 
crystals up to 100 mm (s in) long occurred in 
cavities of volcanic rocks in Horenec near Bilina, 
Czech Republic. Those crystals were the only gem 
rough, suitable for facetting, in the world. Very 
interesting copper pscudo-morphs after aragonite 
come from Corocoro, Bolivia. Banded and oolitic 
aggregates found in Karlovy Vary, Czech Republic. 
Dendritic aggregates from Erzberg, Austria and 
elsewhere are known as flos ferri. 

Application: decorative stone. 
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Strontianite, 34 mm, Hardin Co., U.S.A. 


Strontianite 
srcO 3 


ORTHORHOMBIC © © © 


Properties: C — colorless, gray, yellowish. greenish, 
reddish. brown: S — white; L — vitreous to resinous: 
D — transparent to translucent; DE — 3.8; H - 3.5; CL 
~ perfect; F — conchoidal to uneven; M — prismatic 
and acicular crystals, columnar and fibrous aggre- 
gates, massive, earthy. 

Origin and occurrence: Hydrothermal in low-tem- 
perature veins, in cavities of volcanic rocks, mainly 
sedimentary, together with calcite and zeolites. 
Crystals up to 80 mm (3's in) long occur near 


Witherite, 20 mm x, Alston Moor, UK 


Bleiberg. Austria. Smaller crystals known from 
Strontian. Scotland. Crystals up to 50 mm long found 
in marls in Ahlen near Minster, Germany. 


Witherite 
BaCO} 


ORTHORHOMBIC © © 


Properties: C — white, gray, yellowish; S — white; L 
— vitreous to greasy. D — translucent; DE - 4.3; H 
3.5; CL — good; F — uneven; M — pseudo-hexagonal 
dipyramidal crystals, fibrous and botryoidal 
aggregates, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature deposits with fluorite, barite, calcite and 
other minerals. Beautiful yellowish crystals up to 
120 mm (4''/«in) long come from the Minerva No. l 
mine, Cave-in-Rock, Illinois, USA. Crystals. up to 
70 mm (2% in) in size occurred in Hexham and 
Alston Moor, England. UK. Its pseudo-hexagonal 
crystals or botryoidal aggregates were very rare in 
Pribram, Czech Republic. 


Cerussite 
PbCO} 


ORTHORHOMBIC eee 


Properties: C — colorless, whitish, yellow, black; S — 
white; L — greasy to adamantine; D — translucent; DE 
- 6.6; H - 3-3.5; CL - good; F — conchoidal: M — 


Cerussite, 92 mm, Tsumeb, Namibia 


prismatic and pyramidal crystals, common trillings 
and twins, granular, massive; LU -— sometimes 
yellowish. 

Origin and occurrence: Secondary mineral, result- 
ing from the oxidation of galena and other Pb 
minerals, together with pyromorphite, vanadinite. 
baritc and other minerals. The best specimens come 
from Tsumeb. Namibia, where trillings up to 200 
mm (7°/s in) in diameter occurred. Large twins also 
known from Broken Hill, New South Wales, 
Australia. Beautiful crystals up to 50 mm (2 in) in 
size reported from Mibladen, Morocco. Fine crystals 
up to 50 mm (2 in) long found in Stribro, Czech 
Republic. Typical white acicular crystals, up to 60 
mm (2°/s in) long come from the Flux mine, Arizona. 
USA. 


Barytocalcite 

BaCa(CO3)2 

MONOCLINIC © © 

Properties: C — colorless. white, gray, yellowish; S — 


colorless; L — vitreous to resinous; D — transparent to 
translucent; DE — 3.7; H — 4; CL - perfect; F — 


conchoidal to uneven; M ~ prismatic, often striated 
crystals, massive; LU — light yellow. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature veins, together with calcite, barite and other 
minerals. Crystals several cm in size and cleavable 
masses are known from Alston Moor, Cumbria, UK. 
Imperfect crystals about 10 mm (‘%s in) in size occur- 
red in Surbro, Czech Republic. It is also described 
from Freiberg. Germany and from Langban. Sweden. 


Barytocalcite, 52 mm, Alston Moor, UK 
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Azurite, 48 mm, Touissit, Morocco 


Malachite, 63 mm, Mashamba West, Zair 


Azurite 
Cu3(CO3)2(OH)2 
MONOCLINIC 0.0 

Properties: C ~ blue: S — blue: L - vitreous; D — 
transparent to opaque; DE - 3.8; H - 3.5; CL 
perfect; F — conchoidal: M - tabular and prismatic 
crystals, pulverulent. 

Origin and occurrence: Secondary, resulting from the 
oxidation of Cu sulfides. mainly associated with 
malachite. Crystals up to 200 mm (7 in) long come 
from Tsumeb, Namibia. Crystals from Touissit, Mo- 
rocco reach up to 70 mm (2% in). Tabular crystals up 
to 50 mm (2 in) in size found in Chessy near Lyon. 
France. Famous crystals up to 50 mm (2 in) across oc- 
curred in the Copper Queen mine in Bisbee, Arizona. 
USA. Fine azurite concretions with crystals on the 
surface come from La Sal, Utah, USA. Crystal roset- 
tes. reaching up to 130 mm (5*/« in) in size were 
found in the Yang Chweng Mine, Guang Dong. China. 
Application: Cu ore. 


Malachite 
Cu7(CO3)(OH)2 
MONOCLINIC .... 


Properties: C - green; S — light green; L — vitreous, 
dull, earthy: D — opaque; DE - 4.1; H - 3.5-4; CL - 
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perfect; F — conchoidal to uneven: M - acicular and 
prismatic crystals, botryoidal aggregates, stalactites. 
massive. 
Origin and occurrence: The most common super- 
gene mineral of Cu, associated with azurite, cuprite 
and other minerals. Crystals up to 30 mm (1*%s in) in 
size occur in Kambove, Zaire. Crystals up to 20 mm 
52 in) also found in Rudab<nya, Hungary. Pseudo- 
morphs after azurite crystals up to 100 mm (4 in) in 
size known from Tsumeb: pseudo-morphs after 
cuprite crystals up to 50 mm in size come from 
Onganja, Namibia. The blocks of banded malachite 
weighing up to 250 tons . occurred in Mednorudn- 
jansk, Ural mountains, Russia. Similar material in 
huge quantitics come from many deposits in Shaba 


Malachite, 70 mm, Shaba, Zair 


Appendix F 
Equation Reference 
The following table provides a quick 
to common equations. 
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Chapter 1, 
Summary 


Rosasite, 270 mm, Gleeson, U.S.A. 


province, Zaire, where stalactites up to 500 mm (20 
in) long were also found. 

Application: Cu ore, production of decorative objects 
and jewelry. 


Rosasite 
(Cu,Zn)2(CO3)(OH)2 


MONOCLINIC © © 


Properties: C — green, bluc; S — greenish; D — 
opaque; DE - 4.0-4.2; H- 4.5; CL - good: M — small 
acicular crystals, fibrous and botryoidal crusts. 

Origin and occurrence: Secondary, forming in the 


Hydrozincite, 65 mm, Tiger, U.S.A. 


oxidation zonc of Cu and Zn deposits, together with 
other secondary minerals of Cu. Spherical aggre- 
gates of acicular crystals up to 10 mm (°⁄ in) found 
in Mina Ojuela, Mapimi, Durango, Mcxico. Similar 
finds were made in Bisbee. Arizona, USA. 


Hydrozincite 
Zng(CO3)2(OH)¢ 


MONOCLINIC 0090 


Properties: C — white, yellowish: S — white; L — pearly 
to dull; D — opaque; DE — 4; H - 2-2.5; CL — perfect; 
F — conchoidal: M — tabular crystals, massive, carthy: 
LU - locally blue. 

Origin and occurrence: Secondary, resulting from 
the oxidation of sphalerite. together with ccrussite, 
smithsonitc and hemimorphite. Small crystals are 
known from Mapimi, Durango, Mexico. Spherical 
aggregates, several mm in diameter. were found in 
Sterling Hill. New Jersey, USA. Stalactites and thick 
crusts occurred in Long-Kicng, Burma. Crusts and 
stalactites were also described from Bleiberg, Aus- 
tria: from Mezica, Slovenia and from Raibl, Italy. 


Aurichalcite 
(Zn,Cu)5(CO3)2(OH)6 


ORTHORHOMBIC eee 


Properties: C — light green, blue-green. blue; S — 
bluc-green; L - silky to pearly; D - translucent; DE — 
4; H- 1-2; CL - perfect: M - acicular crystals, crusts. 
Origin and occurrence: Secondary in the oxidation 
zone of Cu and Zn deposits in the arid climate, 
associated with linaritc and other mincrals. Large 
prismatic crystals comc from Mina Ojucla, Mapimi, 
Durango, Mexico. Nice rosettes of acicular crystals arc 
known from Bisbee and from the 79 mine, Banner 
district, Arizona, USA. It also occurred in Montcponi, 
Sardinia, Italy. 


Aurichalcite, 80 mm, Arizona, U.S.A. 
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Dawsonite, 2 mm aggregate, Recsk, Hungary 


Parisite-(Ce), 71 mm. Boyaca. Colombia 


e, 


Dawsonite 
NaAl(CO3)(OH),2 


ORTHORHOMBIC © 0 © 


Properties: C — colorless to white; S — white; L — 
vitreous; D — transparent; DE - 2.4: H — 3; CL — 
perfect; M ~ acicular to blade-like crystals, radial 
aggregates. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature deposits, associated with calcite, dolomite and 
other minerals. Fine acicular crystals up to 35 mm 
(1%s in) long come from Mont St.-Hilaire, Quebec, 
Canada. Radial aggregates along the rock cracks 
were found in Dubnik and Zlata Bana, Slovakia. 


Bastnasite-(Ce) 
(Ce,La)(CO3)F 
HEXAGONAL eee 


Properties: C — yellow to brown; S — yellow-brown; 
L — vitreous to greasy; D - translucent; DE — 4.8-5.2; 
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Bastnasite-(Ce). 6 mm x, Ariege, France 
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H — 4-4.5: CL — good: F — uneven; M — tabular 
crystals, granular, massive. 

Origin and occurrence: Magmatic in pegmatites, 
also metamorphic, together with allanite-(Ce) and 
other rare earth elements minerals. Crystals up to 
200 x 150 mm (7% x 6 in) in size occur in Andeka- 
tany, Madagascar. Crystals up to 100 mm (4 in) long 
are known from Karonge, Burundi. Transparent 
crystals up to 25 mm (1 in) long were found recently 
in the Trimouns quarry, France. It forms important 
local deposits, as those of Mountain Pass, California, 
USA.Application: ore of rare earth elements. 


Parisite-(Ce) 
CaCe7(CO3)3F> 


TRIGONAL eee 


Properties: C — brown, yellow-brown, gray-yellow: 
S — brownish; L - vitreous to resinous; D -— 
transparent to translucent: DE — 4.4; H - 4.5; CL — 
perfect; F — conchoidal to splintery: M - dipyramidal 
striated crystals. 

Origin and occurrence: Magmatic in pegmatites, also 


hydrothermal and rarely metamorphic, together with 
bastnasite-(Ce) and other minerals of rare earth 
elements. Crystals several cm long come from Quincy. 
Massachusetts, USA. Crystals up to 80 mm (3'/s in) 
long occurred in pegmatites near Hundholmen, 
Norway. Crystals up to 23 cm (9'/« in) long found in 
the Snowbird mine, Montana. USA. Transparent 
crystals up to 15 mm (1°: in) were lately reported in 
the Trimouns quarry, France. Very unusual association 
have been described from Muzo, Columbia, where 
crystals up to 50 mm occur together with emeralds. 


Phosgenite 
Pb>(CO3)Cl> 


TETRAGONAL ee 


Properties: C - colorless, white, yellow-white, gray. 
brown; S — white; L — adamantine; D — transparent to 
translucent: DE — 6.1; H - 2-3; CL — good; F — 
conchoidal; M — short to long prismatic and tabular 
crystals, granular, massive; LU — sometimes yellow. 
Origin and occurrence: Secondary, resulting from the 
oxidation of galena. associated with cerussite and other 
secondary Pb minerals. Crystals up to 150 x 100 mm 
(6 x 4 in) across known from Monteponi, Sardinia. 
Italy. Crystals from Tsumcb, Namibia reached up to 
100 mm. Crystals up to 30 mm (1%V1s in) in size found 
in Matlock, Derby, UK. Crystals up to 35 mm (1', in) 
long occurred in the Mammoth mine, Tiger, Arizona, 
USA. 


Phosgenite. 28 mm, Monteponi, Italy 
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Bismutite 
Bi02(C0y) 


TETRAGONAL eee 


Properties: C — yellow, brown, gray. bluc, black: S — 
white: L — vitreous, pearly to dull: D - translucent to 
opaque; DE - 6.1-7.7; H - 3.5; CL - good; M — 
spherical, radial aggregates, massive, pulverulent. 

Origin and occurrence: Secondary. originated from 


Weloganite, 30 mm xx, Francon Quarry, Canada 


he 
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Gavlussite. 30 mm, Natron Lake, Tanzania 


the oxidation of Bi mincrals, associated with 
bismuthinitc and other minerals. It is common from 
pegmatites in Madagascar (Ampangabc) and in 
Mozambique. Large pebbles found in Kivu province, 
Zaire. It also occurred in Tasna, Bolivia. 


Gaylussite 
Na2Ca(C0O 3) -5 H20 


MONOCLINIC eee 


Properties: C — colorless, white, gray, yellowish; S — 
colorless; L - vitreous; D - transparent to 
translucent; DE — 2; H — 2.5-3; CL - perfect: F - 
conchoidal; M - lenticular to prismatic crystals. 
Origin and occurrence: Sedimentary, typical a con- 
stituent of salt sediments. Crystals up to 80 mm (3'% 
in) long come from Searles Lake, California, USA. It 
also occurs in Borax Lake and Mono Lake, 
California. USA. Large crystals are known from 
Amboseli Lake. Kenya. 


Weloganite 
Na2Sr3Zr(CO3)¢ .3 H20 


TRICLINIC o 


Properties: C - white, yellow; S - white; L - 
vitreous; D — transparent to opaque; DE — 3.2; H - 
3.5; CL -— perfect: F — conchoidal; M — pscudo- 
hexagonal striated crystals. 

Origin and occurrence: Hydrothermal in the alkaline 
rocks, together with zircon, dresscrite and other 
mincrals. Crystals up to 50 mm (2 in) come from 
cavities in the Francon quarry, Montreal: crystals up 
to 30 mm {Is in) are known from St. Michel, 
Quebec, Canada. 


Artinite, 10 mm, Fethiya, Turkey 


Hydrotalcite, | mm xx, Dunabogdany, Hungary 


Artinite 
Mg7(CO3)(OH)2 -3 H20 


MONOCLINIC eee 


Properties: C — white; S — white; L — silky; D — 
transparent; DE - 2; H - 2.5; CL — perfect; M 
sphcrical, radial aggregates, vcinlets, crusts. 

Origin and occurrence: Hydrothermal, originating at 
low temperatures in serpentinites, associated with 


Zaratite, 70 mm, Lancaster Co., US.A. 


magnesite, aragonite and other minerals. Radial 
aggregates up to 20 mm (*/s in) in size occur in the 
Gem mine. San Benito County. California, USA. 
Needles up to 20 mm (°x in) long come from Val 
Malenco, Italy. Clusters of acicular crystals were 
found on Staten Island. New York, USA. 


Zaratite 
Ni3(CO3)(OH)4 . 4 H20 


CUBIC eee 


Properties: C - emerald-green; S — light green; L — 
vitreous to greasy: D — transparent to translucent; DE 
— 2.6-2.7; H - 3.5; CL — none; F — conchoidal; M — 
crystalline crusts, stalactites, coatings. 

Origin and occurrence: Secondary, originating from 
the oxidation of Ni mincrals, associated with 
milleritc, brucite and other minerals. It occurs as a 
product of the oxidation of Ni minerals in ultrabasic 
rocks in Kraubat and Stubachtal, Austria. Large 
green coatings found in Hcazlewood, Tasmania, 
Australia. It covers millcrite needles in the vicinity 
of Kladno. Czech Republic. 


Hydrotalcite 
Mg,Alz(CO3)(OH) 6 .4 H20 
TRIGONAL © © 

Properties: C — white; S — white: L — pearly to waxy; 
D — transparent; DE - 2.1; H — 2; CL - perfect; M — 
fibrous and layered aggregates, massive. 

Origin and occurrence: : Hydrothermal in ultrabasic 
and metamorphic rocks. It occurred with serpentine 


in Nordmark. Norway and also found at Franklin and 
Sterling Hill, New Jersey, USA. 
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Stichtite, 35 mm. Rouchovany, Czech Republic 


Stichtite 
MggCr2(CO3)(OH)) 6 - 4 H20 


TRIGONAL ee 


Properties: C — pink to purple: S - white to light 
purple; L — pearly, waxy to greasy; D — translucent; 
DE - 2.2; H — 1.5-2; CL — perfect; M — lamellar and 
fibrous aggregates, massive. 

Origin and occurrence: \t occurs in serpentinites as 
scaly aggregates and veinlets in Bou Azzer, 
Morocco; in Dundas. Tasmania, Australia and in 
Barberton, South Africa. 


Alumohydrocaicite, 70 mm, Ladomirovo, Slovakia 
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Alumohydrocalcite 
CaAl,(CO3)2(0H)4 .3 H20 


TRICLINIC ee 


Properties: C — white, gray; S — white; L — earthy; D 
~ opaque; DE - 2.2; H - 2.5; CL — perfect; M - 
chalky aggregates, consisting of acicular crystals. 
Origin and occurrence: Secondary, associated with 
alophane and other minerals. It was described from 
the Khakasy deposit, Siberia, Russia, where it 
originates from the oxidation of alophane. Nice 
white radial aggregates occurred along the cracks in 
shales in Ladomirovo, Slovakia. 


Ancylite-(Ce) 
Sr3(Ce,La)4(CO3)7(OH),4 .3 H20 


ORTHORHOMBIC ee 


Properties: C — colorless, yellow, yellow- brown, 
light purple, brown; S — white; L — vitreous to grea- 
sy; D — transparent to opaque: DE — 4: H— 4-4.5; CL 
— none; F — splintery; M — short to long prismatic 
and pseudo-octahedral crystals. 

Origin and occurrence: Hydrothermal in alkaline 
rocks, associated with nepheline and other minerals. 
Crystals up to 6 mm (% in) long are known from 


6. Borates 


Ludwigite 


Mg2Fe3*BO;S 


Inderite, 230 mm. Boron, U.S.A. 


ORTHORHOMBIC eee 


Properties: C - dark green, black-green, black: $ - 
blue-green; L B silky to dull; D — opaque; DE - 3.9; 
H - 5; CL — perfect; F B uneven: M - prismatic 
crystals, fibrous aggregates, granular, massive. 
Origin and occurrence: Metamorphic in skarns and 
dolomitic marbles, locally associated with magnetite 
and other borates. Rich aggregates are known from 
Ocna de Fier. Romania: Kamineichi, Japan and the 
Hol Kol mine, Suan, North Korea. 

Application: chemical industry. B ore. 


Gaudefroyite 
Ca4Mn3*3(BO3)3CO3(0,0H)3 


HEXAGONAL o 


Properties: C - black; S - black: L - adamantine to 
dull; D — opaque; DE - 3.4; H — 6; CL - good; F - 
uneven; M — prismatic crystals, fibrous and acicular 
aggregates. 

Origin and occurrence: Hydrothermal in calcite 
veins. Prismatic crystals up to 50 mm (2 in) long 


Gaudefroyite, 40 mm, Kuruman, South Africa 
Ludwigite, 120 mm, Ocna de Fier, Romania 


were found on the mine dumps near Tachgagalt, 
Morocco and in the N"Chwaning No. 2 mine and the 
Wessels mine, Kuruman, South Africa. 


Inderite 
MgB303(0H); a 5 H270 


MONOCLINIC eee 


Properties: C - colorless, white to pink in 
aggregates: S — white; L — vitreous; D - transparent 
to translucent; DE - 1.8: H - 2.5; CL — good; F 
conchoidal to uneven; M — prismatic crystals, 
acicular and fibrous aggregates, nodules. massive. 
Origin and occurrence: Sedimentary in boron 
deposits. commonly associated with colemanite and 
other borates. Prismatic crystals up to 100 mm (4 in) 
long occur in Boron, California, USA. It is also 
known from Inder, Kazakhstan. 

Application: chemical industry, B ore. 
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Inyoite, 90 mm, Turkey 


Borax, 60 mm x, Searles Lake, US.A. 


Inyoite 
CaB303(OH)s . 4 H20 


MONOCLINIC eee 


Properties: C — colorless, white; S — white; L - 
vitreous: D -- transparent to translucent: DE B 1.9; H 
- 2: CL - good; F — uneven; M — short prismatic to 


Ulexite, 20 mm aggregate, Death Valley, California, U.S.A. 


tabular crystals, columnar aggregates, massive. 
Origin and occurrence: Sedimentary in boron 
deposits. commonly associated with colemanitc and 
other borates. Clear tabular crystals up to 100 mm (4 
in) long found in Kirka and Emct, Turkey. It also 
comes from Inder, Kazakhstan and the Corkscrew 
mine, California, USA. 

Application: chemical industry, B ore. 


Borax 
Na2>B405(0H)4 .8 H20 


MONOCLINIC eee 


Properties: C — white, colorless, yellowish, gray, 
greenish; S — white; L B vitreous to dull; D — 
transparent, translucent to opaque; DE - 1.7; H — 2- 
2.5; CL -— perfect; F — conchoidal; M — short 
prismatic to tabular crystals, columnar to earthy 
aggregates, crusts, coatings, granular, massive; R — 
soluble in water. 

Origin and occurrence: Sedimentary in boron 
deposits, associated with other borates and halite. 
Prismatic crystals up to 150 mm long are known from 
Borax Lake, also Scarles Lake and Boron, California, 
USA. It also occurs in Kirka, Turkey. 

Application: chemical industry, B ore. 


Ulexite 
NaCaB,0,(OH), .5 H20 
TRICLINIC 00.0 

Properties: C - white, colorless, light gray; S — 
white; L B vitreous to silky: D — transparent to 


translucent: DE — 2.0: H — 2.5; CL - perfect; F B 
uneven; M - elongated prismatic to acicular crystals, 


fibrous aggregates, crusts, nodules, granular, 
massive. 

Origin and occurrence: Sedimentary in boron 
deposits, associated with other borates. Slabs up to 
100 mm (4 in) thick consisting of fibrous aggregates 
occur in Boron, California; also found in Esmeralda, 
Nevada, USA; Emct, Turkey and Inder, Kazakhstan. 
Application: chemical industry, B ore. 


Colemanite 
Ca28601 l 2 5 H20 


MONOCLINIC eee 


Properties: C — colorless, white, yellowish, light 
gray; S - white; L ~ vitreous; D — transparent to 
translucent; DE -— 2.4, H - 4.5; CL — perfect; F B 
uneven; M — short prismatic and isometric crystals, 
granular, massive. 

Origin and occurrence: Sedimentary in boron 
deposits, associated with other borates. Perfect 
crystals up to 200 mm (7% in), come from Emet and 
Kirka, Turkey. Crystals up 10 70 mm (2% in) long 
occur in Gower Gulch, Inyo, California; also known 
from Esmeralda. Nevada, USA and Inder, 
Kazakhstan. 

Application: chemical industry. B ore. 
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Kernite, 100 mm, Boron, US.A. 


Kernite 
Na>7B405£(0H) a3 H20 


MONOCLINIC 000 


Properties: C — colorless, white, light gray: S — 
white; L — vitreous to dull, silky; D — transparent, 
translucent to opaque; DE - 1.9; H — 2.5-3; CL — 
perfect: F - uneven; M — isometric crystals, fibrous 
aggregates, granular, massive; R — soluble in water. 


Rhodizite, 23 mm. Antsirabe, Madagascar 


Hambergite, 64 mm, Pamir, Tadzhikistan 


Origin and occurrence: Sedimentary in boron 
deposits, associated with borax and other borates. 
Platy aggregates and crystals up to 2.5 x 1 m (8 ft x 
39*/s in) found in Boron, California, USA; also known 
from the Tincalayu mine, Salta province, Argentina. 


Hambergite 
Be,BO3(OH,F) 


ORTHORHOMBIC © è 


Properties: C — colorless, white, light gray; S - 
white; L — vitreous; D — transparent to translucent; 
DE - 2.4: H — 7.5; CL B perfect; F B uneven; M - 
tabular to prismatic crystals, granular. 

Origin and occurrence: Magmatic in granitic and 
rarely also in alkaline pegmatites: hydrothermal in 
cavities within the pegmatites, associated with 
tourmaline, danburite and beryl. Tabular crystals up 
to 200 mm (PA in) from the Little Three mine, 
Ramona, California. USA. Crystals up to 110 mm 
(4/16 in) also known from several localities in 
Madagascar, e.g. Imalo and Anjanabonoina; also 
found in Hyakule, Nepal and Ctidruzice, Czech 
Republic . 


Rhodizite 
(K,Cs)Al4Be4(B,Be) 2028 


CUBIC © © 


Properties: C — colorless, white, yellow, light gray; S 
white; L — vitreous to adamantine; D - transparent 
to translucent; DE — 3.5; H — 8.5; CL - imperfect; F 
- conchoidal to uneven: M — Isometric crystals, 
granular. 
Origin and occurrence: Magmatic in granitic 
pegmatites, associated with tourmaline, danburite 
and beryl. Cubic to tetrahedral crystals, reaching up 
to 30 mm (l/s in) occur in several localities in 
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Madagascar, e.g. Sahatany and Antandrokomby; also 
known from the Animikie Red Ace pegmatite, 
Florence, Wisconsin, USA. 


Boracite 

Mg3B701 3CI 

ORTHORHOMBIC eee 

Properties: C — colorless, white, yellowish, light 


gray. light to dark green: S -- white; L — vitreous; D 
— transparent to translucent; DE — 3.0: H - 7-7.5; CL 


Boracite, 12 mm x, Alto Chapare, Bolivia 


=- none; F — conchoidal to uneven: M - isometric 
crystals, fibrous aggregates, granular, massive. 
Origin and occurrence: Sedimentary in evaporitic 
deposits, together with halite, gypsum and anhydrite; 
metamorphic in metamorphosed evaporates. Crys- 
tals up to 15 mm (2 in) come from Alto Chapare, 
Cochabamba, Bolivia: crystals about 5 mm (*/s in) in 
size, occur in Stassfurt, Hanover and Kahlberg, 
Germany. Crystals are also known from Choctaw, 
Louisiana, USA and the Boulby mine, North 
Yorkshire. England, UK. 


135 


7. Sulfates 


Anglesite 
PbSO, 


Anglesite, 81 mm, Touissit, Morocco 


ORTHORHOMBIC eee 


Properties: C — colorless, white, yellowish, gray. 
greenish; S — white; L — adamantine to greasy; D 
transparent to translucent: DE — 6.4; H- 2.5 - 3: CL 
— dobra; F — conchoidal: M — thick tabular crystals, 
massive, LU — sometimes yellowish. 

Origin and occurrence: Secondary, as a result of the 
galena oxidation. together with cerussite and other 
minerals. Beautiful yellowish crystals up to 100 mm 
(4 in) in size come from Touissit, Morocco. Crystals 
from Tsumeb, Namibia, reached up to 40 mm (1%.s 
in). Large crystals are also reported from Phoenix- 
ville, Pennsylvania, USA. Crystals up to 20 mm (4%: 
in) occur in cavities in weathered galena in Sardinia, 
Italy. Crystals, reaching up to 40 mm (1% in) also 
found in Mezica . Slovenia. Prismatic crystals up to 
75 mm (3 in) long known from the Bunker Hill mine, 
Idaho, USA. 


<<. 
Barite, 17 mm xx, Póhla, Germany 
Anhydrite, 55 mm. Simplon Tunnel, Switzerland 


Anhydrite 
CaSO, 


ORTHORHOMBIC 0000 


Properties: C — colorless, white, bluish, purplish. red, 
brown; S - white: L - pearly to vitreous; PS — 
transparent to translucent; DE - 2.8-3; H — 3-3.5; CL - 
good: F — splintery to uneven; M — isometric and 
prismatic crystals, granular, massive. 

Origin and occurrence: Mostly sedimentary, as a 
result of the evaporation of sea water, associated 
with gypsum, calcite and other minerals: rare in 
pegmatites and hydrothermal, It is very common in 
form of massive aggregates in salt deposits in 
Stassfurt and Wathlingen, Germany, where small 
crystals also occur. Folded layers in clays known 
from Wicliczka, Poland. Purplish crystals up to 20 
mm (7%/s2 in) found in cracks in metamorphic rocks 
near Simplon and St. Gotthard, Switzerland. Fine 
druses of bluish crystals up to 200 mm (7%/s in) long 
found in Naica, Chihuahua, Mexico. 


137 


Celestine, 270 mm, Madagascar 


Celestite 
SrSO4 


ORTHORHOMBIC eee 


Properties: C - colorless, white, yellowish, blue; S — 
white; L — vitreous: D - transparent to translucent: 
DE - 4; H -~ 3-3.5; CL - perfect; F - uneven; M — 
prismatic and tabular crystals. columnar aggregates, 
concretions. 

Origin and occurrence: Rare hydrothermal, mainly 
sedimentary. together with halite, anhydrite and 
gypsum. Beautiful blue crystals several cm long occur 
in cavities of concretions in the Sakoany mine, 
Madagascar. Prismatic crystals up to 100 mm (4 in) 
long in sulfur deposits in Poland (Tarnobrzeg) and 
Italy (Caltanissetta). Fine blue tabular crystals 
associated with aragonite crystals found in _pania 
Dolina. Slovakia. Fine crystals are known from marls 
in Tunisia and Libva. 


Barite 

BaSO, 
ORTHORHOMBIC 0000 

Properties: C — white, yellow, bluc, red, brown, 
black; S - white; L — vitreous; D — transparent to 
translucent, DE - 4.3-4.7: H - 3.5; CL - perfect; 
F — conchoidal to splintery; M — tabular to pris- 


matic crystals, massive; LU -- sometimes blue. 

Origin and occurrence: Hydrothermal, it originates 
under medium and low temperatures, also sedi- 
mentary, together with fluorite. calcite, cinnabar and 
other mincrals. Beautiful barite crystals up to SO mm 
(2 in) found in hydrothermal veins in Pribram, Czech 
Republic. Blue tabular crystals up to 100 mm (4 in) 
from Dedova hora, Czech Republic. Beautiful tabular 
crystals up to 100 mm (4 in) known from Banska 
Stiavnica, Slovakia; Cavnic and Baia Spric, 
Romania. Very fine crystals of up to 200 mm (7°% in) 
occurred in Alston Moor, Frizington and Mowbray, 
Cumbria. UK. Beautiful druses of honey-brown 
crystals up to 70 mm (2% in) long found in Pohla, 
Germany. Fine druses of prismatic crystals known 
from Elk Creck, South Dakota, USA; so called 


Antlerite, 60 mm, Chuquicamata, Chile 


Barite, 100 mm xx, Stoneham Co.. U.S. A. 


desert roses (crystals with inclusion of sand grains) 
originating in desert climate occur in the vicinity of 
Norman. Oklahoma, USA. Shiny crystals come from 
Freiberg and llalsbrucke, Germany. 

Application: an ingredient of drilling fluids. chemical, 
glass, paper and rubber industries. 


Antlerite 
Cus(SO4)7(OH)6 .3 H20 


ORTHORHOMBIC eee 


Properties: C — green: S — light green; L — vitreous: 
D - translucent; DE — 3.9; H — 3.5; CL — perfect; F 
—conchoidal to uneven; M — short prismatic and 


Brochantite, 14 mm aggregate, Bingham, U.S.A. 


acicular crystals, crusts and earthy aggregates. 
Origin and occurrence: Secondary, resulting from 
weathering of Cu ores, associated with other secondary 
Cu minerals. It is a principal mineral of the oxidation 
zone in Chuquicamata, Chile. where it forms crystals 
up to 5 mm (w in). Acicular crystals, up to 20 mm (*/ 
in} long. occurred in Bisbee. Arizona, USA. 
Crystalline crusts are known from Spania Dolina and 
Picsky, Slovakia. 


Brochantite 
Cug(SO4)(OH)¢ 


MONOCLINIC eee 


Properties: C — green; S — light green; L — vitreous, 
in cleavage planes pearly; D - translucent to 
transparent; DE — 4; H — 3.5-4: CL - good: F 
conchoidal to uneven: M — long prismatic to acicular 
crystals, granular. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu ores usually in the arid climate, 
together with other secondary Cu mincrals. Crystals 
up to 70 mm (2% in) long found in Bisbec, together 
with pseudo-morphs of malachite after brochantite. 
Crystals are also known from Tsumeb, Namibia. 
Prismatic crystals up to 50 mm (2 in) long from 
Cerro Verde, Peru. Emerald-green crusts occur in 
L'ubictova, Slovakia. 
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Linarite, 23 mm xx, Graham Co., US.A. 


Linarite 
PbCu(SO,4)(OH)>2 


MONOCLINIC © © 


Properties: C - azurc-blue; S — light blue; L - 
vitreous to adamantine; D — translucent; DE - 5.3- 
5.5; H - 2.5; CL - good; F — conchoidal; M — tabular 
and prismatic crystals, coatings. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu and Pb sulfides at low pH. The largest 
crystals, reaching up to 80 mm (3'/s in), come from the 
Mammoth mine, Tiger, Arizona, USA. Crystals from 
the Grand Reef mine in Arizona up to 50 mm (2 in) 
long. Very fine crystals, up to 30 mm (1’/ in) were 
found in Keswick, Cumbria, England, UK. Large 
crystals were also described from Tsumeb. Namibia 
and from Broken Hill, New South Wales, Australia. 


Alunite 
KAI3(SO¿),(0H) 


TRIGONAL 9090 


Properties: C — white, yellowish. gray: S — white; 
L - vitreous to pearly; D — transparent to opaque; 
DE - 2.8; H- 3.5-4; CL — perfect; F — conchoidal; 
M -— rhombohedral crystals, porous aggregates, 
granular. 

Origin and occurrence: Secondary, as a result of 
reactions of sulfuric acid with Al-rich rocks, associated 
with gypsum. Small crystals are known in Berchovo, 
Ukraine. Massive ageregates occur together with 
turquoise in Cu deposits in Anzona, USA. (New 
Cornclia mine and others). Huge alunite deposits, like 
Zaglik. Azerbaijan. are mined for Al. 

Application: Al ore. 


Alunite. 1 mm xx, Nagyegyhaza, Hungary 


Natrojarosite, $0 mm, Laurion, Greece 


Natrojarosite 
NaFe3%,(SO ¿)(OH) 


TRIGONAL © © 


Properties: C — yellow, brown; S — light yellow; L - 
vitreous: D — transparent to translucent: DE - 3,2; H 
~ 3; CL — good: F — conchoidal; M - tabular to 
rhombohedral crystals. carthy aggregates.. 

Origin and occurrence: Secondary. as a result of 
weathering Fe sulfides, associated with fibroferrite, 
alunite and other minerals. It occurs in Modum., 
Norway: Soda Springs Valley, Nevada, USA: 
Chuquicamata, Chile and clsewhcre. 


Jarosite 
KFe3*3(SO¿)2(0H)6 
TRIGONAL eee 


Properties: C ~ yellow: S - light yellow; L —- 
adamantine to dull; D — translucent; DE - 2.9-3.3; H 
- 2.5-3.5; CL — good; F - conchoidal to uneven; M — 
rhombohedral to tabular crystals, granular, massive. 
Origin and occurrence: : Secondary, as a result of 
weathering Fe sulfides. usually associated with 


Jarasite, 2 mm xx, Gyongyósoroszi, Hungary 


natrojarosite and other sulfates. The world’s best 
specimens come from Pena Blanca Uranium mine, 
near Aldama. Chihuahua, Mexico, where crystals. up 
to 20 mm (**/:: in) were found. Crystals, up to 10 mm 
Ch in), were found in Tombstone, Arizona, USA. 
Crystals. together with pscudo-morphs of jarosite 
after alunite, occurred in Chuquicamata. Chile. 
Tabular crystals also were described from Horni 
Slavkov, Czech Republic. 


Beudantite 
PbFe3*3(AsO,4)(SO4)(OH), 
TRIGONAL ee 

Properties: C - dark green, brown. red-brown: S — 
greenish, pray-ycllow; L — vitreous to resinous; D — 
transparent to translucent; DE — 4; H - 3.5-4.5; CL — 
good; M - rhombohcdral crystals, crusts. 

Origin and occurrence: Sccondary, occurring in the 
oxidation zone of Pb deposits, together with scorodite 
and other minerals. Crystals, several mm in size. 
found in Tsumeb, Namibia, are the best in the world. 
Small crystals are known from Bisbee, Arizona, USA; 
Ashburton Downs, Western Australia, Australia and 
Kamarcza near Laurion, Greece. 


Beudantite, 70 mm, Moldava, Czech Republic 


14] 


Hanksite 
Naz7K(SO4)9(CO3)2Cl 


HEXAGONAL © © 


Properties: : C — colorless, yellowish; S — colorless; 
L - vitreous to dull; D — transparent to translucent: 
DE - 2.6; H - 3.5; CL - good; F — uneven; M - 
tabular to short prismatic crystals. 

Origin and occurrence: Sedimentary in salt lake 
scdiments, together with halite, borax and other 
minerals. Crystals up to 200 mm (7% in) found in 
Searles Lake. California, USA. It is also known from 
borax deposits in the Death Valley, California. USA. 


Caledonite 
Cu7Pbs5(SO4)3(CO3)(OH), 


ORTHORHOMBIC o. 


Properties: C — green to bluc-grecn; S — light green; 
L - resinous; D - transparent to translucent; DE — 
5.6; H - 2.5-3; CL - perfect; F - uneven; M - 
prismatic crystals, radial aggregates. 


Origin and occurrence; Secondary, occurring in the 
oxidation zonc of Cu and Pb deposits, associated 
with linarite and other minerals. Crystals up to 20 
mm (*“/: in) come from Leadhills. Scotland, UK. 
Crystals, up to 15 mm ('%%2 in), were found in the 
Mammoth mine, Tiger, Arizona, USA. Rich druses 
are known from Anarak. Iran. Crystals reaching up 


Hanksite, 30 mm. Searles Lake, U.S.A. 


to 20 mm (%f: in) occurred in the Blue Bell mine, 
California, USA. 


Leadhillite 
Pb4(SO4)(CO3)2(OH)> 
MONOCLINIC ee 

Properties: C — colorless, yellowish, gray; S — color- 
less; L — resinous to adamantinc; D — transparent to 
translucent: DE — 6.5; H - 2.5-3: CL — perfect: F - 
conchoidal: M — pseudo-hexagonal tabular crystals. 
Origin and occurrence: Secondary mineral from the 
oxidation zone of Pb deposits, associated with 
cerussite, anglesite, linarite and other minerals. The 
largest crystals, measuring up to 15 cm, come from 
Tsumeb, Namibia. Crystals up to 25 mm (1 in) found 
in the Mammoth minc, Tiger, Arizona, USA. 
Crystals in Leadhills, Scotland. UK were of similar 
size. 


Chalcantite 
CuSO4 .5 H30 


TRICLINIC eee 


Properties: C — deep blue; S — white; L — vitreous to 
resinous; D — transparent to translucent; DE - 2.3: H 
- 2.5; CL — imperfect; F — conchoidal; M — short 
prismatic to tabular crystals, stalactites, films; R - 
soluble in water. 


Caledonite. 5 mm x. Graham Co., US.A. 


MAA ARANA 


what DIO AAA, Bat 


Origin and occurrence: Secondary. as a product of 
the oxidation of Cu sulfides. stable only in arid 
climate. Crystals up to 40 mm (lw in) in size. and 


Melanterite, 80 mm, Harz Mts., Germany 


NAVIA, OU ANN, 2 VNU UY, UDA, 


stalactites, up to 1 m (39% in) long are known from 
Bisbee, Arizona. USA. Crystals were also found in 
the oxidation zone in Chuquicamata, Chile. 
Beautiful stalactites come from Rio Tinto, Spain. 
Application: rarely mined as Cu ore. 


Melanterite 
FeSO y Par i H20 
MONOCLINIC ...o 


Varieties: pisanite (with Cu contents), kirovitc 
(with Mg contents) 


Properties: C — light green; S — colorless; L — vi- 
treous; D — translucent; DE — 1.9; H - 2; CL — per- 
fect; F — conchoidal: M - granular crusts, botryoidal 
and stalactitic aggregates, films; R — soluble in 
water. 

Origin and occurrence: Secandary, as a result of 
the oxidation of Fe sulfides, together with other 
sulfates. Jt is unstable under atmospheric con- 
ditions. Crystals up to 20 mm (%%z2 in) long are 
known from Bisbee, Arizona and from the Boyd 
mince, Tennessee, USA. Stalactites, up to 50 cm (20 
in) long, occurred in Chvalctice, Czech Republic. 
It is also common in Rio Tinto, Spain and Banska 
Stiavnica, Slovakia. 
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Epsomite 

MgSO, .7 H20 
ORTHORHOMBIC 0000 

Properties: C — colorless to white; S — colorless; L - 
vitreous to silky; D — transparent to translucent; DE - 
1.7; H - 2; CL - perfect; F — conchoidal; M — small 
crystals, granular, stalactitic aggregates; R - soluble in 
water, decomposing under atmospheric conditions. 
Origin and occurrence: Secondary, as a result of the 
oxidation of Fe sulfides, also from crystallization of 
the salt lake water, associated with halite and other 
minerals. Crystals up to 1 m (39%, in) long were found 
on Mount Kruger, Washington; prismatic crystals up 
to 50 mm (2 in) long also occur in Bisbee. Arizona and 
needles of a similar size come from the White Caps 
mine, Nevada, USA. It is also known as a product of 
the activity of fumaroles in Mount Vesuvius, Italy. 


Morenosite 
NiSO, .7 H20 


ORTHORHOMBIC eee 


Properties: C — green, green-white; S — greenish; L — 
vitreous: D — transparent to translucent; DE — 2; H 
2-2.3; CL - good; F — conchoidal; M -- stalactitic 
crusts and efflorescences; R — soluble in water. 
Origin and occurrence: Secondary. as a product of the 
oxidation of Ni minerals, stable mainly in the arid 
regions. It is very common in Sudbury, Ontario, 
Canada; also in Richclsdorf. Germany and Potucky. 
Czech Republic. 


Epsomite, 10 mm xx, Stassfurt, Germany 


Coquimbite 
Fe3*,(SO ¿)3 .9 H20 


TRIGONAL 000. 


Properties: C — purple. yellow, green, colorless; S - 
colorless; L - vitreous; D — transparent; DE - 2.1; H 
2; CL — imperfect; F — conchoidal to uneven; M - 
prismatic to tabular crystals. granular, massive; R 
soluble in water. 
Origin and occurrence: Secondary, associated with 
other sulfates. Crystals, several cm long, were found 
in the Dexter No.? mine. Calf Mesa, Utah, USA. 
Small prismatic crystals are known from Zeleznik , 
tabular crystals occurred in Banska Stiavnica, 
Slovakia. It is very common in Chilean deposits, like 
Chuquicamata and Tierra Amarilla. 


Alunogen 
Alz(SO4)3 . 17 H20 


TRICLINIC 0090 


Properties: C — colorless, white, gray-yellow; S — 
colorless; L — silky; PS — transparent; DE — 1.8; 11 — 
1.5; CL — perfect; M — pseudo-hexagonal crystals, 
granular: R — soluble in water. 

Origin and occurrence: Secondary. as a result of the 
pyrite oxidation. also a product of sublimation on 
volcanoes and burning dumps, associated with other 
sulfates. Large crystals are known from the Dexter 
No.7 mine, Calf Mesa, Utah, crusts, over 1 m (39% 
in) thick were found on Mount Alum, New Mexico, 


Morenosite, 60 mm, Potucky, Czech Republic 
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Coguimbite. 110 mm, Cerritos Bajos. Chile 


Alunogen, 80 mm, Dubnik, Slovakia 


USA. Fine aggregates occur on the walls of 
underground workings in the old opal mines in 
Dubnik, Slovakia. 


Halotrichite 
FeAlz(SO4)4 . 22 H20 


MONOCLINIC eee 


Properties: C — white, greenish: S — colorless: L — 
vitreous: PS - transparent to translucent; DE — 1.9- 
2.1; H - 1.5-2; CL - imperfect; F - conchoidal; M 
acicular crystals, fibrous aggregates, efflorescences; 
R — soluble in water. 

Origin and occurrence: Secondary, as a result of the 
pyrite oxidation, also a product of the activity of hot 
springs ans solfataras. associated with other sulfates. 
Common fibrous crusts occur in Dubnik. Slovakia. It 
looks similar in Rio Marina, Elba, Italy and in 
Chuquicamata, Chile. It is known from solfataras in 
Pozzuoli, Italy. It is a product of hot springs activity 
in the Lassen Peak National Park. California, USA. 


Apjohnite 
MnAi7(SO4)4 .22 H20 


MONOCLINIC eee 


Properties: C - colorless, white, pink, grecnish, 
yellow; S — colorless: L — silky: D — transparent; DE 
~ 1.9; H — 1.5; M — fibrous aggregates, coatings, 
massive; R — soluble in water. 

Origin and occurrence: Secondary, occurring toge- 
ther with other sulfates. Large accumulations are 
known from Little Pigeon Creek, Alum Cave, Ten- 
nessce. USA. It also occurs in Delagona Bay. 
Mozambique. 


Apjohnite, 60 mm, Smolnik, Slovakia 
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Bilinite, 60 mm, Bilina, Czech Republic 


Bilinite 
Fe2*Fe3*,(SO g)4 -22 H20 


MONOCLINIC © © 


Properties: C — white to wellowish; S — white: L — 
silky; D — opaque: DE - 1.9; H - 2; M -- fibrous 
aggregates: R — soluble in water. 

Origin and occurrence: Secondary, as a result of the 
pyrite oxidation, associated with other sulfates. 
Fibrous aggregates are known from Svitec near 
Bilina, Czech Republic. Also described from Bisbee. 
Arizona, USA. 


Tschermigite 
(NHaJAKSO4)2 . 12 H20 


CUBIC 0090 


Properties: : C — colorless; S - colorless; L - 
vitreous; D — transparent; DE — 1.6; H - 1,5; F - 
conchoidal; M — octahedral crystals. fibrous and 
columnar aggregates; R — soluble in water. 


Tschermigite, 50 mm, Mogyororosbanya, Hungary 


Origin and occurrence: Secondary in the brown coal, 
also on burning dumps and as a product of solfataras. 
Skeletal crystals up to 10 mm (4 in) in size are known 
from the brown coal basin near Most and Bilina, Czech 
Republic. Original locality Eermniky, Czech Republic 
yiclded fibrous crusts, up to 50 mm (2 in) thick. Fine 
octahedra. up to 10 mm (4 in) come from burning 
dumps near Zastavka near Brno, Czech Republic. Oc- 
tahedra occur also in Geysers, California, USA. Small 
crystals on Etna, Sicily. Italy are of volcanic origin. 


Polyhalite 
KCa2Mg(SO 4)4 I2 H20 


TRICLINIC eee 


Properties: C - colorless, brown, red-brown: S — 
colorless; L - vitreous; D — transparent to trans- 
lucent; DE -— 2.8; H — 3-3.5; CL — perfect: M ~ 
acicular to prismatic crystals, columnar, scaly and 
fibrous aggregates. 

Origin and occurrence: Sedimentary, as a consti- 
tuent of salt deposits, also as a product of volcanic 
activity. Tabular and prismatic crystals are found 
rarcly together with massive polyhalite aggregates in 
Stassfurt. Germany. Fibrous aggregates come from 
Halstatt, Austria. Large deposits of polyhalite arc 
located near Carlsbad. New Mexico, USA. Coatings 
occur on Mount Vesuvius, Italy. 


Gorgeyite 
K2Cas(SOg)6 . H20 
MONOCLINIC 00 


Properties: C — colorless, yellowish: S — colorless: L 
vitreous; D - translucent: DE — 3; H - 3.5; 


Polyhalite, 54 mm, Carisbad. U.S.A. 


Gypsum, 62 mm, Carneville, Utah, U.S.A. 


CL — good; F — conchoidal: M -- tabular crystals. 
Origin and occurrence: Sedimentary in salt deposits. 
associated with halite and other mincrals. Fine crystals 
up to 80 mm (3% in) long found near Inder Lake, 
Kazakhstan; also known from Bad Ischl, Austria. 


Gypsum 
CaSO, . 2 H20 
MONOCLINIC 00000 

Varieties: Maria-glass, alabaster, satin spar. selenite. 
Properties: C — colorless, white, gray, yellowish: S — 
colorless; L — vitreous to pearly; D - transparent to 
translucent; DE - 2.3; H — 1.5-2; CL — perfect; F — 
conchoidal; M — typical monoclinic crystals, often 
twins. fibrous and platy aggregatcs, granular, 
massive; LU — crystals with inclusions sometimes 
bluish to yellowish. 


Gorgevite, 80 mm. Inder Lake, Kazakhstan 


Origin and occurrence: Rare primary hydrothermal, 
mostly sedimentary and as a weathering product, 
associated with anhydrite, halite and other minerals. 
Crystals up to 50 mm from Cavnic, Romania are 
probably hydrothermal. Huge crystals up to 1.5 m (5 
ft) long found in karst cavitics (Cave of Swords) in 
gossan in the PbBZn deposit Naica, Chihuahua, 
Mexico. Crystals up to 9 m (29 ft 6 in) long from 
Santa Eulalia, Chihuahua, Mexico, where they were 
found combined with interesting aggregates, called 
‘ram’s horns” from their shape. Crystals up to 4 m 
(13 ft) long occurred in Tarnobrzeg, Poland. Com- 
mon crystals are also known from Gorguel, Spain. 
The ‘desert roses” or crystal druscs, from Sahara 
desert in Tunisia and Algeria, with sand grain inclu- 
sions are mineralogically interesting. Large slabs of 
the transparent variety, called Maria-glass, found in 
Fricdrichsrode, Germany. Finc-grained variety ala- 
baster occurs e.g. in Italy. Fibrous varicty selenite 
(sometimes also called satin spar) comes from the 
Sylva river basin, Perm. Russia. 

Application: building, chemical and medical 
industries. 


Langite 
Cu4(SO4)(OH)« . 2 H20 


ORTHORHOMBIC eee 


Properties: C — blue, blue-green; S — light blue; L — 
vitreous to silky; D — translucent: DE — 3.3; H - 2.5- 
3; CL — perfect; M - small isometric crystals, fine- 
grained crusts, carthy aggregates.. 

Origin and occurrence: Sccondary, as a product of 
the oxidation of Cu ores, associated with gypsum 
and other mincrals. Crystals known from St. Just, 
Cornwall, UK. Crystals occurred in Tsumcb, 
Namibia. Fine specimens come from Spania Dolina 
and Lubictova, Slovakia and from Borovec, Czech 
Republic. It is also common in Ely. Nevada, USA 
and in El Cobre, Chile. 


Langite, 49 mm, Allihies, Cork, Ireland 
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Fibroferrite, 70 mm, Dubnik, Slovakia 


Fibroferrite 
Fe3* (SO4)(OH) . 5 H20 


ORTHORHOMBIC eee 


Properties: C — yellowish, greenish, gray; S — white; 
L — silky; D - opaque: DE — 1.9; H — 2.5; CL — 
perfect; M — small crystals, fibrous and botryoidal 
crusts; R — soluble in water. 

Origin and occurrence: Secondary as a product of 
the pyrite oxidation, together with other sulfates. 
Crystals in cavities in melanterite found in the 
Dexter No.7 mine, Calf Mesa. Utah. USA. Vein 
fillings up to 3 m (10 ft) thick come from the Santa 
Elena mine. La Alcaparrosa, Argentina. Fine fibrous 
aggregates occur in Dubnik, Slovakia. It is common 
in many localities in Chile (Tierra Amarilla, 
Chuquicamata). 


Aluminite 
Alz(SO4)(OH)4 . 7 H20 


MONOCLINIC eee 


Properties: C — white; S — white; L — dull; D - 
opaque: DE - 1.7-1.8; H — 1-2; CL — none; M — 
earthy nodules, consisting of microscopic needles. 
Origin and occurrence: Secondary, resulting from 
the reaction of sulfuric acid with Al in Al-rich rocks. 
Large nodule, 30 cm (12 in) in diameter, known from 
Newhaven, Sussex, UK. Fine white nodules 
described from Mala Chuchle, Prague. Czech 
Republic. It also occurs near Halle, Germany and 
covers limestone in the vicinity of Joplin, Missouri, 
USA. 
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Aluminite, 60 mm, Bicske-Csordakut. Hungary 


Botryogen 

MgFe** (SO¿)2(0H) . 7 H20 
MONOCLINIC eee 

Properties: C — orange-red: S - yellow; L — vitreous; 
D — transparent to translucent; DE — 2.1: H - 2-2.5; 
CL — perfect: F -- conchoidal: M — prismatic striated 
crystals, racemose and spherical aggregates with 
radial structure. 

Origin and occurrence: Secondary. as a result of the 
pyrite oxidation in arid regions, together with other 
sulfates. Crystals up to 35 mm (1% in) long from the 
Libiola mine near Genoa, Italy. It is common in 
Chuquicamata and Quetena in Chile; also known 
from Rammelsberg, Germany. 


Botryogen, 3 mm xx. Knoxville, U.S.A. 


Devilline, 10 mm xx, Spania Dolina, Slovakia 


Copiapite 


(Fe** Mg)Fe3* 4(SO4)4(OH)> .20 H30 


TRICLINIC 0090 

Properties: C — yellow, green-ycllow, orange; S — 
yellow: L — pearly; D — transparent to translucent; 
DE - 2.1-2.2: H — 2.5; CL— perfect: M - thin tabular 
crystals, scaly and pulvcrulent aggregates, earthy. 
Origin and occurrence: Secondary, originated 
from the pyrite oxidation, together with other 
sulfates. 

Tabular crystals come from the Dexter No.7 
mine, Calf Mesa. Utah, USA and also from 
Zeleznik . Slovakia. Fine crystals were found in 
many localitics in Chile (Tierra Amarilla, Chu- 


Copiapite, 96 mm, Copiapo, Chile 


Serpierite, 80 mm, Pribram, Czech Republic 


quicamata). It also occurs in Rammcelsberg, Ger- 
many. 


Devilline 
CaCug(SO4)2(0H)g .3 H20 
MONOCLINIC o o 

Properties: C — cmerald-grcen; S — white to light 
green; L - vitreous to pearly; D — transparent to 
translucent; DE - 3.1; H - 2.5; CL - perfect: M — 
thin tabular pseudo-hexagonal crystals and coatings. 
Origin and occurrence: Secondary, as a result of the 
oxidation of Cu sulfides, associated with other 
secondary Cu mincrals. The world’s best specimens 
come from Spania Dolina, Slovakia. where crystal 
roscttes up to 10 mm (s in) in diameter were found in 
the past century; also known from Botallack, 
Cornwall, UK and Tsumeb, Namibia. 


Serpierite 
Ca(Cu,Zn)4($O4)7(OH)¢ -3 H20 


MONOCLINIC o o 


Properties: C — blue; S — white; L — vitreous; D — 
transparent to translucent; DE - 3.1; H - 2.5; CL — 
perfect; M — tabular crystals, coatings. 

Origin and occurrence: Secondary, originated in the 
oxidation zone of Cu-Zn deposits. together with 
smithsonite and other mincrals. Its small crystals and 
aggregates occurred in Laurion, Greece. Recently 
confirmed at Pribram, Czech Republic. 
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Ettringite, 45 mm, Kuruman, South África 


Ettringite 
Cag¿Al2(SO 4)3(0H) 12 . 26 H70 


HEXAGONAL © © 


Properties: C - colorless, yellow; S — white; L — 
vitreous to silky; D — transparent; DE — 1.8: H - 2.5; 
CL — perfect; M — prismatic crystals, fibrous 
aggregates. 

Origin and occurrence: Metamorphic, associated 
with sturmanite. The world's best crystals reaching 
up to 100 mm (4 in) come from the N’Chwaning 
mine, Kuruman, South Africa. Crystals up to 4 mm 
(Ah in) occurred in Franklin. New Jersey, USA. Also 
known from the contact metamorphic conditions in 
Crestmore, California, USA. 


Sturmanite 
CagFe?*2(SO4)2[B(0H)4], (OH) ¡2 -25 H20 


TRIGONAL e 


Properties: C — yellow. yellow-green; S — white; L 
vitreous; D — transparent to translucent: DE — 1.9; H 
- 2.5; CL — perfect: M — flat dipyramidal crystals. 
Origin and occurrence: : Probably metamorphic, 
associated with barite, hematite and ettringite. 
Crystals up to 140 mm (5'4 in) long come from the 
N’Chwaning mine, Kuruman, South Africa. 


Sturmanite, 35 mm xx, Kuruman, South Africa 


Johannite 
Cu(U0)2(SO4)2(OH)2 .8 H20 


TRICLINIC ee 


Properties: C — green; S — light green; L — vitreous; 
D - transparent to translucent; DE -- 3.3; H — 2-2,5: 
CL — good; M - prismatic to thick tabular crystals, 
scaly aggregates, coatings: R — radioactive. 

Origin and occurrence: Secondary, as a result of the 
uraninite oxidation, together with other secondary U 
mincrals. Crystals are known from Jachymov. Czech 
Republic and Johanngeorgenstadt. Germany. It was 
common with zippcite in Central City, Colorado, 
USA and also reported from Mounana, Gabon. 


Zippeite 
K4(U02)6(SO4)3(OH) 19 -4H20 


ORTHORHOMBIC eee 


Properties: C — orange-yellow; S — yellow; L — dull 
to earthy; D - opaque; DE — 3.7; H — not determined; 
CL - perfect; M - acicular and tabular crystals, 
pulverulent and acicular aggregates, coatings; LU — 
green: R — radioactive. 

Origin and occurrence: Secondary, forming during 
the uraninite oxidation, associated with other 
secondary U minerals. Small tabular crystals come 
from Drmoul. Czech Republic. Coatings and 


Johannite, 70 mm, Jachymov, Czech Republic 


acicular aggregates arc known from Jachymov, 
Czech Republic and Central City. Colorado, USA; 
also occurs in Shinkolobwe, Zaire. 


Scheelite 
Cawo 4 


TETRAGONAL @eeee 


Properties: C — colorless, gray-white. yellow-brown, 
orange, red, greenish; S — white; L — greasy to ada- 
mantinc; D - translucent: DE - 6.1; H - 4.5-5; CL 
good; F ~ conchoidal to uneven; M - pseudo-octa- 
hedral crystals, granular, massive; LU — bluc-white. 
Origin and occurrence: Magmatic in pegmatites, 


Scheelite, 77 mm, Sichuan. China 


Zippeite, 40 mm, Lodeve, France 


hydrothermal in greisens and metamorphic; para- 
geneses vary significantly according to the origin. 
Beautiful brownish crystals up to 100 mm (4 in) in 
size come from Tacwha and Tongwha in Korea. Si- 
milar crystals were recently found in China. Orange 
crystals up to 40 mm (1%4s in) in size are associated 
with cassiterite crystals on quartz crystals from lultin 
and Tenkergin, Russia. Clear crystals, weighing up to 
50 kg (110 lb), occurred in pegmatites near Natas. 
Namibia. Crystals up to 70 mm (2% in) reported 
from several mines near Traversella, Italy. Beautiful 
red crystals up to 20 mm (*/: in) were very rare in 
Peibram, Czech Republic. Ycilow crystals up to 40 
mm (1° in) are known from quartz veins with 
pumpellyite in Obei Dsl, Czech Republic. 
Application: W orc. 
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Stolzute, 20 mm, Arizona, U.S. A. 


Crocoite, 44 mm, Dundas, Australia 


Stolzite 

PbWO q 
TETRAGONAL o 0. 

Properties: C — gray-brown, orange-ycllow, red, 
green: S — colorless; L — adamantine to resinous; D 
transparent to translucent: DE - 7.9-8.3; H - 2.5-3; 
CL - imperfect; F — conchoidal to uneven; M - dipy- 
ramidal and thick tabular, striated crystals. 

Origin and occurrence: Secondary, as a product of the 
oxidation of primary W minerals. Crystals up to 60 mm 
(2% in) from St Leger-de-Peyrc, France. Prisms and 
needles up to 25 mm (! in) long found in Broken Hill. 
New South Wales, Australia. Crystals up to 25 mm (1 
in) also known from Tsumeb, Namibia. Crystals up to 
20 mm (2 in) reported from Cínovec, Czech Republic 
and from the Black Pine mine, Montana, USA. 


Ferrimolybdite, 60 mm, Hurky, Czech Republic 


14? 


Crocoite 
PbCrO, 


MONOCLINIC o. 


Properties: C — orange, red; S — orange-yellow; L — 
adamantine to greasy; D — translucent; DE — 6; H — 
3; CL — good; F — conchoidal to uneven: M — long 
prismatic to acicular crystals, crusts.. 

Origin and occurrence: Secondary, as a result of the 
galena oxidation in basic rocks. The world’ best 
specimens come from the Dundas district, Tasmania, 
Australia where crystals up to 100 mm (4 in) long 
were found in several mines. Fine crystals up to 40 
mm (1%s in) long are known from Berezovsk, Ural 
mountains. Russia. Crystals up to 20 mm (x in) 
were recently found in Callenberg, Germany. 


Betpakdalite, 70 mm, Bayan Tsogdo, Mongolia 


Ferrimolybdite 
Fe2(M004)3 .8 H20 


ORTHORHOMBIC o. 


Properties: C - yellow, whitish; S — light yellow; L — 
adamantine, silky, earthy: D - opaque; DE - 4.4; H — 
1-2; M — small acicular crystals, fibrous and radial 
aggregates, carthy. 

Origin and occurrence: Secondary. as a product of 
the molybdenite oxidation. Microscopic crystals were 
found in Glen Innes, New South Wales, Australia. It 
occurred as ycllow coatings in Climax and Telluride, 
Colorado, in the Getchell mine, Nevada, USA; also in 
Hsrky near Eista, Czech Republic. 


Betpakdalite 
CaFe3*Hg(MoO4)5(AsO4)> .8 H30 


MONOCLINIC o 


Properties: C — lemon-yellow; S — yellow; L — 
vitreous, waxy, dull: D — opaque; DE - 3; H - 3; CL 
- good: M - short prismatic microscopic crystals, 
pulverulent. 

Origin and occurrence: Secondary mincral. Origi- 
nally described from Kara-Oba, Kazakhstan. It also 
occurred in Tsumeb, Namibia and in Krupka. Czech 
Republic. 


Wulfenite, 38 mm, Los Lamentos, Mexico 


Wulfenite 
PbMoO, 


TETRAGONAL eee 


Properties: C — yellow, orange, brownish, red, 
greenish; S — white: L — greasy to adamantine; D — 
transparent to translucent; DE — 6.3-7; H - 3; CL - 
good: F — uneven to conchoidal; M — thin tabular and 
dipyramidal crystals, granular, massive. 

Origin and occurrence: Secondary, as a result of 
the galena oxidation, together with cerussite, 
vanadinite and other mincrals. The best specimens 
are known from the Red Cloud mine near Yuma, 
Arizona, where red tabular crystals found up to 50 
mm (2 in) diameter. Yellow-brown crystals up to 
100 mm (4 in) come from the Glove mine, Arizona, 
USA. Thick tabular orange crystals up to 20 mm 
(7/2 in) in diameter found in the Erupcion mine, 
Villa Ahumada, Los Lamentos. Chihuahua. Beau- 
tiful yellow plates up to 60 mm (2% in) with 
orange mimetite spheres occurred in the San 
Francisco mine, Magdalena, Sonora, Mexico. Rare 
tabular crystals up to 70 mm (2% in) across come 
from Tsumeb, Namibia. Fine orange-yellow 
tabular crystals up to 20 mm (*/» in) across, and 
pyramidal crystals are known from Bleiberg, 
Austria and Mezica , Slovenia. Crystals up to 100 
mm (4 in) were found recently in Touissit, 
Morocco. 
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8. Phosphates 


Lithiophosphate 
LizPO, 


ORTHORHOMBIC o 


Properties: C — colorless. white. pinkish; S — white: 
L — vitreous: D — transparent to translucent; DE 
2.5; H — 4; CL — perfect; F - uneven: M — prismatic 
crystals, granular. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites, where it forms by replacement of spodu- 
mene and montebrasite. Cleavable aggregates up to 
100 mm (4in) across occur in the Tanco Mine, Ber- 
nic Lake, Manitoba, Canada; crystals up to 25 mm (1 
in) across in the Foote mine, Kings Mountain, North 
Carolina. USA. 


Beryllonit 
NaBe PO, 


MONOCLINIC ee 


Properties: C — colorless, white, yellowish; S — white: 
L — vitreous; D ~ transparent to translucent: DE — 2.8; 
H - 5.5-6; CL — perfect; F - uneven; M — short 
prismatic to tabular crystals, granular. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites where it is associated with herde- 
rite, albite and tourmaline. Crystals and their twins, up 
to 150 mm (6 in) across come from Stoncham and 
Newry. Maine, USA: also from Viitaniemi, Finland and 
Paprok, Afghanistan. 


Adamite, 32 mm, Mapimi, Mexico 
Lithiophosphate, 30 mm, Tanco, Canada 


Beryllonite, 31 mm. Paprok, Afghanistan 


Triphyllite 
LiFePO, 


ORTHORHOMBIC eee 


Properties: C -- gray-green, gray-blue, gray, brown: 
S — gray-whitc; L - greasy to vitreous; D — trans- 
parent to translucent; DE — 3.4; H — 4-5; CL — good: 
F — uneven; M B short prismatic crystals, granular, 
massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites. associated with graftonite, sarcopside 
and many secondary phosphates. Large triphyllite 
crystals up to 1.5 m (5 Ñ) across are known from 
Hagendorf, Germany; from the Tip Top mine, Custer, 
South Dakota and Palermo No. 1 mine, North 
Groton, New Hampshire, USA; also from Hühner- 
kobel, Germany. 


Triphy lite, 70 mm, Hagendorf, Germany 
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Lithiophilite, 120 mm, Viitaniemi, Finnland 


Lithiofilit 
LiMnPO, 


ORTHORHOMBIC o o 


Properties: C — pink, red-brown, brown; S - white; L 
— vitreous; D — transparent to translucent; DE — 3.3; 
H - 4-5; CL - good; F — uneven; M — short prismatic 
crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites. It is sometimes associated with triplite and 
triphyllite, typically replaced by many secondary 
phosphates. Large masses of lithiophillite, reaching 
up to | m (39% in), occur in Karibib, Namibia; 
Kitumbe, Rwanda. Other localities are Mangualde. 
Portugal; Tanco mine, Bernic Lake, Manitoba, 
Canada; Stewart Lithia Mine, Pala, California, USA. 


Purpurite, 40 mm, Usakos, Namibia 


Berzeliite, 120 mm, Langban, Sweden 


Purpurite 
M n3*po 4 


ORTHORHOMBIC © © 


Properties: C — pink, purple, dark brown; S B red- 
purple; L - dull to velvet; D — translucent to opaque; 
DE - 3.7; H — 4-4.5; CL — good; F — uneven; M B 
granular, massive. 

Origin and occurrence: Hydrothermal, as a product of 
lithiophillite replacement in granitic pegmatites. It is 
usually associated with many secondary phosphates. It 
is known from Kitumbe, Rwanda: Usakos and 
Sandamab, Namibia; the Tip Top and Bull Moose 
mines. Custer, South Dakota and Branchville, 
Connecticut, USA. 


Berzeliite 
(Ca,Na)3 (Mg,Mn)> (AsO 4)3 


CUBIC © © 


Properties: C — yellow, orange; S — red-purple; L - 
resinous; D - transparent to translucent; DE - 4.1; H 
— 4-4.5; CL - none; F - conchoidal to uneven; M — 
isometric crystals, granular, massive. 

Origin and occurrence: Metamorphic, together with 
haussmanite, rhodonite and tephroite. It occurs as 
massive in Langban and Nordmark, Sweden. 


Whitlockite 
Cag(Mg,Fe)H(PO 4)7 
TRIGONAL ee 


Properties: C — colorless, white, yellowish, pinkish; S 
— white; L — vitreous to dull; D - transparent to trans- 
lucent: DE — 3.1; H - 5; CL — none; F — conchoidal to 
uneven; M - rhombohedral crystals, granular, massive. 


Origin and occurrence: Hydrothermal, as a product 
of replacement of primary phosphates in granitic 
pegmatites, rare in sedimentary rocks — phos- 
phorites: very rarc magmatic in metcorites. Mainly 
associated with apatite and carbonates. Imperfect 
crystals around 10 mm (? in) across. occur in the 
Palermo No. | mine, North Groton, New Hampshire: 
also in the Tip Top mine, Custer. South Dakota, 
USA. 


Xenotime-(Y) 
YPO4 


TETRAGONAL 0090 


Properties: C — brown, yellow. gray, greenish; S — 
white; L — vitreous to resinous; D - transparent, 
translucent to opaque: DE - 4.5; H - 4.5; CL — good; 
F — conchoidal to uneven: M — long prismatic to 
tabular crystals, granular: R — sometimes weakly 
radioactive and metamict. 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites, granites and syenites: hydro- 
thermal in the Alpinc-type veins: metamorphic in 
gneisses: common in placers. It is associated with 
monazite-(Ce) and zircon. Perfect prismatic crystals 
up to 100 mm (4in) across occur mainly in pegma- 


Xenotime-(Y), 14 mm x, Washington Co.. U.S. A. 


Whitlockite, 10 mm xx, New Hampshire, U.S.A. 


tites in Kragero and Hitteró, Norway: Ytterby, 
Sweden; in several places in Madagascar: in 
Ichikawa, Japan. Crystals about 20 mm (%%/2 in) are 
known from the Alpine-type veins in Binntal, 
Switzerland. 

Application: ore of rare carth clements. 
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Monazite-(Ce) 
CePO 4 


MONOCLINIC 0090 


Properties: C — yellow, brown, red-brown, orange, 
gray-green: S — white; L — vitreous to resinous; D — 
transparent, translucent to opaque: DE — 4,6; H — 5- 
5.5; CL — good: F — conchoidal to uneven; M - long 
prismatic to tabular crystals, granular; R 
sometimes weakly radioactive and metamict. 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites, granites, syenites, carbona- 
tites; hydrothermal in the Alpine-type veins and 
greisens; metamorphic in gneisses: common in pla- 
cers. 

It is associated with apatite, xenotimc-(Y) and 
zircon. Perfect prismatic crystals up to 200 mm (7% 
in) come from Mars Hill, North Carolina. Trout 
Creek Pass, Colorado. USA; also from Arendal, 
Norway; Ambatofotsikely and Ampangabe, Mada- 
gascar, where masses weighing several kg are com- 
mon: crystals, up to 200 mm (77/s in) across found 
in Minas Gerais. Jaguaracu, Brazil. 

Application: ore of rare earth clements. 


Monazite-(Ce). 31 mm, Felicio, Brazil 


Hydroxylherderite 
CaBe(PO,4)(OH,F) 


MONOCLINIC o © 


Properties: C — colorless, white, yellowish, greenish; 
S — white; L — vitrcous to dull: D — transparent to 
translucent; DE - 3.0; H - 5-5.5; CL - good; F - 
conchoidal to uneven: M — prismatic to tabular 
crystals, radial aggregates, granular. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites and in greisens. Perfect crystals, 
up to 120 mm (4"/sin} long come from Marilaca and 
together with colored tourmalines from Virgem da 
Lapa. Minas Gerais, Brazil; also known from 
Topsham and Stoncham. Maine, USA. 


Amblygonite 
LiAI(PO4)(F,OH) 


TRICLINIC 0090 


Properties: C — colorless, white, yellowish, bluish, 
gray; S — white: L — vitreous to dull; D — transparent 
to translucent: DE — 3.1; H — 5.5-6; CL - good; F — 
conchoidal to uneven; M — short prismatic crystals, 
granular, massive, 


Hydroxvlherderite, 22 mm, Anza, California, U.S.A. 


Montebrasite, 80 mm. White Picacho, Arizona, US.A. 


Vagnerite, 18 mm x, Werfen, Austria 


Origin and occurrence: Magmatic in granitic 
pegmatites and some granites; rare hydrothermal in 
greisens and in ore veins. Large amblygonite masses, 
several meters across. come from pcgmatites, like 
the Beccher, Custer and Hugo mines, Keystonc, 
South Dakota, USA, where its blocks weighed up to 
200 tons; also known from Viitaniemi, Finland; Uto. 
Sweden. Typical representative of the quartz- 
amblygonite veins is Verncrov, Czech Republic. 
Application: Li ore and raw matcrial for ceramics. 


Montebrasite 
LiAl(PO4)(OH,F) 


TRICLINIC 0090 


Properties: C — colorless. white. yellowish, yellow, 
bluish, gray: S — white; L — vitrcous to dull: D — 
transparent to translucent: DE - 3.0; H - 5.5-6; CL — 
good; F - conchoidal to uneven; M - short prismatic 
to tabular crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites: hydrothermal in granitic 
pcgmatites. It occurs very frequently with ambly- 
gonitc, which it replaces. Large masses arc known 
from Montebras, France; also from the Tin Mountain 
mine, Custer, South Dakota, USA.. Perfect tabular 
crystals up to 150 mm (6 in) across found in 
Taquaral, Minas Gerais, Brazil. 


Wagnerite 
Mg2(PO4)(FOH) 


MONOCLINIC 00. 


Properties: C — light yellow, ycllow-green. yellow- 
brown, green; S — white; L — vitreous to greasy; D — 
transparent, translucent to opaque; DE — 3.2; H — 5- 
5.5; CL — imperfect: F — conchoidal to uneven; M — 
short prismatic crystals. granular, massive. 


Origin and occurrence: Magmatic in granitic 
pegmatitcs: metamorphic in gneisses and cclogites; 
hydrothermal in quartz veins and in salt deposits. 
The most famous finds come from the quartz veins 
in Hollgraben and Radclgrabcn. the Alps, Austria, 
where wagnerite occur together with lazulite and 
forms crystals up to 30 mm (I*/t in) across: also 
known from Mangualde. Portugal and Bodenmais. 
Germany. 


Amblygonite, 55 mm, Minas Gerais, Brazil 
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Zwieselite, 30 mm grain, Dolni Borv, Czech Republic 


Zwieselite 
Fe,(PO¿XF,OH) 


MONOCLINIC o... 


Properties: C — dark brown to black-brown; S — light 
brown; L —- vitreous to greasy; D - translucent to 
opaque; DE - 4,0; H - 5-5.5; CL - imperfect; F - 
conchoidal to uneven; M — short prismatic crystals, 
granular. massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites: rare hydrothermal in greisens. It is associated 
with apatite. triplitc and secondary phosphates. 
Imperfect crystals and granular aggregates are known 
from pegmatites near Zwiesel, Germany: Dolni Bory, 
Czech Republic. 


Libethenite, 80 mm, L'ubietova, Slovakia 


aren 


Triplite, 70 mm, Viitaniemi, Finnland 


Triplite 
Mn3(PO4)(F,OH) 
MONOCLINIC 0.0 

Properties: C — pink, light brown; S — light brown; L 
- vitreous to greasy; D ~ translucent to opaque; DE 
— 3.8; H — 5-5.5; CL — imperfect; F - conchoidal to 
uneven: M - short prismatic crystals, granular. 
massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites; hydrothermal in grcisens 
and in quartz veins. It is usually hydrothermally 
altered and replaced by secondary phosphates. Huge 
masses several meters in size come from pegmatites 
in Karibib, Namibia; it also occurs in Mangualde, 
Portugal and in Sukula, Finland. 


Libethenit 
Cuz(PO4)(OH) 


ORTHORHOMBIC eee 


Properties: C - black-green to light green; S — olive- 
green; L — greasy; D — translucent; DE — 3.9; H - 4; 
CL ~ imperfect; F — conchoidal to uneven; M — short 
prismatic and dipyramidal crystals, botryoidal 
aggregates, granular, massive. 

Origin and occurrence: Sccondary in Cu deposits, 
where it occurs together with malachite. pseudo- 
malachite and brochantite. Perfect crystals. up to 30 
mm (lw in) across, come from the Rokana mine, 
Zambia; crystals, up to 10 mm (*/s in), are known 
from Kambove. Zaire: Lubictova . Slovakia; Nizhniy 
Tagil, Ural Mts.. Russia. 


Olivenite, 80 mm, Tsumeb, Namibia 


Olivenite 
Cu(AsO4)(OH) 


ORTHORHOMBIC eee 


Properties: C — olive-green, green-brown, gray- 
green to gray: S - light green: L - greasy: D - 
translucent to opaque; DE - 4.4; ff - 3; CL -- 
imperfect; F — conchoidal to uneven: M - long to 
short prismatic and dipyramidal crystals, acicular 
and radial aggregates, massive. 

Origin and occurrence: Secondary in Cu deposits. It 
is associated with other secondary Cu minerals, 
malachite, azurite and scoroditc. Perfect crystals up 
to 10 mm (% in) across occurred in Wheal Gorland, 
Cornwall, and Tavistock, Devon UK; also in 
Tsumeb, Namibia and Ashburton Downs, Western 
Australia, Australia. 


Adamine 
Zn2(AsO4)(OH) 


ORTHORHOMBIC eee 


Properties: C — yellow-green, yellow, green, color- 
less, purple; S -- white; L — vitreous: D - transparent 
to translucent: DE - 4,4; H - 3.5; CL - imperfect; F 
- conchoidal to uneven: M — long to short prismatic 
and dipyramidal crystals, acicular and radial aggre- 
gates, massive; LU - yellow-green. 
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Origin and occurrence: Secondary in Zn deposits, 
associated with hemimorphite, gocthitee and 
smithsonite. Rich druses of green and rare purple 
crystals up to 70 mm (2% in) across come from Mina 
Ojuela. Mapimi, Durango. Mexico; also known from 
Tsumcb, Namibia: Laurion. Greece and Cap 
Garonne, France. 


Adamite, 34 mm, Mapimi. Mexico 
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Lazulite, 1 f mm x, Lincoln Co., GSA. 
= 
% 


a 


Lazulite 
MgAl2(PO4)2(OH)2 


MONOCLINIC © © © 


Properties: C — dark to light blue. blue-green: S — 
white; L - vitreous; D - transparent to translucent; 
DE - 3.1; H — 5.5-6; CL — imperfect; F — conchoidal 
to uneven; M — short prismatic and dipyramidal 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in quartz 
veins and granitic pegmatites. where it ts formed by 
decomposition of primary phosphates: metamorphic 
in quartzites. 

Imperfect crystals up to 100 mm (4 in) across come 
from Horrsjoberg, Sweden: perfect crystals about 50 
mm found in Ashudi, Pakistan; also known from 


Scorzalite, 80 mm. Palermo No.2 Mine, U.S.A. 


Big Fish River. Yukon, Canada and near Werfen. 
Austria. 


Scorzalite 
FeAl2(PO 4)2(0H) 


MONOCLINIC © 0 © 


Properties: C — dark blue. blue-green; S -- white; L 
vitreous: D - transparent to translucent; DE - 3.3; H - 
6; CL — imperfect; F - conchoidal to uneven; M — 
prismatic crystals, granular, massive. 

Origin and occurrence: |Ivdrothcrmal in granitic peg- 
matites, as a replacement product of primary phospha- 
tes, rare in quartz veins. Dark bluc, granular aggre- 
gates up to 100 mm (4in) across occur in the Palermo 
No. I and No. 2 mines, North Groton, New Hampshire 
and the Victory minc, Custer, South Dakota, USA. 


Rockbridgeite 
Fe2*Fe3* .(PO4)3(OH)s 


ORTHORHOMBIC 0.0. 


Properties: C - dark and light green, black-green: S - 
green; L - dull; D - translucent to opaque; DE - 3.4: 
H — 4.5; CL - good; F - uneven; M - acicular crystals, 
radial aggregates and crusts, granular, massive. 
Origin and occurrence: Secondary in granitic pegma- 
tites and in Fe deposits. It mostly originates from the 
hydrothermal alteration of primary phosphates, mainly 
triphyllite. and it is associated with other secondary 
phosphates. Rich radial aggregates up to 50 mm (2 in) 
across come from llagendorf, Germany: the Tip Top 
mine. Custer. South Dakota and the Fletcher mine. 
Groton, New Hampshire, USA. 


Rockbridgeite, 70 mm, Hagendorf. Germany 


Frondelite, 15 mm xx, Custer, U.S.A. 


Frondelite 
MnFe3*¿(PO4)3(0H)5 


ORTHORHOMBIC eee 


Properties: C - light olive-green, brown, black- 
green: S — green: L - dull; D — translucent to opaque: 
DE - 3.5; H - 4.5: CL - good; F - uneven; M — 
acicular crystals, radial aggregates and crusts, 
granular, massive. 

Origin and occurrence. Secondary in granitic peg- 
matites, where it forms as a result of the hydrother- 
mal alteration of primary phosphates, mainly 
lithiophiflite. Radial aggregates occur in the Fletcher 
mine, Groton, New Hampshire, USA; also in 
Sapucaia, Minas Gerais. Brazil. 


Dufrenite 
Fe2*Fe3*¿(PO4)3(0H)5 . 2 H20 


MONOCLINIC eee 


Properties: C ~ dark green, black-green. black: S 
green; L ~ vitreous to dull; D - translucent to 
opaque: DE - 3.4: H - 3.5-4.5; CL - good: F - 
uneven: M ~ radial aggregates and crusts. granular, 
massive. 

Origin and occurrence: Secondary in granitic 
pegmatites and in the oxidation zone of Fe deposits: 
tt forms in pegmatites as a result of the hydrothermal 
alteration of primary phosphates. Radial aggregates 
occur in pegmatites in Hagendorf and Hiihnerkobel. 
Germany: also in gossan in the Wheal Phoenix mine. 
Cornwall, UK. 


Dufrenite, 9 mm, Lancaster, U.S.A. 


Pseudomalachite 
Cus(PO4)2(OH)4 


MONOCLINIC eee 


Properties: C — green, black-grcen; S - green; L — 
vitreous to dull; D — translucent to opaque: DE - 4.3; 
H ~ 4,5-5; CL - good; F — uneven; M - short 
prismatic crystals. botryoidal aggregates with radial 
structure, massive. 

Origin and occurrence: Secondary in Cu deposits. 
associated with malachite. chrysocolla, libcthenite 
and gocthite. Beautiful botryoidal aggregates and 
large masses come from Nizhniy Tagil. Ural 
mountains, Russia; also from Ehl and Virneberg, 
Germany; from L'ubictova , Slovakia; and also from 
many localitics in Shaba province, Zaire. 


Pseudomatachite, 80 mm, L'ubietova. Slovakia 
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Cornubite. 30 mm, Farbiste, Slovakia 


Augelite. 34 mm. Yukon Territory, Canada 


Cornubite 
Cus(AsO4)2(OH)4 


TRICLINIC o 


Properties: C -- light to dark green; S — light green: 
L - vitreous to dull: D — translucent: DE - 4.8; H - 
not determined: CL — not determined: F — uneven: M 
— botryoidal aggregates, massive. 

Origin and occurrence: Secondary in Cu deposits. It 
was found together with olivenite and clinoclase in 
the Bedford United quarry. Cornwall, UK: also in 
Ashburton Downs. Western Australia, Australia and 
Farbiste, Slovakia. 


Cornetite, 10 mm aggregate, Lumumbashi, Zair 


Augelite 
Al7(PO4)(OH)3 


MONOCLINIC © © è 


Properties: C - coloricss, white, yellowish, pinkish; 
S- white; L ~ vitreous to dull; D — transparent to 
translucent: DE — 2.7; H- 4.5-5; CL - good; F - 
uneven: M — thick tabular to prismatic crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites as a product of primary phosphates 
replacement: rare metamorphic in quartzites. 
Massive aggregates several decimeters across occur 
in pegmatites in Burango, Rwanda; also in the Hugo 
mine, Custer, South Dakota and Mount White, 
California, USA. Crystals up to 20 mm (7%: in) 
across come from Rapid Creek. Yukon, Canada and 
from the Champion mine, California; rare small 
crystals found in the Palermo No. 1 mine. North 
Groton, New Hampshire, USA. 


Cornetite 
Cu3(PO,4)(OH)3 


ORTHORHOMBIC 0 


Properties: C - dark blue to blue-green; S -- light 
blue; L — vitreous: D - transparent to translucent: DE 
- 4,1; H - 4.5; CL ~ none: F - conchoidal to uneven; 
M -— short prismatic crystals, coatings. 

Origin and occurrence: Secondary in Cu deposits. It 
is rare in the Etoile mine near Lumumbashi and in 
Kalagi, Shaba province, Zaire: also occurs in 
Yerington, Nevada and in Saginaw Hill, Arizona, 
USA. 


Appendix G 


Schematic Symbols Used in This Book 


The following table shows schematic 
used in this book. 
Component Symbol 


Battery —_l_ 


Buzzer 


Capacitors Capacitor =l 
T 


Variable Capacitor 


Diodes Diode 


Zener Diode gas 
| 


Light Emitting Diode 


Photodiode 


symbols 


Clineclase, 40 mm, Cornwall, UK 


Conichalcite, 70 mm, Tintic, U.S.A. 


Clinoclase 
Cu3(AsO4)(OH)3 


MONOCLINIC o. 


Properties: C — dark ercen-blue to black-green: S — 


blue-green; L -— vitreous; D - transparent to 
translucent; DE — 4.4; H - 2.5-3; CL — perfect; F - 
uneven: M — prismatic and tabular crystals. 


botryoidal aggregates. 

Origin and occurrence: Secondary in Cu deposits. 
often associated with malachite. azurite and other 
secondary Cu mincrals. Spherical aggregates up to 
10 mm (^ in) known from the Majuba Hill mine. 
Nevada. USA; occurs rarely near Tavistock, Devon. 
UK; also in Novoveska Huta, Slovakia. 


Conichalcite 
CuCa(AsO,4)(OH) 


ORTHORHOMBIC eee 


Properties: C — yellow-green to emcrald-green: S - 
light green; L — vitreous to greasy: D — transparent to 
translucent: DE — 4.3; H —- 4.5; CL - none: F - 
uneven; M — short prismatic crystals, botryoidal 
ageregates with radial structure, massive. 

Origin and occurrence: Secondary in Cu deposits. It 
occurs as rich botryoidal aggregates in Otavi, 
Namibia; Tintic. Utah, in the Higgins mine, Bisbee, 
Arizona and Yerington, Nevada, USA. 


Duftite 
PbCu(AsO4)(OH) 


ORTHORHOMBIC o. 


Properties: C — yellow-green, olive-green to gray- 
green; S — light green: L — vitreous to greasy; D - 
translucent; DE - 6.5; H — 3; CL — not determined; F 
— uneven: M - small crystals, botryoidal aggregates 
and coatings. 

Origin and occurrence: Secondary in base metals 
deposits. It is associated with malachite and azurite 
in Tsumeb, Namibia; in Mina Ojuela, Mapimi, 
Durango, Mexico; in Moldava, Czech Republic. 


Duftite, 90 mm, Tsumeb, Namibia 
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Descloizite, 38 mm, Greotfoniein, Namibia 


Arsendescloizite, 95 mm, Mapimi, Mexico 
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Descloizite 
PbZn(VO4)(OH) 


ORTHORHOMBIC eee 


Properties: C ~ red-orange, red-brown to brown- 
black, gray-green; S — light yellow-brown; L - 
grcasy; D - transparent, translucent to opaque; DE 
6.1: H - 3-3.5: CL — none: F - conchoidal to uneven; 
M — crystals of different habits, mostly pyramidal or 
prismatic, botryoidal and skeletal aggregates, 
massive. 

Origin and occurrence: Secondary in base metals 
deposits. It is mainly associated with pyromorphite, 
mimetite, vanadinite and other secondary Pb 
mincrals. Occurs as crystals up to 30 mm (I*/6 in) 
long in Tsumeb and Berg Aukas, Namibia: also 
Broken Hill, Zambia; and the Mammoth mine, Tiger, 
Arizona, USA. 


Arsendescloizite 

PbZn(AsO4)(OH) 

ORTHORHOMBIC @ 

Properties: C ~ light yellow: S -- white: L — adamantine 
to greasy; D — transparent to translucent: DE - 6.1; H 


4: CL - none: F - conchoidal to uneven: M - tabular 
crystals, rosette-like aggregates. 


—, 


Origin and occurrence: Secondary in base metals 
deposits. associated with mimetite and gocthite. 
Found rarely as crystals of 1 mm (x in) in size in 
Tsumeb, Namibia; also Mina Ojucla, Mapimi. 
Durango, Mexico. 


Mottramite 
PbCu(AsO4)(OH) 


ORTHORHOMBIC © © 


Properties: C — grass-green to black-grcen: S — light 
green: L — vitreous to dull; D — transparent to 
opaque: DE - 5.9; H - 3-3.5; CL — none; F - 
conchoidal to uneven: M -— crystals of different 
habits, botryoidal and dendritic aggregates. crusts 
and coatings, massive. 

Origin and occurrence: Secondary in base metals 
deposits, associated with mimetite. descloizite and 
vanadinite. lt occurs in Mottram, Cheshire, UK: in 
Tsumeb, Namibia: Mammoth mine, Tiger. Arizona, 
USA. 


Brazilianite 
NaAl3(PO4)2(OH)4 


MONOCLINIC eee 


Properties: C — colorless, white, yellowish. ycllow- 
green; S — white; L — vitreous: D — transparent to 
translucent; DE — 3.0; H - 5.5; CL - good; F - 
uneven: M ~ short prismatic to isometric crystals, 
radial aggregates, granular. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites. where it is associated with 
fluorapatite. albite and tourmaline. It occasionally 
originates as a product of amblygonite replacement. 
Perfect yellow-green crystals up to 150 mm (6 in) 
across found in cavities in pegmatites in Conselheira 
Pena and Corrego Frio. Linopolis. Minas Gerais and 
from Pietras Lavradas, Paraiba, Brazil. 


Mottramite, 60 mm. Tiger. Arizona, U.S.A. 


e ` 


Cajarsite. 9 mm x, Binntal, Switzerland 


Cafarsite 
Cag(Ti,Fe?* Fe3* Mn)(As3*tO3),) . 4 H20 


CUBIC o 


Properties: C - dark brown: S — yellow-brown: L 
submetallic: D - translucent; DE 3.9: H 5.5-6; CL — 
none; F — conchoidal: M — isometric crystals. 

Origin and occurrence: Hydrothermal along cracks 
in Alpine-type veins. Cubic crystals up to 30 mm 
(1% in) across come from Binntal, Switzerland and 
Pizzo Cervandone, Italy. 


Brazilianite, 47 mm. Conselheira Pena, Brazil 


167 


Carminite 
PbFe3*,(AsO ¿)2(0H) 


ORTHORHOMBIC © © 


Properties: C - crimson-red, red-brown; S — red- 
yellow; L — adamantine to pearly: D - translucent; 
DE - 5.5; H - 3.5; CL - good: F - conchoidal to 
uneven; M - prismatic crystals, acicular, radial, felt- 
like to porous aggregates. coatings and crusts. 
Origin and occurrence: Secondary in base metals 
deposits, associated with mimetite and scorodite. 
Crystals up to 10 mm (*% in) across occur in Tsumeb, 
Namibia: in Mina Ojucla, Mapimi. Durango, 
Mexico; in Calstock, Cornwall, UK. 


Carminite, 2 mm xx, Nadap, Hungary 
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Bayldonite, 34 mm, Tsumeb, Namibia 


Bayldonite 
PbCu3(AsO4)2(0H)2 ` H20 


MONOCLINIC ee 


Properties: C — yellow-green, olive-green; S — light 
green; L ~ resinous: D — translucent; DE - 5,5; H - 
4.5; CL - not determined; F - uneven; M — carthy 
aggregates, coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone in hydrothermal Cu deposits and in greisens. It 
occurs as common yellow-green coatings and 
crystals up to 10 mm (?4 in) across, associated with 
large azuritc and mimetite crystals in Tsumcb, 
Namibia; also as coatings in St. Day, Cornwall, UK; 
in Moldava, Czech Republic. 


Vesignieite 
BaCu3(VO4)2(OH)2 
MONOCLINIC ee 


Properties: C — yellow-green, olive-grecn: S — light 
yellow-green; L - vitreous to dull; D — translucent: 
A 


Vesigneite, 80 mm, Vrancice, Czech Republic 


; > 


DE - 4.1; H - 3-4; CL - good: F — uneven; M - 
carthy and pulverulent aggregates and coatings. 
massive. 

Origin and occurrence: Secondary in base metals 
deposits and in sediments, containing Cu sulfides. It 
occurs as yellow-green coatings in sediments in 
Horni Kalna, Czech Republic: also in the Masham- 
ba West mine, Zaire: together with barite and 
psilomelanc in Friedrichsroda, Germany. 


Arsentsumebite 
Pb»Cu(AsO4)(SO4)(OH) 


MONOCLINIC © 


Properties: C - bluish-green to light green: S — light 
green: L - dull; D - translucent: DE - 6.5: H - 3; CL 
- good; F — uneven; M - earthy aggregates, coatings, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zonc. where it forms as a result of mimetite replace- 
ment. Found rarcly in Moldava, Czech Republic: in 
Tsumeb. Namibia, where it forms pseudo-morphs 
after azurite crystals. 
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Fluorapatite. $0 mm, Dusso, Pakistan 


Fluorapatite 
Cas(POg)3F 
HEXAGONAL 000090 

Properties: C — colorless, white, yellowish, pinkish, 
blue. purple, green. brown with various hues: S 
white; L - vitreous to dull; D — transparent to trans- 
lucent, sometimes opaque, DE — 3.2: H - 5; CL - 
imperfect; F - conchoidal to uneven; M - long 
prismatic to tabular crystals. botryoida!. carthy and 
fibrous aggregates, massive; LU — yellow. 

Origin and occurrence: Magmatic in granites, 
syenites. diorites. gabbros and various types of peg- 
matites. also in volcanic rocks; hydrothermal! in 
quartz veins, ore veins, greisens and Alpine-type 
veins; metamorphic in different types of gneisses, 
migmatites, mica schists, skarns and amphibolites; 
in different types of sedimentary rocks. Perfect. 
short prismatic, purple transparent crystals up to 40 
x 40 mm (l'%s x 1%s in) are renowned from 
pegmatite in the Pulsifer quarry, Mount Apatite, 
Auburn, Maine, USA; pink crystals from Dusso, 
Pakistan. Perfect crystals about 100 mm (4in) across 
also from Alpinc-type veins, e.g. in Fiesch. Switzer- 
land: also known from the quartz veins in grcisens, 


170 


associated with wolframite, in Panasqucira. Portu- 
val; in Horni Slavkov, Czech Republic; Ehrenfrie- 
dersdorf, Germany. Also found in skarns at Cerro de 
Mercado. Durango. Mexico. Large deposits of mas- 


Chlorapatite, 20 mm x, Bob's Lake, Ontario, Canada 
o 


sive apatite located in Kola Peninsula, Russia; 
crystals weighing up to 300 kg (660 Ib) from the 
vicinity of Clear Lake, Ontario, Canada. 
Application: main source of P, chemical industry, 
fertilizer. 


Chlorapatite 
Cas(PO4)3Cl 


HEXAGONAL 0.0.0 


Properties: C — white, various hues of yellow; S 
white: L — vitreous to dull; D — transparent to trans- 
lucent: DE — 3.2; H ~ 5; CL -— imperfect: F — 
conchoidal to uneven; M - long prismatic to tabular 
crystals, granular. 

Origin and occurrence: Magmatic in nepheline 
syenites and their pegmatites. some gabbros and 
volcanic rocks, also in meteorites: metamorphic in 
skarns. It is usually associated with scapolite, 
amphibole. titanite and magnetite. Perfect prismatic 
crystals up to 35 cm (13'%s in) long, come from 
pegmatites in Bamle, Norway: also from Kurokura, 
Japan. 


Hydroxylapatite 
Cacg(PO4)3(OH) 


HEXAGONAL 0.0 


Properties: C — white, yellow, various hucs of gray: 
S - white; L - vitreous to dull; D — transparent to 
translucent; DE - 3.2; H - 5; CL — imperfect; F - 
conchoidal to uneven; M - short prismatic to tabular 
crystals, acicular aggregates. granular. 

Origin and occurrence: Metamorphic in tale schists 
and serpentinites: hydrothermal in granitic pegma- 
lites; sedimentary in organic remnants. Crystals up 
to 30 mm (1%s in) across known from Snarum, 
Norway: Hospental, Switzerland; Eagle, Colorado. 
USA. 


Carbonate-fluorapatite 
Cas(POz, CO3)3F 


HEXAGONAL 000 


Properties: C - white, gray; S — white; L - vitreous 
to dull: D — transparent to translucent: DE — 3.2; H 
— 5; CL — imperfect: F — conchoidal to uneven: M 
B spherical and botryoidal aggregates, massive. 
Origin and occurrence: Hydrothermal in ore veins 
and along the cracks in volcanic rocks. Rich botryoi- 
dal aggregates are known together with hyalite opal 
from Valec. Czech Republic; the Wheal Franco mine. 
Tavistock. Devon. UK. 


Hydroxylapatite, 2 mm xx, Tornaszentandras, Hungary 


Carbonate-fluorapatite, 80 mm, Staffel, Germany 
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Pyromorphite, 41 mm, Les Farges, France 


Pyromorphite, 62 mm, Les Farges. France 


Pyromorfite 
Pbs(PO 4)3Cl 


HEXAGONAL o... 


Properties: C — green, brown, yellow, orange. white, 
gray: S -white; L — adamantine to greasy; D - 
transparent to translucent; DE - 7.1; H- 3.54; CL — 
imperfect; F — conchoidal to uneven; M - long 
prismatic to tabular and pyramidal crystals, 
botryoidal aggregates with radial structure, acicular 
and earthy aggregates, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Pb deposit, associated with cerussite, 
gocthitee and other secondary minerals. Perfect 
crystals up to 40 mm (1° in) long come from many 
localities, e.g. green and brown ones from Bad Ems 
and Zschopau, Germany; yellow-brown ones from 
Les Farges. France: green, brown and yellow ones 
from Mina Ojuela, Mapimi, Durango. Mexico. 
Green, orange and brown crystals, up to 60 mm (27/: 
in) long, are known from the Bunker Hill mine, 
Idaho, USA. 
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Mimetite, 14 mm x, Johanngeorgenstadt, Germany 


Mimetite 
Pbs(AsO 4)3CI 


HEXAGONAL eee 
Varieties: campylite 


Properties: C — yellow, orange, brown, yellow- 
brown, white, gray; S - white; L — adamantine to 
greasy: D — transparent to translucent; DE ~ 7.3: 11 
3.5-4: CL - imperfect: F — conchoidal to uneven; M 
long to short prismatic and pyramidal crystals, 
botryoidal aggregates with radial structure, acicular 
and carthy aggregates, granular. 
Origin and occurrence: Secondary in Pb deposits. 
associated with pyromorphite and gocthite. Perfect 
crystals up to 20 mm (%%5: in) long come from 
Johanngcorgenstadt. Germany; campylite occurs in 
Drygill, UK: crystals up to 50 mm (2 in) across 
found in Tsumeb, Namibia; Santa Eulalia and San 
Pedro. Chihuahua. Mexico. Beautiful yellow crystals 
up to 30 mm (l in) found recently in Hat Yai 
province, Thailand. 


Vanadinite 
Pbs(VO4)3C! 


HEXAGONAL eee 


Properties: C — yellow. orange. red, brown, yellow- 
brown; S — white: L - adamantine to greasy; D 
transparent to translucent; DE — 6.9; H - 2.5-3; CL 
none; F — conchoidal to uneven: M — long to short 
prismatic and pyramidal crystals, botryoidal 


aggregates with radial structure, acicular and carthy 
aggregates, granular. 

Origin and occurrence: Secondary in Pb deposits, 
associate with pyromorphite, wulfenite and gocthite. 
Perfect crystals up to 130 mm (57/6 in) long come 
from Dicbcl Mahscur and Mibladen. Morocco. Pris- 
matic crystals were also found in Tsumeb, Namibia; 
in the Old Yuma, Red Cloud. Apache and Mammoth 
mines, Arizona, USA. 


Fanadinite, 64 mm, Mibladen, Morocco 
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Átelestite, 70 mm, Schneeberg. Germany 


Atelestite 
Bi,(AsO¿JO(OH) 


MONOCLINIC o 


Properties: C — yellow, yellow-green; S - white: L — 
adamantine to greasy: D ~ transparent to translucent: 
DE - 7.0; H ~ 4.5-5; CL - imperfect; F — conchoidal to 
uneven; M = small tabular crystals, spherical aggrega- 
tes. 

Origin and occurrence: Secondary in the oxidation zone 
of Bi deposits. It was found in Schnecberg, Germany. 


Hureaulite 

Mns(PO 4)2[P03(0H)]) . 4 H20 
MONOCLINIC 0.0. 

Properties: C — orange-red. pink, purplish, white, 
gray; S - white; L — vitreous: D - transparent to 
translucent: DE - 3.2; H ~ 3.5; CL - good: F - 
uneven; M — prismatic to tabular crystals, coatings, 
granular. massive. 


Hureaulite, 53 mm, Shingus, Pakistan 


Variscite, 30 mm, Fairfield, US. A. 


Origin and occurrence: Secondary in granitic peg- 
matites, as a result of alteration of the primary phos- 
phates, mostly lithiophillite, triphyjlite and grafto- 
nitc. Purplish crystals up to 50 mm (2 in) across 
come from Shingus. Pakistan. Similar crystals found 
in Hagendorf, Germany. Also known from Mangual- 
de, Portugal: Sao Jose da Safira. Minas Gerais, Bra- 
zil; from the Tip Top mine, Custer. South Dakota. 
USA. 


Variscite 
Al(PO,4) .2 H20 


ORTHORHOMBIC eee 


Properties: C — colorless, greenish, blue-green; S - 
white; L - vitreous; D — transparent to translucent; 
DE - 2.6; H - 3.5-4.5; CL - good; F - uneven; M — 
isometric crystals, botryoidal aggregates, nodules, 
coatings. massive. 

Origin and occurrence: : Hydrothermal in cracks in 
sedimentary rocks, rich in Al and P. also in phos- 
phates deposits. It is associated with apatite, 
wavellite and other phosphates. Renowned greenish 
nodules up to 30 cm (12 in) tn diameter come from 
Clay Canyon, Fairfield, Utah, USA; also known 
from Ronncburg. Germany and Jivina near Beroun, 
Czech Republic. 


Strengite 
Fe3+(PO,4) .2H20 


ORTHORHOMBIC eee 


Properties: € — colorless, pinkish, red-purple; S 

white; L — vitreous; D — transparent to translucent; 
DE - 2.8; H - 3.5-4.5; CL — good; F - conchoidal: 
M - isometric, tabular to short prismatic crystals, 
botryoidal aggregates with radial structure, coatings. 
Origin and occurrence: Secondary in granitic 
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Strengite, 34 mm, Svappavaara, Sweden 


Scorodite, 10 mm x, Zacatecas, Mexico 


pegmatites where it forms as a result of hydro- 
thermal replacement of primary phosphates; in the 
oxidation zone of Fe deposit together with 
goethite. Purple crystals up to $ mm (4. in) across, 
come from the Bull Moose mine, Custer. South 
Dakota, USA: also known from Pleystein, Ger- 


many and from Teskov. Czech Republic. 


Scorodite 
Fe3*(AsO4) -2 H20 


ORTHORHOMBIC eee 


Properties: B - light green, gray-green, olive-grecn. 
colorless, blue, yellow-brown: S — light green; L - 
vitreous to resinous: D -- transparent to translucent: 
DE - 3.3; 11 - 3.5-4; CL — imperfect: F - conchoidal: 
M dipyramidal to short prismatic crystals, 
botryoidal and earthy aggregates, coatings. granular, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits, associated with arsenopyrite, 
lollingite and other arsenides; in granitic pegmatites; 
hydrothermal in the hot springs. 

Perfect crystals up to 30 mm (2 in) across come from 
Tsumeb, Namibia: the Kiura mine, Oita, Japan; 
Mina Ojucla, Mapimi. Durango. Mexico: green 
crusts, several cm thick. were found in Djcbel Debar, 
Algeria. 
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Phosphophyllite, 18 mm x, Potosí, Bolivia 


Phosphophyllite 
Zn>3Fe(PO 4) .4 H20 


MONOCLINIC © © 


Properties: C - colorless, blue-green. bluc; S 
white; L — vitreous: D - transparent to translucent: 
DE - 3.1; H - 3-3.5; CL — good; F — uneven; M — 
long to short prismatic and thick tabular crystals, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits: in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals, up to 
140 mm (5% in) across come from sulfide cavities in 
the Unificada mine, Potosi, Bolivia. Also occurs at 
Hagendorf. Germany. 


Ludlamite 
Fez(PO 4)2 .4 H20 


MONOCLINIC © © 


Properties: C -- light green. green: S — white; L 
vitreous; D — transparent to translucent: DE — 3.2; 11 
— 3.5; CL — perfect; F — uneven; M — thin to thick 
tabular crystals. granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits: in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals up to 
90 mm (3716 in) across known from the San Antonio 
mine, Santa Eulalia, Chihuahua. Mexico: also from 
Morococala. Bolivia and the Blackbird district, 
Idaho. USA. 


Ludlamite, 36 mm, Morococala, Bolivia 


Anapaite 
CazFe(PO,4)2 .4 H20 


TRICLINIC © © 


Properties: C — light to dark green, colorless; S 
white; L — vitreous; D - transparent to translucent; 
DE - 2.8; H - 3.5; CL - perfect: F — uneven; M — 
thin to thick tabular crystals, rosctte-likc aggregates, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits and in sedimentary rocks, rich in 
P. Tabular crystals several mm across and sphcrical 
aggregates, up to 30 mm (l/s in) across, come from 
the cracks within oolitic ores near Anapa and Kerch, 
Crimca. Ukrainc; also known from Bellaver de 
Cerdena, Spain. 


Vivianite 
Fez(PO 4) .8 H20 
MONOCLINIC e0 oo o 

Properties: C - colorless when fresh, quickly 
oxidizes to blue, green, purple. black-bluc; S — white 
to bluish; L — vitreous; D — transparent, translucent to 
opaque; DE - 2.7; H - 1.5-2; CL — perfect; F - 
uneven: M -— long prismatic to acicular crystals, 
fibrous, earthy to pulverulent aggregates. coatings, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits: in granitic pegmatites. where it 
forms by the replacement of primary phosphates and 
in sedimentary rocks in proximity of organic 


Anapaite, 18 mm aggregates, Anapa, Ukraine 


material: hydrothermal in the ore deposits. Crystals 
up to 1.5 m (5 ft) long found in clay sediments in 
Anloua, Cameroon: crystals up to 200 mm (A in) 
across known from Morocacala. Bolivia. Smaller 
crystals comc from Trepca. Serbia; Leadville, 
Colorado, Bingham Canyon, Utah, USA; also from 
Kerch and Anapa. Crimea. Ukraine. 


Erythrine 
Cox(AsO 4) .8 H70 
MONOCLINIC 000 


Properties: C -- dark purple, pink, colorless: S — light 
pink to white; L — vitreous; D - transparent to trans- 


y 


lucent; DE — 3.2: H = 1.5-2 5: CL — perfect; F — 
uneven; M — long prismatic. acicular to tabular 
crystals, earthy aggregates, coatings. granular, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Co. Ni and U deposits. Tabular crystals up to 
60 mm (2% in) long come from Bou Azzer, 
Morocco. Other important localities are Schnecbcrg, 
Germany; Talmessi. fran; Cobalt, Ontario, Canada; 
Mount Cobalt. Queensland, Australia. 


Vivianite, 48 mm, Morococala, Bolivia 
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Phosphophyllite, 18 mm x, Potosí, Bolivia 


Ludlamite, 36 mm, Morococala, Bolivia 


Phosphophyllite 
Zn23Fe(PO q) - 4 H20 


MONOCLINIC o. 


Properties: C - colorless, blue-green, bluc: S 
white; L — vitreous: D — transparent to translucent; 
DE - 3.1; H — 3-3.5; CL - good; F — uneven; M — 
long to short prismatic and thick tabular crystals, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits; in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals, up to 
140 mm (5% in) across come from sulfide cavities in 
the Unificada mine, Potosí. Bolivia. Also occurs at 
Hagendorf. Germany. 


Ludlamite 
Fex(PO q) -4 H20 


MONOCLINIC o. 


Properties: C — light green, green; S — white; L 
vitreous; D - transparent to translucent; DE — 3.2; H 
— 3.5; CL — perfect; F — uneven: M — thin to thick 
tabular crystals, granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits; in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals up to 
90 mm (3% in) across known from the San Antonio 
mine, Santa Eulalia, Chihuahua, Mexico; also from 
Morococala, Bolivia and the Blackbird district, 
Idaho. USA. 


Anapaite 
Ca27Fe(PO q) -4 H20 


TRICLINIC o. 


Properties: C — light to dark green, colorless; S 
white; L — vitreous; D — transparent to translucent; 
DE —- 2.8; H - 3.5; CL — perfect: F — uneven; M — 
thin to thick tabular crystals, rosette-like aggregates, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits and in sedimentary rocks, rich in 
P. Tabular crystals several mm across and sphcrical 
aggregates, up to 30 mm (1%. tn) across. come from 
the cracks within oolitic ores near Anapa and Kerch, 
Crimea, Ukraine: also known from Bellaver de 
Cerdena, Spain. 


Vivianite 
Fe3(PO4)2 -8 H20 
MONOCLINIC 00090 

Properties: C — colorless when fresh, quickly 
oxidizes to blue. green, purple. black-blue: S - white 
to bluish; L - vitreous; D - transparent, translucent to 
opaque; DE — 2.7; H — 1.5-2; CL — perfect; F 
uneven: M — long prismatic to acicular crystals, 
fibrous, carthy to pulverulent aggregates, coatings, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits; in granitic pegmatites, where it 
forms by the replacement of primary phosphates and 
in sedimentary rocks in proximity of organic 


Anapaite, 18 mm aggregates, Anapa. Ukraine 


material; hydrothermal in the ore deposits. Crystals 
up to 1.5 m (5 ft) long found in clay sediments in 
Anloua. Cameroon; crystals up to 200 mm (7%, in) 
across known from Morococala, Bolivia. Smaller 
crystals come from Trepca. Serbia: Leadville, 
Colorado, Bingham Canyon, Utah, USA; also from 
Kerch and Anapa. Crimea, Ukraine. 


Erythrine 
Co3(AsO4)2 .8 H20 
MONOCLINIC 0008 


Properties: C — dark purple, pink, colorless: S-- light 
pink to white: L — vitreous; D -- transparent to trans- 


Erythrite, 29 mm, Mexico 


lucent; DE - 3.2: H — 1.5-2.5; CL - perfect; F - 
uneven; M — long prismatic, acicular to tabular 
crystals, earthy aggregates, coatings, granular. 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of:.Co, Ni and U deposits. Tabular crystals up to 
60 mm (2%: in) long come from Bou Azzer, 
Morocco. Other important localities are Schneebcrg, 
Germany; Talmessi, Iran; Cobalt, Ontario, Canada; 
Mount Cobalt, Queensland, Australia. 


Vivianite, 48 mm, Morococala, Bolivia 
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Annabergite, 55 mm, Laurion, Greece 


Annabergite 
Niz(AsO 4) .8 H20 


MONOCLINIC 0090 
Varieties: cabrcrite (Mg contents) 


Properties: C — light to dark green, white; S — white: 
L - vitreous; D — transparent to translucent: DE - 
3.2: II - 1.5-2.5; CL -- perfect; F - uneven; M — long 
prismatic to acicular and tabular crystals, acicular 
and carthy aggregates, coatings, granular, massive. 
Origin and occurrence: Secondary in the oxidation 
zonc of Ni deposits, associated with erythritc. Crys- 
tals up to 5 mm (in in) across occur in Gukuroren. 
Turkey; Sierra Cabrera, Spain; Laurion, Greece. 
Nodules up to 20 mm (%: in) come from the 
Snowbird mine, Montana, USA. 


Symplesite 
Fe3(AsO4)2 .8 H20 


TRICLINIC o. 


Properties: C -~ bluish, dark blue, light green, black- 
green: S — white; L - vitreous: D - transparent to 
translucent; DE — 3.0 H - 2.5; CL - perfect: F - 
uneven; M - acicular to tabular crystals, spherical 
aggregates with radial structure, carthy aggregates 
and coatings, granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zonc of ore deposits and in granitic pegmatites with 


Picropharmacolite, 128 mm. France 


As minerals, mainly arsenopyrite and lollingite. It 
occurs in Schnceberg, Germany: Baia Sprie, Roma- 
nia and Trebsko, Czech Republic. 


Picropharmacolite 
CagMgH>(AsO4)4 - 12 H720 


TRICLINIC © © 


Properties: C - colorless, white: S — white; L 
vitreous: D — transparent to translucent; DE — 2.6; H 
— 2.5; CL —- perfect; F — uneven; M — acicular 
crystals. spherical aggregates with radial structure, 
coatings. 

Origin and occurrence: Secondary in the oxidation 
zone ol ore deposits with As minerals, mostly 
arsenopyrite and lollingite. It is also known from 
Ste-Maric-aux-Mines and Salsigne. France; 
Freiberg, Germany and Jachymov, Czech Republic. 


Brushite 
CaH(PO4) .2 H20 


MONOCLINIC ee 


Properties: C - colorless, white; S - white; L - 
vitreous, pearly on cleavage planes: D — transparent 
to translucent; DE - 2.3; H — 2.5; CL - perfect: F — 
uneven; M — prismatic, acicular to tabular crystals, 
earthy aggregates and coatings, massive. 

Origin and occurrence: Secondary on bat and bird 


Brushite, 4 mm xx, Domica, Slovakia 


Legrandite, 25 mm xx, Mapimi, Mexico 


excrements and bones, it impregnates bones, along 
the cracks of phosphorites. Tabular crystals up to 20 
mm (?/2 in) across come from Quercy, France also 
occurs near Oran. Algeria and Pig Hole, Virginia. 
USA. 


Legrandite 
Zn7(AsO4)(OH) . H20 


MONOCLINIC ee 


Properties: C - colorless, yellow, purple; S — white; 
L - vitreous; D - transparent to translucent; DE — 4.0 
H - 4.5; CL — imperfect; F - uneven; M — long 
prismatic crystals and their inter-growths, radial 
aggregates. 

Origin and occurrence: Secondary in the oxidation 
zone of Zn deposits and in pegmatites. Prismatic 
crystals up to 250 mm (9'4 in) long found in Mina 
Ojuela, Mapimi. Durango. Mexico. It is also known 
from Galilcia, Minas Gerais, Brazil and Tsumcb, 
Namibia. 


179 


Euchroite, 10 mm xx, Lubietova, Slovakia 


Euchroite 
Cu7(AsO,4)(OH) .3 H20 


ORTHORHOMBIC © © 


Properties: C — cmerald-grcen; S — white; L — 
vitreous; D — transparent to translucent; DE — 3.5; H 
— 3.5-4; CL — imperfect; F - conchoidal to uneven; 
M = short prismatic to thick tabular crystals, 
Massive. 

Origin and occurrence: Sccondary in the oxidation 
zone of Cu deposits, associated with olivenite and 
malachite. Thick tabular crystals up to 30 mm (1°/:6 
in) comc from Cubictova, Slovakia. It also occurs in 
Zapacica, Bulgaria and Chessy, France. 


Vauxite, 20 mm xx, Llallagua, Bolivia 


Strunzite, 10 mm xx, Hagendorf, Germany 


Vauxite 
FeAl2(PO4)2(0H)) .6 H20 


TRICLINIC © © 


Properties: C - light to dark bluc; S - white; L — 
vitreous; D — transparent to translucent; DE — 2.4; H 
— 3.5; CL — none; F - uneven; M - tabular crystals. 
radial aggregates, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Sn deposits, associated with wavellite. 
Crystals occur in the Siglo XX Mine, Llallagua, 
Bolivia. 


Strunzite 
MnFe3*,(PO 4)2(0H)) . 6 H20 


MONOCLINIC eee 


Properties: C — light yellow, yellow-brown; S - 
yellowish; L — vitreous; D - transparent to 
translucent; DE — 2.5; H — not determined; CL ~ not 
determined; F - uneven; M — acicular crystals, 
acicular and fibrous aggregates. 

Origin and occurrence: Secondary in granitic pegma- 
lites, as a result of weathering of primary phosphates, 
mostly triphyllite; rarely hydrothermal in the cracks of 
Fe-rich sedimentary rocks. Acicular crystals up to 20 
mm (4%: in) across known from Hagendorf, Germany: 
the Palermo No.1 and No. 2 mines, North Groton and 
the Fletcher mine, Groton, New Hampshire, USA. 


Cacoxenite, | mm xx, Hellertown, Pennsylvania, U.S.A. 
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Cacoxenite 
(Fe3*,Al)25(PO4)|70¢(OH)) 2 -75 H20 
HEXAGONAL 0090 
Properties: C — light yellow, yellow-brown, orange; S 
yellow; L - silky: D - transparent to translucent; DE — 
2.3; H — 3-4; CL - not determined; F - uneven; M — 
acicular and fibrous aggregates, often with radial 
structure. botryoidal crusts and coatings. 
Origin and occurrence: Hydrothermal on the cracks 
of sedimentary Fe ores. associated with wavellite; 
rare as sccondary in granitic pegmatites, as a product 
of weathering of primary phosphates. Crystals up to 
10 mm (z in) across come from the Horcajo mine, 
Ciudad Real. Spain; golden-yellow acicular aggre- 
gates occur in Hrbek near Svata Dobrotiva and 
Trenice, Czech Republic and in Amberg, Germany. 


Beraunite 
Fe2*Fe3*.(PO4)4(OH)s . 4 H20 
MONOCLINIC © © 

Properties: C — red-brown, red, gray-green; S — 
ycllow to green-brown; L — vitreous to dull; D — 
translucent: DE — 3.0; H — 3.5-4; CL - good: F — 
uneven; M — acicular aggregates. often with radial 
structure. botryoidal crusts and coatings. 

Origin and occurrence: Hydrothermal on the cracks 
of sedimentary Fe ores, typically together with 
wavellite; secondary in granitic pegmatites, as a 
product of weathering of primary phosphates. 
Acicular aggregates up to 10 mm (*: in) across occur 
in Mount Indian. Alabama, USA; also known from 
Hrbek near Svata Dobrotiva, Czech Republic and 
Amberg, Germany. 


Beraunite, 3 mm aggregates, Nekeszeny, Hungary 
v E J d + 


Diadochite 
Fe3*(PO¿ASO¿XOH) . 5 H20 


TRICLINIC © © © 


Properties: C - yellow-brown, brown, red-brown, yel- 
low-grcen, gray-green; S - yellow to light brown; L — 
dull, waxy; D - translucent to opaque: DE - 2.0-2.4; 
H — 3; CL - not determined; F - uneven. conchoidal, 
carthy: M — nodules. coatings and crusts, massive. 
Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits. Diadochite caves in abandoned 
mines are known from Saalfeld, Germany; nodules 
found in New Idria, California and Eurcka, Nevada, 
USA. 


Diadochite, 40 mm, Recsk, Hungary 
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Wavellite, 40 mm, Trenice, Czech Republic 


Eosphorite, 4 mm xx, Lavra da ha, Brazil 
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Wavellite 
Al3(PO4)2(OH,F)3 .5 H20 


ORTHORHOMBIC 0090 


Properties: C — colorless, white, greenish, light bluc- 
green, green, yellowish; S — white; L — vitreous to 
pearly; D — transparent to translucent: DE — 2.4; H 
3.5-4; CL - perfect: F — uneven: M - isomctric 
crystals, hemispherical aggregates with radial 
structure, botryoidal aggregates, nodules. coatings, 
massive. 

Origin and occurrence: Hydrothermal in the cracks 
of Al and P-rich sediments, also in phosphate 
deposits, ore veins and pcgmatites. Beautiful hemi- 
spherical aggregates up to 40 mm (1%: in) in dia- 
meter occur in Pencil. Garland and Magnet Cove, 
Arkansas. USA; also known from Trenice and 
Milina, Czech Republic and Ronneburg, Germany. 


Eosphorite 
MnAl(PO4)(OH)2 - H20 


ORTHORHOMBIC o. 


Properties: C — pinkish, colorless, white, brownish, 
red-brown: S - white; L — vitreous to pearly; D — 
transparent to translucent; DE - 3.1; H - 5; CL 
imperfect; F — uneven to conchoidal; M - long to 
short prismatic crystals, radial aggregates, granular. 
Origin and occurrence: Secondary in granitic 
pegmatites, as a product of hydrothermal replace- 
ment of primary phosphates. Crystals up to 100 mm 
(4in) long found in the Joao Modesto dos Santos 
mine, Minas Gerais. Brazil. It occurs in Rapid Creck, 
Yukon, Canada, too. 


Turquoise 
CuAlg(PO4)4(OH)g .4 H20 


TRICLINIC eee 


Properties: C — bluc, blue-green, green; S — white; L 
— waxy; D - transparent, translucent to opaque; DE 
2.9: H — 5-6; CL - good: F - conchoidal to uneven: M 
short prismatic crystals, botryoidal aggregates. 
coatings, massive. 
Origin and occurrence: Secondary in the surface 
parts of rocks with clevated contents of P and Cu, 
c.g. in the oxidation zonc of some Cu deposits. Small 
crystals occurred near Lynch Station, Virginia, USA. 
Massive blue and bluc-grecn concretions come from 
Mount Ali Mirsai near Maden, Iran. Other localities 
are Cortez, Nevada, Los Cerillos and Eureka. New 
Mexico and Bisbee, Arizona, USA. 
Application: popular gemstone. 


Operational Amplifier 


Resistors Resistor 


Two-Contact Variable Resistor 
(Potentiometer) 


Three-Contact Variable Resistor 
(Potentiometer) 


Signal Generator (Sine Wave) 


Switches  Single-pole, Single- Throw (SPST) 


Switch 
oo 
Single-pole, Double- Throw (SPDT) Switch 


Turquoise, 3 mm aggregates, Humboldt Co., USA. 


Chalcosiderite 
CuFe3*¿(PO¿)¿(OH)g . 4 H20 


TRICLINIC ee 


Properties: C — dark green: S - white; L ~ vitreous: 
D - transparent to translucent; DE — 3.3; H- 4.5: CL 

good: F - conchoidal to uneven; M - short 
prismatic crystals, coatings. 


Turquoise, 30 mm, Kazakhstan 


Origin and occurrence: Secondary in the oxidation 
zone of some Cu deposits, together with gocthite. 
dufrenite and pharmacosiderite. It occurs in 
Bisbec, Arizona, USA; in the Wheal Phoenix mince, 
Cornwall, UK: Schneckenstein, Germany; Horni 
Slavkov. Czech Republic. 


Chalcosiderite, 90 mm, Cornwall, UK 


Chenevixite, 100 mm, Chuquicamata, Chile 


Chenevixite 
CuzFe3*,(AsO ¿)2(0H)4 . H20 


MONOCLINIC e 


Properties: C — dark green, olive-green to yellow- 
green: S - yellow-green; L - greasy: D - translucent: 
DE - 3.9; H - 3.5-4.5; CL — not determined: F — 
conchoidal to uneven; M - carthy aggregates, 
coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, associated with malachite, 
tyrolite. azurite and other mincrals. Massive aggre- 
gates occur in the Mammoth mine, Tintic, Utah, 
USA; also in Klein Spitzkopje, Namibia. 


Tyrolite 
CaCus(AsO4)2(CO3)(OH)4 . 6 H20 


ORTHORHOMBIC eee 


Properties: C - apple-green, green-bluc to blue; S - 
light green to blue-green; L — vitreous to pearly: D 
transparent to translucent; DE - 3.3: H - 2; CL - 
perfect; F — uneven; M B scaly and tan-shaped 
aggregates, coatings and crusts. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, frequently associated with 
chalcophyllite. Rich aggregates occur in the Majuba 
Hill mine, Nevada, also in Tintic, Utah, USA. It is 
also known from Brixlegg, Austria: Saalfeld and 
Schnecberg, Germany; Novoveska Huta. Slovakia. 


Delvauxite 
CaFe3* ,(PO4,S04)(OH)g . 4-6 H20 


AMORPHOUS eee 


Properties: C — yellow-brown, brown, red-brown. 
black-brown; S - yellow; L — greasy, waxy; D - 
translucent to opaque: DE - 1.8-2.0; H - 2.5; CL — not 
determined; F - conchoidal, earthy: M - nodules, 
stalactites, coatings and crusts, massive. 

Origin and occurrence: Secondary in oxidation zone of 
Fe deposits. Nodules of 50 cm (20 in) across in Czech 
Republic. Also known in Berncau and Richelle. 
Belgium; Zeleznik, Slovakia: Kerch, Crimea, Ukraine. 


Delvauxite, 80 mm, Nucice, Czech Republic 


Bukovskyite, 40 mm, Kank, Czech Republic 


Bukovskyite 
Fe3*,(AsO 4X(SO¿MOH) .7 H30 


TRICLINIC o 


Properties: C ~ yellow-green, gray-green; S — yellow- 
ish white; L — dull to carthy; D - translucent to opaque; 
DE - 2.3: H — not determined; CL — not determined; F 
- carthy; M B botryoidal aggregates and nodules. 
Origin and occurrence: Secondary on the old mine 
dumps where it forms as a product of arsenopyrite 
weathering. Nodules up to 60 cm (24 in), occur on me- 
dicval dumps in Kank near Kutna Hora. Czech 
Republic. 


Chaicophyilite, 36 mm, Chile 


Veszelyite 
(Cu,Zn)3(PO4)(OH)3 .2 H20 


MONOCLINIC © © 


Properties: C - green, blue-green, dark blue; S - 
green; L — vitreous; D — translucent; DE - 3.4; H — 
3.5-4; CL - good; F - uneven; M — short prismatic to 
tabular crystals, granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu-Zn deposits. Crystals up to 50 mm (2 in) 
across found in the Black Pine mine, Philtpsburg, 
Montana, USA; also from Moravita, Romania; 
Arakawa, Japan; Wanlockhead, Scotland, UK. 


Chalcophylite 

TRIGONAL 0090 

Properties: C — emerald-green, blue-green: S — light 
green; L — vitreous. pearly; D — transparent to 
translucent; DE - 2.6; H - 2; CL — perfect; F - 
uneven; M -- tabular crystals, scaly, fan-shaped 
aggregates, coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, usually associated with tyrolite. 
Rich aggregates occur in the Majuba Hill, Nevada 
and in the Tintic district, Utah, USA. Nice specimens 
also come from Novoveska Huta and Piesky, 
Slovakia; Nizhniy Tagil. Ural mountains. Russia; 
Cap Garrone, France. 


Jeszelyite, 13 mm, Philipsburg, U.S.A. 


Liroconite, 86 mm, Cornwall, UK 


Lirokonit 
Cu Al(AsO4)(OH), . 4 H30 


MONOCLINIC o. 


Properties: C — blue, green: S — light blue; L 
vitreous to resinous: D - transparent to translucent; 
DE- 30: H -2-2 5: CL - imperfect: F -- conchoidal 
to uneven: M — lenticular, dipyramidal crystals, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits. together with olivenite, 
malachite and azuritc. Perfect crystals up to 30 mm 
(1% in) across come from Redruth and St. Day, 
Cornwall, UK. It is also known from Cerro Gordo, 
California, USA. 


Evansite, J mm aggregates, Sirk - Zeleznik, Slovakia 
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Evansite 
Al3(PO4)(OH)¢ .6 H20 


AMORPHOUS 3 


Properties: C — colorless, white, greenish, light blue- 
green, yellowish; S ~ white; L — vitreous, resinous, 
waxy; D — transparent to translucent; DE - 1.8-2.2; 
H - 3-4; CL - none; F — conchoidal; M — botryoidal, 
stalactitic and hemispherical aggregates and 
coatings. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits, rich in P associated with 
alophanc and gocthite. Rich stalactitic aggregates 
come from Zeleznik, Slovakia and from Epernay, 
France. 


Whiteite-(CaFeMg) 
CaFeMg7Alz(PO4)4(OH)2 .8 H20 


MONOCLINIC o. 


Properties: C — brown: S — white; L -- vitreous; D — 
transparent to translucent; DE -- 2.6; 11 - 4; CL - 
good: F - uneven: M - short prismatic crystals. 
Origin and occurrence: Hydrothermal in the cracks 
of P-rich sediments. Perfect crystals up to 20 mm 
(%/2 in) across come from Big Fish River, Yukon. 
Canada. Crystals up to 5 mm (w in), arc known 
from Lavra da Ilha de Taquaral. Minas Gerais, 
Brazil. 


Whiteite-(CakoMa), 63 mm, Yukon Territory, Canada 


Jahnsite-(CaMaMg), 60 mm. Custer, U.S.A. 


Wardite, 48 mm, Yukon Territory, Canada 


Jahnsite-(CaMnMg) 
CaMnMgFe**2(PO4)4(OH)4 . 8 H20 


MONOCLINIC o... 


Properties: C -~ yellow, light to dark brown: S - light 
yellow; L — vitreous; D ~ transparent to translucent: 
DE - 2.6; H - not determined; CL - good: F — 
uneven; M - short to long prismatic crystals, 
granular. 

Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replace- 
ment of primary phosphates. Perfect crystals up to 
10 mm (`^ in) across occur in the Tip Top mine, 
Custer, South Dakota, USA. It is also known from 
Hagendorf, Germany. 


Wardite 
NaAl3(PO4)2(OH)4 -2 H20 


TETRAGONAL eee 


Properties: C - colorless, white, greenish, light bluc- 
green; S -white; L -- vitreous; D - transparent to 
translucent: DE - 2.8: H - 5; CL - perfect; F 
uneven; M — dipyramidal crystals. radial and 
hemispherical aggregates, coatings, crusts, granular. 
Origin and occurrence: Secondary in granitic 
pegmatites. where it forms as a product of primary 
phosphate replacement; hydrothermal in the cracks 
in P-rich sediments. Perfect crystals up to 30 mm 
(1. in) across come from Rapid Creck, Yukon, 
Canada. It is also known from Picdras Lavradas, 
Paraiba, Brazil. 


Cyrilovite 
NaFe3*3(PO,4)2(OH)4 .2 H30 


TETRAGONAL ee 


Properties: C — yellow, orange, brown-ycllow; S - 
yellow; L — vitreous: D — transparent to translucent: 
DE - 3.1: H - 4; CL - good; F - conchoidal: M 
tabular and dipyramidal crystals, coatings and crusts. 
Origin and occurrence: Secondary in granitic 
pezmatites, where it forms as a result of replacement 
of primary phosphates. Small crystals occur in 
Cyrilov. Czech Republic; Ilagendorf, Germany and 
Sapucaia, Minas Gerais, Brazil. 


Cyrilovite, 60 mm, fron Monarch, Australia 
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Liroconite, 86 mm. Cornwall. UK 


Lirokonit 
Cu2Al(AsO4)(OH)4 .4 H20 


MONOCLINIC ee 


Properties: C — blue, green; S — light blue; L - 
vitreous to resinous: D - transparent to translucent: 
DE — 3.0, H - 2-2.5; CL ~ imperfect: F — conchoidal 
to uneven; M — lenticular. dipyramidal crystals. 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, together with olivenite, 
malachite and azurite. Perfect crystals up to 30 mm 
(le in) across come from Redruth and St. Day, 
Cornwall. UK. It is also known from Cerro Gordo, 
California, USA. 


Evansite, $ mm aggregates, Sirk — Zeleznik. Slovakia 


IVA 


Evansite 
Al3(PO4)(OH), -6 H20 


AMORPHOUS 3 


Properties: C — colorless, white, greenish, light blue- 
green, yellowish; S - white; L — vitreous, resinous, 
waxy; D — transparent to translucent; DE — 1.8-2.2; 
H — 3-4; CL — none; F — conchoidal; M — botryoidal, 
stalactitic and hemispherical aggregates and 
coatings. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits, rich in P associated with 
alophane and gocthitc. Rich stalactitic aggregates 
come from Zeleznik, Slovakia and from Epernay, 
France. 


Whiteite-(CaFeMg) 
CaFeMg7Alz(PO4)4(OH)2 .8 H20 


MONOCLINIC ee 


Properties; C brown; S — white; L — vitreous; D 
transparent to translucent; DE - 2,6; H ~ 4; CL - 
good; F — uneven; M — short prismatic crystals. 
Origin and occurrence: Hydrothermal in the cracks 
of P-rich sediments. Perfect crystals up to 20 mm 
(4: in) across come from Big Fish River, Yukon. 
Canada. Crystals up to 5 mm (%» in), are known 
from Lavra da Ilha de Taquaral, Minas Gerais, 
Brazil. 


Whiteite-(CaFeMe), 65 mm, Yukon Territory, Canada 


Jaknsite-(CaMnMg), 60 mm, Custer, USA. 


Wardite, 48 mm, Yukon Territory, Canada 


Jahnsite-(CaMnMg) 
CaMnMg3Fe**(PO ¿)¿(OH)4 .8 H70 


MONOCLINIC © © 


Properties: C - yellow, light to dark brown: S - light 
yellow; L- vitreous; D — transparent to translucent; 
DE — 2.6; II - not determined: CL - goad: F - 
uneven: M -— short to long prismatic crystals, 
granular. 

Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replace- 
ment of primary phosphates. Perfect crystals up to 
10 mm (4 in) across occur in the Tip Top mine, 
Custer, South Dakota. USA. It is also known from 
Hagendorf. Germany. 


Wardite 
NaAlz(PO 4)2(0H)g -2 H20 


TETRAGONAL 0.0 


Properties: C -- colorless, white, greenish. light blue- 
green; S -white; L - vitreous: D — transparent to 
translucent: DE - 2.8: H - 5; CL ~ perfect; F - 
uneven; M — dipyramidal crystals, radial and 
hemispherical aggregates, coatings, crusts, granular. 
Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a product of primary 
phosphate replacement; hydrothermal in the cracks 
in P-rich sediments. Perfect crystals up to 30 mm 
(le in) across come from Rapid Creek. Yukon, 
Canada. It is also known from Piedras Lavradas, 
Paraiba, Brazil. 


Cyrilovite 
NaFe3*,(PO4)9(OH)4 .2 H20 


TETRAGONAL o. 


Properties: C - yellow, orange, brown-yellow: S - 
yellow; L — vitreous; D — transparent to translucent: 
DE - 3.1; H - 4; CL - good: F — conchoidal; M 
tabular and dipyramidal crystals, coatings and crusts. 
Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replacement 
of primary phosphates. Small crystals occur in 
Cyrilov, Czech Republic: Ilagendorf, Germany and 
Sapucaia, Minas Gerais, Brazil. 


Cvrilovite, 60 mm, Iron Monarch, Australia 
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Pharmacosiderite, 35 mm, Cornwall, UK Pharmacosiderite 
KFe3* 4(AsO4)3(OH)4 .6 H20 


CUBIC eee 


Properties: C - green, yellow-brown. brown; S — 
white; L — adamantinc to greasy; D — transparent to 
translucent; DE — 2.8; H - 2.5; CL — imperfect; F - 
uneven: M -~ cubic crystals, coatings, crusts, 
granular, massive. 
Origin and occurrence: Secondary in granitic 
gmatites and in the oxidation zone of orc deposits. 
where it forms as a product of arscnopyrite and 
lollingite replacement. Cubic crystals up to 10 mm 
(A in) across occur in St. Day, Liskeard and Redruth. 
Cornwall, UK. It also comes from the Majuba Hill 
minc, Nevada, USA; Horhausen, Germany and Cap 
Garrone, France. 


Arseniosiderite 
CaFe3*3(AsO4)307 - 3 H20 


MONOCLINIC o © 


Properties: C - yellow, light to dark brown; S - 
yellow: L — submetallic to silky; D - opaque, DE — 
3.6; H - 1.5; CL - good: F — uneven; M — fibrous and 
earthy aggregates. coatings, crusts, massive. 

Origin and occurrence: Sccondary in the oxidation 
zone of ore deposits and in granitic pegmatites, 
where it forms as a product of arsenopyrite and 
lollingite replacement. Rich aggregates occur in 
Romanche, France; also from the Eurcka mine, 
Tintic, Utah. USA and Wittichen, Germany. 


Lavendulane 
NaCaCus(AsO4)4Cl .5 H20 


ORTHORHOMBIC © © 


Properties: C — light bluc-purple. blue; S — white; L 
— vitrcous to waxy: D — translucent: DE - 3.5: 11 - 
2.5; CL - good; F — uneven; M - acicular crystals, 
acicular and carthy aggregates, coatings. 

Origin and occurrence: Secondary in the oxidation 
zonc of Co, Cu and Ni deposits, as a result of 
arsenide weathering, associated with erythritc. Rich 
acicular aggregates come from Talmessi and Anarak, 
Iran. Small crystals found in the Blanca mine, San 
Juan, Chile and in Annaberg. Germany. Crystals up 
to 4 mm (*/x in) across occur in the Gold Hill mine, 
Utah, USA. 


Mixite, 70 mm, Cinovec, Czech Republic 


Ig 


Kovdorskite, 15 mm x, Kovdor, Kola, Russia 


Mixite 
BiCug(AsO 4)3(OH),g .3 H2O 


HEXAGONAL © © 


Properties: C - emerald-green, blue-grcen. light 
blue. light green, whitish; S — light green, light blue; 
L — adamantine to dull; D — translucent: DE - 3.8; H 
- 3-4; CL — not determined; F - uneven; M - acicular 
crystals, acicular and carthy aggregates, coatings, 
massive. 

Origin and oceurrence: Secondary in the oxidation 
zone of Bi and Cu deposits, together with bismuthinite. 
It occurred in Jachymov, Czech Republic; in Tintic. 
Utah. USA; Schnceberg and Wittichen, Germany. 


Torbernite, 120 mm, Katanga, Zair 


Kovdorskite 
Mgs(PO4)2(CO3)(OH)2 . 4,5 H20 


MONOCLINIC 6 


Properties: C — light pink-brown, white, blue; S - 
white; L — vitreous: D - transparent to translucent; 
DE - 2.6: H — 4; CL — none; F — conchoidal to 
uneven: M - tabular crystals, massive. 

Origin and occurrence: Hydrothermal, associated 
with magnesite. magnetite and other minerals. Blue 
and pink-brown crystals up to 25 mm (1 in) across 
come from the Zhcleznyi mine, Kovdor, Kola 
Peninsula, Russia. 


Torbernite 
Cu(UO0>)2(PO4)2 - 8-12 H20 
TETRAGONAL eee 

Properties: C - emerald-green to grass-green: S — light 
green; L — vitreous to dull, pearly on the cleavage planes; 
D - transparent to translucent; DE — 3.3; H - 2-2.5: CL - 
perfect; F — uneven; M - tabular to pyramidal crystals. 
earthy aggregates, coatings, granular, massive; R -— 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zonc of U deposits. also in pegmatitos and sedimentary 
rocks, resulting from the hydrothermal alteration of 
uraninite and other U mincrals. Emerald-green tabular 
crystals, several cm across, come from Sabugal, 
Portugal; Jachymov, Czech Republic; Shinkolobwe, 
Zaire; Bois-Noirs, France: Moctezuma. Mexico and 
many localities in the Colorado Plateau, Utah. USA. 
Beautiful druses of crystals up to 20 mm (*?x in) across, 
found in the Margabal mine. Aveyron, France. 
Application: U ore. 
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Autunite, 15 mm xx, Troncasa, Portugal 


Autunite 

Ca(UO)2(PO,4)2 . 10-12 H20 
TETRAGONAL eee 

Properties: C — light to dark yellow. yellow-green to 
green; S ~ light yellow: L - vitreous to dull: D 
transparent to translucent; DE - 3.1; H - 2-2.5; CL 
perfect: F — uneven: M - tabular crystals, foliated. 
scaly, earthy and pulverulent aggregates, coatings, 
massive: LU - ycllow-grecn: R — strongly radio- 
active. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, in pegmatites and in some L- 
rich sedimentary rocks, as a result of hydrothermal 
alteration of uraninite and other U minerals. It is 
frequently associated with torbernite and other U 


Uranocircite, 78 mm, Minas Gerais, Brazil 


Novacekite, 70 om, Brumado, Brazil 


secondary minerals. Tabular crystals up to 30 mm 
(1e in) across come from Schneeberg and Johann- 
georgenstadt, Germany and Autun, France. It is also 
known from Rum Jungle, Northern Territory, Austra- 
lia: St. Austel, Cornwall, UK: Mount Spokane, 
Washington, USA and Jachymov, Czech Republic. 
Application: U ore. 


Uranocircite 
Ba(UO>)7(PO4) . 10 H20 
TETRAGONAL ee 


Properties: C -- light to dark yellow, light yellow- 
green; S — light yellow; L - vitreous to dull, pearly 
on the cleavage planes: D -- transparent to translu- 


Zeunerite, $ mm xx, Cinovec, Czech Republic 
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cent: DE - 3.5; H — 2-2.5; CL — perfect: F — uneven; 
M - tabular crystals, foliated and earthy aggregates, 
pulverulent coatings, massive; LU — green; R 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits. Yellow tabular crystals up to 10 
mm (A in) across occurred in Dametice, Czech 
Republic: Bergen and Wolsendorf, Germany and in 
the Sao Pedro mine, Suacqui, Minas Gerais. Brazil. 


Novacekite 
Mg(U0)2(AsO4)2 . 10 H20 


TETRAGONAL o © 


Properties: C — straw-ycllow, light yellow: S — light 
yellow; L — vitreous to dull; D — transparent to 
translucent: DE - 3.7; H — 2.5; CL — perfect; F — 
uneven: M — tabular crystals, lamellar. carthy and 
pulverulent aggregates. massive; LU — dark green; R 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits. Tabular crystals up to 50 mm (2 
in) across come from the Pedra Preta Mine, 
Brumado, Bahia, Brazil. Lamellar aggregates are 
known from Zalcsi, Czech Republic; Aldama, 
Chihuahua, Mexico: Wittichen, Germany. 


Zeunerite 
Cu(UO»),(AsO q), - 10-16 H20 


TETRAGONAL o. 


Properties: C — emerald-green, yellow-green; S 
light green: L — vitreous to dull; D — transparent to 
translucent; DE - 3.4; H - 2.5: CL - perfect; F — 
uneven; M - tabular crystals, foliated aggregates, 
massive; R — strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zonc of U deposits. Tabular crystals up to 30 mm 
(1%. in} across, come from the Pedra Preta Mine. 
Brumado, BahRa, Brazil. It is also known from 
Zalesi, Czech Republic and Schneeberg, Germany. 


Carnotite 

K,(UO0»)),(VO 4), -3 H20 

MONOCLINIC eee 

Properties: C — light to dark yellow, yellow-green; S 
light yellow; L — dull; D ~ transparent to trans- 

lucent, opaque; DE — 4.9; H — not determined; CL - 

perfect: F - uneven; M — carthy aggregates, massive; 

R = strongly radioactive. 

Origin and occurrence: Sccondary in the oxidation 

zone of sedimentary U deposits. typically associated 


Carnotite, 55 mm, Utah, U.S.A. 


with tyuyamunite. Platy crystals. up to 2 mm ('/s in) 
across found in the Mashamba West mine, Zaire. 
Earthy and pulverulent aggregates occur in many 
localities in the Colorado Plateau, c.g. Paradox 
Valley, Colorado and La Sal, Utah, USA. Also 
known from Tyuya Muyun, Uzbekistan and Radium 
Hill, Southern Australia. Australia. 

Application: U and V orc.. 


Tyuyamunite 
Ca(UO2)2(VO4)2 . 5-8 H20 


ORTHORHOMBIC eee 


Properties: C — yellow-green, canary yellow; S 
light yellow: L - silky to adamantine: D - translucent 
to opaque: DE — 3.6; II — 2: CL - perfect; F - 
uneven: M — carthy aggregates, massive; LU — weak 
yellow-green: R — strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of sedimentary U deposits, together with carno- 
tite. Common earthy and pulvcrulent aggregates oc- 
cur in many localities in the Colorado Plateau, e.g. 
Paradox Valley, Colorado and Red Creck, Utah, USA. 
It was described from Tyuya Muyun, Uzbekistan. 
Application: U and V ore. 


Tvuyamunite, 80 mm, Fergana, Uzbekistan 
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9. Silicates 


Phenakite 
Be2SiO, 


TRIGONAL eee 


Properties: C - colorless, white, yellowish; S — 
white: L — strong vitreous; D — transparent to trans- 
lucent: DE - 3.0; H - 8; CL - imperfect: F — 
conchoidal; M — long prismatic to tabular crystals, 
radial aggregates, granular. 

Origin and occurrence: Magmatic in granitic pegma- 
tites: hydrothermal in greisens: metamorphic in mica 
schists. associated with beryl. chrysoberyl, apatite 
and quartz. Prismatic crystals up to 250 mm (9'*/s in) 
long occurred in Kragero, Norway. It is also known 
from Sao Miguel de Piracicaba, Minas Gerais, Brazil 
in crystals, up to 100 mm (4 in) long. The other 
localities are Habachtal, Austria; Malyshevo, Russia: 
Anjanabonoina, Madagascar. 

Application: sporadically cut as a gemstone. 


Willemite 
Zn 25i O4 


TRIGONAL 000. 


Properties: C — white, yellowish, gray, green; S — white; 
L - vitreous: D — translucent: DE - 4.0: H — 5.5; CL — 
good; F B conchoidal to uneven: M — prismatic to 
tabular crystals, radial aggregates, granular: LU - 
distinct light green. 

Origin and occurrence: Metamorphic in marbles: 
secondary in the oxidation zone of ore deposits, 


Topaz, 60 mm, Thomas Range, U.S.A. 
Willemite, 76 mm, Tsumeb, Namibia 


Phenakite, 200 mmx. Kragero, Norway 


associated with zincite. franklinite, hemimorphite 
and smithsonite. Crystals up to 100 mm (4 in) across 
come from Franklin, New Jersey, USA. Mont St.- 
Hilairc, Quebec, Canada. 

Application: as Zn ore. 


Forsterite, 40 mm, Suppat, Pakistan 


Forsterite 
OLIVINE GROUP 
Mg2SiO4 
ORTHORHOMBIC 000.0 

Properties: C — yellowish, greenish, colorless; S — 
white; L — vitreous; D — transparent to opaque; DE — 
3.3; H - 6.5-7; CL — good; F — conchoidal to uneven; 
M — tabular to prismatic crystals, granular. 

Origin and occurrence: Mctamorphic in regionally 
and contact metamorphosed dolomites. Typical rock- 
forming mincral, associated with enstatite, spinel, 
phlogopite and chlorite. Green gemmy crystals up to 
80 mm (3'/s in) long come from Suppat, Pakistan. It 
also occurred in Crestmore, California, USA. Mount 
Timobly, British Columbia, Canada and Monte 
Somma, Italy. 


Olivine 
OLIVINE GROUP 
(Mg,Fe)2SiOg 


ORTHORHOMBIC 000090 


Varieties: chrysolite 


Properties: C - green, yellow-green (chrysolite), 
brown-green to black-green; S — white; L — vitreous; 
D ~ translucent to opaque; DE — 3.3-3.6; H -- 6.5-7; 
CL - good; F B conchoidal to uneven; M — imperfect 
crystals, granular. 

Origin and occurrence: Magmatic in some ultra- 
basic rocks, e.g. dunites, lherzolites, peridotites, 
gabbros and in metcorites. Typical rock-forming 
mineral, usually associated with diopside, magnetite 
and pyrope. Classic locality of chrysolite is Zebirget 
Island in the Red Sca. Egypt. where tabular crystals 


Olivine, 60 mm, Smrci, Czech Republic 


up to 100 mm (4 in) across occurred. It is also known 
from the San Carlos Indian Reservation, Arizona, 
USA. Olivine was found in many basaltic rocks in 
laacher See, Germany: Rockport. Massachusetts, 
USA and elsewhere. 

Application: chrysolite is cut as a gemstone. 


Fayalite 
OLIVINE GROUP 
Fe7SiO, 


ORTHORHOMBIC 0090 


Properties: C - black-green to black: S — gray; L - 
dull to vitreous: D ~ opaque; DE - 4.2; H — 6.5-7; CL 
- good; F B conchoidal to uneven; M - imperfect 
prismatic crystals. granular. 

Origin and occurrence: Magmatic in granitic peg- 
matites, granites and syenites, associated with ortho- 
clase, gadolinite-(Y) and epidote; rare metamorphic. 
Poorly developed crystals up to 150 mm (6 in) long 
found in pegmatites near Baveno, the Alps, Italy. 


Fayalite, 80 mm, Rockport, US.A. 


It is also known from Strzegom, Poland and the 
Sawtooth Batholith, Idaho, USA. 


Tephroite 
OLIVINE GROUP 


ORTHORHOMBIC © © 


Properties: C — gray, olive-green. red-brown; S - 
white: L - dull to vitreous: D - translucent to trans- 
parent; DE — 4.2; H - 6; CL - good; F B conchoidal 
to uneven; M — prismatic crystals, granular. 

Origin and occurrence: Metamorphic in skarns 
and Mn-rich metamorphosed sediments, together 
with rhodonite, franklinite and spessartine, Granu- 
lar aggregates and perfect crystals up to 50 mm (2 
in) across known from Franklin, New Jersey, USA; 
Langban, Sweden. It comes also from Tarnobrzcg, 
Poland, in crystals, up to 80 mm (3'/ in) across. 


Tephroite, 60 nm, Harstigen, Sweden 
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Pyrope, 3 mm grains, Trebivlice, Czech Republic 


p 


Pyrope 
GARNET GROUP 
Mg3A125130 12 


CUBIC 0000. 


Properties: C — red to purple-red, light purple, black- 
brown; S — white; L - vitreous; D — transparent to 


Almandine, 38 mm x, Ötztal, Austria 


translucent; DE — 3.5; H — 7-7.5; CL — none; F B 
conchoidal to uneven; M — isometric crystals, 
granular. 

Origin and occurrence: Magmatic in some ultra- 
basic rocks, e.g. lherzolites, peridotites, kimberlites, 
eclogites and serpentinites; metamorphic in quartz- 
ites; also known from placers. It is associated with 
diopside, magnetite and diamond. It comes from 
many localities in ultrabasic rocks, like Trebenice 
and Mirunice, Czech Republic; Zoblitz, Germany: 
Madras, India; Kimberley, South Africa. Crystals up 
to 250 mm (9% in) across were found in Dora 
Maria, the Alps, Italy. 

Application: cut as a gemstone. 


Almandine 
GARNET GROUP 
Fe3Al2Si30; 2 
CUBIC e.e..o 

Properties; C — red to purple-red, black-brown: S — 
white; L — vitreous; D — transparent to translucent: 
DE - 4.3; H - 7; CL - none; F B conchoidal to 
uneven: M B well-formed crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, as chlorite schists, gneisses. 


Spessartine, 96 mm, Gilgit, Pakistan 


IAr 


Grossular 17 mm x, Asbestos, Canada 


mica schists and migmatites; magmatic in some 
granites and pegmatites; also in placers. Well- 
developed crystals up to 150 mm (6 in) across are 
known from Ishikawa pegmatites, Japan and 
Shingus, Pakistan. It comes from many mica schists 
and gneisses as crystals, up to about 50 mm (2 in), 
like Fort Wrangel, Alaska. USA; Otztal, Austria; 
Bodo, Norway. It occurs in placers near Ratnapura, 
Sri Lanka. 

Application: cut as a gemstone, abrasive material. 


Spessartine 
GARNET GROUP 
Mn3A125130 ¡2 
CUBIC 0000 

Properties: C — red, orange, light brown to 
yellowish; S — white; L - vitreous; D — transparent to 
translucent; DE - 4,3; H - 7-7.5; CL — none; F B 
conchoidal to uneven; M — perfect crystals, granular. 
Origin and occurrence: Magmatic in granitic 
pegmatites and some granites: hydrothermal in 
cavities in rhyolitcs; metamorphic in some skarns and 
Mn-rich metamorphic rocks. Perfect crystals up to 30 
mm (I? in) across were found in granitic pegmatites 
in the Hercules mine, Ramona, California, USA; near 
Marienfluss river, Namibia and in rhyolite cavities in 
Nathrop, Colorado, USA. 

Gemmy crystal fragments up to 50 mm (2 in) across 
were recently found in an undisclosed locality in 
Minas Gerats, Brazil. 

Application: cut as a gemstone. 


Grossular 
GARNET GROUP 
Ca3A125130 ¡2 


CUBIC o... 


Varieties: hessonite. tsavorite 


Properties: C — red, green (tsavorite), orange, red- 
brown (hessonite) to colorless; S — white; L - 
vitreous; D — transparent to tranlucent; DE — 3.4; H 
- 6.5-7; CL — none; F B conchoidal to uneven; M — 
perfect crystals, granular. 

Origin and occurrence: Metamorphic in Ca-rich, 
contact metamorphic rocks, skarns, rodingites; 
hydrothermal along the cracks in these rocks, 
associated with diopside, vesuvianite, wollastonite, 
scapolite and epidote. Perfect crystals about 30 mm 
(P/s in) across occur in the Jeffrey quarry. Asbestos, 
Quebec, Canada and Sierra de las Cruces, Coahuila, 
Mexico, 

Tsavorite crystals up to 50 mm (2 in) across come 
from the Tsavo National Park, Kenya and Merelani 
Hills, Arusha, Tanzania. The other well-known 
localities are Ala, Italy and Ciclova, Romania. 
Grossular crystals up to 100 mm (4 in) in size in 
Vapenna, Czech Republic; Xalostoc. Mexico and 
Sandare. Mali. 

Application: cut as a gemstone. 
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Andradite, 30 mm xx, Graham Co., OSA. 


TAN 


Andradite 
GARNET GROUP 
Ca3Fe*,Si,0 12 


CUBIC eeee 


Varieties: demantoid, melanite 


Properties: C - dark red, black-brown, brown. green 
to yellow-green (demantoid), black-brown to black 
(melanite); S — white; L — vitreous; D - transparent 
to translucent: DE - 3.9; H — 6.5-7; CL — none; F B 
conchoidal to uneven: M B well-developed crystals, 
granular. 

Origin and occurrence: Metamorphic in Ca and Fe 
rich contact metamorphosed rocks. skarns. 
rodingites; hydrothermal along the cracks of these 
rocks; magmatic in some alkaline igneous rocks, 
usually in the same localities as grossular. Crystals 
up to 40 mm (1%: in) across come from Sinerechens- 
kove, Russia. Fine crystals were also found in the 
Namgar mine. Usakos, Namibia and Ciclova, 
Romania. Fine melanite crystals occur in Magnet 
Cove, Arkansas, USA. Demantoid crystals up to 30 
mm (13/1 in) across known from Val Malenco, Italy 
and in the Bobrovka river basin, Ural mountains, 
Russia. 

Application: demantoid is cut as a gemstone. 


Melanite, 5 mm xx. Rudnyi, Kazakhstan 


Uvarovite 
GARNET GROUP 
Ca3Cr95i30 12 
CUBIC o. 

Properties: C — dark emerald-green: S - white; L — 
vitreous; D — transparent to translucent: DE — 3.9; H 
- 6.5-7; CL — none; F B conchoidal to uneven: M — 
perfect crystals, granular. 

Origin and occurrence: Metamorphic and also 
hydrothermal are almost only limited to rocks with 
increased Cr content, ultrabasic rocks with chromite, 
serpentinites and skarns. It occurs as crystals up to 8 
mm (ře in) across along cracks in chromite in 
Sarany, Ural mountains, Russia. Crystals up to 20 
mm (+2 in) across, come from Outokumpu. Finland. 
It is also known from Orford. Quebec, Canada. 


Zircon 
ZrsiO 4 


TETRAGONAL eee 
Varieties: jargon, hyacinth. 


Properties: C — yellow (jargon), brown, yellow- 
brown. red-orange (hyacinth), red to colorless; S — 
white; L — vitreous. greasy to adamantine; D — 
transparent to translucent; DE — 4.7; H — 7.5; CL - 
imperfect; F B conchoidal to uneven; M — perfect 
long and short prismatic crystals, granular: LU — 
yellow: R B sometimes radioactive and usually 
metamict. 

Origin and occurrence: Magmatic and metamorphic 
as an accessory mineral in different rock types; rarely 
hydrothermal in the Alpine-type and quartz veins; also 


in sediments and placers. Prismatic crystals up to 30 
cm (12 in) across, occur in syenite pegmatites in Ren- 
frew and Bancroft. Ontario, Canada. It is also known 
from Miass, Ural mountains and from Mount Vavnbed, 
Lovozero massif. Kola Peninsula, Russia. Classic 
occurrences in granitic pegmatites are Alto Ligonha, 
Mozambique: Arcndal. Norway; Ytterby, Sweden and 
Jaguaraqu, Minas Gerais, Brazil. Gemmy zircons of 
different colors up to 80 mm (3'/s in) in size come from 
placers near Ratnapura, Sri Lanka and elsewhere. 
Application: hyacinth and jargon are cut as gem- 
stones, Zr ore. 


Zircon, 20 mm x, Vishnevogorsk, Ural Mts., Russia 
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Eulytite, 2 mm xx, Schneeberg, Germany Sillimanite, 10 mm grains, HavliZkúv Brod, Czech Republic 
7 ~ 7 n - m j 


Eulytine Republic; Schneeberg and Johanngeorgenstadt, 
Bi¿SizO 12 Germany. 
CUBIC © © 
Euclase 
Properties: C — brown, yellow, gray, colorless; S-  BeAlSiO¿(OH) 


white; L greasy: D translucent: DE - 6.6; H 

4.5; CL — good; F B conchoidal to uneven; M — small MONOCLINIC 00 

dipyramidal crystals, radial aggregates, granular. 

Origin and occurrence: Secondary in Bi deposits, Properties: C — colorless, white, greenish, blue; S — 
typically associated with bismuth. white; L — vitreous; D — transparent to translucent: 
Its small crystals come from Horni Slavkov, Czech DE - 3.1; H - 7.5; CL — good: F B conchoidal to 


Euclase, 42 mm, Minas Novas, Brazil 
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uneven: M — long prismatic crystals. radial aggre- 
gates. granular. 

Origin and occurrence: Hydrothermal occurs in 
pegmatites, greisens and in quartz and Alpine-type 
veins: rare in placers. Well-formed crystals up to 80 
mm (3! in) in size known from Santa do Encoberto, 
Minas Gerais, Brazil. Blue crystals up to 50 mm (2 
in) across occurred in the Last Hope Mine, Karol. 
Zimbabwe. It also come from the sediments of 
Sanarka River, Ural mountains, Russia. Dark blue 
crystals up to 150 mm (6 in) across were found 
recently in the Chivor Mine, Colombia. 
Application: locally cut as a gemstone. 


Sillimanite 
Al)SiOg 
ORTHORHOMBIC 000090 
Properties: C — white. gray. greenish. yellowish: S — 
white; L -- vitreous to dull; D - transparent to 
translucent; DE — 3.3; H — 6.5-7.5; CL — good; F — 
uneven; M - long prismatic crystals, fibrous aggre- 
gates, granular. 

Origin and occurrence: Almost exclusively meta- 
morphic in gneisses and migmatites; only rare 
magmatic in pegmatites and granites: also in placers. 
Typical rock-forming mineral, very commonly 
associated with andalusite. Typical localities are 
Bodenmais, Germany and Mar_ikov, Czech Repub- 
lic. Gemmy crystals up to 20 mm (?*/s: in) long are 
known from Rakwana-Deniyaya, Sri Lanka. 


Andalusite 
Al¿SiOg 


ORTHORHOMBIC 000090 


Varieties: chiastolite, viridine 


Properties: C — pink, red-brown, red, gray, whitish, 
green (viridine); S- white; L — vitreous to dull; D - 
translucent to transparent; DE — 3.2; H — 6.5-7.5; 
CL - good; F — uneven; M — prismatic crystals. 
fibrous aggregates, granular, massive. 

Origin and occurrence: Metamorphic in regionally 
and contact metamorphosed rocks; magmatic in 
pegmatites and granites, hydrothermal in quartzites. 
Typical rock-forming mineral, commonly associated 
with sillimanite. corundum and cordicritc. Re- 
nowned localities are Lisens. the Alps, Austria; 
Bimbowrie, South Australia, Australia. Green 
gemmy crystals come from Morro do Chapeu, 
Bahia, Brazil. Viridine is known from Darmstadt, 
Germany. 


Andalusite, 28 mm x, Aracuay, Minas Gerais, Brazil 


Chiastolith, 20 mm, Bimbowrie, Australia 
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Kyanite 
Al2SiO5 
TRICLINIC 90.00 

Properties: C — blue, gray, white, green, dark gray, 
colorless: S — white; L —- vitreous to dull; D -— 
transparent to translucent; DE — 3.6; H - 4.5-7.5; CL - 
good; F — uneven; M — prismatic to tabular crystals, 
fibrous aggregates, granular, massive. 

Origin and occurrence: Almost only metamorphic in 
regionally metamorphosed rocks. mica schists, 
gneisses. granulites and cclogites; less frequently 
magmatic in pegmatites and granites; rarely 
hydrothermal in quartz veins. Typical rock-forming 
mineral, associated with andalusite and sillimanite. 
Blue columnar aggregates and crystals up to 150 mm 
(6 in) long occur in Barra do Salinas, Minas Gerais, 
Brazil. Other renowned localitics are Pizzo Forno, 
Switzerland: Prilep, Macedonia; Keivy, Kola 
Peninsula, Russia. 


Kyanite, 87 mm. Minas Gerais, Brazil 


AN? 


Topaz 
Al2SiO ¿(F,OH) 


ORTHORHOMBIC eee 
Varieties: pycnite 


Properties: C — colorless, blue, yellow, gray, white, 
greenish, pinkish, red; S — white; L — vitreous; D - 
transparent to translucent: DE — 3.6; H- 8; CL - 
good; F - uneven; M - perfect prismatic to tabular 
crystals, radial and columnar aggregates, granular. 

Origin and occurrence: Magmatic in pegmatites 
and granites; hydrothermal in greisens, in rhyolite 
cavities, in quartz veins, also in placers. Topaz 
crystals in pegmatites are occasionally very large, 
like the crystal measuring 80 x 60 x 60 cm (314% x 
24 x 24 in) across from Fazenda do Funil: crystals 


Topaz, 49 mm, Ramona, US. A. 


up to 30 cm (12 in) from Virgem da Lapa. both 
Minas Gerais, Brazil. Blue. brownish and bicalored 
crystals up to 40 cm (15% in) long come from 
Volodarsk Volynskii, Ukraine. Other topaz 
localities are Iveland. Norway; Murzinka, Ural 
mountains, Russia; Little Three mine, Ramona, 
California; Pikes Peak, Colorado, USA; Gilgit, 
Pakistan; Spitzkopje, Namibia. Orange to red topaz 
(impcrial topaz) comes from quartz veins near Ouro 
Preto, Minas Gerais, Brazil. Pink topaz crystals up 
to 70 mm (2% in) found at Mount Ghundao, 
Mardan. Pakistan. Important topaz specimens were 
also found in Schneckenstein, Germany; Thomas 
Range, Utah, USA: Nerchinsk, Siberia. Russia. 
Columnar aggregates of pycnite come from 
Cinovec. Czech Republic and Altenberg, Germany. 
Application: cut as a gemstone. 


Staurolite, 80 mm, Keivy, Kola, Russia 


Staurolite 
Fe2Al9Si4077(0H)) 


ORTHORHOMBIC 0000 


Properties: C — dark to light brown. yellow; S — 
white; L — dull to vitreous; D — transparent to almost 
opaque: DE - 3.7; H-7-7.5; CL — good; F — uneven; 


Sapphirine, 26 mm, Vohimena, Madagascar 


AMA 


M -— prismatic to tabular crystals and their combi- 
nations, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, gneisses and mica schists; 
rare magmatic in granites; also in placers, commonly 
associated with almandine, andalusite and kyanite. 
Crystals up to 50 mm (2 in) across come from Pizzo 
Forno, Switzerland. It is also known from Rio 
Arriba, New Mexico, USA. Its cross-like twins. up 
to 200 mm (7% in) across, occur in Keivy, Kola 
Peninsula. Russia and Morbihan, France. 


Sapphirine 
Mg 7Al4sio 10 


MONOCLINIC © © 


Properties: C — dark to light blue, green; S — white; 
L — vitreous to dull; D — transparent to translucent; 
DE - 3.5; H — 7.5; CL — imperfect; F — uneven; M — 
tabular crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, rich in Al and Mg and poor in 
Si, associated with spinel and corundum. Crystals up 
to 40 mm (1*/isin) across come from Fiskenaesset, 
Greenland; Betroka and Androy, Madagascar. Other 
localities include Val Codera, Italy and Enderby 
Land, Antarctica. 


Chondrodite, 15 mm x, Brewster, USA. 


Chondrodite 
MgsSi2zOg(OH.F)> 


MONOCLINIC eee 


Properties: C — yellow, greenish, brown: S — white; 
L - vitreous to dull: D — transparent to translucent; 
DE - 3.2; H - 6-6.5; CL — imperfect; F — uneven; M 
— crystals of different habits, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed carbonate rocks: rare 
magmatic in carbonatites, typically associated with 
spinel, chlorite and phlogopite. Perfect crystals up to 
$0 mm (2 in) long come from the Tilly Foster mine, 
Brewster, New York, USA. Other localities arc 
Pargas. Finland; Monte Somma, Italy; Riverside, 
California, USA. 


Clinohumite 
Mg9Si4O | 6(OH,F)> 


MONOCLINIC eee 


Properties: C — yellow, red, brown. white; S — white; 
L — vitreous to dull; D — transparent to translucent; 
DE - 3.3; H — 6; CL - imperfect; F — uneven; M — 
crystals of different habits, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed carbonate rocks, 
serpentinites and talc schists, associated with spinel, 
chlorite, forsterite. serpentine and phlogopite. 
Gemmy yellow crystals up to 30 mm (1°/t in) across 
come from Kukh-i-Lal. Pamir, Tajikistan. Other 
localities are Pargas, Finland; Monte Somma, Italy: 
Jensen quarry, California, USA. 


Clinohumite, 19 mm, Kukh-i-lal, Tadzhikistan 


Chapmanite 
SbFe3**2Si20g(OH) 


MONOCLINIC o. 


Properties: C - olive-green to dark yellow; S - 
yellowish to yellow; L -dull; D — translucent; DE — 
3.7; H - 2.5; CL — imperfect: F — uneven: M — 
elongated crystals, massive. 

Origin and occurrence: Hydrothermal and 
secondary in the cracks of rocks. sometimes with 
stibnite. lts massive aggregates occur in Smilkov 
near Votice, Czech Republic: in the Keely mine, 
Cobalt, Ontario. Canada. 


Chapmanite, 4 mm. Pernek, Slovakia 
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Braunite, 60 mm, Langban, Sweden 


Braunite 
Mn2+*mn3*,SiO 1, 


TETRAGONAL eee 


Properties: C - black, black-gray, black-brown: S -- 
gray: L - submetallic to metallic: D - opaque: DE - 4.7; 
H ~ 6-6.5; CL - perfect: F -- uneven to conchoidal; M — 
dipyramidal crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
and contact metamorphosed rocks; hydrothermal in 


Thaumasite, 3 mm aggregate, Maglovec, Slovakia 


sedimentary rocks rich in Mn and in hydrothermal 
veins, associated with hausmanite, pyrolusite and 
other Mn minerals. Its perfect crystals up to 70 mm 
(2% in) long. come from Kacharhavee and Tirodi, 
India. It is also known from Langban, Sweden: Il feld 
and Ilmenau, Germany; St. Marcel, Italy; Tizi 
Bashkun, Morocco. 

Application: Mn ore. 


Thaumasite 

Cag $Si7(CO3)7($O4)2(OH) | - 24 H20 
HEXAGONAL o o 

Properties: C — white to colorless: S — white: L - 
vitreous to dull: D — transparent to translucent; DE - 
1.9; H - 3.5; CL - imperfect: F — uneven; M B 
acicular aggregates, granular, massive; LU - white. 
Origin and occurrence: Hydrothermal or meta- 
morphic in contact metamorphosed carbonate rocks, 
usually associated with other Ca silicatcs and 
carbonates. like ettringite and prehnite. Typical loca- 
lities are Crestmore, California; West Paterson, New 
Jersey. USA: Langban, Sweden; N’Chwaning mine 
No. 2. Kuruman, South Africa. 


Titanite 
CaTiOSiOy 
MONOCLINIC 000090 

Properties: C — colorless, yellow, brown, green, gray 
to black: S — white: L - vitreous to dull; D — trans- 
parent. translucent to opaque; DE - 3.5: H - 5-5.5: 
CL - good; F — uneven to conchoidal; M - tabular 
crystals and their combinations, granular, massive. 
Origin and occurrence: Metamorphic and magmatic 
as a common accessory mincral in many igneous and 


Fersmanite, 10 mm x, Khibiny Massif. Kola, Russia 


Titanite, 20 mm xx, Stubachtal, Austria 


metamorphic rocks and pegmatites: hydrothermal in 
the Alpine-type veins; also in placers. 

The most beautiful crystals up to 180 mm (7'/ in) 
long occur in Alpine-type veins in Tavctsch and 
Binntal, Switzerland; Zillertal and Felbertal, Austria: 
Dodo, Polar Ural. Russia. Large. poorly developed 
crystals weighing up to 40 kg (88 Ib), come from 
Eganville, Ontario, Canada and Rossie. New York. 
USA. 


Chloritoid, 30 mm, lle de Croix, France 


Fersmanite 
(Na,Ca)4(Ti,Nb)2Si20 | |(OH,F)> 


TRICLINIC © © 


Properties: C - light to dark brown; S -white; L — 
vitreous to dull: D - translucent: DE — 3.5; H - 5-5.5; 
CL - none; F — uneven to conchoidal; M — tabular 
crystals. 

Origin and occurrence: Magmatic to hydrothermal in 
alkaline pegmatites together with pectolite, apatite and 
sulfides. Crystals up to 30 mm (1*4s in) across known 
from Mount Eveslogchorr, Khibiny massif. Kola 
Peninsula, Russia. 


Chloritoid 
Fe2AI4Si30 | 9(OH)2 


MONOCLINIC, TRICLINIC eee 


Properties: C - dark gray. gray-green to black-green; 
S - gray; L — vitreous to dull: D — translucent; DE — 
3.6; H - 6.5; CL — perfect; F — uneven to conchoidal; 
M - tabular crystals, foliated and scaly aggregates, 
granular. 

Origin and occurrence: Metamorphic in some mica 
schists and phyllites; hydrothermal alteration 
product in lavas. Typical localitics are Zermatt, 
Switzerland; Ottrez, Belgium: Pregraten, Austria. 
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Datolite, 30 mm xx, Dalnegorsk, Russia 


Datolite 
CaBSiO¿(OH) 


MONOCLINIC 000 


Properties: C — white to colorless, yellowish, 
greenish. gray; S — white; L — vitreous to dull; D - 
transparent to translucent; DE — 3.1; H - 5-5.5; CL - 
none; F — uneven to conchoidal; M - prismatic to 
tabular crystals, nodules, granular. 

Origin and occurrence: Metamorphic and 
hydrothermal in contact metamorphosed rocks, in 
cavities in volcanic rocks, in ore veins and pegma- 
tites. It is commonly associated with zcolites, 
prehnite, calcite and also with tourmaline. Prismatic 


Gadolinite-(¥), 60 mm, Hitterö. Norway 


and tabular crystals up to 100 mm (4 in) long occur 
in Dalnegorsk, Russia. Other typical localities are 
West Paterson, New Jersey: Keweenaw Peninsula. 
Michigan, USA; Haslach. Germany: Charcas. San 
Luis Potosi, Mexico. 


Gadolinite-(Y) 


Y73FeBe>Si20 10 
MONOCLINIC © © 


Properties: C — black, dark red, brown. greenish; S - 
gray-grecn: L — vitreous to greasy, D — transparent to 
translucent; DE - 4.4; H — 6.5-7; CL — none; F - 


Howlite, 30 mm, California, U.S.A. 


Dumortierite, 60 mm, Dehesa, U.S.A. 


conchoidal: M — prismatic crystals, granular; R 
locally metamict. 

Origin and occurrence: Magmatic in granites and 
pegmatites. locally associated with fluorite and 
allanite; rare hydrothermal in the Alpine-type veins. 
Aggregates, up to 40 cm (15% in) across come from 
Hittero. Norway. Barringer Hill and Clear Creek, 
Texas, USA yiclded aggregates, weighing up to 90 
kg (198 lb). Other famous localities are Blatchford 
Lake. Northwest Territories, Canada; Baveno. the 
Alps, Italy: Iveland. Evje, Norway. 


Kornerupine 
MggAlg(Si,A1,B)507 | (OH) 


ORTHORHOMBIC © © 


Properties: C - colorless, white, greenish, gray, 
brown; S — white; L — vitreous to dull; D — trans- 
parent to translucent: DE - 3.3: II - 6.5-7; CL — 
none; F ~ conchoidal; M - prismatic crystals, radial 
aggregates. granular. 

Origin and occurrence: Metamorphic in strongly 
metamorphosed rocks, as granulites. Crystals up 
to 230 mm (9'fs in) across known from Fisken- 
aesset, Grecnsland. It also occurs in Lac Ste- 
Marie, Quebec, Canada: Waldheim, Germany; 
Itrongay, Madagascar. 


Dumortierite 
(AI,TiMg)Al, BSizO l ¿(0,0H)> 
ORTHORHOMBIC eee 

Properties: C — purple, pink, blue, brown; S — white; 
L — vitreous to dull; D — transparent to translucent: 
DE - 3.4; H - 8.5; CL - good; F — uneven; M ~ 
prismatic crystals, radial and acicular aggregates, 
massive. 

Origin and occurrence: Metamorphic in some Al- 
rich metamorphic rocks, e.g. in migmatites and 
gneisses; magmatic in granites and pegmatites; 
hydrothermal in altered rocks. It comes from 
Dehesa. California: Rochester, Nevada, USA: Beau- 
nan. France; crystals are known from the vicinity of 
Kutna llora, Czech Republic: Soavina, Madagascar. 


Howlite 
Ca27B5SiO9(OH)5 


MONOCLINIC © © 


Properties: C — white; S — white: L — vitreous to dull: 
D - transparent to translucent; DE - 2.5; H - 3.5; CL 
- good; F — uneven; M — tabular crystals, nodules, 
massive. 

Origin and occurrence: Hydrothermal in borate 
deposits, associated with ulexite and colemanite. 
Crystals, several cm across, come from the vicinity 
of Bras d'Or Lake, Nova Scotia. Canada. It occurs 
also in Lang and Daggett. California, USA. 


Kornerupine, 90 mm, Lac Ste.-Marie. Canada 
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Cuprosklodowskite, 82 mm, Musonoi, Zair 


Cuprosklodowskite 
Cu(UO>)751)07 .6 H20 


MONOCLINIC o. 


Properties: C — various hues of green; S — greenish; 
L - vitreous to dull; D — transparent to translucent: 


Uranophane. 125 mm, Brewster. Texas, S.A. 


DE -- 3.8; H - 4; CL — good; F - uneven; M - radial, 
acicular aggregates. thin coatings, granular, massive; 
R — strong radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, associated with autunite, 
torbernite, uranophane and other U secondary mi- 
nerals. Crystals, up to several cm long, come from 


Kasotite, 30 mm, Musonoi, Zair 
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the Mashamba West mine, Musonoi, Zaire. It also 
occurred in Jachymov, Czech Republic. 


Uranophane 
Ca(UO>)75i207 -6 H20 


MONOCLINIC 0090 


Properties: C — various hues of yellow to brown; S — 
yellowish; L — vitreous to dull; D — transparent to 
translucent; DE - 3.9; H - 2.5: CL - good: F - 
uneven: M -— radial, acicular aggregates, thin 
coatings, granular. massive: LU - yellow-green; R — 
strong radioactive. 

Origin and occurrence: Sccondary in the oxidation 
zone of U dcposits as a product of uraninite 
alteration, associated with autunite. torbcrnite and 
other secondary U minerals. Needles up to 10 mm 
Cf in) long, comc from Musonoi. Shinkolobwe, 
Zaire. 

It is also known from the Faraday mine, Bancroft. 
Ontario, Canada. It occurs in Wolsendorf, Germany. 
as well as in Jachymov. Czech Republic. 


Kasolite 
Pb(UO>)SiOyg . H20 


MONOCLINIC © © 


Properties: C — various hues of yellow, green to 
brown; S — yellowish; L — vitreous to dull: D — trans- 
lucent to opaque: DE - 6.2; H - 4.5; CL - good; F — 
uneven: M - prismatic crystals. radial and acicular 
aggregates, thin coatings, granular, massive; R — 
strong radioactive. 

Origin and occurrence: Secondary mineral in the 
oxidation zone of U deposits. It is a product of 
uraninite alteration and is associated with 
uranophanc, torbernite and U hydroxides. Crystals 
up to 10 mm (*/s in) long occur in Shinkolobwe, 
Kasolo, Zaire and Mounana. Gabon. 


Akermanite 
Caz M gSi 20 7 


TETRAGONAL 0090 


Properties: C - white, gray, green, brown; S — white; 
L — vitreous to dull: D — transparent to translucent; 
DE - 2.9; H - 5.5; CL — good: F — uneven to 
conchoidal: M - short prismatic crystals, granular. 

Origin and occurrence: Magmatic in volcanic basic 
rocks; metamorphic in contact metamorphosed 
marbles. A typical representative of localitics in 
marbles is Crestmore, California, USA. It occurs 
also in Ca-rich volcanic rocks in Velardena, Mexico. 


Akermanite, 3 mm xx, Mt. Vesuvius, Italy 


Gehlenite 
Ca7Al>Si07 


TETRAGONAL eee 


Properties: C — white, gray, yellowish; S — white; L 
vitreous to dull; D — transparent to translucent; DE 

-= 3.0; H — 5-6; CL - good; F — uneven to conchoidal: 

M - short prismatic crystals. granular. 

Origin and occurrence: Magmatic in volcanic basic 

rocks; metamorphic in contact metamorphic 

marbles. 

It occurs in Crestmore. California. USA; Monzoni. 

Italy; Oraviza, Romania and elsewhere. 


Gehlenite, 80 mm, Vata de Sus, Romania 
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Hvaite, 20 mm xx, Dalnegorsk, Russia 


Bertrandite. 36 mm, Mt.Antero, U.S.A. 
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ilvaite 
CaFe?**Fe3*Si¿Og(OH) 


ORTHORHOMBIC 0090 


Properties: C — black to black-gray; S — black; L - 
submetallic to dull; D — opaque; DE - 4.1: H - 5.5- 
6; CL - good; F — uneven; M - prismatic crystals, 
granular. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contact metamorphosed Fe, Zn and Cu 
deposits. Prismatic crystals up to 100 mm (4 in) long 
come from Rio Marina, Elba, Italy. Crystals up to 30 
cm (12 im) long are known from Serifos Island, 
Greece. Crystals, several cm long occur also in 
Dalnegorsk. Russia and in the Laxcy mine, Idaho, 
USA. 


Bertrandite 
Be 4SizO7(OH)>2 


ORTHORHOMBIC 00.00 


Properties: C - colorless. white, yellowish; S - 
white; L - vitreous to dull; D — transparent to 
translucent: DE - 2.6; H - 6-7; CL - perfect; F — 
uneven; M — tabular crystals and their combinations, 
radial aggregates, granular, massive. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites, greiscns and in hydrothermal veins, 
together with beryl, also as pseudo-morphs after 
beryl. Tabular crystals up to 50 mm (2 in) across 
occur in Conselhcira Pena, Minas Gerais, Brazil. It is 
known from Kounrad and Kara-Oba, Kazakhstan in 
crystals up to 30 mm (1°/1s in) across. It also comes 
from Stoncham, Maine, USA; Pisek, Czech Repub- 
lic and Iveland, Norway. 

Application: the most important Be ore. 


Hemimorphite 
ZngSizOy(0H)7 . H70 


ORTHORHOMBIC eee 


Properties; C — colorless, white, yellowish, greenish; 
S - white; L ~ vitreous to dull; D — transparent to 
translucent; DE - 3.4; H - 4.5-5; CL — perfect; F — 
uneven; M -- tabular crystals and their combinations, 
botryoidal and radial aggregates, granular, massive. 
Origin and occurrence: Secondary in the oxidation 
zone of Zn deposits, associated with sphalerite, 
smithsonite and cerussite. Crystals up to 100 mm (4 
in) long come from Bisbee, Arizona, USA.. It is also 
from the El Potosi Mine, Santa Eulalia, Chihuahua, 
Mexico; Bleiberg, Austria; Cho-Dien, Vietnam. 
Application: Zn ore. 


Hemimorphite, 30 mm xx, Mapimi, Mexico 


Lamprophylite 
Na2Sr2Ti3SigO ¡¿(OH,F) 


MONOCLINIC © © 


Properties: C — brown to dark brown; S - white; L — 
vitreous to submetallic; D — translucent; DE — 3.5; H — 
2-3; CL — perfect; F — uneven; M — tabular crystals, 


Hemimorphite, 26 mm, Arizona, U.S.A. 


N 

ate 
radial aggregates. 
Origin and occurrence: Magmatic in alkaline syenites 
and their pegmatites, associated with nepheline, 
aegirine and eudialyte. The best crystals up to 150 mm 
(6 in) long come from Mount Flora, Lovozero massif, 
Kola Peninsula, Russia. It is also known from 
Langesundsfjord, Norway and Mont St.-Hilaire, 
Quebec, Canada. 


Lamprophyllite, 50 mm xx, Lovozero Massif, Kola, Russia 
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Chinozoisite. 36 mm, Eden Mills, U.S.A. 


Clinozoisite 
Ca7Al3SizO | 2(OH) 
MONOCLINIC 00090 

Properties: C - colorless, yellowish, green, pink; S 
white; L — vitreous to dull; PS - transparent to 
translucent: DE - 34; H - 6.5: CL - good; F - 
uneven; M — prismatic crystals, columnar. radial 
aggregates. granular, massive. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contacts of marbles and in the Alpine-type 
veins. Prismatic crystals up to 60 mm (2%: in) long 
come from Radoy Island, Norway. It comes also 
from Eden Mills, Vermont: Allens Park, Colorado, 
USA: Pinos Altos, Baja California. Mexico. 


Epidote 
Caz(Al,Fe3*)3Si30 ¡ (OH) 
MONOCLINIC 00000 

Properties: C — green, brown, greenish, yellow- 
green: S - white: L -- vitreous to dull; D -- transparent 
to translucent. locally opaque; DE — 3.4: H -= 6-7; CL 


- good: F ~ uneven; M - prismatic crystals, 
columnar and radial aggregates, granular, massive. 
Origin and occurrence: Metamorphic in marble’ 
granite contacts; hydrothermal in the Alpine-type 
veins and in hydrothermally altered rocks, typically 
associated with albite, prehnite and amphibole. Its 
green crystals up to 140 mm (5% in) long, were 
found in Sobotin, Czech Republic. Perfect crystals 
up to 100 mm (4 in) across come from Knappen- 
wand, Austria. Thick tabular crystals occur in Prince 
of Wales Island, Alaska. USA. Fine crystals, 
resembling Austrian crystals, were found recently in 
Alchuri, Shigar, Pakistan. Fine columnar aggregates 
of crystals are known from Pampa Blanca, Peru and 
also reported from Arendal, Norway. 


Piemontite 
Ca(Al,Mn3*)3Si30 ; 7(OH) 


MONOCLINIC o. 


Properties: C — red-brown to black, crimson, red- 
yellow: S — white: L - vitreous to dull; D - translucent, 
locally opaque: DE - 3.5; H - 6; CL — good: F - 
uneven; M — prismatic crystals, radial aggregates, 
granular. 

Origin and occurrence: Metamorphic in shales and 
Mn-rich metamorphic rocks; rare magmatic in 
rhyolites and pegmatites. Needles up to 30 mm (1 "fs 


Epidote, Dashkesan, Azerbaidzhan 


Epidote, 50 mm, Knappenwand, Austria 


in) long come from St. Marcel, Piedmont, Italy and 
Otakiyama, Japan. 


Allanit-(Ce) 
(Ca,Ce,Y)9(Al,Fe?*)3Si30 | 9(OH) 


MONOCLINIC eee 


Properties: C - black to dark brown; S - light gray: 
L — greasy to submetallic: D - translucent to opaque: 
DE ~- 3.9; H - 5.5-6; CL -- none: F - vonchoidal to 


Piemontite, 45 mm, Todyryact, Morocco 
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uneven; M - tabular crystals, granular: R — usually 
metamict. 

Origin and occurrence: Magmatic in pegmatites and 
pranites; metamorphic in various types of meta- 
morphic rocks, e.g. migmatites, amphibolites and 
gneisses. Grains, up to 70 cm (27% in) across found 
in pegmatites near Bancroft. Ontario, Canada. Also 
occurs in Barringer Hill. Colorado: Amelia district, 
Virginia, USA; Arendal and Hittero, Norway; Ytter- 
by and Riddarhyttan, Sweden; Yates mine, Quebec, 
Canada. 


Allanite-(Ce), 40 mm, Vizcaya, Spain 
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Tanzanite, 37 mm, Arusha, Tanzania Zo is ite 
Ca2A135i30 ¡ 2(OH) 


ORTHORHOMBIC © © © 
Varieties: thulite, tanzanite 


Properties: C — colorless. yellowish, green, pink, red 
(thulite), blue (tanzanite); S — white; L — vitreous to 
dull; D — transparent to translucent; DE — 3.4; H — 
6.5; CL — good: F — uneven; M — prismatic crystals, 
radial aggregates, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed Ca-rich rocks, mainly in pyroxenic 
gneisses, amphibolites and in marble contacts. It is 
known from many localities like Saualpe. Austria: 
Zermatt, Switzerland; Lexvikcn, Norway (thulite); 
Traversella, Italy; Alchuri. Pakistan; Merelani Hills, 
Arusha, Tanzania (tanzanite), where crystals up to 70 
mm (2% in) long were found. 

Application: tanzanite and thulite are cut as gem- 
stones. 


Thulite, 40 mm, Lexviken, Norway 


Zoisite, 60 mm, Weisenstein, Germany 


Vesuvianite 
Ca | 9(Al,Mg,Fe) 13 Si l g954g([OH,F. O) 10 


TETRAGONAL eee 


Properties: C — brown, yellowish, green, blue. purple, 
colorless; S — white; L — vitreous to dull; D — 
transparent to translucent; DE - 3.3; H — 6-7; CL - 
imperfect: F — uneven to conchoidal; M — prismatic to 
tabular crystals. columnar aggregates with radial 
structure, granular, massive. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contact metamorphosed Ca-rich rocks, 
mainly in skarns, in marble contacts, also in 
rodingites: rarely magmatic in alkaline rocks. It is 
usually associated with grossular, wollastonite and 
diopside. Perfect green crystals up to 180 mm (7'/e 
in) long and purple crystals up to 70 mm (2% in) 
long come from the Jeffrey quarry. Asbestos, 
Quebec, Canada. It is also known from Hazlov. 
Czech Republic; Crestmore, California. Franklin, 
New Jersey. USA; Monzoni, Italy. 


Viluite 
Ca¡9(Al,Mg)¡3B55i¡g048(0,0H)  g 


TETRAGONAL e 


Properties: C — dark green, gray-brown; S — white; L 
— vitreous to dull: D — transparent to translucent; DE 
— 3.4; H - 6; CL - imperfect; F — uneven to con- 
choidal; M -— prismatic crystals. 


Viluite, 30 mm xx, Vilui River. Russia 


Vesuvianite, 110 mm, Asbestos, Canada 


Origin and occurrence: Metamorphic in serpenti- 
nized skarn, associated with grossular. Its perfect 
prismatic crystals up to 50 mm (2 in) long are only 
known from the Vilui River basin, Yakutia, Russia. 
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Benitoite 
BaTiSizOg 


TRIGONAL © © 


Properties: C — bluc, pink, white, colorless; S— white; 
L - vitreous to dull; D — transparent to translucent; 
DE - 3.6; H — 6-6.5: CL - imperfect; F — uneven to 
conchoidal: M — prismatic to tabular crystals, mainly 
with trigonal cross-section: LU — bluish. 

Origin and occurrence: Hydrothermal in veins, 
cross-cutting serpentinites, always associated with 
neptunite and natrolite. Its classic locality is the 
Benitoite Gem mine, San Benito Co.. California, 
USA, where it forms tabular crystals up to 40 mm 
(1%:s in) across. 


Catapletite 

Na 2ZrSizO9 me H20 
HEXAGONAL © © 

Properties: C ~ light yellow. yellow-brown, pink. 
brown. blue; S — white: L — vitrcous to dull; D — 
transparent to opaque; DE — 2.8; H — 5-6; CL - good: 
F ~ uneven; M — thin tabular crystals, lamellar 
aggregates. 

Origin and occurrence: Magmatic in nepheline 
syenites and their pegmatites, together with acgirine, 
titanite, nepheline and microcline. It occurs in Mont 
St.-Hilaire. Quebec. Canada. as tabular crystals up to 


Benitoite, 28 mm x, San Benito Co., U.S.A. 


150 mm (6 in) across. Crystals up to 30 mm (1%s in) 
across come from Mount Yukspor, Khibiny massif, 
Kola Peninsula. Russia. It is also known from Lange- 
sundsfjord, Norway; Magnet Cove, Arkansas, USA. 


Eudialyte 
Nag(Ca,Fe,Ce,Mn)2ZrSi¿O | g(OH,CI) 


TRIGONAL © © 


Properties: C — red, pink to brown; S - white; L — vitrous 
to dull; D — transparent to translucent; DE — 2.8; H — 5- 
5.5; CL — imperfect; F — uneven: M — prismatic and 
tabular crystals, granular. 

Origin and occurrence: Magmatic in nepheline 
syenites and their pegmatites, associated with 
acgirine, nepheline and microcline. Crystals up to 80 
mm (3'/ in} across comc from Mount Kukisvum- 
chorr, Khibiny massif, Kola Peninsula, Russia. Crys- 
tals up to 50 mm (2 in) across are also known from 
Mont St.-Hilaire. Quebec, Canada. It also occurs in 
Langesundsfjord. Norway and in Los Island, Guinea. 


Ferroaxinite 
Ca2FeAl2BSi4O | 5(OH) 
TRICLINIC © © © 


Properties: C — brown to purple- brown, light 
purple; S — white; L — vitreous to dull; D — trans- 


Catapletite, 37 mm. Mont St.-Hilaire, Canada 


Eudialvte, 20 mm grain, Khibiny Massif. Kola. Russia 


Ferroaxinite, 62 mm, Khapalu, Pakistan 


parent to translucent; DE ~- 3,3: H - 6. 5-7; CL — 
good: F — uneven to conchoidal; M — tabular crystals, 
platy aggregates, granular. massive. 

Origin and occurrence; Metamorphic and hydro- 
thermal in contacts of marbles and granites. 
associated with clinozoisite. prchnite, calcite and 
actinolite, also in the Alpine-type veins and pegma- 
tites. Perfect tabular crystals up to 150 mm (6 in) 
across come from Puiva, Polar Ural. Russia. Other 
renowned localities are Obira, Japan; Bourg 
d'Oisans, France; Monte Scopi, Switzerland. 


Tinzenite 
Ca(Mn,Fe)7A17BS:¿40 l 5(OH) 


TRICLINIC © © 


Properties: C — yellow, orange to red; S — white; L — 
vitrous to dull: D — transparent to translucent; DE 
3.3; 11 - 6.5-7; CL — good: F - uneven to conchoidal; 
M ~ tabular crystals, platy and fibrous aggregates, 
granular, massive. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins, cross-cutting a rock, rich in braunite. It 
comes from Tinzen. Val d'Err, Switzerland and in the 
Cassagna mince, Genova, Italy. 


Tinzenite, 10 mm xx, Val Gravegtia, Italy 


219 


Beryl 
Be3Al2SigO 18 
HEXAGONAL 9090090 


Varieties: emerald, aquamarine, heliodor, morganite, 
goshenite, red beryl (bixbite). 


Properties: C — variable in different varieties; 
common beryl — mostly yellow, yellow-green, light 
green to white, rare blue; varieties: emerald — dark 
emerald-green; aquamarine — light to dark blue- 
green: morganite — pink; heliodor — light yellow to 
yellow-green; goshenite — white to colorless: red 
beryl B red; S — white; L — vitreous to dull; D — trans- 


Emerald, 30 mm x, Boyaca, Colombia 


parent to translucent; DE — 2.6; H - 7.5-8; CL - 
imperfect; F — uneven to conchoidal; M — long pris- 
matic to tabular crystals, columnar and radial 
aggregates, granular, massive. 

Origin and occurrence: Magmatic in pegmatites and 
granites; hydrothermal in greisens, in cavities in 
rhyolite, in quartz veins; metamorphic in mica 
schists. Perfect prismatic crystals of common beryl 
up to 9 m (29 ft 6 in) long found in the Etta mine, 
Keystone, South Dakota, USA. Crystals weighing up 
to 177 tons, come from Namivo, Alto Ligonha, Mo- 
zambique. Other localities are Pici. Brazil; Iveland, 
Norway; Antsirabe, Madagascar. Emerald crystals 
occur in mica-schists, marbles and ultrabasic rocks, 
associated with other Be minerals, phenakite and 
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Emerald, 30 mm. 


Ural Mts., Russia Aquamarine, 97 mm, Koronel Hurta, Brazil 
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chrysoberyl. Beautiful dark green transparent crys- 
tals are known from Malyshevo. Ural Mts.. Russia; 
Muzo and Coscuez, Colombia; Habachtal, Austria, 


Emerald, 90 mm, Muzo, Colombia 


where the largest crystals reach up to 120 mm (4"/s 
in) in size. Aquamarine is mainly known from 
pegmatites and hydrothermal veins, commonly 


Aquamarine, 158 mm, Shingus, Pakistan 
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Heliodor, $7 mm, Volodarsk Volvnskii. Ukraine 


Heliodor, 26 mm x, Pamir, Tadzhikistan 


associated with tourmaline, quartz and albite. Intense 
blue crystals are known from many pegmatites in 
Minas Gerais, Brazil, where in the Marambaia mine, 
crystals. up to 70 cm (27% in) long and weighing up 
to 110 kg (242 Ib) found. Very beautiful gemmy crys- 
tals over 30 cm (12 in) long recently occurred in the 
Medina Mine. It also come from Murzinka, Ural 
mountains and Adun Chilon, Siberia, Russia. It also 
comes from Spitzkopje, Namibia; Gilgit, Pakistan and 
elsewhere. Morganite is a typical mineral of granitic 
pegmatites, where it occurs in mainly in cavities, 
usually associated with color varicties of tourmaline, 
quartz and albite. Its tabular crystals up to 100 mm (4 
in) across found in the White Queen mine, Pala, Cali- 
fornia, USA. Smaller crystals come from San Piero in 
Campo, I:lba, Italy. Crystals up to 50 cm (20 in) 
across reported from several localities in Minas 
Gerais, Brazil. Heliodor also occurs in pegmatite ca- 
vities, hydrothermal veins and in gneisses, commonly 
associated with quartz and albite. Prismatic crystals 
up to 200 mm (7% in) long, come from Volodarsk 
Volynskii, Ukraine. It is also known from Nerchinsk. 
Siberia, Russia and several mines in Minas Gerais, 
Brazil. Goshenite occurs only in pegmatites. Its 
prismatic crystals come from Goshen, Massachusetts. 


Ann 


Goshenite, 39 mm, Apalygun, Pakistan Red beryl, 17 mm x, Wah Wah Mtis., US.A. 


USA; San Piero in Campo, Elba. Italy. Red beryl 
occurs in Violet Claims. Wah Wah mountains, Utah, 
USA, where crystals up to 50 mm (2 in) were found. 
Application: Be ore, color varieties are cut as gem- 
stones. 


Morganite, 43 mm x, San Diego Co., U.S.A. 
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Bazzite, 70 mm, Tordal, Norway 


Sekaninaite, 40 mm x, Dolni Bory, Czech Republic 


Bazzite 
Be3(Sc,Al)2SigO ¡ g 


HEXAGONAL $ 


Properties: C — light to intense bluc; S — white; L — 
vitreous to dull; D — transparent to translucent; DE — 
2.8: H - 6.5: CL — imperfect: F - uneven to con- 
choidal; M — long prismatic crystals, columnar and 
radial aggregates. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins and pegmatites. Crystals up to 20 mm (7%/3 
in) long come from Tørdal, Norway. It is also known 
from Lago Maggiore, Italy and St. Gotthard, 
Switzerland. 


Cordierite 
Mg2Al4Si50 18 
ORTHORHOMBIC .... 


Varieties: \olite (gemmy bluc) 


Cordierite, 30 mm, Fishtail Lake, Canada 


ame 


Properties: C — bluc, purple, gray, gray-green, gray- 
brown, trichroic; S — white: L — vitreous to dull: D — 
transparent to translucent; DE — 2.5; H - 7-7.5; CL — 
imperfect; F — uneven to conchoidal; M - short 
prismatic crystals, granular. 

Origin and occurrence: Metamorphic in migmatites 
and gneisses and in contact cherts; magmatic in 
granites and granitic pegmatites, usually associated 
with andalusite and sillimanitc. also known from pla- 
cers. It is a typical rock-forming mineral. Its prismatic 
crystals are very rare. Poorly developed transparent 
crystals up to 200 mm (7°⁄ in) long come from Naver- 
berg. Sweden. It also occurs in Orijarvi, Finland; Kra- 
gero, Norway: Bodenmais, Germany. Gemmy pebbles 
are known from the vicinity of Ratnapura, Sri Lanka. 


Sekaninaite 
Fe2Al4SizO 18 
ORTHORHOMBIC eee 


Properties: C - blue, purple, strongly pleochroic; S 


Dravite, 27 mm, Gujarkkot, Nepal 


- white; L - vitreous to dull; D — transparent to 
translucent; DE — 2.8: H — 7-7.5; CL — imperfect; F 
uneven to conchoidal; M — short prismatic crystals, 
granular. 
Origin and occurrence: Magmatic in granitic peg- 
matites and some granites, associated with andalu- 
site and tourmaline: metamorphic in gneisses and 
migmatites. Conical, imperfect crystals, up to 70 cm 
(27%s in) long typically come from Dolni Bory. 
Czech Republic: also known from San Piero in 
Campo. Elba. Italy. 


Dravite 

TOURMALINE GROUP 
NaMg3Al¢(BO3)35ig0) 9(OH)4 
TRIGONAL 000.0. 

Properties: C — light to dark black-brown, blue, 
colorless, commonly pleochroic; S - white; L - 
vitreous to dull; D — transparent to translucent; DE 
3.0; H - 7-7.5: CL — none; F — uneven to conchoidal; 
M — long to short prismatic crystals, columnar to 
acicular aggregates, granular. 

Origin and occurrence: Metamorphic in migmatites, 
gneisses. mica schists, marbles and in contact meta- 


Buergerite, 12 mm x, San Luis Potosi, Mexico 


somatic rocks; magmatic in some granitic peg- 
matites: hydrothermal in quartz veins and ore veins, 
also known from placers. Brown to dark brown 
perfect crystals up to 200 mm (7”/s in) long come 
from mica schists near Dravograd, Slovenia. It is also 
known from marbles in Gouverneur, New York, 
USA. Crystals up to 150 mm (6 in) across found in 
Yinnictharra, Western Australia, Australia. Crystals 
up to 50 mm (2 in) long were recently found in 
Gujarkot, Nepal. 

Application: transparent crystals are cut as gem- 
stones. 


Buergerite 
TOURMALINE GROUP 
NaFe3*,A1¿(BO3)3Sig02 IF 


TRIGONAL + 


Properties: C - black. strongly pleochroic; S - 
yellow-brown: L ~ vitreous to dull; D — translucent to 
opaque: DE - 3.3: H — 7; CL — none; F — uneven to 
conchoidal: M B prismatic crystals, granular. 
Origin and occurrence: Hydrothermal in rhyolites. 
Its black crystals, up to 40 mm (19/16 in) long, are 
known from Mexquitic, San Luis Potosi, Mexico. 
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Schorl, 40 mm, Gilgit, Pakistan 


Schorl 

TOURMALINE GROUP 
NaFe3Al¿(BO3)3Si¿O I g(OH)a 
TRIGONAL 00090 

Properties: C — black, black-brown. blue-black, 
strongly pleochroic: S - white; L — vitreous to dull: 
D — translucent to opaque; DE — 3.3; H — 7-7.5; CL 
— none; F — uneven to conchoidal; M — long to short 
prismatic crystals, columnar to acicular aggregates, 
granular, massive. 

Origin and occurrence: Magmatic in granites and 
granitic pegmatites; hydrothermal in greisens, in 
quartz and ore veins: metamorphic in migmatites, 
gneisses, mica schists and tourmalinites; also known 
from placers. It is usually associated with muscovite, 
quartz and albite. Perfect black crystals come from 
many pegmatite localities. 

Its long prismatic crystals, up to 5 m long, come 
from Arendal, Norway. Very good crystals are also 
known from Kaatiala, Finland: Dolni Bory, Czech 
Republic; Conselheira Pena and Galilcia, Minas 
Gerais, Brazil. 


Povondraite 
TOURMALINE GROUP 
NaFe3*,Mg>Fe3* ¿(BO3)35ig0 ¡ g(OH)g 


TRIGONAL ® 


Properties: C — black; S — gray; L — vitreous to dull; 
D — translucent to opaque: DE - 3.3; H — 7; CL — 


Povondraite, 60 mm, Alto Chapare, Bolivia 


Elbaite, 115 mm, Tourmaline Queen Mine, US.A. Elbaite. 153 mm. Afghanistan 


3 e è illite 34 2, Ç j 
none; F — uncven ta conchoidal; M - short prismatic Rubellite, 23 mm, Pala, U.S.A 


crystals, granular. 

Origin and occurrence: bHydrothermal along the 
cracks in metamorphosed evaporitcs. [ts black 
crystals up to 10 mm (*/s in) long typically come 
from Alto Chapare, Cochabamba, Bolivia. 


Elbaite 
TOURMALINE GROUP 
Na(Li | Al | ,5JAl¿(BO3)35SigO | 3(OH)3F 


TRIGONAL eee 
Varieties: rubellite, verdelite, indiccolite, achroite 


Properties: C — varies in different varieties. rubellite 
— pink to red; verdelite — various hues of green: indic- 
colite — blue; achroite — colorless, other colors include 
yellow, brown and black; S — white; L ~ vitreous to 
dull; D — transparent to translucent; DE — 3.0; H — 7; 
CL - none: F ~ uneven to conchoidal; M — prismatic 
crystals, columnar aggregates, granular. massive. 

Origin and occurrence: Almost only magmatic and 
hydrothermal in granitic pegmatites, typically 
associated with lepidolite and albite; also in placers. 
lis crystals are mostly known from pegmatite cavi- 
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ties in many localities. Rubellite crystal called “The 
Rocket’ (109 cm/43%/+* in long) was found in the 
Jonas mine, Minas Gerais. Brazil. Rubellite crystals 
up to 40 cm (15% in) long come from Alto Ligonha 
district, Mozambique. Rubellite crystals up to 250 
mm (9° in) long occurred in the Stewart Lithia, 
Tourmaline King and Tourmaline Queen mines, 
Pala, California, USA. Verdelitc crystal 270 mm 
(10% in) long, is known from the Dunton mine, 
Newry, Maine. USA. Other important localities 
include San Picro in Campo, Elba, Italy; Malkhan, 
Transbaikalia, Russia: Rozna , Czech Republic; Uto, 
Sweden: Gilgit. Pakistan; Paprok, Afghanistan. 
Application: commonly used as a gemstone. 


Uvite 

TOURMALINE GROUP 
CaMg4Al5(BO3)35Si¿0 ¡ g(OH,P)4 
TRIGONAL eee 

Properties: C — gray, black, brown, green, red, 


pleochroic; S — white; L — vitreous to dull; D — 
translucent to opaque; DE - 3.3; H - 7-7.5; CL — 


Uvite, 41 mm. Brumado, Brazil 


none: F — uneven to conchoidal; M — long to short 
prismatic crystals, columnar aggregates. granular. 
Origin and occurrence: Metamorphic in Ca-rich 
rocks, marbles, skarns; magmatic in some peg- 
matites; hydrothermal in ore veins. 

Perfect green and red crystals, up to 30 mm (1% in) 
across, occur in Brumado. Bahía, Brazil. It is also 
known from Gouverneur and Pierrepont, New York, 
USA. 


Liddicoatite 
TOURMALINE GROUP 
Ca(LizAl)Alg(BO3)3SigO0 | g(OH)3F 


TRIGONAL eee 


Varieties: rubellite, verdelite 


Properties: C — varies in different varieties, mainly pink, 
green, green-brown to yellow-brown; S — white; L — 
vitreous to dull; D — transparent to translucent; DE — 3.1; 
H — 7; CL — none; F — uneven to conchoidal; M — 
prismatic crystals, columnar aggregates, granular. 

Origin and occurrence: Magmatic in granitic peg- 


Liddicoatite, 60 mm, Anjanobonoina, Madagascar 


Verdelite, 24 mm, Gillette Quarry, U.S.A. 


indigolite, 32 mm, Esmeralda Mine, Mesa Grande, U.S.A. 


matites in association with lepidolite, spodumene  Anjanabonoina. It is also known from Blizna, Czech 
and albite. Its perfect red and green crystals up to Republic. 


250 mm (9% in) long come from pegmatite cavities Application: cut as a gemstone. 
in many localities in Madagascar, e.g. Sahatany and 


Liddicoatite, 41 mm, Madagascar 


229 


Foitite 

TOURMALINE GROUP 

O Fe2AIlAl¿(BO3)35ig0 ¡g(OH)g 
TRIGONAL eee 

Properties: C — black to black-purple; S — white; L 
vitreous to dull; D — translucent to opaque: DE - 3.3; 
H — 7; CL — none: F — uneven to conchoidal; M — 
prismatic crystals, acicular aggregates. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites; hydrothermal in pegmatite 
cavities. Foitite typically forms black tips of elbaite 
crystals (moors heads) in Dobra Voda, Czech 
Republic; San Piero in Campo, Elba, Italy; White 
Queen minc, Pala, California, USA. It occurs 
together with schorl in some granitic pegmatites, like 
Rozna, Czech Republic. 


Rossmanite 
TOURMALINE GROUP 
O LiAlzAlg(BO3)3Sig0;g(OH), 


TRIGONAL o 


Properties: C — pink; S — white; L -- vitreous to dull: 
D - transparent to translucent; DE - 3.1; H - 7; CL 
none: F — uneven to conchoidal: M — prismatic 
crystals, columnar aggregates. 
Origin and occurrence: Magmatic in granitic 
pegmatites. Prismatic crystals, up to 20 mm (-*/s: in) 
long. were found in massive lepidolite in Rozna. also 
in Lastovieky, Czech Republic. 


Foitite. 20 mm x, Dobra Voda, Czech Republic 


Dioptase 
CugSigO ¡8 .6 H20 


TRIGONAL ee 


Properties: C — emerald-green to blue-green; S - 
light blue-green; L — vitreous to dull; D - transparent 
to translucent; DE - 3.3; H — 5; CL - good; F — 
uneven to conchoidal; M — long to short prismatic 
crystals, granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, associated with other secondary 
Cu minerals. Beautiful crystals up to 50 mm (2 in) 
across occur in Tsumeb, Namibia; Altyn Tyubc. 
Kazakhstan; Rennevillc, Congo. It also comes from 
the Mammoth mince, Tiger, Arizona, USA. 


Milarite 
KCa,AlBe2Si | 2930 A H20 


HEXAGONAL o. 


Properties: C — colorless, white, gray, light green; S 
white; L — vitreous to dull; D — transparent to 
translucent; DE — 2.5; II — 5-6; CL — none; F - 
uneven to conchoidal; M — long prismatic to acicular 
crystals, granular. 
Origin and occurrence: Hydrothermal in the Alpine- 
type veins, in pegmatites and hydrothermal veins, 
associated with adularia. Crystals up to 40 mm (1% 
in) long come from Jaguaragu. Minas Gerais, Brazil. 
It was also found in St. Gotthard, Switzerland: Klein 
Spitzkopjc, Namibia; Valencia mine, Guanajuato, 
Mexico. 


Rossmanite. 10 mm xx, Lastovicky, Czech Republic 
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Dioptase, 40 mm, Mindouli, Zair 


Sugilite 
KNa2(Fe,Mn,Al)2Li3Si | 2030 


HEXAGONAL 0 


Properties: C — purple; S — white; L — vitreous to dull; 
D - transparent to translucent; DE — 2,7; H — 6-6.5; CL 


Milarite, 22 mm, Jaguaracu, Brazil 


- none; F — uneven to conchoidal: M - long prismatic to 
acicular crystals, granular. 

Origin and occurrence: Hydrothermal in alkaline 
syenites, associated with pectolite, albite and aegirine. 
It occurs in Iwagi Island. Japan and Ilotazcl, South 
Africa. Application: cut and polished as a gemstone 
and decorative stone. 


Sugilite, 40 mm, Hotazel, South Africa 


Z231 


Bronzite, 15 mm, Minas Gerais, Brazil 


Enstatite 
PYROXENE GROUP 
Mg25i204 


ORTHORHOMBIC 00090 


Varieties: bronzite 


Properties: C — colorless, gray, yellowish, greenish, 
brown (bronzite); S — white: L — vitreous to dull; D 
— transparent to opaque; DE - 3.2; H — 5-6; CL — 
good: F — uneven to conchoidal; M — prismatic 
crystals. granular. 

Origin and occurrence: Magmatic in ultrabasic 
rocks, gabbros, peridotites and in meteorites; mcta- 
morphic in marbles, associated mainly with olivine 
and pyrope. Known from Bamle, Norway in crystals 
up to 50 cm (20 in) long. It was originally described 
from Ruda nad Moravou, Czech Republic. Gemmy 
crystals up to 20 mm (7%: in) long occur in Brumado, 
Bahia, Brazil. 


Diopside 

PYROXENE GROUP 
CaMgSi204 

MONOCLINIC 000090 


Varieties: chrome diopside, fassaite, jeffersonite 


Properties: C — light green, dark green (chrome 
diopside), colorless, white, gray, brown, rare blue; S 
- white; L - vitreous to dull; D — transparent to 
translucent; DE - 3.3; H — 5.5-6.5; CL - good: F - 
uneven to conchoidal; M — long to short prismatic 
crystals, granular. 


Chrome diopside, 5 mm grains, Inagli, Russia 


Origin and occurrence: Metamorphic in Ca-rich 
rocks, skarns, pyroxene gneisses, marbles; magmatic 
in basic igneous rocks, pegmatites and metcorites; 
hydrothermal in the Alpine-type veins. Fassaite occurs 
in skarns, chrome diopside in metamorphic deposits of 
Cu and Cr; jeffersonite in metamorphic deposits of Mn 
and Zn. Diopside is a typical rock-forming mineral. 


Diopside, 22 mm x, Ala, aly 


associated with plagioclase, grossular and epidote. 
Well formed crystals are relatively rare. Jeffersonite 
forms prismatic crystals up to 250 mm (9*%s in) long 
in Franklin, New Jersey, USA. Crystals in Corrego 
Setuba, Minas Gerais, Brazil reach up to 30 cm (12 in). 
Other typical localities are Zillertal, Austria: 
Nordmarken, Sweden: Orford mine, Quebec, Canada. 
Fassaite is known from Val di Fassa, Italy. Chrome 
diopside crystals reach up to 100 mm (4 in) in 
Outokumpu. Finland and gem rough recently found in 
Inagli, Yakutia, Russia. 


Hedenbergite 
PYROXENE GROUP 
CaFeSi2O¢g 
MONOCLINIC eeee 

Properties: C - dark green. brown-green, brown to 
black; S — white to gray: L — vitreous to dull; D — 
transparent to translucent; DE — 3.6; H — 6; CL — 
good; F — uneven to conchoidal; M — long to short 
prismatic crystals, granular. 

Origin and occurrence: Metamorphic in Ca-rich 
rocks, like Fe-skarns and pyroxene gneisses: mag- 
matic in some granites and syenites, associated with 
magnetite, grossular and epidote. Crystals are 
relatively rare, reaching up to 50 mm (2 in) from 


Hedenbergite. 40 mm, Dalnegorsk, Russia 


Augite, 17 mm, Firmerich, Germany 


Dalnegorsk, Russia and Franklin, New Jersey, USA. 
Also occurs in Nordmarken, Sweden. Large lamellar 
aggregates come from skarns in Rio Marina, Elba, 
Italy. 


Augite 

PYROXENE GROUP 
(Ca,Mg,Fe,Al)(Si,Al)204 
MONOCLINIC eeeee 

Properties: C — dark brown to black; S — gray-green; 
L - vitreous to dull; D — translucent to opaque: DE — 
3.6; H — 6; CL — good; F — uneven to conchoidal; M 
— short prismatic crystals. granular. 

Origin and occurrence: Magmatic in basic rocks 
(basalts, gabbros, diabases and their tuffs); rare 
metamorphic in skarns. It is a typical rock-forming 
mineral, known from many localities. Well formed 
crystals up to 150 mm (6 in) across occur mainly in 
volcanic rocks, such as near Lake Clear, Ontario, 
Canada. Also known from Laacher See, Germany; 
Lukov and Pa_kapole, Czech Republic, in crystals, 
up to 50 mm (2 in) in size. 
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Omphacite, 90 mm, St. Le 
. , 07 “as $ 


onhard, Au 


or: PA 


Sy 


Omphacite 
PYROXENE GROUP 
(Ca,Na)(Mg,Fe2*,Fe3* AI)(Si,Al)204 
MONOCLINIC e0 0o o 
Properties: C — green to dark green; S - gray-white; L 
vitreous to dull: D — translucent to opaque; DE - 3.3; 
H — 5-6: CL - good: F - uneven to conchoidal: M - 
short prismatic crystals, acicular aggregates, granular. 
Origin and occurrence: Metamorphic in ultrabasic 
and basic rocks, originated under high-temperature., 
usually associated with pyrope, diopside and kyanite. 
It occurs in eclogitcs and granulites in Rubinberg, 
Germany: Headsburg. California, USA and elsewhere. 


Nephrite, 60 mm, Jordanow, Poland 


Jadeite 
PYROXENE GROUP 
NaAiSiz04 


MONOCLINIC ee 
Varieties: nephrite 


Properties: C — white, lavender to gray. in aggregates 
also light green (nephrite): S — white; L — vitreous to 
dull; D - transparent to translucent: DE - 3.2: 11-6: 
CL - good; F — uneven to conchoidal; M — prismatic 
crystals, acicular aggregates, granular. 

Origin and occurrence: Exclusively metamorphic in 
strongly metamorphosed rocks; also in placers. 
Blocks. weighing several tons, are known from Ben 
Sur, California, USA. It also come from Tawmaw, 
Burma; New Zealand; Tibet and elsewhere. 
Application: as a material for carvings and decora- 
tive purposes. 


Aegirine 
PYROXENE GROUP 
NaFe3*Si204 


MONOCLINIC eee 


Properties: C — dark green to black-green: S — light 
yellow-gray: L ~ vitreous to dull; D — translucent to 
opaque: DE - 3.6; H - 6; CL - good; F - uneven to 
conchoidal; M — long prismatic to acicular crystals, 
acicular aggregates. 

Origin and occurrence; Magmatic, mainly in alkaline 
magmatic rocks (syenites, carbonatitcs, alkaline 
granites and their pegmatites): rare hydrothermal in 


sediments. Well formed prismatic crystals up to 150 
mm (6 in) long come from Mount Malosa, Malawi. 
Crystals up to 30 cm (12 in) occur in Langensunds- 
fjord. Norway. Other localities are Mount Karnasurt. 
Lovozero massif. Kola Peninsula, Russia and Mont 
St.-Hilaire. Quebec, Canada. 


Aegirine, 77 mm, Mt.Malosa, Malawi 
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Spodumene, 52 mm x, Kunar, Afghanistan 


aL 


Hiddenite, 35 mm, Adams Property, U.S.A. 


Spodumene 
PYROXENE GROUP 
LiAISi.O¢ 


MONOCLINIC eee 
Varieties: kunzite, hiddenite, triphane 


Properties: C — white, gray, yellowish (triphane), 
green (hiddenite), pink to purple (kunzite); S — 
white: L — vitreous to dull; D - transparent to trans- 
lucent: DE - 3.2; H — 6.5-7.5; CL — good; F — uneven 
to conchoidal; M — long to short prismatic crystals, 
cleavable aggregates, granular; LU — orange. 

Origin and occurrence: Magmatic in granitic pegma- 
tites; hydrothermal in pegmatite cavities. It is known 
from many localities. Its poorly developed crystals up 
to 6 m (20 ft) long occur in the Etta mine, Keystone, 
South Dakota and in Kings Mountain, North 
Carolina, USA. Transparent kunzite crystals up to 40 
cm (15% in) long come from Mawi, Laghman, Af- 
ghanistan. Kunzite crystals up to 280 mm (11 in) 
long found in the Pala Chief: mine, Pala. California, 
USA. Cracked kunzite crystals, up to 1 m (39*s in) 
long known from Araçuai, Minas Gerais, Brazil. Hid- 
denite occurs in crystals up to 250 mm (9"⁄s in) long 
in Resplendor, Minas Gerais, Brazil. It also comes 
from the Adams property, North Carolina, USA. 
Application: raw material for ceramics, kunzite and 
hiddenite are cut as gemstones. 


Carpholite, 70 mm, Hornt Slavkov, Czech Republic 


Carpholite 
MnAl-Si206(0 H)4 


ORTHORHOMBIC © © 


Properties: C — various hucs of yellow: S — white: L 
— vitreous to dull; D — translucent; DE - 3.0; H — 5- 
5.5; CL - good: F — uneven to conchoidal: M - 
acicular crystals and their aggregates. 

Origin and occurrence: Hydrothermal in veins, 


Lorenzenite, 20 mm xx, Flora Mt.. Kola, Russia 


cross-cutting greisens, associated with fluorite, 
quartz and cassiterite; also in metamorphic rocks. It 
was described from Horni Slavkov, Czech Republic, 
where it forms acicular crystals up to 10 mm (?/s in) 
long and radial aggregates. It is also known from 
Meuville. Belgium and Wippra, Germany. 


Lorenzenite 
N aTi 29i 209 


ORTHORHOMBIC © © 


Properties: C — brown to black; S - yellowish; L — 
vitreous to dull; D — translucent to opaque; DE - 3.4; 
H -— 6; CL - good; F — uneven to conchoidal; M - 
prismatic crystals, columnar aggregates, granular. 

Origin and occurrence: Magmatic in alkaline syenites 
and their pegmatites. associated with astrophyllite, 
nepheline and aegirine. Crystals up to 80 mm (3's in) 
long come from Mount Flora, Lovozero massif, Kola 
Peninsula. Russia. Other localities are Narssarssuk. 
Greenland and Mont St.-Hilaire, Quebec, Canada. 


Ajoite 
(K,Na)Cu7zAlSi9gO2 4(OH)¢ aS H20 


TRICLINIC Oo 


Properties: C— blue-green; S — light green; L — vitreous 
to dull; D -- translucent to opaque; DE — 3.0; H — not 
determined; CL - not determined; F — uneven to 
conchoidal: M — prismatic crystals, massive. 

Origin and occurrence: Secondary in Cu deposits, 
associated with shattuckite. It occurs rarely as small 
crystals in the New Cornelia mine, Ajo, Arizona, 
USA. It is also known as inclusions in quartz crystals 
in the Messina mine, Transvaal, South Africa. 


Ajoite, 60 mm, Ajo, US.A. 
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Holmquistite, 60 mm, Lac Malartic, Canada 


Antophyllite 
AMPHIBOLE GROUP 
Mg7SigQO27(OH,F)2 
ORTHORHOMBIC 0.0.0 

Properties: C — white, light brown, yellow, light 
green; S — white; L— vitreous to dull; D — transparent 
to translucent; DE — 3.4: H -- 5.5-6; CL - good: F 
uneven to conchoidal; M -- long prismatic crystals, 
columnar and radial aggregates, granular. 

Origin and occurrence: Metamorphic in gneisses, 


Anthophyllite, 60 mm, North Carolina, U.S.A. 


serpentinites and at the contact of serpentinites and 
pegmatites, usually with actinolite or tremolite and 
cordicrite. Crystals up to 150 mm (6 in) long come 
from the Marbridge No.I mine, Quebec, Canada. It 
is also known from Bodenmais, Germany: Snarum, 
Sweden and Hermanov, Czech Republic. 


Holmquistite 
AMPHIBOLE GROUP 
LigMg3Al2zSigO77(OH,F)> 


ORTHORHOMBIC 0.0. 


Properties: C — bluc. purple, gray, black: S — white; L 
— vitreous to dull; D - transparent to translucent; DE - 
3.0; H — 5.5-6; CL - good; F — uneven to conchoidal; 
M — acicular and prismatic crystals, fibrous 
aggregates, granular. 

Origin and occurrence: Hydrothermal at the 
contacts between complex Li-bearing pegmatites 
and amphibolites, sometimes associated with biotite. 
It occurs in Greenbushes, Western Australia, 
Australia where its tibers reach up to 180 mm (7'/1 
in) in length. It is also known from Uto, Sweden; 
Manono, Zaire and Brandbrucken, Austria. 


Manganogedrite 
AMPHIBOLE GROUP 
Mn2FesSigO79(OH)2 


MONOCLINIC o. 


Properties: C — gray, dark green, brown, greenish; S — 
white; L — vitreous to dull; D — translucent to opaque; 
DE - 3.5; H - 5-6; CL- good; F — uncven to 
conchoidal; M - columnar, acicular and radial 
aggregates, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed Mn rich rocks, associated 
with chlorite and magnetite. It comes from 
Dannemora, Sweden and elsewhere. 


Manganogedrite, 70 mm, franz Joseph Iceberg. New 
Zealand 


Tremolite, 37 mm, Maricopa Co.. Arizona, U.S.A. 
EE ie A | 


“$ 


Tremolite 
AMPHIBOLE GROUP 
CazMgsSigO79(OH)2 


MONOCLINIC eeeee 

Properties: C -~ white. gray, greenish, green, brown. 
pink: S — white; L — vitreous to dull; D — transparent 
to translucent; DE - 2.9: H — 5-6: CL - good: F 
uneven to conchoidal: M — columnar, acicular and 
radial aggregates. granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed rocks, dolomites and 
ultrabasic rocks: hydrothermal in the Alpinc-type 
veins, typically associated with diopside, talc, 
dolomite and calcite. It is a typical rock-forming 
mineral, known from many localities. Prismatic 
crystals up to 40 cm (15% in) long come from 
Brumado, Bahia, Brazil. It occurs also in Campo- 
lungo, Switzerland; Zillcrtal, Austria: Gouverneur. 
New York, USA and elsewhere. 


Actinolite 
AMPHIBOLE GROUP 
Ca7(Mg,Fe)>5SigO79(OH)2 
MONOCLINIC 000090 

Properties: C - light grcen to almost black: S — 
white; L — vitreous to dull: D — transparent to trans- 
lucent; DE ~ 3.2; H — 5-6; CL — good: F — uneven to 
conchoidal; M - columnar, acicular and radial 
aggregates, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed rocks, also in dolomites 
and some basic rocks (amphibolites. shales). It is a 
typical rock-forming mincral, associated with 
anthophylitc, chlorite. talc, dolomite and calcite. It is 
known from many localities where it forms columnar 
agercgates up to 250 mm (9's. in) long, as in 
Knappenwand and Zillertal. Austria. Val Malenco, 
Italy; Brumado, BahRa, Brazil and Sobotin, Czech 
Republic. 


Actinolite, 30 mm xx, Austris 
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Edenite 
AMPHIBOLE GROUP 
NaCa2(Mg,Fe)5SizAlO22(0H) 


MONOCLINIC 00090 

Properties: C — white, gray to dark green; S — white; 
L - vitreous to dull; D — transparent, translucent to 
opaque; DE - 3.1; H - 5-6; CL — good; F -- uneven 
to conchoidal: M — prismatic crystals. granular. 
Origin and occurrence: Metamorphic in regionally 
metamorphosed basic rocks and marbles; magmatic 
in diorites and gabbros. Typical rock-forming 
mineral, its crystals up to 40 mm (1%s in) long come 
from Edenvillc, New York, USA and Bancroft, 
Ontario, Canada. 


Edenite, 48 mm, Wilberforce, Canada 
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Pargasite 

AMPHIBOLE GROUP 
NaCa>7(Mg,Fe)¿AlSi¿Al20772(0H)> 
MONOCLINIC 009090 

Properties: C — light brown, green-blue, brown to 
black-brown; S — white: L — vitreous to dull; D — 
transparent to translucent; DE - 3.1; H — 5-6; CL - 
good; F — uneven to conchoidal; M — prismatic 
crystals, granular, massive. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed basic rocks, marbles and skarns; 
magmatic in diorites and gabbros; typical rock- 
forming mineral. Crystals up to 80 mm (3'4 in) 
across come from the Jensen quarry. Riverside, 
California. USA; Pargas, Finland; Hunza, Pakistan. 


Common Amphibole 
AMPHIBOLE GROUP 
(Ca,Na)2(Mg,Fe,Al)5(Si,Al)gO>(OH,F)2 
MONOCLINIC 0009090 

Properties: C — dark green, brown to black: S - gray: 
L — vitreous to dull: D - translucent to opaque: DE — 
3.4; H — 5-6; CL — good; F — uneven to conchoidal; 
M -— short prismatic crystals, columnar aggregates. 
granular, 

Origin and occurrence: Metamorphic in basic rocks. 
as amphibolites and shales; magmatic in some 
igneous rocks, as syenites, diorites, andesitcs and 
basalts. Typical rock-forming mineral, known from 
many localities. Large crystals up to 1 m (39%: in) 
long come from Silver Crater, Ontario, Canada. It is 
also known from Zillertal, Austria; Lukov, Czech 
Republic and clsewherc. 


Pargasite, 70 mm, Limberg, Parainen, Finnland 


CS 
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Common Amphibole, 50 mm x. Lukov, Czech Republic 


Richterite 

AMPHIBOLE GROUP 
Na2Ca(Mg,Fe,Al)>(Si,Al)gO72(OH,F)2 
MONOCLINIC 0090 

Properties: C — brown, yellow, dark red. dark green; 
S — gray: L — vitreous to dull; D — transparent to 
translucent; DE — 3.1; H - 5-6: CL - good; F - 
uneven to conchoidal: M - long prismatic crystals, 
columnar aggregates, granular. 

Origin and occurrence: Magmatic in alkaline rocks, 
as trachytes and alkaline granites; rare metamorphic 
in some metamorphosed rocks, as skarns and 
marbles. Crystals up to 100 mm (4 in) long come 
from Wilberforce, Ontario, Canada and Langban, 
Sweden. 


Richterite, 40 mm, Wilberforce, Canada 
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Riebeckite, 45 mm, Griqualand, South Africa 


Riebeckite 
AMPHIBOLE GROUP 
Na(Fe?* Mg)3Fe3*,SigO77(0H) 


MONOCLINIC 00090 


Varieties: crocidolite (tiger's cyc) 


Properties: C ~ dark blue to black, crocydolite — gray- 
bluc; S — white; L - vitreous to dull; D — translucent to 
opaque; DE ~ 3.4; H — 5; CL — perfect: F — uneven to 
conchoidal; M — long prismatic crystals, acicular to 
fibrous aggregates. 

Origin and occurrence: Magmatic in alkaline rocks, 
as granites, syenites and rhyolites; metamorphic in 
regionally metamorphosed Fe rich shales. Large 
crystals up to 150 mm (6 in) long come from 
Khangay, Mongolia. Crocidolite is famous from 
Griqualand, South Africa. 


Wollastonite, 44 mm, Crestmore, USA. 


Aenigmatite, 40 mm xx, Eveslogchorr, Kola, Russia 


Aenigmatite 
NajFes TiSigO79 


TRICLINIC o. 


Properties: C — black; S — red-brown; L — submetal- 
lic to dull; D -almost opaque; DE - 3.8; H — 5.5; CL 

perfect: F — uneven to conchoidal; M — long pris- 
matic crystals, columnar aggregates, granular. 
Origin and occurrence: Magmatic in alkaline 
syenites and volcanic rocks, associated with aegirine 
and arfvedsonitc. It occurs in Julianchab, Greenland; 
Lipari Island, Italy and elsewhere. 


Wollastonite 
Ca3SizOg 
TRICLINIC 00090 

Properties: C - white, gray, light greenish, pink; S — 
white: L - vitrous to dull; D —- transparent to 
translucent; DE - 3.0; H — 4.5-5; CL -— good; F - 
uneven to conchoidal; M - tabular to short prismatic 
crystals, columnar and radial aggregates, granular: 
LU - orange. 

Origin and occurrence: Metamorphic mainly in 
contact metamorphosed rocks, as marbles, skarns, 
less common in pyroxene gneisses and quartzites, 
associated with grossular. diopside and vesuvianite. 
Columnar and acicular aggregates up to 180 mm 
(7'/ie in) long occur in the Strickland quarry, 
Connecticut, USA. It also come from Crestmore, 
California, USA; Ciclova, Romania and Zulova , 
Czech Republic. Short prismatic crystals up to 30 cm 
(12 in) across are known from the Santa Fe mine, 
Chiapas, Mexico. 
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Bustamite, 20 mm xx, Broken Hill, Australia 


Bustamite 
(Mn,Ca)3 SizOg 


TRICLINIC eee 


Properties: C — pink to red-brown; S — white; I. 
vitreous to dull; D — transparent to translucent; DE - 
3.4; H - 5.5-6.5; CL - good; F uneven to 
conchoidal; M -— tabular crystals, acicular 
agercgates, massive. 

Origin and occurrence: Metamorphic or hydro- 
thermal in Mn rich metamorphic rocks or skarns. It 
is associated with rhodonite and other Mn silicates in 
Franklin, New Jerscy, USA; Langban. Sweden: 
Broken Hill, New South Wales, Australia. 


Pectolite, 70 mm, Zelechovske udoli, Czech Republic 


Pectolite 
Ca2NaSi3;0g(OH) 


TRICLINIC eee 


Properties: C — white, pinkish; S — white; L —- 
vitreous to dull; D — transparent to translucent; DE — 
2.9; H — 4.5-5; CL - good; F - uneven to conchoidal; 
M B acicular and radial aggregates; LU - locally 
yellow to orange. 

Origin and occurrence: Hydrothermal in basalt 
cavities, less frequently along the cracks in marbles, 
associated with zeolites. Classic localities are West 
Paterson, New Jersey, USA, where it forms acicular 
spherical aggregates up to 180 mm (7'/« in) across; 
also Monte Baldo, Italy; Zclechovske udoli, Czech 
Republic. Prismatic crystals up to 50 mm (2 in) long 
come from Mont St.-Hilaire, Quebec, Canada. 


Serandite 
Mn2NaSizOg(OH) 


TRICLINIC o 


Properties: C — pink, red; S — white; L — vitreous to 
dull: D - transparent to translucent; DE - 2,9; H — 4.5- 
5; CL — good; F - uncven to conchoidal; M — tabular 
and prismatic crystals, granular. 

Origin and occurrence: Hydrothermal in cavities of 
igneous rocks (alkaline syenite, carbonatitc) together 
with acgirine and analcimc. Perfect pink crystals up 
to 200 mm (7% in) long come from Mont St.- 


Serandite. 25 mm. Mont St.-Hilaire, Canada 


Hilaire, Quebec. Canada; crystals up to 60 mm (2%s 
in) long found in the Yubileinaya dikc. Mount 
Karnasurt, Lovozero massif. Kola Peninsula, Russia. 


Charoite 
(K,Sr,Ba)(Ca,Na)2(Si,Al) 40 | 9(OH,F) 


TRICLINIC © © 


Properties: C — purple; S - white; L — vitreous to dull; 
D - translucent to opaque; DE — 2.6; H - 5-6; CL - 
good: F — uneven; M — fibrous aggregates, massive. 
Origin and occurrence: Hydrothermal in alkaline 
igncous rocks, associated with acgirine and nephe- 
linc. Rich aggregates occur in Sirenevyi Kamen. 
Chara river basin, Murun massif, Yakutia. Russia. 
Application: cut and polished as decorative stonc. 


Agrellite 
NaCa7Si4O | oF 


TRICLINIC Oo 


Properties: C — gray-white to greenish; S -- white; L 
— vitreous, dull to pearly; D - transparent to 
translucent; DE - 2.9: H - 5.5: CL - good; F - 
uneven: M — long prismatic crystals, granular. 

Origin and occurrence: Metamorphic in alkaline 
gneisses. It occurs as prismatic crystals up to 100 mm 
(4 in) long in the Kipawa river basin, Quebec, Canada. 


Okenite 
CaSi204(OH)2 . H20 


TRICLINIC o. 


Properties: C - white, yellowish: S — white; L - 
vitreous to dull; D — transparent to translucent: DE — 
2.3; H -4.5-5; CL - good; F - uneven to conchoidal; 
M B blade-shaped crystals. acicular crystals and 
their spherical aggregates. 


Agrellite, 120 mm, Kipawa, Canada 


Charoite, 50 mm, Sirenevyi Kamen, Russia 


CRA 


oe 
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Origin and occurrence: Hydrothermal in basalt 
cavities together with zeolites. Rich acicular 
spherical aggregates up to 80 mm (3'% in) in 
diameter come from basalt cavities in the vicinity of 
Poona, India; also known from Facroc Islands. 


Okenite, 125 mm. Mumbai, India 
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Xonotlite, 20 mm vein, Stare Ransko, Czech Republic 


Xonotlite 
CagSigO) 7(OH)2 


MONOCLINIC © © 


Properties: C — white, pinkish. gray: S — white; L — 
vitreous, dull to pearly: D - transparent to 
translucent: DE - 2.7; H - 6.5; CL — good; F — 
uneven to conchoidal; M -— acicular to fibrous 
aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities of 


Elpidite, 128 mm, Mont St.-Hilaire, Canada 


basic and ultrabasic rocks and in the Alpine-type 
veins, associated with calcite and zeolites: rare meta- 
morphic in skarns and in contact metamorphosed 
marbles. It comes from Tetela de Xonotla, Puebla, 
Mexico; Crestmore, California, USA; Mihara mine, 
Japan. It is was also found in Stare Ransko. Czech 
Republic. 


Elpidite 
Na zZrSigO IS - 3 H20 


ORTHORHOMBIC 6 © 


Properties: B — colorless, yellowish, red; S — white; 
L - vitreous to dull; D — transparent to translucent; 
DE - 2.6; H - 5.5-6.5; CL — good; F — uneven to 
conchoidal: M — long prismatic crystals, fibrous 
aggregates. 

Origin and occurrence: Hydrothermal in albitized 
parts of alkaline pegmatites, associated with albite 
and aegirine. Perfect crystals up to 30 cm (12 in) 
long come from Tarbagatay, Kazakhstan. Crystals up 
to 200 mm (77 in) long found at Mont St.-Hilaire, 
Quebec, Canada. Also known from Khan Bogdo, 
Gobi desert. Mongolia; Umbozero mine on Mount 
Alluaiv. Lovozero massif, Kola Peninsula, Russia. 


Rhodonite, 35 mm x, Broken Hill, Australia 


Rhodonite, 70 mm, Maloye Sedelnikovo, Ural. Mis., Russia 


Rodonite known from Arcndal. Norway. Other localities arc 
CaMngSizOgy Westfield. Massachusetts, USA: Baveno. Italy. 
TRICLINIC eoo Babingtonite, 5 mm x, Mumbai, India 


Properties: C — pink, red, red-brown, gray: S - white; 
L — vitreous to dull; D - transparent to translucent: 
DE - 3.7; H — 5.5-6.5; CL - good: F — uneven to 
conchoidal; M — tabular crystals, granular. massive. 
Origin and occurrence: Metamorphic in Mn-rich 
rocks, hydrothermal in ore veins, associated with 
spessartine and Mn oxides. Perfect crystals up to 200 
mm (7% in) long comc from Franklin, New Jersey, 
USA; also from Broken Hill. New South Wales, 
Australia. 

Granular and massive aggregates occur in Langban. 
Sweden and in Maloye Sidelnikovo, Ural mountains, 
Russia. 

Application: cut and polished as a decorative stone. 


Babingtonite 
Ca7Fe**Fe?*SicO, (OH) 


TRICLINIC © © 


Properties: C — green-black to black-brown; S - 
green-gray: L - vitreous to dull; D — translucent to 
opaque: DE - 3.3; H- 5. 5-6; CL - good: F - uneven 
to conchoidal; M — short prismatic crystals, granular. 
Origin and occurrence: Hydrothermal along the 
cracks in rocks, associated with prehnite, adularia and 
epidote. 

Well-formed crystals about 20 mm (4: in) across are 
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Kinoite 
CazCu Siz O3(OH)4 


MONOCLINIC 0 


Properties: C — blue; S -- light blue: L — vitreous to 
dull; D - transparent to translucent; DE — 3.2; H - 5; 
CL B perfect: F — uneven to conchoidal; M - pris- 
matic crystals, granular. 

Origin and occurrence: Hydrothermal along cracks 
in rocks, associated with apophyllite and copper. 
Small crystals were found in the Christmas minc. 
Santa Rita mountains, Arizona, also in the Kcarsarge 
vein, Keweenaw Peninsula, Michigan, USA. 


Inesite 
Ca2Mn35:¡9023(0H) saad H-0 


TRICLINIC 00 


Properties: C — pink, brown: S — white; L — vitreous 
to dull: D — translucent; DE — 3.0; H - 5.5; CL - 
good; F — uneven to conchoidal; M - short prismatic 
and tabular crystals. columnar and radial aggregates, 
granular. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with rhodochrosite, rhodonite and calcite. 
Rich aggregates and well-formed crystals about 10 
mm (%x in) across found in Langban, Sweden: also in 
Hale Creek, California, USA: Broken Hill, New 


Kinotte, 36 mm, Christmas Mine, U.S.A. 


IAG 


South Wales, Australia. Jts spherical aggregates up to 
30 mm (I+ in) in diameter are known from the 
Wessels mine, Kuruman, South Africa. 


Neptunite 
KNa LiFe TizSigO77 


MONOCLINIC © © 


Properties: C -. dark brown to black; S — red-brown; 
L - vitreous to submetallic; D -- translucent to 
opaque; DE — 3. 2; H — 5-6; CL — good; F — uneven 
to conchoidal; M -- long prismatic crystals, granular. 
Origin and occurrence: Hydrothermal in veins, 
associated with natrolite, benitoite and eudialyte. 
Well-formed prismatic crystals up to 80 mm (3'/s in) 
long come from the Benitoite Gem mine, San Benito 
Co., California, USA. It is also known from Mont 
St.-Hilaire, Quebec. Canada and Narssarssuk, 
Greenland. 


Epididymite 

NaBe>Si307(OH) 

ORTHORHOMBIC © © 

Properties: C — white, gray, yellowish; S — white; L 


- vitreous to dull; D — transparent to translucent: DE 
- 2.6; H- 6-7; CL - good; F -- uneven to conchoidal; 


Inesite, 50 mm, Kuruman, South Africa 


Neptunite, 28 mm, San Benito Co., U.S.A. 


M — tabular crystals, lamellar aggregates, granular. 
Origin and occurrence: Hydrothermal in cavities of 
alkaline pegmatites, associated with zeolites. 
Tabular crystals up to 60 mm (2% in) across come 
from Mount Malosa. Malawi. It is also known from 
Langesundsfjord. Norway; Mont St.-Hilaire. 
Quebec, Canada; Narssarssuk, Greenland. 


Bavenite. 40 mm, Yermolayevskove, Russia 


Bavenite 
CagAlzBe7SigO7¢6(OH)2 


ORTHORHOMBIC eee 


Properties: C - white, yellowish, pinkish: S - white; L 
vitreous to dull; D — transparent to translucent; DE 
2.8; H - 5.5; CL — good; F — uneven to conchoidal; M 

prismatic to tabular crystals. radial and lamellar 
aggregates. Origin and occurrence: Hydrothermal in 
pegmatic cavitics with albite: typically produced by 
beryl replacement in pegmatites or helvite replacement 
in skarns. Found in Baveno, Italy with crystals up to 20 
mm (*/2 in) across. Also known from Strzegom, 
Poland. Crystals up to 4 mm (*/2 in) across found in the 
Hewitt quarry, USA. 


Epididymite, 70 mm. Apatity, Kola, Russia 
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Prehnite, 28 mm, Brandberg. Namibia 


Fluorapophyllite, 47 mm, Poona, India 


Prehnite 
Ca7Al7SizO i o(0H)) 
ORTHORHOMBIC 0. .0 

Properties: C — white, greenish to green, yellow, 
gray: S — white; L — vitreous; PS - transparent to 
translucent; DE — 2.9; H - 6-6.5; CL — good: F - 
uneven to conchoidal: M — tabular to prismatic crys- 
tals, usually forming botryoidal or spherical aggre- 
gates, granular. 

Origin and occurrence: Hydrothermal in basalt 
cavities and in the Alpine-type veins, commonly 
associated with calcitc, albite, epidote and zcolites. 
Rich aggregates are known from West Paterson, New 
Jersey, USA: Val di Fassa, Italy; Poona, India. 


Astrophyllite, 30 mm xx, Khibiny Massif, Kola, Russia 


SAR 


Crystals up to 45 mm (1% in) across found in 
Copper Valley, Brandberg, Namibia, Asbestos, 
Quebec, Canada and Talnakh, Siberia, Russia. 


Astrophyllite 
(K,Na)3(Fe,Mn)7Ti7SigO74(0,0H)7 


TRICLINIC e. 


Properties: C — various hues of yellow; S — white; L — 
vitreous to dull; D — transparent to translucent: DE - 
3.3; H- 3; CL = good; F — uneven to conchoidal: M - 
long prismatic crystals, bladed aggregates. 

Origin and occurrence: Magmatic in alkaline peg- 
matiles. Crystals and thcir radial aggregates reaching 
up to 100 mm (4 in) come from Mount Eveslogchorr. 
Khibiny massif, Kola Peninsula., Russia. It is also 
known from Mont St.-Hilaire, Quebec. Canada. 


Fluorapophyllite 
KCagSigO79(F,OH) .8 H20 


TETRAGONAL eee 


Properties: C — white, greenish yellowish, pinkish; S 
— white: L — greasy to pearly; D — transparent to 
translucent; DE — 2.4; H - 4.5-5; CL - perfect; F — 
uneven; M — prismatic and tabular crystals. lamellar 
aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks in the Alpine-type 
veins, in ore veins and pegmatites. Well-formed 
crystals up to 100 mm (4 in) long are known from 
Jalgaon and Poona. India: Centreville and Fairfax, 


Pyrophyllite, 37 mm, California, U.S.A. 


Virginia, USA. Other localities are St. Andreasberg. 
Germany; Bento Gonçalves. Rio Grande do Sul, 
Brazil. 


Pyrophyllite 
Al75i40 ¡p(OH)) 


MONOCLINIC 0000 


Varieties: agalmatolite 


Properties: C - white, greenish, yellow, gray; S - 
white; L - greasy to pearly: D - translucent to 
transparent; DE — 2.8; H — 1-2; CL — perfect; F — 
uneven; M B foliated and lamellar aggregates, 
massive (agalmatolite), radial to acicular aggregates. 
Origin and occurrence: Metamorphic in Al-rich 
rocks, together with andalusite and kyanite; hydro- 
thermal in veins with quartz and micas. Rich foliated 
and radial aggregates and poorly-formed crystals up 
to 10 mm (4 in) across arc known from Zermatt, 
Switzerland: Berezovsk, Ural mountains, Russia and 
the Champion minc, California, USA. 

Application: heat-resistant material, agalmatolite as 
decorative stone. 


Talc 
Mg3Sig¿O |] o(OH)2 


MONOCLINIC 000090 

Properties: C — white, greenish, yellow, pinkish, 
gray: S - white; L — greasy to pearly; D — transparent 
to translucent; DE — 2.8: H — 1: CL — perfect; F — 


Agalmatolite, 70 mm, India 


uneven; M - tabular crystals, foliated aggregates. 
massive. 

Origin and occurrence: Metamorphic in metamor- 
phosed basic rocks and dolomites, together with 
actinolite, dolomite and chlorite: hydrothcrmal in veins. 
Tabular crystals up to 20 mm (%: in) across come from 
Brumado, Bahia, Brazil and Chester, Massachusetts, 
USA. Rich foliated aggregates are known from Ziller- 
tal, Austria. Pscudo-morphs after quartz crystals come 
from St. Gotthard, Switzerland. Large deposits of 
massive talc are mined in China. 

Application: as a filling material in textile, paper and 
chemical industries, heat-resistant material. 


Talc, 61 mm, Rochester, U.S.A. 


Muscovite 
MICA GROUP 
KAI3Si30) g(OH,F)2 
MONOCLINIC 60000 

Varieties: fuchsite 

Properties: C - white, greenish. yellowish, pinkish, 
green (fuchsite), gray: S — white: L — vitreous to 
pearly: D - transparent to translucent; DE — 2.8: H 
2.5-3: CL - perfect: F — uneven; M — tabular crystals, 
lamellar and scaly aggregates, massive. 

Origin and occurrence: Metamorphic in various 
rock types, as mica schists, gneisses; magmatic in 
granites and pegmatites; hydrothermal in veins ar 
next to ore veins (fuchsite). Important rock-forming 
mineral, usually associated with quartz, K-fcldspar, 
albite and biotitc. Its sheets, reached up to 5 x 3 m in 
size and weighed up to 85 tons in the Inikurti mine, 
Nellore, India. Large sheets arc also known from 
Custer, South Dakota, USA. Well-formed crystals up 
to 100 mm (4 in) across come from Alabashka near 
Murzinka, Ural mountains, Russia. Other famous 
localities include Mamsk, Ural mountains, Russia 
and Cruzciro mine, Minas Gerais. Brazil, where 
gemmy crystals were found. 

Application: insulation material in electrical applica- 
tions and construction. 


Muscovite, 35 mmi, Plumos, California, U.S.A. 


Celadonite 

MICA GROUP 
KFe3*(Mg,Fe?*,ANSi¿O | g(OH)2 
MONOCLINIC 0.00. 

Properties: C - light green to blue-green; S — white; 
L - dull; D ~ translucent to almost opaque; DE — 3.0; 
H — 2; CL - perfect: F — uneven: M - carthy, 
sometime small scaly aggregates, massive. 

Origin and occurrence: Hydrothermal as a product 
of mafic mineral replacement in volcanic rocks, 
associated with zeolites, prehnite and calcite. 
Famous localities are Val di Fassa and Monte Balda, 
Italy; also known from Bisbee, Arizona, USA. 


Boromuscovite 
MICA GROUP 
KAI2BSi30 | g(OH)2 


MONOCLINIC © 


Properties: C — yellowish; S - white; L — dull; D 
transparent to translucent; DE - 2.8; H - 2.5; CL 
perfect: F — uneven; M — small scaly aggregates, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 


Fuchsite, 4 mm xx, Pamir. Tadzhikistan 


ISN 


To my science and engineering teachers. I'd 
particularly like to thank Jim  Giovando, my 
physics and chemistry teacher at Petaluma 
Senior High School, who, even decades 
later, | remember as having been an 
inspiration. | also dedicate this book to the 
physics and chemistry faculty of Sonoma 
State University in the 1970s, where the 
small class size and personal guidance by 
the professors made for a great learning 
environment. 


Celadonite, 60 mm, Unhost'any, Czech Republic 


complex pegmatites, associated with albite, elbaitc 
and lepidolitc. Fine-grained scaly aggregates were 
described from the Little Three minc, Ramona, 
California. USA; also in Recice, Czech Republic. 


Paragonite 
MICA GROUP 
NaAl3Siz3O | 9(OH,F)2 


MONOCLINIC eee 


Properties: C — white, greenish, yellowish, pinkish; 
S — white; L - vitreous to pearly; D - transparent to 
translucent: DE — 2.8: H - 2.5; CL B perfect; F - 
uneven: M - tabular crystals, scaly aggregates, 
massive. 

Origin and occurrence: Metamorphic in various 
rock types, as mica schists and gneisses. Finc- 
grained scaly aggregates are known from Pizzo 
Forno. Switzerland and elsewhere. 


Boromuscovite, 40 mm, Ramona, U.S.A. 


Paragonite, 80 mm, St.Gotthard, Switzerland 


Glauconite 

MICA GROUP 

Ko 9(Al,Fe2*,Fe?*,Mg)(Si,Al) 4 | 9(OH) 
MONOCLINIC (EE EE EE EE 

Properties: C — light green, yellow-green to bluc- 
green: S — light green: L - dull; PS -- translucent to 
opaque: DE - 2.9; H - 2; CL B perfect; F - uneven: 
M B earthy and platy aggregates, massive. 

Origin and occurrence: Hydrothermal in sedimen- 
tary and volcanic sedimentary rocks, also as a pro- 
duct of replacement of mafic minerals in volcanic 
rocks. Common in sandstones and limestones. 
locally associated also with phosphorites. It occurs 
in many localities in the Karpathians, Poland; in 
Polabi region. Czcch Republic, Massive aggregates 
arc known from the N’Chwaning No. 2 mince. 
Kuruman. South África. 


Glauconite, 80 mm, Malomerice, Czech Republic 


251 


Annite, 120 mm. Budec. Czech Republic 


Annite 
MICA GROUP 
KFezAISizO¡ 9(OH,F)2 


MONOCLINIC 0090 


Properties: C - black, locally with reddish or 
greenish tint: S ~ colorless; L — vitreous to pearly; D 
— transparent to translucent, locally opaque; DE - 
2.8; H- 2.5-3; CL — perfect: F — uneven; M — tabular 
crystals, lamellar aggregates, massive. 

Origin and occurrence: Metamorphic in skarns: 
magmatic in some pegmatites and granites. Its 
lamellar aggregates are known from Langban, Swe- 
den and Cape Ann, Massachusetts, USA. Crystals up 
to 150 mm (6 in) across come from Mont St.-Hilaire, 
Quebec. Canada. 


Phlogopite 

MICA GROUP 
KMg3AlSi30 I o(OH,F)2 
MONOCLINIC 000090 

Properties: C — light brown, greenish, yellowish, 
colorless, gray: S — white; L — vitreous to pearly; D 
-- transparent to translucent; DE — 2.8; H — 2.5-3; CL 
— perfect; F — uneven; M — tabular crystals, platy and 
scaly aggregates, massive. 

Origin and occurrence: Metamorphic in various 
rock types, as marbles and some ultrabasic rocks, at 
the contacts of pegmatites and serpentinites, mag- 
matic in some ultrabasic rocks and pegmatites, 
associated with dolomite, diopside, anthophyllite. 
Rich scaly aggregates come from many localities, as 
Pargas, Finland and clsewhere. Crystals up to 5 m 
(16 ft) across found in Sludyanka, Siberia, Russia. 
Crystals up to 50 cm (20 in) across occurred in the 
Gardiner complex, Greenland. The largest crystals. 
10x 5 m (33 x 16 ft) across, weighing up to 90 tons, 
come from the Lacy mine, Ontario, Canada. 
Application: as insulation material in electrical 
applications. 
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Biotite 
MICA GROUP 
K(Fe,Mg)3AISizO | 9(OH,F)> 


MONOCLINIC 00.000 
Properties: C — brown to black, commonly with red 
or green tint; S — colorless; L — vitreous to pearly; D 
transparent to translucent, locally opaque; DE — 
2.8; H- 2.5-3; CL - perfect: F — uneven; M — tabular 
crystals, scaly aggregates, massive. 
Origin and occurrence: Metamorphic in various 
rock types. as mica schists, gneisses, migmatites and 
different types of metamorphosed shales; magmatic 
in pegmatites, granites, syenites and dioritcs, rare in 
basalts and ultrabasic rocks. Typical rock-forming 
mineral, usually associated with quartz, feldspars 
and muscovite. Rich scaly aggregates are known 
from a pegmatite in Evje, Norway, where its crystals 
reach up to several meters across. Other famous 
localities are Bessnes, France; Uluguru mountains, 
Tanzania; Silver Crater mine, Ontario, Canada and 
Laacher See, Germany. 


Polylithionite 
MICA GROUP 
KLizAISi¿O ¡q (OH) 


MONOCLINIC eee 


Properties: C — gray, colorless, yellowish, purple; S 
— colorless: L — vitreous to pearly; D — transparent to 
translucent; DE — 2.8; H — 2.5-3; CL — perfect; F - 
uneven; M 8 tabular crystals. scaly aggregates, 
massive. 

Origin and occurrence: Magmatic and locally also 
hydrothermal in alkaline pegmatites, granites and 
carbonatites, rare in Li-bearing granitic pegmatites. 
Well-formed crystals up to 40 mm (1*%s in) across 
are known from cavities in alkaline pegmatites from 
Mont St.-Hilaire, Quebec, Canada. It comcs also 
from [llimaussaq, Greenland and from cavities in 
granitic pegmatites in Recice, Czech Republic and 


Biotite, 30 mm x, Ontario, Canada 


elsewhere. Large industrial deposits known in 
Blatchford Lake, Northwest Territories. Canada. 
Application: Li and Cs ore. 


Trilithionite 

MICA GROUP 

KLi¡ 5Al2 55130 q (FOH)? 
MONOCLINIC 9000 

Properties: C — purple, pink, blue, colorless, green: 
S — colorless; L — vitreous to pearly: D — transparent 
to translucent; DE — 2.8; H — 2.5-3; CL — perfect; F 
~ uneven; M -— tabular crystals. scaly aggregates, 
massive. 

Origin and occurrence: Magmatic in Li-bcaring 
pcematites and granites, commonly associated with 
elbaite, spodumene, pctalite, quartz and albite; 
sometimes hydrothermal in quartz veins and peg- 
matites. Well-formed crystals from pegmatite cavi- 


Polvlithionite, 30 mm. Lovozero Massif, Kola, Russia 


tics are known from Virgem da Lapa, Minas Gerais, 
Brazil, Massive aggregates come from the Stewart 
Lithia mine, Pala, California and the Brown Derby 
No. 1 mine, Colorado, USA; Varutrask, Sweden: 
Rozna , Czech Republic: Meldon Quarry, Devon, 
UK, 

Application: Li and Cs ore. 


Zinnwaldite 

MICA GROUP 
KLIiFeAl75130 ¡ y (F,OH)> 
MONOCLINIC eee 

Properties: C — gray, colorless, brown: S — colorless; 
L - vitreous to pearly; D — transparent to translucent; 
DE - 3.7; H — 2.5-3; CL — perfect: F — uneven; M — 
tabular crystals, scaly aggregates, massive. 

Origin and occurrence: Hydrothermal in quartz 
veins and grcisens: magmatic in pegmatites and 
granites, associated with fluorite, cassitcrite and 
wolframite. Rich aggregates with scales up to 100 
mm (4 in) across are known from quartz veins in 
Cinovec, Czech Republic. Crystals up to 150 mm (6 
in) across come from pegmatite cavities in Virgem da 
Lapa. Minas Gerais, Brazil. It also occurs in the 
Pikes Peak batholith, Colorado, USA: Baveno, Italy. 
Application: Li ore. 


Trilithionite, 70 mm, Tanco. Canada 
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Margarite, 73 mm, Chester, Ù S.A. 


Margarite 
CaAilg5Si30O l 9(OH)2 


MONOCLINIC eee 


Properties: C — pinkish, colorless, yellowish; S - 
colorless; L — vitreous to pearly; D - transparent to 
translucent; DE — 3.1; H - 3.5-4.5: CL B perfect: F 
uncven; M - tabular crystals, platy and scaly 
aggregates. massive. 

Origin and occurrence: Metamorphic, associated 
with corundum. diaspore, tourmaline and staurolitc 
in various types of metamorphosed shales. Coarse 
platy aggregates come from Chester, Massachusetts 
and Sterling Hill, New Jersey. USA. 


Clintonite, 3 mm xx, Pomaz, Hungary 
e 5 


Clintonite 
Ca(Mg,Al)3(Al3Si)O ¡ 9(OH)2 


MONOCLINIC © © 


Properties: C colorless. yellowish, pinkish, 
greenish; S - colorless; L - vitreous to pearly; D 
transparent to translucent; DE — 3.1; H - 3.5; CL - 
perfect; F — uneven; M - tabular crystals, lamellar 
aggregates, massive. 

Origin and occurrence: Metamorphic in contact 
metamorphosed marbles. associated with vesuvia- 
nite, grossular, diopside and spinel. Rich aggregates 
with lamellac up to 20 mm (2 in) across occur in 
Green Monster mountain, Alaska and Crestmore, 
California, USA and Monzoni, Italy. 


Stilpromelane, 100 mm. Horni Udoli, Czech Republic 


Stilpnomelane 

K(Fe2* Mg,Fe3*)g(Si,Al) 12(9,OH)27 
MONOCLINIC 0.0.0 

Properties: C — black, black-brown, black-grecn, 
yellow-brown; S -- colorless; L — vitreous to dull; D 
- translucent to opaquc; DE - 2.8; H - 3; CL — 
perfect: F — uneven: M — tabular crystals, foliated, 
lath-like and acicular aggregates.. 

Origin and occurrence: Metamorphic in Fe-rich 
shales, usually associated with chlorite, magnetite 
and albite. Crystals up to 20 mm (*/2 in) across 
come from Jim Pond township, Maine, USA. 
Foliated aggregates are known from Horni Udoli 
near Zlate Hory, Czech Republic; Mesabi Range, 
Minnesota, USA. 


Montmorillonite 
(Ca,Na)o,33(Al,Mg)2Si49 1 9(OH)2 . n H20 
MONOCLINIC eeee 

Properties: C — white. yellowish, greenish, bluish; S 
— white; L - greasy; D - translucent to opaque; DE — 
2.3; 11 — 1-2; CL - perfect, wet massive aggregates 
are plastic; F — uneven; M — carthy aggregates, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of replacement of other mincrals in volcanic rocks, 
granitic pegmatites and sediments. It is abundant in 
many localities. Montmorillonite deposits arc known 
from Antrim, Northern Ireland. UK; in Hungary: 
Slovakia and many places in the USA. 

Application: ceramics and chemical industry. 


Saponite 
(Ca,Na)g 3(Fe,Mg)3(Si,Al) 49 ¡9(OH) .4 H20 
MONOCLINIC eee 


Properties: C — white, yellowish. gray-green, bluish; 
S — white: L — greasy; D - translucent to opaque: DE 


Montmorillonite, Kisthaas, Syria 


Saponite, 2 mm crust. Erdobenye, Hungary 


- 2.1: H- 1-2; CL - perfect, massive aggregates arc 
plastic under wet conditions: F — uneven: M - earthy, 
nodular, massive. 

Origin and occurrence: Hydrothermal as a product 
of replacement of other minerals in volcanic rocks 
and serpentinites. It occurs together with copper in 
many places in Keweenaw Peninsula, Michigan, 
USA. Scales up to 10 mm (+ in) across described 
from Mont St.-Hilaire, Quebec. Canada. 


Vermiculite 

(Fe,Mg,Al)3(Si,Al)4O ¡p(OH)2 . 4 H2O 
MONOCLINIC eee 

Properties: C — yellow-brown, gray-green, green- 
brown; S - white; L — greasy: D — translucent to 
opaque: DE - 2.5; H- 1.5; CL B perfect; F — uneven; 
M - scaly aggregates, massive: R — it expands when 
heated. 

Origin and occurrence: Hydrothermal as a product 
of replacement of phlogopite and other mafic micas 
in various rock types. It occurs in Palbora, South 
Africa; Milbury, Massachusetts, USA: Kovdor 
massif, Kola Peninsula, Russia. 

Application: clectrical applications and paper 
industry. 


Vermiculite, 50 mm, Drahonin, Czech Republic 
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Cookeite, 60 mm, Dobra Voda, Czech Republic 


Cookeite 
CHLORITE GROUP 
Li¡A14SizO ¡9(OHM)g 


MONOCLINIC © © 


Properties: C - white, yellowish. pinkish, brown: S — 
colorless; L — vitreous to pearly: D — transparent to 
translucent; DE - 2.6; H - 2.5-3.5; CL — perfect: F — 
uneven; M B scaly. locally radial aggregates. 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
Li-bearing pegmatites, associated with elbaite, 
Icpidolite, fluorapatite and albite, it also replaces 
spodumene; metamorphic in Al-rich shales, together 
with diasporc and pyrophyllite. Massive aggregates, 
replacing spodumene, occur in the Tanco mine, 
Bernic Lake, Manitoba. Canada. It also comes from 
cavities in pegmatites in the Little Three mine. 


Kammererite, 11 mm xx. Kop Daglari, Turkey 


A 


Clinochlore, 5 mm xx, Sarany, Russia 


Ramona and the Himalaya mine, Mesa Grande, 
California. It is also known from the Pulsifer quarry, 
Maine, USA and Muiane, Mozambique. 


Clinochlore 
CHLORITE GROUP 
(Mg,Fe)5Al2SizO | 9(OF)g 


MONOCLINIC 000090 


Varieties: kammcrerite 


Properties: C ~ greenish, gray, white, yellowish, 
brown, red-purple (kammererite); S — colorless; L - 
vitreous to pearly; D - transparent to translucent; DE 
— 2.7; H - 2-2.5; CL — perfect: F — uneven: M B 
poorlv-developed tabular crystals, foliated and radial 
aggregatcs, massive. 


y 


Chamosite. 70 mm, Hajan, Hungary 


Origin and occurrence: Mctamorphic in various 
types of shales and marbles; hydrothermal in quartz 
veins and Alpine-type veins, occasionally replaces 
certain minerals as biotite. Crystals up to 50 mm (2 
in) across, associated with chondrodite and magne- 
tite, are known from the Tilly Foster mine, Brewster, 
New York and Chester, Pennsylvania, USA. It also 
occurs in Val d'Ala, Italy and Zillertal, Austria. 
Scales up to 40 cm (15% in) across come from 
Beramy, Madagascar. Kammererite crystals up to 20 
mm (7/2 in) across found in Kop Daolari, Erzerum, 
Turkey. 


Chamosite 
CHLORITE GROUP 
(Fe,Mg)5AlzSi30 ¡0(OH)g 
MONOCLINIC ee e è 

Properties: C — gray, gray-green, brown: S — gray- 
green; L - vitreous to dull; D — translucent to opaque: 
DE - 3.2; H — 2-2.5; CL - perfect; F — uneven; M B 
scaly and oolitic aggregates, massive. 

Origin and occurrence: Metamorphic to hydro- 
thermal in various types Fe-rich sediments, typically 
associated with siderite and magnetite. 

It is common in Chamoson, Switzerland; Nucicc, 
Czech Republic. Spherical aggregates up to 15 mm 
(/ in) in diameter found in Mont St.-Hilaire, 
Quebec, Canada. 


Kaolinite 
AlzSiz0,(OH)4 
TRICLINIC 600.0 

Properties: C — white, yellowish, greenish, gray; C — 
colorless; L — earthy; D — translucent to opaque; DE 
- 2.6; H - 1; CL - perfect; F — uneven; M — earthy 
and exceptionally scaly aggregates, massive. 

Origin and occurrence: Hydrothermal, as a result of 
feldspar replacement in various rock types, as 


Dickite, 100 mm, Nowa Ruda, Poland 
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granites and arcoses. lt forms large deposits in 
China, France, UK and Czech Republic. 
Application: raw material for ceramics. 


Dickite 
Al7Si20O5(OH)g4 


MONOCLINIC eee 


Properties: C — white, yellowish; S — colorless; L 
carthy to pearly; D — translucent to opaque; DE —- 
2.6; H — 1; CL — perfect; F — uneven; M — earthy and 
platy aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
hydrothermal veins, together with quartz, carbonates 
and sulfides. It occurs in Essen, Germany; Anglesey, 
Wales , UK; Kladno, Czech Republic. Microscopic 
crystals come from Mas d'Alary, France. 


Kaolinite. 50 mm, St.Austell, UK 
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Nak ite, 70 mm, Rochlitz, Germany 


Nacrite 
AlzSi2O5(OH), 


MONOCLINIC 0.0.0 


Properties: C — white. yellowish, gray-white; S - 

colorless; L - earthy to pearly; D — translucent to 
opaque: DE - 2.6: H — l; CL - perfect; F — uneven; 
M - earthy and scaly aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities of 
hydrothermal veins, associated with quartz, fluorite 
and topaz. It occurs in Horni Slavkov, Czech 
Republic; Freiberg, Germany. Pscudo-morphs after 
topaz come from Ouro Preto, Minas Gerais, Brazil. 


Antigorite 
Mg35:205(0H)g4 


MONOCLINIC 000090 


Properties: C — white, yellowish, greenish, gray: 
S — colorless to gray; L -- vitreous, pearly, silky, 


Antigorite, 110 mm, Felsocsatar, Hungary 


earthy; D — translucent to opaque; DE ~ 2.6; H — 
2.5-3.5; CL - perfect; F — uneven: M B foliated, 
lamellar and fibrous aggregates, massive. 

Origin and occurrence: Metamorphic in serpenti- 
nites, marbles and other Mg-rich rocks; hydrother- 
mal in veins cross-secting these rocks. It is important 
rock-forming mineral. It occurs in Kraubat, Austria; 
Hrubsice, Czech Republic; Antigorio, Italy and 
elsewhere. 


Amesite 
Mg7Al(SiAl)Os(OH)4 
TRICLINIC ee 


Properties: C — greenish, gray; S — colorless; L — 
vitreous to pearly; D — translucent; DE — 2.8; H — 
2.5-3; CL — perfect; F — uneven; M B foliated to 
radial aggregates, massive. 

Origin and occurrence: Hydrothermal in Mg-rich 
rocks, associated with diaspore, magnetite and 
chromite. It comes from Chester, Massachusetts, 
USA. Crystals up to 40 mm (1°/« in) across found in 
Sarany, Ural mountains, Russia. 


Cronstedtite 
Fe2*Fe3*SiOK(OH)4 


MONOCLINIC © © 


Properties: C — black, black-brown, black-green; S — 
dark olive-green: L - vitreous to submetallic; D — 
translucent to opaque; DE - 3.6; II - 3.5; CL - 
perfect: F — uneven; M -— prismatic crystals, 
columnar aggregates. 

Origin and occurrence: Hydrothermal in ore veins. 
Fan-shaped aggregates of crystals come from Pribram 
and Kutna Hora, Czech Republic; Ouro Preto, Minas 
Gerais, Brazil; Salsigue mine, Auge, France. 


Amesite, 40 mm, Sarany, Ural Mts., Russia 


Cronstedtite, 42 mm, Hunan, Bolivia 


Chrysocolla, 50 mm, Arizona, U.S.A. 


Chrysocolla 
(Cu,Al)2H2Si2O5(OH)4 . n H20 
MONOCLINIC 00090 

Properties: C — different hues of blue-green; S - 
white; L - vitreous, greasy to earthy; D — translucent 
to almost opaque; DE — 2.0-2.4; H — 2-4; CL — none; 
F — conchoidal to uneven; M — microscopic acicular 
crystals, botryoidal, stalactitic and carthy aggregates. 
Origin and occurrence: Secondary in Cu deposits, 
associated with malachite and other secondary Cu 
minerals. 

Rich aggregates come from many places in Arizona, 
USA, like Bisbee and Morenci. It is also known 
from Mednorudnyansk, Ural mountains, Russia and 
Broken Hill. New South Wales, Australia. 


Allophane 
approximately Al25iOs5 .n H20 


AMORPHOUS eee 


Properties: C - white, gray, bluish, greenish, brown; 
S -white; L — vitreous, greasy and earthy; D —- 
transparent, translucent to opaque; DE — 1.9; H — 2- 
3; CL - none; F - conchoidal to uneven; M — 
botryoidal, stalactitic and carthy aggregates. 

Origin and occurrence: Hydrothermal product of 
alteration along the cracks of sedimentary rocks in 


coal deposits and in the oxidation zone of ore 
deposits, associated with other secondary minerals. 
Rich botryoidal aggregates occur in Dehr, Germany; 
Moldova Nuova, Romania; New Cornclia mine, 
Arizona, USA: El Dragon mine, Potosi, Bolivia. 


Allophane, 90 mm, Zlate Hory, Czech Republic 
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Palygorskite, 120 mm, Burda, Hungary 


Palygorskite 
(Mg,Al)2Si4O0; 9(OH) . 4 H20 
MONOCLINIC e@eee 

Properties: C — white, gray; S — white; L — dull; D - 
translucent to almost opaque: DE - 2.2; H- 1; CL- 
good; F - uneven, aggregates plastic under wet 
conditions; M — acicular crystals, fibrous aggregates, 
massive. 

Origin and occurrence: Hydrothermal as a product of 
alteration of different rock types, such as serpentinites, 
granites, marbles and graywackes, also in ore veins 
and the Alpine-type veins. Rich aggregates resembling 
leather occur along the cracks in marbles in Hejná near 
Horazd'ovice, Czech Republic; in the Mammoth mine, 
Tiger. Arizona, USA and in Palygorskava, Russia. 


Sepiolite, 70 mm, Eskisehir, Turkey 


Sepiolite 
Mg4Si¿O ¡5(OH)) .6 H20 


ORTHORHOMBIC eee 


Properties: C — white, yellowish, gray; S ~ white; L 
- dull; D — opaque; DE - 2.0; H — 2-2.5; CL — not 
determined: F — uneven; M — earthy aggregates, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of serpentinite alteration. typically associated with 
magnesite. Classic locality is Eskişehir, Turkey; also 
known from Biskoupky, Czech Republic. 


Zeophylite 
Cag¿SizOg(OH,P)¿ .2 H20 
TRICLINIC ee 

Properties: C — white; S — white: L — pearly; D — 
transparent to translucent: DE - 2.6; H - 3; CL - 
perfect; F — uneven; M — platy crystals, commonly 
with radial structure. 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks, associated with zeolites. lts most 
important locality is Radejeín, Czech Republic, 
where it forms spherical aggregates up to 10 mm (%s 
in) in diameter. Also known from Schellkopf, 
Germany and Monte Somma, Italy. 


Cavansite 
CaVOSi40)9 -4 H20 


ORTHORHOMBIC ee 


Properties: C — green-blue, blue; S — light blue; L — 
vitreous; D — transparent; DE -— 2.2; H - 3-4; CL - 
good; F — uneven; M — long prismatic to acicular 
crystals, radial aggregates. 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks, associated with calcite, apophyllite 
and zeolites. Rich radial aggregates up to 30 mm 


Zeophyllite, 60 nun, Radejcin, Czech Republic 
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Cavansite, 120 mm, Poona, India 


(lw in) in diameter come from the Wagholi Quarry, Nepheline, 43 mm, Aouli, Morocco 


Poona, India. 


Nepheline 
(K,Na)AISiO y 


HEXAGONAL 00090 


Properties: C- colorless, white, greenish, yellowish, 
gray, green. brown; S — white; L — vitreous to greasy; 
D - transparent to translucent; DE — 2.7: H - 5.5-6; 
CL - none; F — uneven to conchoidal; M — prismatic 
crystals. granular, massive. 

Origin and occurrence: Magmatic in many alkaline 
rocks, as alkaline syenites and their pegmatites, also 
in some basalts; rare mctamorphic in gneisses. It is a 
typical rock-forming mineral. associated with 
leucite, augite and apatite. Well-formed crystals 
found in Mount Vesuvius, Italy. Rich aggregates are 
known from many localities in Khibiny massif, Kola 
Peninsula, Russia. Crystals up to 70 cm (27% in) 
long occur in Davis Hill, Bancroft, Ontario. Perfect 
crystals up to 35 mm (1?/s in) long, come from Mont 
St.-Hilaire, Quebec, Canada. 

Application: locally as Al ore and in ceramic 
industry. 
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Peralite, 23 mm, Paprok, Afghanistan 


quartz and spodumene. Gigantic crystals several 
meters long. come from Bikita, Zimbabwe: and 
Varutrask, Sweden. Clear gemmy crystals up to 230 
mm (9'/s in) across found in pegmatite cavities in 
Paprok, Afghanistanand also in San Piero in Campo, 
Elba, Italy. Crystals up to 100 mm (4 in) across occur 
in Aracuait, Minas Gerais, Brazil. 

Application: ceramic industry. 


Chkalovite 
Na) BeSi204 


ORTHORHOMBIC 00 


Properties: C - colorless. white; S - white; L - 
vitreous; D — transparent to translucent: DE - 2.7; H 
— 6; CL - imperfect; F — conchoidal; M — prismatic 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in alkaline 
pegmatites, usually associated with natrolite, 
sodalite and cudialyte. Crystals up to 200 mm (PA 
in) across come from the Umbozcro mine, Mount 
Alluaiv, Lovozero massif, Kola Peninsula, Russia; 
also at Julianhab, Greenland and Mont St.-Hilaire, 
Quebec, Canada. 


Sanidine, 30 mm x. Drachenfels, Germany 


Petalite 
LiAISigO ¡y 


MONOCLINIC eee 


Properties: C - colorless, white, greenish, yellowish; 
S - white; L - vitreous; D — transparent to trans- 
lucent; DE - 2.5; H — 6-6.5; CL — good: F — uneven 
to conchoidal; M — prismatic crystals, granular. 

Origin and occurrence: Magmatic in Li-bearing 
pegmatites, associated with lepidolite, elbaite, 
amblygonite and locally replaced by a mixture of 


Chkalovite, 70 mm, Umbozero, Kola, Russia 


< 


Sanidine 

FELDSPAR GROUP 
KAISizOg 

MONOCLINIC ....o 


Properties: C - colorless, white, yellowish, pinkish. 
gray; S ~ white; L — vitreous: D — transparent to 
translucent; DE - 2.6; H - 6-6.5; CL — good; F - 
uneven to conchoidal; M — prismatic crystals, 
granular, massive. 

Origin and occurrence: Magmatic in acid volcanic 
rocks, as rhyolites and trachytes, a typical rock- 
forming mineral. Well-formed crystals and their 
combinations up to 100 mm (4 in) in size occur in 
rhyolites and trachytes in Drachenfels and Laacher 
Sec, Germany. It also comes from Roc de Courlande, 
France; Beaverdell. British Columbia, Canada; 
Kyustendil. Bulgaria. 


Orthoclase 

FELDSPAR GROUP 

KAISizOg 

MONOCLINIC e... ..o 


Varieties: adularia, moonstone (gemmy variety with 
chatoyancy) 


Orthoclase, 32 mm x, Oro Grande, U.S.A. 


Properties: C - colorless, white, yellowish, pinkish, 
gray. brown, yellow; S - white; L — vitreous to pearly 
(adularia); D — transparent to translucent; DE — 2.5; 
H - 6-6.5; CL — good: F - uneven to conchoidal; M 
— prismatic and tabular crystals and their combi- 
nations, granular, massive. 

Origin and occurrence: Magmatic in rhyolites, 
trachytes, granites, syenites and pegmatites; 
metamorphic in various rock types, as orthogneisses 
and migmatites; hydrothermal in the Alpine-type 
veins, ore veins and some sediments, also in placers. 
a typical rock-forming mineral. Well-formed crystals 
and twins up to 200 mm (7’/s in) across come from 
granites in Twentynine Palms, California, USA; 
Marina di Campo, Elba, Italy; Loket and Karlovy 
Vary, Czech Republic; in pegmatite cavities in 
Strzegom, Poland: San Piero in Campo, Elba, Italy. 
Yellow gemmy crystals up to 70 mm (2% in) across 
found in Itrongay, Madagascar. Gigantic feldspar 
crystals up to tens of meters long known from 
several pegmatite localities in Black Hills, South 
Dakota, USA; also Hagendorf, Germany. Adularia is 
known from Alpine-type veins in St. Gotthard, 
Switzerland: pebbles of moonstone occur in gem- 
bearing gravels in Ratnapura, Sri Lanka. 
Application: ceramic and glass industry, moonstone 
as a gemstone. 


Adularia, 60 mm, Alps, Switzerland 
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Microcline, 110 mm, Lake George, Teller Co., U.S.A. 


Microcline 

FELDSPAR GROUP 
KAISizOg 

TRICLINIC ..... 


Varieties: amazonite 


Properties: C — colorless, white, yellowish, pinkish, 
gray, light to dark green (amazonite); S — white; L — 
vitreous; D - transparent to translucent; DE — 2.6; H 
~ 6-6.5; CL - good: F — uneven to conchoidal; M — 
prismatic crystals, granular, massive. 

Origin and occurrence: Magmatic in granites, 
syenites and pegmatites; metamorphic in various rock 
types. as orthogneisses and migmatites; hydrothermal 
in the Alpine-type veins and ore veins; a typical rock- 
forming mineral. Well-formed amazonite crystals up 
to 40 cm (15% in) across occur in pegmatite cavities 
in Crystal Peak, Colorado, USA: Keivy, Kola 
Peninsula, Russia: Morefield mine, Virginia, USA. 
Gigantic microcline crystals up to 12 m (39 ft) across 
come from pegmatites in Black Hills, South Dakota. 
USA; Kaatiala, Finland. 

Application: ceramic industry, amazonite as a 
decorative stone. 


Hyalophane 
FELDSPAR GROUP 
(K,Ba)AI(Si,Al)3Og 


MONOCLINIC eee 


Properties: C ~ colorless, white, yellowish; S — 
white; L — vitreous; D -- transparent to translucent; 
DE - 2.9; H - 6-6.5; CL -— good; F — uneven to 
conchoidal; M — prismatic crystals, granular, 
massive. 


Amazonite, 60 mm, Keivy, Kola, Russia 


i 


Hvalophane, 50 mm, Busovaca, Bosnia 


Origin and occurrence: Magmatic in phonolites: 
metamorphic in various rock types, as marbles, 
gneisses and Mn-rich rocks; hydrothermal in the 
Alpine-type and ore veins. Crystals up to 100 mm (4 
in) across found in Alpine-type veins near Busovaca, 
Bosnia-Hercegovina. 


Albite 

FELDSPAR GROUP 
NaAlSizOg 

TRICLINIC 000090 


Varieties: pericline, cleavelandite 


Properties: C — colorless, white, yellowish, pinkish, 
gray, greenish, bluish; S — white; L — vitreous; D - 
transparent to translucent; DE — 2.6; 11 — 6-6.5; CL - 


Albite. 85 mm, Governador Valadares, Brazil 


Oligoclase, 40 mm, Ural Mts., Russia 


good; F — uneven to conchoidal; M - tabular crystals 
and their twins, platy aggregates, granular, massive. 
Origin and occurrence: Magmatic in granites, 
syenites and their pegmatites; metamorphic in various 
rock types, as orthogneisses. migmatites, phyllites 
and metamorphosed shales; hydrothermal in the 
Alpine-type veins and ore veins, a typical rock- 
forming mineral. Well-formed tabular to platy cleave- 
landite crystals up to 150 mm (6 in) across occur in 
pegmatite cavities in the Amelia district, Virginia and 
the Pala district, California, USA. Albite crystals also 
come from Strzegom, Poland; San Piero in Campo, 
Elba, Italy; Murzinka, Ural mountains, Russia; many 
localities in Minas Gerais, Brazil. Pericline crystals 
are known from the cracks along Alpine-type veins in 
Grossgreiner, Austria; St. Gotthard, Switzerland; also 
from ore veins in Roznava, Slovakia. 


Oligoclase 
FELDSPAR GROUP 


(Nag 9-0,7<20,1-0,3A15,1-1,3512 9.2708 © 


TRICLINIC 60000 


Varieties: peristerite. sunstone 


Properties: C ~ white, yellowish, pinkish, greenish, 
iridescent (peristerite); S — white; L - vitreous; D — 
transparent to translucent; DE - 2.6; H - 6-6.5; CL — 
good: F — uneven to conchoidal; M - tabular crystals, 
platy aggregates, granular, massive. 

Origin and occurrence: Magmatic in granites, 
syenites, andesites and pegmatites; metamorphic in 
gneisses and migmatites; hydrothermal in the Alpine- 
type veins; typical rock-forming mineral. Large 
crystals, several dm long. are known mainly from 
pegmatites. Peristerite comes from Arcndal, Norway: 
Miass, Ural mountains, Russia; Quadeville, Ontario, 
Canada: Tvedestrand, Norway. It also occurs in Vezna 
, Czech Republic. Sunstone is mined in the Ponderosa 
mine near Lakeview. Oregon, USA. 

Application: peristerite and sunstone are used as 
gemstones. 
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Andesine, 50 mm, Bodenmais, Germany 


Anorthite, 10 mm xx, Pasmaada, Finnland 


Andesine 
FELDSPAR GROUP 


(Nag 7-9,5©40,3-0,54!1 3.1,5512,7.2,508 


TRICLINIC 00090 

Properties: C ~ yellowish, pinkish, gray, light green: 
S - white; L - vitreous; D — transparent to trans- 
lucent; DE — 2.7; H - 6-6.5; CL - good: F — uneven 
to conchoidal; M - platy aggregates, granular, 
massive. 


Labradorite, 30 mm, Labrador, Canada 


Origin and occurrence: C - white to dark gray. 
greenish; S — white; L — vitreous, pearly; D — trans- 
parent to translucent; DE - 2.7; H - 6-6.5; CL - 
good: F - uneven to conchoidal: M B cleavable 
aggregates, granular, massive. 


Labradorite 
FELDSPAR GROUP 


Cao 7-0,5Na9 3-0,5Al1 5.1,7512,5-2,308 


TRICLINIC 90090 

Properties: Magmatic in andesites, diorttes: meta- 
morphic in gncisses and migmatites; typical rock- 
forming mineral. Large grains are known from mig- 
matites in Bodenmais, Germany and Adamello, Italy. 
Origin and occurrence: Magmatic in gabbros, basalts. 
anorthosites: metamorphic in amphibolites. Large 
iridescent aggregates up to 1] m (397 in) across, come 
from Nain, Labrador, Quebec, Canada and also occur 
in Korostenskiy massif. Ukraine and Ylamaa, Finland. 
Application: as a decorative stone. 


Anortite 

FELDSPAR GROUP 
CaAl>Si20g 
TRICLINIC 9090 


Properties: C - gray, grecnish. pinkish; S — white; L 
- vitreous, dull: D — transparent to translucent; DE — 
2.8; H - 6-6.5; CL - good: F - uneven to conchoidal; 
M B granular, massive. 

Origin and occurrence: Magmatic in gabbros, 
basalts, anorthosites; metamorphic in contact meta- 
morphosed rocks. Pinkish grains and poorly- 
developed crystals come from Val di Fassa. Italy. 
Crystals up to 50 mm (2 in) across are known from 
Miyake-Jima Island, Japan. It was also found in 
Mount Erebus, Antarctica and Monte Somma, Italy. 


Danburite 
CaB>5Si20g 


ORTHORHOMBIC © © © 


Properties: C — colorless, white. gray, greenish. 
pinkish. yellow, brown, red-brown; S - white; L - 
vitreous, dull; D - transparent to translucent; DE — 3.0; 
H ~ 7; CL — imperfect: F - uneven to conchoidal: M - 
prismatic crystals, columnar aggregates. granular. 
massive. 

Origin and occurrence: Hydrothermal in pegmatite 
cavitics, ore veins and the Alpine-type veins: meta- 
morphic in skarns and contact metamorphosed 
rocks. 

Well-formed prismatic crystals up to 250 mm (9"%/e 
in) long come from Russell. New York. USA; 
Toroku, Japan: Dalncgorsk. Russia; and Charcas, 
San Luis Potosi, Mexico. 


Cancrinite 
Na¿CaAl¿SigO74(C03) .2 H20 
HEXAGONAL © © © 

Properties: C - colorless, white, yellow, orange, 
bluish; S — white; L — vitrcous; D — transparent to 
translucent; DE — 2.4; H — 5-6: CL — good: F — un- 
even to conchoidal; M - prismatic crystals, granular, 
massive. 

Origin and occurrence: Magmatic in alkaline 
syenites; hydrothermal as a product of replacement 
of volcanic rocks, associated with nepheline and 
sodalite. 

Crystals up to 20 mm (*/2 in) across comc from 
Mont St.-Hilaire. Quebec, Canada. It was also found 
in Litchfield, Maine. USA; Cancrinite Hill, Ban- 
croft, Ontario, Canada and elsewhere. 


Cancrinite, 70 mm, Ditran, Romania 


Danburite, 109 mm, Charcas, Mexico 


Leifite 
Na>(Si,Al,Be)y (O,OH,F)| 4 


TRIGONAL ® 


Properties: C — colorless; S — white; L — vitreous; D 
- translucent: DE -— 2.5: II — 6; CL — good: F - 
uneven; M — acicular crystals. 

Origin and occurrence: Hydrothermal in cavities of 
alkaline pegmatites, associated with microcline and 
zinnwaldite. Crystals up to 20 mm (7/2 in) across 
occur in Narssarssuk. Greenland. Fine crystals are 
also known from Mont St.-Hilaire, Quebec. Canada, 
associated with scranditc. 


Leifite, 100 mm. Mont St.-Hilaire, Canada 


267 


Sodatite, 50 mm. Bancroft, Canada 


Sodalite 
NagAl¿Si¿O24Cl, 
CUBIC eee 


Varieties: hackmanite 


Properties: C — colorless, white, blue, yellow, pink 
(hackmanite); S — white; L — vitreous; D — transpa- 
rent to translucent; DE — 2.3; H — 5.5-6; CL — imper- 
fect: F — uneven to conchoidal: M — isometric 
crystals, granular, massive; LU — orange-red. 

Origin and occurrence: Magmatic in alkaline 
syenites and phonolites, associated with nepheline, 


Nosean, 6 mm grains, Laacher See, Germany 


zircon and titanite; hydrothermal in marbles. Gra- 
nular aggregates are known from the Princess 
Sodalite mine, Bancroft, Ontario, Canada and 
Ditrau, Romania. Crystals up to 100 mm (4 in) 
across come from Kangerdluarssuk. Greenland. 
Application: cut as a gemstone. 


Noseane 
NagAl¿Si¿O24(S0 q) 


CUBIC © © 


Properties: C — colorless, white. blue, gray, black; S 
— white; L — vitreous; D — transparent to translucent; 
DE - 2.3; H - 5-6; CL - good; F — uneven to con- 
choidal; M — isometric crystals, granular, massive. 
Origin and occurrence: Magmatic in alkaline basalts 
and similar effusive rocks, associated with nepheline 
and hatiyne. Granular aggregates are known from 
Laacher See, Germany and Monte Somma. Italy. 


Lazurite 
(Na,Ca)gAl¿SigO724(5,S0 q) 
CUBIC 00.0 

Properties: € - dark blue; S -light blue; L -— 
vitreous, D — transparent to translucent; DE - 2,4; 
H — 5-5.5; CL - imperfect; F - uneven to con- 
choidal; M — isometric crystals, granular, massive. 
Origin and occurrence: Metamorphic in contact 
metamorphosed marbles, associated with pyrite. 
Crystals up to 50 mm (2 in) across come from Sar-e- 
Sang, Badakhshan province, Afghanistan. Granular 
aggregates are known from many localities, such as 
Malobystrinskoye deposit near Lake Baikal, Russia 
or Monte Somma, Italy. 

Application: decorative stone and gemstone. 


Lazurite, 60 mm, Afghanistan 


Lazurite, 21 mm x, Nuristan, Afghanistan 


Tugtupite 
NagBe>A17Sig034C!) 


TETRAGONAL o. 


Properties: C — white, pink. red, bluish: S — white; L 
— vitreous; D — transparent to translucent: DE — 2.3; 
H - 5; CL - good; F ~ uneven to conchoidal; M — 
small crystals. granular, massive. 

Origin and occurrence: Hydrothermal in alkaline 
syenites and their pegmatites, also as a product of 
chkalovite alteration. Aggregates up to 60 mm (2%, 
in) across come from the Umbozero mine, Mount 
Alluaiv, Lovozero massif, Kola Peninsula, Russia 


Tugtupite. 90 mm, Himaussag, Greenland 


Lazurite, 60 mm, Chile 


and I[Rmaussaq, Greenland. Small crystals occur in 
the Poudrette quarry, Quebec, Canada. 


Danalite 
Fe, Be3Si30 i 25 
CUBIC o. 

Properties: C — gray, yellow,pink, red, brown; S — 
white; L — vitreous; D - transparent to translucent; 
DE - 3.4; H - 5.5-6; CL — imperfect; F — uneven to 
conchoidal; M — isometric crystals, granular, 
massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites: hydrothermal in greisens, skarns and ore 
veins, It occurs in Cape Ann, Massachusetts, USA; 
Hortekollen, Norway and Coolgardie, Western 
Australia, Australia. 


Danalite, 70 mm, Yxjoberg, Sweden 
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Helvite, 2 mm xx, Cavnic, Romania 
mn” =v, 


Helvite 
Mn4 Be3SizO 1 25 


CUBIC © © © 

Properties: C — brown. gray. yellow, yellow-green; S 
— white; L — vitreous; D — transparent to translucent; 
DE - 3.4; H - 6; CL - good; F - uneven to con- 
choidal; M — isometric crystals. granular, massive. 
Origin and occurrence: Magmatic in granitic 
pegmatites and alkaline syenites: hydrothermal in 
greisens, skarns and ore deposits. Cubic crystals up 
to 25 mm (l in) across known from the Sawtooth 
Batholith, Idaho, USA. Crystals also come from 
Schwarzenberg, Germany: Cavnic, Romania; and 
Oslofjord, Norway. 

Application: Be ore. 


Scapolite, 44 mm x, Leslie Lake, Quebec, Canada 


Marialite 
SCAPOLITE GROUP 
Nag(AlSizOg)g (Cl) S04) 
TETRAGONAL eee 

Properties: : C — colorless, white, gray. purplish, 
yellow; S - white; L — vitreous. locally pearly: D 
transparent to translucent; DE - 2.5; H — 5-6; CL - 
good; F — uneven to conchoidal; M — prismatic crys- 
tals, columnar aggregates. granular. massive; LU - 
ycllow to orange. 

Origin and occurrence: Hydrothermal in veins, cross- 
cutting alkaline metamorphic rocks and in pegmatites, 
cross-cutting ultrabasic rocks: metamorphic in mar- 
bles and mctacvaporites. It comes from Ankazobc. 


Madagascar; Umba. Tanzania and Crestmore, Califor- 
nia, USA. 


Meionite 

SCAPOLITE GROUP 
Cag(Al251208)6 (CO3,S0 q) 
TETRAGONAL 00 0 o 

Properties: C — colorless, white, gray, purplish, 
green. blue; S — white; L — vitreous; D — transparent 
to translucent; DE - 2.8; H - 5-6; CL — good; F — 
uneven to conchoidal; M -- long prismatic crystals, 
columnar aggregates, granular, massive; LU - 
yellow to orange. 


Leucite. 30 mm, Mi Vesuvius. Italy 


About the Technical Editor 
Rex Miller was a Professor of Industrial 
Technology at The State University of New 
York, College at Buffalo for more than 35 
years. He has taught on the technical school, 


high school, and college level for more than 
40 years. He is the author or co-author of 
more than 100 textbooks ranging from 
electronics through carpentry and sheet metal 
work, He has contributed more than 50 
magazine articles over the years to technical 
publications. He is also the author of seven 


civil war regimental histories. 


Analcime, 43 mm, Tunguzka, Russia 


Origin and occurrence: Metamorphic in skarns, 
marbles, granulites and in contacts of volcanic rocks; 
hydrothermal in veins. cross-cutting Ca-rich rocks. 
Well formed crystals up to 40 cm (15% in) across 
come from Lake Clear and Eganville, Ontario. 
Canada. Crystals are also known from Monte 
Somma. Italy: Sludyanka, Siberia, Russia and 
Pargas, Finland. 


Leucite 

ZEOLITE GROUP 

KAISi204 

TETRAGONAL e 0 0 © 

Properties: C — colorless, white. gray: S - white; L — 

vitreous: D — transparent to translucent; DE — 2.5; H 

- 5.5-6: CL- imperfect: F — uneven to conchoidal; M 
isometric crystals, granular. massive. 

Origin and occurrence: Magmatic in effusive K-rich 

basalts. associated with nepheline and sanidine. 

Well-formed crystals, several cm in size. come from 

Mount Vesuvius, Italy and Laacher Sec, Germany. 

Application: ceramic industry. 


Analcime 
ZEOLITE GROUP 
NaAlISi,O, . H20 
CUBIC 00.0. 

Properties: C — colorless, white. pinkish, yellowish: 
S - white; L ~ vitreous; D — transparent to trans- 
lucent: DE — 2.3; H — 5-5.5; CL — imperfect: F - un- 
even to conchoidal: M — isometric crystals. granular, 
massive. 

Origin and occurrence: Mainly hydrothermal as a 
product of nephcline or sodalite replacement: rare 
magmatic in cffusive rocks; also in sediments, 
associated with calcite and zeolites. Well-formed 
crystals up to 30 cm (12 in) across come from Nidym, 
Siberia, Russia: Lago Maggiore. Italy; Mont St.- 
Hilaire, Quebec. Canada; West Paterson, New Jersey. 
USA and elsewhere. 


Pollucite 
ZEOLITE GROUP 
(Cs,Na)AISi2O¢ . H20 
CUBIC eee 

Properties: C — colorless, white, gray; S — white; L — 
vitreous; D — transparent to translucent; DE - 2.9; H 
— 6.5-7; CL — none: F - uneven to conchoidal; M — 
isometric crystals, granular, massive. 

Origin and occurrence: Magmatic and rarcly also 
hydrothermal in Li-bearing pegmatites, associated 
with lepidolite, albite, quartz and petalite. Almost 
monomincral layer of pollucite several meters thick 
occurs in the Tanco mine, Bernic Lake. Manitoba, 
Canada. White and colorless crystals from pegmatite 
cavities up to 60 cm (24 in) across come from 
Paprok, Afghanistan. Also known from San Piero in 
Campo, Elba, Italy and Gilgit. Pakistan. 
Application: ceramic industry, Cs ore. 


Pollucite, 22 mm x, Gilgit, Pakistan 
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Natrolite, 47 mm, Maricopa Co., Arizona, U.S.A. 


Scolecite, 165 mm, Nasik, India 


Natrolite 
ZEOLITE GROUP 
Na>A125i30 19 22 H20 


ORTHORHOMBIC e0..0 


Properties: C — colorless. white, yellowish, pinkish; 
S - white; L — vitreous to silky: D — transparent to 
translucent; DE — 2.2; H — 5-5.5; CL — perfect: F - 
uneven to conchoidal; M — long prismatic to acicular 
crystals, fibrous and radial aggregates, granular, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, alkaline pegmatites, along the 
Alpine-type fissures, also as a product of plagioclase 
replacement. commonly associated with calcite and 
zeolites. Colorless and white acicular crystals up to 
30 cm (12 in) long come from cavities of alkaline 
pegmatites in Mount Putelichorr, Khibiny massif, 
Kola Peninsula, Russia. Crystals were also found in 
Narssarssuk, Greensland and Mont St.-Hilaire, 
Quebec, Canada. Crystals also occur in cavities of 
basaltic rocks in Teigarhorn, Iceland; Zalezly and 
Soutisky, Czech Republic and in Faeroe Islands. 


272 
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Skolecite 
ZEOLITE GROUP 
CaAl2Si30 ¡0 Š 3 H-0 


MONOCLINIC eee 


Properties: C — colorless, white; S — white; L - 
vitreous to silky; D — transparent to translucent; DE 
~ 2,3; H — 5; CL - good; F — uneven; M - long pris- 
matic to acicular crystals, fibrous and radial 
aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks and along the Alpine-type fissures, 
associated with calcite and zeolites. Clear prismatic 
crystals up to 200 mm (7°⁄ in) long come from basalt 
cavities near Nasik, India. Crystals come also from 
Teigarhorn. Iceland and Suderoy, Faeroe Islands. 


Mesolite 

ZEOLITE GROUP 
Na]6Ca/6Al485i720240 .64 H-0 
ORTHORHOMBIC 0090 

Properties: C — colorless, white: S — white; L - 
vitreous to silky; D — transparent to translucent: DE 
-= 2.3; H ~ 5; CL - good; F — uneven; M - acicular 
crystals, fibrous and radial aggregates, granular, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, associated with other zeolites. Color- 
less necdles up to 150 mm (6 in) long come from the 
basalt cavities in Berufjord and Teigarhorn, Iceland. 
Radial aggregates up to 200 mm (77 in) in diameter 
known from the vicinity of Poona, India. Prismatic 
crystals up to 100 mm (4 in) long found in 
Skookumchuck Dam. Washington, USA. 


Thomsonite, $0 mm, Bazsi, Hungary 


Mesolite, 150 mm. Mahrashitra, India 


Kid 
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Thomsonite 

ZEOLITE GROUP 
Ca2NaAl4(Al,Si)2Si4O79 .6 H20 
ORTHORHOMBIC eee 

Properties: C — colorless, white, yellowish, brown-red; 
S — white; L — vitreous to pearly; D — transparent to 
translucent; DE — 2.3; H — 5-5.5; CL — good: F — un- 
even to conchoidal; M — prismatic crystals in clusters 
with radial structure, botryoidal aggregates, massive. 
Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, also as a product of hydrothermal 
feldspar replacement. Colorless and white acicular 
crystals, forming radial aggregates up to 50 mm (2 in) 
in diameter come from Old Kilpatrick, Scotland, UK 
and West Paterson, New Jersey, USA. Hemispherical 
aggregates up to 30 mm (1/1 in) across known from 
Vinaicka hora near Kladno, Czech Republic. 
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Gonnardite, 10 mm xx, Zalahalap. Hungary 


Gonnardite 

ZEOLITE GROUP 
(Na,Ca)¢_3(Al,Si)29 40 .12 H20 
TETRAGONAL eee 

Properties: C - colorless, white, yellowish, S - 
white; L - vitreous to pearly: D - transparent to 
translucent: DE - 2.3: H — 4.5-5: CL - good; F - un- 
even to conchoidal: M - prismatic crystals, fibrous 
and radial aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, associated with zcolites, also in the 
contact zonc of marbles, associated with wollastonite. 
Acicular crystals and fibrous aggregates occur in Aci 
Castello. Sicily, Italy: Weilberg, Germany; Bundoora, 
Victoria, Australia. 


Edingtonite 
ZEOLITE GROUP 
BaAl25i30 10 .3 H20 


TETRAGONAL eee 


Properties; C -- white. gray. pinkish; S - white: L — 


vitreous; D -- transparent to translucent: DE -- 2.8; H 


4: CL - good; F - uneven to conchoidal; M -- 
prismatic crystals, granular, massive. 
Origin and occurrence: Hydrothermal in cavities 
and along the cracks in volcanic rocks, associated 
with calcite and harmotome. Colorless and white 
prismatic crystals up to 40 mm (1% in) across come 
from Old Kilpatrick. Scotland, UK: Stare Ransko, 


x 


Edingtonite, 100 mm, Stare Ransko, Czech Republic 


ma ` x e. 
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Czech Republic and Mont St.-llilairc. Quebec, 
Canada. 


Dachiardite-Ca 
ZEOLITE GROUP 
(Cag 5 Na,K)5Al5Sij90O 48 . 13 H20 


MONOCLINIC © © 


Properties: C — colorless, white, yellowish; S - 
white; L — vitreous to pearly; D — transparent to 
translucent; DE — 2.1: H - 4-4.5; CL - good: F — 
uneven to conchoidal; M — prismatic crystals and 
complex interpenetration twins. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites, associated with albite, petalite 
and clbaite. also as pseudo-morphs after petalite. It 
occurs in San Picro in Campo, Elba. Italy and in the 
Opal Hill quarry, Riverside, California, USA. 


Ferrierite-Ca 
ZEOLITE GROUP 
(Ca,Na,K,Mg¿Al¿SizQ072 . 18 H30 


ORTHORHOMBIC ee 


Properties: C — colorless, white, greenish, pink, 
brownish: S -- white; L — vitreous; D — transparent to 
translucent: DE -— 2.1; H - 3-3.5; CL - good; F - 
uneven to conchoidal; M — tabular crystals, platy and 
columnar aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks of the Alpine-type 
veins and in volcanic tuffs, associated with calcite and 
zeolites. Platy aggregates occur in Svojanov, Czech 
Republic; Albero Bosso and Monastir, Sardinia, Italy: 
Kamploops Lake, British Columbia, Canada. 


Ferrierite-Ca, 2 mm aggregates, Regec. Hungary 


Dachiardite-Ca, 2 mm xx, Regec, Hungary 


Laumontite 
ZEOLITE GROUP 
CagAlgSi¡ 6048 5 18 H20 


MONOCLINIC 0000 

Properties; C — colorless, white, yellowish, pinkish; 
S — white; L — vitreous; D — transparent to trans- 
lucent, weathered almost opaque: DE — 2.4; H — 3-4: 
CL - good: F — uneven to conchoidal; M — prismatic 
crystals, fibrous and radial aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks in the Alpine-type 
veins, in ore veins and sediments, associated with 
calcite and other zeolites. Colorless and white acicular 
crystals up to 38 cm (14"%/:« in) long come from the 
Pandulena Hill Quarries, India. Crystals up to 150 
mm (6 in) long known from Pine Creck, Bishop, 
California, USA. It was also found in Dillenburg. 
Germany. 


Laumontite, 120 mm, Markovice, Czech Republic 


Heulandite-Ca, 8 mm xx, Parana, Brazil 


Heulandite-Ca 

ZEOLITE GROUP 

(Cag 5,Srg 5,¡Na,K)g 5Al9Si27072 .24 H20 
MONOCLINIC 00 0 o 

Properties: C — colorless, white, yellowish, pinkish, 
red, brown; S - white; L B vitreous to pearly; D - 
transparent to translucent; DE - 2.1; H - 3.5-4: CL - 
perfect; F — uneven to conchoidal; M — prismatic to 
tabular crystals. granular, massive. 


Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, in the Alpine-type fissures, ore veins 
and sedimentary rocks, usually associated with 
calcite and other zeolites. Colorless and white 
tabular crystals up to 100 mm (4 in) across come 
from Nasik, India; West Paterson, New Jersey, USA; 
Teigarhorn, Iceland. Red heulandite found in Val di 
Fassa, Italy. 


Clinoptilolite-Ca, 2 mm xx, Hon?ova Hurka, Czech 
Republic 
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Clinoptilolite-Ca 

ZEOLITE GROUP 
(Cag,5,Na,K)4,5Al95i2707) . 24 H20 
MONOCLINIC 00009 

Properties: C — colorless, white, yellowish. pinkish, 
red, greenish; S — white; L ~ vitreous: D -— trans- 
parent to translucent; DE - 2.2; H — 3.5-4; CL - 
perfect; F — uneven to conchoidal: M - platy crystals. 
massive. 

Origin and occurrence: Hydrothermal in volcanic- 
sedimentary rocks. Large industrial deposits occur in 
New Zealand, Japan and Australia. Crystals come 
from Agate Beach, Oregon, USA. 

Application: construction, chemical industry and 
agriculture. 


Stilbite-Ca 

ZEOLITE GROUP 

(Cag 5,Na,K)gAlgSi2z70O72 . 28 H20 
MONOCLINIC 00090 

Properties: C — colorless, white, yellowish, pinkish, 
brown; S — white; L — vitreous, locally pearly; D — 
transparent to translucent, DE — 2.2; H — 3.5-4: CL — 
good; F — uneven to conchoidal: M — prismatic and 
tabular crystals, commonly complicated interpenetra- 
tion twins and sheaf-like aggregates. granular, 
massive, 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks, along Alpine-type fissures, in ore 
veins, also in sedimentary rocks and hot springs, 
typically associated with calcite and other zeolites. 
Colorless and white tabular crystals and their combi- 
nations up to 200 mm (7°⁄ in) across come from the 
Pandulena Hill Quarries, India. Crystals arc also 
known from Teigarhorn, Iceland; Faeroe Islands; 
West Paterson, New Jersey, USA and elsewhere. 


Epistilbite, 15 mm x, Nasik, India 


Epistilbite 
ZEOLITE GROUP 
(Ca,Na>)Al7SigO 12: 4 H20 


MONOCLINIC eee 


Properties: C — colorless. white. yellowish. pinkish, 
light brown; S — white; L — vitreous; D — transparent 
to translucent; DE - 2.2; H — 4; CL -— good; F — 
uneven to conchoidal; M — prismatic crystals, radial 
aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks; associated with other zeolites. Clear 
and white tabular crystals and their twins up to 30 
mm (1*/16 in) across come from Jalgaon, India; also 
in Teigarhorn, Iceland and Faeroe Islands. 


Stilbite-Ca, 83 mm, Nasik, India 
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Gismondine, 2 mm xx, Tapolca-Diszel, Hungary 


Phillipsite-K, 3 mm xx, Limberg, Germany 


Gismondine 
ZEOLITE GROUP 
CaAl2Si20g . 4,5 H20 


MONOCLINIC o. 


Properties: C - colorless, white, bluish, pinkish: S — 
white; L — vitreous: D — transparent to translucent; 
DE — 2.3; H - 4,5; CL - good: F — uneven; M — 
complex twins of crystals, platy aggregates. 

Origin and occurrence: Hydrothermal in cavities in 


Harmotome, 79 mm, Strontian, UK 


arr 


volcanic rocks, in hydrothermally altered rocks. It 
comes from Capo di Bove. Italy; Schiffenberg, Ger- 
many and Dobrna, Czech Republic. 


Phillipsite-K 

ZEOLITE GROUP 

(K,Na,Cag 5)AlsSi| 1932 .12 H20 
MONOCLINIC 9090 

Properties: C — colorless, white, reddish; S — white; 
L — vitreous: D - transparent to translucent; DE - 
2.2; H-4-4,5; CL - good; F — uneven; M - prismatic 
crystals and complex interpenetration twins, 
granular, massive. 

Origin and occurrence: Hydrothermal in cavitics in 
volcanic rocks, sedimentary rocks and hot springs; 
associated with calcite and other zeolites. Colorless 
and white interpenctration twins up to 20 mm (*%: in) 
across come from Capo di Bove, Italy: Doughboys, 
Tasmania, Australia; Sovince near Litomiace, Czech 
Republic and elsewhere. 


Harmotome 

ZEOLITE GROUP 

(Bag 5,Cag 5, K,Na)sAlsSi, 1932 .12 H70 
MONOCLINIC 9090 

Properties: C — colorless, white, gray, reddish, 
yellow, brown; S — white; L — vitreous; D — trans- 
parent to translucent; DE — 2.4; H - 4.5; CL — good: 
F — uneven: M - prismatic crystals, commonly com- 
plex interpenctration twins, granular massive. 
Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, in the Alpine-type veins, ore veins 
and in pegmatites. Prismatic crystals and their twins 
up to 20 mm (%%: in) across are known from 
Strontian, Scotland. UK. Crystals also come from St. 
Andreasberg and Obcrstcin, Germany: Kozakov, 
Czech Republic and Kongsberg, Norway. 


Goosecreekite 
ZEOLITE GROUP 
CaAl2Si30 ¡0 Es 5 H20 


MONOCLINIC o 


Properties: C — white. colorless; S — white; L 
vitreous; D — transparent to translucent; DE — 2.2; H 
- 4.5: CL B perfect: F — uneven to conchoidal: M — 
prismatic crystals, granular, 

Origin and occurrence: Hydrothermal in cavitics in 
volcanic rocks. It is known from Goose Creek, 
Virginia, USA. Crystals up to 30 mm (1*%s in) across 
found in the Pandulena Hill quarries, India. 


Chabasite-Ca 

ZEOLITE GROUP 

(Cag 5,Na,K)AIgSigO74 .12 H20 
TRIGONAL eee 

Properties: C — colorless, white. yellowish, pinkish, 
greenish: S — white: L — vitreous to dull; D - 
transparent to translucent: DE — 2.2: H -- 4-4.5; CL — 
imperfect: F - uneven to conchoidal; M — rhombo- 
hedral crystals and their twins, granular, massive. 
Origin and occurrence: Hydrothermal in cavities in 


Chabazite-Ca, Passboro, Nova Scotia, Canada 


Goosecreekite, 25 mm xx, Maharashtra, India 


volcanic rocks and pegmatites, along Alpine-type 
fissures and in hot springs, usually associated with 
calcite and other zeolites. Colorless and white 
interpenctration twins up to 60 mm (24 in) across, 
come from Facroe Islands. Crystals are also known 
from Repcice, Czech Republic: Berufjord, Iceland; 
Panvil, India: Maglovec, Slovakia and elsewhere. 
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10. Organic compounds 


Whewellite 
CaC304 D H20 


MONOCLINIC eee 


Properties: C — colorless, white, grayish: S — color- 
less; L — vitreous; D — transparent to translucent; DE 
- 2,2; H- 2,5; CL - good; F — conchoidal; M - pris- 
matic crystals, commonly twinned. 

Origin and occurrence: Rare hydrothermal, mainly 


Amber, 40 mm, Baltic Sea, Latvia 
Whewellite, 27 mm x, Burgk, Germany 


sedimentary in coal basins, associated with barite, 
ankerite and other minerals. Hydrothermal crystals up 
to 70 mm (2% in) long, come from U-bearing veins in 
PrRbram, Czech Republic. Similar crystals, up to 70 
mm (2% in) long, occurred in Cavnic, Romania. Heart- 
shaped and butterfly twins, up to 100 mm (4 in) found 
in concretions near Kladno, Czech Republic. Similar 
specimens are known from Burgk near Dresden, 
Germany. Interesting flat radial aggregates found along 
cracks in clays in the vicinity of Most, Czech Republic. 


Mellite, 170 mm, Bicske-Csordakut, Hungary 


Mellite 
Al) [C¿(COO)g] . 18 H20 


TETRAGONAL © © 


Properties: C — honey-yellow; S - white; L — 
resinous to vitreous; D — transparent to translucent; 
DE - 1,7; H - 2; CL — imperfect; F -- conchoidal: M 
- dipyramidal crystals, granular: LU — blue. 

Origin and occurrence: Secondary in the cracks in 
brown coal and lignite. The best specimens with crys- 
tals up to 40 mm (1%: in) in size, come from Csorda- 
kut near Tatabanya, Hungary. Crystals, up to 10 mm (4 
in) across, were found in Artern, Germany. Granular 
aggregates are known from Valchov, Czech Republic. 


Evenkite 
C24Hso 


MONOCLINIC e 


Properties: C - colorless to light yellow: S — colorless; 
L — waxy; D - translucent: DE — 0,9; H - 1; CL — 
good; M — pseudo-hexagonal tabular crystals: R 
melts at SOEC (122°F). 

Origin and occurrence: Probably secondary. It occurs 
within geodes near Evenki, Sibcria, Russia. Also 
known from the cracks in altered andesite in Dubnik, 
Slovakia. 


an 


Fichtelite 
C19H34 


MONOCLINIC eee 


Properties: C — colorless to yellowish: S — colorless: 
L - vitreous; PS - transparent to translucent: DE — 1; 
H - 1; M — thin tabular crystals, scales, crystalline 
crusts. 


Evenkite, 30 mm, Dubnik, Slovakia 


Origin and occurrence: Secondary, typical mincral 
of pcat-bogs. Its crystals are known from Borkovice 
near Sobeslav. Czech Republic; also known from 
Marktredwitz. Germany. 


Amber 


a mixture of hydrocarbons 
AMORPHOUS eee 


Properties: C — honey-yellow, yellow-brown. brown, 
red-brown, blue, green. black: S ~ white; L - 
resinous. dull: D - transparent to translucent. rare 
opaque; DE - 1,0-1,1; H - 2-2,5: CL - none; F - 
conchoidal; M - massive irregular or drop-shaped 
aggregates, nodules and fragments; LU - light blue, 
yellow, 

Origin and occurrence: Amber is a petrified resin 
from Tertiary and Mesozoic conifers, occurring rare- 
ly in sediments. Plant or insect remnants arc some- 
times found trapped in amber. The most famous 
localities are located along the southern coast of the 
Baltic Sea in Poland. Germany, Lithuania, Estonia. 
Latvia and Russia. The largest masses found 
weighed up to 10 kg (22 1b). Blue amber is known 
from the Dominican Republic. Other amber locali- 
tics are found in Syria, Lebanon. Thailand, Vietnam, 
Canada and the USA. 

Application: as a gemstone. 


Amber, 95 mm, Madagascar 


Fichtelite, 80 mm, Mazice, Czech Republic 
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11. Rocks, meteorites and tektites 


Granite, 63 mm, Norway 


Rocks consist of minerals and often of fragments of 
other rocks and organic matter. Since rocks are 
mixtures, we cannot determine certain physical / 
chemical data (chemical formula, crystal system, 
hardness. etc.). Unlike minerals. some rocks form 
huge bodies which may cover several thousand km“ 
so no single localitics are shown in this book. Rocks 
are mainly used for building. in agriculture, and as 
raw materials for chemicals, ceramics and metals. 
Rocks are generally divided into three principal 
groups according to their origin: 

i. igneous rocks 

2. sedimentary rocks 

3. metamorphic rocks. 


1. Igneous rocks 


Properties: C - light gray, gray, white, brown, black, 
gray-green, pinkish, red-brown: D - opaque. rare 
transparent to translucent; L — dull, rare vitreous, DE 
~ varies from 2.6 up to about 3.8: F - uneven, rare 
conchoidal; M — coarse to fine grained, commonly 
massive aggregates, consisting of microscopic or 
larger grains or crystals of various minerals, up to 
several decameters across, glass is also present 
rarcly. Minerals in rocks usually have characteristic 
texture features, like graphic granite and others. 

Origin and classification: igneous rocks form at high 
temperature and commonly at high pressure in 
solidification of mainly silicate magma of variable 
composition. The mineral composition reflects a 
chemical composition of magma. Typical rock- 


Orbicular granite, 150 mm, Sweden 
Pegmatite, 65 mm, Dolni Bory, Czech Republic 


forming minerals are quartz, orthoclase, microclinc, 
plagioclase, biotite. muscovite. amphiboles, pyroxenes, 
olivine and nepheline. Rocks may solidify at various 
depths. according to which they are either intrusive, 
dyke or effusive. They can be grouped according to 
chemical composition (SiO2 content): 

felsic — granitc, syenite, pegmatite, rhyolite, obsidian 
intermediate — diorite, andesit basic — gabbro, basalt 
utrabasic - peridotite, varies from 1.0 up to about 2.8; 
F — uneven, sometimes conchoidal: M — coarse to fine 
grained and massive aggregates, consisting of grains or 
crystals, from microscopic to several dm in size, also 
of rock fragments and organic matter, banded textures 
are typical and some rocks are fossiliferous. 


Diabase, 63 mm, Rozany, Czech Republic 


Sandstone, 65 mm, Buffalo Gap, South Dakota, U.S.A. 
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2. Sedimentary rocks 


Properties: C ~ grey, brown, red-brown, black, green- 
grey. pinkish, white, yellow, often variable even within 
one rock. banding is typical; D ~ opaque. rare 
translucent; L — dull, sometimes vitreous, greasy or 
carthy; DE -varies from 1.0 up to about 2.8; F - uneven. 
sometimes conchoidal: M - coarse to fine grained and 
massive aggregates. consisting of grains or crystals. 
ranging from microscopic to several dm in size, also of 
rock fragments and organic matter, banded textures arc 
typical and some rocks are fossilifcrous. 

Origin and classification: Sedimentary rocks 
originate under surface temperatures and pressures, 


Limestone, 65 mm, Italy 


as a result of sedimentation of mineral and rock 
fragments and organic matter of different size 
through the water and wind activity, or by precipi- 
tation from water solutions. Typical rock-forming 
minerals are quartz, calcite, dolomite, halite, clay 
minerals and others. According to their origins we 
can distinguish several groups of sedimentary rocks: 
clastic (consisting of rock fragments) - sandstone, 
conglomerate, quartzite, siltstone. 

organic (consisting mainly of organic matter) — 
limestone, coal. 

chemical (originating by precipitation from water 
solutions) — cvaporites, travertine. 


Evaporite, 40 mm, Walkenried, Germany 


Serpentinite, 65 mm, HrubSice, Czech Republic 


3. Metamorphic rocks 


Properties: C -- light gray. gray, brown, green, red- 
brown, black, green-gray, pinkish, whitc, sometimes 
variable within onc rock. banding is relatively common: 
D - opaque: L -- dull, rare vitreous; DE - varies from 
2.5 to 4.8: F — uneven, rare conchoidal: M — coarse to 
fine-grained, platy. acicular and somctimes massive 
aggregates, consisting of grains and crystals, ranging 
from microscopic to several decimeters across. Typical 
are planar textures and foliation of some mincrals. 

Origin and classification: Metamorphic rocks origi- 
nate under higher temperature and pressure during 
metamorphism of originally igneous or sedimentary 


Marble, 100 mm, Greece 


Gneiss, 65 mm. ae Czech cite 
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rocks. The source of a thermal energy could be magma, 
then this type is called contact metamorphism. or the 
thermal source lics in the depth of the earth's crust and 
effects large areas, then this type is called regional 
metamorphism. During a process of metamorphism 
new mincrals originate. Typical rock-forming mcta- 
morphic minerals are quartz, orthoclase. plagioclases, 
biotite, muscovite, amphiboles. pyroxenes. calcite, 
dolomite, sillimanite, kyanite, almandinc. staurolitc 
and serpentine. 

Regionally metamorphosed rocks: serpentinite, 
mica schist, gneiss, marble. 

Contact metamorphosed rocks: contact chert 
(porcclanite), skarn. 


Skarn, 65 mm. Lisna, Czech Republic 
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fran meteorite, 50 mm, Sikhote-Alin, Russia 


fron meteorite, 40 mm detail, Gibeon, Namibia 


Meteorites 


Properties: C - light gray, gray, gray-grecn, black; D - 
opaque; L — dull, metallic, rare vitreous; DE — varies 
from 3.0 to 7.3; F — uneven; M — coarse to fine- 
grained, sometimes massive aggregates, consisting of 
irregular grains of different mincrals, ranging from 
microscopic to several cm across. 

Origin and classification: Meteorites are igncousrocks 
formed in space. Most originate in the asteroidbelt 
between Mars and Jupiter. They consist of various mine- 
rals and their chemical composition differs greatly. 
Typical rock-forming minerals in meteorites arc 
olivine, pyroxenes, plagioclases, Fe and Ni alloys and 
sulfides, rarely also organic matter. Meteorites fall into 
four main groups, accordingto metallic iron and 
silicate component: 

iron meteorite; 

siderolite; 

chondrite; 

achondrite; 

Occurrence: Meteorite falls are known throughout the 
world. The largest known iron meteorite, weighing 
approximately 60 tons , is located near the Hoba farm, 
Namibia. The largest known chondnite, weighing about 
1 ton , fell in 1948 in Norton County, Nebraska, USA. 
Most meteorites that have been found recently come 
from large glaciers such as those of Antarctica and 
from desert in Namibia. 


Moldavite, 35 mm, Southern Bohemia, Czech Republic 


Tectite, 55 mm, Dalat, Vietnam 


Tektites 


Properties: C — light to dark green, yellow-green, 
brown-green, brown, green-gray, black: D — transpa- 
rent, translucent to opaque; L — vitreous; DE ~ varies 
from 2.3 to 2.6; H — 6-7; F — conchoidal to uneven; 
M — massive irregular. drop-shaped or disc-shaped 
aggregates, irregular fragments, sometimes with 
typical sculptured surface. 

Origin, classification and occurrence: Natural glas- 
ses, rich in SiO2. which formed as a result of rapid 
melting of surface rocks during impacts of large 
meteorites or comets. 

They are classified according to their age and occur- 


Moldavites, 40 mm. Southern Bohemia, Czech Republic 


rence (following sequence from the oldest to the 
youngest): 

Bediasites and georgianites — the USA, Mexico, 
Barbados, Cuba; 

Urengoites — Novyi Urcngoi, Russia; 

Moldavites - southern Bohemia and western Mora- 
via, Czech Republic; 

Ivorites — Ivory Coast: 

Irghisites — Zhamanshin, Russia; 

Indochinites, phillipinites, javanites, bilitonites — 
southeastern Asia: 

Australites — Australia. 

Application: some tektites, mainly moldavites, as 
gemstones. 
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Introduction 


The rapid growth of modern electronics IS 
truly a phenomenon. Electronic devices 
(including cell phones, personal computers, 
portable MP3 players, and digital cameras) 
are a big part of many of our daily lives. 
Many industries have been founded, and 
older industries have been revamped, 
because of the availability and application of 
modern electronics In manufacturing 
processes, as well as in electronic products. 
Electronic products are constantly evolving, 


and their impact on our lives, and even the 
way we socialize, is substantial. 


What This Book Teaches 


Complete Electronics Self-Teaching Guide 
with Projects is for anyone who has a basic 
understanding of electronics concepts and 
wants to understand the operation of 
components found in the most common 
discrete circuits. The chapters focus on circuits 
that are the building blocks for many 
common electronic devices, and on the very 
few (but important) principles you need to 
know to work with electronics. 

The arrangement and approach IS 
completely different from any other book on 
electronics In that it uses a 
question-and- answer approach to help you 


understand how — electronic circuits work. This 
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THE COMPLETE 


ENCYCLOPEDIA OF 


MINERALS 


The Complete Encyclopedia of Minerals is a book for 
all the people, who are interested in the beautiful 
world of minerals, They can find here hundreds of pho- 
tographs of beautiful crystals and crystal aggregates, 
together with a list of classic and new occurrences for 


each mineral species. Minerals are arranged into chap- 
ters according to the mineral system: 


e Elements + Sulfides e Halides = Oxides 
e Carbonates * Borates * Sulphates + Phosphates 
e Silicates + Organic compounds 


Rocks, meteorites and tektites 
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Beaver Baby Grand 


Beaver Machine and Tool Company produced a number 


of versions of this crystal radio during the 1920s, and 
also apparently supplied the radio to India Ivory 
Company. One of the smallest radios at the time at 3- 
3/4 x 2 x 3/4 inches, it was advertised as The Beaver 
Baby Grand Vest Pocket Radio Receiving Set. 


Version 1 

Black painted wood case, 4-slot crystal holder, flat top 
knobs, small binding posts, simple engraved panel, and 
no ID of any kind. 


Version 3 

Reddish brown colored wood, 2-slot crystal holder, flat 
top knobs, small binding posts, simple engraved panel, 
metal tag on cabinet. (detector arm 1s missing) 


Version 5 

Reddish brown colored wood, flat top knobs, large 
binding posts, raised lettering on panel, Subirana metal 
tag. 


http://www.gifarmer.com/radio/crystal.shtml 


The Farmer's Crystal Radio Sets 


These are shown here in the order they may have been 
produced based on a progression of part upgrades. 


Version 2 

Reddish brown colored wood, 4-slot crystal holder, flat 
top knobs, small binding posts, simple engraved panel, 
metal tag on cabinet. 


Version 4 
Reddish brown colored wood, flat top knobs, small 
binding posts, raised lettering on panel, no metal tag. 


Version 6 
Reddish brown colored wood, dome top knobs, large 
binding posts, raised lettering on panel, no metal tag. 
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1/31/2019 The Farmer's Crystal Radio Sets 


Version 7 

Reddish brown colored wood, dome top knobs, large 
binding posts, raised lettering on panel, metal tag on 
cabinet. 


Version 8 

Hard rubber cabinet, ribbed knobs, large binding posts, 
lettering molded into panel. A cover on the bottom 
protects the coil inside. 


Bethlehem Radio Corporation, of Bethlehem, 
Pennsylvania, made these two metal crystal radios 
during the 1920s, and may have also made other radio 
equipment under the BERACO name. 


Bethlehem 'The Crystal Dyne' 

It has a cast aluminum case, a glass-enclosed crystal 
detector, and a slide tuner. It is about 8-1/2 inches long 
x 4 inches deep. 


Bethlehem "World Crystal Set' 

It has a nickle-plated metal case, a glass-enclosed 
crystal detector, and a slide tuner. It measures about 5 x 
4 inches. It is shown with its original box. These were 
also sold painted in various colors including red and 
green. 


BMS Pandora Crystal Set 

The Brooklyn Metal Stamping Company, of Brooklyn, 
New York, manufactured a number of crystal radios in 
the 1920s, including the 'Pandora' which came in two 
styles and 4 or 5 colors. This example has the coil 
raised up on a small pedestal and has the original 
Russett Bronze paint. It is in mint condition except the 
detector arm is missing. It is shown with its original 
instruction sheet and box. 


http://www.gifarmer.com/radio/crystal.shtml 2/12 


book steps you through calculations for every 
example in an easy-to-understand fashion, 
and you do not need to have a mathematical 
background beyond first-year algebra to follow 
along. 

For many of you, the best way to 
understand new concepts is by doing, rather 
than reading or listening. This book reinforces 
your understanding of electronic concepts by 
leading you through the calculations and 
concepts for key circuits, as well as the 
construction of circuits. Projects interspersed 
throughout the material enable you to get 
hands-on practice. You build many of the 
circuits and observe or measure how they 
work. 

Helpful sidebars are interspersed throughout 
the book to provide more information about 
how components work, and how to choose 
the right component. Other sidebars provide 
discussions of techniques for building and 
testing circuits. If you want this additional 
information, be sure to read these. 
Understanding the circuits composed of 
discrete components and the applicable 
calculations discussed is useful not only In 
building and designing circuits, but it also 
helps you to work with integrated circuits 
(ICs). That's because ICs use miniaturized 
components (such as _ transistors, diodes, 
Capacitors, and resistors) that function based 
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BMS Pandora Crystal Sets 

These BMS Pandora sets are styled different from the 
one above, without the pedestal. Note that the red and 
green examples have a solid slider bar while the bronze 
one has a spring, the bronze and green examples have a 
ball slider while the red one has a slider with a knob. 


Also, the green example has fahenstock clip connectors 
while the others have binding posts. The Russett 
Bronze, red, and Medium Green colors are all original 
paint. 
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Brush-McCoy 'Mystic' 
In 1927 the Brush-McCoy Pottery Company decided to 
produce a unique pottery item that would appeal to 
radio fans all over the world, who were then called 
"Radio Bugs." It was a ceramic bug 9" long containing 
a crystal radio set. These were called "MYSTIC" Radio 
Sets. The bug itself is pottery. An article that was in 
The Zanesville Signal said, "The insulating properties 
of this material are so high that exceptional reception 
results." 


Cannon Ball 'Ba y Grand’ o 
1920s crystal radio with metal base. 
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DeForest Everyman 
This Deforest Everyman Radiophone Receiver, Type 
DT-600, was made in the 1920s and used different plug- 
in coils to receive different wavelengths. It has a glass- 
enclosed crystal detector. 


Federal 'Junior' 

This Federal Jr. crystal radio was made in the 1920s. 
The cabinet is metal with a bakelite top. A slider 
control on one side is labeled 'Antenna', and a similar 
control on the other side is labeled 'Detector'. 
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Fletcher 'Radak Wireless Set' 

Made and distributed by Fletcher Electric Company at 
34 West 36th Street in New York City in the early 
1920s. The original operating instructions call this 'The 
Hand Camera of Wireless! A snappy little Radio Set! 
Small and light as a postcard camera’. 


Flivver 
This little Flivver crystal radio was made in the 1920s. 


It has a metal cabinet and is identified as a Flivver on 
the underside. 


Freed Eisemann ‘Marvel 101' 
Freed Eisemann manufactured this crystal radio in the Gecophone _ ona A 
1920s and housed it in a nice oak dovetailed cabinet. 1920s British crystal radio 


Gundlach - Manhattan Optical Company 
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Gillet Marvel 
1920s crystal radio 


MIDGET MONITOR RADIO 
BY HEAREVER INC, 


Hearever 'Midget Monitor' 
This tiny crystal set was made in the 1950s or 60s and 
1s built into a standard radio IF coil can. Sliding the 


Ss antenna rod up and down tunes a station. This radio is 
Hamburg Brot mint in the original box, and is marked 'MIDGET 
This little crystal radio was sold about 1926 by MONITOR RADIO BY HEAREVER INC The 
Hamburg Brothers of Pittsburgh, Pennsylvania, and was instruction sheet gives the company address as: 
endorsed by Radio News magazine. It is sitting on a MIDGET MONITOR RADIO, Dept. 150, 623 
box of Hamburg Bros. 'Pennsylvania' headphones. Marquette Ave., Minneapolis 1, Minn. 


Howe: Early, Late Howe - Liberty Central Trust Co. 


a ea pote aaa. ine en E is the This is a bank advertising the Liberty Central Trust 
earlier version - it has 'Patents Pending" printed on the Company of St. Louis Missouri, and it has a Howe 
front plate, the detector arm has a wooden handle, and crystal radio built into it! 


the crystal cup is larger. 
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Howe - National City Bank 
This is a bank advertising the National City Bank, and 
it has a Howe crystal radio built into it! 


| li 
mo =- smn len = _ 

— ey arte ee — == EPN 
A A EEr e e 


Kleer-Tone Model 100 
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India Ivory 

A rare 1920's crystal radio, only documented with a 
brief reference in the Maurice Siever's Crystal Set 
books, and a photo in Morgan McMahon's Vintage 
Radio book, and 1 of only 3 I've seen in collections. 
This off-white celluloid clock case is inscribed 'Radio 
Clock Case, India Ivory Co., Pat. Apl'lied For'. The 
paper face of the wind-up clock is marked "India Ivory 
Company, Providence, R.I., U.S.A.' The radio itself 
looks exactly like an early version of the 1920's Beaver 
Baby Grand chassis. 


Jubilee 

Jubilee Manufacturing Company, which operated in 
Omaha, Nebraska from 1905 until about 1988, 
produced this Jubilee Crystal Radio Set in the later 
1920's. The red label on the original box proclaims this 
to be 'The Best Buy in Radio'. Unique connectors 
allowed up to six pair of headphones to easily be 
connected to the radio! 
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Kodel Gold Star Model S-1 
Kodel's Gold Star model S-1 is identical to the other 


Kodel Model S-1 version except for the front panel design. 


Kodel's smallest and lowest priced radio, this originally 
sold for $5. 
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L&W Wonder 
A cheaply made crystal radio in a cardboard box 
cabinet. 


Lawsam Electric Company 

This 1920s crystal radio was manufactred by Lawsam 
Electric Company at 122 Fifth Avenue, in New York 
City. The recessed slider on the front of the cabinet is 
unique. 
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Leon Lambert 
so e <| This crystal radio has a wood cabinet with a brass tag 
Leon Lambert sn top saying "Lambert Radio, Leon Lambert Mfg. Co., 


This old crystal radio is shown with its original box. It Wichta, Kansas. It is the deluxe version of the green 
has a very crudely designed detector that looks Leon Lambert radio. 


homemade, but this is original from the factory. It is 
identical to the wooden version, except with a less 
expensive cabinet. 
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Lombard Multiphone 

An unusual old crystal radio in a masonite cabinet 
painted crackle green with cowboys on the sides. A 
Lombard detector is mounted below the tuning dial and 
there are connections for six pairs of headphones! 
Operating instructions are on the back side and 
earphone instructions are on the bottom of the cabinet. 


| 

Marquette 'Mother's Oats' 

This 1924 Mother's Oats premium catalog offered this 

crystal radio for 110 coupons, or 5 coupons and $1.00. 

The radio was made by Marquette Radio Corporation. oS a ee eee 

It is shown with its original box. Marquette ‘Quaker Oats' 
This early 1920s radio is very similar to the Mothers 
Oats set. It was also made by Marquette Radio 
Corporation and was a coupon premium. 


Martian 'Big 4' 
This is a unique and well-made crystal radio mounted . a l 
api M hasiwoslider. actystaldetecior, This crystal radio was made in Great Britain during the 


Mastaphone 
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and enough binding posts to connect four sets of 1920s, and is shown with its original box. It has a 
headphones. It was made in Newark, New Jersey, and spring-loaded enclosed cats whisker detector. 
stands 9 inches tall. 
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Metro Junior Musio 


A 1920s crystal radio made by Metro Electrical A 1920s crystal radio made by Musio Radio Company. 
Company in Newark, New Jersey. The same radio was The small knob controls the internal catwhisker. The lid 
also marketed under other names (see Pal). This 1s is held on only by spring clips so is often missing. A 
shown in its original box. pair of Musio headphones completes the set. 

The base is aluminum and measures 6 x 5 x 1/2 inch. It measures 8-1/4 x 6-1/4 x 6 inches. 


Pal 

A 1920s crystal radio made by Pal Radio Company in 
Jersey City, New Jersey. The same radio was also 
marketed under other names (see Metro). 

The base is aluminum, has a cardboard instruction card 
riveted underneath, and measures 6 x 5 x 1/2 inch. 


Novelty Radio Mfg. Co. 'Nickelette' 

A 1920s crystal radio marked "Trade Mark 
NICKELETTE'. The detector is under the metal cover 
marked 'STAYPUT DETECTOR, NOVELTY RADIO 
MFG. CO., ST. LOUIS, MO, PAT PND'G'. You need to 
remove the metal cover to adjust the wire cats whisker. 
Directions are on a paper label on the bottom of the 
radio. 
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Philmore Selective 

One of Philmore's earliest models. These came in 
various colors - the box is stamped 'SILVER', indicating 
the color of the front panel on this one. It is shown with 
its original box. 
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Philmore Kompakt 

Philmore made many types of crystal radios, and this 1s 
one of their more unusual models. The radio 1s a small 
square box with an earpiece on it, a tuning knob, 
antenna and ground wires, and with a detachable 
headband that holds the unit against your ear. It is 
shown with its original counter display box. 


Pocket Radio: Vest-O-Fone 

This is a crystal radio made by Pocket Radio (Se ae ae be AN 
Corporation at 720 Grand Avenue in Des Moines, Ilowa, Pollak's Rocket Radio 
in the 1920s. It is basically a single headphone with a Marked on the box as 'Made in Japan for Pollak's, San 
fixed cats-whisker crystal detector built into the Francisco 3, Calif.’ This is a cheap little plastic set with 
headphone. It is shown with its original box. an antenna that pulls out to tune it. 


l Radioette 
Radio Maintenance Company A cheaply made crystal radio in a cardboard box 
A 1920s crystal radio made by Radio Maintenance cabinet. 


Company (R.M.C.) in Minneapolis, at 31st and Snelling 
Avenue. 


Rippner 'Monarch Radio Set' 
A 1920s crystal radio made by The Rippner Bros. Mfg. 


http://www.gifarmer.com/radio/crystal.shtml 10/12 


1/31/2019 


RAO 'Double-Slider' 

A 1920s crystal radio made by RAO Manufacturing 
Company in Minneapolis. Two knobs on top move up 
and down to tune hidden slider contacts inside the coil. 
'RAO' is stamped into the wood on the bottom. 

RAO Manufacturing Company still exists and 1s now 
located in Fridley, Minnesota. 
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Ritter Grand Crystal Set 


A 1920s crystal radio made by Ritter Radio Corporation 


at 232 Canal Street in New York City. 
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Shrin 
Mid-1920s crystal radio in 9-1/2 inch tall cast plaster 
figure of 'Baby Jacqueline’ wearing a shriner fez. The 
radio chassis 1s very similar to the one in the 1925 
Shriner Convention radio. It is unknown who Baby 
Jacqueline was or exactly when and why this radio was 
made. 
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Co., Cleveland, Ohio. This one has the rarer deep blue 
color can. 


Rocket Radio - Model 5 
Marked on the box as 'Made in Japan’. This is a cheap 
little plastic set with an antenna that pulls out to tune it. 


Shriner 1925 Convention radio 
A crystal radio is embedded in this 9-inch tall cast 
plaster figure of a bear wearing a shriner fez. Molded 
into the base is '1925 SHRINERS CONVENTION, 
LOS ANGELES'. The Al Malaikah Temple in Los 
Angeles hosted the national shriner convention in 1925 
and numerous souveniers were available. It is unknown 
if this radio was just a souvenier or if 1t was some sort 
of prize or award. The radio chassis is very similar to 
the one in the Shriner 'Baby Jacqueline’ radio. 
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Spencer Pocket Radio 

This old crystal radio 1s still in mint condition. 


Spencer Pocket Radio 
This crystal radio 1s in excellent condition, with its 
original box and operating instructions. 


Wezco 'DOL' 
This crystal radio is shown with its original box. 
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on the same rules as discrete components 
(along with some specific rules necessitated 
by the extremely small size of IC 
components). 


How This Book Is Organized 


This book is organized with sets of problems 
that challenge you to think through a concept 


Or procedure, and then provides answers SO 
that you can constantly check your progress 
and understanding. Specifically, the chapters in 


this book are organized as follows: 

Chapter 1 DC Review and Pre-Test—This 
chapter provides a review and pre-test on 
the basic concepts, components, and 
calculations that are useful when working with 
direct current (DC) circuits. 

Chapter 2 The Diode—This chapter teaches 
you about the diode, including how you use 
diodes in DC circuits, the main characteristics 
of diodes, and calculations you can use to 
determine current, voltage, and power. 
Chapter 3 Introduction to the Transistor—This 
chapter explores the transistor and how It's 
used in circuits. You also discover how _ bipolar 
junction transistors (BJ Ts) and junction field 
effect transistors (J FETs) control the flow of 
electric current. 

Chapter 4 The Transistor Switch—This 
chapter examines the simplest and most 
widespread application of the transistor: 
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DISCLAIMER 


This book is a research publication of Borderland Sciences Research Foundation. It consists of our 
MWO and RCO files which have been put into some semblance of order to preserve the records of 
many people with new and different ideas on how to study the energetic states of living systems and 
how these systems may be influenced by externally applied energies, and also to allow for further 
experimentation in this field by competent researchers. Read this book thoroughly before undertaking 
any experiments because you will find many different opinions, some conflicting, as to how to proceed. 
High frequency electrical apparatus can cause serious shock injury and should only be handled by 


knowledgeable, competent researchers. All experiments are conducted solely at your own risk. We 
disclaim any responsibility for the use or misuse of any information in this book. While this book 
touches on the subject of human health, all information should be considered as anecdotal and should 
not in anyway be construed as medical advice. We are not qualified to give medical advice and the use 
of the experimental equipment and research techniques described in this book may provide a false sense 
of security wherein one may neglect professional medical care. Use your brains. Thanks. 


Thomas J. Brown, BSRF 
Editor/Publisher 
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A dead cell. This diagram shows a cell where the chromosomes 
have stopped oscillating, and for this reason have ceased to live. 
But the chondromes, visible through the opening, continue to 
live an independent life. They are surrounded by a tough 
membrane and are multiplying so as to burst open the outside 
of the cell, as a baby chick, when it comes to maturity, breaks 
through the egg shell to come out. 
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A group of dead cells, but not yet destroyed, in which the 
neoplasic cells are forming. One can see the transforma- 
tion in the neoplasic tissue. 


At right, Madame C... 
After Treatment. 


Photograph taken during the treatment of Mrs S..., who sits 
between the MWO antennas at Calvary. Behind the patient is 
Dr. Marquer, head physician of the hospital, to the left is Dr Z..., 
assistant, three voluntary Nurses, & to the right is Georges 
Lakhovsky. 


At left, Madame C... 
Before Treatment. 
Rodent Ulcer in in- 
ner angle of left eye. 


Excerpts from: 


KADIATIONS AND WAVES 


Source of Our Life 


by Georges Lakhovsky, 1941 


THEORY OF CELLULAR OSCILLATION 

Before presenting the therapeutic results obtained 
with my multiple short wave oscillator and presented at 
the International Congress of Short Waves in Vienna 
(July, 1937) it may be useful to give a rapid survey of my 
theory of cellular oscillation which I have developed fully 
in a number of books." 

All living cells are composed of two essential ele- 
ments; the nucleus and the protoplasm in which it is 
bathed. This nucleus is itself composed of many tubular 
filaments: the chromosomes. In addition, hundreds of 
much smaller filaments or chondromes are present in the 
cytoplasm. 

Chromosomes and chondromes are sheathed in an 
insulating substance (cholesterine, resin, fat, plastrin, 
etc.) and contain a liquid-like serum with the same min- 
eral content as sea water, and consequently aconductor of 
electricity. Thus, these filaments constitute ultramicro- 
scopic oscillating circuits capable of oscillating electri- 
cally over a wide scale of very short wavelengths. 

I have demonstrated in my works that these cellular 
oscillating circuits, chromosomes and chondromes, vi- 
brate electrically under the stimulus of electro-magnetic 
waves: cosmic, atmospheric and telluric. 

Now, many internal and external influences may 
upset the oscillating equilibrium of these cells. For 
instance, a variation or change in the field of cosmic, 
telluric or atmospheric waves, a demineralization of the 
organic matter constituting the cellular substance, trau- 
mas causing the destruction by shock ofthe protoplasm or 
the nucleus. 

I have shown in my books, The Secret of Life and 
especially in The Earth and Ourselves, that every living 
cell draws its oscillatory energy from the field of second- 
ary radiations resulting from the ionization ofthe geologi- 
cal substances of the earth by cosmic radiations. 

But certain natural radiations are particularly toxic, 
especially those originating in geologically-induced geo- 
pathic zones. Many cancer cases have been attributed to 
these toxic radiations which has been proven experimen- 


* The Secret of Life; Contribution to the Etiology of Cancer; 
The Earth and Ourselves; Cellular Oscillation; Nature and 
Her Wonders. 


tally, notably in Germany by Dr. Rambeau of Marburg. 
Therefore, earth radiations sometimes cause disturbance 
of the cellular oscillatory equilibrium of the organism. 

Under these varied circumstances cellular oscillation 
may cease; the cell is then dead. But within the dead cell, 
the chondromes sometimes continue to oscillate electri- 
cally on their own natural frequencies. Fortunately, this 
phenomenon occurs rarely, or all humanity would already 
have perished from cancer. 

The chondromes then envelope themselves inamem- 
brane and continue to oscillate and multiply indepen- 
dently of the cell. They may then become neoplasic cells. 


THE RADIO CELLULAR OSCILLATOR 

Tore-establish this equilibrium, I thought of creating, 
in 1923, a constant compensating field of very short 
radiations (2 to 10 metre wavelengths) to neutralize the 
action of the disturbing rays, and give the living cell the 
necessary stimulation for a return to its normal oscilla- 
tion. 

To this end, in 1923, I constructed my short-wave 
oscillator, using two triode tubes for very short waves 
made especially for this apparatus. I tried several cross 
leakages for this machine using one or more tubes and 
then multiple triodes with a tube containing oscillatory 
circuits within the bulb. Finally I adopted the oscillator 
with symmetrical cross leakage comprising two triodes. 
The oscillating circuits formed a single spiral, branched 
between the two grilles and the two anodes. It was fed 
directly by alternating current from the local supply 
circuit. 

With this short-wave apparatus I was able to cure 
plants inoculated with cancer. For six years at the 
Saltpetriere I observed and checked the effects of these 
short waves. 

Using very low power, from 10 to 12 watts, and a 
limited duration of treatment, I succeeded in curing can- 
cer in human beings, but also had to record some failures. 

The news of the success of my experiments became 
widespread. In many countries, as early as 1928, they 
began to build short-wave oscillators of considerable 
power producing thermal effects. 

But here was great danger that the chromosomes and 


chondromes, which are barely a ten-thousandth ortwenty- 
thousandth ofa millimeter in thickness, might not survive 
under a high frequency current. They offer much resis- 
tance, even to a low current which is sufficient to dissolve 
and destroy them. 

It is simple to prove this by bringing a small bulb of 
from 2 to 5 volts with a filament of several hundredths of 
a millimeter, inserted between metal rods forming anten- 
nas, within the radius of a short wave transmitter. The 
bulb will light up and sometimes burn out, if it is brought 
too near the apparatus. 

Moreover, the chondromes and chromosomes of all 
living cells, which are infinitely finer than the filaments 
of the bulbs, are sensitive centers of thermal phenomena, 
which may provoke their fusion. Undoubtedly this method 
is effective in killing microbes in the organism and in 
neoplasic cells, But it can also destroy millions of cells of 
healthy tissue in every irradiation. 


THE MULTIPLE WAVE OSCILLATOR 

On the other hand, I thought it possible to obtain better 
results by administering an oscillatory shock to all the 
cells in the organism simultaneously. Such a shock, very 
brief, produced by dampened or weakened electrostatic 
waves, does not provoke thermal and prolonged effects 
and involves no risk of burning living cells. 

I therefore sought to produce an artificial oscillatory 
shock causing a periodic oscillation of the weak or dead 
cells. 

At first glance this problem seems physically in- 
soluble as there are approximately 200 quintillion cells in 
our bodies, each oscillating on its own natural wave- 
length. Theoretically, therefore, we would have to have 
a different wave length for each cell, so that every cell in 
the organism would oscillate in resonance on its own 
wavelength. 

After much research I was able to construct an appa- 
ratus creating an electrostatic field covering all frequen- 
cies from 3 metres to the infra-red, so that every cell can 
find its natural frequency and vibrate in resonance, 

We know that in physics, a circuit fed by damped or 
weakened high frequency currents creates many harmon- 
ics. Consequently, I conceived an oscillator of multiple 
wavelengths with a broad scale in which every organ, 
every gland, every tissue, every nerve, could find its 
natural frequency. 

To obtain this result I set up a transmitter composed 
of aseries of circular concentric oscillating circuits linked 
by a silk cord but not contiguous. These circuits are 
stimulated by damped high frequency currents from a 
spark gap. Thus each circuit ofthe transmitter vibrates not 
only on its natural frequency, but also on numerous 


harmonics. 

Thus, I built an oscillator with all the basic wave- 
lengths from 10 centimetres to 400 metres, that is, all 
frequencies from 750,000 to 3,000,000,000 cycles per 
second. But each circuit also emits many harmonics, 
which, with their basic waves, their interferences and their 
effluvia can reach the scale of infra-red and even that of 
visible light (1 to 3000 trillion vibrations per second.) 

Since all the cells as well as the chondromes oscillate 
precisely at frequencies in that range, they can therefore 
find, in the output of such an oscillator, the frequencies 
which cause them to vibrate in resonance. 

You know the results I obtained with continuous very 
short waves using triode tubes at a distance, with no 
contact electrode... 

As early as 1931, I began using this multiple wave 
oscillator in various Paris hospitals: the Saint Louis, Val- 
de-Grace, Calvary, Necker, etc... Among the many cures 
with this treatment, I will mention especially those of 
various cases of cancer which X-ray and radium treat- 
ments failed to improve. These patients, cured six years 
ago, have had norecurrence and are in perfect health at this 
date. In all pathogenic cases this treatment gives very 
good results. As it does not attack the microbes directly, 
it does not destroy live tissue, but reinforces the vitality of 
the organism by accelerating cellular oscillation. It is 
therefore the reinforced organism that successfully resists 
the microbes and all pathogenic causes. 

So, while X-rays and radium destroy microbes, 
neoplasic cells and healthy tissue at the same time -- 
which accounts for the serious accidents which occur 
during and after such treatments -- high frequency radia- 
tions (short waves) applied at a distance and without 
thermal effect cure diseases ofall kinds, even those of the 
prostate to a considerable degree. 

Whatever the pathogenic cause, the multiple wave 
oscillator reproduced the frequencies necessary to re- 
establish the cellular oscillatory equilibrium. 

In general, it is sufficient to seat the patient, or to have 
him stand in the radius of the apparatus, before the 
transmitter. The duration of the treatment is usually from 
five to ten minutes, every other day. These figures are 
purely arbitrary, since these radiations reinforcing cellu- 
lar oscillation do not produce organic disturbances, what- 
ever the duration of the treatment may be. 

Despite the many cases successfully treated, almost 
without exception, it must be understood that my oscilla- 
tor cannot cure all types of cancer in all its stages of 
development. In many cases, when the cancerous tumor 
has already destroyed important blood vessels, my appa- 
ratus is powerless to rebuild that tissue before the fatal 
haemorrhage. 


Book Reviews by Jorge Resines 
La Science et le Bonheur 


LONGEVITE ET IMMORTALITE PAR LES VIBRATIONS 
(Science and Health, Longevity €? Immortality through Vibrations) 
and 


La Terre et Nous 
(The Earth and Ourselves) 
both by Georges Lakhovsky 


INTRODUCTION 

When reading both of these works for review, I thought it 
would be better for BSRF’s readership to “group” the subjects 
broached in both and to include in every grouping what Lak- 
hovsky says, with my comments added. This was done to avoid 
including, as he does, plenty of anecdotes and tales irrelevant to 
the analysis and study of his theories and actions. For the sake of 
completeness, I now detail his written works up to 1933 minus his 
scientific papers as published in French scientific journals: 


1) L'origine de la Vie (Origins of Life), Gauthier-Villars Editors, Paris, 
1926 


2) Contribution a PEtiologie du Cancer (Contribution to Cancer 
Etiology), Gauthier-Villars Editor, Paris, 1927. 

3) Universion (Universion' is Lakhovsky’s term for the Ether), Gauthier 
Villars, Paris, 1927. 

4) Le Secret de la Vie (Secret of Life, actually it is (1) with some added 
chapters and more information), Gauthier-Villars, Paris, 1929. 

5) LaScience et le Bonheur (Science and Good Health), Gauthier-Villars 
Editors, Paris, 1930. 

6) L’Oscillation Cellulaire (Cellular Oscillation, a collection of experi- 
mental researches according to the source in (9) ), G. Doin et Cie, 
Paris, 1931. 

7) La Formation Neoplasique et le Desequilibre Oscillatoire Cellulaire 
(Neoplasic Formation and the Cellular Oscillatory Unbalance), G. 
Doin et Cie, Paris, 1932. 

8) L’Eternite, la Vie et la Mort (Eternity, Life and Death), Fasquelle 
Editors, Paris, 1932. 

9) La Terre et Nous (The Earth and Us), Fasquelle Editors, Paris, 1933. 


From these I have read the Spanish translation to (4), published 
in 1929 by Aguilar, Madrid, Spain, and works (5) and (9). 


THE “UNIVERSION” AND OSCILLATIONS 

“Universion” was the name given by Georges Lakhovsky to 
what us Borderlanders call “The Ether”, meaning an all-space 
filling force capable of producing, when properly excited and 
manipulated, all kinds of effects. To Lakhovsky the Ether was not 
motionless but full of many different oscillations of electromag- 
netic character. And when he stated this, he meant of Hertzian-type 
oscillations. In his view these oscillations happened within the 
Ether, and NOT as it is meant today within “empty space” as 
dictated by Relativity Theory. 

Please notice that what I am reviewing are Lakhovsky’s ideas 
as told in his publicly available written works. Ifhe had a personal 
and secret viewpoint, 1 do not know so, wherever deemed 
necessary, 1 will insert the proper comments related to BSRF 


literature and 
findings. Con- 
sidering that 
Hertzian-type 
oscillations 
were the only 
ones that could 
be produced in 
the Ether, Lak- 
hovsky began 
to research in 
earnest corre- 
spondences be- 
tween living organisms and the current (1920/1930) 
oscillation-producing equipment: 

For example, he likened the twisted filament within a cell (see 
Figure 1) with the self-inductance or coil in a radio transmitter/ 
receiver, he also 
did the same with 
filaments within 
micro-organisms 
such as the 
‘*Corynactis 
viridis’ (with a cur- 
rent size of 0.1 mil- 
limeter, and living in the sea), as shown in Figure 2. 

But, to Georges Lakhovsky, the filaments were not the only 
oscillating members within a living organism. As seen in Figure 
3, within a cell also exist Chro- 
mosomes and Chondriomes: 

Both elements, Chromo- 
somes and Chondriomes, he lik- 
ened with capacitors as is seen in 
Figure 4. 

Each of the elements within 
a cell oscillated in a particular 
manner, according to Georges 
Lakhovsky, so that the combined 
oscillations produced the well- 
being of the cell and all cells 
vibrating harmoniously gener- 
ated the well-being of the whole body. 

In continuing with his 
viewpoint (5), Lakhovsky lik- 
ens the “a-b” cellular axis, as 
shown in Figure 5 with the 
“North-South” ferromagnetic 
axis (same illustration). The 
cell’s internal filaments (see I 
in Figure 5) he equals with a 
coil of wire wound around 
the magnetic axis (see (II), 
same illustration). 

As seen in Figure 6, over 
these lines, he likens the 
homoeotypical process of 
cell-division (“according to 
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Flemming”, hesays 
(5), but I searched 
in vain for a refer- 
enced Bibliogra- 
phy) by adding let- 
ters “N”, “S” and 
the signs “+” and 
“>, toindicate both 
electrical and mag- 
netic polarity. 

In Figure 7 he illustrated the heterotypical process of 
cell-division, again following the dictum of Flemming and adding 
also letters for magnetic and electrical polarity: 

From one Mr Henneguy (also, unreferenced) he takes 
illustration of germ-reproduction. 

In Figure 8, over these lines, we see: at (I) the actual physical 
events as depicted by Henneguy and at (II) Lakhovsky’s view 
with electrical polarities added. One pertinent remark here: 
“NEGATIVE Polarity” was for the early electricians the 
“electricity-absorbing pole” — as they then considered electricity 
as a fluid with given properties. In the same fashion, “POSITIVE 
Polarity” meant 
the “electricity 
-issuing pole”. 
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three different types of non-uniform fields to happen; remember 
this fact later. 

Whenever a given oscillatory imbalance occurred in the 
body, according to Lakhovsky, normal healthy cells first died and 
later they began to transform into cancerous cells to later form 
tissues of this 
very kind, as 
illustrated in 
Figure 9. 

This 
given oscilla- 
tory imbal- 
ance de- 
stroyed most 
ofthe cell's in- 
ternal cons- 
tituents and 
hardened its 
membrane, 
first; to gener- 
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ate a mas- 
sive 
reproduct- 
ion of 
Chondriomes, 
second. 


See Figure 
I) 10. The 

multiplied 
wildly, without any restriction, and thus cancer spread itself 
throughout the body. How the imbalance was created, and 
Lakhovsky’s solution to it, will be seen in coming points to this 
review. One note of caution, however: What is written in both 
works hap- 
pened over 60 
years ago, our 
environmen- 
tal conditions 
have changed 
since then. So, 
whosoever at- 
tempts to do 
anything con- 
crete with 
Lakhovsky’s 
findings will 
have to 
ADAPT his/ 
her efforts to 
these 
changes. Please do not forget this important point! 
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DIFFERENT POLARITIES IN THE SOIL 

One of Lakhovsky’s most interesting findings is that the 
different strata and groupings of localized character of the same 
soil-constituents do have electrical polarities. Soils of “Negative 
Polarity” absorbed and conducted the etheric waves coming to 
Earth from the Cosmic space into deeper rock-strata; by opposi- 


Figure 10 


tion, soils of “Positive Polarity” reflected, refracted or changed 
these waves before these waves were sent somewhere else 
because of other wave-trains coming behind. 

Both kinds of soil, according to Lakhovsky, affected human 
health differently and these are the main representatives for each 
class: ( 


Positive Polarity 
(+) Plastic Clay 


Negative Polarity 
(-) Sand and sandstone 


() Thick-calcareous (+) Gypsum loam 


() Gypsum (un-alloyed) (+) Saint-Ouen calcareous 
(-) Recent alluvial deposits 
rich in fi reshly-broken 
small rocks and sand 


(+) Green marl 
(+) Phosphorous chalk 
(+) Iron minerals 


Now, very strange effects happen where two different kinds 
of soil meet — at frontiers called “faulty-lines” by Lakhovsky. Let 
us see each effect separately: 

As shown in Figure 11, over these lines, each kind of soil 
imparts its own electrical polarity to storm-clouds above. Lak- 
hovsky says lightning strikes the ground only in the faulty-lines 
because each different type of soil is like a plate of a massive 
electrical condenser charged with one kind of electricity until it 
discharges at the “breaking level”. He carries the idea even 
further, as illustrated in Figure 12, by indicating that massive 
amounts of electricity could be obtained from underground strata 
by sinking deeply into the ground metallic shafts of the right 
metals and tap said electrical charges accordingly. Cities, towns, 
trains, etc., could be electrified cheaply and permanently by these 
means he states. 

What he says of the storm-clouds’ electrification, I have read 
nowhere else; I only found some complementary data in “The 
Earth’s Electricity” by the late Dr. James McDonald of 
UFO-research fame (see the April 1953 issue of “Scientific 
American’). 

About tapping the Earth’s underground electrical fields in 
this manner, I found at no other place what he states of the 
different soils possessing opposite electrical charges. Yes, I am 
acquainted with Nathan Stubblefield’s “Earth Battery” but, so far, 
nothing as definite as Lakhovsky indicates. Please, should someone 
possess more info, write to Borderland Science, forwarding it. 

From this conception, Lakhovsky originated his view of why 
Volcanism exists, he states where two different geological forma- 
tions meet each other and produce a massive electrical sparking 
that, in turn, fuses and vaporizes the underground rocks to later 
expel the—in this state—upwards, where they cool and form the 
usual volcanic cone, as seen in Figure 13. The way and extent with 
which this viewpoint complements itself with what has been 
postulated (and mathematically backed, so that anyone with the 
proper knowledge and calculating-means can duplicate it) by 
Bruce L, Cathie is not known to me. Cathie has not extended his 
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research into the analysis of soils and rock-strata to make it fit his 
grid-theory (I have not yet done so in my work either). 

The faulty-lines do affect human health; for example, should 
someone sleep as seen in Figure 14, over a line of these, the 
individual would develop a cancer of the stomach. Not only the 
faulty-lines produced cancer, according to Lakhovsky, who also 
states that living in Positive Polarity-type of soils does, together 
with other diseases coming from being bombarded with reflected 
and self-interfering radiation. 

If, as shown at (A) in Figure 15, your bed is on the path ofa 
faulty-line, one way to contribute improving your condition is to 
move it into a zone — (B) — which the line traverses not. 

In case you live upon a Positive Polarity-type of soil, you can 
get sick from the environmental reflected radiations but you can 
reduce the risk of getting sick by “polarizing” yourself like the 
ground you live over. Lakhovsky mentions that the inhabitants of 
Memphis, just to name a case, drilled a deep well to get water for 
drinking and that this water was positively-polarized; drinking the 
liquid, Lakhovsky states, effectively immunized them against any 
soil-produced disease. 

Lakhovsky recommended living upon Negative Polarity-type 
of soil, such as deserts or similar zones, for the continued 
conduction of incoming energy guaranteed it would not accumu- 
late in the body. He mentions, to this effect, that the healthiest 
portions of Paris were those built upon this kind of soil. Yet, one 
wonders, the extent to which this generalizing statement is correct 
nowadays with all the many changes which have happened... 

Finally, he postulates that the tides are not due to “rising and 
lowering of the waters” but of the ground by them! This we see 
illustrated at Figure 16. Lakhovsky considered as “invariable” the 
level of water, while thinking that the different radiations — 
mostly, solar ones — falling upon the ground (and penetrating, or 


switching. In addition to learning how to 
design a transistor circuit to drive a particular 
load, you also compare the switching action of 
a JFET and a BJT. 

Chapter 5 AC Pre-Test and Review—This 
chapter examines the basic concepts and 
equations for alternating current (AC) circuits. 
You discover how to use resistors and 
capacitors in AC circuits, and learn related 
calculations. 

Chapter 6 Filters—This chapter looks at how 
resistors, capacitors, and inductors are used 
in high-pass filters and low-pass filters to pass 
or block AC signals above or below a certain 
frequency. 


Chapter 7 Resonant Circuits—This chapter 
examines the use of capacitors, inductors, 
and resistors In bandpass filters and 
band-reject filters to pass or block AC signals 
in a band of frequencies. You also learn how 
to calculate the resonance frequency and 
bandwidth of these circuits. This chapter also 
introduces the use of resonant circuits In 
oscillators. 


Chapter 8 Transistor Amplifiers—This chapter 
explores the use of transistor amplifiers to 


amplify electrical Signals. In addition to 
examining the fundamental steps used to 
design BjT-based amplifiers, you learn how to 
use J FETS and operational amplifiers 


(op-amps) in amplifier circuits. 


Figure 12 
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not, within — to different degrees, according to 
the ground’s constitution) made it rise or lower. 
In this manner, he explains the different heights 
reached by the waters at different coastal loca- 
tions. 

Has anyone in the readership more data concerning this concep- 
tion? Please let us know. 


THE LAKHOVSKY MULTEWAVE OSCILLATOR 
I will refrain here 


: $ from analyzing what 
Figure 14 a Lakhovsky says 
about his 
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Figure 13 


a lular Oscillator”, for this is included in 


“The MWO Handbook” (1992 edition 
by BSRF). The data included in this 
section is taken from both reviewed works 
(5), (9), and even so I think it is too small 
to “break” into Lakhovsky’s way of think- 
ing and the resulting experimentation he 
must have performed. 

In Figure 17, we have the following 
type of Hertzian oscillators: (I) Open 
Hertz-resonator, (II) Hertz-resonator 
closed by a capacity, (III) Hertzian di 
pole and (IV) Setup of dipole with a 
coupled oscillating circuit, Throughout 
both books (5), (9), Lakhovsky never 
talks about any other kind of oscillator 
that is not Hertz-based. Lakhovsky em- 
ployed a “proportional antenna”, whose 
elements were concentric cylindrical 
metallic tubes ending in spheres. The 
way he established the proportion in- 
between different metallic tubes is illus- 
trated in Figure 18. 

From a given length “I”, the basic 
wavelength in his device, he first establ- 
ished a radius “r” (by dividing “1” by 
“Pi”) that he multiplied by a constant 
“a”, You see at (I), of Figure 18, the wavelength “Tl” when in a 
Hertzian dipole and at (M) when in Lakhovsky’s metallic tubes 
ending in spheres. Yet, in none of the books reviewed is it 
indicated WHICH are the numerical values under consideration 
and WHY these specific values are employed. A “thunderous 
silence” is found when looking for them.... 

The only information Lakhovsky furnishes us with is that he 
generated “many different waves, from 10 centimeters to 400 
meters” by using the fundamental wave, its harmonics and the 
interferences (with other waves) that are produced in the process. 
The reason behind this idea, he states is that “We know in Physics 


Figure 15 


Le, 
e 
at k 


tec y— LOW-TIDE 


GROUND 


Figure 16 


that a circuit fed by high-frequency damped currents creates 
many harmonics” (from pages 147-148 of -(9)-). 
These many different wavelengths would be selectively 


Figure 17 


absorbed by the cells and tissues in our body lacking in the proper 
wavelengths to maintain the proper oscillatory balance; this 
would be done, he states, because cells can act both as emitters 
and receivers of waves. 

By February 1931, the first Multi-Wave Oscillator was finally 
built and was in working condition and in July 1931 it was tested 
at the Saint-Louis Hospital, with success. 

This first model is seen in Figure 19, and it is taken from page 
135 of (9) with the following explanation beneath the photo: 
“Multiple-Waves Oscillator. Lakhovsky device complete with its 
two resonators (that) create an electromagnetic field in-between 
its two elements”. 

In short, the two sets of concentric rings are the “resonators” 
to create the in-between field. This model is a far cry from the 
more elaborate one shown by Mark Clement in his “The Waves 
That Heal”, Only a few features remain: 

a) The thick tubes holding the set of rings; yet in this Figure 
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19 the rings are ABOVE the tubes and in Clement's book they 
are BENEATH—why?—unless this is purely a mechanical con- 
cern. 

b) I assume that the thick cylinder at the foot of the right-unit, 
(Figure 19) contained the original electronic equipment needed 


Figure 18 
to make the machine work. Compare with the photo on page 29 
of Clement’s book and you will see the volume involved is tripled 
(or closely). What changes were made and WHY??? 

To end this two-book review, I would like to ask anyone 
possessing a copy of the referenced Lakhovsky works to send a 
duplicate to BSRF to see how much can be cleared of both the 
M.W.O. and any other research by Georges Lakhovsky. 


tee al 
Figure 19 


INFLUENCE OF COSMIC WAVES 
ON THE OSCILLATION OF LIVING CELLS 


Part 3, Chapter 1, From La Science et le Bonheur, by Georges Lakhovsky, Paris 1930 
Translated by Brigitte Donvez, Edited by Tom Brown 
O 1991 B.S.R.F. 


This part of my study is devoted to the trials, experimentation 
and applications of the theory of the oscillation of living beings. 

I have assembled here short technical reports about the 
processes and methods employed, as well as a collection of all the 
papers read at the French Sciences Academy and at various French 
and foreign Scientific Societies about oscillatory therapeutics and 
all its domains of application. 

We intend first to examine successively the influence of 
cosmic waves on the oscillation of living cells, taking as a concrete 
example the influence of solar activity upon the quality of wine and 
vintage. Then we will examine the construction of an electromag- 
netic short-wave generator, such as the radio-cellular-oscillator for 
the treatment ofanimal and plant 
organisms. 

We will later consider the 
applications of the radio-cellu- 
lar-oscillator, particularly in the 
experimental treatment of plant 
cancer, diathermy and the artifi- 
cial production of fever. 

Concurrently, we will in- 
troduce the application of open 
oscillating circuits to the treat- 
ment of diseases in various liv- 


intensities in the reception of electromagnetic waves (see Fig. 1). 

On the other hand, the sun does not only send light, heat and 
actinic (ultra-violet) radiations, but also electromagnetic waves, 
especially during the eruptive periods of its prominences (sun- 
spots). The influence of the sun’s electromagnetic radiation be- 
comes obvious if we consider the variations in the earth’s magnetic 
field and the spinning of a compass’ magnetic needle during 
magnetic storms, under the influence of the telluric currents induced 
in the ground. The ionization produced by the sun’s radiation also 
generates atmospherics and statics which disturb radioelectric re- 
ceptions. 

Astrophysicists, notably those of the Meudon Observatoire 
under the direction of Mr. 
Deslandres, have been able to 
establish a correlation between 
the periodicity of cataclysms on 
earth (tidal waves, tides, earth- 
quakes) and that of the recur- 
rence of sun-spots in the earth 
plane (about 27 days). 

We can observe that the 
graphs which reader geophysi- 
cal, electric (ionization, gas con- 
ductivity, aurora borealis --north- 


ing beings, in the absence of any ern lights), magnetic (variations 
other oscillations but those pro- of the earth field, compass spin- 
duced by the natural cosmic and ning) and electromagnetic (dis- 
atmospheric waves. Wewillalso turbance in wave propagation, 
review in this chapter the obser- atmospherics and telluric para- 
vations of scientists and practi- sites) phenomena, as a function 
tioners who clinically applied my of time, are very appreciably par- 
oscillating circuits. allel to each other and to the 

Finally we will take up the Fig. | -- Distribution of the highest intensity of curve of solar activity. An 11% 
very latest applications of oscil- electromagnetic waves observed by Mr. Vincent, year periodicity appears on these 
lating circuits to water and liquid as a function of the moon phases. graphs, confirmed by numerous, 
sterilization, and to the activa- previous observations in the do- 
tion of the germinative power of main of meteorology. In particu- 
plants. lar certain tropical rainfall patterns show a 33 to 35 year periodicity, 


Obviously, the number of these applications, presently lim- 
ited to certain domains, tends to rapidly expand and touch upon the 
various problems presented by therapeutics, biology, agriculture 
and zoology. 

I have discussed elsewhere the role played by cosmic radia- 
tions in the development of living beings, due to the very oscillatory 
nature of the cell. Now, as a consequence of the earth’s rotation and 
the stars’ reciprocal motion, the cosmic and atmospheric radiation 
field is not constant, but rather variable. Living beings are subse- 
quently under the influence of these variable cosmic radiations, 
whose nature either weakens or strengthens the cell’s oscillatory 
balance. 

I have mentioned elsewhere’ that the lunar radiation inter- 
feres with the waves of radioelectric stations. Every week, the 
recurrence of moon phases enables us to obtain highest and lowest 


1. L’universion, p.127, Gauthiers Villars publishers 
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three times longer than the previous one. 

I researched the extent to which cosmic radiations which 
condition physical and meteorological phenomena, also influence 
biological phenomena and the development of living beings. 

As early as 1801, while cosmic radiations were not even 
suspected, Hershel pointed out: ‘‘the scarcity of vegetation when the 
sun has no spots””. Starvations recur every eleven years in India with 
alternances of heat and rain. From 1901 to 1909, the canon Th. 
Moreux noticed that the wheat crop in France and in the world more 
or less followed the solar activity, so did arthritic conditions, and the 
nervousness of students and teachers. 

I compared the graphs of the solar activity, as recorded at the 
Meudon Observatory, with the statistics of wine production in the 
Bourgogne and Beaujolais regions, and I noticed that the outstand- 
ing vintages coincided precisely with the year of recrudescent solar 
activity. 

On this topic, Professor d'Arsonval agreed to present in my 


name at the Academie des Sciences (Academy of Sciences) on 


Bon 28, Beh, an ee, es oa entitled Influence of Cosmic 
ells which is entirely 


eiii here. 


INFLUENCE OF COSMIC WAVES 
ON THE OSCILLATION OF LIVING CELLS 
(Paper by Mr. Georges Lakhovsky, presented on March 
28, 1927 to the Academie des Sciences (Academy of 
Science) by Professor d'Arsonval.) 


In my book The Origi i liation and Livi i 
that Professor D’ Arsonval did me the ane to present to fle 
Academie des Sciences (Academy of Science), at the sitting of the 
15th of February 1926, I exposed my theory about the influence of 
(cosmic) penetrating radiations on living beings. Asa matter of fact, 
I demonstrated that the nucleus of each living cell, having the form 
of a tubular filament made of a dielectric matter filled with a 
conductive substance, could be compared to an 
oscillating circuit, equipped with self-induc- 
tances, electric resistance and capacity. The 
living cells can thus oscillate at very high fre- 
quencies under the influence of cosmic radia- 
tion emitted by stars. 

I made certain to verify the exactness of 
this theory by studying the influence of cosmic 
radiations (sun-spots, comets, interferences of 
stars’ radiations, etc...) on biological matter. 

My observations were based on the curves 
recorded by the astrophysicists of the Meudon 
Observatoire, curves which revealed since 1845 
the activities of the sun-spots, the frequency of 
magnetic disturbances, and the frequency of 
aurora borealis -- northern lights. 

These three curves are appreciably paral- 
lel. I endeavored to study the existing correla- 
tion between these cosmic radiations, on the one 
hand, and the development of vital activity in the 
plant and animal domains, on the other. As for 
any given individual, periods of fatigue and 
illness alternate with periods of health, in the 
same way there is, for fruit and crops in general, 
for each species, years of good quality and years 
of rather mediocre quality. 

As to what concerns wine, according to 
the documentation established by the Chambers 
of Commerce of the Bordeaux and Bourgogne 
regions, I observed that, from 1845 until 1915, 
the outstanding vintages corresponded exactly 
to the highest activity of the sun-spots, as shown 
by the curves on Figure 2. 

The results for red Bordeaux wines are: 

Maximum of 1848: outstanding vintages of 1847 
and 1848; 

Maximum of 1858: outstanding vintages of 1857 
and 1858; 

Maximum of 1869: outstanding vintages of 1869 
and 1870; 

From 1880 to 1889: period of phylloxera. 

Maximum of 1893: rather good vintages of 1890 
and 1893; 

Maximum of 1906: good vintages of 1906 and 
1907. 


Figure 2 
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1872. 73, 74, 70, ff 
Average & mediocre 
vintages 


1895 Warm & fiery wines 


Mediocre, bad & very bad vintages ||: 


In addition, let’s point out that the wine of 1811 was called the 
wine of the comet, and we could ascribe its excellent quality to this 
comet'sradiation. Itis the same with white Bordeaux and Bourgogne 
wines. 

I am sure that there are many other biological phenomena 
which recur periodically after a few years or a few centuries as a 
function of the relative revolution of the earth around the stars. I am 
convinced that all the scourges which ravaged humanity during the 
Middle-Ages: plague, leprosy, cholera, etc... and disappeared there- 
after without traces in other regions will reappear some day, when 
the earth shall once more occupy the same position as then in relation 
to the stars, producing thus by interference with the cosmic waves 
the same oscillatory imbalances of the cells, which at that time, had 
produced these same diseases. 

Fortunately till then, thanks to the oscillating circuits and the 
new methods that scientific discoveries will put to our disposal 
without delay, we'll be in a position to fight victoriously against 
these illnesses provoked by the interference of the stars’ radiations. 


RED BORDEAUX WINES 


Average & mediocre 
vintages 


91,92,93 & 1896 
Rather good vintages: 
full-bodied, distinguished 
& mellow wines 


Fine, distingushed wines 
with nose and aroma 


2 | 
phen 


Figure 2 -- Graph showing the coincidence of outstanding vintages with 
the intensity of the waves emitted by the sun and corresponding to the 
variation in intensity: |) ofsun-spots, 2) of earth magnetic disturbances, 
3) of polar lights. The graph has been established for red Bordeaux 
wines; the greatest intensities correspond to the outstanding vintages, 
the lesser intensities correspond to the years of mediocre wines. We can 
establish a similar graph for the other vintages, notably Bourgogne and 
Beaujolais wines. 


THE RADIO-CELLULAR-OSCILLATOR 


AND ITS APPLICATIONS 
by Georges Lakhovsky 
Part 3, Chapter 2, from La Science et le Bonheur, Paris 1930 


I demonstrated in the last chapter, how, according to my 
cellular oscillation theory, alteration in organic tissues came from a 
variation in the intensity of the cosmic waves’ radiations and from 
these waves’ frequency, thus causing the oscillation of the cells. 

To reestablish the balance of these natural astral fields, the 
radiation of which we can no more directly influence, than a 
meteorologist can influence the weather, I thought of using a local 
oscillator, generating waves and creating an artificial and auxiliary 
magnetic field. 

Incidentally, I should add that this method is analogous to the 
methods used in radiotelegraphy, known as heterodyne and super- 
heterodyne methods. These methods use the interferences produced 
between the waves received and the waves generated by the local 
generator at the required frequency and intensity. 

About 40 years ago (1890) Professor D’ Arsonval advocated 
the treatment of certain illnesses by high frequency electrical 
currents, that were at the time produced in waves strongly damped 
by means of a Ruhmkorff coil and a spark gap (arrester). 

My radio-cellular-oscillator is a generator of continuous 
waves of very high frequencies, the first application of triode lamps 
to biological research and pathological treatments. 

We know the difficulty of obtaining very short waves, be- 
cause of the parasitic capacitance present in electronic lamps due to 
the electrodes themselves and, within the bulbs, to tube sockets and 
connective wires. 

In 1924, when I studied the possible construction of a triode 
lamp oscillator for very short waves, shorter than 2 meters, the 
radioelectrical technique, in France and abroad, was still at the stage 
of long-waves and the length of the so-called short-waves was in fact 
from 200 to 500 meters. 

Therefore, I had to do my own research in view of studying 
a type of lamp appropriate to the generation of very short waves. 
Thus, I have been led to design lamps with multiple electrodes 
enclosed in the same bulb. These multiple lamps have been patented 
in France’ and in Germany’. 

Later, 1 intentionally abandoned the idea of working this 
patent and preferred to give it up to the public domain, in a scientific 
aim, so that no patent claim could oppose disinterested researches 
undertaken for the radioelectric prophylaxis of diseases, especially 
cancer. 
However, if the French industry did not engage in the con- 
struction of these multiple lamps, the problem was reconsidered in 
Germany three years later and partly resolved as the double or triple 
“*multi-valve’’ by Dr. Siegmund Loewe’. 

To reduce connections to a minimum, as well as the parasitic 
capacity between electrodes, to achieve the generation of waves of 
less than 1.5 meters while avoiding low efficiency, deformation, or 
distortion of the wave which would jeopardize the purity of the 
transmission and particularly alter the modulation, I proposed in my 
patent to enclose the oscillating circuit and its connections within the 
bulb. This invention, which cannot conveniently be applied to long 
waves is, on the contrary, easy to carry out for very short wave 
circuits, of which the bobbins are reduced to several turns of coil, 


1. G. Lakhvosky. French patent #601,155 of October 18, 1924 
2. G. Lakvhosky. German patent #427,596 of May 26, 1925 
3. Patent application in France on May 7, 1927 
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even to a fraction of a turn, and of which the condensers have a very 
small capacity (Fig. 3). 
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Fig. 3 -- Triode generator of very short waves, after the original 
drawing of Lakhovsky’s patent. 


Practically, the oscillating circuit only includes a turn of 
several centimeters in diameter. The only connections getting out 
of the tube are the feeders, bringing in the plate voltage (anode 
voltage) and the heating current (thermo-current). 

These tubes can generate oscillations and transmit them by 
induction to outer circuits (aerials, loops, antennas). 

Beside the practical simplification, the improvement of the 
efficiency comes from the fact that all electronic elements work with 
the same degree of vacuum. This is what I observed when I grouped 
within one same glass tubing the bulbs of a 4 triode lamp device 
(Fig. 4). The equal distribution of the vacuum among the various 
electrodes increases the purity and stabilizes the functioning. 


Fig. 4-- Glass tube T helps maintain the same vacuum pressure inside 
the four triodes of a classic resonance receiver. Author’s realization. 


According to this principle, I indicated the possibility of 
constructing not only a certain number of simple or multiple 
electrical cell oscillators but also all kinds of triodes or electronic 
lamps contained in a same bulb. Figure 5, quoted from my patent, 
shows the diagram of a symmetrical oscillator, with double elec- 
trodes and filaments connected in parallel. This oscillator is 
completely enclosed in a same casing. 

+AT 
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Fig. 5 — According to the original drawing of the author's patent. 
Multiple triode including inside the bulb the connections of a 
symmetrical short-wave transmitter, with filaments set up in parallel. 


Figure 6, also taken from my patent, presents a double, 
symmetrical oscillator of which the filaments are connected in 
series. A possible tuning condenser is anticipated, which would be 
placed in the same vacuumed bulb as the electrodes and turns of the 
circuit. 
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Fig. 6 — Multiple triode symmetrically connected with filaments in 
series, according to the original drawing of the author's patent. 


Figure 7 shows the case of a double oscillator with a unique 
filament. 
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Fig. 7 -- Double triode multiple lamp with symmetrical connections 
anda single filament, according to the original drawing of the author’s 
patent. 


For long-waves, moreover, I indicated the possibility of 
putting together the circuits outside the bulb. 

These various constructions are extremely general. We know 
that for all practical purposes Dr. Loewe has only introduced 
resistances and capacitances inside his multiple lamps, reducing 
therefore its use to low and high frequencies amplifications of long 
waves. These lamps’ efficiency is bound to be rather mediocre for 
the following reasons: great connection resistances, strong plate 
voltage (about 160 to 200 volts), and impossibility to stabilize the 
circuits and cause a resonance. 

On the contrary, | always anticipated inner couplings through 
bobbins and capacitances ensuring the greatest efficiency. The 
resonance is obtained through a variable condenser inside the lamp 
and commanded from outside without any mechanical element. For 
example, if you use the gravity field, it suffices to place a counter- 
weight on the sliding condenser and to direct the lamp in space. Or 
you can use a magnetic field produced by a magnet or an electro- 
magnet. (Fig. 8). 

I indicated the means of building an oscillator of good 
efficiency for ultra-short waves, with the possibility to tune it into 
a whole range of frequencies. 

To resolve this problem on a practical level, before people 
started to produce multiple lamps, I used a symmetrical oscillator 
including two triode lamps. It is the radio-cellular-oscillator which 
I used in 1924, at the wards of the Saltpetriere Hospital in Paris, to 


treat and heal geraniums inoculated with experimental plant cancer. 


Fig. 8 -- Variable 
sliding condenser 
M, balanced with 
a counterweight 
W within a tri- 
ode lamp, accord- 
ing to the original 
drawing in 
author's patent. W 


The simplified diagram of the radio-cellular-oscillator is 
indicated in Figure 9 (Mesny set-up). 
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Fig. 9 -- Simplified diagram of the Lakhovsky radio-cellular-oscillator. 


Plates, grids and filaments parallel connected. The grids and 
plates circuits all comprise one turn. These two turns are variably 
coupled between them. Plates and filaments are directly supplied 
with alternating current of the mains by means of the appropriate 
transformer. In these conditions, the transmission of waves starts as 
soon as the plug is connected onto the mains. By using a tuning 
condenser, one can produce the entire range of waves of a length 
comprised between 2 and 10 meters. The supply of alternating 
current creates a great number of harmonics with which the oscilla- 
tions of the various cells can enter into resonance. The fundamental 
wave length can moreover be regulated according to the nature of the 
cells to be treated. 

The biological role of the radio-cellular-oscillator is to rees- 
tablish the oscillatory equilibrium of the living cell, threatened by 
any alteration, and in particular by neighboring microbes. When it 
resumes its normal vigor, thanks to the auxiliary radiation of the 
radio-cellular-oscillator, the cell can destroy the microbe itself by 
damping down its pernicious radiations. 

The fundamental experiment I presented at the Saltpetriere 
Hospital demonstrates the functioning of the radio-cellular-oscilla- 
tor. It dealt with cancerous plants inoculated according to Erwin 
Smith’s method. 

This fundamental experiment was the subject, on the 26th of 
July 1924, of a report to the Societe de Biologie (Society of Biology) 
and it is reproduced here in extenso, from the society’s newsletter. 
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ATTEMPT AT TREATMENT 
OF EXPERIMENTAL PLANT CANCER 
Report to the Society of Biology 
by A. Gosset, A. Gutmann, G. Lakhovsky, J. Magrou 


We know that we can produce tumors comparable to 
animal cancer (Erwin F. Smith)' on various plants, by inocu- 
lating them with the Bacterium tumefaciens. Using this 
method?, one of us obtained experimentally a great number of 
tumors. These tumors have an 
indefinite growth; they might par- 
tially necrotize but they only die 
completely when the entire plant 
or at least the branch infected by 
the tumor has succumbed to the 
cachexia. Even when surgically 
removed, these tumors continued 
to proliferate. 

We intend to study, in this 
present report, the influence of 
magnetic waves of great frequen- 
cies, obtained by means of a de- 
vice built by one of us, for thera- 
peutic applications and following 
his theoretical views”: the Georges 
Lakhovsky Radio-Cellular-Oscil- 
lator. This device generates os- 
cillations of a A wave length = 
about 2 meters, and corresponds 
to 150 millions (150,000,000) vi- 
brations per second. 

A first plant (Pelargonium 
zonatum) has been experimented 
with a month after its inoculation 
with Bacterium tumefaciens; it 


and the tumor could be taken off by the slightest traction. The 
necrosis effect of the radiation was extremely elective, limited 
only to the cancerous tissues which it followed into the very 
depth and root of the tumor; the healthy parts, stalk and leaves 
remained unhurt and retained all their vigor. 

A second Pelargonium was treated in the like manner, 
but the time of exposure to the radiations was lengthened 
(eleven 3-hour sessions); 16 days after the first session, the 
tumor it carried started to necrotize and several days later it 
dried out completely. As in the first case, the healthy part 
remained unhurt. 

With a third Pelargonium 
which underwent nine hours of 
radiation (three 3-hour sessions) 
the necrosis of the tumor’s lobes 
followed the same path. 

Sixteen control Pelargoni- 
ums remained untreated. All bore 
tumors in full activity which of- 
ten became enormous. 

As a summary, we may say 
that the Pelargonium which be- 
came cancerous after inoculation 
ofthe bacterium tumefaciens and 
for which a surgical intervention 
could not prevent recurrence 
seemed to heal under the influ- 
ence of the magnetic waves indi- 
cated above. (Clinigue Chirur- 
gicale de la Saltpetriere.) 

A very clear conclusion can 
be drawn from this experiment 
and its counterpart. 

On the one side, we observe 
that, on the control subjects, in- 
oculated with the Bacterium 


showed at that point several, small, tumefaciens and left untreated, 

white tumors, of the approximate enormous tumors grew which by 

volume of a cherry kernel. The $ absorbing the plants’ vital energy 
7 Fig. 10 — Sight of the tumor of an untreated witness n s 

plant has been exposed twice to check sample. -- Subject: Pelargonium zonatum inocu- lead them to a quick and certain 

the radiation, witha 24-hourbreak lated April 10, 1924. Weseethegrowth ofthecancerous death. 

and during three hours each time.  tumoronthestalk. (Clinique Chirurgicale de la Saltpetriere). On the other hand, the plants 


In the days following the 
treatment, the tumor continued to 
grow rapidly, like the check sample tumors, forming a great 
plurilobate mass. About sixteen days later, after the first 
treatment day, the tumor suddenly started to necrotize. A few 
days later (about 15 days) the necrosis was complete; the lobes 
of the tumor, retracted and completely dried out, separated 
from the stalk bearing them, through furrows of elmination, 


l. Erwin F. Smith, An Introduction to Bacterial Diseases of Plants, 1st vol., 
Philadelphia and London 1920, 

2. J. Magrou, Revue de pathologie comparee, March 1924. Two otherreports 
will be soon published in the Revue de pathologie vegetale et d 'entolmologie 
agricole and in the Annales de l'Institut Pasteur. 

3, Georges Lakhovsky, Radio-revue, November 1923 and Conference to 
L'Ecole Superieure des P.T.T., June 2nd, 1924. 
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treated by the radio-cellular-os- 

cillator, and moreover taken at 
random from among the inoculated subjects, have been healed 
quickly and acquired a considerable vitality, as is proven by 
their growth, their continual development and abundant flow- 
ering. 
We can see it in the photograph (Figure 12), taken one 
year after the healing of the geranium. 

My theory of cellular oscillation, that I had moreover 
proposed before I realized this experiment, enables us to 
understand cancer pathology and to direct its therapy onto a 
new path. 

Cancer, mostly reaching older people, comes from the 
ageing of tissues as a result of the cells and blood decay. This 
impairing of the cells results from a modification of the 


Fig. I I Sight of the scar of the treated subject. Subject: Pelargonium 
zonatum, inoculated April 10, 1924 with the Bacterium tumefaciens, 
treated from May 24, to June 14, 1924, during eleven three-hour 
sessions with the Lakhovsky oscillator with antennas, photographed 
after it healed on July 24, | 924. (Clinique Chirurgicale de la Saltpetriere). 


chemical composition due to the contribution of foreign 
bodies which appear as residues ofthe organism. Such are, for 
instance, blood haematoblasts, rich in iron and phosphorus, 
produced by residues of fibrin, leucocytes, and hematites. 
Each cell destruction brings with it a small mass of cholesterol, 
an insulating substance forming the armature of the nuclear 
filament, which later clogs the nucleus. Therefore older 
people first experience a decrease in the number of active cells 
and of the white and red corpuscles, which is reflected in the 
regression of the blood count, and on the other hand, an 
increase of the quantity of mineral (iron, phosphorus, 
haematoblasts) and organic (cholesterol) residues. These 
chemical modifications of the cell result in the variation of the 
cellular oscillation both in intensity, as a consequence of the 
changes of electric conductivity and resistance, and in the 
radiation frequency, because of the changes of capacitance 
and inductance. 

The decayed cell appears like a pendulum with a 
pendulum-bob one could have lengthened, shortened or dam- 
aged. This oscillatory disorder provokes, because of the 
excess of cosmic waves, a too rapid cellular division, which 
results in the formation of neoplasms, or cells vibrating at a 
different frequency from the regular frequency of the tissue. 
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Figure 12 Sight of the treated subject after healing. — This 
pelargonium is no other than the one of Figure | 0, treated by the 
Lakhovsky oscillator, on May 24, 1924, healed on the 4th of June, 
1924, and photographed in July 1925. As you can see, this plant is 
in perfect health and abundantly flowered. On the other hand, the 
sixteen inoculated but untreated check samples died long ago. 


For long years, it has been wondered whether cancer 1s 
contagious and hereditary, or whether it is caused by a 
microbe. Histological analyses seem to invalidate the exist- 
ence of a microbe. On the other hand, inoculations of cancer 
only succeed, and moreover very rarely, with impaired tissues 
composed of abnormal cells, such as certain moles and this 
would seen to ruin the hypothesis of contagion and heredity. 

In fact, I believe that the true cancer microbe is the 
neoplastic cell which forces the neighboring cells into oscil- 
lating at its own frequency, thus transforming by electromag- 
netic induction, the healthy cells into neoplasms. To prevent 
cancer, is to prevent this neoplastic induction and to give back 
the healthy cell enough vigor to reestablish its oscillatory 
equilibrium. 

I was pleased to observe that, apart from the skepticism 
ofa few, my experiments have been taken up again with great 
success in France and abroad by various scientists and prac- 
titioners who understood the future of oscillation therapeutics. 

It seems appropriate to quote the works pursued in 
Germany by Professor Esau at the Technisch-Psychaliches 
Institut of Iena. 

Although directed toward paths sometimes very differ- 
ent from mine, these works present a very clear analogy with 


those I have conducted from the use of a very short wave 
oscillator similar to my radio-cellular-oscillator. 
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Fig. 13 -- Simplified diagram of Dr. Esau’s very short wave oscillator. 


The transmitter-receivers used by Professor Esau do not 
essentially differ from the devices I advocated. I indicated 
moreover that connections were irrelevant as long as they 
produced the desired very short waves. Professor Esau’s 
connections, which were described in the technical magazines 
of Dr. Ernest Busse, assistant at the Ieana Institutet, are 
characterized by the use of a single triode lamp, functioning 
in direct current. The transmitter’s filament (Fig. 13) is 
supplied through a filter preventing high frequency back 
currents. The coilings are simple fractions of turns, as in the 
radio-cellular-oscillator, which only includes about halfa turn 
for each oscillating circuit. 

A test receiver (Fig. 14) is provided with square loop 


4. Dr. Emest Busse, Die Erzeugung ultrakurzer Wellen. (Radio-Welt, No. 49, 
1928, p. 77. Vienna.) 
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circuits on which variable plugs can be installed. Another 
device is provided with a circular turn, of which aradial cursor 
allows connection to the necessary position. 


Fig. 14 -- Simplified diagram of Dr. Esau’s very short wave receiver. 


The works of Professor Esau in the biological domain 
are rather recent, for during the Radio-electric Symposium in 
Bremen (August 1928)°, he stated that he had been doing 
research, for only a year, on the physiological effects of ultra- 
short waves, or, according to his definition, very high fre- 
quency waves comprised between a length of 1.50 and 3 
meters, of which I indicated the use in 1924 in my report 
addressed to the Societe de Biologie, reproduced here. He 
indicated then that since July 1928, he successfully con- 
structed a very short wave receiver. 

About this subject Professor Esau pointed to the fact that 
the main difficulties came from the electronic lamps, and that 
he had to use foreign lamps, particularly French lamps, which 
are more appropriate for very short waves techniques. I 
indicated earlier that, 4 years before, I had studied and had 
these special short-wave lamps built, which were designed for 
my radio-cellular-oscillator. 

I shall also point out that a very short transmitter has 
recently been used by Dr. Frantz Seidel from Vienna, for the 
destruction of bacteria, particularly in the sterilization of 
milk.* This subject will be investigated at a later time. 


5. Oscar Gadamer. The ultra-short waves and their field of application. (Der 
Deutsche Rundfunk, August 31, 1928, t. VI, p. 240, Berlin.) 

6. Les ondes ultra-courte contre les bacteries. (Radio-Welt, January 27, 1929, 
No. 4, p. 108, Vienna.) 


LAKHOVSKY’S VIBRATORY CIRCLE 
Author Unknown, Source: BSRF files 
Translated from the German by Bodo Capeller, 1988 


“We owe to magic all progress in physics and chemistry.” 


The Paris professor with the Russian name 
Georges Lakhovsky claims to capture, with so 
called open vibratory circuits (circuits oscillants), 
cosmic waves and pass them on to humans (neck 
antenna) and plants. Healing of people has been 
verified by French and Italian medical practitio- 
ners, healing of Cancer injected plants has been 
proven through photographic records. 

The vibratory circles are manufactured from 
heavy copper wire with a diameter of 5-10 milli- 
meters. Those wires 58 millimeters in diameter 
had a more pronounced effect than the much thin- 
ner variety. The spiral (of the open ended circle), 
which can be single or double, is guided around 
the plant and is supposed to be insulated against 
its support by “Ebonit” (1). 

Instead of copper wire medical practitioner 
Dr. Ernst Busse (Garmisch, Germany) recom- 
mends the use of thin copper tubing: “because of 
the short wavelength of cosmic vibration only the 
surface effect (skin effect) is effective (that means 
electricity is only present on the surface of a con- 
ductor, not in the middle) which requires the use 
of maximum surface area. Besides this the tubing 
is easier to work with and has less weight. (Pri- 
vate Correspondence 1/10/1953) 

Helmut Friedensdorff (Berlin, Germany) did 
report already in 1932, from himself as well as 
others, on the effectiveness of an open vibratory 
circuit against lumbago among other ailments. He 
inserted a simple isolated copper wire into surgi- 
cal tubing and positioned it at the problem spot 
in a manner that both wire ends did not touch(2). 

Canon Smythe of Great Britain did proceed 
in a similar manner: “The only tools required are 
a one meter length of flexible electrical wire and 
a sidereal pendulum. The insulation is removed 
at both ends for a length of 2 centimeters, the 
wire is stripped and the wire strands are removed 
except a single strand. Then the wire is laid out 
on a table and the pendulum is positioned over 
the wire ends. It will rotate over the positive end 
in a clockwise motion, over the negative end in 
reverse. Then one proceeds to make a knot at 
the negative end for identification purposes. It 
should be positioned on the left side of the body 
or in the vicinity of the leg, the bare wire pointing 
to the left. The wire may be installed over the 
clothing and can be braided or fastened with safety 
pins, the ends should point into the proper direc- 
tion. 

“Arthritis in one toe should be treated by us- 
ing the wire like a stocking holder wound around 
the leg where the knotted end will point to the 
left, The author makes no claims for the healing 
arthritis but reports a lessening of pain. 

“With severe headaches the wire is wound just 
above the eye level around the head so that the 
negative end rests over the left temple. 


(Jules Lermina, 1915) 


“Severe coughing is treated with one wire 
around the throat, another one around the abdo- 
men. 

A just started cold is removed by our associ- 
ate in a few hours with two wires, one with the 
positive connected to the negative end of the next 
wire joined as a 2 meter long wire. “I wound the 
wire over the shirt under a sweater around the 
chest until I reached under the arm pits and made 
sure that the negative end is on left side of the 
chest pointing to the left, the positive end point- 
ing the opposite way. 

Smythe published this in a paper many years 
ago called “The Other Half of Medicine”. He is 
supported by the research of a recently deceased 
friend, Dr. Martin of Airaines, France who had 
been promoted to the medical faculty in Paris in 
1932 with a dissertation “Diagnostic 
Radiesthesique en medecine veterinaire” under 
the tutelage of Professor Nathering—without an 
examination! In 1935 a Dr. Girard presented a 
similar thesis before the University at Lyon. 

Medical practitioner Arnold Mannlicher 
(1880-1958) from Salzburg carried in his rear 
pocket an open vibratory circuit which also acted 
as a cell detector. 

Vibratory circuits proliferated after the an- 
nouncements by Lakhovsky’s discovery as “throat 
antennas, broadcast jewelry and healing chains” 
in the market place. I cannot say at the moment if 
they were of the open or closed kind. Apparently 
between the two kinds exists a fundamental dif 
ference in their effectiveness, open circuits reduce 
the tension within the body, closed circuits raise 
it. A closed broadcast chain can easily be trans- 
formed into an open one when it is opened and is 
closed with an insulator in-between (rubber band, 
silk thread). 

The open circuit is nothing new at all. Dr. 
Beck, former head of the municipal children’s 
clinic in Bayreuth says: “the open bronze rings of 
the Hallstadt area from grave sites can be under- 
stood as protection against radiation effects very 
similar to the rings worn by the Negro tribes 
around the arms, legs and throat.” The ancient 
Germans wore “broadcast jewelry”—in order to 
coin a modern word—an open solar spiral. Dr. 
Heermann has revived this. He writes: “invigorat- 
ing liver and intestines the solar wheel acts like a 
plated iron spiral with the windings running from 
the center clockwise.” 

Smaller—sewn into green material—is my usual 
aid in stomach ulcers and swollen glands. Under- 
neath his illustration (not shown) the researcher 
explains: “a spiral ending growth rays to the ab- 
domen”(3). 

The never tired Dr. Busse, since 1954 has also 
tried out open rings beside vibratory chains and 
belts. Earlier he replaced acupuncture needles 
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with metal foil band aids and states now in a let- 
ter dated 4/19/1954: “instead of metal foil one may 
arrive at the same effect by wearing open copper 
rings on certain fingers and joints. When you put 
aring that is cut open or manufactured from heavy 
copper wire on the corresponding finger an im- 
mediate change of pulse at the radial pulsation 
can be observed”. 

One of his associates who experimented with 
these open finger rings was surprised by the 
achieved results, 

I am very much indebted to this versatile medi- 
cal practitioner. 

Because copper rings are a tuner (strengthen- 
ing, invigorating) it was required to find a second 
metal which reduces organic functions. It turned 
out to be aluminum. On closed rings it was al- 
ready reported in the chapter “Amulets”. As far 
as the application of aluminum is concerned the 
welder Herbert Bauer (born 1921) from Freiburg, 
Germany has manufactured many years ago the 
so called “Zelemente”. According to the descrip- 
tion it was recently manufactured from a three 
metal alloy which reminds of the “seven metal 
(electrum magicum)” of Hermetic fame. We are 
dealing here with closed chains that are supposed 
to protect from dangerous radiations of technical 
and cosmic nature and are therefore named “ra- 
diation protective antennas.” They look flat and 
are meant to be moistened in the morning and 
evening. 

Whatever the effect is of the vibratory circuit 
on the world of plants has been shown in 1905 
when sick elm trees were healed on a Hamburg 
street, 

The Vienna engineer Lambert Binder (born 
1905) caused, during a growth experiment in 1944 
on orange trees, accelerated growth by surround- 
ing the tree with an isolated wire spool. 

R.E. Esspiau tried out in 1954 the following 
experiment with the Lakhovsky antenna arrange- 
ment. He connected the first on a three stalk head 
of cabbage to free standing antenna, the second 
to ground, the third one to water which was re- 
placed every 24 hours. In less than a week the 
first buds began to form, within four weeks other 
stalks were formed and developed leaves while a 
control plant withered away(4). 
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Chapter 9 Oscillators —This chapter 
introduces you to the oscillator, a circuit that 


produces a continuous AC output signal. You 
learn how an oscillator works and step 
through the procedure to design and build an 
oscillator. 

Chapter 10 The Transformer—This chapter 
discusses how a transformer converts AC 
voltage to a higher or lower voltage. You 
learn how a transformer makes this 


conversion and how to calculate the resulting 
output voltage. 

Chapter 11 Power Supply Circuits—This 
chapter examines how power supplies convert 
AC to DC with a circuit made up of 


transformers, diodes, capacitors, and resistors. 
You also learn how to calculate the values of 
components that produce a specified DC 
output voltage for a power supply circuit. 

Chapter 12 Conclusion and Final 
Self- Test—This chapter enables you to check 


your overall knowledge of electronics concepts 
presented in this book through the use of a 
final self-test. 

In addition, this book contains the following 
appendixes for easy reference: 

Appendix A Glossary—This appendix provides 
key electronics terms and their definitions. 
Appendix B List of Symbols and 
Abbreviations—This appendix gives you a 
handy reference of commonly used symbols 


Illustration A: This illustration shows a Lakhovsky experiment on a Cancer 
infected geranium plant. The cancerous growth is clearly visible. Pelargonium 
zonatum (Geranium) inoculated with Bacterjum tumefaciens on April 10th, 1924 
and photographed June 6th, 1924. It will be observed that the stem of the plant 
bears a massive tumour, 
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Illustration C: The test plant three years later. The an- 
tenna ring has completely healed the plant and protected it 
from other damage. To the side are two unprotected similar 
control plants of same age that became victims of the same 
disease. Photographed on March 13, 1928. 


Illustration B: An astounding discovery by Prof. Lakhovsky: a free standing 
antenna ring manufactured from copper that surrounds the geranium caused the 
plant to drop the cancerous growth (resting on the rim of the container) and made 
the plant whole again. Photographed June 1925. 


Picture credits: These three illustrations are designated 
tables II, V, and VII in Lakhovsky’s Secret of Life. 
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THE LAKHOVSKY 
RADIO-CELLULAR OSCILLATOR 


a synopsis by Jorge Resines 
What you are about to read is my resume of the book La 


Science et le Bonheur, Longevite et Immortalite par les 
vibrations -- Science and Good Health, Longevity and Immor- 
tality Through Vibrations -- by Georges Lakhovsky. More 
specifically, this synopsis encompasses Part III, chapters 1 and 
2, being pages from 137-171 of said work, and whatever I 
translate from it will be forwarded by the words ‘‘Lakhovsky 
said:’’. 

Mr. Lakhovsky begins by indicating the influence of 
heavenly bodies upon all facets of everyday life, from their 
influence upon the cells up to how magnetic compasses are 
affected by magnetic storms originating in the Sun (he refers 
the readership to his book L’Universion, published by Gauthier- 
Villars of Paris, France). He says that the French Astronomer 
Mr. Deslandres with his collaborators at the Observatory of 
Meudon have established a cycle of about 27 days for sunspots 
affecting both tides and earthquakes. This lapse is part of 
another larger cycle of 11'4 years (or about) that most usually 
forms in turn part of another, larger, cycle of 33 to 35 years. 

Mr. Lakhovsky also discovered, as indicated by the 
small circles at the lunar orbit of Figure 1, that lunar radiations 
provoke interferences with the waves broadcasted from 
radioelectric stations at said marked positions. 


T = Earth 
L2 = Waning Moon 
L4 = Waxing Moon 


Figure | 
LI = Full Moon 
L3 = New (Dark) Moon 


Carrying his researches a step further, helped also by the 
people at the Observatory of Meudon, he correlated the highs- 
and-lows of three different factors (to wit: a. Sunspot activity, 
b. Perturbations of Terrestrial Magnetism, and c. Polar Au- 
rora) with the type of wines collected at different French 
regions. For a single zone and type of wine, his findings are 


shown in Figure 2 (next page). You will easily notice how the 
highs of the three factors are in coincidence with the best 
collections of wines, with a single exception: the 1880-1889 
period when the grape-wines were massively attacked at 
France by the “‘Phylloxera’’ plague. Though Mr. Lakhovsky 
does not explain the reason for this adverse period (when the 
opposite was expected), he does voice his opinion that cellular 
and biological phenomenais periodically affected by the same 
type of radiations (and the generated-sicknesses they pro- 
duce), proposing at the same time to destroy the scourges by 
overriding the ‘‘astrally-produced radiations’’ (his words) 
with this ‘‘Radio-Cellular Oscillator.”” 

About the basic concept behind his devices, Lakhovsky 
said: ‘“To re-establish the balance of these heavenly fields 
from nature, upon which variations we are able to act directly, 
unlike Meteorology which cannot make weather change, I 
will resort toa local oscillating-generator of waves creating an 
auxiliary artificial electromagnetic field. 

**By the way, I must add this method is analogous to that 
employed in radiotelegraphy and known under the names of 
heterodyning and superheterodyning. These procedures em- 
ploy the interferences generated between the received and 
generated waves by a local generator, at the necessary fre- 
quency and intensity.” 

Mr. Lakhovsky states that his inspiration came from 
Professor Arsene D’ Arsonval, who in 1890 had put forth the 
opinion that different sicknesses could be eliminated by 
means of high-frequency currents. He continues on, explain- 
ing that by about 1924 he studied the possibility of generating 
waves under 2 meters in length, but that the electronics of said 
period considered ‘‘short’’ only those waves from 200 to 500 
meters. 

To overcome such a hindrance, Lakhovsky developed a 
vacuum tube with multiple-electrodes and received two pat- 
ents for it -- French Patent No. 601,155 granted in October 18, 
1924 and German Patent No. 427,596 granted in May 26th, 
1925 -- afterwards another scientist of that time, Dr. Siegmund 
Loewe, improved on his ideas and demanded a French Patent 
on May 07, 1927 (this Patent is not indicated as either granted 
or not; further investigation is needed here). 


Figure 3 
+HT = Positive High Voltage C = Condenser 
-HT = Negative High Voltage S = Loop of Coil 
G =Grid F = Filament 
P =Plate 
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Figure 2 -- RED BORDEAUX WINES 
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Outstanding vintages 


Magnetic disturbances 
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1850 1855 1860 1865 1870 


1851,52, 54, 55, 56 
Average & mediocre vintages | 


1872, 73, 74, 76, 77 
Average & mediocre vintages 


1869-70 
Outstanding vintages 


1890-93 & 1896 


Fine distinguished wines 


1875 1880 1885 1890 1895 1900 1905 1910 1915 


1894 Mediocre year 
1895 Warm & fiery wines 
1908-15 


| Mediocre, bad & 
very bad vintages 


Graph showing the coincidence of outstanding vintages with the intensity of the waves emitted by the sun and corresponding to the 
variation in the intensity: |) of sun-spots, 2) of earth magnetic disturbances, 3) of polar lights. The graph has been established for 
red Bordeaux wines; the greatest intensities correspond to the outstanding vintages, the lesser intensities correspond to the years 
of mediocre wines. We can establish a similar graph for the other vintages, notably Bourgogne and Beaujolais wines. 


To produce waves ‘‘under 1'4 meters”” (his words), Mr. 
Lakhovsky enclosed within a vacuum tube’s glass vessel 
different elements, as is seen in Figure 3. About this new type 
of tube, Lakhovsky said: ““The oscillating circuit does not 
involve but a loop with a diameter of several centimeters. The 
only connections going out of the tube are the supply-wires, 
leading the plate-voltage and the heating current. These tubes 
can generate oscillations and transmit them to external circuits 
(square-loop antennas) by induction.’’ 

I will stop now the synopsis to introduce a personal 
comment: It is not clear on the illustration of Figure 3, WHY 
the filament is connected -- in a controllable fashion as the 
schematic indicates -- to the loop **$S””; neither do I see clearly 
indicated whether the tube is one of direct or indirect heating 
and which type of vacuum tube -- existing at the time, with its 
specifications of that era -- served as the foundation to develop 
the tube of Figure 3, and how this was made in both constitu- 
ents, procedure of manufacture, etc. 

Neither is it indicated if there was a constitutional 
modification involving a change of material(s) for the new 
type of tube Mr. Lakhovsky first employed. I do not want to 
spoil anybody’s fun in experimentation, I am just suggesting 
caution... Let’s go on with Mr. Lakhovsky. 


Another feature employed to ensure a high-quality 
when in use by Mr. Lakhovsky was to put a group ofelectronic 
tubes, as illustrated in Figure 4, directly over these lines, in the 
same vacuum pump. Asall the tubes were connected in series, 
when the apparatus was made to work it produced the same 
degree of vacuum within them all. 


Figure 4 
LL, Ly L, = Identical Vacuum Tubes 
T = joining tube 


A further development of his idea, ‘‘extracted from his 
patent” he claims without indicating which one (French or 
German) this is, is the multiple triode illustrated in Figure 5. 
From its analysis we notice that Mr. Lakhovsky adhered to 
electronic theory, which says that electricity is a flow of 
electrons, and in a semiconducting device as the usual vacuum 
tube there is only a single direction of flow, from the **Cath- 
ode”” (or negative pole) to the ** Anode”” (or positive pole). In 
the multiple triode of Figure 5, the filaments are connected in 
parallel. 


Figure 5 

+BT = Positive Filament Voltage 
-HT = Negative High Voltage 
G, = Grid Tube No. | 

P» G, F, = Same for Tube #2 


+HT = Positive High Voltage 
P, = Plate Tube No. | 

F, = Filament Tube No. | 

C = Condenser 
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A further improvement of the device is seen in Figure 6, 
of which Lakhovsky says: **This illustration, also taken from 
my patent, shows a double and symmetrical oscillator where 
the filaments are mounted in series. It is also provided for, 
eventually, to place within a condenser so located as the 
electrodes and the loops of the oscillating circuit, within the 
same evacuated glass-vessel’’. 


Figure 6 

G, = Grid Tube No. | 
Pp» G, F, = Same for Tube #2 C = Condenser 

-HT = Negative High Voltage +HT = Positive High Voltage 
-BT = Negative Filament Voltage +BT = Positive Filament Voltage 


P, = Plate Tube No. | 
F, = Filament Tube No. | 
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Figure 7 shows us a double-oscillator with a single 
filament, that is the two lamps of Figure 6 within a single 
vessel and with just one heat-source. 


Figure 7 
+HT = Positive High Voltage 
+/- BT = Positive and Negative Filament Voltage 


F = Filament S = Loop of Coil 
G, = Grid No. | P, = Plate No. | 
G, = Grid No. 2 P, = Plate No. 2 
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I remind the readership that all the models of vacuum 
tubes shown so far are for short waves under 2 meters. 
Lakhovsky indicated that to obtain long waves it sufficed to 
place the same elements outside a vacuum tube. 

After saying that everything so far shown were just 
““extremely general things”? Lakhovsky said: ‘‘One can, 
almost, say that Dr. Loewe just introduced resistances and 
capacities within his multiple-tubes, where performance is 
just reduced to amplifying low and high frequencies upon long 
waves. The performance of these tubes is very mediocre 
because of the following reasons: a) Heavy linking resis- 
tances, b) Strong plate-voltages (about 160 to 200 volts), c) 
impossibility of coupling circuits and thus producing a reso- 


M = Mobile blade of condenser 
A = Fixed blade of condenser 
W = Weight to move blade “M” 
H = Turning point for the combi- 
nation of “M” with “W” 


Here, in the former comment, is an apparent contradic- 
tion: Lakhovsky criticized Dr. Loewe for including resis- 
tances and capacities within his multiple-tubes, while at the 


same time he did the same! But Lakhovsky’s capacitors are 
different to the common types. 

What he did was to **separate”” a variable condenser’s 
blades and to ‘‘counterweight’’ the moving blades, as indi- 
cated in Figure 8, so that the blades would move within the 
fixed armature of the condenser as the whole tube was rotated 
and weight *“W”” responded to gravity! He does not indicate, 
thus making it an object of personal experimentation on the 
part of the readership, if there was just one or more of these 
special variable condensers. 

Now, in order to produce a wide range of frequencies 
with only two of his special triodes, Lakhovsky built the 
**Radio-Cellular Oscillator’’ that is shown in schematic form 
in Figure 9, which he used at the Clinic of Salpetriere in 1924 
to treat and heal Geranium plants which he experimentally 
inoculated with the disease of cancer; it was mounted, he says, 
according to the ‘‘Montage Mesny,’’ thus indicating that one 
man called Mesny originated the setup at that time (this is 
another source for research, try finding in old books from 
either the *20s or *30s anything made by a Mr. Mesny). 

This is what, on the device, Lakhovsky says: ‘‘Plates, 
grids and filaments are connected in parallel. The circuits of 
grid and plate have each a single loop. These two loops are 
coupled variably between themselves. Plates and filaments 
are fed directly from the Alternating Current of the place by 
means of the appropriated transformer. Within these condi- 
tions, it is produced the emission of waves because it is 
branched the intake of current upon the electrified section. 

“Using, accordingly, a condenser it is possible to pro- 
duce the whole spectrum of waves between 2 and 10 meters 
of wavelength. The supply from AC produces a large number 


24 


Figure 9 

A = a Lakhovsky Triode 

B = another Lakhovsky Triode 

C = Loop associated to Grids 

D = Loop associated to Plates 

E = Connection to Filament 

F = Connection to High Voltage of 
Transformer secondary tap S, 

S, = High Voltage tap of AC Transformer 
secondary 

S, = Filament Voltage tap of AC Trans- 
former secondary 

Tr= AC step-up Tranformer with a 
tapped secondary winding 


of harmonics upon which can enter into resonance the oscil- 
lations of different cells. Therefore, the fundamental wave- 
length can be regulated according to the nature of those cells 
to treat. 

**The biological role of the Radio-Cellular Oscillator is 
to re-establish the oscillatory equilibrium in the living cell, 
under threat by any alteration, particularly by a close microbe. 
When recovering its normal strength thanks to the auxiliary 
irradiation from the Radio-Cellular Oscillator, the cell can all- 
by-itself destroy the microbe by counter-acting its deleterious 
radiation.”” 

Mr. Lakhovsky goes on indicating that he established 
the aforementioned concept as the foundation of his device by 
first inoculating several plants of Pelargonium zonatum with 
the Bacterium tumefaciens in orderto generate tumors s similar 
Ae td An] uc: 

a 22956 ants by Erwin F. Smith, ondon aná 
Philadelphia, 1920). He was helped with inoculating the 
plants by Mr. A. Gosset, Mr. A. Gutmann and Mr. J. Magrou, 
the latter being the one who had more articles published on the 
nt or piant oculto (see the Revue de Pathol. Vegetale 

f à le and within that the Annales de 
L'Institut Pasteur, by this author). 

He then applied his Radio-Cellular Oscillator, using 
waves of about 2 meters, which he equated with a vibration of 
150,000,000 cycles per common-second. He broadcasted the 
oscillator’s output upon the infected plants and got them all 
back to health after a given time. He had already explained 
how his oscillator worked to his fellow Frenchmen inan article 
ee an he a a E es at 


on June 2nd, 1924). 

After detailing how the experiment in plant-healing 
progressed and how the plants were healed, he goes on to 
explain that -- in his conception — cancer is provoked by an 
““aging”” of the cells that makes them both reproduce at a 
slower rate and to evacuate a higher amount of wastes. This, 
in combination with radiations coming from space at different 
times, produces an oscillatory disequilibrium in the cells 
resulting in cancer of different types. Mr. Lakhovsky rejects, 
on the ground of histological examinations he performed, both 
the ‘‘microbial’’ theory of cancer and its hereditary transmis- 
sion. 

If you have followed all of the writing up to this point, 
carefully noting the concepts involved in Lakhovsky’s proce- 
dures, you will remember that: 

(1) His Radio-Cellular Oscillator created an auxiliary 
electromagnetic field capable of restoring balance to the 
diseased cell(s) and body. 

(2) This was done 
by means of very short 
waves (during the period 
he experimented) of 
about 2 meters and 
150,000,000 cycles per 
second. 

(3) To achieve the 
necessary shortness of 
wave he introduced dif- 
ferent elements within an 
evacuated glass-vessel, 
thus creating a different 
type of vacuum tube. 

(4) He purposely 
indicated that external 
elements created long 
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waves that did NOT comply with what he needed for therapy. 

(5) He included, within his special tubes, a variable 
condenser that could be tuned to the desired capacity by 
moving the tube in space so that the internal variable capacity 
could generate the coupling needed in therapy. 

If all of this has been, so far, an essential group of 
conditions necessary to produce the short waves of about 2 
meters, then why -- as seen in Figure 9 -- does he place two 
electrified loops OUTSIDE the vacuum tubes of his special 
design???? 

In compliance with this *“loops outside”” line, he goes on 
quoting the works by one of many foreign scientists who, he 
claims, have followed his line of research: 

Lakhovsky says: ‘‘It is convenient to quote the works 
made by Professor Esau at Jena’s Technisch-Physicalishes 
Institut (Germany). If they are directed by ways somewhat 
different to mine, his works show the similitude of using an 
oscillator of very short waves similar to my Radio-Cellular 
Oscillator. Professor Esau’s emitters and receivers do not 
differ essentially from the apparatus I champion. I have 
already indicated that the arrangements of constituents are 
indifferent, because they produce the very short waves needed. 

**The setups by Professor Esau — described in the 
Institute’s technical magazines by Dr. Ernest Busse (see Die 
Erzeugung Ultakurzer Wellen — Research on Ultrashort 
Waves -- in Radio Welt, No. 49, page 77, Vienna, 1928), 
secretary to the Institute of Jena, are characteristic because 
they employ a single triode working with DC. 

**The emitter’s filament — as seen in Figure 10 — is fed 
by a filter preventing the return of high-frequency currents. 
Windings are made with simple fractions of turns, as in the 
Radio-Cellular Oscillator, which does not involve but a half- 
turn per oscillating circuit. 

**An experimental receiver (see Figure 11) is supplied 
with a circuit possessing a single square-loop, upon which can 
be made variable taps. Another apparatus is possessed of a 
single circular-loop upon which a radial cursor allows to take 
just the necessary fraction of circuit. 

**Works by Professor Esau in the realm of Biology are 
very recent, because at the August 1928 Radioelectric Con- 


press of Bremen (see Le | 
d'application — ae EATERS ESET ICE EE 
tion — by Oscar Gadamer in Der Deutsche Rundfunk -- 
German Radio -- of August 31st, 1928, volume VI, page 240, 
Berlin) this author states that after about a year he investigated 
the physiological effects ofultrashort-waves that is, according 
to his definition, waves of very high frequencies between 14 
and 3 meters in length, of which I have indicated how I employ 
them in a 1924 communication to the Society of Biology 
(Note: It is on the inoculation and healing of the Pelargonium 
zonatum, as explained on page four of this writing). Prof. Esau 
then indicated that, since July 1928, he built a receiver of very 
short waves. 

** About this subject, Professor Esau remarked that the 
main difficulties come from electronic tubes, for he was 
forced to use foreign tubes, particularly French ones, that are 
better fitted to the technology of very short waves. I must 
remind (the readership) that four years before him I studied 
and had built these special lamps for short waves, to be used 
in my Radio-Cellular Oscillator. 

“*I will also point out that an emitter of very short waves 
has recently been employed by Dr. Franz Seidel of Vienna for 
dra vena, partiçplariy to sterilize milk (see Les 

ltrs Or acteries — Ultra-short Waves 
ps Bacteria — in Radio Welt -- - Radio World, January 
27th, 1929, No. 4, page 108, Vienna).”” 

We have two definitely contradictory positions in the 
same chapter dealing with the same type of device: 

(lst) In the paragraph translated under Figure 3 of this 
paper, Lakhovksy emphasized that the elements to produce 
ultrashort waves (under 2 meters) must be inside the tube. 
Figures 3 to 8 are dedicated to showing specific constituents 
for this special type of tube. Though he only speaks on Triodes, 
there is no reason to suppose he did not experiment with 
Tetrode and Pentode tubes (plus others of his own design not 
usually covered in publicly available technical literature). 

(2nd) The formerly-indicated conditions change radi- 
cally when he speaks of his experimental device employed to 
eliminate tumors affecting inoculated plants, this being the 
device of Figure 9 of this paper. Notice how the emitting 
elements in this apparatus are outside the vacuum tube; 
furthermore Mr. Lakhovsky claims that other, similar, devices 
developed by Professor Esau at Jena’s Technisch- 
Physicalysches Institut are based in his ‘‘internal’’ design 
when the opposite is quite true! 

(3rd) In order to make a better synopsis, I went back to 
read my copy of The Secret of Life, a translation into Spanish 
by M. Aquilar (Madrid, 1929). Therein are explained the 
basics of the Multi-Wave Oscillator but the Radio-Cellular 
Oscillator is NOT shown. It is reproduced in the 1924 
communication to the Society of Biology. Neither source 
mentioned here reproduced the special vacuum tubes, with 
internal constituents, as explained in La Science etle Bonheur, 
the subject of this synopsis. 


(4th) In Mark Clement’s The Waves that Heal, the 
Multi-Wave Oscillator is explained as: *“The apparatus con- 
sists of a transmitter and a receiving resonator, both arranged 
so as to set up an electromagnetic field in their immediate 
vicinity.” The Multi-Wave Oscillator seems, in my opinion, 
derived from the **experimental receiver”? of Figure 11 plus 
those of Heinrich Hertz (as I have indicated in my Some Free 
Energy Devices, a BSRF publication, quoting directly from 
The Secret of Life and introducing complementary informa- 
tion from other sources), rather than from the multiple-tubes 
shown in Figures 3 through 8 of this paper. 

(5th) Considering everything explained from (1st) to 
(4th), itis my opinion Mr. Lakhovsky produced several types 
ofapparati, along different lines of research, while pretending 
in his books that only a single-line of investigation was being 
pursued. 

What are the reasons for doing this? There are many: 

(*) Trying to disorient his fellow scientists by covering 
up his actual intentions and actions, so that the actual secret of 
the apparati rested with him. 

(*) Trying to foil any attempt by the ‘organised medical 
profession’’ to steal his ‘‘secret’’ -- whatever this could 
actually be. 

(*) Having discovered something that he wanted to keep 
for himself in the course of his researches. This is, in my 
opinion, the most likely possibility, for Mr. Lakhovsky”s 
researches were well-received in Europe, South America and 
Asia before WWII began. Even more, he was outspokenly 
backed by men of science and Academies of great reputation 
and his enemies were very few (outside of the USA, of 
course....). 

I do not mean to slander him and his researches, I just 
want to indicate the necessity for greater and deeper research 
into what he did from all possible sources of information. 


VERY IMPORTANT NOTE 

In order to facilitate the understanding of the illustra- 
tions, I have taken a few liberties to aid the non-French 
speaking associates: 

(1) All the “lateral letterings’’ from Figure 3 to Figure 9 are 
of my doing, they did not exist in the original text. 

(2) I changed into English, keeping the true meaning in 
translation, the writing in Figure 2. 

(3) Imade some additional lettering in some illustrations for 
greater understanding: L1 to LA in Figure 1; I added the 
“*C”” in Figure 5, the same **C”” was added in Figure 6; 
Finally, I added the *“H”” in Figure 8 for greater clarity. 

(4) In French the letters ‘‘HT’’ are the abbreviation of 
‘Haute Tension”? that means in English ‘‘High Volt- 
age”; in Spanish we also use the word **Tension”” in 
electricity meaning ‘*Voltage,’’ as the French do. The 
letters ‘‘BT’’ stand for “‘Basse Tension’’ which I trans- 
late not as *“Low Tension’’ but as ‘‘Filament Voltage” 
for this is the actual meaning. 


26 


Patented June 12, 1943 


Georges Lakhovsky 1,962,565 


UNITED STATES PATENT OFFICE 

1,962,565 

APPARATUS WITH CIRCUITS OSCILLATING UNDER MULTIPLE WAVE LENGTHS 
Application November. 13, 1931, Serial No. 574,907 

In France, May 2, 1931 

7 Claims. (Cl. 250-23) 


27 


The present invention has for its object an appa- 
ratus capable of sending out simultaneously differ- 
ent wave lengths so that among these waves or their 
harmonics there is found almost always one or 
several capable of producing the best effect sought 
for any application whatever. 

There is used for that purpose the property of 
open circuits having well determined wave length if 
they are excited by electric impulses emanating from 
discharges of any source. 

The radiating part of the system, producing 
waves of various lengths, is therefore constituted by 
a certain number of concentric open rings of differ- 
ent diameters, which are maintained insulated by 
any appropriate means. These rings may or may not 
be terminated by small spheres forming capacities. 

These rings may be arranged either in the same 
plane or in different planes so as to form any 
surfaces, such as portions of cones, spheres, parabo- 
loids, ellipsoids, etc..., these surfaces being of a 
nature to concentrate the waves in a determined 
direction in the manner of a reflector, for example. 

These rings may be fed by any producing device 
whatever of high frequency, for example, a combi- 
nation comprising a trembler coil (or any other 
transformer) and a high frequency circuit provided 
with a self-induction coil and a capacity. 

One of several points of this high frequency 
circuit is or are connected to the end of one or several 
of the rings forming the radiating apparatus. The 
other rings not connected are excited by induction. 

The complete apparatus (coil, high frequency 
circuits, rings, etc....), may be mounted in a box or 
upon a small board capable of sliding along a guide 
or rocking so as to be able to be placed in the most 
convenient position. 

In the accompanying drawing, by way of ex- 


ample, not limitative, there is shown: 

Fig. 1 a diagram of the system. 

Fig. 2 the position of the rings in the form of a 
cone. 

Fig. 3 the apparatus mounted upon a footor base. 

In Fig. 1 there is seen at T the transformer or coil 
(P the primary, S the secondary of this coil), V the 
screw of the trembler, C the condenser the discharge 
of which across the spark gap E produces oscillations 
in the self-induction coil L1, which in its turn acts by 
induction upon the self-induction coil L1; this self- 
induction coil L2 is connected on one side to the first 
exterior ring a, on the other side to the following ring 
b. It thus forms an electrostatic field of high fre- 
quency which induces oscillations in the other rings 
c, d, e, f. 

Asamodification, L2 may be suppressedand the 
rings a and b may be connected each to one of the 
ends of L1. 

One of the ends, or even any point of the self- 
induction coils L1 or L2 may likewise be connected 
to any one of the rings. 

Fig. 2 shows the arrangement of the rings in the 
form of a cone. The open circuits a, b, c....f can be 
constituted by solid conductors. They can also be 
tubular circuits, this being advantageous, since, for 
the same bulk, the radiating surface is larger. Fi- 
nally, the area of the cross section of each of these 
various circuits can vary from one circuit to the other 
for instance, this area can decrease from the periph- 
ery (ring a) to the center (ring f) of the radiating 
system. 

Fig. 3 shows the apparatus mounted upon a foot 
A along which it can slide, in order to be placed at any 
desired height and upon a hinge B which allows it to 
be oriented upon the horizon. 

I claim:-- 

l. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 
comprising a high frequency producing device, a 
series of high frequency radiating circuits consti- 
tuted by concentric insulated split rings of different 
diameters, the split ends being spaced from each 
other and terminating with small spheres. 

2. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 


comprising a high frequency producing device, a 
series of high frequency radiating circuits consti- 
tuted by concentric insulated split rings of different 
diameters and terminated by small spheres forming 
capacities. 

3. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 
comprising a high frequency producing device, a 
series of high frequency radiating circuits consti- 
tuted by concentric insulated split rings of different 
diameters and arranged in one and the same plane the 
split ends being spaced from each other and termi- 
nating with small spheres, in staggered position as 
regards adjacent rings. 

4. An apparatus of the type described compris- 
ing a base, a plate slidably mounted on said base, a 
support pivoted to the said plate, a series of open and 
insulated, high frequency radiating circuits mounted 
on the pivoted support, and a high frequency produc- 
ing device for the excitation of the said circuits. 

5. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 
comprising a high frequency producing device, a 
series of high frequency radiating circuits, said 
circuits being open, insulated, and having dimen- 
sions different from each other. 

6. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 
comprising a high frequency producing device, a 
series of high frequency radiating circuits arranged 
in the same plane, said circuits being open, insulated, 
and having dimensions different from each other. 

7. An apparatus of the type described compris- 
ing a transformer, a high frequency energizing cir- 
cuit fed by the said transformer and provided with a 
self-induction coil and a capacity, a series of open 
and insulated high-frequency radiating circuits hav- 
ing dimensions different from each other, and induc- 
tive connection between two of these radiating cir- 
cuits and respectively each of the poles of the 
outgoing element of the high frequency energizing 
circuit. 
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and abbreviations. 
Appendix C Powers of Ten and Engineering 


Prefixes—This appendix lists prefixes commonly 
used In electronics, along with their 
corresponding values. 

Appendix D Standard Resistor Values—This 
appendix provides standard resistance values 
for the carbon film resistor, the most 


commonly used type of resistor. 


Appendix E Supplemental Resources—This 

appendix provides references to helpful 
websites, books, and magazines. 

Appendix F Equation Reference— This 

appendix serves as a quick guide to 
commonly used equations, along with chapter 
and problem references showing you where 


they are first introduced in this book. 

Appendix G Schematic Symbols Used in This 
Book—This appendix provides a listing of 
schematic symbols used in the problems 
found throughout the book. 


Conventions Used in This 
Book 

As you study electronics, you will find that 
there is some variation in terminology and the 
way that circuits are drawn. Following are 
three conventions followed in this book that 


you should be aware of: 
The discussions use y” to stand for 
voltage, versus “E,” which you see used in 
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This invention relates generally to electric de- 
vices excited by electric impulses and more par- 
ticularly to multiple wave length conducting 
and/or producing means. This invention has for 
its primary object the provision of such means 
disposed within a vacuum tube or a tube contain- 
ing rare gas or gases. 

My work over a period of more than 20 years 
has led me to the belief that there is great need 
for means conducting and/or producing multiple 
wave lengths which may be employed in many 
industrial and mecical fields. Suitable appara- 
tus for producing waves of various lengths is dis- 
closed in my U. 5. Leiters Patent No. 1,962,565, 
dated June 12, 1934. Embodiments of this appa- 
ratus have been in use the world over. Because 
of the need for simplification in such apparatus 
so that it may be hancy and easily used by per- 
sons lacking skill in electrical matters, I have 
concludea that by providing one unit which in- 
corporates oscillation generating means and an- 
other in which the wave lengths are produced, 
the apparatus may be more universally used in 
the treatment of cellular life in therapy, in the 
aging or treating of liquids and in other incus- 
trial Helds, 

The present invention deals with those units, 
preferably combined with one another and con- 
structed as a portable device and as stated above, 
has for its major object the provision cf a uni- 
tary multiple wave length producing and/or con- 
ducting device in the form of a vacuum tube. 

The present invention further contemplates 
the incorporation in such a tube, of meens for 
varying the effect of wave lengths, or selectively 
employing the means therefor enclosed in or 
forming part of said tube. 

This invention further seeks to provide a tube 
of the indi-*ted type incorporeting means for 
generating oscillations. 

Another oblect of the invention is to provide a 
single unit wrich contains an oscillation genera- 
tor, which produces waves of definite frequency, 
aad further indvctance means each permitting 
emanation of wave lengths of various values. 

The structural features of my invention also 
form a material part of this disclosure, tae ob- 
'Jects and advantages being attained in structures 
such as shown in the occmpanying drawing, 
which exemplifies the invention. The following 
specification, based on seld drawing, more clearly 
points out the purposes and advantag :s of my In- 
ventior. 


In the drawing: 
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vational view of a tube incorporating features of 
my invention. 

Pig. 2 is a similar view of an alternate form 
thereof. 

Fig. 3 illustrates in a similar manner a modi- 
fled form of my invention. | 

Fig. 4 is a fragmentary sectional view of a mod- 
ification made in accordance with the invention. 

Fig. 5 is a similar view of another modification. 

Figs. 6 and 7 are sectional views illustrating 
types of wires used in either of the forms of my 
invention as shown in Figs. 1, 2 and 3. 

Fig. 8 is a partial sectional, partial elevational 
view illustrating a tube incorpcrating a plurality 
of grids ard selective capacity means for varying 
the effects of said grids. 

Fig. 9 is a similar view of a tube, such as shown 
in Figs. 1 or 2 and incorporating oscillating or 
vibrating means. 

In that form of my invention shown in Fig. 1, 
there is provided a sealed preferably transparent 
envelope 10 made of glass or like material affixed 
in the usual manner to a screw or Edison plug Il. 
The latter is conventionally provided with a shell 
terminal {2 and a central terminal 13. The sup- 
port or seal {4 of the tube serves to hold wires 
such as 18 and 16 which connect to the terminals 
12 and 13. 

Connected to the wires 16 and 16 is a primary 
inductance member in the form of a loose coil IT 
which may be disposed axially of the envelope l0, 
as shown. The upper end of said member !7 
forms a tight wound coil (8 which serves to radi- 
ate the strongest induced wave lengths. 

Surrounding the primary inductance member 
17, there are arranged a plurality of separate 
coills of wire each being of different length and 
capacity. Thus, I provide a coll 19 having great- 
est capacity and successive coils 20, 21, 22, 23, 24, 
and 26, each having less capacity than the pre- 
ceding coll These coils 1% to 725 form secondary 
inductance means each permitting emanation of 
a wave length of different magnitude and value 
than the other, 

I may support the secondary coils in several 
ways. As shown, I prefer to provide a dielectric 
member such as a glass sleeve 26 surrounding the 
primary inductance wire member (17 and to 
mount the secondary colls 19 to 25 on the outer 
surface of said sleeve, leaving tne coil 18 exposed 
at the top thereof. In order to effectively sup- 
port and centralize the glass sleeve 28, I provide 
spacing washers 271 and 28 of mica or the ilke, 
top and bottom, and provide a supporting cross- 


Fig. 1 is a vertical, partial sectional, partial ele- 68 piece 29 on the lower portion of the wire 17. 
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The tube above described may be employed as 
indicated for the treatment of cellular structures 
by connecting 1t to any one of the rings in the 
electrostatic field of high frequency, such as 
shown in said U. &. Letters Patent No. 1,962,565, 
each of the coils 18 to 25 producing by induc- 
tion a different wave length, as can be under- 
stood. 

In the form of my invention shown in Fig. 2, 
the envelope (fa is somewhat differently shaped, 
and the wire ITa straight instead of arranged as 
an open coil. In other respects, the structure 
follows that described with reference to Fig. 1. 

As shown in Fig. 3, there may be arranged a 
plurality of open rings 30, 31, 32, 33, 34, 35, 36, 37, 
38, 39, and 40 in frustro-conical form, for in- 
stance, with the largest of said rings at the top 
and the smallest one adjacent the bottom. I 
have shown said rings as supported, for instance, 
by glass posts 4! and 42, said posts being sup- 
ported on the seal 1£b, as by a band 43, I pro- 
vide extensions for the terminu! wires 13a and 
iĝa and connect said extensions 44 and 48 to 
the upper ring 30 and the next lower ring 31, re- 
spectively. 

The rings 30 and 3! may become the primary 
inductance menibers, whereas the remaining rings 
constitute the secondary inductance members as 
before set forth. Electric current conducted to 
the suitably spaced rings 30, 3! will cause a spark 
48 to be drawn between the rings 30 and 31 pro- 
viding oscillations emanating from electrical dis. 
charges therebetween and causing the radiation 
of waves of various lengths within the envelope 
10d nd affecting the remaining rings. 

In Figs. 1 and 2, I have shown the secondary 
coils as formed of wires having uniform cross- 
section. Fig, 4 illustrates how such wires may 
be made progressively smaller in the succceding 
coils 9c, 20c, and 2ic, etc. Similarly, I have 
shown the rings of Fig. 3 made progressively 
smaller in Fig. 5, said rings being designated by 
numerals 30d, 31d, 32d, 33d, 34d and 35d, etc. In 
such various manners, the wave length producing 
effect of the secondary coils or rings may be ar- 
rived at. 

The secondary coils or rings may be round or 
somewhat flattened wire as shown in Fig. 6 or 
tubular as in Fig. 7, offering a yet greater flez- 
ibility of design. 

The devices of Figs. 1 and 2 above described 
may be incorporated in the system shown in said 
U. S. Letters Patent by connecting one of the 
rings a, b, c, d, e, or f with plug {i of Fig. 1, 
since either termin<1 15, .6 is in contact with 
primary inductance memt .* 171, To this end a 
conductor «not shown) connects such a ring with 
sald plug or socket, 

In Fig, 8, I have shown a modification of the 
invention which comprises a vacuum tube 50 cor- 
taining a plate 5I and a plurality of different 
wave lengths producing grids 52, 53 and $4. I 
connect each grid with a variable capacity de- 
vice, such as 55, 55, and 51 carricd by said tube 
50 and preferably by its base support 63, whereby 
ti grids may be selectively connected into an 
operating circuit (not shown) by means of the 
respective prongs $8, 59, and 60, and the plate 
prong 61. Heating or other exciting means may 
be incorporated in the tube ín a well-known man- 
ner. This combination tube 50 is designed to 
replece a plurality of known tubes each operat- 
ing with different and variable wave length ef- 
fect, mcre exterior manipulation at said base 
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56, and 517 and cutting in one or more of the 
grids 52, 53, and 54. 

The effect of the spark as produced in the 
form of the invention depicted in Fig. 3 may be 
further utilized in Fig. 9 in which I also incor- 
porate a vibrator 62 which produces electrical 
oscillations by a spark intermittently generated 
between the end of the primary inductance mem- 
ber ild and vibrator armature 64. In other re- 
spects the structure follows that of Fig. 1. 

It may be noted that any type of spark pro- 
ducing or oscillation generating means may be 
substituted for the vibrator shown. The tubes 
shown in Figs. 3 and 9 may be used in the manner 
described for Fig. 1 by connecting one terminal 
of the base as set forth to produce an induction 
effect. These tubes may be also connected across 
both terminals with a suitable potential to obtain 
the spark effect. 

From the foregoing it may be seen that I have 
provided tubes in various forms for the purpose 
of generating and ccnductin; multipie wave 
lengths. Other forms of the invention may be 
produced within the spirit and scope of the in- 
vention as claimed. 

Having thus described my invention, what I 
claim as new and desire to be secured by Let- 
ters Patent, is: 

1. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, primary inductance means, and a plu- 
rality of separate secondary inductance means 
of different length for radiating waves of various 
lengths extending above said primary inductance 
means, all said inductance means being arranged 
within said envelope. 

2. A device of the char-cter described compris- 
ing a vacuum tube hcving an envelope and base, 
a primary inductance member axially arranged 
in said envelope, and a plurality of secondary 
inductance members spaced apart and independ- 
ent from each other each member surroundiag 
a respective portion of said primary inductance 
member and within the field of influence thereof. 

3. A device o? the character described com- 
prising a vacuum tube having an envelope and 
base, a primary inductance member axially ar- 
ranged in said envelope, and a plurality of sec- 
ondary inductance members each surrounding 
the primary inductance member and within the 
field of influence thereof, each of said secondary 
inductance members having a different wave 
length effect than the others. 

4. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, a primary inductance member comprising 
a pair of split rings in inductive relation, and 
a plurality of secondary inductance members 
each comprising split rings. 

5. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, a primary inductance member comprising 
a pair of split rings in inductive relation, and a 
piurality of secondary inductance members each 
comprising split rings, said latter rings being ar- 
ranged in different planes and being of different 
length to produce a different wave length effect. 

6. In a device of the character described, 
means for producing multiple wave lengths com- 
prising a wire member, enclosing dielectric 
means for said member, and a plurality of sepa- 
rate wire coils of different lengths on said di- 
electric means and in the field of inductance of 
said wire member, 


7. In a device of the character described, 
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means for producing multiple wave lengths com- 
prising a wire member, enclosing dielectric 
means for said member, and a plurality of wire 
coils on said dielectric means and in the field 
of inductance of said wire member, each coil 
extending over said wire member and having 
a different number of convolutions than the 
others, 


8. In a device of the character described, 
means for producing multiple wave lengths 
comprising two split rings in inductive relation, 
and a plurality of split rings in inductive rela- 
tion to the two split rings. 

9. In a device of the character described, 
means for producing multiple wave lengths 
comprising two split rings in inductivc relation, 
and a plurality of split rings in inductive rela- 
tion to the two split rings, the plurality of rings 
being of smaller diameter than the mentioned 


the 
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10. In a device of the character described, 
means for producing multiple wave lengths 
comprising two split rings in inductive relation, 
and a plurality of split rings in inductive rela- 
tion to the two split rings, the plurality of rings 
eka of smaller diameter than the mentioned 
two rings and eacn progressively emaller than 
the others, all of the rings being arranged in 
frusto-conical disposition, 

11. In a vacuum tube having a primary in- 
ductance member and seconda:y inductance 
members, a vibrator arranged in the field of in- 
fluence of sald primary inductance member and 
secondary inductance members, a vibrator ar- 


15 ranged in the field of influence of said primary 


two rings and each progressively smaller than o 
others. 


inductance member for affecting the induction 
of said secondary members, 


GEORGE LAEHOVSEY. 


The two-meter oscillator used by the author in his experiments with the supply box contain- 
ing the necessary controls and transformers, 


Picture from Radio News for February 1925 
Curing Cancer with Ultra Radio Frequencies 
by George Lakhovsky 
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THE RUSSIAN LAKHOVSKY REJUVENATION MACHINE 


by Bob Beck 
from the November 1963 Journal of Borderland Research 


In September 1963, Dr. L.O. Anderson, 
Anderson Research Center Director and BSR 
Associate, phoned me about a **marvelous 
electronic machine”? purported to **cure”” 
almost any human ailment. I’ve looked into 
dozens of these *““modalities”” every year; so 
with extreme skepticism I gathered instru- 
ments and took off to check another possible 
hoax. 

I found a heavy spark-gap Tesla Coil 
inside a four-foot cabinet. This console was 
rigged to circular ““antennas”” and was par- 
tially shielded inside a home-built Faraday 
cage in the living room of Dr. Anderson’s 
friend. It hadn’t functioned in over a decade, 
and had been given up by some twenty-odd 
medical instrument repairmen and engineers 
as unfathomable. 

The machine, which had no nameplate 
or other identification, turned out to be a 
Lakhovsky **Multiple Wave Oscillator’’, or 
MWO. Fortunately the present owner had 
found patents and two books describing its 
operation. We were able to reconstruct the 
circuits and after several hours had it operat- 
ing perfectly. The machine was not a hoax. 

Lakhovsky did his research priorto world 
War II and died in 1942. No infringement 
can be involved in duplicating Lakhovsky’s 
work, since his U.S. Patent #1,962,565 ex- 
pired in 1951 and isin public domain. I have 
found from the book The Waves that Heal 
by Mark Clements that MWOs are exten- 
sively used in hospitals in France, Germany 
and Italy, and although tested in a New York 
Hospital with fantastic success, MWOs re- 
main practically unknown in the United 
States. 

MDs testing Multiple Wave Oscillators 
reported up to 98% cures of terminal cancer, 
arthritis and other *“hopeless”” conditions. 
Case histories were complete with before- 
and-after photos. Often rejuvenation was 
demonstrated, not only in human beings but 
in plants and animals as well! 

So, on Sept. 18, 1963, I designed and 
built a modern MWO based on Nikola Tesla 
and Lakhovsky’s original work and patents. 
The transistorized instrument fits into a brief 
case and weighs under 14 lbs. Experiments 
with the MWO on some eighteen volunteers 
have demonstrated almost unbelievable re- 
sults. At this writing, Oct 20th, every single 
subject, including myself, reports fantastic 
gains. 

My mother, age 72, who has suffered 
from hypertension and glaucoma for many 
years, measured absolutely normal blood 
pressure the morning after her first treat- 


ment. And the eye tension, tested by her MD 
the week following, had dropped to a lower 
point than in the previous two years. Another 
woman with a long-standing back condition 
says she was permanently relieved in one 15 
minute exposure. An asthmatic with chronic 
bronchial complications claims he is now 
symptom-free after two exposures and her 
husband with a bad dermatological condition 
of seven years history appears to be very 
definitely improved. Perhaps the most dra- 
matic is Mr. N.V.C. who had broken his leg 
skiing last December. Because of an old 
polio complication the broken leg had never 
healed and flesh surrounding the fracture 
was in a very poor, waxy condition. After 
one exposure he phoned to say he had re- 
gained feeling in the area. The next day we 
made an ‘‘after’’ photo slide of nearly nor- 
mal tissue. 

A friend suffering allergies oflong stand- 
ing says she can now eat anything and her 
MD admits he as startled by her youthful 
appearance and new vitality. The Lakhovsky 
literature illustrated many such rejuvena- 
tions as an unexpected side effect of cancer 
cases. Subject’s wrinkles disappeared along 
with the tumors! 


THEORY OF OPERATION 

Lakhovsky pointed out that all cells ca- 
pable of reproduction contain in their nuclei 
““filaments”” of highly conductive material 
surrounded by insulating media. This fila- 
ment, which may be the RNA-DNA com- 
plex, is always in the form of a spiral or helix 
— in other words, a coil. Therefore, each will 
react as a tuned circuit if its resonant fre- 
quency can be approximated by an external 
oscillating coil. 

Lakhovsky didn't carry this to it's con- 
clusion; however, I postulate that by exciting 
the nuclei with electromagnetic energy a 
**charge’’ can be induced by the long estab- 
lished principle of electromagnetic induc- 
tion. This demonstratively raises the energy 
level and perhaps the vitality of every cell in 
the field simultaneously. Since each cell is 
an individual, and of slightly different physi- 
cal dimensions, the exciting wavelengths 
must be multiple, and must span a broad 
frequency spectrum. Diathermy machines, 
limited to crystal-controlled single frequen- 
cies in the 27.255 MC region, can do nothing 
but heat the tissue; and yet this approach, 
abandoned by Lakhovsky in the 1930s, can 
still be found in “‘modern’’ doctor’s offices! 

The Electromotive Force (EMF) pro- 
duced by the MWO and induced in the cell 
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nucleus, can raise the cell’s metabolic rate by 
Electrolysis, and perhaps jog the RNA-DNA 
*“memory’’ and reproductive capabilities to 
their level at an earlier, younger age, thus the 
rejuvenation. Even more subtle changes 
might be postulated, such as magnetic **pro- 
gression”” effects as evidenced by heavy 
water in magnetic fields. 

By contrast, any chemical taken into 
one’s system by mouth or by injection — such 
as Vitamins, food or medicine -- must first be 
absorbed in proper solution and ratio with 
unknown tract elements, then be transported 
by the blood to affected tissue only to be 
possibly rejected by the target areas. 

Perhaps in cancer the EMF induced by 
the MWO raises the vitality and memory of 
marginal cells to normal reproduction levels. 
In the case of other disease, perhaps a cell’s 
given higher energy levels can more readily 
throw off affliction. 


A WAVE FOR EVERY BODY CELL 

The Multiple Wave Oscillator described 
here radiates a bandwidth of radio frequency 
(RF) energy from the audio frequencies up 
beyond microwave frequencies. By actual 
measurement with standard field strength 
meters, this vast bandwidth of frequencies 
and harmonics can be shown. In fact, a bluish 
glow of *“brush discharge’’ surrounds the 
antenna when operating. A fluorescent lamp 
held anywhere within several feet of the 
subject glows brilliantly. Within this mul- 
tiple-wave range of frequencies, every cell in 
the body can find its ONE resonant frequency 
and absorb energy at its own natural wave- 
length. 

Obviously the Electrostatic energy can- 
not penetrate the body. This is known as the 
**skin effect’’. However, the Electromag- 
netic component of the energy can and does 
permeate and will induce an EMF in each 
cell. It is precisely this energy to which 
Lakhovsky attributes his almost miraculous 
pa ‘cures’ zA 

A word of warning, although no delete- 
rious side effects have ever been reported for 
human reactions, the MWO has input power 
exceeding 35 watts. It radiates RF interfer- 
ence over a bandpass of 15 Kilocycles to well 
beyond 250 Megacycles. The Federal Com- 
munications Commission has stiff penalties 
for unlicensed transmitters and radio and TV 
interference -- not to mention making all 
your neighbors very unhappy. We operate 
our machine in a shielded room, and the 
battery input prevents RF interference from 
feeding back into the power line. 

The deluxe MWO diagrammed here can 
be built by any intelligent 16-year old with 
readily available electronic parts. I do not 
plan to build, manufacture, sell or otherwise 
exploit this device, as my interest is purely in 
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research. Several Associates given this cir- 
cuit have successfully constructed MWOs. 
We would certainly like to hear from any 
BSR Associates who undertake this project, 
but please do not communicate until after 
building the unit. I cannot correspond over 
details which any intelligent person would be 
able to thresh out with his or her own techni- 
cal friends. 

At one stage we had planned construct- 
ing a much higher-powered unit but the re- 
sults with the **portable”” are so gratifying 
that Model Two was shelved. Extensive tests 
are scheduled with plants and animals, and 
every effort is being made to remove any 
element of ‘‘suggestion’’ from results. A 
physician friend is cooperating with the 
project by sending a few 
*““problem”” patients for test. 
It is much too soon, however, 
to make a finished statement 
concerning the MWO’s po- 
tential. No cures can be 
claimed evenif obviously dem- 
onstrated, since our laws are 
controlled by medical unions 


be available at Pep Boys stores in California, 
or can possibly still be purchased from J.C. 
Whitney & Co., 1917 Archer Ave., Chicago, 
IL 60616. The spark gap was made from 
salvaged tungsten relay contact points about 
1/4 in. in diameter. (Chevrolet Six timer 
points, 1950, do very well). The relay spring 
arm can be tuned by a Nylon 6-32 screw 
adjusting its natural spring tension. The gap 
must be carefully tuned for maximum output 
for every individual, since the subject’s ab- 
sorption seems dependent on his body fluids 
and weight. Adjust for maximum sparking at 
random times and intervals between several 
of the inner antenna rings. 

The automatic timer, zero to 15 minutes, 
the meter, the internal battery charger, the 
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RFC circuits, etc. are all simply conveniences 
and may be left out of the circuit without in 
any way subtracting from results. By not 
building in these deluxe features, the entire 
MWO will cost much less to build. Use 
plastic instead of metal screws around the 
high voltage coils. High voltage capacitors 
can be tracked down at surplus stores or well 
stocked electronics parts sources. The Tesla 
Coil must be hand wound as it is not available 
commercially. 

We have determined experimentally that 
a workable pair of antennas, radiator and 
resonator, can consist of 16 concentric rings, 
ranging from an outside diameter of 10-3/4 
inches down to 1/2 inch. These were con- 
structed by cementing a one-foot square of 
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Rechargable NiCad 
6 volt Battery, 6 amp hrs 


forbidding the use of the word 
except by MDs. But I have 
satisfied myself with nearly 
twenty miracles in these few 
weeks of tests that the MWO 
might well be the most prom- 
ising device to come to light in 
many years. 

[have one request, that no 
one building this device ever 
be tempted to charge a fee, 
donation, orreimbursement of 
any kind whatsoever for its 
use. I feel most strongly that 
any device potentially helpful 
to suffering humanity should 
be available completely free 
ofchargeto anyone needing it. 


CONSTRUCTION TIPS 

My MWO is built on an 
11 x 11% inch plastic panel. 
Components extend 3% in. 
below this, so the unit fits 
nicely into a small attachecase. 
The 6 volt battery was a 
Sonotone lifetime Nickel Cad- 
mium unit; however, five war- 
surplus NiCads (1.2 v each) 
wired in series would be less 
expensive. 

My first unit used a tran- 
sistorized driver for the Tesla 
Coil but the Ford coil works 
equally well, is far cheaper, 
but has the disadvantage of 
making a buzzing noise. The 
Ford Model T coils may still 


Battery ema 


charger 


Al 
S.P.S.To 


68k kw 


Paha Date 


Direct 
E" 
Timer 


NUDO AO ord T Coil 
Secondary 


Spark | 
cap S 1/16 
adj 


+00 5mf -005mf 


6 KV 
rimary i 24" OD, 23 turns #16 bare 


wire, spaced out 3 in. 


GE $89 Lamp 
12 v 1 amp (P) 
for charging 

ballast 


UOC) 


"High" 


Tesla Coil Secondary 
14 OD, 4%" of $34 Formvar 
insulated wíre, tight woun 


neanonen 


Antenna 


Subject sits between Antenna and Resonator. 
These are made of concentric Aluminum foil 
rings ranging from 11 or 12" OD down to +", 
with gaps at alternate 180 degrees, see 
cover illustration. Hang these vertically 
with coils facing subject. 


Resonator 
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Reynolds kitchen aluminum foil to an 11- 
inch square of thin fiberglass. The outline of 
each set of circles was carefully scribed with 
a sharpened compass, razor or Scripto blade. 
By scoring or cutting the aluminum foil was 
cut through to the plastic backing and the 
waste area strips pulled away before the 
cement hardened. Excess cement was re- 
moved with a solvent. The gaps were then 
cut with the razor. Note that gaps are alter- 
nated in position each 180°, as per drawing 
on original cover page. This was drawn from 
an actual antenna and you can set your com- 
pass distances for each ring from it. Keep 
gaps between inner rings narrow to encour- 
age random arcing between rings. Trim the 
comers from the gaps of the three or four 
outside rings to discourage fixed arcing at 
these places. Also be sure to clean away any 
bits of foil between rings. These also will 
cause fixed arcing. 

In use, the ring second from the outside 
is connected to the high side of the Tesla 
secondary. (Refer to ‘‘antenna terminal”” on 
original cover page illustration) This is the 
radiator coil. The arcing from this ring to the 
outside ring causes the **shock excitation’’ 
of the fourteen other antenna elements. Since 
each radiator is of different diameter, the 
array spans a broad, multiple-wave segment 
of the Radio Frequency (RF) spectrum. The 
other antenna element, called the Resonator, 
is connected with a five-foot, high-voltage 
meter wire to the ground side of the Tesla coil 
secondary. 


PUTTING THE MWO TO USE 

The antenna and resonator are suspended 
from non-conductive supports about three 
feet apart, such as wooden chairs with no 
nails or screws. The subject of the experi- 
ment, preferably with all metal removed 
from their person, including belt buckles, 
zippers, hooks, fasteners, coins, hairpins, 
earrings, rings, etc, is seated on a wooden or 
plastic rest between the antenna and resona- 
tor (hung vertically, the foil rings toward the 
subject. Unless the Resonator is powered by 
a separate Tesla Coil it will not arc. Metal on 
the subject will produce eddy currents in the 
field of radio frequencies, reducing their 
effectiveness.) Experiments should last from 
nine to over 15 minutes. A four-day interval 
between experiments is recommended. Four 
such experiments over 16 days should suf- 
fice to demonstrate anything. 

Warning, two-inch sparks can be drawn 
from antenna; so keep subject at least three 
inches away. If touched a mild and harmless 
sting can be felt. HF effects can be demon- 
strated in a darkened room by holding a 
fluorescent lamp anywhere near the subject. 
The RF energy will cause the lamp to light 
although no wires are touching it. Field 


strength measurements read several watts of 
power from the audio frequency spectrum to 
beyond 250 megacycles. 

The illustration to the right is from 
Clement’s Waves That Heal, Lakhovsky’s 
illustration of a living cell. ‘‘In the centre is 
a twisted filament which, possessing self- 
inductance and capacity, constitutes an os- 
cillating circuit. The similarity to a short- 
wave circuit is manifest; the filament shown 
here oscillates like a coil having a very small 
number of spirals.’ He quotes Lakhovsky: 
**Every living being emits radiations’’, and 
adds: *“the living cell can thus play the part of 
a transmitter or receiver of exceedingly short 
radio-electric waves which give rise to high 
frequency currents in the circuits of the cel- 
lular nucleus.” 


THE FOLLOWING PHOTOS were kindly furnished by Borderland Sciences 
Research Associates from their own experimental work with the MWO during the 
years of 1964 and 1965. 


THE PRINTED-CIRCUIT ANTENNA foil is glued to an | | -inch square of |/16thinch 
thick fiberglass. Spray one surface of the fiberglass with Hobby Shop spray glue and 
stretch smooth-surfaced kitchen aluminum foil across it. Press the foil on firmly from 
the center out, smoothing out repeatedly with a soft cloth. Any remaining air bubbles 
can be released through a small pin hole. The circles are more easily cut if you make 
a jig with a 16-inch square of plywood with a headless nail for a center post. Using 
the antenna pictured on the front cover as a pattern, mark and notch an old ruler 
or stick where each circular cut is to be made. This marked guide ruler is mounted 
over the antenna on the plywood jig as shown at right. The foil-covered surface is 
then turned clockwise with the left hand against the Scripto blade held firmly in the 
successive notches by the right hand. Be careful to cut through the foil. If you don't, 
in lifting the cutouts afterward, you may also lift or tear the rings. If a metal grommet 
is placed in the terminal hole in the second ring this will prevent the high-frequency 
arc from burning the foil and fiberglass during operation. Copper foil can be used 
for the printed-circuit antenna rings but deposits build up on it from arcing, wherever 
it occurs. There is no deposit buildup on aluminum foil. 
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THE RADIANT ENERGY of the MWO is 
obvious in this three-minute time exposure 
during operation in a darkened room. Note 
the brush discharge of etheric energy all along 
the edge of the outside ring, going three or 
four inches. Look at the random arcing 
between the antenna rings, down to the 
eighth ring! This antenna received full power 
by being mounted on the MWO case, directly 
at the positive end of the Tesla Coil. 


THE INTERIOR HARDWARE 
LAYOUT is shown at right in this 
photo of another MWO, neatly pack- 
aged for an attache case. A. The five Ni- 
Cad batteries, |-1/4 volts each at full 
power. B. Timer. C. Tesla Coil. D. 
| ISVAC transformer (for house current 
operation if desired). E. Spark-gap using 
modified Chevy Six points. F. Model T 
Ford Coil. G. Battery Charger. 
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AT LEFT IS A TYPICAL EXPERI- 
MENTAL SETUP, with a chair for 
"guinea pig" between antenna and reso- 
nator. Beck's original equipment called 
for an 18-inch lead wire from the positive 
end of the Tesla coil to the antenna. It 
was found that there was too much loss 
of power along this wire. The later 
development shown above has the MWO 
set upright, with the antenna mounted 
directly against the positive end of the 
Tesla Coil in the case. 


RECTIFYING THE FORD COIL OUTPUT using a IB3GT or |G3GT high-voltage tube. 

To Spark Gap and Condenser Wind 15 or more turns of fairly heavy insulated copper wire 
around the middle of the Model T Ford Coil. One lead from the 
RECTIFYING THE FORD COIL OUTPUT winding goes to the Hi-voltage output of the Coil, and to pin 2 or 7 
of the 1B3 tube. The other lead goes to the other pin, as only two 
pins of the tube, 2 and 7, are used in this hookup. The souped-up or 
rectified voltage is drawn off the top of the tube to the spark gap and 


condenser. 


MODIFIED VERSION OF THE BECK TESLA COIL | 6 volt 

115 volt house current into the black leads of the | = Lio op ms 
6 volt transformer, one green lead to the T Coil | net 
negative terminal, the other to an SCR 45 amp Diode 
to make direct current to the Plus terminal of the T 
Coil. A 12-volt current to the T Coil heats it up and will 
not increase the spark. Radio Shack's 6.3 volt, 3 amp 
transformer does very well for a power supply. 

Wrap 16 turns of insulated hookup wire around 
the middle of the T Coil and feed to pins 2 and 7 of the 
1B3 rectifier tube. Feed the plus output of the T Coil 
into pin 2 or 7 of the 1B3 also. 

Hi-voltage from the top of 1B3 goes to Spark plug. 
Widen gap of plug to 1/8 inch or more for maximum 
output of Secondary coil to Antenna. 

One 10,000 WVDC (Working Volts Direct Cur- 
rent) commercial-type Capacitor, on the plus side, will 
do very well in this circuit. Capacity can be from .0015 + 
to .005 microfarads. 

Beck's tunable Tesla Primary called for 20 or more 
turns of bare wire for his movable contact but experi- | 
ence shows that 16 turns of insulated #19 wire for a | e 
Primary and adjust one turn more or less for maximum T .0033 mfd 
spark at Plus end Secondary coil. This is 4-1/4 inches of 
#34 insulated wire, or 4-3/4 inches of #32 insulated 
wire, for 420 turns more or less on l- 1/4 inch coil form | 
6 in. long. The Primary is wound on a 2 or 2/4 in. coil + h O ; e 
Sem Thara should ba beaa Maian hera QU A resia cos: 
Primary and Secondary to prevent power-loss arcing ¥ W (sec SSAA 
between Coils. (prim) 

kaiaia the goal is a thin blue, or blue-white 

at the plus end of the 

Scenic. When fed into the center hole of the 
Antenna it should light up like a Christmas tree, with 
arcing between every ring. Feeding the coil output into 
the center hole gives more power to the shorter wave 
lengths. We get plenty of the longer wave-lengths from 
other electrical apparatus and from power lines. 

This coil would be a good high-frequency power 
supply for Kirlian Photography. 
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THE TRANSISTORIZED MWO 
By Gerald W. Steele 


Here is tentative information on the solid-state MWO. I say tentative since 
this is the 3rd version I've built. The first used an automobile spark coil for T2 
but I found this undesirable since it lacked higher frequency harmonics. Even worse, 
the lower frequency ones could be harmful to living systems. 

Version 2 was with a small black and white TV flyback transformer running at a 
slow (100 pulses per sec.) pulse rate. I eventually sped it up but could never get 
the required 1” spark from the Tesla coil. 

This version uses a color TV flyback and a higher power discharge circuit. 
Nominal lowest frequency is 1.5 Khz though it could go as low as 270 Hz. 

All diodes, SCR, and transistor can be substituted with universal replacement 
types available at electric part outlets. 

As you can see, electronically it is simple. The power metering circuitry in 
the original MWO can also be used here if desired. I've had enough trouble 
maximizing the output of this device to worry about monitoring the power. 

This device is excellent for use in Kirlian photography several ways: A modified 
circuit could be used for A, for a wide range of pulse rate settings. 

There are two possible voltage sources for Kirlian use, each with unique 
characteristics. First is the output directly from T2 with or without the Tesla coil 
circuitry connected. Second is the Tesla coil output itself. 

Other modifications include rectifying T2's output. The old MWO manual 
recommended the use of a tube rectifier out there are solid state types available. 

Be sure it is a color TV high voltage rectifier. Connect as shown: 


T2 Pi Magery ə T2 
aa Mis "aoe ¡FARC 


One question may arise in the builders mind: the need to heatsink SCR. No need. 
Not much heat generated. 

Be sure R3 (or combination of resistors forming it) get ventilation. They get 
hot. 

Always short Cl just after turning off power to work on the device. Remove 
short before reapplying power. The device is perfectly safe if you exercise care. 
R6 is a safety feature, it discharges Cl when turned off - but still short Cl when 
servicing, a standard safety procedure. 

I am making constant improvements. The alternate values given for R3, C5 may 
give greater power at a higher pulse rate. I have yet to try them since 225 watt 
resistors are hard to find and apply. Besides it seems to work quite well as it 
stands. The only complaint one might have is the cost of construction principally 
due to the flyback transformer T2. But scavenging could help here. 

Enclosing the spark gap in a plastic box could reduce its audible noise level. 
Ventilation of the spark gap gives more consistent operation. If the spark gap can be 
physically constructed above R3 the heat will produce air currents giving natural 
ventilation. 

As I said, I am making constant improvements. Its too early to finalize it, but 
perhaps other associates may be interested in constructing and improving it. The 
lack of interrupter contacts gives a high level of reliability and consistent output. 
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some other books. 


In all circuit diagrams, intersecting lines 
indicate an electrical connection. (Some 
other books use a dot at the intersection of 
lines to indicate a connection.) If a semicircle 
appears at the intersection of two lines, it 
indicates that there is no connection. See 
Figure 9.5 for an example of this. 

The discussions In this book use 
conventional current flow to determine the 


flow of electric current (from positive voltage 
to negative voltage), whereas some other 
books use electron flow (from negative 
voltage to positive voltage). 


How to Use This Book 


This book assumes that you have some 
knowledge of basic electronics such as Ohm's 
law and current flow. If you have read a 
textbook or taken a course on electronics, or 
if you have worked with — electronics, you 
probably have the prerequisite knowledge. If 
not, you should read a book such as 
Electronics for Dummies (Indianapolis: Wiley, 
2009) to get the necessary background for 
this book. You can also go to the author's 
Website ( www.BuildingGadgets.com ) and use 
the Tutorial links to find useful online lessons 
in electronics. In addition, Chapters l and 5 
enable you to test your knowledge and 


review the necessary basics of electronics. 


Its too early in use for me to comment on its effects except that I think it is 
quite positive. 


CIRCUIT DESCRIPTION: 

The circuit consists of: low voltage oscillator, high voltage capacitive 
discharge generator, and Tesla coil. 

The low voltage oscillator consists of Q1 a unijunction transistor operating as 
a relaxation oscillator. Frequency is variable from 2/0 Hz to 26 Khz with most power 
generated at 1500 Hz. VRI controls this frequency. The DC Power for this circuit 
comes from a voltage doubler on the power transformer low voltage windings. The low 
voltage DC value was chosen to be as low as possible with consistent firing of the 
SCR. 

The high DC voltage is rectified and filtered in Cl. Rl is surge protection. 
The high DC voltage charges C5 through R3 until Q1 fires SCRI whereby C5 is 
discharged through the primary of flyback transformer T2. D5 protects the SCR from 
high reverse voltage transients. 

The secondary of T2 feeds the adjustable shunt spark gap and then through the 
Tesla coil resonating capacitors. Two capacitors are used here due to voltage 
requirements though one 15Kv capacitor could be used. From this point on it is all 
standard MWO fare. 

Transformer T2 is expensive although any used color TV flyback could be tried. 
In all experimentation or adjustment the goal is maximum spark output at the Tesla 
coil secondary. 
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Note: Optional ground for Tesla coil secondary, if it reduces output do not use. 

R3 made from four 25K 10w resistors in parallel. VR1 linear taper. Cl may or may 
not be polarized. C6, C7 could be single .0025/15KV capacitor. SCR1, Ql and all 
diodes can be standard replacement equivelants. 

MFR Type: Tl - TRIAD. T2 - Stancor HO 6246, Thordarson fly. 

Alternate values: R3 - 1K ohm, 225 watts; C5 - 1 microfarad, 600v. 


THE LAKHOVSKY MULTI-WAVE POWER SUPPLY 
by KLARK KENT 


Many of us have read the Borderland Sciences Research Foundation (BSRF) 
publication "The Lakhovsky MWO" in which electrical wizard Bob Beck 


astounds us with tales of wonder. He tells how he was informed of the 
location of an old Lakhovsky Multi-Wave Oscillator that had been declared 


"unfathomable". He was able to reconstruct the circuits and after several 
hours the machine worked perfectly! 


Mr. Beck and fellow experimenter Ed Skilling designed and built a modern 
version of the MWO based upon Nikola Tesla's and Lakhovsky's original works 


and patents. Georges Lakhovsky, a herald of the New Age, was no doubt a 
skilled experimenter and investigator of the Life Energy. This is evident 
by his practical application of Nikola Tesla's famous coil. 


Super Science has updated both Lakhovksy's original and Bob Beck's 


adaptation of the Multi-Wave Oscillator. Looking at the schematic diagram 
in Bob Beck's article, we will eliminate everything but the 12 volt 
battery (or 12 volt power supply), switch, Model T Ford Coil, high voltage 
capacitors, and the Tesla Coil. A large high voltage diode is added to 
rectify the output of the Model T Ford coil which leaves us with a stripped 
down but thoroughly functional MWO power supply. 


12 volt lantern battery------------------- nias aiiai aii 11] 


+ 
Switch -----------------------06- rena A 
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Spark gap ------------------------------------- 
Capacitors; .005mfd @10,000 volts 


Tesla Coj] occoecnnnwnnncncnnnncncnncnnncnncs 


Resonator antenna CONNECTION -—-oo=o=oososmaconccocinncmo o 


Before proceeding further, let's remember that the MWO is an experimental 
device and not for any healing or medical purposes! All experimenters 
should be in at least reasonably good health when building or experimenting 
with this high voltage, high frequency Tesla Coil Multi-Wave Oscillator 


power supply. 
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LET'S BUILD! 


To begin our MWO Tesla Coil power supply project, we can round up the 
needed parts and components. Basic parts list: 


-12 volt power supply; this can be a 12 volt lantern battery available from 
Radio Shack or any plug in power supply rated from approx 2 to 7 amperes. 


-Model T Ford Coil; these old time induction coils are still available from 
J.C. Whitney Co, 1917 Archer Ave, PO Box 8410, Chicago, IL 60680. The MWO 


power supply will work adequately with the Model T Ford coil but a 
transistorized driver for a modern "hot rod" auto ignition coil will 


produce a Tesla Coil power supply with far more power! 


-Switch; the on/off switch can be of any type. There is a switch already 


present on the plug in 12 volt power supply. I prefer to add a second 
switch of the key type, which prevents unauthorized use of the unit anda 


piece of vinyl tubing can be fitted over the metal key to create an 
insulated switch (this is important when turning the unit off). 


-Diode, ECG-513 at 45 KV. The diode rectifies the output from the Model 
T Ford coil or the auto ignition coil by taking out the stray ac signals. 


This diode is a high voltage device rated at 45 Kilovolts (45 KV) peak 
inverse voltage. 


-Spark Gap; an ordinary spark plug works adequately in this application. 

Try wrapping the spark plug in a large piece of vinyl tubing to insulate 
the spark gap. For a better spark gap, use a set of tungsten points. 
Chevy 6 cylinder 1965 model year works well to fabricate an adjustable gap. 


-Capacitors; .005 mfd and rated at least at 10 KV (20 KV is better). 
We buy our capacitors or make them ourselves. I prefer to buy them. Check 


with your local electronic supply house to special order these high voltage 


capacitors; they will not be cheap... An alternative is to scrounge the 
local surplus stores to fabricate high voltage capacitors from several 


capacitors of a lower rating. It is easy to round up some 2500 wvdc 
capacitors with a 5000 volt test rating and .005 mfd capacitance. Wire the 


capacitors together in a series/parallel arrangement to arrive at the 


desired value. Series connections add the voltage rating and lessen the 
capacitance by division of the total number of capacitors in the series. 


Thus four capacitors rated at 5000 volts wired together in series yield one 
20,000 volt capacitor. If the capacitance was originally .005 mfd each, 


now it will be .00125 mfd for the series. Thus we need to connect four of 


the series capacitors together in a parallel arrangement to create one 20 
KV capacitor at .005 mfd. Parallel connections have no effect on the 


voltage rating but parallel connections add the capacitance of each 
individual capacitor. 


CAUTION! Capacitors store electrical energy and can shock even when unit 
is turned off. Be sure to discharge the capacitors before touching then... 
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TESLA COIL 


We make the Tesla Coil ourselves using the basic parameters worked out by 
Bob Beck in his original MWO adaptation from Georges Lakhovsky. The Super 
Science Tesla Coil is a close coupled, liquid filled coil that produces a 
3" spark discharge when driven by a Darlington transistor and "hot rod” 
auto ignition coil setup. 

For making the Tesla Coil, I like to use pvc pipe for the secondary coil 
form and acrylic tube for the primary coil form. The acrylic is 
transparent which permits visual inspection of the interior of the coil to 
observe any corona leakage or malfunction. 


For the secondary winding: cut a 1 1/4" outside diameter piece of pvc pipe 
seven inches long. For the primary winding: cut a 2 1/2" outside diameter 
piece of clear acrylic tubing (1/4" wall thickness) seven inches long. 
Wind the secondary coil form with #32 gauge bare enameled copper wire so 
that the turns are tightly packed to create a winding approx six inches 
long with a 1/2" gap at either end. Wind the primary coil form with #14 
gauge stranded and insulated copper wire. Wind exactly 18 turns and 
tightly pack them together. The vinyl insulation on the #14 gauge stranded 
wire will provide the correct spacing between turns. 


Place the secondary winding inside the primary winding and use Super glue 
to hold the windings in place. For the terminals of the windings, use 
ordinary banana jacks to create a modular coil with a standard banana plug 
connector system. There will be tremendous electrical stress between the 
primary and secondary windings. We could reduce this dialetric stress by 
using a pancake style primary winding, but the pancake style primary takes 


up a lot of room. To solve the dialetric breakdown between the two 
windings, we insulate the space with liquid mineral oil. The liquid 
mineral oil is self healing should a dialetric breakdown occur. Solid 


forms of insulation such as paraffin wax are useless once a short circuit 
path has been created between the two windings. 


To use the mineral oil insulation system, finish the coil first. Then 
drill a small hole in one end and squirt the oil in using a squeeze bottle. 
Then seal the hole using a piece of acrylic and Super glue. A word about 
Super Glue! This stuff is quite remarkable and is sold in hobby shops that 
specialize in flying, gas powered, model airplanes. Use accelerator to fast 
dry the glue. The brand name of the Super glue is "Gap Filler" and the 
accelerator is "Insta Set" both made by Bob Smith Industries. 


HS 
VOLTAGE 


SPARK GAP 


Even though an ordinary spark plug will work for a spark gap, we can do 
much better with an adjustable spark gap made from a set of tungsten auto 
ignition points. Chevy six cylinder, vintage 1960's are fine. To fabricate 
the adjustable spark gap, cut the base plate of the point assembly into two 
parts; make the cut near the spot where the two tungsten contacts normally 
meet. You should now have two base sections, with a contact point on each 
section. The reason we cut the base plate is to prevent the high voltage 
from jumping from the connections to the base and bypassing the breaker 
points. File down any sharp points where the base was cut. Mount the two 
tungsten points in such a way that the contact points barely touch each 
other and the base sections are as far apart as possible. Mount the spark 
gap assembly on a small piece of acrylic sheet. Wood is not suitable to 
mount the spark gap because the high voltage current will pass right 
through the wood base, possibly setting it on fire! Use a large nylon bolt 
to mechanically adjust the points. Mount the nylon bolt (Toilet seat bolts 
work well) in the side of the briefcase so that it butts against the spring 
loaded contact arm; this acts as a spark gap adjuster. 


The advantage with an adjustable spark gap is that we can tune the gap 
while the MWO is in operation. The closer the two tungsten points are to 
each other, the faster the frequency of the spark jumping the gap. The 
further apart, the slower the frequency of the spark jumping the gap. 
Typically the Violet Ray Bulb Assembly calls for a fast frequency spark 
gap setting; while the High Power Radiator Antenna or Golden Ratio Antenna 
call for a wider gap spark setting to produce more power. 


One side of the spark gap points will be at "ground" potential; while the 
other side will be at "high voltage" potential. Leave a metal discharge 
point exposed on the high voltage side of the spark gap assembly. We do 
this so that the entire MWO power supply may be discharged with a test wire 
running from the Ground Bus to the high voltage point. This provides a 
quick way to discharge the capacitors before troubleshooting the unit. 

Also, cover the spark gap 
assembly with a visual 
block made from 
translucent acrylic. This 
visual screen will block 
the ultraviolet light 
emitted by the spark 
jumping the gap. Leave 
the sides of the spark 
gap assembly open to allow 
circulation of air around 
the points; this will 
"quench" the spark gap and 
prevent the jumping spark 
from turning into a 
constant arc. Also, mount 
the cooling fan air intake 
near or directly above 
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555 TIMER AND TRANSISTORIZED DRIVER 


Even though the Model T Ford coil works adequately to power the MWO Tesla 
Coil power supply, we can really do better with a modern "hot rod" auto 
ignition coil. Mallory makes an aftermarket coil for drag racing that puts 
out approx 45 KV. The "MSD Blaster" is another aftermarket auto ignition 
coil that really gets the job done. Even an ordinary UC-15 replacement 
coil with its 30 KV rating will outperform the Model T Ford coil. 


However there is one consideration to using an auto ignition coil as the 
primary high voltage source. Since we are working with 12 volts direct 
current, we need to interrupt or chop the 12 volts going into the auto coil 
to enable it to function as a transformer. The Model T Ford coil had a 
built in interrupter for this purpose. We will make a much better 
interrupter from a 555 timer chip and a high power Darlington transistor. 
The 555 timer chip will chop or interrupt the 12 volts going into the auto 
ignition coil from 130 times per second to 1300 times per second while the 
Darlington transistor handles the power. With the Model T Ford coil we 
were stuck with the fixed frequency of the interrupter (approx 200 Hz). 
With the 555 timer system, we can tune the frequency of the primary high 
voltage from 130 Hz to 1300 Hz. This really makes a difference when we try 
to get maximum performance from our Tesla Coil when it is driving the MWO 
Golden Ratio Radiator Antenna or driving the Violet Ray Bulb Assembly for 
direct stimulation. 


Below is the schematic for the 555 Timer/Transistor Assembly. It is shown 
hooked up to the auto ignition coil. You can hardwire this circuit using 
a Radio Shack #276-162 project board. I use a large heatsink to mount the 
Darlington transistor (RCA 8766) and to mount the 50K ohm tuning 
potentiometer. When the MWO power supply is housed in a briefcase, the 
shaft of the 50K ohm potentiometer can extend through a hole in the side 
of the case. Go ahead & slip a short piece of vinyl tubing over the 
potentiometer shaft both to extend the shaft and to insulate it from high 
voltage. 
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GROUND BUS 

An external Ground Bus is important because it lets us reference the high 
voltage to the zero potential of the Earth itself. Without a true Earth 
ground, the negative side of the circuit can pick up a substantial voltage 
by induction from the high voltage potentials in the circuit. This 
condition is known as a "floating ground” and could result in the 
experimenter getting shocked. The shock itself is harmless, but the 
surprise that an accidental shock causes may lead the experimenter to jump 


back and bump his head! The Ground Bus may be connected by a long wire to 
a cold water pipe or to a steel fence post or to a piece of rebar driven 


into the ground. The Ground Bus is a handy reference point when 
Gischarging the circuit before troubleshooting. 
SAFETY 


Try to follow the "one hand rule" when actively adjusting the live high 
voltage circuit. This means keep one hand in your pocket or one hand behind 
your back. If an accidental shock should occur, then the electrical current 
does not travel across the heart when the experimenter follows the "one 
hand rule". Another safety procedure is to use a 12 volt lantern battery 
to power the circuit while it is still under construction. Once all the 
problems have been solved, then a more powerful 12 volt supply can be used. 
TESTING THE CIRCUIT 

Let the circuit run in darkness and try to observe any corona leaking from 
exposed high voltage points. There are two good and easy ways to stop high 
voltage leaks. One method is ordinary vinyl tubing: wrap wires carrying 
high voltage in vinyl tubing to absolutely stop them from leaking power 
robbing corona. Auto parts store sell expensive spark plug wire which will 
withstand the high voltages we are dealing with. If you use spark plug 
wire, be sure that it is metal wire, not "radio suppressor" wire (it's 
carbon fiber and impossible to solder or connect to). 

Another good method of insulating high voltage is 100% silicone clear 
caulk! With your caulking gun, apply some 100% silicone clear caulking to 
exposed wires, exposed high voltage points and other places where you can 
observe leaking high voltage corona. 
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LAKHOVS K Y 
MUOUCTI -WAVE 
ISCILLATOR. 


HOW IT WORKS: 

[he MWO sets up a high 
voltage oscillating 
electromagnetic field between 
the two antennas. 
Experimental subject sits or 
stands in this field and 
every cell in the body is 
exposed to the resonant 
effect of the multiple waves. 
Just as one guitar string 
Will sound when exposed to 
its resonant tone; so will 
each cell vibrate to its 
own natural frequency! 


Modular construction works 
well for the Tesla Coil in 
the Super Science MWO power 
supply. This high voltage 
Tesla Coil can produce a 3" 
spark discharge from the 
smooth HV Discharge Terminal! 
The unit is a versatile 
experimenter's kit that can 
be used for Kirlian 
photography, or to create a 
plasma of Argon gas in the 
Violet Ray Bulb Assembly. 


SUPER SCIENCE 
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In this time lapse 
photo, we can see the 
dramatic effect of 
the high voltage 
excitation of each 
ring of the MWO 
antenna! Each ring 


radiates at its 
characteristic 
wavelength and 


frequency to cover 
a range from approx 
200 Hz to 14 Giga Hz! 


ANTENNA HOOKUP 


Experimental subject is 
placed within the 
oscillating electrostatic 
field between the two 
antennas which are approx 
4 to 6 feet apart. All 
metal such as heavy belt 
buckles is removed from 
the body. Clothes are 
optional. Sessions should 
last approx 20 minutes; 
skip at least one day 
between sessions to allow 
the body a chance to 
detoxify. 

With the Golden Ratio 
Radiator Antenna, the use 
of the second Resonator 
is not required due to 
the unique "Scalar" 
properties of this 
design. 


\ RADIATOR. 
ANTENNA 
\ U/RE FROM 
CENTER 
HOLE TO 
GROUND 
BUS 


MWO WITH HIGH POWER RADIATOR ANTENNA ANO RESONATOR ANTENNA 


From the December 1963 Journal of Borderland Research 


Excerpts from: 


THE WAVES THAT HEAL 


The New Science of Kadiobiology 
by Mark Clement 


edited with commentary 


Bob Beck has loaned us a copy of the late 
Mark Clement's brief, illustrated review of 
Georges Lakhovsky’s Multiple Wave Oscil- 
lator showing pictures of antennas, before- 
and-afier skin cancers apparently cured by 
the Oscillator, and of cancerous plants re- 
turned to normal health by two means: 1. 
Radio-Cellular Oscillator, and 2. Single Wire 
Oscillating Circuits. 

“*On the day Hitler’s mechanized hordes 
drove into Prague a book was published in 
London entitled The Secret of Life by 
Georges Lakhovsky, a Russian-born engi- 
neer resident of Paris. The book had previ- 
ously appeared in French, German, Italian 
and Spanish translations and Lakhovsky’s 
theories were well known on the Continent 
long before the English Translation was pub- 
lished. 

“The evil designs of the Nazis soon 
gave rise to depressing repercussions in all 
spheres of human activity and Lakhovsky’s 
remarkable work was left virtually unnoticed 
in this country (England) by the medical 
profession and the public alike. A few dis- 
cerning critics, however, expressed their views 
with appreciative understanding. The Hos- 
pital said ‘Lakhovsky’s theories are so inter- 
esting from the point of view of future devel- 
opments that it will repay any keen hospital 
officer to give them his close attention.’ 
Science Forum said “The admirable transla- 
tion of Lakhovsky’s The Secret of Life will 
be heartily welcomed in progressive circles. 
The general theory is one which physicists, 
biologists and medical men cannot afford to 
ignore.” But these were voices in the wilder- 
ness and the field for experimental investiga- 
tion was left open to a few amateurs devoid 
of scientific training and lacking the neces- 
sary resources. 

“The impartial investigation of claims 
of cure of various diseases by un-orthodox 
methods demands high qualities ofmind and 
character possessed by very few men indeed. 
Scientific truth is no respecter of persons or 
of vested interests, and Lakhovsky’s spec- 
tacular results in the treatment of plants and 
animals and human beings were inevitably 
bound to antagonize orthodox practitioners 
and exponents of popular medical cults. 

“On the Continent Lakhovsky’s work 
attracted a great deal of attention in scientific 


by Riley Hansard Crabb 


circles, particularly in Germany and Italy. 
Italian investigators were among the first to 
study Lakhovsky’s theories and put them to 
the test in laboratories and clinics. It was, of 
course, to be expected that the new science of 
Radiobiology should make a special appeal 
to the intellectual heirs of Galvani, Volta and 
Marconi. It is somewhat depressing to ob- 
serve that in England, the country of Faraday 
and Clerk Maxwell, Lakhovsky’s theories 
have not yet received the attention they de- 
Serve, 


REGENERATING OSCILLATING CIR- 
CUITS 

**Lakhovsky has been criticized by physi- 
cists ignorant of biology and by biologists 
ignorant of physics! These self-appointed 
censors of knowledge soon found they were 
confronted with aredoubtable opponent who 
fully realized the value of experimental evi- 
dence. Its publication resulted in causing 
annoyance to the custodians of infallible 
doctrines who made up with carping ver- 
biage what they lacked in clarity of vision. 
But Lakhovsky’s achievements with his os- 
cillating circuits supported by astonishing 
photographs of regenerated tissues in plants 
and human beings could not be exploded by 
mere verbal fireworks, and as evidence accu- 
mulated the skepticism of hostile critics re- 
lapsed into morose silence. 

**The indisputable fact remains that La- 
khovsky was the first experimenter to make 
use of high frequency electro-magnetic waves 
in the domain of biology. Thus out of the 
application of radio-electricity to biology his 
work developed and gradually established 
the foundations of the new science of Radio- 
biology. The first international Congress of 
Radiobiology was held in Venice in 1934. A 
leading authority on electro-therapy, the late 
Dr. E.P. Cumberbatch, wrote: ‘Although it 
had been frequently observed that the short 
Hertzian waves could produce heat at a dis- 
tance from the transmitter the first scientific 
investigation from a biological point of view 
was made by Lakhovsky and his colleagues 
who published a paper in 1924 on the effects 
of very short waves on cancer in plants...’ 

“When France was occupied by Ger- 
man troops, Lakhovsky, being a prominent 
anti-Nazi, decided to leave Paris and made 
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his way to New York where he died in 1942 
at the age of 73. 

**In the United States Lakhovsky’s theo- 
ries were put to the practical test with typical 
American speed. Noticing that patients 
treated with Lakhovsky’s Multiple Wave 
Oscillator showed signs of rejuvenating ap- 
pearance, the possibility of exploiting this 
side-effect proved irresistible to an enter- 
prising ‘beautician’. A film was made fea- 
turing cases after treatment with Lakhovsky’s 
MWO, which proved to be both interesting 
and convincing. 

“*In New York Lakhovsky was ap- 
proached by several hospitals with a view to 
testing his apparatus experimentally. The 
remarkable results obtained . . . in a large 
New York City hospital, and also by a promi- 
nent Brooklyn urologist are fully set out in 
the text. 

“*In this country (England), owing mainly 
tothe inauspicious time at which Lakhovsky’s 
major work was published, very little interest 
has been shown on the part of those best 
qualified to judge its merits. The medical 
profession, whose conservatism is the most 
formidable barrier to progress, has been no- 
toriously slack in investigating the new ra- 
dio-electrical methods of treating disease as 
originated by Lakhovsky....”” 

Mark Clement’s observation on the for- 
midable conservatism of the medical profes- 
sion in 1949 is still true today. Effective 
electronic diagnosis and treatment of disease 
is still a closed door here in America as far as 
the AMA is concerned. Those brave MDs 
who have tried to keep medical practice 
abreast of developments in electronic sci- 
ence have been discouraged, if not actually 
driven out of practice. Dr Abrams is a good 
example, with his Oscilloclast, developed 
and proven effective in San Francisco about 
the time Lakhovsky was developing the MWO 
in Paris in the 1920s. Radical innovations in 
any line of endeavor are usually thought up 
and proven by rank outsiders. Georges La- 
khovsky was no doctor, but an electrical 
engineer! 

Doctors, with their own pharmacies and 
with massive investments in the drug indus- 
try, are not likely to show much interest in 
radical new ways for treating human ail- 
ments, especially ifthe new way is a threat to 
profitable practice; and, as long as Ameri- 
cans think they can buy health in a pill or a 
shot in the fanny, doctors will continue to 
treat them with poisonous drugs at top prices. 
This is good business. 


BORDERLAND RESEARCH 

But for those of us who would like to 
keep our bodies as uncontaminated — and as 
healthy -- as possible, Lakhovsky’s theories 
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offer a way out of the clutches of the medical 
trust. There is little likelihood that the AMA 
will support research in this area of elec- 
tronic science for years to come. There is 
every probability that there will be murder- 
ous Opposition to any attempt to exploit the 
MWO on a national scale. This means that 
you will have to build and test your own 
equipment, or make friends with some elec- 
tronic technician — engineer, TV or radio 
repairman -- and prevail upon him or her to 
build it for you. This is the active kind of 
borderland research which requires that you 
get up out of your easy chair and get to work! 
If you live in an isolated spot, take a mail 
order course in basic radio construction. If 
you live near a high school that has an adult 
education program, sign up for the evening 
class in radio theory and bench work. I did at 
Barstow in 1958, so can you. If you want to 
be acitizen of the New Age you should make 
some effort to keep upto date, even ifthe sick 
industry doesn’t! 

What are Lakhovsky’s general theories? 
Mark Clement sums them up neatly in Chap- 
ter One of The Waves That Heal: 

‘‘The fundamental principle of 
Lakhovsky’s scientific system may be 
summed up in the axiom ‘Every living being 
emits radiation’. Guided by this principle 
Lakhovsky was able to explain such diverse 
phenomena as instinct in animals, migration 
in birds, health, disease, and, in general, all 
the manifestations of organic life. 

**According to Lakhovsky the nucleus 
of a living cell may be compared to an 
electrical oscillating circuit. This nucleus 
consists of tubular filaments and chromo- 
somes made up of insulating material and 
filled with a conducting fluid containing all 
the mineral salts found in sea water. These 
filaments constitute minute oscillating cir- 
cuits endowed with capacity and inductance 
and capable of oscillating according to a 
specific frequency. They are comparable to 
the circuits, coils and windings of radio re- 
ceivers.”” 

I believe Clement’s comparison of a 
body cell with a radio receiver is only half- 
true. The cell can also be compared with a 
radio transmitter when it is releasing energy. 
We are both radio-receptive and radio-ac- 
tive! Lakhovsky”s theory should be accept- 
able to any occult scientist. The push-pull 
idea, the positive and the negative, the Law 
of Opposites, is basic to all forms and to all 
life at this level of existence. By inductance 
Clement means that radio-electricity can be 
induced or put into every cell of your body. 
By capacity he means that each body cell can 
hold a charge of radio-electricity, just as the 
battery of your car can carry a charge of 
electricity. In the case of your body, the 
charge is put in through invisible but very 


real radio waves. These can travel unim- 
peded through any solid object! 

*“The living cell can thus play the part of 
a transmitter orreceiver ofexceedingly short 
radio-electric waves which give rise to high 
frequency currents in the circuits of the cel- 
lular nucleus. Now the vibration of an oscil- 
lating circuit is maintained by radiated en- 
ergy. But where does it come from. 


COSMIC RAYS 

**Scientists have established the exist- 
ence of highly penetrating waves to which, 
by reason of their universality, they have 
given the name of cosmic rays. These rays, 
generated by the interference of astral radia- 
tions, are capable of traversing dense metals 
and soils to a great depth. Lakhovsky has 
demonstrated the cellular oscillation of liv- 
ing organisms is maintained by cosmic ra- 
diation. According to him disease may be 
said to result from oscillatory dis-equilib- 
rium due to either a deficiency or an excess 
of cellular radiation. An important factor in 
this connection is the nature of the soil. A 
reinforcement of cosmic rays takes place on 
soils which are good conductors of electric- 
ity such as clay, ferruginous and carbonifer- 
ous soils. 


RESONATE IN HARMONY WITH THE 
UNIVERSE 

**To avoid the harmful effects of loss of 
oscillatory equilibrium it is necessary to en- 
sure the regularization of the cosmic field 
round the living organism by filtration. 
Lakhoysky’s own explanation of the prob- 
lem of filtration is as follows: “The terrestrial 
atmosphere is known to be impregnated by a 
vast range of electro-magnetic oscillations 
of all wave lengths and intensities as a result 
of unceasing electrical discharges (thunder, 
etc.). Besides that we know that electric 
motors and other electrical machines create 
in the atmosphere a field of auxiliary waves. 
Moreover, during the past 25 years the earth 
has been flooded with radio-telegraphic, ra- 
dio-telephonic and other waves. Under such 
conditions it is easy to understand why any 
oscillating circuit of any form or dimensions 
is likely to find in this vast field of waves its 
own resonance with which it can vibrate 
harmoniously. It is therefore obvious that to 
make any oscillating circuit oscillate there is 
no need to have recourse to a local generator 
such as the Radio Cellular Oscillator used by 
Lakhovsky in 1924 when he first treated and 
cured geraniums inoculated with cancer. The 
oscillating circuit utilized by Lakhovsky in 
his second series of experiments — a circuit 
having no artificial source of excitation — 
proved equally effective in curing geraniums 
rendered cancerous by inoculation.”” 

Yes, in 1924 Lakhovsky ‘graduated’ 
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from electronics toradionics! He discovered 
and proved to his own satisfaction that in 
some ways a simple, one-turn coil of wire or 
fibre was as effective as the electric powered 
Multiple Wave Oscillator. The simple Oscil- 
lating Circuit, as Lakhovsky called it, has 
two advantages over the MWO. It doesn’t 
have to be plugged in to a battery or 110 volt 
home power supply, and it broadcasts no 
interference with radio and TV sets. It acts as 
a step down transformer for life-positive 
cosmic radiation. 

Clement says that ‘it must be particu- 
larly stressed that only Circuits made in strict 
accordance with Lakhovsky’s directions 
should be used, otherwise the results will 
prove to be entirely negative.’’ Unfortu- 
nately we do not have Lakhovsky’s direc- 
tions, and Clement certainly doesn’t give 
them. You are still free to investigate this 
type of research and many have. If you want 
to experiment in this area then get yourself 
some copper wire (solid or stranded, re- 
search should be done on both) in various 
lengths, (8 inches is one wave length which 
has worked well on tomato plants) and make 
them into a circle with the ends overlapping, 
but with the metal ends insulated or sepa- 
rated from each other. Lengths can be deter- 
mined through radiesthetic means (that is, by 
dowsing) or perhaps in geometric relation- 
ship with the structure of the plant. Consid- 
ering the radionic and radiesthetic viewpoint 
geometric shapes would also have an influ- 
ence and can be experimented with. Always 
use control samples in your experiments to 
see what works and what doesn't, 

To get back to Clement’s text: **Through 
the action of this constant field of radio- 
electric waves which emanates from the sur- 
rounding atmosphere the oscillating circuit 
is made to resonate like an instrument in tune 
with certain sounds. Thus the oscillating 
circuit creates a field which canalizes and 
filters, so to speak, the cosmic waves neces- 
sary for cellular oscillation. 


THE DANGER OF BURNING X-RAYS 

**Furthermore, this filtration is a general 
phenomenon. It has been discovered, through 
the investigations of Lakhovsky, that radia- 
tions such as those associated with light, 
ultra-violet rays, X-rays, etc., have the prop- 
erty of making cosmic rays act, as it were, to 
the advantage or disadvantage of the cells. 
Now the field created by an oscillating cir- 
cuit is constant and emits a steady and sus- 
tained force. It invariably acts in a favorable 
manner on the oscillation of the body cells, 
facilitating by the filtration of cosmic rays, 
regular cellular division, a fact which ex- 
plains the immunity imparted to the cells and 
their consequent capacity of resistance to 
diseases and microbes. 


It is highly significant that about the 
only rays and ray machines approved for 
general use by the American Medical Asso- 
ciation are the destructive ones of X-rays and 
atomic radiation for the mis-treatment of 
cancer, 

**Since Lakhovsky’s oscillating circuits 
were first used for the treatment of cancerous 
geraniums, an experiment fully described in 
communications to the French Academy of 
Science, the same method has been success- 
fully applied in Continental hospitals and 
nursing homes.”’ 

Photos of the successful treatment of 
cancerous geranium plants are included in 
Clement’s book, along with the pictures of 
the disappearing skin cancers in human be- 
ings. So Clement describes the major fea- 
tures of Lakhovsky’s work in this first chap- 
ter, the simple, one-coil Oscillating Circuit 
powered by cosmic rays, and the electric- 
powered Multiple Wave Oscillator. There 
are photos of the Multiple Wave Oscillator, 
showing clearly the unique circular anten- 
nas. These were made of metal tubing, 
separated and suspended with silk thread. 
The simpler, aluminum-foil printed circuit 
in Bob Beck’s adaptation is an easy way to 
experiment with the idea. 


THE OSCILLATING CIRCUIT 

“The diagram on this page shows where 
the oscillating circuits should be worn, i.e. 
round the neck, waist, and above the elbows 
and knees. The effect is intensified if more 
than one circuit is worn. Generally speaking, 
the neck and waist are the favoured sites and 
likely to bring about the best results. 

“In the light of Lakhovsky’s theories 
the fight between the living organism and 
microbes is fundamentally a ‘war of radia- 
tions’. If the radiations of the microbe win 
the cell ceases to oscillate and death is the 
ultimate result. If, on the other hand, radia- 
tions of the cell gain the ascendant the mi- 
crobe is killed and health is preserved. 


THE SECRET OF LIFE (AT THE FORM 
LEVEL) 

**Broadly speaking, health is equivalent 
to oscillatory equilibrium of living cells 
whereas disease is characterized by oscilla- 
tory dis-equilibrium. This general principle 
has given rise to a vast number of experi- 
ments covering the whole field of biology. 
Plants, animals and human beings have been 
successfully treated by the application of 
Lakhovsky’s oscillating circuits and the 
reader is referred to his major work The 
Secret of Life for a full discussion of this 
important subject. 

Those of you who have been studying 
the Kabala with Mrs. Crabb and me must 
have been struck immediately by the meta- 


physical soundness of Lakhovsky’s basic 
theory expressed above. One wonders if this 
Russian escapee from Communism, and from 
Naziism, wasn’t indeed a student of the 
Western Mystery Tradition, perhaps even an 
Initiate! The Tree of Life is the groundplan 
of our Tradition. On the Tree we show the 
descent and the ascent of power, oscillating 
back and forth from left to right and right to 
left across the Middle Pillar, or balance point. 

Now for the final paragraph of Chapter 
One. ‘‘During recent years observations on 
the part of several investigators have estab- 
lished the fact that most animals, including 
insects and birds, emit radiations while they 
are also sensitive to the influence of external 
electromagnetic waves. These radiations 


Single wire oscillating circuits around 
subject’s neck, arms, waist and knees. 


emitted by all living beings cover an indefi- 
niterange (infinite range?) and are character- 
ized by amultitude of different wave lengths. 
In the immense range of existing radiations 
we can only perceive the luminous octave 
(visible light) but we know that whole gam- 
uts of radiations exist beyond the narrow 
limits of the visible spectrum. The limita- 
tions of our senses prevent us from perceiv- 
ing radiations of living beings and this sen- 
sory incapacity also excludes from the field 
of direct awareness the vast gamut of electro- 
magnetic waves traversing our atmosphere. 
Yet all these radiations and waves exist and 
affect all forms of organic life in various 
ways.” 


DR. RAUL ARAUJO’S REPORT 

In Chapter Two Mark Clement gives 
**Medical Reports on Lakhovsky’s Oscillat- 
ing Circuits.” We’ll give only one, by Dr. 
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Araujo, Physician at the Prophylactic Insti- 
tute, Montevideo Uruguay. ‘‘In 1929, Dr. 
Araujo was suffering from a long-standing 
infection of the larynx which his eminent 
colleagues had failed to cure. While in Paris 
he met Lakhovsky who advised him to wear 
one of his oscillating circuits in the form of 
a collar. Although feeling rather skeptical 
about this unorthodox method of treatment 
Dr. Araujo wore the oscillating circuit for 
several months with the result that he fully 
recovered and has had no relapse since. This 
personal experience led him to treat his own 
patients with Lakhovsky’s oscillating cir- 
cuits. Having treated over 300 patients suf- 
fering from a wide variety of diseases Dr. 
Araujo succeeded in curing or greatly im- 
proving cases of rheumatism, asthma, ane- 
mia, neuralgia, gastric ulcer, colitis, glandu- 
lar disturbances, sterility, genito-urinary af- 
fections, general weakness and even cancer. 
Dr. Araujo observed that in cases in which 
Lakhovsky’s oscillating circuits appeared to 
give no definite results there was invariably 
a latent infection whichrequired special treat- 
ment such as syphilis, cholecystitus, sinusitis, 
pyelitis, dental sepsis, etc. ..A full account of 
Dr. Araujo’s Report appeared in a mono- 
graph entitled ‘Cosmic Rays and Oscillating 
Circuits’ by Dr. P. Rigaux, Paris, 1932.” 


CHAPTER THREE, THE MULTIPLE 
WAVE OSCILLATOR 

Most of this has been well explained by 
Bob Beck in his article in the November 
Journal, though we might quote again in 
Clement's own words: ‘‘ After many experi- 
ments Lakhovsky succeeded in constructing 
an apparatus generating an electrostatic field 
in which all frequencies from 3 metres to the 
infra-red region could be produced. Hence in 
this field every cell could find its own fre- 
quency in resonance... Thus atype of oscilla- 
tor was obtained giving all fundamental wave 
lengths from 10 cms. to 400 metres, corre- 
sponding to frequencies of 750,000 to 3 
milliards per second. .. 

“Since 1931 the Multiple Wave Oscil- 
lator has been used in most European coun- 
tries and in America for the treatment of 
many diseases including cancer. No contra- 
indications for the use of the apparatus nor 
any harmful effects on patients have ever 
been reported. This is in striking contrast 
with short-wave therapy in general, X-rays 
and radium whose application in the hands of 
experts has not infrequently been followed 
by the most serious consequences. . .”’ 

Then follow several pages of photos of 
before-and-after cancer cures and medical 
reports from doctors. This one is typical, 
from Dr. Nicholas Gentile, Chief Radiolo- 
gist of the Clinic for Incurables of the Apos- 
tolic Ladies of the Sacred Heart of Jesus, 


Rome, published in the medical review 
V ; : 
"Effects On The Nervous System. Gener- 
ally speaking I have observed a marked anal- 
gesic action following the application of the 
Multiple Wave Oscillator in all affections 
associated with pain, particularly in the clas- 
sical cases typical of such affections. For 
example, a patient suffering from cephalagia, 
resulting from violent cranial trauma, for a 
duration of 10 years, was subjected to a great 
variety of treatments, but all in vain. The 
patient was definitely cured after 2 months’ 
treatment with the MWO. Improvement was 
manifest after only 3 applications.” 

Dr. Gentile also reported the effects of 
the MWO on the Central Nervous System, on 
Chronic Inflammations, on Metabolism, on 
Disorders of the Cardio-Vascular System, 
and on miscellaneous cases. He says he 
adopted the **technique of localized irradia- 
tion. Generally speaking, treatment is given 
every 4 days for a duration of 5-15 minutes 
per session. This is the technique which has 
given me the best results after having experi- 
mented with many forms of application. For 
children, old people and debilitated women, 
a relatively weaker application is indicated. 
If results are not apparent after 7 or 8 appli- 
cations, I continue until 15-30 applications 
are given at the rate ofa single treatment once 
a week. I have never observed any ill-effects 
from the MW O treatment, whatever the num- 
ber of applications was in any given case. 
Moreover, the general condition of patients 
is always improved, even if only tempo- 
rarily, so much so that the patients them- 
selves sometimes insist on having further 
treatments. ..”” 

This chapter on the MWO concludes 
with four pages of reports of notable im- 
provement or cure by American doctors. 
Chapter Five is concerned with the remark- 
able results obtained by using the Multiple 
Wave Oscillator on animals. Chapter Six 
contains Lakhovsky’s prophecy that some 
time in the future diagnosis of disease would 
be obtained by television! This is something 
which Dr. Ruth Drown’s Radio-Vision and 
Homo-Vibra Ray instruments have already 
accomplished. 


THE NOVEMBER CONVENTION 
TESTING PROGRAM 

There were two Multiple Wave Oscilla- 
tors available. These were generously fur- 
nished by Bob Beck and Ed Skilling, and 
were set up in the shielded seance room. 
Only short exposures of from 2 to 5 minutes 
were given, during the lunch and dinner 
hours on Saturday and Sunday. In that time 
perhaps 100 people volunteered for tests. 
Until a follow up inquiry is made, no statis- 
tical conclusion can be made, or even begun! 


A few individual cases reported to your 
Director are worthy of note, including my 
own. By mid-morning on Saturday a spinal 
injury from my old, hockey-playing days 
was acting up. Doctors have called ita spasm 
in the sacro-iliac area, Ed Skilling invited me 
to sit in the rays from the MWO for a couple 
of minutes while the seance room was being 
readied for testing. Within a minute the 
spasm relaxed completely and the pain was 
gone. This was not a permanent change, of 
course, but the analgesic effect was certainly 
noticeable. 

Mrs. Fred Rannenberg, financial secre- 
tary of Harmony Grove and a BSR Associate, 
told me she had had a sharp pain in the area 
of her left hip for over two weeks at the time 
of the Convention. One 3-minute exposure 
to the rays of the MWO removed this com- 
pletely. When I attended the Grove Board 
meeting a week later she said the pain had 
still not returned. 

One Associate did report a negative re- 
action to the MWO. She attributed it to 
arsenic poisoning. She had a severe case of 
this earlier in the year. When the machine 
was turned on she felt a severe pain through 
her right side, as though someone had jabbed 
a knife into her. It could be that some of the 
lead poison was still in her system and the 
stirring of the cells in the mid-section pro- 
duced this reaction. It was endurable, how- 
ever, and she sat out the exposure without a 
murmur. The pain persisted that night and 
she had to put cold compresses on her side to 
get to sleep. The next morning she felt fine 
and was eager to take another exposure to the 
multiple waves. This time there was no 
negative reaction. 

The most startling subject of all was the 
woman who had been awake all Saturday 
night with a migraine headache, an old and 
recurring ailment. By Sunday morning, Nov. 
10th, she was sick and nauseated. It was 
suggested that before taking her toa doctor or 
hospital she be given a short exposure to 
MWO rays. Within minutes all pain was 
gone and she returned to her cottage to lay 
down and sleep like a baby. 


THE PSYCHEDELIC EFFECT 

Ed Skilling is the only I know who has 
stayed in the MWO field or rays for longer 
than 15 minutes. While testing and adjusting 
his equipment at his microphone factory 
several weeks ago he deliberately stayed 
between the antennas for an hour. At the end 
of that time he was beginning to feel light- 
headed and dreamy he thought it a good 
idea to get out before losing consciousness 
altogether. 

An even more spectacular possibility is 
the Time-Machine effect in connection with 
rejuvenation. If, as Bob Beck suggested in 
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his article, the MWO tends to take the body 
cell back down the time-track to a more 
youthful, more vital period, what would hap- 
pen to a person who stayed in the field of the 
machine for four hours? Would his vibratory 
rate be speeded up to where he would disap- 
pear completely? Like the hero of H.G. 
Wells’ ‘“Time Machine”? Anybody want to 
try it? It seems, from hints George Van 
Tassel has been dropping over the years, that 
his Integratron at Giant Rock, California 
might do something like this -- ifand when he 
gets it working! As I recall, both George and 
the Canadian Saucerian, the late W.B. Smith, 
spoke of the four dimensions of electricity: 
1. is the electricity moving in one direction 
along a copper wire, 2. is the magnetic field 
around the wire, 3. is the static charge created 
by the first two effects, and 4. is Time -—- or the 
**tempic field” as Smith called it. The Time 
Field equates with Space, where conscious- 
ness is everywhere present. Seems to me 
Lakhovsky”s Multiple Wave Oscillator is a 
gadget which gives us the opportunity — for 
the first time -- of approaching the Time 
Field with scientifically acceptable equip- 
ment, operating in known frequencies. Re- 
member, that with its circular antennas it 
operates on the vortex principle. Each indi- 
vidual antenna in the group is a segment ofa 
60 degree cone. The 1/2 inch gaps, at alter- 
nate 180 degrees from each other, conform to 
the alternating principle and give a damped 
or pulsed wave. 


THE SPACE AGE EFFECT 

Copies of our November 1963 Journal 
have gone all over the world. Each day’s 
mail brings new orders. We are confident 
that Lakhovsky”s invention, far ahead of its 
time in the 1920s and 30s, has been given a 
new lease on life and will be pushed to its 
ultimate development on every continent. 
There will be vigorous opposition from the 
right-wing conservatives and reactionaries. 
Their resistance will furnish the platform 
from which electronic **medicine”” will even- 
tually sweep the world. 

I see the day when a device, similar to 
the MWO, will be a standard part of every 
home bathroom or cleansing center. You 
will consider it as necessary and as routine to 
take an electronic showerbath, as to take a 
water bath. Home from work, tired, dirty and 
discouraged, you strip, flip on the MWO 
switch, and while shaving, doing your hair or 
whatever, re-balance your whole system with 
a two or three minutes exposure to the puls- 
ing waves from the oscillator as they flood 
the whole room. For the sale of the house of 
the future it will be as important for the ad to 
say ““shielded bath with MWO?” as it will to 
say *‘tile bath with radiant heat.’’ 

Mr. Skilling told me he was tired and 


*““*dragged out’’ after processing dozens of 
volunteer **guinea pigs”” late Saturday after- 
noon. Before shutting down the equipment 
he sat in the nail-less wooden chair between 
the antennas and gave himself a three minute 
shot of pulsed waves. Refreshed and revived 
he looked forward to a good dinner and the 
full evening program. 

I don’t know of a better Christmas gift 
we could have given the Associates than the 
idea and the plans for the Lakhovsky MWO, 
researched and so generously offered us by 
Bob Beck in the true borderland science 
tradition. Now it is up to you to carry it 
forward in your own individual way. We 
welcome your comments, observations and 
research data as you develop equipment and 


a testing program. 


AND NOTHING HAPPENED! 

**No doubt you are deluged with corre- 
spondence about your articles on the La- 
khovsky Rejuvenation Machine. Since you 
said it is possible for any intelligent 16-year- 
old to build one that is exactly that which I 
have had to rely on. Fortunately, my son is 
fairly well informed on electronics but obvi- 
ously no expert at his age, 16. He followed 
your diagram but instead of battery power he 
used an electric train transformer, which he 
assures me, is equally efficient. He also 
found he had to make one change in the 
hookup of the Tesla Coil. I have taken four 
exposures and the results! Nil!”” 

Maybe this lady expected to be rejuve- 
nated back to her early twenties. As far as we 
know, no such claims have ever been made 
for the Lakhovsky gadgets -- though it would 
be interesting if it happened! As for power 
supply to the Model T Ford coil, any 6, 8, 10 
or 12 volt battery or transformer should do, 
depending on what you have available and 
where you intend to do your experimenting. 
We understand the old Model T magneto 
delivered as high as 18 volts to the four coils. 
One handy source of 6 or 12 volt electricity 
is the cigarette lighter on the dash of the car. 
Plug in there for power when you want to 
expose yourself while driving or out in the 
country. 

**I had been fighting a virus for several 
days and the day after the first exposure I felt 
a great deal better, but the second day I was 
right back where I had been. But that was the 
pattern the virus had been taking. One day 
I’d feel fairly normal, the next miserable 
again. So it is difficult to know if the 
Lakhovsky machine could be credited with 
the temporary improvement.”” 

That's right, ma’am, some people show 
little or no reaction to the mytogenic waves 
put out by the Lakhovsky instrument. The 
results are unpredictable. Perhaps that’s why 
the research was pushed no further in the 


1930s by authorities here in the United States. 
You, like most people, think that health can 
be bought in a package. Lakhovsky didn’t 
agree with this erroneous conclusion. His 
theory was that health is a condition of bal- 
ance of all the forces of the body. Ill health 
is a condition of imbalance caused by your 
misbehavior. If you continue to misbehave, 
any force applied from the outside, whether 
it be mytogenic waves, manipulation, drugs, 
medicine or surgery, will only bring tempo- 
rary relief. Pain is an insistent teacher, 
urging you to change your mind; but if you 
can’t change your mind, how can you change 
your body? 

**One possible reaction to the exposure 
I can report is that I took the first one just 
before going to bed at night. It took me three 
hours to get to sleep. Several things puzzle 
me about the machine we have constructed. 
First of all, although we have experimented 
with a Tesla coil of the size your diagram 
calls for, as well as one almost twice the size 
and strength, we cannot get a two-inch spark 
from the antenna or resonator, 1/2 to 3/4 ofan 
inch is the absolute maximum.” 

The mention of the two-inch spark was 
Mr. Beck’s error. 1/2 to 3/4 inch arcing is all 
this circuitry will produce and that is ad- 
equate to affect notable changes in many 
forms of cell life. More power might pro- 
duce faster changes, and much harm! Be 
reasonable, a living cell is so small as to be 
invisible without a microscope. Only minute 
amounts of energy are necessary to affect a 
cell, to stimulate it or to kill it. 

**Second, under no conditions do we get 
the ‘bluish glow of brush discharge’ from the 
antenna that you mention; although we have 
no trouble lighting up a two-foot fluorescent 
lamp.”” 

Operate your Oscillator in total darkness 
and you should see some brush discharge at 
some points on the antenna. True this re- 
designed equipment puts out nothing like the 
five-inch brush discharge visible in the photo 
of some of the original Lakhovsky equip- 
ment in Mark Clement’s book, **“Waves That 
Heal’’, and Lakhovsky’s antenna appears to 
be at least two feet across. 

But power is not the answer to balanced 
cell life! Dr. Abrams discovered this with his 
early electronic experiments in San Fran- 
cisco in the 1920s. It is the quality and the 
variety of the pulsed waves that counts! In 
any event weaker equipment can be compen- 
sated by longer exposure, and this may be 
more beneficial to living matter. 

**And thirdly, since we have not con- 
structed any outer shield for the machine, 
such as a Faraday cage of copper screen, I 
have been monitoring the operation on our 
radios and television. On the radio, one notes 
an annoying and loud buzz, but on T.V. 
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except for a couple of light horizontal lines 
and a very slight hum, there is no serious 
effect. So I doubt that we’re bothering our 
neighbors very much. In any case, we try to 
use the oscillator very early or very late in the 
day, when few people are using their radios 
or TV. I have sent for Clement’s book, 
“Waves That Heal,’ and Lakhovsky’s ‘The 
Secret of Life’, not only to better understand 
what we are trying to work with but also in 
the anxious hope that I will find out why our 
machine does not have the affect it appar- 
ently should have.”” 

Let me assure you, good lady, there is no 
single cure-all for man’s ills. The clue to 
better health is in the profound statement of 
the Savior of our race: **As a man thinketh 
in his heart, so is he.” Pain is still the great 
teacher in the world and will be for a long, 
long time to come. I don’t know what your 
physical condition is and it’s none of my 
business; that’s between you and your doc- 
tor. If you have a long history of frustration 
and thwarted ambition, going back to child- 
hood and even into past lives, this mass of 
energy of crystallized thought-forms, is not 
going to be broken up and dissipated over- 
night. If you have consciously and willfully 
flouted Cosmic laws, or have turned them to 
your own selfish ends, the consequences of 
this misbehavior will have to be worked out 
at this level. The occult scientist calls this 
Fixed Karma. In this connection, one of my 
favorite teachers, Dion Fortune, reminds us: 
**What cannot be cured must be endured.”” 

If the Lakhovsky oscillator does have an 
analgesic affect — as it appears to have had in 
some cases -- it has this advantage over pain- 
relieving drugs; it does not leave a residue of 
poison in our already over-loaded liver and 
kidneys! 


WORD OF A SIMILAR INSTRUMENT 
UNDER DEVELOPMENT 

We have a second letter from this same 
lady Associate, also worthy of note in con- 
nection with the Lakhovsky Multi-Wave 
Oscillator. 

**First off, when my brother received the 
machine we had built for him, using the 
battery indicated in the schematic, he felt the 
power source might be too weak. It so 
happens he has a business contact with one of 
the largest electronic instrument companies 
in the area where he lives. He decided to go 
straight to the president and seek his advice. 
With the whole idea placed before him this 
gentleman said, “This is very interesting. I 
want you to meet one of our physicists who 
is working on a very similar instrument.’ A 
meeting with the physicist revealed two in- 
teresting pieces of information: first, the 
physicist had never heard of Lakhovsky or 
his machine; second as soon as this new 


instrument was completed, arrangements had 
been made to test it ina large nearby hospital! 
Is this latter not a cheering bit of news?”” 
Both cheering and discouraging. The 
basic principle discovered by Lakhovsky is 
certainly available to the mental probing of 
other sincere researchers, so let us keep it 
alive by all means. But barring a revolution 
in the ultra-conservative leadership of the 
American Medical Association, no electronic 
developments will be allowed to threaten the 
high-profit position of the drug industry. 
**In their discussion of the power source, 
the physicist suggested my brother use a wet- 
cell car battery, #50, 39 plates, 70 A.H. We 
are using one too and it makes a much better 
spark from the antenna, although it still is no 
greater than 1/2 to 3/4 inch. It does seem 
stronger. Of course the machine is not so 
readily portable with such a heavy battery. 
My brother had only one exposure at this 
writing but he reports a noticeable improve- 
ment in the arthritic pain bothering him in his 
right arm for months. On the other hand, the 
report on the use of my own machine is 
somewhat less encouraging. The only posi- 
tive results concern my husband. After his 
first ten-minute exposure, within a few hours, 
a painful bursur in his shoulder cleared up. 
He has been subject to off-again, on-again 
attacks of bursitis there for some 15 years; 
for which he had taken medication, short 
wave, and even X-ray treatments, when the 
attacks were severe. He has since taken 
another exposure, but neither this nor the 
first one seemed to help an itching-skin al- 
lergy which has bothered him for some years. 


NOT THE FOUNTAIN OF YOUTH SHE 
EXPECTED! 

““As for myself, I have taken at least a 
half-dozen exposures and cannot in all hon- 
esty detect the slightest difference from them. 
I’m not sure if it is a matter of ‘suggestion’ or 
a desire to prove the capabilities of the ma- 
chine. On the contrary, I notice such strange 
contradictions as the fact that although I took 
an exposure yesterday morning, in theevening 
the fourth and fifth fingers on my right hand 
were painful, from some kind of arthritis or 
rheumatism. I had never had anything like 
this before. Does it not seem odd that it 
should develop on the day of the exposure?”” 

Not at all! Any positive reaction to 
exposure to the mytogenic rays of the La- 
khovsky oscillator indicates that it is work- 
ing! Mr. Lakhovsky’s theory is that the 
waves or oscillations excite the cell, causing 
it to release mor energy, also to shake off 
accumulated poisons and/or tensions. If 
your system is loaded down with tensions 
from daily living in America, if your system 
is loaded down with poisons from processed 
foods and contaminated air and water, you 


can expect painful reactions when the junk 
breaks free. I believe that is what sickness is 
the body struggling to get rid of poison. For 
you, things may get worse before they get 
better! 


HOW OFTEN AND HOW LONG? 

“With the mention of two successive 
exposures in two days I get to what is the 
most important question in the use of the 
MWO. No one has explained why exposures 
are suggested at four-day intervals. Is it 
harmful or useless to take them more fre- 
quently? When one is uncomfortable or in 
pain, one is anxious to rid oneself of the 
discomfort as quickly as possible. And to 
have to wait four more days for additional 
improvement seems unnecessary if there is 
no harm in the exposures. I have exposed 
myself at more frequent intervals and still 
have observed no reactions?”” 

The suggested exposure rate of fifteen 
minutes every four days came from Dr. 
Gentile’s extensive researches with Lakhov- 
sky equipment in Rome in the 1930s. This is 
a typical professional approach to treatment 
of disease by doctors. From long experience 
with drugs and other proven forms of therapy, 
they know that it takes time for the human 
organism to adjust itself to radical changes — 
without harming the organism. 

Whether or not this holds true for the 
operation and effect of the Lakhovsky ma- 
chine remains to be proven and you’ Il have to 
be your own guinea pig. It’s your machine; 
it’s your body; it’s your life. You can take an 
exposure every hour on the hour if you like; 
stay in all day. Who’s going to stop you? 
This is borderland research and you are a 
borderland scientist, looking for new knowl- 
edge which may be of benefit to yourself and 
the human race, judging from the last lines of 
your letter. 

“I am so excited and hopeful of the 
efficacy of this MWO machine that I do not 
want to leave any avenue unexplored that 
may possibly help in understanding its use 
and making it freely available to anybody I 
can possibly help. May I take this opportu- 
nity to tell you how tremendously enthusias- 
tic and interested I am in BSRA, not only 
what you are trying to do but what you are 
accomplishing, too. From what you imply of 
the financial situation, it seems to be largely 
a labor of love and service on your part, for 
which you deserve great praise and the heart- 
felt thanks of every BSRA member and oth- 
ers whose lives they touch. Please accept this 
very, very small donation of the enclosed 
check, as a symbol of my appreciation.”” 

The donation is most welcome and will 
be put toward the expenses of carrying on this 
work, also the words of appreciation. The 
lady was also most curious about the La- 
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khovsky circuits, those single bands of wire 
which are placed around the waist, or knees, 
or ankles, wrist or neck, and seem to have a 
subtle but very real affect on the wearers. We 
have some information on the Lakhovsky 
Circuits or Belts from Associate A.E. Powell, 
a retired lieutenant colonel of the British 
Indian Army: 


THE OSCILLATING CIRCUIT 

**The Belts can be made by almost any- 
one, for a few cents. At most hardware 
stores, for a few cents per foot, one can buy 
twin electric cable insulated with white rub- 
ber, used for lamps, etc. Get the smaller size 
1/4 inch wide, having 42 strands of copper 
wire. Slit an end with a knife and the two 
wires easily tear apart. 

“*For the button, get white sheet plastic 
about 1/8th inch thick, saw it into pieces 
about 14 by 5/8th inches, and drill near each 
end a hole large enough to take two wires. 
Round the corners of the plastic and bevel 
edges. Thread the wires, from opposite di- 
rections, up through one hold and down 
through the other, leaving about half an inch 
projecting beyond each end of the button. 
Where a circuit can be slipped off the body 
without unbuttoning, you may overlap the 
ends of the wire belt an inch or two, bind with 
fine string and smear with Duco cement for 
S 0 
**Parallelism and overlap of the ends are 
important. This builds up capacitance, pro- 
duces inductance and generates an alternat- 
ing current. Circuits may be worn, as many 
as you please, round chest, waist, neck, arms, 
wrists, legs, ankles, neck or head continu- 
ously. Water will do them no harm. 

**Gladly will I supply Circuits, in any 
quantity, with buttons or bound ends. To 
avoid trouble with the Food and Drug people, 
I make no charge. Donations, however, are 
acceptable, and go intact into my Fund forthe 
Sick. For long this has been doing fine work 
and I’m sure you will approve. For reasons 
stated I make no claims whatsoever for the 
Circuits, and no guarantee or promise of any 
kind. If you want to give them a trial, that is 
wholly your affair.” Col. A.E. Powell (Col. 
Powell died in March 1969). 


MWO USED TWENTY YEARS AGO 
*“The recent article in the BSRA Journal 
pertaining to the Lakhovsky Oscillator is of 
special interest to me. First, I am an engi- 
neer, Physician and Surgeon, anda Scientific 
Consultant for the U.S. Government. (Tech- 
nical Intelligence). I am not in any manner 
snooping for the government. This is com- 
pletely personal. We built several oscillators 
in 1944. These were used in my sanatorium 
in Dallas where we had some startling re- 
sults. As we did not have the proper facilities 


to research the instruments adequately, we 
became more and more conservative. Many 
patients would show reactions, resembling 
the old fashioned Flu, after a few days fol- 
lowing exposure to the oscillator. I realized 
we were using too much power, so cut the 
level several times with good results; but we 
did not completely eliminate the side effects. 
In 1946 I was sent to Germany for the Gov- 
ernment to explore Electro-biology and Bio- 
physics in its application to electro-medical 
equipment. I felt it wise to destroy the 
machines so injudicious use would not be 
indulged. The possibilities have intrigued 
me ever since. It looks as though you have 
solved most if not all of the problems in- 
volved. Hence my renewed interest. The 
excess power upset the enzyme complex of 
the body, or as some felt, distorted the double 
electric layers of charge carried on the cells, 
hence allowing for the penetration of virii 
directly into the cells (virii operate within the 
cells -- bacteria operate between the cells). 
Cells as well as organs function in a force 
field so mild oscillating currents not only 
work through resonance but seem to regener- 
ate these force fields. Here is where applica- 
tion to cancer can be optimistically explored.” 

Speak for your own state, Doc! Here in 
California the medical association has de- 
creed that only four forms of treatment for 
cancer are legal; drugs, surgery, burning rays 
and death. 

**Proof of energy flow from the fingers 
and thumb is here and must be recognized. 
We have demonstrated it by its effect on 
Yeast cells, viewed under the microscope 
(Girwich research). Whether it comes from 
the conscious rather than the subconscious 
mind is harder to prove, but I am imz-ied to 
believe it does. This may interest you. Years 
ago we experimented with crystallization. 
Precipitated water vapor to snowflakes in a 
chamber with electrodes planted in two sides. 
When we threw a current into the chamber at 
a given frequency the flakes were all the 
same. Changing the wave length changed the 
crystallization pattern. Each frequency had 
its own pattern. Here is the explanation of 
energy absorption by the chemical used, and 
the control of the crystalline patterns by the 
nature of the energy flowing.”’ 

Naturopaths are in 100% disagreement 
with the doctor’s above explanation of the 
side affects of his use of the MWO on his 
patients. IfI understand the theory correctly, 
according thenatural view of colds, flu, virus 
infections, etc., these are attempts by the 
human organism to throw off mucous, to 
eliminate intolerable accumulations of poi- 
son from the system. Exposure to the field 
created by the MWO tends to raise the gen- 
eral tone of the whole system by stimulation. 
The raised vibrations release an unusual 


amount of mucous and other junk into the 
elimination channels, and until this is elimi- 
nated one would have a cold or flu and the 
usual aches and pains which generally go 
with such a condition. 

Another doctor stopped by here not long 
ago to tell of his sad experience in trying to 
use spark-gap electronic equipment in his 
medical practice “‘for those suffering pa- 
tients not helped by drugs.’’ This powerful, 
high-frequency machine produced a two- 


inch spark! Every time he turned it on, 
everyone in town seemed to know it and the 
phone would ring. Even a Faraday cage 
didn’t shield the output of this monster. 
Finally he was called before the county medi- 
cal board to explain what he was doing. The 
board presented a staggering combination of 
fatuous conceit and stubborn ignorance. 
*““They didn’t want to know anything about 
the affects of radio waves on the body and 
didn’t care!”” 


CURING CANCEROUS PLANTS 


WITH ULTRA RADIO FREQUENCIES 
by Georges Lakhovsky 
From Kadio News February 1925 


**The new application of short wave- 
length oscillations described in the following 
article’’ wrote the Editor of Radio News, ‘‘is 
one of the most important ever found, and we 
are pleased to present to our readers this 
article by Mr. Georges Lakhovsky, the well 
known French scientist. The experiments 
described were carried out in collaboration 
with several doctors and scientists of high 
standing and it seems from results obtained, 
that the very high frequency treatments will 
play an important role in the future. We shall 
publish in a later issue another article on this 
new system together with the effects of ultra 
radio frequencies in the treatment of diseases 
in human beings.”’ 

Since November 1923 I have published 
in various technical and radio publications, 
several papers in which | explained my theory 
that the instinct or special feeling, which 
permits birds to direct themselves in space, is 
only the results of the emission and reception 
of rays by living beings. While developing 
this theory, I explained how thoroughly I was 
convinced that science will discover, some 
day, not only the nature of microbes by the 
radiation which they produce, but also a 
method of killing disease bacilli within the 
human body by means of the proper radia- 
tions. 

The researches I have made by means of 
special apparatus have shown such results, 
that I believe my theory is correct. This 
theory is that life is born from radiations, 
kept going by radiation and suppressed by 
any accident producing the destruction of the 
oscillatory equilibrium, especially by the 
radiations of certain microbes, which sup- 
press those of the weaker cells. 

Before going any further in our reason- 
ing, it is necessary, in order to present the 
facts to the uninitiated reader, to imagine 
what oscillations really are. The motion ofa 
pendulum will be used for this explanation. 
When a pendulum is displaced from the 
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position of equilibrium, it moves back and 
forth producing what are known as ochrone 
oscillations, until the energy stored is en- 
tirely exhausted. By means of a motor, a 
spring, or an electro-magnet, it is possible to 
keep the motion of the pendulum of constant 
amplitude, producing undamped oscillations. 
If, on the contrary, the source of power is 
removed, the oscillations die down and it is 
necessary not only to re-apply the power 
sustaining the oscillations, but also to furnish 
additional energy to start the pendulum in 
motion. This oscillation of a pendulum re- 
produces exactly what happens in the cells of 
a living being. 

Our organs are composed of cells formed 
of protoplasm containing various mineral 
matters and acids, such as iron, chloride, 
phosphorous, etc. It is by the combination of 
these elements that the cells detect outside 
waves and vibrate continuously at a very 
high frequency, probably higher than the 
period of X-rays or over all other vibrations 
known and measured today (1925). The 
amplitude of cell oscillations must reach a 
certain value, in order that the organism be 
strong enough to repulse the destructive vi- 
brations from certain microbes. 


COSMIC RAYS AND CELL LIFE 

The astrophysicians are actually carry- 
ing out experiments of great interest on the 
existence of vibrations, which have been 
called penetration rays and of which the 
frequency is higher than that of X-rays and of 
the alpha, beta and gamma rays of radium. 
Such rays, according to the theory, are pro- 
duced by the earth itself and some others 
come from outer space. Some accurate mea- 
surements have proved the correctness of 
this theory. Therefore, it is quite permissible 
to believe that these penetration rays, or at 
least some of them, produce the vibratory 
motion of living cells and consequently their 
life. 


For instance, let us suppose a cell vi- 
brates at a certain frequency and a microbe 
vibrates at a different frequency; the microbe 
begins to fight the cell, and sicknessis started. 
Ifthe cell cannot repel the stronger vibrations 
and if the amplitude of its own vibration 
decreases, the microbe gains and its vibra- 
tions in decreasing and stopping those of the 
cells, bring dangerous sickness or death. If, 
on the contrary, the living cell is started 
vibrating with the proper amplitude by inside 
or outside causes, the oscillatory attack is 
repulsed. Such is my theory. 

The problem is somewhat similar to the 
situation in which a rescuer finds himself 
when, coming to help a friend in a dangerous 
situation, finds himself fighting hand to hand 
against strong aggressors. The rescuer does 
not dare to fire his gun; fearing to harm his 
friend mixed up with the aggressors in the 
melee. Similarly, microbes and healthy cells 
are exposed to electric or radio-active action, 
which could be used to destroy the unwanted 
rays and it is difficult to suppress them 
without harming or killing at the same time, 
the cells which are to be treated. In fact, since 
Pasteur, scientists have been constantly 
searching for means of destroying microbes. 
The great difficulty with all methods found 
was that in destroying the bacillae, the cell 
was attacked too. The experience gained in 
cancer and tuberculosis treated with radium, 
X-ray, or ultra-violet rays, shows how diffi- 
cult is the work of the investigators. 


A RADICALLY NEW METHOD 

The remedy in my opinion is not to kill 
the microbes in contact with the healthy 
cells, but to reinforce the oscillations of the 
cell either directly by reinforcing the radio 
activity of the blood or in producing on the 
cells a direct action by means of the proper 
rays. During January 1924 I began to build, 
according to this theory, and with the pur- 
pose of therapeutic applications, an appara- 
tus which I have called Radio-Cellular-Os- 
cillator, with the firm belief that the cells 
vibrating at extremely short wave-lengths 
would find their own in the Hertzian waves, 
which have the properties of producing ex- 
tremely short harmonics. The cell with very 
weak vibrations, when placed in the field of 
multiple radiations, finds its own frequency 
and starts again to oscillate normally through 
the phenomenon of resonance. This type of 
vibration which I propose to use, is harmless, 
unlike those of X-rays and radium. Their 
application, therefore, does not present any 
danger to the operator. 

I exposed in front of my apparatus, dur- 
ing long periods, a certain number of mi- 
crobes in culture, which developed them- 
selves normally. I, myself, have never felt 


the effect of these ultra radio frequencies, 
although I remained for a great many days 
near the apparatus, during the treatment ap- 
plied to the living cells. It is only when two 
living beings such as acell and amicrobe, are 
in contact, that the rays produced by the 
Radio-Cellular-Oscillator have any direct ef- 
fect upon cellular structure. 


WORK IN A FRENCH HOSPITAL 

The experiments which I carried out at 
the Salpetriere Hospital in Paris, in the ser- 
vice and with the collaboration of Prof. 
Gosset, were made with plants inoculated 
with cancer, and the results were described in 
a paper presented on July 26, last year, before 
the Biological Society. The text of this paper 
follows. 

““One knows that it is possible to pro- 
duce by inoculation of Bacterium tumefaciens 
in plants tumors similar to those of cancer in 
animals. One of us obtained experimentally 
by this method, a great number of tumors. 
These had various degrees of development. 
Some of them dry up partially, but do not die 
entirely until the entire plant or at least the 
limb bearing the tumor dies. Even removed 
by surgical methods, these grew again on a 
sick limb. 

*“We propose to describe in this paper, 
the action of electromagnetic waves of very 
high frequency obtained by means of the 
Radio-Cellular-Oscillator of Georges La- 
khovsky. This apparatus produces wave- 
lengths of the order of two meters and less, 
corresponding to 150 million cycles per sec- 
ond. A first plant was submitted to the effect 
ofradiation one month after being inoculated 
with cancer; at this time small tumors of the 
size of a cherry stone were visible upon it. 
This plant was submitted to the rays twice, 
for three hours each time. During the follow- 
ing days, the tumors continued to grow rap- 
idly in the same way as those on plants, which 
had not been submitted to the effect of radia- 
tions. However, 16 days after the first treat- 
ment, the tumors began to shrink and dry up. 
A few days later the tumors were entirely 
dried up and could be very easily detached 
from the limb of the plant by merely touching 
them. The drying action of the radio fre- 
quency radiations is selective and affects 
only the sick part of the plant. Even the inside 
sick tissues were destroyed, although they 
were next to healthy cells in the center of the 
limb, showing that the radiations had not 
affected the healthy parts. 

*“* Another plant was treated in the same 
way, except that it was exposed 11 times for 
three hours each time, to the radiations of the 
oscillator. Sixteen days after the first expo- 
sure the tumors, which were rather large as 
shown in one of the photographs, began to 
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shrink and dry up and were easily detached 
from the limb exactly as in the first case. 
Again in this case, the healthy parts of the 
plant were not affected in the least. A third 
plant exposed to the radiations for nine hours, 
that is, three treatments of three hours each, 
was cured in the same manner as the two 
others. Sixteen plants also inoculated with 
cancer, were left without treatment. They 
have tumors in full activity, several of which 
are very large. These experiments show 
conclusively that plants inoculated with can- 
cer can be treated and cured by means of the 
ultra radio frequency vibrations, whereas 
surgical treatment fails. 

**Such are the results of my researches 
with plants. At the present time, similar 
experiments are being carried out with ani- 
mals and it seems that the effect on cancerous 
animals is the same as on cancerous plants. 

“I am highly pleased to present my 
theory and the results of my work in a scien- 
tific review of the United States, this great 
country, which has always been in the lead in 
the fight against this horrible sickness, can- 
cer, and whose sympathy and help I would 
greatly appreciate. 

**In conclusion I wish to call the atten- 
tion of the reader to the fact that I have 
obtained very conclusive results not only 
with a wave length of two meters, but with 
longer and shorter wave-lengths. The main 
thing is to produce the greatest number of 
harmonics possible.” 


* * * 


This February 1925 article from Radio 
News magazine shows how long some of 
Lakhovsky’s theories have been known in 
America. This article was furnishedto BSRA 
by an Associate who had met the Russian- 
French scientist in New York. He claims also 
to have visited several times the New York 
hospital which set up a research program on 
the Multi-Wave Oscillator and saw the La- 
khovsky-type equipment. No information 
on the machine or its effects could be elicited 
from the hospital authorities and in the early 
1950s the shielded room was dismantled and 
equipment destroyed. 

We feel that Lakhovsky’s theories and 
early researches should be followed up. It 
should be publicly proven that high-frequency 
waves, in the proper concentrations, do af- 
fect living organisms in a beneficial way, or 
that Lakhovsky be declared an idle dreamer. 
Since research of this kind falls within the 
purposes of Borderland Sciences Research 
Foundation, Inc., members are encouraged 
to build their own equipment and, in a suit- 
ably shielded or isolated environment, carry 
on their ownresearch program. Ifyou cannot 


obtain the necessary materials, BSRF may be 
able to put you in touch with another border- 
lander who can be of help. Until the medical 
authorities come forth with official approval 
of this radical approach to the state ofimbal- 
ance or un-health attributed to disease, no 
one but a fool would go into commercial 
production of this kind of equipment in 
America today. It is now said to take a 
minimum of $300,000 in research money 
and three years of testing to develop medi- 
cally acceptable data. 


HOW DR. JAMISON WAS TRAPPED 

In a letter dated Aug. 29, 1967, Dr. 
Jamison enclosed this news clip from the 
Modesto Bee: *“Turlock — Veterinarian 
Stanton L. Jamison yesterday was fined $249 
in Turlock Judicial District Court after being 
convicted of three charges stemming from 
his use of an electronic machine to treat 
human patients for cancer. A jury of nine 
women and three men returned a verdict of 
guilty on one count of practicing medicine 
without a license and two counts of advertis- 
ing a device represented to have effect on 
cancer, stomach ulcers or bone diseases. The 
decision followed a two day trial in which 
Jamison defended himself. . . 

**They (Jamison and his assistant, Martha 
Ann Davis) were arrested last December 
following a lengthy investigation by Turlock 
police officers and agents of the State Bureau 
of Food and Drug Inspection. The investiga- 
tion began when Police Chief John Viarengo 
requested assistance from the bureau after 
learning “the cancer-curing machine’ was 
being operated here. 

“During the investigation, Food and 
Drug agents Willis Worley and Harvey Lee 
arranged several meetings with Jamison on 
the pretense they were interested in purchas- 
ing machines similar to his. Jamison report- 
edly organized a church as a front for his 
operation. The facility, located at 200 West 
Main St., was known as the Life Aquarium 
Center. Worley and Lee became bishops of 
the church as did deputy District Attorney 
Frank Damrell, Jr., who prosecuted the case. 
At the time of the investigation, Damrell was 
employed in the State Attorney General’s 
office. 

“Worley said Jamison’s intention was 
to open other treatment centers throughout 
the state, using his bishops to set up facilities 
under protection ofthe church. “This was the 
most fantastic investigation I’ve ever been 
involved in,’ said the agent this morning. 

(Yes, itis fantastic to think anyone would 
want to give or donate healing services free 
when there are billions to be made on the four 
kinds of cancer treatment authorized by the 
California Medical Association: Drugs, Sur- 


gery, Radiation and Death. RHC.) 

*“W orley points out the manufacturer of 
Jamison’s machine was convicted of grand 
theft two weeks ago in Los Angeles after 
selling a similar machine to a Food and Drug 
agent under false pretenses. (This was prob- 
ably Ralph Bergstresser, Burbank, Calif., 
who was manufacturing and selling the Bob 
Beck MWO for $250.) 

*“ After Jamison’s conviction yesterday, 
Damrell called for imposition of a prison 
term for the veterinarian. If he had received 
the maximum penalty, he could have been 
sentenced to 18 months in jail and fined 
$1,500. 

“We felt very strongly on this,’ said 
Worley, *“because Jamison could easily be- 
come a menace to many innocent victims 
throughout the state.” 


MWO IN USE AT INDIAN CLINIC 

“*] am continuing my experiments with 
the MWO and my experience is that in prac- 
tically all cases there is an aggravation of the 
existing symptoms, and previous symptoms 
are brought to the surface. Hemorrhage was 
seen in another case and treatment was 
stopped forthwith. This is one problem which 
has to be tackled before MWO can be used 
with confidence. I think MWO treatment 
should not be given to tubercular cases. Also 
in cases where there is a hemorrhagic ten- 
dency this would do more harm than good. 

*““Neuritis seems to respond nicely to 
this treatment. Sciatica is definitely cured by 
this. Some cases of Rheumatism and Arthri- 
tis are benefited, responding at first but the 
improvement does not last much longer. I 
cannot understand the reason for this eccen- 
tric behavior. I think there must be some- 
thing with the frequencies.” 

Don’t blame it on the frequencies, Doc, 
blame it on the patients who stubbornly clings 
to their fixed ideas and rigid unyielding 
mental patterns. We have no evidence that 
the radio frequencies of the MWO reach into 
the mental world. Each person’s aura is 
loaded with **signatures””, national, family 
and religious concepts hammered into him 
over the years. His creative energies, flow- 
ing freely down from the higher worlds, 
channel through these deeply cut **grooves”” 
in mind and emotions. The health or illth of 
the physical body indicate whether the 
person’s ideas are in tune or out of tune with 
Creation. As a man thinketh in his heart, so 
is he. 

**Can you please let me know what are 
the ranges of frequencies these machines 
have? Have they been measured and are they 
the same in all instruments? Is there any 
difference in the models prepared in the USA 
and France? Which model was tried by 
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Lakhovsky in the New York hospital? What 
are the actual frequencies used by him?”’ 

The only frequency readings we have on 
an MWO were those submitted by Bob Beck 
originally, from the output of his own ma- 
chine, ‘“‘It radiates RF interference over a 
bandpass of 15 Kilocycles to well beyond 
250 Megacycles. This blocks AM, FM and 
Television reception for hundreds of yards” 
But so does my electric razor, and I’ve been 
using one for years. I was told by a sailor that 
electric razors are very effective as ‘‘scram- 
blers’’ for knocking out the electronic brains 
of guided missiles, and have been so used as 
defensive equipment during missile exer- 
cises on aircraft carriers at sea. No one has 
furnished us with RF output figures from 
original Lakhovsky equipment, either at the 
New York hospital or from Europe. If any- 
one has these figures I hope they will be kind 
enough to forward them to you. Lakhovsky’s 
available technical record is very slim. 

“An Associate writes ‘A very good psy- 
chic in Florida gave the following, ina sitting 
devoted to the MWO. It is not anywhere near 
developed to its potential. It has unlimited 
amplifications to be made. The use of the 
MWO can change the auric field, thus spiri- 
tually it can change the individual. This is 
done with the work of the seven rays of life. 
The MWO should be used in conjunction 
with the radionics instrument.’ What about 
this radionics instrument? I would appreci- 
ate it if you can throw some light on this.”” 

Sorry Doc, the punitive hand of the 
American Medical Association has driven 
radionics builders and users underground 
here in the United States. No one but a fool 
like me would stand up on the firing line. 
England isn’t quite the police state America 
is and you can get information on radionics 
and radionics equipment from the Delawarre 
Laboratories, in England, and from Bruce 
Copen, in Sussex, England. Radionics ex- 
perts have developed rates for every organ in 
the body. Equilibrating those rates with 
specific radio frequencies offers an interest- 
ing field for borderland research. 

“I have tried both the Vitic and the 
Eeman Screens. I am still continuing my 
experiments with the Eeman Screens. Only 
a couple of days back I gave a set of screens 
to a patient who is having an encyclopedia of 
complaints. The MWO did not give her 
much improvement hence the change. I have 
one set of Vitic with me and whenever I feel 
a bit out of sorts I sit for ten minutes and get 
back my vigor. I am using a very strong pair 
of magnets and a carbon rod 1% inch in 
diameter. After I received the MWO my 
interest in the other two flagged. I think I will 
have to cultivate them again.”’ 

Dr. A.K. Bhattacharya 


From the March 1964 Journal of Borderland Research: 


ARMY MEDICAL RESEARCH SUPPORTS 
LAKHOVSKY THEORY! 

That's our headline, and it's derived from news clips loaned to us by 
an Associate. One especially is from the New York “Times” for Fri- 
day, Aug. 19, 1960 by John Osmundsen. 

The heading says that Radio Microwaves Produce Molecular 
Changes in Human Beings, This is merely a repetition of what Georges 
Lakhovsky proved with his pioneering work in Paris hospitals in the 
1920s! 

“New and possibly important biological effects of radio and radar 
waves were reported at a three-day scientific meeting that concluded 
here yesterday. One scientist told of producing ‘a profound molecu- 
lar change’ in human gamma globulin with specific wave lengths of 
radio waves in the high frequency to very high frequency, or VHF 

nee. 
“Alterations so created in the molecules that constitute an impor- 
tant part of the body’s defense apparatus were accompanied by at 
least a fourfold increase in their biological activity, the scientist said. 
“The changes can be produced under widely varying conditions of 
voltage, power, pulse width, and pulse repetition rate, provided the 
frequency is suitable,’ according to Lieut. Col. Sven A. Bach of the 
Army Medical Research Laboratory in Fort Knox, Ky.” 

If Col. Bach had been working from Lakhovsky’s original theo- 
ries and equipment, he wasn’t saying. This is obvious in reporter 
Osmundsen’s next paragraph. 

“This is believed to be the first report of a proven frequency-specific 
effect of radio waves on human chemistry. Dr. Bach’s report ap- 
peared to cause more comment at the conference than almost any 
other, for the effect of radio frequencies on human gamma globulin in 
the test tube were clearly not a result of heating. 

It was suggested by Dr. Bach that the increased biological activity 
of the molecules as measured against a rabbit serum sensitized to 
them might have resulted from an unfolding of their structure, thus 
exposing more active spots.” 


YUP, THEY MIGHT EVEN CURE CANCER 

Later in 1960 an electronics magazine revealed even more about the 
proceedings of this Fourth Annual Tri-Service Microwave Conference 
held in New York. Our news clip is only half a page which reveals 
neither the magazine nor the writer, but about Dr. Bach’s claim of a 
four-fold increase in the production of gamma globulin, he says: 

“What does this mean to you? Gamma globulin plays an impor- 
tant part in the body’s defenses against disease. Speed up its activity 
fourfold and it may be four times as effective a disease fighter. Some 
day your doctor may give you ‘a shot of microwave’ to keep you well. 

Dr. Joe Howland of the University of Rochester found that dogs 
which had been exposed to microwaves were able to withstand heavy 
doses of X-rays far better than dogs not so treated. No specific applica- 
tion for this technique is now known, but such discoveries frequently 
lead to undreamed-of advances. 

“And finally, some evidence has been gathered to indicate that 
certain kinds of cells, under the right conditions, will simply disinte- 
grate — fly to pieces — in the presence of the right radiation. But 
surrounding cells are unaffected. Could such a selective beam ever 
be used to destroy cancer cells while leaving healthy tissue unaffected? 
Scientists don’t yet know.” 

The writer didn’t say which scientists he is speaking for, certainly 
not for Georges Lakhovsky, who died in that very same New York 
City 17 years before the Microwave Conference. Before-and-after 
photos of skin cancer cures effected by the Lakhovsky Multi-Wave 
Oscillator in Paris hospitals in the 1930s show that the Russian inven- 
tor did know just how selective radio microwaves can be. These 


pictures are reproduced in Lakhovsky’s book, “The Secret of Life”. 

To continue with the magazine article: “said Col. George M. Knauf, 
one of the foremost experts on the biological effects of microwaves, 
speaking of these recent advances, ‘Our work has progressed suffi- 
ciently for us to be fairly certain that the beneficial uses to which this 
energy may be put will greatly outweigh any harmful results it may 
produce in men.’ All this of course does not mean we should forget 
that uncontrolled microwave energy can be dangerous. But like fire 
or X-rays, microwaves can, when used intelligently and with under- 
standing and respect for the hazards involved, be among man’s most 
valuable tools.” 


MWO USE IN A NEW YORE HOSPITAL 

Georges Lakhovsky crossed the Atlantic to New York City in 1941, 
there to observe the effects of his MWO under controlled, technical 
conditions in a New York Hospital. A brief report of the positive and 
beneficial results of MWO treatments is appended to the English trans- 
lation of his book, “The Secret of Life”, by Mark Clement, on page 
201. These treatments were given from July Ist to Aug. 21st and the 
name of the hospital and of each patient are withheld for ethical rea- 
sons. 


X. Arthritis, both knees 14 Good improvement 

O.P. —Endocervicitis. Abdom. pain 6 Condition good 

F. T. — Periarthritis of shoulder 12 Marked improvement 
after first treatment, 
condition good 

M. M. Osteoarthritis 7 Marked improvement 
after two treatments, 
stiffness diminished 

M.K General Chronic Arthritis 11 Slight improvement 

M. O. Arthritis of ankle 3 Results good 

A.E. Postoperative fracture 6 Results good 

C. V. Arthritis, both knees l4 Marked improvement 

M.D. General arthritis 8 Marked improvement 

JE. Epicondylitis of elbow 7 Results good 

D.G. Chronic arthritis 10 No cough, no soreness 
marked improvement 

S.L. General arthritis 10 Marked improvement 

B.M. Arthritis and circulatory 6 Improving 

disturbances 

M.L Arthritis of ankle and knee 7 Improvement, no 
recurrence 

M.B. Arthritis of shoulder 7 Marked improvement 

M.O.  ‘Tenosynovitis, hand 6 Improvement 

5.8. Arthritis, both knees 7 Improvement 

S.C.N. Congenital hip dislocation 3 Marked improvement 

RL. Fracture, both ulnae. 5 No pain 

Synovitis, both knees 
Additional Cases 


Case 1. G.D., female, aged 25: Patient complained of pain in the 
chest and muscles of the right arm and back, and constant cough. 
She did not respond to medical treatment and massage. Treatment 
with Lakhovsky Multiple Wave Oscillator was instituted. After the 
fourth treatment coughing stopped, pain in the chest became infre- 
quent, and the tired feeling in the back disappeared. At the end of 12 
treatments the patient no longer complained of previous symptoms. 

Case 2. M.M., female, aged 51: Patient complained of pain and 
stiffness in the right hip. X-ray examination disclosed a marked nar- 
rowing of this articulation associated with large spurs at the margin of 
the acetablum which appeared to ankylose the joint. There were pro- 
liferative changes in the upper margin of the femoral head. Diathermy 
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and massage failed to relieve the pain and stiffness. After 10 treat- 
ments with Lakhovsky’s M.W.O. the stiffness markedly reduced. 

Case 3, F.T., female, aged 38: For two months the patient com- 
plained of pain in both shoulders. Abduction of the right humerus 
was limited to 45 degrees. A diagnosis of periarthritis was made and 
treatment with Lakhovsky’s M.W.O. was started. After three treat- 
ments the patient said she felt much better. The improvement contin- 
ued, After a series of 11 treatments the patient did not return. Appar- 
ently permanent relief had been obtained. 

Case 4. A.B., male, aged 60: Patient gave history of pain in both 
knees beginning in 1940. Diathermy and massage for one year gave 
only slight relief. ‘Treatment with Lakhovsky’s M.W.O. was instituted. 
After one treatment patient stated that he felt better. After four treat- 
ments patient felt so much better that he took only one treatment in 
two weeks. 

Case 5. M.M., female, aged 42: Patient complained of pain in 
lower left back and hip. X-ray examination of the lumbar spine and 
pelvis showed calcification at the anterior margins of the interverte- 
bral discs between the ninth and tenth and the tenth and eleventh 
vertebrae. ‘There was also a slight scoliosis of the lumbar spine. Treat- 
ment with Lakhovsky’s M.W.O. was instituted. After the first treat- 
ment patient felt better. After the fifth treatment improvement was 
very marked. Patient did not return after nine treatments. 

Case 6, S.N., female, aged 59: Patient complained of pain in the 
right shoulder and inability to extend the arm more than 5-10 de- 
grees, accompanied by severe pain. X-ray examination disclosed ir- 
regular calcification in the region of the greater tuberosity of the right 
humerus. Treatment with Lakhovsky’s M.W.O. was instituted. After 
one treatment patient said she felt much better. The improvement 
continued steadily until 10 treatments were completed. 

Case 7. C.P., female, aged 38: Gynecological examination showed 
uterus slightly enlarged and hard. Right para-metrium tender. Diag- 
nosis — Parametritis. Treatment with Lakhovsky’s M.W.O. was insti- 
tuted on July 17, 1941. After four treatments patient felt better, and 
after 12 treatments patient was found to be much improved. Exami- 
nation on Oct. 7th showed the adnexa and parametrium to be pain- 
less. Patient was considered cured. 


REPORT OF CASES TREATED WITH LAKHOVSKY’S 
MWO BY A PROMINENT BROOKLYN UROLOGIST 
The following results were obtained by a prominent Brooklyn urolo- 
gist whose name must be omitted for ethical reasons. He is a Fellow of 
the American College of Surgeons and enjoys a great reputation as a 
skilled specialist. He treated hundreds of patients with Lakhovsky’s 
MWO but only a few typical cases can be given here. 


Patient Ilness Treatments Results 

H.G. Acute urinary retention 2 Retention ceased 
due to enlarged prostate 

R.B. Bleeding from uterine 3 Bleeding ceased 


fibroids of two years standing 


S.M. Mild multiple sclerosis with 6 Marked improvement, 
halting gate was able to run on sev- 
eral occasions 
RR. Cellulitis of nose with pain 2 Cleared completely 
after two treatments 
of ten minutes each 
in one day. 
B.T. Acute urinary retention 2 Retention ceased. 
due to enlarged prostate 
S.B. Bleeding from cancer 3 Bleeding checked. 


of the bladder The tumor cleared up 
nicely and was re- 


duced in size when 
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seen again on cysto- 
scopy three weeks 
later, 

Cleared entirely. 
Greatly improved. 


Chronic aczema of Axilla 2 
Severe pains from duodenal 2 
ulcer 


36 
LG: 


In addition to the above cases this Brooklyn specialist treated six cases 
of enlarged prostate with nocturnal frequency (three to five times per 
night). After two treatments with Lakhovsky’s M.W.O. frequency was 
reduced “to only once a night or did not occur at all...” 

The above American reports were not included in the first edi- 
tion of Georges Lakhovsky’s “The Secret of Life”, published in 1935, 
but were added by the English translator, Mark Clement, to later 
editions. We are quoting from the 1963 edition published by Health 
Science Press, Sussex, England. Health Research, (P.O.Box 70 Moke- 
lumne Hill. California 95245) offers this same book. 

This early (1941) research with the Lakhovsky equipment seems 
to nave been ignored by the American medical authorities, who are 
still concentrating on cure by surgery or medicine. If you want to 
discover the effects of weak radio waves on living organisms you'll 
have to dig for yourself. Our BSRA brochure, “The Lakhovsky 
Multi-Wave Oscillator”, will give you some hints about setting up your 
own research program, and is available from headquarters. 


‘DOCTORS SAY RADIO TREATMENT IS EFFECTIVE 
AGAINST ARTHRITIS’ 

Apparently some doctors didn’t ignore the research work done by 
George Lakhovsky. Take this news item from the New York “Post” for 
Feb. 8, 1962, with an Associated Press dateline from Washington, 
D.C. “A device theoretically capable of bouncing radio signals off the 
moon has yielded highly effective results in the treatment of stubborn 
cases of arthritis and certain other ills, a group of doctors reported 
today. The machine generates high-frequency, short-wavelength ra- 
dio waves and emits them as pulses lasting only 1/17,000th of a sec- 
ond each. The pulsed currents are directed into a patient's body, 
with a maximum achievable penetration of eight inches. 

“Use of the technique in treating arthritis, bone infection after hip 
operations, inflammation of the female pelvis due to gonorrhea and 
other conditions, and in speeding the healing of surgical wounds was 
described in reports by Dr. Euclid M. Smith of Hot Springs, Ark.; Dr. 
Dana Street of the University of Arkansas; Dr. Bruce Camern of 
Baylor University; Dr. Marshall Lobell of Harlem Hospital, N.Y.; and 
Dr. Solon N. Blackberg of Chicago. The reports were made last night 
at a private conference to which several Congressmen and Public 
Health Service doctors were invited. Blackberg later told reporters 
the researchers would like to enlist government support for expanded 
research by themselves and their investigators. 

“Smith, in his report on arthritis, said the technique had been 
employed with “highly “effective results in 99 out of a series of 100 
cases treated by him. Declaring that some of the patients treated had 
arthritis for up to 25 years before receiving radioactive treatment. Smith 
told reporters that “marked improvement” was achieved in all cases in 
from three to six months. 


PUBLIC RECOGNITION OF RADIOWAVE 
TREATMENT 

This sensational advance in the treatment of human ailments should 
have been welcomed from coast to coast in every newspaper. Dr. 
Blackberg and his distinguished fellow scientists from Baylor, Arkan- 
sas and Harlem should have received public acclaim from President 
Kennedy’s Dept. of Health and Welfare and from the American Medi- 
cal Association. But only a thunderous silence followed that early 
1962 news item ion the private meeting in Washington — until the 


and parts list. If you want additional help, 
check the photos showing the details of how 
the components are connected. A Camera 
icon in the margin as shown here indicates 
that there is a color version of the figure in a 
special insert in the paperback version of this 


book. If you purchased an electronic version 
of this book, and have an e-reader without 
color capabilities, you can find the color 
photos on the author's website at 


www. buildinggadgets.com/complete- electronics. 
htm 


- This website also provides project pages 
that include links to suppliers. These pages 
are kept up-to-date with supplier part 
numbers for the components you need. 


When you reach the end of a chapter, 
evaluate your learning by taking the Self-Test. 
If you miss any questions, review the related 
parts of the chapter again. If you do well on 
the Self-Test, you're ready to go to the next 
chapter. You may also find the Self-Test 
useful as a review before you start the next 
chapter. At the end of the book, there is a 
Final Self-Test that enables you to assess 
your overall learning. 

You can work through this book alone, or 


you can use it with a course. If you use the 
book alone, it serves aS an introduction to 
electronics but is not a complete course. For 


that reason, at the end of the book are 


Aug. 24, 1963 edition of the Saturday evening Post! In this national 
magazine, radiowave treatment of arthritis was branded medical quack- 
ery in the article “Hucksters of Pain”. There Drs. Smith, Street, Camern, 
Lobell and Blackberg had their answer to “government support for 
expanded research”. Fortunately, not every American is going to 
take this kind of libel without striking back at the mouthpieces of the 
vested interests who lend themselves so readily to control of the mass 
mind. Read this news clip from the Los Angeles “Times” for Nov. 1, 
1963: 


“SATURDAY EVENING POST SUED FOR $7.5 
MILLION” 
“New York — The Saturday Evening Post, still smarting from one of 
the largest libel awards in history, was hit Thursday with another libel 
suit demanding $7.5 million. 

“The suit was filed in Federal District Court here by the Diapulse 
Corp. of America, manufacturer of a machine that employs 
high-frequency waves in the treatment of infections and inflamma- 
tions, including arthritis. The company said it was defamed in an 
article, “The Hucksters of Pain”, which appeared in the Aug. 24 
edition of the magazine. The article dealt with quack remedies for 
arthritis. The suit seeks $2.5 million in compensatory damages and $5 
million in exemplary damages. 


From the June 1964 Journal of Borderland Research: 


LAKHOVSKY OSCILLATING CIRCUITS 

“About eight years ago 1 sent to the Health Science Press, Sussex, 
England for a little book, “Quick and Free Healing”, and also “The 
Waves That Heal” and found that there are healing waves in the air 
we breathe. I am a sensitive with the pendulum. The book told to 
take an insulated copper wire and find the positive and negative ends 
with the pendulum, so 1 would know which end to put to the left side 
of my body — positive to the right and the ends overlapping. If you 
can't keep them in place, wrap an elastic band around them. For me, 
the pendulum swings clockwise for negative and back and forth for 
positive. First use of the wire came when I skinned my shin with a 
five-inch gash. The bleeding made me sick and I had to lie down. I 
thought of my wire circuit, got up and put it on just above the knee. lt 
always had taken a long time for sores to heal on my body but this 
healed in three days time and showed only a narrow line about the 
width of small yarn. This convinced me that the oscillating circuit 
wasn't foolish. 

“I loaned my little books to a high school student that was taking 
science. I thought they would interest him but he made all manner of 
fun of me, for believing such a thing. None of my family are inter- 
ested in the good things that I have learned. I have been a member of 
BSRA since 1951 and think your journal is the best magazine I have 
ever read. Anyone wanting to learn more about the Lakhovsky cir- 
cuits can write to Col. A. E. Powell. (Now deceased) 

“Forty years ago I was taking treatments from an osteopathic doc- 
tor who sometimes diagnosed with the pendulum. When I became 
pregnant he told me he was going to discover the sex of my unborn 
child. He took his gold band ring off, tied a string to it and held it 
over me. It didn’t seem to have any definite swing, maybe around 
once and back and forth. “That's strange,’ he said, Tve never missed 
yet! When the baby came there were two, a boy and a girl! I didn’t 
ask him then where he learned about the pendulum or what it meant. 
Years afterward I sent to New York for one and found that I could ask 
questions and get yes or no answers that satisfied me. A medium told 
me that the pendulum is spirit controlled and mine was controlled by 
a young girl who was rather mischievous. If you want to put my 
experiences in the BSRF Journal it is all right with me. I got my 
education in the little red schoolhouse. I am 73 years old and still 


learning. They say you never get too old to learn and I find it is very 
true.” 
Mrs. E.H., Piqua, Ohio 


A “HOPPED UP MWO” IS DANGEROUS! 

“It is far too early to draw final conclusions regarding my experiences 
with the higher powered Multi-Wave Oscillator, a word of warning is 
in order. I powered mine with a 250 VA, 10 KV oil burner trans- 
former. This is DYNAMITE and could, in my opinion, be fatal if too 
much power is used and I didn’t miss it by much. My equipment 
sparks the antenna down to the 4th ring and the resonator to the 
second, with occasionally a week spark to the third. 10 hours after the 
first high-power exposure I felt like running instead of walking (age 
72) and walked all around town and back, about six miles and no 
tiredness, whereas two miles would tire me before. That first exposure 
was about ten minutes for me and four for the wife (age 75). Imme- 
diate reaction for me was a moderately strong sensation of tingling 
from head to foot for about three hours before I could get back to 
sleep. None of this for the wife. Then, as aforementioned, I felt on top 
of the world. 24 hours after that, however, the wife and I developed 
the grand-daddy of all colds and flu symptoms that we’d ever had. I 
hadn’t had any real cold or flu in 15 years. This one dredged such an 
amount of mucus and toxic waste as Pd never seen before in my life. 
It was rough. It lasted two days before it wore off. 

“This all had me guessing until your brochure arrived, with the 
experience of your Engineer-Physician Associate. He told that many 
of his patients developed flu symptoms after MWO exposure. His 
increasing conservatism was well founded. I decided to find out if the 
doctor’s hypothesis of viral penetration would hold up. If so, a second 
high-powered treatment of equal strength and duration should pro- 
duce much the same flu symptoms. But, having wound another coil, 
I used more power than the first time, sparking antenna and resonator 
down to the fourth and fifth rings. Results: no more flu, only a very 
slight tingling sensation, no feeling of exhilaration as before. Five days 
later I took another exposure, of seven minutes, with a little less 
power. This one did it. No tingle, no exhilaration, only a feeling of 
rapidly increasing depression, no sleep that night, a rather severe pain 
in the chest and heart region, extremely weak pulse, hardly pep enough 
to life an arm, and a nervous shaking all over. For a while I thought, 
this is it. It took five days for this to wear off and it isn’t all gone yet. 
One night I lay awake until three a.m. figuring out how to pep up the 
MWO still more. Out of the blue, a voice clear and distinct and very 
emphatic: This is dangerous!’ Again very emphatically, “Yes!” Nor- 
mally I am not the least psychic, clairvoyant or clairaudient; so I choose 
to heed this as a warning from a discarnate guide or guardian.” 

Let this Associate’s experience be a warning to you, if you feel 
the urge to build a hopped-up Oscillator, to transform yourself over- 
night! Bob Beck’s original article cautions against this and his original 
equipment falls well within the safety tolerances set by the Air Force 
and the telephone companies for personnel working around radar 
and microwave broadcasting and relay equipment. Most of you tak- 
ing part in this research program have built your equipment only in 
the last two or three months. It would be wise to stick closely to the 
original design for a year before altering it for further research. 


LAKHOVSKY’S ORIGINAL THEORIES ARE SOUND! 
With one or two exceptions all reports in to date show beyond ques- 
tion that Georges Lakhovsky’s theories are sound: Radio waves do 
effect living organisms. In certain concentrations these waves appear 
to benefit cell growth, even to stimulate it. These BSR Associates 
have proven to their own satisfaction in only six months from the 
publication of our first article. Now it is up to others to exploit this 
knowledge while we turn our attention to other projects. 
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From the Jul-Aug 1964 Journal of Borderland Research: 


LAKHOVSKY OSCILLATING CIRCUITS 
“The danger of strong reaction to a hopped up MWO, as told in the 
June Journal, reminds me of my experience with the single circuits. 
Months ago 1 wrote to Col. A. E. Powell and he sent me single circuits 
to wear around waist, neck etc. This 1 did for two months or so, daily. 
Pd been under the weather enough to hope for benefit. Instead, 1 had 
three successive colds — something 1 never, never had in my life be- 
fore, even during the worst of my catarrh years. lt never once dawned 
on me it could have been the Lakhovsky oscillating circuits; now I 
wonder?” 

A California Associate 


Yes, it had been the experience of others that the apparently 
powerless Oscillating circuit, of only one wire looped around the body, 
can produce a strong reaction on living tissue. A San Francisco Asso- 
ciate told us during our May trip north that she received a wire loop 
from Co. Powell and wore it to bed that night, and forgot about it. 
Early in the morning she awoke with such a violent pain through her 
middle she thought she'd die! She lay there and stuck it out until the 
pain left and went back to sleep. In the morning she awoke refreshed 
and ready to go, with the oscillating circuit still around her middle. It 
began to dawn on her that this was the cause of the pain, but it also 
had affected the healing of a long-suffered condition. At the time we 
were there, weeks later, the condition had not returned. Certainly no 
permanent cure of any condition can be expected unless the original 
cause in mind, emotions or spirit is changed, and if a person insists on 
indulging his vices, use of oscillating circuits may only cause needless 
pain! 


From the October 1964 Journal of Borderland Research: 


HE PREFERS VITIC TO MWO 
“Personally, while feeling the passage of the high tension flow from 
the antenna of the Multi-Wave Oscillator, I found no beneficial effect. 
On the other hand, the Associate with whom I obtained the MWO 
realized definite improvement. He has kept up the use and told me 
lately that he is feeling steadily better and lays the improvement to the 
use of the outfit. Some years ago I had frequent conferences (thru a 
medium) with one who was said to be Madame Blavatsky. During 
the course of these talks she dismissed the subject of electricity as of 
little value in comparison with a study of magnetism. That in the 
study of magnetism lay the secrets of many valuable matters. I am led 
to refer to this because I recently obtained relief, and apparent cure, 
from a troublesome irritability of the bladder by the use of a magnet. 
Other treatments had been of no value. I made no report of this until 
the fact was definite. The use of the magnet was experimental and 
came from the suggestions of a Chicago University specialist in the 
subject, relayed to me via various Biomagnetic reports and some cor- 
respondence.” 

Associate A. N. Onymous, Dixie, U.S.A. 


This letter from an elderly Associate was dated Sept. 3, 1964. It 
certainly provides an interesting and stimulating commentary on the 
material in the preceding pages of the Journal. Interestingly enough, 
we’ve had many reports of successful and continued relief of irritating 
bladder and prostate conditions from exposure to the MWO. In the 
Vitic device we now have a borderland gadget that is far less trouble- 
some to build and to operate. How effective it is remains to be proven. 


THOSE LAKHOVSKY CIRCUITS AT WORK 
“About the Lakhovsky wire circuits, there is no other way to account 
for the consistently maintained energy I receive. I wear one all the 
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time as do several others I know, all of whom report amazing results. 
One man past 80 finds it peps him up too much, so he wears it inter- 
mittently.” 

H.C., Yucca Valley, Calif. 


From Jan-Feb 1965 Journal of Borderland Research: 


HE WORKED WITH GEORGES LAKHOVSKY 
“A friend of mine sent me your pamphlet describing the Lakhovsky 
Multiple Wave Oscillator. I was the first man that bought this instru- 
ment in New York in 1940, on the advice of a physician who saw it at 
a medical congress in Vienna. My young son had developed a face 
lesion. It was diagnosed as tubercular. I was having a joint office at 
that time with a progressive MD. I was practicing dentistry. Her 
success with the MWO was phenomenal, but when she began to treat 
cancer cases the American Medical Association got after her and me 
and revoked our licenses. I had translated some of Lakhovsky’s works 
into English from the French. Professor Lakhovsky came often to my 
New York office. He told me the Pope was using one of his instru- 
ments. The success obtained in the hospitals was excellent but the 
reports were suppressed. The good professor died of a broken heart. 
Our case was a regular frame-up by the AMA, the lawyers and the 
courts. I was foolish enough to fight the case and spend lots of money, 
not knowing that the AMA controls even the courts and judges. 1 still 
have some copies of the booklet and a photo of my Lakhovsky instru- 
ment. IfI can locate them I'll send them to you. I sold my instrument 
to a doctor in Texas and left New York state in 1945. I am a licensed 
Naturopath in Florida and Chiropractor in California. Am enclosing 
$ for membership. I belonged to BSRA several years ago.” 

Dr. N. S. Hanoka, Miami Beach, Florida 


From March 1965 Journal Borderland Research: 


“THE SECRET OF LIFE” 
“I loaned my copy of Lakhovsky’s “The Secret of Life’ to my chiro- 
practor, also your Journal. He had one build and I’ve been taking 
treatments from him on the Multi-Wave Oscillator. After two treat- 
ments I got an awful cold and I have never blown so much bloody 
mucous out of my nose. Also, after each treatment, it would leave me 
weak. I would have to lie down several times a day. There always 
was a reaction but my bad sinus condition has cleared up consider- 
able. I also had trouble with my liver and there were so many things 
that I hadn’t been able to eat, for 15 years or more. Now I can eat 
them and enjoy them. The MWO is certainly worth having and I am 
improving.” 

Mrs. A. N. Onymous, Somewhere, Indiana. 


From the October 1966 Journal of Borderland Research. 


HITTING THE HEALING TRAIL WITH THE MWO 
“It would be appreciated if you would put an announcement in the 
Journal that Dr. S. L. Jamison, D. V. M., N.D. (Gr. Br.) announces 
the opening of a practice of naturopathy in Santa Cruz, California. 

“The climate has changed greatly from the old burning-of-books 
days by the FDA. We cannot all stand back and wait for “George” to 
do something. I have the advantage of a lot of training in a legitimate 
field of allelopathic medicine. Only a veterinarian would be able to 
make such a move and escape retribution for it. A regular M.D. 
would be branded a traitor to his fellows. 

“I have moved to Santa Cruz to set up practice as a naturopath, 
using the M.W.O. unit, spiritual healing and diet — along with 
naturopathy measures for the healing of old injuries and chronic de- 
generative diseases. There will be no charge if there are no results. 
Since my fees will have no legal status, this will be made clear to the 


people using the service so they will be under no compulsion to pay, 
even if results are satisfactory! 

“There are no incurable diseases but there are incurable patients! 

“With the MWO we have not gotten uniform results classified by 
the disease the patient had. About two out of ten people do not 
respond to the MWO unit at all, You had just as well breathe on 
them. I strongly suspect that these people should consult an allelo- 
pathic physician, M.D., as they would be helped better by conven- 
tional medicine. You might say our cases were selected, as people 
came to us in the last stages of sheer desperation — conventional meth- 
ods (including chiropractic) having failed. 

“Some of these (not many) also do not respond to the MWO. 
They usually respond to spiritual healing methods when this happens. 
This 1 have not figured out good as yet. Once in awhile an arthritic 
will claim to have been worsened by the unit. This occurs usually in 
an arthritic with arthritis in a number of joints. One treatment seems 
to break the poison loose in their body, and they fall like the wrath of 
hell about two days after. Get them in immediately and run them 
again, and everything is alright. 

“To sum it all up, I have got so I do not care what disease a 
person has got as long as it is not an acute infectious disease, or a 
recent stroke case. 1 have been afraid to try it on either of these as all 
we would need is for somebody to fall over dead while on the unit 
and we would be wearing striped suits or breathing HCN in a gasper 
chamber. . . The unit regenerates the whole body.” 

S.L. Jamison, D, V. M. 


From the July-Aug 1967 Journal of Borderland Research: 


A TRANSISTORIZED MWO 

“I would like to compare operational notes with some one who has 
built one of these MWOs because I question some of the statements 
made in the original article. Pll just give a brief description of mine 
and some of the things I ended up doing. I started with aluminum 
elements but had trouble with the gluing process so ended up with 
using printed circuit boards so my elements (antennas) are copper. I 
have good arcing between first four rings. Can make ‘em all arc if I 
bring point of wooden pencil near the smallest, but pencil must be 
held certain way or Pll get knocked on my haunches. 

“I ended up with a9 in. Tesla coil. Tried 7, 6 and 5 but ended up 
with nine. The trouble here was with leakage between primary and 
secondary. It was terrific until 1 took means to reduce to a minimum. 
The transistorized drive I use is partially a hangover from the days of 
when I used transistorized ignition in my one vehicle. The ignition 
coil was modified to increase the step-up ratio and since the coil was 
mounted originally in oil, it was a ‘slippery as an eel’ project. The 
driver uses 5 transistors plus diode and operates on a source power 
supply which can supply up to 20 volts d.c. The drive seems to 
function best at about 15 - 16 volts.” Now for a question. If Mr. Beck, 
as he indicated in his original article, ‘reconstructed the circuits’ of an 
original MWO in a certain man’s house, why didn’t you people pub- 
lish a diagram and dimensional data on that original piece of equip- 
ment? ‘That would be a project a man could sink his teeth in. Instead 
this peewee MWO which you now say is not much good unless ev- 
erything arcs. You mean arcing all the way down to the smallest 


me know as I would like a copy. 
RAR, Rochester, Minn. 


Arcing between the first four rings, from the outside in on the 
MWO antenna, is about as good as any we saw when we were re- 
searching the instrument in 1964; 80 it sounds as though your transis- 
torized MWO — the first we've heard of — is doing very well and 
should be putting out enough energy to affect living cells. You any 


wish you had cut aluminum antenna rings after all. For some reason, 
the arcing between copper rings builds up deposits which must be 
cleaned off periodically. Bob Beck didn’t offer us a schematic of the 
original Lakhovsky equipment he saw. He said it was housed in a 300 
lb. cabinet. The antennas were of circular-formed pipe rings. The 
outside ring was two feet in diameter. There was a large, separate 
Tesla Coil driving each antenna. This is a professional model de- 
signed to impress the patient. It also probably puts out enough static 
to antagonize the neighbors for blocks around. We believe Bob Beck 
deserves all credit for grasping the principle of multiple wave propa- 
gation developed by Lakhovsky during radio’s infancy in the 1920s 
and redesigning it into a simpler, smaller device for present-day bor- 
derland research . 


LATER COMMENT ON THE MWO BY MR. BECK 
“The key factor is that the rings MUST arc profusely all around the 
circumference of the outside and THIRD ring simultaneously. There 
is no effect, either on a calibrated Hewlett-Packard field strength meter, 
or physiologically, at the target frequencies if this arcing does not 
shock-excite the rings. And yet I have seen at least three machines 
that did not have sufficient voltage from the Tesla Coil to even drive 
the outside ring, let alone the third element! It would be a shame to 
invalidate the device because of this. Some of the machines I’ve seen 
drive the Model T Coil from an A. C. transformer! The obvious 
fallacy here is that the coil’s vibrator is a resonant device supplying 
the make-and-break voltages (and magnetic field) to the T coil pri- 
mary at the designed frequency. Since the transformer is on and off 
120 times a second, the chances of the T coil points ‘breaking’ at the 
precise instant that the 60-cycle house current is at a POSITIVE peak 
is about one in fifty. And even if it fires ‘sometimes’, the T coil is 
modulated with the 120 cycle line (twice the 60 cycle frequency, since 
each cycle has two peaks, both a positive and a negative). 

“Try it at 300 mc. and 10 kmc. on a field-strength meter some 
time. You'll see what I mean. The Tesla Coil, incidentally, is just a 
convenient supply of free electrons. The cascade of electrons or ‘high 
voltage’ breaks down the air’s resistance (by arcing) and then drives 
the antenna rings. But if the drive is interrupted, the rings may not 
absorb and resonate properly. At any rate, it is difficult to kid the 
Hewlett-Packard meter, and Pd like to see the original design fol 
lowed, at least for the first year.” 


AN IMPORTANT MODIFICATION 

“The greatest modification to date was the discovery of a box of war 
surplus very high voltage rectifiers in a bin at a Burbank electronics 
store. The 30,000 to 60,000 volt selenium stack rectifiers ... eliminates 
the necessity for a tunable gap, and roughly quadruples the output of 
the Tesla Coil, also lowers battery drain to half.” 


BEWARE THE PUNITIVE HAND OF THE AMA 
Turlock, Calif. “Daily Journal”, Dec. 2, 1966: “Dr. Stanton L. Jamison, 
formerly in charge of the state Poultry Pathological Lab here, was 
arrested yesterday for practicing medicine without a license. The 
veterinarian is charged with using an electronic device — with high 
voltage sparks crackling and jumping about on either side of a patient 
— with the claim it was beneficial in cancer and bone diseases. 
“After posting $1100 bail, Dr. Jamison defended his machine. 
He said parts for the machine cost less than $50. If someone followed 
up on the apparatus, he claimed, it would be a ‘blessing to humanity’. 
Police Chief John Viarengo, Lt. Bill Ladd and investigators for the 
California Bureau of Food and Drug Inspection took Dr. Jamison into 
custody in the offices of his Life Aquarian Center in the Mercantile 
Building. Lt. Ladd said a sign reading ‘Universal Life Church, Inc.’ 
was prominently displayed in the front office. He said four or five 
agents had been ‘ordained’ as ministers in the church by telling Dr. 
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Jamison they wanted to become preachers. Soon their official ordina- 
tion certificates arrived in the mail, said Lt. Ladd. 

“Police described the apparatus as similar to an electric chair, 
with four-inch metal rings looking like handcuffs hanging over doors 
to the room. The theory was to determine polarity of a patient with a 
pendulum and then proceed to change negative polarity to positive 
with the 70,000 volt device. Chief Viarengo said patients were being 
treated for a variety of diseases, including stomach ulcers and cancer. 
Investigation into Dr. Jamison's operations started in May, when po- 
lice began receiving complaints from relatives of patients. No money 
was charged for treatment, according to Lt. Ladd, but patients were 
expected to make donations to the church. Dr. Jamison headed the 
state poultry lab here for a decade. He will be arraigned on the 
charges in Turlock Judicial Court next Friday morning. 

“In a statement released following his arrest, Dr. Jamison said the 
‘multiple wave oscillator’ picked up by police resembles many elec- 
tronic gadgets used, usually ineffectively, in the past for treatment of 
many complaints. However, he insisted, his oscillator appears to be 
the exception that proves the rule. 

“The unit suffers from a sort of ‘guilt by association’ with other 
electronic gadgets to the point where serious doubt would be the 
reaction of any trained scientist on first observing it,’ he admitted. 1 
know that this was my reaction.’ However, he said he suffered con- 
tinuous pain following a 1962 automobile accident and, willing to try 
anything, tried the unit. It helped him, he insisted, and has helped 
many others. He said the unit had been tested and checked by quali- 
fied medical men in Europe in the late 1930s. “Some progressive 
healer will follow up my lead in continuing to develop the electronic 
unit,’ he said. 


From the Nov 1968 Journal of Borderland Research: 


AN MWO PHENOMENON 
“Please find enclosed $ for another year’s subscription to your won- 
derful Journal. It has been very enlightening, and I always look for- 
ward to receiving it. I have taken treatments on the MWO for a long 
time and have been puzzled. Soon after I started to take treatments, 
the hair stopped growing under my arms. I have wondered about 
this and if anyone else has had the same reactions?” 

Mrs. E. H. Piqua, Ohio 


This is new to us! If any of you researchers have experienced or 
observed a similar phenomenon, we'd be glad to hear about it and 
share it with the rest through the pages of the Journal. The Tesla Coil 
problem has been solved with the discovery of a good commercial 
coil made by Master Appliances, Marion, Indiana. This coil will drive 
one antenna very well. 


From the Jan-Feb 1971 Journal of Borderland Research: 


THE PASSING OF CYRIL SCOTT 

Cyril Scott, born Sept. 27. 1879 in England, died first week of 1971, so 
two friends here inform me. Pm always happy to see one who writes 
so intelligently regarding diet and health, vindicates his ideas by liv- 
ing that long. Not many do BUT, I read in our local paper yesterday 
of the death of a former neighbor who died on 11th January at 93, 
and she knew nothing regarding diet, positive thinking, etc. So, where 
are we? I can’t ever make 2 & 2 come to four, woe is me. 

Two small books come from Muriel Archdale, England, by Cyril 
Scott, ‘Safe and Saner Remedies’, and ‘Health, Diet and Common 
Sense’. On page 162 of the latter he mentions the George Lakhovsky 
book, “The Secret of Life’, memory of which caused Mr. Scott to 
suggest using a copper wire around his middle to a man who was too 
breathless to walk far or uphill. The man wore the Lakhovsky loop for 


twelve hours, had a copious and offensive bowel movement, then on 
following day and another uphill walk, the man was able to keep up 
with Scott! I found my copper flex soon after but it is awkward to 
keep in place to make sure the negative end is to the left. Cyril Scott 
gives the homeopathic remedies needed, particularly emphasizes po- 
tassium for cancer.” 

A. F., Santa Cruz, California 


COPPER BRACELET CURES “TENNIS ELBOW” 

News Item from Crosby Golf Tournament at Pebble Beach, Califor- 
nia a year ago. 1/24/70: “Bert Yancey one had to give up golf because 
of a nervous breakdown. He also came close to quitting the profes- 
sional tour last year because of a ‘tennis elbow’. But he didn’t mainly 
because he found a remedy endorsed by Australian tennis pros John 
Newcombe and Tony Roche. The so-called remedy is a $7.50 copper 
bracelet, otherwise known as “The Absorber’ or a Voodoo Bracelet. 

“Yancey wears one on his right wrist to correct an arthritic condi- 
tion in his elbow and he has worn it for the past five tournaments, 
including the $150,000 Bing Crosby National Pro-Am, which he leads 
by two strokes at 137 going into today’s third round. 

“T don’t know why it works, but it does,’ said Yancey, a 3l-year 
old former West Point cadet who finished third in the 1967 and 1968 
Masters and won the Atlanta Classic last year. He said a tennis pro in 
Napa Valley suggested last summer that he wear the bracelet and got 
confirmation from Newcombe and Roche, who have suffered from 
similar ailments, that it would work. 

Yancey strained his right elbow two summers ago lifting a con- 
crete birdbath in the backyard of his home in Tallahassee, Fla. He 
took a pain-killing drug that enabled him to compete in the U.S. Open 
at Rochester (where he finished third), but he was warned that the 
drug was ‘dangerous ... that it gives you ulcers’. ‘I never got ulcers, 
but I felt a pull in my stomach. That’s when I quit using the drug.’ 

‘He said he hasn’t needed the pills anyway, since wearing the 
bracelet. The therapeutic effect of the copper, he said, has to do with 
chemical displacement within the body. ‘I majored in chemistry while 
taking pre-med courses in college and I think I know enough about 
copper deficiency in the body to believe that, somehow, the bracelet 
can help me. 

“Somebody then pressed Yancey for an answer about what makes 
the bracelet such an effective remedy. ‘I don’t know for sure,’ he 
drawled, ‘maybe it’s all psychological.” 


YANCEY WINS THE CROSBY OPEN 

Sports writers are always looking for a new angle for stories and Bert 
Yancey withstood a spectacular charge by Jack Nicklaus on the final 
round, with a 65, and came in with a hot round of his own a 69, to win 
the tournament and a cash prize of $25,000. Yancey and his Voodoo 
Bracelet were headlined all over the country. The LA “Times” called 
it a “Copper Caper” in its Jan. 26, 1970 story. 

As was to be expected, the medical authorities in desperation 
had to prepare an immediate counter blast of propaganda to keep the 
public hypnotized. The sales of medical snakeoil went down as arthri- 
tis sufferers flocked to buy non-medical copper bracelets! The “Times” 
and other metropolitan newspapers willingly cooperated. After all, 
patent medicine advertising is a big source of revenue, and who knows 
how much profitable pharmaceutical stock is owned by the publishers 
of the papers? 

The “Times medical writer, Harry Nelson, dutifully wrote: “The 
Arthritis Foundation, a legitimate group interested in getting better 
treatment for arthritis sufferers (There is a contradiction here, Harry, 
for medical authorities claim there is no cure for arthritis!) refers to 
copper bracelets as ‘an age-old fraud which has no scientific basis 
whatsoever’. Yancey is the latest sports figure to get taken by the 
‘copper caper’, which the attorney general of New York last summer 
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called ‘one of the oldest and most vicious swindles’,” 

These opinions by the Arthritic Foundation and the attorney gen- 
eral are of course; utterly worthless. They are not based on the results 
of intelligent scientific research, but are based on the profit motive of 
the medical trust. The electrical nature of living cells was established 
beyond any shadow of a doubt two generations ago, by the sound 
theories and research of Dr. Abrams in San Francisco and Georges 
Lakhovsky in Paris. Thousands of supporting tests since then have 
proven conclusively that body cells have polarity, and that in an un- 
balanced or unpolarized condition, disease or injury, the subtle oscil- 
lations of a wire coil or loop will restore polarity. Sad to say, there is 
nothing of this in the training of medical students today and it is left to 
Borderland Science to carry the torch. The honest, straightforward 
testimony of public figures like Bert Yancey, Tony Roche and John 
Newcombe is ridiculed by the witch doctors of authority for medi- 
cine, 


JUST KEEP TAKING YOUR EXPENSIVE PILLS! 
Under orders from above Harry Nelson interviewed Dr. John Calabro, 
the arthritis authority at University of California in Los Angeles, “He 
points out that the bracelets may seem to work because arthritis can 
improve spontaneously and it is easy for the person to associate his 
improvement with the bracelet, 

“I tell patients it’s OK to wear the bracelet providing they do all 
the other things I ask them to do,’ said Dr. Calabro.” Including, of 
course, the purchase of poisonous pain killers at fancy prices. How 
much scientific integrity does Dr. Calabro have when he and his uni- 
versity accepts fat research contracts from the medical trust? Is it any 
wonder that today’s Aquarian Age students are publicly questioning 
the morals and ethics of their professors? They are told that the goal 
of a university is the search for truth — at least that is what the Chan- 
cellors say in their public speeches. But when the student gets to the 
laboratory he finds that the search is for profitable products for indus- 
try — or help maintain a well established profit position. 


LAKHOVSKY BELTS, LOOPS, OR OPEN CIRCUITS 
“Thank you for the clarification of the Lakhovsky belts described by 
the late Col. Powell in his publication. I tried what you suggested and 
after some thought I finally understood what he meant and I believe 
the belts should look like this: 


You might want to try experimenting with flat ribbon cable for 
these belts or coils. It can be bought at most electronic stores and it 
comes in different widths or colors. 1 am wondering also, is it really 
necessary to separate the lamp cord and use only half of it? Could it 
not be used as it is, with two strands of copper wire, insulated, side by 
side?” 

G.B.F., San Fernando, California 


Yes, in our one-loop coils of white insulated lamp cord, we now 
use it just as it comes from the store, without separating the two strands. 
But you plastic ‘buckle’ or ‘button’ shown above may allow too much 
slippage; so the ones we make for ourselves and for research-minded 


Associates have separate entrance and exit holes for each end of the 
insulated wire. The white insulated wire seems preferable from the 
hygiene angle, seeing that it is usually worn next to the skin. 


From the Mar-Apr 1971 Journal of Borderland Research: 


OUR LOOP-THE LOOP PROJECT 

“It looks to me like the Lakhovsky loops work homeopathically. It’s 
not the copper element, per se, but the loop the loops it makes, throw- 
ing back into the body forces which the body is throwing off. It’s an 
automatic homeopathic prescription, each body being its own pharma- 
cist. 

“The Yogi does it when he goes into suspended animation, 
re-breathing his own air. Urine therapy, drinking one’s own urine, as 
described by Armstrong, is homeopathic. An ostrich putting his head 
in the sand breathes his own air. Breathing into a paper bag and 
re-breathing the contents is a specific cure for old age pains and hic- 
coughs. Dianetics was mental homeopathy, i.e., the original book but 
not no more. Dianetics is rethinking one’s own thoughts. You imbibe 
your own aberrations, attaching like with like. Homeopathy is like a 
feedback system. Gods ate their own offspring. It’s Isis picking up the 
pieces. The smaller the dose the more potent the cure, Etc. Etc. Send 
me two kits of three experimental loops. Maybe I can fatten up on 
them,” 


P. F., Florence, Arizona 


HE FEELS LIKE A NEW PERSON 

“I read that part in the Journal about the copper wire loop; so today I 
did loop one around me and sure enough the oscillating motion calmed 
me down. It sure was a sensational feeling because lately at times it 
got so bad I though I would spin off, even though I do the Five Rites 
nightly. On occasion I also experience a terrific pain in my left side 
which forces me to sit down, just a great pressure especially after 
standing over the stove preparing meals for maybe three to four hours 
at a time. The customers just couldn’t understand how I stood up 
under pressure of serving so many people. Seems like mass produc- 
tion. 

“So with this new item I feel like a new person! And Pm going to 
have you send me one of your experimental kits, to see how it com- 
pares to what I hooked up on myself. Of course I just taped the wire 
on and this is only about six hours since I put it on.” 

J. M. 5., Charleston, South Carolina 


A DEDICATED BORDERLANDER 
“Enclosed is a check for membership renewal and for five sets of 
experimental loops. I want to compare the effects of the Lakhovsky 
coil with the Japanese-made magnetic health bands which I sell to my 
tennis customers. I am very active in tennis playing and teaching. 
The results with this band are very good.” 

A. M., Miami, Florida 


BEYOND THE PHYSICAL 

An Associate writes that she had success in “curing” and arthritic 
elbow by wearing a copper bracelet on her wrist. Then the pesky 
condition showed up in her knee! From there is moved to another 
part of her body. Then it began to dawn on her that their Higher Self 
was trying to tell her something, that the swollen and painful joints 
were an outward manifestation of an inner mento-emotional condi- 
tion of resentment and bitterness over an unhappy marriage. With 
the cooperation of an understanding doctor and more orthodox heat 
treatments, etc., and a more positive and cheerful attitude on her part, 
the condition was finally eliminated. It took months to cleanse the 
system of the accumulated poisons, physical, emotional and mental. 
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From the Jan-Feb 1966 Journal of Borderland Research: 


THE LAKHOVSKY MWO IN INDIA 

“The MWO is giving wonderful service and days are passing and I 
am gaining some new experiences which have not been recorded in 
the book. I will appreciate if you kindly clear some of my doubts. In 
practically all the cases I am finding aggravation after three or four 
sittings. Do you think that it is due to a sudden oscillatory shock that 
is given to the patient as it so happens when Homeopathic medicine is 
given? I feel that it should have at least been recorded by someone. 
One more question. What is the reason for metals being removed 
from the person of the patient? In case they are not removed will 
there be any adverse effect? This is very vital because here in Bengal 
there is a custom that the married ladies must wear one iron bangle. 
They will not remove it under any circumstances. What is the rem- 
edy for this? 

“I find that the appetite improves in practically all cases. Rheu- 
matism and Arthritis cases are definitely benefited. In one case a 
tumour which is there since about 20 years has definitely gone down 
with only 4 sittings. I am watching the case carefully and if the Tumour 
disappears it will be a great achievement for the MWO. Debility is 
markedly reduced in nearly all cases. In a recent case of Spondylitis 
the MWO has done wonderful work. The flexibility was 8/2" from 
the floor which has come to 6" after 7 treatments and all the pains 
have practically disappeared. Due to the New Moon and Eclipse 
there is an aggravation but I hope it will gradually go. Asthma cases 
have not responded so well but I am not yet disappointed with the 
results. It is as yet too early for me to assess the capabilities of the 
MWO on various diseases. As you say I also believe that this instru- 
ment will work on all persons irrespective of their complaints but still 
there must be some specific organs on which there is more influence 
of this. 

“Something which I forgot to mention previously, can you tell me 
whether you have seen Hemorrhage as a result of MWO treatment? 
In at least 3 cases I have seen bleeding start where there was no 
previous history of bleeding. What is it due to? In one case there was 
profuse bleeding after 2 sittings and that has made me a bit nervous. 
Just now a patient reported that he was getting blood in the sputum 
even though there is nothing in the lungs. In the third case blood 
appeared in the urine. Please give a thought to this as this is a very 
serious complication if it is caused by the MWO.” 

Dr. A. K. Bhattacharya, West Bengal, India. 


The above is a portion of aletter to Associate Al Goeke, Redmond, 
Washington, which Al passed on to me for comment. I thought the 
rest of you would be pleased to know that this East Indian doctor has 
gotten very encouraging results from the very beginning in the use of 
the Multi-Wave Oscillator. If by aggravation the doctor means a sud- 
den release of mucous, heavy cold or flu, this is a sure indication that 
the MWO is working and affecting a release of accumulated poisons 
in the body. This is touched on in our brochure, in the comment from 
a Midwestern doctor which built and used such equipment in the 
1940s. When he began producing mild flu — as he called it — in his 
patients, he got scared off! The hemorrhaging by the doctor’s East 
Indian patients is more serious but we believe it is still a result of the 
same thing, a sudden releasing of accumulated poisons through the 
shedding of bad blood. We know one oriental who had a heavy nose 
bleed after the first exposure to the MWO field. Apparently orientals, 
some of them at least, are more sensitive to the soft radio wavers than 
Caucasians living in America; so the doctor’s prescribed treatments 
should probably be somewhat shorter in duration and spaced further 
apart. 

Yet I well remember the radio technicians in Honolulu, Hawaii. 
I was an announcer and producer there for several years. Some of 


them were of Chinese and Japanese ancestry. When repairs were 
needed on the radio towers, these men wouldn’t hesitate to jump on, 
climb up and work for hours while the station was putting out a steady 
five to ten thousand watts of power. I don’t recall any of them suffer- 
ing any ill effects such as internal bleeding. Yet their tools would get 
so hot because of the strong field that they would have to wear gloves 
in handling them! It was these eddy currents caused by an inert piece 
of metal in the pulsing field that Bob Beck was concerned about. 
There isn’t enough power in the MWO to cause heating in bits of 
metal about the body, if one can’t strip down for an exposure. The 
piece of metal, say a zipper or a ring, might reduce the efficiency of 
the field in that area but we didn’t worry about this when testing the 
equipment we had for a short while in 1964. I don’t think Dr. 
Bhattacharya should either. The machine seems to produce results 
anyhow. 


From the March 1966 Journal of Borderland Research: 


BASIC NEW AGE PHYSICS 

by Trevor Constable 
(Publication of Dr. Bhattacharya’s letter in the Journal, Jan-Feb 1966 
issue, elicited the following significant comments by Mr. Constable.) 
A word on Dr. A. K. Bhattacharya’s reports concerning the Lakhov- 
sky Multi-Wave Oscillator he is using successfully at his West Bengal, 
India clinic. The results are indistinguishable from those systemati- 
cally recorded and published over a long period by the late Dr. Wilhelm 
Reich, M.D., concerning his orgone therapy. Reich was the discov- 
erer of Primary Energy — pre-material and mass-free — which he named 
Orgone. 

The improvement of the appetite, the reversal of rheumatism and 
arthritis even to structural changes, the rapid reduction of tumors and 
the hemorrhage effects are all to be found in Reich’s massive clinical 
literature on orgone therapy. Dr. Bhattacharya’s reports, plus others 
any my own experiences with the MWO serve to confirm my previ- 
ous evaluation of this unit as published in the Journal over two years 
ago. In essence, the MWO is a device for orgone therapy. It achieves 
its startling results because it is a generator of primary energy, or at 
least a focus for primary energy. 

Any person with a modest extension of physical vision who will 
observe an operating MWO under conditions of indirect, rather dim 
fluorescent lighting, will see for himself that primary energy from the 
earth’s atmosphere (the Orgone of Reich) condenses prolifically be- 
tween the coils of the unit. The concentration is many times that which 
normally surrounds a living organism. 

The basic New Age physics involved, for which we are indebted 
to Reich, are as follows: Wherever secondary energy, i.e. energy ob- 
tained from matter in some way, is released, primary energy tends to 
concentrate to extinguish this energy. Secondary energy is life-negative, 
i.e. inimical to the living, a fact which is illustrated, in its ultimate 
extension, in the lethality of atomic energy. Where so-called soft ra- 
dio waves are involved, the antagonism of primary energy to their 
emission is evidently considerably diminished over the violent effects 
that accompany radioactive substances in the presence of primary 
energy accumulators. 

In the case of the MWO, the tremendous band of frequencies 
covered results in an extreme concentration of primary energy, which 
also has its frequencies and correspondence (the Rates of radionics) 
with the secondary, electromagnetic spectrum. That this effect is 
achieved with minimal secondary emission is the beauty of the Lakhov- 
sky unit. 


TWO-FOLD FUNCTION OF THE MWO 
In my view, the dramatic results obtained are due to a two-fold func- 
tion of the unit. First, there is the undeniable concentration of primary 
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energy around the body of the patient, particularly potent where a 
limb or other readily accessible member may be exposed. Secondly, 
there is the reaction of the specific biological energy of the individual 
organism, from within, to the stimulus of the secondary waves, which 
it rushes to combat. 

Under the laws of primary energy first discovered by Reich, the 
patient, as a living organism, is a stronger vital system than the MWO. 
Accordingly the patient attracts and withdraws the charge of primary 
energy produced by the device. This is in direct contradiction to for- 
mal electrical laws, and as such is typical of the criteria that rule pri- 
mary energy. The continued emissions of the Lakhovsky unit provide 
a continuous concentration of primary energy on which the patient 
draws. Just how long this process should be allowed to continue, per 
treatment, is where we run afoul of allopathic (MD) thinking. 

The acquisition of a strong primary energy charge by the ailing 
organism results in a reversal, or at least in the reduction of life-negative, 
ie. diseased, processes. Reich found with his orgone accumulators 
that the reduction of tumors was not as great a problem as the 
auto-infection resulting from the overloading of the excretory appara- 
tus. The debris and bacilli from the diminishing tumors must be elimi- 
nated, and unfortunately, because the excretory apparatus is frequently 
involved in the general putrefaction of which the tumor is the end 
result, this was the major problem in managing such cases, in Reich’s 
experience. 

The medical lectures of Rudolf Steiner, Ph.D., contain one of the 
master keys to successful therapy, particularly appropriate to the use 
of the MWO. Steiner points out that what the ailing organism needs is 
the significant, vital impulse in the right direction, then careful nursing 
and management as it recovers out of its own forces. This was also the 
view of another genius, the late Dr. Ruth Drown, who knew from 
experience how important the first impulse back to health is for the 
sick individual. 

Hence, it seems that the old allopathic urge to convulse the pa- 
tient with therapy, to repeat the massive dose again and again, is 
something that should be resisted in using the MWO, at least where 
tumors are being dealt with. The idea of applying the MWO in daily 
doses may stand in need of modification. We are all to some degree 
creatures of gross, non-vital thinking that stands behind our allopathic 
medical civilization, and we will need to carefully train and think 
ourselves out of the absurdity that the massive dose is the sine qua 
non of therapeutic success. 


THE TRUE-BLUE ROOT CAUSE OF DIS-EASE 

As far as unexpected hemorrhaging from the lungs and similar mani- 
festations are concerned, I think the problem is essentially that diag- 
nosis is so inept and inaccurate that the physician does not have a true 
blueprint of his patient. After my years of association with Dr. Drown 
I am sharply aware of the fact that nobody just has one ailment or 
problem, but that we are all bearers of a veritable plexus of malfunc- 
tions which usually proceed from one primary and obscure root cause. 
What happens with the MWO is that the injection of primary energy 
into an ailing organism results in multiple manifestations of the heal- 
ing impulse, and not just a direct effect upon the object of our atten- 
tion — which may be a tumor, ulcer or other extreme symptom. 

All the effects produced by exposure to MWO units are identical 
to those experienced in orgone accumulator. The healing agency in 
both cases is primary energy, and I hold that this is so no matter what 
plausible arguments might be advanced to reconcile the MWO with 
formal theories and thus win the neurotically desired approval of physi- 
cists and doctors. It perhaps seems incredible that one can obtain the 
same effects produced by the MWO by sitting in an orgone accumu- 
lator, with absolutely no electronic apparatus connected to is, but it 
happens to be so. Try it and see! 

MWO experimenters owe it to themselves to study Reich's work 


in full. As long as they wander in these fields, they may as well build 
into themselves the realization that electromagnetic energy has an in- 
evitable, unavoidable and inescapable concomitant — primary energy, 
life-positive, mass-free energy whose criteria and laws are the exact 
opposite of the energy accepted by formal physics. The best testi- 
mony to Reich’s tremendous contribution to human advancement is 
that he died in a U.S. Federal Prison. As all Borderlanders know, 
innocent bumblers die in bed in their own homes, untroubled by the 
status quo. 


From the April 1966 Journal of Borderland Research: 


MWO SURGERY AT SHASTRI VILLAGE AND 
RELATED MATTERS 
by Al Goeke 
I believe you and the Associates would like to hear the latest com- 
ments from Dr. A. K. Bhattacharya, Naihati, West Bengal, India on 
the Beck adaptation of the Lakhovsky Multi-Wave Oscillator he is 
using in his clinic there. 

“The other day I had an unique experience with the MWO. I 
think this should be published. I was treating a lady for rheumatism. 
After four sittings, once a week, she had a pain under the tongue and 
there was some inflammation with pus coming out. I asked her to 
take a further sitting. After about five minutes all of a sudden the thing 
burst inside the mouth and five pieces of stone came out. When I took 
her medical history I found that she had an operation two years be- 
fore and a bit of Salivary Calculi was extracted, but the surgeon had 
told her that some still remained behind. The MWO treatment elimi- 
nated the foreign matter which would not have come out without an 
operation. This then paves the way for research with Gall Stones and 
Kidney Stones. I would like to know if anyone else had an experience 
like mine. 

“This time I can give you some reports about the special attach- 
ment you sent. A patient was having much pain in the knee and there 
was swelling. I held the Bulb against the knee for five minutes, and 
after that it was found that the swelling had reduced and the pain also 
was much less. In an asthma case I applied the Bulb on the chest for 
ten minutes. The report is the patient had no recurring attack for two 
days. Yesterday I was having pain in my thigh so I applied the Bulb, 
In five minutes I got wonderful relief. Gradually I am getting the 
hang of it and I think I will be using it more and more.” 

I, too, am using the Argon more and more, and the more I ex- 
periment with it, the greater I think it is, also the MWO. I have had 
two test cases of young men who, after five minutes in the MWO, said 
they could feel something happening inside their heads. Both cases 
had a history of head injuries. I take it that the MWO reactivates a 
dormant, abnormal condition that perhaps one day would cause 
trouble. Another test case was a mental patient in Texas. The use of 
the MWO was part of the test program which brought about a marked 
improvement in only nine days. 

Some time ago a BSRA associate spent an evening with me and 
told of an interesting borderland gadget. People came from miles 
around to sit in its healing radiations. I built one for experimentation 
and found the results good. A Texas Associate says that it works! The 
original was set in the ground, but I wanted it in the house where it 
would be more convenient, and figured on running a ground wire 
outside; but this is not necessary. I have found that it corrects polarity 
of anyone sitting in the same room. The one I built radiates out 25 ft. 
One length of 6" stovepipe is used, filled with alternate 2 layers of 
crushed granite, and of charcoal. For a quick charge of energy, touch 
your foot on wire at lower end and hand on wire or rod sticking out of 
the upper end. I have checked the walls and ceilings or rooms (with 
pendulum) and found them negative. After a few minutes with this 
borderland gadget in a room, the walls and ceilings check positive! 
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Here is something that should be shared with Associates. 


Copper Wire 
or Tube 


(Here is our drawing from the rough sketch in Goeke's letter, of 
the borderland gadget explained above. This is just another of many 
simple devices which concentrate or condense etheric energies of the 
higher physical sublevels into a field or vortex of force available or 
useful in beneficial amounts to a living organism within that field. 
The drawing is not to scale. The dimensions are not critical. It is the 
relation of the parts that is important. You can consider the upper 
end of the copper wire as positive and the lower end coming out of 
the base as negative, but with the alternating layers of crushed granite 
and charcoal there must be an alternating or pulsating effect. Re- 
member, charcoal is carbon, so this Etheric Condenser is a Vitic de- 
vice, but not nearly so concentrated as the field between the Alnico 
magnets of Vitic. Iron filings sifted in the crushed granite would 
probably increase the power of this thing. This gadget would aug- 
ment the power of your Eeman Screens, if you are using them, by 
adding extra etheric vitality to the circuit. Add long wire leads to the 
upper and lower ends of the Condenser, so you can hold one in each 
hand while holding the handles of the Eeman Screen leads. Which 
Condenser lead should go to each hand? I dunno! This is border- 
land research and you'll have to experiment on yourself, and be your 
own authority! This is one of the first principles of the Aquarian Age 
into which we are moving at breakneck speed. Now to continue Al 
Goeke’s article. RHC) 


GERMICIDAL EFFECT OF ULTRA-VIOLET LIGHT 
The use of the Argon bulb (General Electric AR-1) as a pain-killer 
and infection reducer is not a new idea. Nikola Tesla used a gas-filled 
tube or bulb, excited by high-frequency current to rejuvenate himself 
every day in his laboratory. 40 years ago the RenuLife Electric Co. of 
Detroit was making and selling such a treating device to doctors all 
over the country. They offered a choice selection of vacuum tubes for 
getting into the body to release rejuvenating, purifying ultraviolet rays. 
I don’t know that their tubes were filled with Argon gas, as is the 
current General Electric bulb. Maybe this is why the GE bulb is so 
effective. There is a greater concentration of ultra-violet light in the 
most beneficial wave-lengths, from pure, excited Argon gas. 

We visited one chiropractor on a trip last year who used an MWO 


machine on his patients, and also uses the Tesla Coil of the MWO to 
drive the Argon bulb. General Electric designed this little gas-filled 
bulb for use on the regular 115 volt house current. As a very dimly 
burning, ultra-violet night light it is a good spook-chaser and can be 
left on all the time because it uses only pennies worth of electricity in 
a month! The little bulb has a curved metal plate inside it, as shown 
here, on which you can see a faint, ultra-violet luminescence when it is 
turned on, in a standard light socket. 


BUT, when you put a hundred thousand volts through it from the 
MWO Tesla Coil, that Argon gas gets real excited and throws off 
powerful ultra-violet energy which can penetrate into the body and 
destroy infection and break up tension, inflammation. Showers of sparks 
jump from the surface of the clear glass to the skin unless the bulb is 
held so it touches. Sparks will also jump into your hand unless the 
socket mounting is well insulated. The mounting or socket shown 
here is the standard rubber base with heavy, six-inch leads for out- 
door lighting. Our local hardware store sells the socket for 39 cents. 
The Argon bulb needs only one connection — to the antenna lead of 
your MWO. The black and white leads from the socket can be twisted 
together and soldered to a female Banana Plug. This will take the 
male connection from the antenna lead. The twisted socket leads can 
be wrapped with heavy, insulating tape if any of the ultra-high voltage 
gets through to tickle your hand. 

The chiropractor who makes use of this in his work asks his 
patients if they have any infected teeth, or a toothache. One five-minute 
treatment over an aching tooth, rubbing the Argon bulb on the cheek 
over the infected area, stopped a toothache for us. It also relieved a 
throat, sore from too much lecturing. 

General Electric also makes an identical Neon bulb. This gas 
throws off an orange radiation, which would probably give off more 
of a surface-heating effect because of the longer wave-length. You 
won’t find these special bulbs in your local stores, probably, but will 
have to order them through some wholesale dealer, say an electric 
contractor and builder who has the GE catalog of special bulbs. A 
compact, professionally built Tesla Coil can be bought from Edmond 
Scientific Co, Barrington, New Jersey. It doesn’t put out as much en- 
ergy as the MWO coil designed by Bob Beck, but it will cause the GE 
Argon bulb to emit considerably more ultra-violet radiation than the 
115 volt house current. 


From the May-Jun 1971 Journal of Borderland Research: 


A HIGH-POWERED MULTI-WAVE OSCILLATOR 

“Your brochure article stating that Georges Lakhovsky’s original 
MWO had a separate Tesla coil driving each antenna is most interest- 
ing. This is in line with my experience here in Manila. I find that 
when livening up both antennas to full voltage, to spark each antenna 
down to the 3rd ring with an occasional slop-over to the 4th ring, it is 
much more effective than when keeping one antenna (or resonator) 
down to near ground potential; and it is least effective when actually 
grounding this antenna — as Mr. Beck does — through a 1/10 MF 
capacitor! 

“One five minute treatment a week is enough for me and the 
equivalent of two 15 minute treatments with only one antenna up to 
full voltage. However, 1 drive both antennas up to full voltage with 
only one Tesla coil. It has rather tightly coupled primary and second- 
ary windings, wound as an auto-transformer, on a 4-1/4 in. diameter 
glass jar, as per enclosed sketch. 
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“The present spark gap is 1/8 inch, a fixed, constant gap, needs 
no turning with variable distances between antennas, subject or no 
subject. The sparking is much the same and the gap is not at all 
critical, 1/32nd, plus or minus, works just as well. Gap electrodes are 
1/4 inch tungsten. The present primary circuit capacitor is .0015 Mi- 
cro Farads, but this also is not at all critical, can be varied up to .0025 
and still give much the same sparking and effect on subject. 

“I tried using #28 Formvar wire, heavy insulated, 70 turns each 
on the secondaries, to shorten coil and get tighter coupling, primary 
to secondary, but coil was too short and flashed over from end to end. 

“Just plug it in and use it, no tuning manipulation of any kind 
required. The input of 115 VAC to the 10,000 volt oil burner ignition 
transformer is only 17 VA through the 75 watt lamp as a limiting 
resistor. Never use more than a 100 watt lamp. This is all I can take. 
More power becomes rapidly depressing. And the full 250 VA out 
put of the transformer I once used, with a 5/8 inch spark gap, was 
nearly fatal. It took me four months to get over the effects of it. Pass 
this info on to your Associates.” 

J. Gilbert E. Wright 


A HIGH-POWER MULTI-WAVE OSCILLATOR 
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Associates can benefit from this dedicated borderlander’s experi- 
ence, which confirms Lakhovsky’s warning that healthy cells can be 
over-stimulated and killed by powerful high-frequency waves — as 
well by X-ray and radium waves. It may be easier to locate Neon 
Sign transformers of 5,000 to 7,500 volts output as power supplies for 
this MWO, at a cost of $15 to $20. In this case the wattage of the 
“limiting resistor” electric light could be increased to 150 or 200 watts, 
or eliminated altogether, if it is necessary to get enough power to 
cause random arcing down to the third and fourth rings on both 
antennae. The good doctor says nothing about shielding but care 
should be taken to prevent radio interference from this powerful spark. 


“No data is given in the drawing (May-June 71 Journal) on the 

size of the antennas. I would suggest that the outer ring be about 18 

inches in diameter with a 3 inch gap. Alternate down through the 

rings separating them about 2 inches apart and held together with 

plastic electrical tape. Wire should be #10 bare. The secondary leads 
connects to the second ring from the largest diameter outside ring.” 

George Van Tassel, Giant Rock, California 


An even more spectacular possibil- 
ity is the Time-Machine effect in connec- 
tion with rejuvenation. If, as Bob Beck 
suggested in his article, the MWO tends to 
take the body cell back down the time-track 
to amore youthful, more vital period, what 
would happen to a person who stayed in 
the field of the machine for four hours? 
Would his vibratory rate be speeded up 
to where he would disappear completely? 
Like the hero of H.G. Wells’ “Time Ma- 
chine’? Anybody want to try it? It seems, 
from hints George Van Tassel has been 
dropping over the years, that his 
Integratron at Giant Rock, California might 
do something like this — if and when he 
gets it working! As I recall, both George 
and the Canadian Saucerian, the late W.B. 
Smith, spoke of the four dimensions of elec- 
tricity: 1. is the electricity moving in one 
direction along a copper wire, 2. is the 
magnetic field around the wire, 3. is the 
static charge created by the first two ef- 
fects, and 4. is Time — or the ‘tempic field’ 
as Smith called it. The Time Field equates 
with Space, where consciousness is every- 
where present. Seems to me Lakhovsky’s 
Multiple Wave Oscillator is a gadget which 
gives us the opportunity — for the first time 
— of approaching the Time Field with sci- 
entifically acceptable equipment, operating 
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LAKHOVSKY’S THEORIES! 
LA “Times”, March 28, 1971: “The ‘mag- 
netic resonance’ of the nuclei of atoms (in 
living cells) has been used to tell the differ- 
ence between cancer and normal tissues. 
This resonance is the reaction of the nu- 
clei to electromagnetic energy — first its ab- 
sorption and then its emission. The pro- 
cess can be timed. 

“Raymond Damadian, a biophysicist 


at the State University of New York's Manhattan Medical Center, said 
his achievement may open the way to major advances in the diagno- 
sis of cancer in humans... Like other attempts to find a way of making 
early diagnosis of cancer, Damadian's research began with a hunt for 
significant differences between cancer and normal cells. 

“He relied on a law of physics on which nuclear magnetic reso- 
nance is based — that the atoms in each element in the periodic table 
absorb and then emit electromagnetic energy on an individual wave- 
length that is different from that absorbed and emitted by the atoms 
of any other element. In his system, radio waves are aimed at atoms 
in strong magnetic fields. If the wavelength is the right one for that 
atom, the atom will absorb the energy and then emit it, returning to a 
‘resting’ state afterwards. 

“The reactions differ according to the kind of molecule the vari- 
ous atoms are incorporated in. They also differ when very subtle 
changes have taken place in the molecules. The measure Damadian 
uses is what is called the ‘relaxation time’ of hydrogen atoms in water 
molecules within the (body) cells... He found that it takes longer for 
protons (nuclei) in cancerous tissue to ‘relax’ than it does for protons 
in normal tissue... The relaxation time of protons in normal liver tis- 
sue, as one example, was .25 of a second, compared with .86 of a 
second for cancerous tissue. 

“Damadian’s findings confirm the theory proposed by several 
scientists that water molecules in a normal cell are held in a fairly well 
organized structure by electromagnetic attraction exerted by the mol- 
ecules in the cell. But, it was theorized, when a cell begins the uncon- 
trolled growth of cancer, the structure begins to collapse because of 
the cell’s increasing disorganization. 

“Damadian thinks the device for detecting cancer in humans (his 
experiments were conducted on mice and mouse tissue) that may 
come out of his work would be a radio frequency coil to emit the 
electromagnetic waves to be aimed at the atoms in the water mol- 
ecules under study. The device also would include a magnet to 
create the field required for measurement. 

“The coil would be wrapped around the patient while the mag- 
net would be moved back and forth over his body. The reading of 
how long it takes the atomic nuclei to relax would be made and then 
computers would do the matching up and make the diagnosis.” 

Interesting, isn’t it, how in the 1970s researches of biophysicist 
Damadian parallel the pioneering work of electrical engineer Georges 
Lakhovsky in the 1920s? The goals are quite different, of course, in 
that Damadian only wants to prove the existence of cancer so the 
victim can go on to be drugged, operated or radiated with destructive 
X-rays or cobalt rays, at fancy prices, a procedure inspired by the 
soulless monsters who guide the American Medical Association from 
the Lower Astral plane. 

The irony of Damadian’s proposed diagnostic technique is that it 
combines two electro-magnetic healing procedures. If it is used on sick 
people, sooner or later someone is going to be healed of cancer while 
being diagnosed! Can you imagine the disagreeable shock this would 
cause in orthodox medical circles? Extensive surgery would have to 
be cancelled. The sale of drugs would be lost. Under these circum- 
stances it isn’t likely that his diagnostic technique will ever receive the 
approval of the AMA. 

So, borderland science will have to continue to carry the torch of 
research on electro-magnetics in this area, as George Van Tassel is 
doing with his Integratron up at Giant Rock, California. In his news- 
letter “Proceedings” he gives more details of his research program 
there. We learn that in addition to creating a field of soft, high fre- 
quency radio waves, and a magnetic field, the Integratron will also 
bathe the subject in an atmosphere charged with negative ions. 


HOPPING UP THE HIGHER FREQUENCIES 
“There is one thing you may wish to try on the MWO. Close the 
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center hole in the driven antenna with a washer and screw. Connect 
this to the driven ring (second ring from the outside) with a 500 mmf 
condenser, 10,000 volt rating. This increases the power of the higher 
frequencies. I think you will be pleased with the results. Mount the 
condenser at the back of the antenna. Mankind has been saturated 
with the lower frequencies for years; 60 cycles and their first few har- 
monics are almost everywhere in more than adequate power. Radio, 
TV, radar, etc. also saturate our world but the amount of power avail- 
able to the average person is very small. In 1942 I used to cure my 
sinus trouble in minutes by getting close to the transmitter section of a 
radar transmitter. Few get that close, though, and it is a good thing as 
this power can kill. I have seen birds and larger animals killed in- 
stantly. It can happen to humans, too.” 

H. B., Melbourne, Florida 


SEND A FEW BUTTONS 

“Received the Lakhovsky loops and am pleased to feel the response 
to the body. I wear my belt only at night. I gave one to a friend who 
was having a problem with her leg and anticipating hospital treatment 
for same and the response was also to the good... So all I want now is 
for you to send me a few buttons so I can make some more loops 
myself and help to lessen some misery around here, for someone. I 
tried to have some buttons made here, but no success.” 


J. M. S., Charleston, S.C. 


The non-slip loop buttons we made are of 1/16 inch thick, white 
fiberglass plastic. 


MORE POWER NEEDED 
“Enclosed is $. Please send me the magnet assembly with carbon rod 
(March-April 71 Journal). Have not had the hoped for results with the 
loops. Possibly the assembly, which can be used more directly over 
the research area, will be more effective.” 

M. S., Ellensburg, Washington 


If we've proven one thing in our borderland research, there is no 
single cure for any or all of mankind's ailments. Injury and disease 
are outward manifestations of an invisible cause, which may involve 
three or four levels of consciousness and extend back two or three 
lives. Your Director has found in over thirty years of counselling people 
on their borderland problems, half of them don't really want to get 
well, they just want to be free of pain so they can go on indulging their 
vices. And by the time the hidden vice surfaces as a disease in some 
target organ of the body, an unhealthy trend has been established in 
the cell life there. It usually requires a strong jolt or shock to reverse 
this trend, such as a powerful magnetic field, a drug, chiropractic, 
even surgery — anything to break the negative pattern which created 
the condition. One of the simplest and most effective methods, and 
cheapest, is fasting for a week or two. This gives the system a chance 
to purge itself of all filth. 


OPEN ENDED COPPER BRACELETS 

“Your article on copper bracelets sent me to the typewriter! It is quite 
well known in England and has figured on TV as anklets for race- 
horses! Open-ended copper bracelets sold freely in shops for some 
years here, but not recently. However, I have a copper bracelet from 
Rhodesia which I wear always, never take it off, and of course no 
arthritis or rheumatism. But I'd like your experimental loops for throat, 
waist and wrist. 


J.G., London, England 


THE PRO AND THE CON 
“Thanks for the wire rings. Sorry to report no favorable results. My 
husband refused to try. I wore them several nights but seemed to feel 


some suggestions for further reading and 
online resources. Also, at the back of the 
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for reference and review. 


Now you're ready to learn electronics l 


even worse afterward. It was a good experiment. I guess my trouble is 
psychosomatic.’ 


“I want to thank you for sending me the kit of Lakhovsky coils. I 
especially appreciate your taking the time to prepare a largerthan-usual 
coil for my chest. I guess Pm, too young to have any really serious 
physical ailments — except for insomnia! And the coils eliminated 
that the first night I wore them to bed!” 

J. T. D, Venice, California 


From the Sep-Oct 1971 Journal of Borderland Research: 


UPGRADING CELLULAR ACTIVITY 

By Aaron H. Steinberg, Ph.D. 
For too many years now the scientific knowledge of electro-magnetics 
and its positive effects on cell life has been collecting dust and cob- 
webs on the shelves of ignorance, brought on by those special inter- 
ests who fear the Truth. We are now seeing a rebirth, if you will, with 
scientists both professional and amateur, who are reviewing the work 
of their predecessors and making improvements in the mechanical 
application of magnetic fields. 

In 1969 I visited the USSR to see for myself what and how they 
were utilizing Electro-magnetism. In several country homes for retir- 
ees I was most pleasantly surprised to see electro-magnetism used 
daily on most of the old folks. I should say young folks since may who 
claimed to be over 100 years young, looked and acted like most people 
at 50! The main object of the E-M was to reverse the ageing process 
by altering the cellular structure. 1 was most anxious to purchase a 
piece of the equipment, but alas no sale. 

Seek and you shall find has always been one of my dominant 
characteristics. So when I learned that Japan was truly advanced in 
this field, having been using such equipment since 1936, I decided to 
go there in 1970. I sought out the one company that had been most 
productive in this field. They were most kind and cooperative. I was 
introduced to several scientists who had done much useful research. 
Their claims were backed up by scientific facts and I was convinced 
that they had a well constructed instrument, simple to use by anyone 
so desirous. They named their equipment The Magnetizer. 

I returned to the U.S. with a Magnetizer and immediately began 
a research program. I can report that the results obtained to date have 
been most favorable, after nine months of experimentation. The mag- 
netic flux generated by the coils can be measured accurately over any 
part of the body, thus determining those areas where the flux is pen- 
etrating as well as those where it is weak. 

Chemicals and pollution are surely contributing to an unhealthy 
alteration in our cellular activity and human magnetic filed. It will be 
many years, if at all, before this mess can be rectified and controlled. 
But in the meantime, those who are aware and see the danger signals, 
will not sit by and wait for the clean up, which may never happen. 
Instead they will seek to upgrade their cellular activity so that the 
body’s natural resistance may be at peak ohms. There is some indica- 
tion that the aura force centers known as chakras or vortexes are 
stimulated by electro-magnetism. 

From the Japanese scientists I learned the following about the 
effects of magnetic flux. It is different from ordinary electric current, 
which only flows along the surface of matter. It is different from X-rays, 
which do not penetrate the bones. The magnetic flux of ultralong 
wave generated by the Magnetizer penetrates deeply in muscles, fat 
and bones and has an intensive effect on the nerves. 

Magnetic flux never causes unpleasant sensations in the body, 
such as pain or shock, but instead produces comfortable, warm sensa- 
tions. These sensations are also known as Joule’s heat, which strength- 
ens the function of the cell, corrects spasms and inflammations. When 


magnetic flux passes through tissues, a secondary electric current called 
the eddy current is created around the magnetic lines of force in the 
tissue cells, which ionized the protoplasm and rejuvenates the tissues 
as a result of activating metabolism. Furthermore, magnetic flux, in 
the process of penetrating the tissues, works to increase hormone se- 
cretions. These maintain youth by providing energy as a result of 
normalizing function of the internal organs. 

Flux strongly stimulates magnetic substances in the blood, like 
iron. Accordingly, the hemoglobin in the blood vessels moves ac- 
tively, accompanying the lymph circulation, when the Magnetizer is 
turned on. The therapeutic effect is not singular but collective, thus 
eliminating constitutional weakness. 


From the May-June 1971 Journal of Borderland Research: 


OSCILLATING LOOPS AND COILS 

I have a necklace which is definitely an oscillating circuit. Pm sure you 
have seen them. They are a wire around the neck instead of a chain. 
The only thing is that they come with a hook arrangement to clasp 
them. I cut the ends off, and rounded them to make a real oscillating 
circuit. Then, too, I got a pair of earrings which are simply coiled 
wires, like this: 


One of these days maybe I'll have a headache (this is rare), and I 
will try either or both of them. 
Mrs. C. M., Watertown, Wisconsin 


REMEDIES, HOMEOPATHIC & ELECTRO-MAGNETIC 
“You might spread the word around that the Copen Vibro-Potentizer 
actually can make any Homeopathic remedy in any potency from 1X 
to 10M. 

“Since the medical-industrial complex is trying to destroy Home- 
opathy and its pharmacists, those who know of it and are doing re- 
search on its remedies would do well to get such a machine. It can 
also make a remedy from a radionic rate. I made Skull-Staphylococcus 
10M and reduced an intractable sinus infection. The possibilities are 
fantastic and open up a new field in healing. One can make color 
remedies and aura remedies with greater power than radionic treat- 
ment of the same.” 

From his own research this Associate is suggesting that homeo- 
pathic remedies, being closer to physical matter than radionic treat- 
ment rates, may bring physical body changes more effectively. A hun- 
dred years ago in Philadelphia, Dr. Pancoast was curing practically 
every known human disease with colored light, either blue or red. But 
he also prepared colortreated dosages of oil or water for internal use, 
to back up or augment the shining of colored light on the outside of 
the body. 

“May I remind you that the Multi-Wave Oscillator requires an 
antenna without any edges, to give efficient radiation. Lakhovsky’s 
original had round bars or tubing with spherical ends. Edges lose most 
of the radiation. In addition the largest ring should be based on that 
fundamental resonance of the human organism, 3.66 meters as dis- 
covered by Bell Laboratories. This could be a quarter-wave antenna 
length of .91 meters or a circle of pi diameter. 

“However, this should be doubled so that the human organism 
resonance is the first octave. Individual resonances vary slightly above 
and below 3.66 meters. By giving lower octave and with the varia- 
tions supplied by the spark gap all wavelengths would be reached. 
Therefore, the outer ring should be 1.82/pi meters. 

“The relative size of the outer rings could be determined by ex- 
amining one of Lakhovsky’s original antennas. The outer ring should 
be fed current at both ends, quarter wave style, I believe (to a HV. 
Coil) not at the middle of the second ring as the Beck antenna does. 
The frequency of human resonance, 3.66 meters or approximately 
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84.6 megacycles is the key to radionics. [By my calculations, using the 
formula wavelength in meters (3.66 meters) equals (=) the speed of 
light in meters per second (300,000,000 m/s) divided by the frequency 
in cycles per second, I figure the frequency to be 81.97 megacycles. 
T.J.B.] The human sample or witness-blood spot, etc. radiates around 
that frequency, varying according to the disease and the person, I 
believe. The homeopathic remedy also has a resonant frequency and 
alters the human frequency for better (or worse). In addition there are 
harmonics and possibly sub-harmonics. 

“The resistance rates discovered by Dr. Abrams, followed by 
Guyon Richards, are still valid even though this work was done 50 
years ago. The rate for Aqua Marina (sea water) put on a Copen V.P. 
produces a very effective remedy good for almost everyone. This rate 
comes from Richards’ book ‘Chain of Life’, 1934.” 

S. M. S., Chicago, Illinois 


We welcome this Associate’s observations on the MWO antenna, 
radionics rates and homeopathic remedies. 
Riley Hansard Crabb, editor JBR 1959-1985 


BSRF MWO Update - Issued May 31, 1988 
(1986-1987 MWO UPDATE BROCHURE) 
Compiled by Tom Brown from the BSRF Files 
in consultation with Eric Dollard & other BSRF Associates 


As there has been a continuing strong interest in the Lakhovsky 
Multi-Wave Oscillator we felt the need to compile this information 
into the present book. This documentation is the result of a wide 
variety of analysis and experimentation with the MWO and covers 
many years of active research. 

There have been many comments made concerning the inherent 
healing effects of the MWO, but as it cannot be stated enough, the 
device is merely a tool of research, of which one may draw their own 
conclusions as to whether or not the device actually has any healing 
properties. It may be interesting to note that in a personal conversa- 
tion with Dr. Ita Wegman, Rudolf Steiner stated that electricity, mag- 
netism, and the force upon which nuclear phenomena is based, are 
all corrupted ethers. 

We have found through studying Goethe’s indications on the 
phenomenon of Light and Color in conjunction with Eric Dollard’s 
high frequency researches that electricity is a reflection of the Light 
Ether. This matter is being discussed further in ‘The Journal of Bor- 
derland Research, so it is sufficient for present reference to say that 
Light has its two poles, red-yellow and blue-violet. The red-yellow 
pole in nature is longitudinal (direct rays from sun) and the blue-violet 
pole is a progressive type of transverse wave (rounded sky, Reich’s 
KRW wave/blue orgone). Electricity has its two poles, electro-magne- 
tism: red-yellow-hot, (retarded transverse); and dielectricity: 
blue-violet-cold (longitudinal). Hence, there are experimental indica- 
tions that electricity really is a reflection of the Light Ether. 

In light of this train of thought we quote with permission from a 
1986 private communication with Trevor James Constable: “The 
MWO I regard as a false path. The cellular stimulation theories sound 
and seem good because they are mechanistic, and therefore sympa- 
thetic with the mechanistic weltanschaung. With the MWO you can 
avoid the etheric—or so it seems—and therefore those who feel adrift 
in the etheric ocean cling to things like this. Healing is one hundred 
percent an etheric problem. Any dysfunction or hyperfunction not 
caused by direct trauma has to be tackled via the ether body, and 
even the direct traumas respond best to etheric correction, such as 
getting the displaced double back into occlusion through the use of 
arnica compresses, etc., etc. In between the MWO antennas, there is 
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a general marshaling or focus of light and chemical ethers. Its quite 
evident even with a minor extension of vision. This is the healing 
agency, not the sparks. The ether rushes to suppress the EM activity, 
and because it is low power, the ether accumulates around the spirals 
and in between them. Any stricken area placed in such a high con- 
centration of formative energy, is going to respond with a return to- 
wards normal. BUT, why go to all that trouble when a simple orgone 
blanket—a layered structure that can be directly applied to a trauma- 
tized or dysfunctional area—does a much more efficient, controllable 
job without that infernal juice. In my time with Ruth Drown, I heard 
it over and over again, and I pass it on to you: keep that 115V juice 
away from the organism. The post material EM energy is life negative, 
but no one seems to feel that they can get results unless they INJECT 
the alien EM activity into the stricken carcass. It’s pure ignorance 
really. My own experience with orgone accumulators and blankets 
leaves me with no other choice but to regard the MWO as superflu- 
ous. A good rule for any experimenter: If it gets simpler, you are on 
the right track. Remember always Steiner’s dictum: “the spirit of man 
is always healthy! . . . .It is the obstruction or dysfunction in the lower 
sheaths that distorts the manifestation of the spirit and personality via 
the body.” 

Not much more need be said in that vein except that of a rein- 
forcement of Trevor’s comment. Our present society is not on the 
path of Nature so therefore some people feel the need for a device 
such as this. Wilhelm Reich discovered how to concentrate the 
living energy of the universe, which he termed the Orgone. The 
Yogic sciences teach us how to accumulate this energy without any 
outside apparatus, so therefore the simpler and more passive a device 
is, the closer it resembles Nature. 

On these pages you will find some of the reports of MWO experi- 
mentation and consideration by BSRF and Associates. We hope the 
information proves useful, but again it is for research purposes only. 
We do not recommend the MWO for medical use because we are not 
qualified to give medical advice, nor do we want to create any false 
hope where one may neglect professional health care. We do fully 
support an intelligent, aware human being’s right to investigate and 
research with devices such as the MWO. No one has all the answers 
and the MWO is an interesting device which deserves true scientific 
verification or rejection. 


THE BASICS 

The general theory behind the MWO is to excite a concentric ring 
antenna which produces a wide spectrum of radio frequency waves. 
In this theory it is understood that the RNA-DNA coil in the nucleus 
of every cell has a resonant frequency within this range. Just as a 
tuning fork will ring when an identical fork is struck in close proxim- 
ity, the cells will resonate to their individual frequency pulled from 
the frequency ocean of the MWO. Most people don’t consider that 
there are different types of waves and two poles of electricity, and 
these distinction have not generally been noted. 

The antennas on the currently popular Beck MWO system, serve 
as simple capacitor plates which transmit dielectric waves out of the 
Tesla Coil (see figure 1 and photos 1 and 2). The second MWO plate 
in such a system must be connected to a second Tesla coil or to a 
double pole (half wave) Tesla coil (May-June 1971 JBR), not a single 
pole (quarter wave) Tesla coil as per the Bob Beck/Klark Kent style 
MWO. Action in the MWO antenna is neutralized by the fact that 
capacitor currents flow radially inward and little electron current flows 
around the loops. Copper plates can be substituted for the ring an- 
tennas. This system operates 1000 times stronger if a spark gap exists 
across the double coil. A description of the action is in DIELECTRIC 
& MAGNETIC DISCHARGES IN ELECTRICAL WINDINGS by 
Eric Dollard from BSRF. 

Lakhovsky’s Multi-Wave Oscillator, as pictured in THE SECRET 
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Photo 1 
"Beck" style MWO from 
the BSRF collection 
(note: foot plate at lower 


left goes to ground) 
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Photo 2 
Single antenna version 
from the BSRF collection 


be attached at ground) 
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Photo 3 
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Photo 4 
Lakhovsky's MWO. Close-up of transmitter in action, showing 
effluve (electric brush). Note this is end-fire antenna. Regeneration 
may have come from novel component at 90° to antenna plane. 


Photo 5 
Yagi MWO antenna 
Mo, 
Yagi antenna Log periodic antenna 
Figure 2 
Photo 6 
Golden Ratio -- Log Periodic 

MWO antenna 
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Action of Lakhovsky setup 


Outer antenna ring SN 
(crossed hatched lines A 
indicate plane of antenna) 


Novel component that fe | j 
may regenerate cell tissue. ye 
(at 90° to antenna plane) a de = 


E.M. radiation 
(end fire antenna, effluve not 
necessary during regular operation) 


Photo 7 
Golden Ratio antenna driven by 1919 era 
double-phase marble-top medical Tesla Coil. 
Mid-frequency D’Arsonval currents are utilized 
in this arrangement. Setup is as per Figure 3 (above), 

and is our understanding of the arrangement as utilized 
in THE SECRET OF LIFE. Coil donated to BSRF by 

John Crane from laboratory of Royal R. Rife. 
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OF LIFE and repro- 
duced here as photos 3 
& 4, created a structured 
electro-magnetic field 
fed by two wires contact- 
ing the ends of the out- 
side ring of his antennas. 
This is obviously an 
end-fire antenna so the 
component reaching the 
person is a novel energy 2 > y 
needing clarification. "DD a Y fe 
Several researchers have R agi a 
expressed that Lakhov- 
sky used a quenched noe o 
spark gap which creates —: pee 
damped waves allowing Sa 
free oscillation in the an- 
tenna. A Tesla coil is not 
required since the Mul- 
tiple Wave Oscillator an- 
tenna I$ THE COIL. 
However a Tesla coil still can be used as the high voltage power 
supply. 

Lakhovsky’s patents will cover both types of units so it seems as 
though he experimented with both, but the pictures in ‘THE SECRET 
OF LIFE are an indicator as to what he actually used. After having 
gone over the patents Pm beginning to think that Lakhovsky buried 
his secret to mislead copycats. That is the purpose for a patent, to 
protect the inventor. The Tube MWO Patent 2,351,055 gives some 
interesting insights into the overall picture of Lakhovsky’s work and 
study of it will provide many research leads. 
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LOG PERIODIC ANTENNAS 

Our research indicates that Lakhovsky worked with log periodic an- 
tennas and may have been the first to use them. The antenna will 
create a harmonious structure in the ether. The Beck style 

MWO produces a dielectric field 90 degrees out of phase 

with this, and utilizes the dielectric breakdown (arc- 
ing) of the field. This is basically a radio 
frequency noise generator and the most 
popular derivation of Lakhovsky’s first 
MWO patent. 

Scaling the rings non-uniformly 
using correction factors is not 
needed according to log periodic 
antenna theory (see figure 2 and 
photos 5 & 6). Lakhovsky states 
that any high frequency radiating 
circuit will drive the antennas. We 
are striving for waveforms mirror- 
ing the harmonic laws of nature. As 
an example the old Yagi antenna 
has non-uniform distribution of the 
elements. Log periodic design uses 
the uniform distribution of the ele- 
ments such as is found everywhere in 
nature. This presents superior MWO 
performance, Lakhovsky’s Speaker and 
Microphone Patent indicates that the log 
periodic design can be applied to sound 
as well as radio frequency energy. 


GOLDEN RATIO — Log Periodic design for 


aasa saana 


Photo 8. Golden Ratio antennas designed for MWO use by Eric Dollard. 
Obverse similar to Lakhovsky antennas. Reverse provides capacitance as did 
metal spheres at ends of original Lakhovsky antennas. (See photo 4) 


LAKHOVSKY’S 
MWO 
Figures 3 & 4 are a pre- 
liminary attempt by Eric 
Dollard to accurately re- 
produce the MWO sys- 
tem as pictured in SE- 
CRET OF LIFE. Figure 
3 is a simplified version for 
a single antenna, figure 4 
is a double antenna sys- 
| tem. Photo 7 is an experi- 
RE ES mental setup utilizing this 
design. We feel that 
Lakhovsky was working 
with quenched spark gaps 
which produce damped 
waves in the form of the 
antenna. This type of cir- 
cuit is needed to power 
log periodic antennas to 
create their structure in 
the ether, harmonious with the Golden Ratio structure of the human 
body and life in general. 

This information is not definitive, but is the result of experimental 
and theoretical considerations. We present this so that Borderland 
researchers can carry on with new input. We are not saying that the 
“Beck/Kent” models do not work. There are many claims that they 
do, but based on Tesla's theories, rather than Lakhovsky's. Figure 1 
unit works off of longitudinal dielectric waves (displacement cur- 
rent). Figs 3 & 4 work off of Transverse electromagnetic waves (Hert- 
zian). 

Figure 5 is a low power driver based on the Steinmetz lightning 
wave, a reproduction of the wave naturally occurring in the atmo- 
sphere. Values given need to be experimented on for optimum pulse 
formation. A mathematical analysis of this wave by Steinmetz is in- 

cluded as an addendum to this book. See DISTRIBUTED SE- 

RIES CAPACITY on pages 159-160 of this book. 


GOLDEN RATIO ANTENNA 
Eric Dollard has designed a log periodic 
antenna based on the Golden Proportion, 
as found in living systems such as plants 
and animals. These antennas are two 
sided, the first side looking somewhat 
similar to currently used MWO an- 
tennas, the second side being ca- 
pacitive loading (as Lakhovsky 
mentions, he used spheres on the 
ends of his antenna rings) based 
on the Golden Ratio. This design 
can be seen in photo 8. These an- 
tennas are gold plated to provide 
direct contact with the ether. Their 

actual size is 12" in diameter. 

The term Golden Mean, Ra- 
tio or Section refers to the mathemat- 
ics of life, which is a logarithmic func- 

tion. This ratio can be found every- 
where in nature. It is the Sacred Ge- 
ometry used in the architecture of an- 
cient Greek and Roman temples, the 


Great Pyramid, etc. It has also been con- 


research into the subtle vibrations from paterns 
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cluded by certain Orgonomists that “the Golden Ratio is a basic math- 
ematical property of the orgone energy” discovered by Dr. Wilhelm 
Reich. (Journal of Orgonomy, V.8, N.2, Rosenblum, THE GOLDEN 
SECTION). It is evident from Lakhovsky's MWO Tube patent that 
he was aware of the Log Periodic design. 

The MWO has usually been understood as having to be driven 
by a high-frequency source such as Tesla Coils and neon transformers 
generate. However, those who have looked into Lakhovsky’s work 
know that he used simple wire circles to cure plants of cancers, and to 
make plants grow better in general. The Golden Ratio Antenna is a 
series of Lakhovsky rings because the rear conjugate strips on the 
antenna close the loops and in effect make Lakhovsky oscillating rings 
which are a complete circuit for focusing the ethers. The log periodic 
(following a logarithmic pattern) antenna design carries this effect fur- 
ther and preliminary indications are that the log periodic design cre- 
ates a structure in the ether even without power, it may be an orgone 
accumulator of sorts! Further experimentation in this vein is being 
undertaken. 

Log periodic antennas have the interesting property of creating a 
virtual (non existent but functioning) antenna extending about 4 times 
beyond the actual. It is also frequency independent and is an excel- 
lent antenna for Amateur Radio communications, 

The ethers harmonize to Golden Section Mathematics, (as dem- 


cuties by Trevor Constable in his ETHERIC WEATHER ENGI 
ON THE HIGH SEAS video), so it can be understood 
that a living organism is a discharge of energy into the Golden Sec- 
tion space. We have observed the discharge of sprout energy into 
living sprouts when one of these antennas is directed at them. We 
found that it makes the sprouts grow better. Then we found that 
simply the pattern makes the sprouts grow better. So here we present 
you with the Golden Ratio Pattern that you can photocopy and use 
for experiments. This pattern may be copied as many times as you 
like for experimentation. We have reports that this pattern keeps the 
scale out of water heaters and fish tanks. 

In 1986 Borderland produced a limited amount of Golden Ratio 


Antennas in copper and gold. These were precision engineered Log 
Periodic antennas, and were quickly absorbed into the research net- 
work. There is an appendix on log periodic antennas in this book for 
those who wish to pursue this interesting subject directly related to 
MWO research. 


BUT... DO THEY WORK??? 

For all the material in this book we still haven’t personally seen any 
solid documentation on the results of either type of MWO that could 
be re-verified as true to any present-day investigator. I’ve seen listings 
and testimonials, but even the photos in THE SECRET OF LIFE look 
doctored to enhance the cancers (tar can be seen on the wound and 
the hair). What was Lakhovsky really up to and which type of device 
works better? In Lakhovsky’s Tube patent he states that his instru- 
ments are in use the world over. It is important to check out one of his 
originals first hand, if any readers have access to such please drop 
Borderland Sciences a line. We’ll make the information available for 
research. Thanks. 


CONCLUSIONS 

There are no conclusions at this point in time. Borderland has been 
publishing MWO information since 1963 [31 years as of this 1994 
edition]. This book marks the beginning of a new phase of research 
and development. Perhaps in the future, after people do some serious 
clinical and laboratory research into the subject of the Multi-Wave 
Oscillator can some conclusions be drawn. 

It is important to keep in mind during these researches that just 
because a frog leg will jump when electricity is applied it doesn’t 
necessarily mean that electricity and the life energy are the same thing. 
If we labor under this (quite common) delusion we may as well hope 
for our television sets to heal us of our ills. Rather, as astute phenom- 
enological observers, we see that there is a relationship between elec- 
tricity and life and in the understanding of that relationship we can 
approach a more lucid comprehension of our place in this manifest 
universe. 


1920’s era Violet Ray Massager. This device uses a small Tesla 
coil to drive various gas attachments which are applied to vari- 
ous parts of the body. Some MWOs have bulb attachments based 
on this device. Made by the RenuLife Company of Detroit, 
Michigan. 


“Foot Fixer”. This device uses a small Tesla coil to drive alter- 
nating tubes of argon and neon. Exact use and manufacturer 
unknown. Probably used to stimulate circulation. 
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At left is a Golden Ratio pattern 
burned into particle board using 
Tesla Coil pictured below, seen 
here discharging into free space. 
scientist Eric Dollard, builder of 
this coil, has deduced that the 
Golden Ratio is a property of space 
itself. The proportions are decided 
by the amount and type of discharge. 


La ir 
ate, te 


* Mehdi a “ake te 

pe RN OEE SD: 

i PRI a ™ h. | i 
Be pe 


Ay r “d 
š 4 A jpt 
ia J Det ido 


E 


f E ry hye im + 4 z F S g mÈ ji pu i 3 4 Į 
da ans ik alo AS A PrN 
ae tpg lis EL Eh o SP ; AR, ce Egi a 
E beli Ae, peg ©. ee shack wif, an a El 


78 


Golden Ratio MWO Antenna 
Measurements for reconstruction of 
Golden Ratio MWO Antennas (in inches 
starting from the outside ring). Template 
artwork is shown actual size. 


Ring Outside Inside Gap 


diameter diameter 
|) 12.00 10.76 + 
2) 9.43 8.46 = 
3) 7.42 6.66 + 
4) 5.83 5.23 - 
5) 4.58 4.10 + 
6) 3.60 3.22 - 
T) 2.83 2.54 + 
8) 2.23 2.00 = 
9) 1.75 1.57 + 
10) 1.38 1.24 - 
Il) |.08 0.97 + 
12) 0.85 0.76 - 


Front & back strips are the same width. Gap 
on front isan 18* triangle, sections on back 
area 36” triangle. Back sections cover gap on 
rings with 9° overlap on each side of ring. 
This provides for capacitive loading of the 
antenna. 
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MULTI-WAVE OSCILLATOR 
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DISCLAIMER 

Let me make it perfectly clear, I 
present this information for information 
and research purposes only and I make 
no suggestions or recommendations as to 
its use for healing or medical purposes 
whatsoever. If you are sick see your 
doctor. I present to you only what I have 
learned in my research and observations. 
I am not a medical doctor and the infor- 
mation I give should be used for educa- 
tion and research only. 


To preface this, I have been interested 
in and studied and collected articles on the 
unusual sciences for over 30 years and 
have built many unusual devices. My 
attention was directed to the Lakhovsky 
M.W.O. by an article given to me by a 
friend. I read it several times and studied 
it and then put it away, (punched holes in 
it and put it in a notebook). I don’t know 
why -- I can’t tell you -- but I couldn’t get 
it out of my mind, so I got it out again and 
read it some more -- this time going 
through it sentence by sentence digesting 
it -- now I was hooked! 

I tried to gather all the information I 
could on the M.W.O., and as usual it 
wasn’t easy -- I had to dig. Bottom line, 
I started to build Bob Beck’s high power 
multi-wave oscillator -- I still haven’t 
finished it, but I will. The more I studied 
the M.W.O. (being an average person — 
not an electrical engineer, but a mechani- 
cal engineer) it seemed to me, compli- 
cated, difficult, and had to be adjusted for 
each person and circumstance. Looking 
at it now I see that isn*tall true -- itwas me. 
Back to square one -- I search for some 
way simpler, and out of it came the spiral 
coil M.W.O, 

I am a recent member of Borderland 
Sciences and I have read many fine ar- 
ticles published in this Journal. Many of 
the articles are very high-tech and delve 


into the how, where, when and why, and 
that is how it should be if one is to 
research: Questions have to be asked and 
answers have to be found. I am not a 
professional writer and it isn’t one of my 
greatest talents, so I ask that you have 
patience with me and I will do my best to 
tell you about my spiral coil M.W.O. 

When I was trying to develop this 
spiral coil M.W.O. all I wanted was re- 
sults and I didn’t really care how or why 
it worked, my goal was results, and in 
doing so I tried many things that I wouldn't 
have normally tried had I planned each 
step and tried to fight my way through 
with pure brain power. Inretrospect, I can 
see that I approached this project with a 
more light hearted attitude and I have 
enjoyed developing and building this 
M.W.O. But at times I did have problems 
to work out. 

I experimented by winding coils, and 
coils, and coils. I got to be the electric 
supply house’s best copper wire customer, 
or at least it seemed that way. After boxes 
and boxes of copper coils, I was ready to 
throw in the towel and give up — but 
having the handicap of being stubborn 
like I am, I decided to wind one more coil, 
so I went out to the garage and wouldn’t 
you know it, no more wire. I looked 
around and all I could find was some old 
solid strand 16 gauge house wire. It was 
too light and flimsy for what I wanted, so 
in desperation I decided to take 2 pieces 
and twist them together to make 1 heavy 
piece of wire. Well -- bingo -- I made a 
coil and got a tingle, that did it. After 
winding more coils and more coils and 
experimenting I got to where I am now, so 
I present to you the Spiral Coil Multi- 
Wave-Oscillator. 

Warning -- this unit is deceiving (it 
just sits there and looks innocent like it 
couldn’t do much), in fact some of my 
friends upon first seeing it have laughed at 
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it, andcommented you have to be kidding. 
Another friend of mine asked me to help 
him build one -- which 1 did -- and he was 
lying on his bed in his shorts with a sheet 
over him and had the unit about 2 foot 
above the bed and he fell asleep for about 
3 hours (he had an infection from a wound 
in his leg). When he woke up he had a 
white blister on him about the size of a 
nickel -- he has done this twice. I warn 
you, use it with care, it is more powerful 
than it seems. I think he percolated the 
infection up out of his leg, as he is fine 
now. 

Now, I know someone is going to say 
-- I made mine from an old coat hanger 
and hung it off the coiling with a piece of 
string, and I’ll say — gee that’s nice, do 
what you wish -- but if you want it to work 
and work properly build it as it is, use it, 
experiment with it, and then change it as 
you wish. 

Warning -- persons who have or are 
diabetic should not use this unit, as it may 
change the blood sugar level in some 
people. Diabetes is one of the few things 
that a M.W.O. will not correct or help. 
Lakhovsky states this in his book THE 
SECRET OF LIFE. I think I know why 
but I won’t get into it now. 

NOTE -- The spiral coils of this unit 
work all the time -- that is -- they never 
stop -- they work with or without the 
vibrator. Who said there is no free en- 
ergy? If you put it over a bed with an 
electric blanket, it will charge the blanket 
and you will probably have difficulty 
sleeping. If you do not swing it far enough 
away from the bed at night it will cause 
unusual dreaming. 

As near as 1 can tell this coil broad- 
casts at about 120° angle, although its 
peak energy is centered straight down 
from the small coil. 

Question: is it patented or am I going 
to patent it? Answer: NO -- as far as I’m 
concerned it’s free to everybody and that’s 
as it should be. 

The advantage of using a spiral is that 
one should get all the frequencies up to the 
maximum diameter of the outer diameter 
(O.D.) of the spiral. If you draw a spiral 
on a paper and place one point of a com- 
pass at the center, you can choose any 
diameter you wish up to the coil O.D. 
diameter and the scribing diameter will 


fall some place on the spiral. 

This unit can be operated in 6 modes: 

1, The coil only. 

2. The coil plus the vibrator. 

3, The coil plus the vibrator plus the coil 
shocker. 

4. The coil plus the vibrator plus constant 
coil charge. 

5. The coil (no vibrator) 
plus the coil shocker. 

6. The coil (no vibrator) 
plus the constant coil 
charge. 

So as one can see there 
isplenty to experiment with 
here. 

NOTE — I also tried 
connecting a lon generator 
to mine — that really blows 
me away — try itifyou have 
one. 

If you are experiment- 
ing with magnets-- be care- 
ful if you use them with this 
unit as some people get bad 
reactions. I personally have 
used magnetic water and 
this M.W.O. and have had 
no bad reactions. 

Warning -- although I 
have — I suggest you do not 
use this on the head or above 
the neck. 

Warning -- if you have 
a heart problem do not use 
this unit as in some people 
it tends to reduce blood 
pressure and lower the 
pulse or heart rate. 

Well -- now that I’ve 
scared the hell out of you, if you still want 
to build it I’ll tell you the good side. In 
most all people who have used it or tried 
it they get a tingle or a feeling of heat 
(light). Most people get a boost of energy 
when they use it and it seems to help 
circulation. I am not sure why. I don’t 
know if it tends to dilate the blood vessels 
of not. One man that used it can now 
wiggle his toes and he hadn’t been able to 
do that for about 3 to 4 years. 

I know someone will ask what type or 
kind and amount of energy is emitted by 
these coils and the answer is I do not 
know, but I do know that it works. I will 
leave that to someone who has the proper 


instruments and the know how to check it, 
so there is still a lot of work to be done here 
if someone wishes to do it. Now, before 
someone starts climbing my ladder, let 
me say that I give the credit to Lakhovsky 
-- what I did was to modify, update and 
expand upon the base of some of his work. 
You do not have to be gifted in the knowl- 


SPIRAL Coit MuLtiPLE WAVE OSCILLATOR 


edge of the sciences to build this M.W.O. 
and do not need special equipment or 
tools. However, there are little tricks that 
I have learned that make it easier to build 
that I will give in another article. The 
body or base of this unit is made of P. V.C. 
pipe, also the vertical and swing arm, the 
vibrator base and also the drop tube that 
hangs the coils. We want a unit that is low 
in cost, tough and durable, light in weight, 
corrosion resistant, portable, easy to fab- 
ricate (and repair if necessary) and looks 
nice, so we will build our unit out of 
P.V.C. pipe. 

ALL COILS ON THIS M.W.O. 
MUST BE RIGHT HAND COILS, IN 
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RELATION TO THE UNIT AND EACH 
OTHER. If they are not you will get 
negative energy. (I’m not speaking of 
polarity here.) 

I use a fish tank air pump (modified) 
— (Challenger 1) about $8.50. This pro- 
vides the oscillatory motion to the coils. 
I’m not in love with it and would like to 
find something better — 
something of higher fre- 
quency, but it works. If 
anyone has any sugges- 
tions on this I would like 
to hear from them. 

I chose to design the 
unit so it can access any 
part of the body freely 
without a lot of excess 
adjustments. The body 
when lying down is in one 
plane or height (approxi- 
mately), so I built the unit 
so it would extend over a 
bed ortable, addeda swing 
arm, and a vertical adjust- 
ment (holes in the vertical 
tube arm and a wood 
dowel or pin stop) -- that 
seemed simple enough, re- 
member we're trying not 
to get complicated here. 

If you are going to 
build this M.W.O. I 
strongly suggest that you 
read Lakhovsky’s book, 
THE SECRET OF LIFE. 
When I finally decided to 
try to build an alternative 
type of M.W.O., I read 
everything I could get my 
hands on about the subject. I read care- 
fully and took notes of key points, func- 
tions etc., then I put my books away and 
studied my notes -- the basics. 

M.W.O. — MULTI-WAVE OSCIL- 
LATOR 

MULTI — meaning more than one or 
many. 

WAVE -- energy (given off) 

OSCILLATOR -- I looked this up in 
Webster's -- and simply stated it says -- 
motion deflected from center to one side 
-- back to center -- deflected to the oppo- 
site side -- back to center, OR — Vibration. 

Now, Lakhovsky in his book stated he 
made an oscillator of 1 loop or coil of wire 


ofa given diameter that overlapped. Also, 
I have read that it isn’t the intensity or 
power of the unit that is desired, but the 
quality of the signal and also the number 
of frequencies, signals or waves, as the 
power can be offset by a longer exposure 
time. It seemed obvious that a spiral 
should produce all or most of the waves or 
signals desired and that it would be better 
than one loop with a limited signal effect. 
If Lakhovsky could cure cancer in plants 
and people with one loop it is logical that 
a spiral should be even better. OSCILLA- 
TION -- how about inducing it artificially 
-- vibrate or agitate the coil or coils. 

This unit produces it’s peak energy at 
12 o’clock at night, but it can be used 
during the daylight hours too; it’s energy 
diminishes some toward mid-day. 
Lakhovsky stated this and he is right. I’ve 
got to give it to him, he did his homework. 
Exposure rates or time of treatment with 
an electronic double screen M.W.O. is 
said to be 10 to 15 minutes every 3 to 4 
days. Exposure time for a spiral coil 
M.W.O. (rule of thumb) is about 20 to 25 
minutes or 45 minutes maximum per day, 
or less, depending on what is treated. 

Lakhovsky also stated that he treated 
plants, animals and people with belts, 
collars, bracelets etc., consisting ofa single 
loop of copper wire. From what I can 
gather, if a subject was wearing a 
Lakhovsky coil they never took it off. 

My spiral coil M.W.0O. is halfand half 
-- part 1 loop + of wire, and part elec- 
tronic. If a subject got 1 exposure every 
3 to 4 days with a conventional M.W.O., 
it means that the subject’s system was hit 
hard or shocked, and it needs time to 
adjust. A spiral coil M.W.O. requires a 
longer or more often exposure and this can 
be an advantage as it gives us more control 
of the research subject’s requirements. 
The negative side is that the subject has to 
spend more time more often. 

There is one unusual thing that I and 
others have experienced with this unit. 
When you first use it the sensation of heat 
or tingling is light and you require longer 
exposure time, like about 25 minutes be- 
fore you feel that you have had enough. 
After you use it for about 1 to2 weeks you 
will find that after 10 to 15 minutes you 
feel that you have had enough. Simply 
stated Lakhovsky said that a M.W.O. 


activates or excites the cells. It’s kind of 
like pushing a car, it takes a lot of energy 
to get it started, but once it’s rolling it’s 
easier to push. Maybe the body just 
becomes more sensitized to the energy 
after the M.W.O. is used for a while. In 
Lakhovsky’s THE SECRET OF LIFE on 
page 75, ““The circuit is subjected to any 
kind of electric or magnetic shock it is 
then said that it vibrates according to its 
natural period.” So, now what do we 
have? 

1. A spiral coil (Providing Multiple 
Frequencies) 

2. Vibrator (artificial oscillation). 

3. Electric current (D.C.) (shock to the 
coil) provided by a small transformer 
limited by bulbs turned on and off by a 
Christmas light blinker or winker. 

Now I said previously that most of the 
unit is made of P.V.C. schedule 40 pipe 
(white). P.V.C. pipe being what it is has 
the tendency to sag if placed in a horizon- 
tal position, fastened at one end with 
weight suspended at the other end. We 
can correct this by inserting a piece of 1 
inch diameter .050 aluminum tubing in- 
side the P.V.C. and gluing it with an 
adhesive or simply by drilling a 1/8 inch 
hole through both pieces and inserting a 
#8 sheet metal screw. Remember also I 
said there were little tricks you can use to 
build it as given above, so before you get 
too anxious to build, wait till I can write 
the HOW TO BUILD article, itmay make 
your job easier and you will not have to 
change or rebuild the second time. I am 
trying to save some of you all the mistakes 
I made. 

The heart of this M.W.O. is the large 
main spiral coil. This coil is in simple 
terms an antenna. It isa dual antenna, that 
is, 2 in 1 as it is a receiving antenna and 
also a broadcasting antenna. The antenna 
can be shaped in many forms and still 
retain the right hand spiral. Do we wind 
it tight toward the center and increase the 
spacing as we go out? This configuration 
I have found best, but other configura- 
tions can be formed to achieve different 
effects. I have experimented with differ- 
ent shapes and some have given unusual 
results. There is still a lot of work that 
could be done here also. I wound a 3 wire 
coil that was very effective but I had 
problems twisting the copper wire and 
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lost several of them. I would suggest that 
the first coil you make be a 2 wire twist 
coil. If you want to build the M.W.O. 
complete you will have a total of 4 coils. 

1 large main spiral coil. 

1 small spiral coil (that is mounted 

under the large coil). 

2 straight tube coils. 

We use these coils because they all 
have independent functions. We are go- 
ing to squeeze it and milk it for all we can, 
to get everything we can out of it. The 
main spiral coil produces most of the 
waves or energy, however, due to its 
design and nature the inside of the spiral 
cannot be wound tight to create small 
loops in the coil, so we will add another 
smaller spiral coil under the large main- 
spiral, this will give us the higher waves or 
frequencies we desire. We drill 2 small 
holes in the main spiral and tight wind a 
piece of 19 gauge coated coil wire around 
the twisted copper wire, and pull the wire 
up through the holes, leaving 2 standing 
19 gauge wires. We sand the ends of these 
and fasten spring clips that hold the tube 
coils. The other end of the tube coil wire 
is connected to a banana plug -- into a 
receptacle, we connect our coil shock to 
these. 

I know there are some of you out there 
who are like I am, (impatient) and are 
curious and would like to try this to see if 
this guy is telling the truth or if he is just 
full of it. I am aware that the Journal is 
published every 2 months and maybe 
some of you don’t want to wait 2 months, 
so for those of you who are like I am — let 
me tell you how to build the main spiral 
coil. This one coil in and of itself won’t 
knock you over -- but you can get started, 
and you can play with it until I can write 
the HOW TO BUILD article. This coil 
will emit energy by itself if suspended 
horizontally. Fasten it to something, a 
piece of plastic tube or wood dowel etc. 
Try it on your feet as the feet seem to be 
sensitive to these energies. Well -- here 
we go. 


HOW TO BUILD THE MAIN 
SPIRAL COIL 

You will need to purchase a few things. 
1. You need 17-1/2 feet of 10 gauge 
(solid) bare copper wire (cost about 14 
cents per foot). You can get this at any 


electrical supply house. If you cannot get 
bare wire, you will have to get plastic 
coated and strip the coating with a sharp 
jack knife, taking care notto nickthe wire, 
or yourself. 

2. Youneed a piece of aluminum bar 3/16 
x 1-1/2 inces, 20 to 24 inches long. 

3. You need a medium size pair of pliers. 
4. Soldering iron and acid core solder. 
5. Small coil of 19 gauge coated (shel- 
lacked) copper wire. 

Now — we have 17-1/2 ft. of 10 gauge 
copper wire, lay it out on a flat clean 
surface and straighten it out taking the 
curve out of it and the kinks and bends. 
Next we need a secure and strong place to 
fasten the ends of the wire to — like a 
trailer hitch or bumper ofacar ortruck etc. 
After you have found a place to secure 
your wire, fasten both ends of the wire to 
it as shown in Fig. 1. 

Slowly pull the center of the wire so 
that you have 2 pieces of wire, put your 
aluminum bar in the loop and pull tight. 
With a pair of pliers close the wire down 
on the bar tight so that it passes between 
the screws. Pull hard on the wire with the 
bar — it won’t break. Start twisting as 
shown in Fig. 1 — always keep tension on 
the wire — do not let go of the bar. 
(COUNTER CLOCKWISE). Twist the 
wire, stopping at time, give the wire a 
couple of good yanks. NO, it won’t break. 
Twist the wire until you have a good tight 
twist on it. When you think you have 
twisted it enough — twist it a little more. 
When you get it where you like it — 
SLOWLY back the pressure off of the bar. 

Remove 1 screw on the bar and slide 
the loop out or offof the bar. Unfasten the 
wire where you secured it and cut the 
spiral wire as close as possible at secured 
end. Lay the twisted wire down flat. 
Measure 3" down from the top of the loop 
as shown in Fig. 2 and markit withapencil 
or pen. Hard or tight bend the wires as 
shown in Fig 2, 90 degrees. Grip the 
twisted wire at the bend point with a pair 
of pliers, and start forming the spiral. 
Continue forming 1 or 2 loops. Remove 
the pliers, grip the wire and hand form the 
spiral as shown in the drawing #2. When 
you have formed about 4 loops of the 
spiral, stop and apply light heat to the coil 
with a hair dryer or similar device to 
relieve some of the stress in the wire, so 


that the loops that you have formed will 
stay where you have bent them. Repeat 
the operations and continue forming until 
you have your spiral. 

DO NOT BEND END OR TIP IN 
YET. 

Put your spiral in the freezer of your 
refrigerator for 30 to 45 minutes, and 
freeze it. This will tend to stabilize the 
copper some and relieve some more of the 
stress. 

In Fig. 4 we can see that if we bend a 
piece of metal the inside of the curve is 
compressed and the outside is stretched, 
this stress is what we are trying to get rid 
of. About now some of you will be 
thinking — GAD — he even tells us how to 
hold the hammer. I am sure that some of 
your who are pro’s at metal forming and 
fabrication can build this thing — WHAM- 
BANG, but please have patience, not all 
are gifted in some of these skills. 

When you have formed your spiral 
and it is shaped as you want it, hold the 
loop of the spiral with your thumb and 
point fingers at eye level height and sight 
across the spiral, it should hang so that all 
coils are level and even with each other, so 
that it is flat -- if not form it so it is. Put 
the coil in the freezer again, repeat freez- 
ing operation several times, this tends to 
age harden the coil some. 

With a very hot soldering iron solder 
the end of the coil, wash it in warm water, 
dry it, and bend end in as on drawing #2. 
After you bend the tip in, bend it down a 
little bit so the bent in tip clears the 
crossed coil by about 1/4 inch. 

Drill 2 small holes in the spiral at 
points marked on Fig. 6, taking care not to 
break the drill, use light pressure. Cut 1 
piece of coated coil wire (19 ga.) about 4 
1/2 feet long. Push one end of wire (about 
1-1/2 inches) up through bottom ofhole in 
spiral, and wrap wind (twisted) loops of 
wire to second hole. Straight wrap 1 loop 
at hole area, this locks the standing wire. 
Pull standing wires tight with pliers and 
cut standing wires to about 1-1/4 inches. 

Refreeze spiral and warm to room 
temperature. Sand or remove shellac 
from standing wires down about 3/4 of an 
inch, this makes electrical contact for the 
coil shocker. You have finished the main 
spiral coil. You have just done the hardest 
part, the rest of it is easy. Save your 
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aluminum bar; you may want to build 
other types and shapes of coils and spirals 
to experiment with. I have wound and 
tried 2 wire coils, 3 wire coils, cone 
shaped spirals, step spirals, spirals with 
wires attached and hanging down with 
soldered tips etc. There is no end — you 
can experiment to your heart’s delight, 
it’s only limited by your imagination. 

In closing, I would like to tell you a 
story — a true story about a close relative 
who gave me permission to tell of his 
experience with my M.W.O., but prefers 
to remain anonymous. I will not elabo- 
rate, but just state the facts as toldto me by 
him and his nurse. 

This relative took a trip by car to the 
southwest part of the U.S. with some 
friends. Before he left he called me and 
said that he would come to California and 
would stop to visit with me. This was in 
the late summer of 1990. After arriving at 
his destination in the southwest, the 
weather turned very hot for the whole 
western U.S. Due to this extreme hot 
spell, he phoned me and said he was 
returning home and would not come to 
California. 

When I talked to him on the phone 
before he left, I told him I had built a Multi 
Wave Oscillator for him and I would give 
it to him when he came to see me, and he 
could take it back with him. He did not 
make it to Calif. but returned to his home 
in the midwest. After returning home he 
became ill and went to see his doctor. 
After being checked by his doctor, he had 
tests, and the doctors discovered that he 
had cancer of the large intestine. When I 
phoned him and found that he had cancer, 
I asked him ifhe wanted to try my M.W.O. 
I told him that I could not guarantee that 
it would help him -- but I said — what do 
you have to lose. He said yes, he wanted 
to try it, so I sent it to him. 

When he received the M.W.O., it was 
assembled from instructions I sent him. 
He used it twice a day for approximately 
6 weeks. He had additional medical prob- 
lems, he had diabetes and congestive heart 
failure plus the cancer plus a back prob- 
lem. I had made the M.W.O. for him in 
hopes that it might help his back. When 
he went back in 6 weeks to see a cancer 
specialist doctor they gave him extensive 
tests and could not find any traces of 
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cancer. After his tests he phoned me and 
said the doctors could find NO traces of 
cancer whatsoever. I asked him — did you 
take any medications whatsoever for your 
cancer? -- he said NO. I asked him -- did 
you take any radiation treatments for you 
cancer? -- he said NO. I asked him -- did 
you take anything at all for your cancer? 
— he said NO. To this date he has not had 
any return of his cancer. 

Now, where does this leave us? He 
either had spontaneous remission or 
he was helped by the M.W.O. As 
I understand and have been 
told, some forms of cancer 
in the upper stomach are 
inoperable. My rela- 
tive is the 3rd per- 
son who seem- 
ingly has had re- 
mission from 
cancer from 
using my 
M.W.O. I 
do not like 
to use the 
word 
cured 
when 
speaking of 
cancer, and 
I say seem- 
inglyas this 
is all in the | k 
experimental nl 
stages of re- Jt i 
search. | 

Then there N 
is Al Mills who h 
built and useda copy SN 
of my M.W.O. He had AN 
prostate cancer; he's fine 
now, but we can’t count him 
as he has taken medications for 
it. I have heard that doctors have said 
that prostate cancer is very difficult to 
treat. Then there also is Simon Lucas 
who built my M.W.O. and loaned it to a 
lady who has LUPUS (a cutaneous dis- 
ease due to the tubercle bacillus). He 
said she is feeling and doing much better 
now. I also built a M.W.O. for my 
mother who lives in So. Sioux City, 
Nebraska, across the river from Sioux 
City, Iowa. I sent it to her -- she could not 
assemble it so I flew back to do it for her. 


E 
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Several years back she was leaving a 
market and caught her foot in a disposed 
plastic bag on the sidewalk, fell and 
broke her hip and leg. The doctors 
repaired it by wrapping screen around 
the bone and added a few screws and pins 
here and there. She was OK for several 
years and then she got to the point where 
the pain was so bad she could walk only 
ashort dis- tance. 


FIGURE 6 
She has 
used the M.W.O. for about 2 months. 
She called me the other day and said she 
took the bus all over town, did shopping, 
came back, took her pull cart and did her 
food shopping — 6 blocks up and 6 blocks 
back -- and then walked up to the restau- 
rant and got her dinner, all in 1 day and 
she said she feels fine. The doctors gave 
her the choice of pain shots or cutting off 
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her leg -- (some choice). NOTE — She 
does not have a coil shocker on her unit. 
In all honesty I have to say that my 
spiral coil M.W.O. does not affect all 
people the same. I have had no negative 
or bad reports to date from anyone using 
it with good common sense and discre- 
tion. There are a few people that it does 
not seem to help to any great degree. 
There are also some people that it seems 
to almost work miracles for them. I would 
say of these persons that maybe it was 
mental, except that I have been 

told that some have said — 

‘well, I don't think the 
damned thing will do 
any good, but I’ll try 

it’’. I could go on 
and on but we'll 
leave it at that. 

If you de- 

cide to build 

my M.W.O. 

I would wel- 

come any 
serious 

and hon- 


j estexperi- 
y) mental in- 
put as this 
Y unit still 
has many 
E areas that 
Y need to be 
explored. 
Sometimes I 
back way off 
and just stop and 
look at all this -- 
and realize that it 
should be the scientists 
and doctors doing what is 
being done — but I’m not go- 
ing to hold my breath until that 
happens. I guess the only way it’s 
going to get done is for people like you 
and me getting off our backsides and 
getting it done. If enough will work at it 
and add a little bit, it'll get done. I 
sometimes wonder what the end-run po- 
tential ofmy M.W.O. is. Ilovethe doctors 
(God Bless them!), we need them, but I 
wish they were more open minded and 
that they were not so profit orientated and 
stigmatized by their organizations. I think 
these ideas I present here will help. 


M.W.O. evolved and how I came to build it 
and notes on things I have learned about it and 
its use. I also explained with drawings how to 
build the main spiral coil. For those of you 
who wish to build this unit, I have added 
additional drawings and notes so you can 
build the rest of the coils, base, etc. 

Before I begin I would like to address an 
issue that has bothered me for some time, it 
pertains to my M.W.O. and maybe other 
M.W.O’s in general. It is a situation or 
function that has been ignored by many or all 
but a few. In my article in Part I, I said all coils 
on this unit must be right hand coils. What I 
am referring to is what I call RIGHT HAND 
SPIN. In my study of Lakhovsky’s and others 
work, I have not been able to find any informa- 
tion pertaining to direction of spin, although 
he gave very precise directions -- how collars, 
belts, bracelets etc. were to be made. Did he 
know and was it his secret? Was he not tell- 
ing? Lakhovsky stated that his M.W.O. 
stimulated the twisted filament or nucleus of 
the cell, and the cell oscillated according to its 
natural frequency. A weak oscillating cell 
would increase its oscillations back to normal. 
The question is, do certain oscillations cause 
the cell to spin right hand or left hand, or 
clockwise or counter-clockwise, if the fre- 
quencies spin right hand or left hand? Some 
might say -- what difference does it make. 
The people who use or practice the Five 
Tibetan Rites always spin right -- never left. 
Sir Lawrence Bragg (Nobel Prize winner) 
discovered that healthy people have **RIGHT 
HAND” spinning blood. And physicist Dr. E. 
Mersmann discovered that people exposed to 
electronic smog have “*LEFT HAND”” spin- 
ning blood, the same as people who have 
cancer -- they also have ‘‘ LEFT HAND” spin 
blood. Maybe if the earth spun in the opposite 
direction, left hand spin blood would be nor- 
mal. So, is left hand spin or right hand spin 
important? Yes, I think so. I have purposely 
made and used left hand coils and they made 
me feel sick and ill. There is an instrument 
that has been built that emits weak pulsed 
electromagnetic waves that causes the blood 
to spin right hand in people who have left hand 
spin blood, however if the unit is removed the 
blood will go back to abnormal left hand spin. 

If you put your hand in a bucket of water 


youcan spin it to the right or to the left -- is this 
polarity? Does magnetic polarity have an 
effect on matter causing right or left spin? 
Yes, it seems to. But how about induced spin 
direction on a non-magnetic or non-electrical 
energy or wave? If hold a magnetic compass 
near the spiral coil of my M.W.O., I get 
nothing -- no needle movement. If I hold a 
pocket radio under the coil with vibrator and 
tune it off station, I get static on A.M. from 
about 80 on down, none above 90 and up, but 
I don’t think that static is coming from the 
vibrator. Warning: I damaged my radio by 
using if for testing. At first I thought it was the 
battery, but a new battery did not correct it. 
Sometimes when I turn it on now it doesn’t 
want to come on, by flipping the switch on and 
off several times it then works. I had no 
problem with this radio before I used it for 
testing. 

Whatever the answers are, I would sug- 
gest you use right hand coils. Look very 
carefully on pages 113 and 114, theseare right 
hand coils in relation to the subject, (ref. The 
Secret of Life). If you build the spiral coil 
M.W.O. you will have the basic unit. You can 
experiment and try all types of coils and 
spirals, as I said in Part I, it is only limited by 
your imagination. I find it fun and interesting 
to try unusual and weird coils, it’s not expen- 
sive and you only have to remove a couple of 
screws, no big deal. 

I have been thinking of building a cheap 
copy of Lakhovsky’s coil of tube and wire, 
also a foil coil of equal size, to test if the coils 
when vibrated emit equal energies etc., and 
what the differences would be. It may answer 
the question why some of the foil coils don’t 
seem to produce the results as good as some 
would like. In Lakhovsky’s book there are 
pictures of, and he speaks of, the oscillator 
coils of Hertz. There isa striking resemblance 
of Lakhovsky’s coils on his oscillator antenna 
to Hertz’s coil. Could he have been influ- 
enced by or borrowed the Hertz oscillator coil 
for his unit -- did he expand upon the base of 
Hertz’s work for his antenna coil? (interest- 
ing thought) 

Enough digression -- back to our spiral 
coil building project. If you look at drawing 
#3 you will see that it is self descriptive, 
giving diameters, lengths etc. We make most 
all of our unit out of schedule 40 PVC plastic 
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pipe. Take enough care to make your cuts 
square and clean, debur the ends of the tubes 
so they will slide into the glued slip fittings 
correctly. Now, here comes the stinky part. If 
you want your unit to look nice, you will have 
to clean the tube, (after cutting), taking off all 
the dirt, the ink lettering etc. I use a laundry 
tub, a small amount of water, laundry deter- 
gent, Comet, and some wet or dry #200 
sandpaper and a lot of elbow grease. 

Warning: PVC glue sets fast, in a matter 
of seconds. I put glue on the female fittings 
only -- none on the male side, slide it together 
firmly and whack it with a short piece of 2 x 
4. Glue part #7 to part #8 and drill a 5/16 hole 
through fitting -- this is so you can tighten or 
remove the threaded fitting by inserting a 
phillips screw driver or rod in the hole. This 
makes your unit portable. 

Glue pieces 1-1-5-4-4, also 3-3-5-4-4, 

Now glue part 2 to part 6, also part 3 to 
part 6. 

Thread assembly 7-8 (large vertical tube) 
into assemble 2-6-3. 

We will slide assembly 1 1-5-44 onto tube 
#2, but we will not glue it. Place this ona flat 
table, and adjust tube 8 so it is vertical. 

When you get it where you like it, glue 
assembly 33-5-44 to loose tube 3, let this dry 
for 20 minutes. 

Now remove assembly 11-5-44, apply 
glue to fitting #5 and glue it to tube #2 on your 
flat table. You now have the base finished. 

Glue the rest of the tubes and fittings 
together on your table. NOTE: Do not glue 
parts #19 and #20, we leave these loose and 
just set them in place, as we may add some- 
thing additional here later. 

NOTE: Before you glue tubes #11 and 
#15, cut some one inch diameter .050 alumi- 
num tube full length of tubes and slide them 
inside of plastic tubes, this eliminates sag. 
Drill a 1/8 inch hole through plastic tube and 
aluminum tube, screw a #8 sheet metal screw 
through both tubes. Tube #11 has holes in it 
so we can adjust the height, drill these 2 inches 
apart, 5/16 inch holes. We insert a 1/4 inch 
wood dowel through fitting #10 and through 
tube #11. 

We drill 2 holes in tube #21 and thread 
them 10-24, we fasten our spiral coils and 
antenna to these. The first hole is drilled 5/16 
of an inch up from the bottom edge of the tube 
and the second hole is drilled 3/4 of an inch 
from the first hole. 

When you buy your 1-1/2 PVC tube, get 
a piece with a flared end, as we set a reducer 
fitting in it to make a sleeve for the #11 one 
inch tube. To keep tube #11 guided at the 
bottom of tube #8, drill 3 holes at the bottom 
of tube #11 equally spaced around the diam- 
eter and insert 3 #8 sheet metal screws. 


Parts #9 and #10 will have to be filed out 
or machined out so the one inch tube will slide 
through them. 

Part #16, the vibrator base, is made of flat 
stock PVC. If you cannot buy it from a plastic 
supply house, cut a couple pieces of 1-1/2 
PVC tube about 3-1/2 inches long, cut them 
again length wise, so you have half tube 
pieces. Place the halftube pieces between two 
- 1/8 inch aluminum plates and heat in a stove 
oven with a brick or weight on top. Let them 
cool and the plastic will come out flat. Layout 
and mark parts on flat sheet and cut out. 

Glue all the pieces of vibrator base to- 
gether and fit to tube #15 and glue it tight. A 
wood match works wood to lay glue in joints. 

Make and fit your metal brace from alu- 
minum ornon-corrosive metal and fasted with 
two - #8 sheet metal screws. Cut out part #23, 
fit it to T - 422, drill two holes for banana 
receptacles and glue securely, also cord holder 
$14. 

Make your small spiral coil from .0625 
low carbon stainless steel heli-arc welding rod 
-- 36 inches long, do not twist wire, use as is. 
Y ou can get this from any welding supply; get 


LEGEND 
USE P.V.C. (WHITE) SCHEDULE 40 


KEY 
L=LENGTH D=DIAMETER C=CUT 
T=TUBE T.F.=THREADED FITTING 


PART # DESCRIPTION (in inches) 


T-D=1-1/2, CL=10 
T-D=1-1/2, CL=15-1/2 
T-D=1-1/2, CL=8-1/4 
CAP-D=1-1/2 (4) 
TEE-D=1-1/2 (2) 
TEE-D=1-1/2 THD'D 
NIPPLE-D=1-1/2 THD'D 
T-D=1-1/2, CL=28-1/2 
REDUCER - D=1-1/2 TO | 
10. REDUCER - D=1-1/2 TO | INV. 
Il. T-D=1, CL=28-1/2 

12. T.F.-D=1 NIPPLE 

13. ELBOW - D=1 - TF. 

14. CORD HOLDER (ELEC, 
I5. T-D=l,CL=20-1/2 

lé. VIBRATOR BASE 

I7. METAL BRACE 


CaMV sey = 


18. TEE-D=| 

19. T-D=1, CL=3-1/4 
20. CAP-D=! 

2l. T-D=1, CL=5-1/2 
22. ANTENNA 


23. —F.T.G. BANANA RECP. 


4 or 5 pieces. Also make antenna from same 
wire. To make small spiral use the full length 
orrod. Start by forming an eye on one end for 
the 10-24 screw. Move down 3 1/4 inches and 
form spiral same as large spiral coil, also 
bending end tip in. Put an offset kink in the 
stem so it will pass through the main coil. 

The tube coils are made from #19 shellac 
insulated coil wire, 12 to 14 turns. [tight bend 
a 90 degree bend, so I have a 1 inch long tail. 
I place this parallel on a pencil or wood dowel 
and tight wind the coil. Grip the wire tail and 
dowel with a pair of pliers. Remove the dowel 
and freeze for 30 minutes, warm to room 
temperature. Grip the ends of the coil with 
your thumb and middle finger nails and stretch 
the coil to the desired length, refreeze for 30 
minutes. Bend long tail of coil 90 degrees and 
fit to banana plug. Trim short end to 3/4 inch, 
clean and solder pinch clip to coil. The pinch 
clipis made from light gauge hard stainless or 
brass. Blank size is 7/32 x 1-1/4. 

After you have everything glued and fin- 
ished put a coat of auto polish on PVC tubes, 
as this keeps them clean and they will not 
finger mark or get dirty. Also put a coat of 
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vaseline on the threaded fittings so they can be 
removed easily as they tend to stick. 

If you are, or want to be, the serious 
experimenter type, buy a note book and keep 
records and notes. Keeping a log with dates, 
exposure times, etc. can be a very useful tool 
to compare results of different coils etc. | 
would welcome hearing from you on the use 
of the spiral coil M.W.O., i.e. your success 
and problems. NOTE: Don’t expect results in 
2 or 3 exposures, as this unit is more gentle and 
may require a longer time of weeks or several 
months to get permanent results. To this date 
I have not had a single report from anyone for 
over-exposure if used with common discre- 
tion. Thave used belts, collars, wire loops etc. 
with the M.W.O., this seems to multiply the 
energy. | also have used a spin magnetic unit 
with a reticular energy filter before and after 
M.W.O. exposure. This seems to work well 
> e a 


COIL SHOCKER FOR 
SCHAD SPIRAL COIL M.W.O. 


This unit provides a D.C. shockto the 
spiral coil. lt should be built ina wood box, 
or grounded metal box for safety sake as 
we use | 15V A.C. power source. All the 
parts can be purchased from an electrical 
supply, except auto bulb and socket. Get 
these from an auto parts supply house. 

The Leviton dimmer is not necessary, 
but it gives more control. | use a ceramic 
base for 40 watt bulb. A smaller trans- 
former can be used, but | find the 3A-12V 
best. It is nice to add a handle to the box. 
| dropped mine once. Put ventilation 
holes in the box, and rubber bumper feet 
on the bottom. 
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This is an update on the work I have 
done on the spiral coil MWO. Ihave built 
and tested several new coils and made 
changes in design of shapes and twist of 
the wire and different size of wires etc. I 
have experimented on plants and myself 
for the past several months. 

In my article in the Journal of Border- 
land Research of March-April 1991, page 
15, figure 1, I stated, to 
twist the wire counter 
clockwise, as I was told 
by someone of authority 
that this was best. I now 
find after experimenting 
and testing that thisis not 
so. I now twist the wire 
clockwise, causing a left 
hand spin of the wire 
when viewed -- or 
counter clockwise. Ifthe 
wire is twisted in this 
manner it more than 
doubles the energy and 
the plants and I both seem 
to like it better. If the 
wire is twisted as stated 
itwill produce energy not 
only in a spiral shape but 
also in single loop rings 
(overlapped) and also in 
just a straight length of 
twisted wire. 

I made a coil like a 
target or a series of one 
loop rings of twisted wire 
of different diameters 
and wire sizes, from 
about 1 inchto 8 inch and 
overlapped them about Y inch and wired 
them toa X shaped piece of thin plywood, 
and it produces more energy than I need. 
I can stay under it only about 7 to 10 
minutes. If] stay under it longer than this, 
I get over exposure or too much energy in 
my body, and it makes my feet and hands 
tingle. 

I made a spiral coil from 1/8 inch 
copper tubing, twisting it like a solid wire, 
and it produces more energy than a like 


spiral made from solid wire. I donot know 
if the energy travels on the inside of the 
tube and the outside also, but the energy 
produced is much more than is required 
for normal use. 

I also have been experimenting with 
new and different ways to pump or project 
the energy. In my original design I used 
a vibrator to increase the output. I now 
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find that with the new coils (twisted as 
stated) that they develop as much or more 
energy without the vibrator as the old 
coils did with the vibrator. It seems that 
the field or energy pattern given off by a 
straight (twisted) wire is different than 
those of a single loop (twisted wire) shape 
or spiral shape. 

Iam building anew coil that uses both 
and looks like a spider with 8 legs of 
different length. It has 2 single loops 
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(overlapped). One loop is 2-3/8 in diam- 
eter and the otheris 4-1/8 in diameter. The 
small loop is centered in the large loop and 
in the same plane. I made a wood jig with 
nails for pins to hold them in place and 
soldered twisted straight lengths of wire 
pointing from the center outward. I will 
bend the tips of the straight twisted wires 
down 90° producing a shape like a spider. 
PH let you know if it is different from the 
spiral coil shape in energy output. 

It now becomes obvious that a spiral 
is not the only configuration that will 
generate or collect and broadcast energy 
of unknown origin. If other shapes or 
designs willalso produce 
energy, is their output dif- 
ferent? If so, what are 
the differences? Are the 
wave lengths different, 
are there different pat- 
terns to the waves or en- 
ergy? How does it affect 
the living organism? 

When a spiral or coil 
is placed in front of a 
reticular energy field it 
produces unusual results. 
Coils can be combined 
with many other forms 
of energy, magnetics, 
light, audio, vibration 
etc. 

In my article I said 
you can design and build 
coils of all shapes and 
types, as it is only lim- 
ited by your imagination. 
It is my personal belief 
that someday someone 
will design and develop 
a coil ofa nature that will 
be highly beneficial to 
humanity, we need your 
input, ideas and help. 

If a coil of twisted 
wire was built in a target configuration of 
a series of overlapping loops so as to be 
similar in design to a Lakhovsky coil, and 
was powered by a Beck MWO output, 
what would be the results? If a twisted 
wire coil will produce and project energy, 
connecting it to the field of a Beck type 
unit should be interesting. Are there any 
takers? 


Complete Mathematics 


Lakhovsky’s multiple wave oscillator has 
always intrigued me. I tried to build my first 
one in 1976 based on Bob Beck’s schematics. 
These early experiments failed miserably, but 
I remained interested. In 1987, I had the 
opportunity to see one of Bob Beck’s MWOs 
at ameeting ofthe Los Angeles Psychotronics 
Association. I am a healer and a sensitive by 
nature, and I was looking forward to finally 
seeing the mythical machine in action. Bob 
had said that is was a very high power model 
and he was right about that. 

The unit was of the design that has been 
popular since the 60s; a high voltage spark- 
gap transmitter driving an antenna of concen- 
tric rings. Bob turned it on and ran it for about 
three minutes. It madea loud zapping noise as 
hundred of sparks jumped from ring to ring on 
the antenna. 

I was standing in the back of the room, 
about 30 feet from Bob’s MWO. 
As soon as he turned it on I felt a 
blast of irritation hit my aura. I 
could handle the etheric frying of 
my energy field for only about 
thirty seconds before | had to leave 
the room. When I came back in, 
everyone’s energy had been fried. 
Themeeting quickly digressed into 
a break, with everyone talking to their neigh- 
bor. It was quite a sensation! 

In thirty seconds I had become convinced 
oftwo things. First, this MWO was extremely 
damaging to the subtle energy field and there- 
fore must be incapable of promoting systemic 
healing. And second, this MWO must be 
unrelated to what Georges oscar eee was 
reporting in his book Secret of I 

Since I drew those conclusions back in 
1987, I have been confronted with numerous 
testimonials of people gaining benefit from 
this style of MWO. While I do not doubt the 
accuracy of these stories, I must admit, I do 
not understand by what process the benefit is 
derived. 

Here is where the MWO languished in 
my mind until Lou Schad’s articles appeared 
in the March/April and May/June 1991 issues 
ofthis journal. Intuitively I felt Lou was on to 
something very important. On a visit to 
Borderland Headquarters, I had a chance to 
evaluate a unit Lou had given to Tom. The 
energy coming from the antenna was gentle 
but very penetrating. I was excited. I went 


| SCORES BEFORE SESSION 
Ideal Score: 8 
Biological Score: 19-16-14-12-9 
5 scores with high numbers 


is considered very toxic. 
Immune System Stress: 3 
Endocrine System Stress: 5 


home with the intention of building one of 
Lou’s units to experiment with. 

After considering Lou’s design carefully, 
I decided to make a few changes and by late 
May 1991 I had my first unit. As it turned out, 
my unit did not look at all like Lou’s, but it did 
embody the fundamental principles that he 
innovated. These included a spiral main an- 
tenna that was charged with static electricity 
and physically vibrated, Lou’s antenna was 
complicated to build. I decided to use an 
antenna design that I had been developing 
uses for for three years, a spiral based on the 
phi ratio that I could have printed right onto a 
circuit board. That solved the problem of 
antenna fabrication. Another thing I changed 
was the method to induce the physical vibra- 
tions. Lou had used an aquarium pump. It 
worked well but was limited to only one rate 
of vibration. 1 decided that the rate of vibra- 


SCOR 


Ideal Score: 6 


tion might be important to look at so my unit 
was made with a variable rate of vibration 
from 2'4 vibrations per second up to about 14 
vibrations per second. The last change I made 
was the vertical antenna. Not knowing the 
height I needed for the optimum effect, I 
simply used a retractable replacement an- 
tenna from Radio Shack, the kind you usually 
see on portable radios. This gave me a way to 
vary the electrostatic charge on the spiral, by 
raising or lowering the antenna. 

By early June 1991 1 had made an ar- 
rangement with a local acupuncturist in town 
to run some clinical trials with the unit. This 
medical professional has asked to remain 
anonymous and so for the purposes of this 
article, I will refer to this person as **John””. 
John is a gifted sensitive and an advanced bio- 
energetic diagnostician using equipment from 
Germany called the VegaTest. John also has 
had assistance in this evaluation by another 
gifted sensitive who can see auras in vivid 
color and detail. [ will refer to this second 
person as **Pam””. As of this writing in early 
November, their evaluation has been on-go- 
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Biological Score: 12-10-8 
Immune System Stress: | 
Endocrine System Stress: 0 


ing for 4/4 months or since mid-June. The 
results are preliminary. No cures are claimed. 
However, all indications point to systemic 
detoxification, energizing and rejuvenation, 
just what you would expect to see from a 
broadly stimulated natural healing process. 
The VegaTest procedure is very sophisti- 
cated. It uses a bio-feedback mechanism to 
establish baselines for toxicity level, systemic 
stress and specific organ stress as well as the 
presence and location of specific pathogens 
and types of toxic substances. Toxicity level 
is measured on a scale of 0 to 21, where 21 is 
the most toxic. A “Biological Score’’ is 
developed from the toxicity values that come 
up and can have from 1 to 6 numbers ranging 
from 1 to 21, 6 numbers being the most toxic. 
An “‘Ideal Score’’ is determined on a scale 
from 1 to 15 where normal for adults on first 
testing range from 7 to 11. Stress on the 
immune system and endocrine system is mea- 
sured on a scale from 0 to 5. 


CASE A is a 21-year old female who has 
never been treated with other remedies. The 
patient was VegaTested, then received one 20 
minute session with the MWO and then was 
retested. (See box insert) These scores sug- 
gest that even one session can tem- 
porarily reduce stress levels sig- 
nificantly and promote detoxifica- 
tion. 


CASE Bisa 72-year old male with 
patient received only three ses- 
sions with the MWO. The pres- 
sure within the eyes lessened with each ses- 
sion. Pam reported that before the MWO 
sessions, the region of the eyes and head was 
completely dark and devoid of life force. 
After the first session, the darkness cleared 
about 40%. With the second session, the 
darkness cleared about 80% and with the third 
session, the energy around the eyes was com- 
pletely vibrant. 


Without going into a lot of specific case 
histories, ornaming disease conditions treated, 
John and Pam are consistently seeing the 
following: 

1. The MWO expands the energy field around 
the body 3 to 6 feet. 

2. It functions to reduce accumulated stress 

on many levels. 

It clears the energetic imprints of illnesses. 

It fills in breaks and cracks in the aura. 

It builds vitality at a very deep level and 

combats fatigue. 

6. It promotes the drainage of stale and stag- 
nant life energy down the arms and legs 
and out the hands and feet. Several times 


En q 


Pam has seen dark yellow or dark green 
energy drain out of acupuncture points or 
organs, to be replaced by cleaner and 
clearer colors. 

7. Everyone experienced improvement, re- 
gardless of their condition. 


METHOD OF USE FOR THE MWO, (de- 
veloped by John and Pam during this testing 
period) is as follows: 

1. A person using the MWO should sit in a 
comfortable chair with their feet flat on 
the floor and their hands apart, laying on 
their thighs, palms up is best. The chair 
should be about 6 feet from the MWO. 
During the session they should periodi- 
cally rotate their wrists and ankles to help 
promote the draining. 

2. The MWO should be started at slow vibra- 
tion rates (2-3) and slowly moved to higher 
vibration rates (5-9) and then at the end, 
moved to slower ones again. Sessions can 
be from 10 to 25 minutes. 

3. After the MWO is turned off, the person 
should remain seated for 10-15 minutes to 
continue to drain while the energy field 


slowly shrinks back from its highly ex- 
panded state. 

4. Rooms where the MWO is used may need 
to be cleared after its use due to the stale 
energies that drain out. Sun light, fresh 
air, toning, sage or other means may need 
to be employed to keep the MWO session 
room clear. 


THE BSRF MWO PROJECT contin- 
ues to develop, as this and other articles in this 
issue clearly show. A special thanks to Lou 
Schad for his brilliant and original departure 
from the errors of the past and showing us the 
true Borderland spirit in action. 

One final note. We at Borderland are 
constantly railing against people who invoke 
the name of some famous researcher, like 
Rife, Tesla or Lakhovsky, and then sell the 
public a piece of equipment unrelated to the 
original work. This is no better than bait-and- 
switch hucksterism and we deplore it. There- 
fore, let us state for the record from the outset, 
that this new Electrostatic MWO is not what 
Georges Lakhovsky was doing. Neither is it a 
direct attempt to duplicate his work. Lak- 


hovsky claimed to have had his units in use 
around the world, but after years of research 
we have found no physical evidence of this. 
He never published detailed schematics of 
any complete devices. This new MWO is a 
modern attempt to address the same problems 
that Lakhovsky was grappling with. We call 
it a multiple wave oscillator because it is, 
clearly, a device that produces a wide spec- 
trum of oscillatory emissions simultaneously. 
Lakhovsky pioneered this line of research. 
This unit is not a “‘Lakhovsky MWO” but, 
strictly speaking, no other unit sold in the last 
30 years has been either. 

As this MWO is part of an ongoing re- 
search project, a limited number of these units 
will be produced and made available to the 
public. 

The new BSRF Electrostatic MWO is for 
investigational purposes only. It is not a 
substitute for professional medical care and is 
not indicated as a specific cure for any disease 
condition. Any such use goes directly against 
the intent of the manufacturer. The perfor- 
mance characteristics of this device have not 
been established. 


MULTIPLE WAVE OSCILLATOR 


Borderland Sciences Research Foundation is proud to announce that their new Electrostatic Multiple 


Wave Oscillator is now available for investigational purposes. 


TOTALLY NEW APPROACH 


This unique Multiple Wave Oscillator uses a specially designed spiral coil that 
is both physically vibrated and simultaneously charged with a safe quantity of 
static potential, unlike designs using high voltage discharges between concentric 
rings. The result is a wide-spectrum wavefront of electromagnetic and 
etheric vibrations. It also provides a means to introduce a wide variety of 
other subtle influences into the broadcast much like a substance biocircuit. 
The Electrostatic MWO from Borderland Sciences isa versatile investigational 


tool. 
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The MWO has a wide range of vibratory rates and charge intensities. It is 
a one square foot cube with a Golden Mean Spiral MWO antenna on the front 
and a retractable antenna on the top for tuning. Powered with standard AC. 
Constructed using no toxic materials. 


ELECTROSTATIC MWO 
The Electrostatic MWO is a high quality device which was pro- 
duced in limited quantity for our research network. This unit is no 


longer available, and it was a complex mechanical device not readily 
translated to schematic form. Interested researchers will find the 
best path to pursue in this vein is in LouSchad’s Spiral Coil MWO. 


SUN-ETHER DISC 
By Albert Zock 


The German inventor Oscar Korschelt based his cosmic ether accumulator, German 
Patent #69340, dated July 14, 1891, on the teaching of Wilhelm Weber not realizing 
that it incorporated the implosion principle as well. Weber professed that all 
particles of the ether, having an electrical charge, are circling around solid objects 
without touching them, the molecular particles being negative and the ether particles 
being positive, according to the law of attraction and repulsion. Since a solid body 
attracts ether particles, Korschelt searched for a way to collect, condense and to 
rectify then. 


On a wooden disc with a hole in its center, Korschelt fastened spirals of copper 
wire, on both sides, one wound clockwise and the other, as a mirror image, counter 
clockwise, and connected the ends together through the hole in the center. His 
assumption was that the collected energy would be condensed in the center and then be 
beamed off at a right angle to the disc. He termed the side facing the light positive 
and the other negative. To increase the condensation and lengthen the antenna, 
Korschelt wound small coils like key rings and assembled them like links in a chain. 
He was convinced this device would give additional life energy if the beam was 
directed at the neck of a person in the height where the 18 cranial nerves are leaving 
the skull, (medulla oblongata). Such a spiral resembles a Nornen coil, which is 
stretched out and is used to eliminate undesirable emanations. 


An application of a Korschelt coil seems to have its merits. In one case a 
relative of an elderly man suffering an acute pneumonia, being already unconscious and 
according to his physician, beyond hope, hung a Sun-Ether Disc over his bed. From 
this moment, his condition improved rapidly. Fourteen days later, he was almost 
normal again. In another case, a Sun-Ether Disc hangs over the door in the waiting 
room of a Naturopath. Every one walking in is amazed over its warmth, and the flowers 
are flourishing like in a green house, even though it is not heated and faces north. 
When asked for the reason, the owner points smilingly to the disc and gladly explains 
how it works and how to build one. 


On a plywood disc with a diameter of 50 cm (20-3/4 in.) are two coils, one on 
each side, wound in a mirror image, the front one counter-clockwise and the other 
clockwise, almost on top of each other. Both are connected through the hole in the 
center which has a diameter of 10 mm (6/8 in.). The space between each winding is 15 
mm (5/8 in.). Aluminum wire is best. To make the key rings, take a 4 mm (3/16 in.) 
thick wire, fasten it into an electric drill and wind the armature wire around it 
tightly, by allowing the rotating wire in the drill to do the spinning. Make sure to 
wind the links for the front counter-clockwise and for the back clockwise. Then 
separate every fourth winding and cut it to get the links shaped like key rings. Now 
attach the rings onto one another like a chain. Each link will lengthen the antenna 
and work like an oscillator. Fasten the chain onto the board, using nails or screws, 
but to be accurate, give the chain a light tension so it will not slip off. Twist the 
ends in the hole together, or better, solder them. The counter-clockwise winding for 
the front applies to people living in the northern hemisphere; in the southern 
hemisphere it might need to be reversed. 


In Korschelt's time, some made "beam-handbags” carried on a shoulder strap. The 
material had to be framed to it could not move, then the spiral was embroidered and 
fasted to the inside of the bag, the whole bag measuring about 20 x 20 cm (8 x 8 in.) 
and the windings being 1 cm (3/8 in.) apart. Such bags were more powerful than the 
disc. 
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From Mar-Apr 1988 Journal of Borderland Research 


ETHER RADIATING APPARATUS 
An Apparatus For Therapeutic Use Without Direct Or Indirect Suggestion 
Oscar Korschelt of Leipzig. German Patent #69340, July 14, 1891 
Translated from the German by Bodo Capeller, 1986 


This apparatus utilizes the living forces of the ethers for healing purposes. 
The electro dynamic theory of Wilhelm Weber concerning the structure of smallest parts 
results in the insight that all ether is identical with Webers electric particles, 
that all solids rotate around it at a certain distance because of attraction of 
positive to negative ether particles in relation to solids. Through a corresponding 
arrangement of solids it ought to be possible to condense the diffuse ether and 
redirect it. A similar arrangement has been utilized in the following described 
apparatus which has been named by the inventor “Ether Radiating Apparatus”. 

This apparatus can be used for the purpose of increasing the intensity of the 
power of living ether. The difference between several versions of this apparatus is 
that of shape of materials used. In order to get increased power electric current may 
be used. Since the same appears to consist of positive and negative particles that 
try to find equilibrium, the amount of liberated ether particles within the wiring of 
the apparatus and the diameter of the wire formed ether vortex will increase with the 
spun off ether particles. 

In drawings 1 through 5 an ether radiating device is shown. Within the apparatus 
the arrangement of the metal wiring is formed in a spiral that will cause ether 
particles to spin in a predetermined direction so that the living force can be 
utilized in many ways. 

The version in drawing #3 shows the wire is formed in spiral configuration on 
both sides of plate E and is connected in the center. Through this arrangement the 
ether particles will accumulate in the center of the disk and be thrown forward. In 
order to achieve a longer path for the ether vortex one may utilize a chain instead of 
a simple wire which consists of horizontal displaced links (drawing #5). The disk is 
intended to cause physiological changes in humans (see drawing #1). 

Patent request: An apparatus for therapeutic purposes with direct or indirect 
suggestion consisting of a non conductive disk (E), free standing or installed in a 
tube, where both sides of the disk contain spiral wound wire with the side toward the 
light exposed as the collector and the opposite the radiating portion. 


Fig. 2. 
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March-April 1988 JBR, 
VIEW FROM THE BORDERLANDS 
by Tom Brown 


NATURAL ELECTRICITY 

Ernst Lehrs, writing in MAN OR MAT- 
TER about early views by Volta and Galvani 
on electric fish, provides insight into the 
nature of animal electricity. ‘“The electric 
organ of such a fish consists of many thou- 
sands of little piles, each made up of a very 
great number of plates of two different 
kinds, arranged in alternating layers. The 
two kinds differ in substance: in one case the 
plate is made from a material similar to that 
present in the nervous system of animals: in 
the other the resemblance is to a substance 
present in the muscular system, though only 
when the muscles are in a state of decay. In 
this way the two opposing systems of the 
animal body seem to be brought here into 
direct contact, repeated many thousands of 
times. 

**In the electric fishes, accordingly, 
sensation and will are brought into a pecu- 
liar interrelation. For as a result of the 
spatial fixation and the state of deterioration 
of its bodily foundation the animal’s will- 
pole is related to its bodily foundation in a 
manner which otherwise obtains only be- 
tween the nervous system and the psycho- 
logical processes co-ordinated with it. These 
fishes have the capacity to send out force- 
currents which produce in other animals and 
in man ‘concussion of the limbs’, or in 
extreme cases paralysis and even death. 
When contemplated with pure observation 
this phenomenon tells us that in cases of 
minor strength, this force causes processes 
of a volitional character in bodies affected 
by it. Through stronger effects the organic 
system which serves the will of the creature 
involved passes into disuse, either for a time 
or for good. By describing the process in 
this way we realize that electricity appears 
here as metamorphosed animal will, which 
takes this peculiar form because part of the 
animals’ volitional system is assimilated to 
its sensory system in an exceptional man- 
ner. 

““It is known today that what nature 
reveals so strikingly in the case of the elec- 
tric fish is nothing but the manifestation of 
a principle at work in the bodies of all beings 
endowed with sensation and volition -- in 
corporeal terms, with the duality of a ner- 
vous and a muscular system -- and therefore 
at work also in the human body. Observa- 
tion has shown that the activities of these 
two systems in man and animal are accom- 
panied by the occurrence of different elec- 
tric potential in different parts of the body. 
Manifold in detail though the relevant ob- 


servations are, they all confirm a definite 
correlation of negative electricity with the 
nerve-and-sense pole (sensation) and of 
positive electricity with the blood-and- 
muscle pole (volition).”” From MAN OR 
MATTER, © 1958 Ernst Lehrs, Rudolf 
Steiner Press, London. 

Thus we see that natural electricity is 
formed by processes which can be mirrored 
in non-living matter. But if we can have 
access to the primary form of the energy 
why pursue the secondary, and seek out that 
*‘magic frequency” that will cure AIDS, 
cancer, and assorted body clogs that go 
under fancy medical names? The answer is 
that everyone has their individual path to 
travel. Spiritual healing sometimes takes a 
long time, while an electronic device may 
get the person back on the track of their day- 
to-day life. The spiritual lesson of the 
sickness is buried for the future. Electricity 
is the subsensible force, but it is areal force 
with the ability to alter the functioning of 
the human body. 


by Tom Brown 


MWO NOTES 

The work of Georges Lakhovsky continues 
to be of strong interest. I have been inves- 
tigating the Lakhovsky MWO for about four 
years now and my views have consistently 
changed with new information. BSRF’s 
MWO Handbook is getting quite popular! 
However, my views have changed some- 
what since doing that book, and eventually 
a new edition will have to be put out to keep 
up with the new data. 

What was Lakhovsky really up to? 
Well, his basic experiments were with cop- 
per wires which were circled around plants. 
Lakhovsky felt that these rings were acti- 
vated by cosmic radiation. Lakhovsky was 
extremely interested in subtle energies, such 
as those that guided birds on their migra- 
tions. The copper rings, when placed around 
plants, would heal cancers in the plants. 
THE SECRET OF LIFE, Lakhovsky’s best 
known book in English shows pictures of 
these experiments. Lakhovsky then moved 
to bring these healing energies to humans. 

Lakhovsky also intuited the DNA spi- 
ral coil inthe center of every cell long before 
anyone ‘‘discovered’’ it. He felt that a 
properly generated multiple wave electrical 
field would make the coil in each cell reso- 
nate at its proper frequency, just as a tuning 
fork resonates when its frequency is struck 
on a nearby similar fork. 

Today”sconceptions ofa Multiple Wave 
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Oscillator (MWO) are quite different from 
what Lakhovsky was really doing. Lak- 
hovsky tried to reproduce the healing ener- 
gies of the cosmos by electrically energiz- 
ing coils to produce energy fields which 
apparently regenerated aberrant cells along 
the lines of his theories. Lakhovsky first did 
this by producing an antenna, comprised of 
concentric copper tubes, the outer one being 
energized with two wires from his power 
source. Our impression of his antennas is 
that they were log periodic, that is logarith- 
mic in nature (Lakhovsky doesn't come 
right out and say this, but his patents are 
definitely worded to cover such an arrange- 
ment). New data coming in (but not yet 
verified) tells us that these copper tubes 
were filled with one or more of the noble 
gasses (also called rare, or inert gasses). 

As anyone could guess, these antennas 
would be somewhat hard to manufacture. 
Lakhovsky then miniaturized the antenna 
and inserted it in a gas bulb. His US patent 
#2,351,055 says vacuum bulb, but also cov- 
ers low pressure gasses. There are two main 
keys here. One is the log periodic antenna. 
All higher forms of life are based on loga- 
rithmic patterns, from ferns to humans. 
Lakhovsky was creating a structure in the 
ether which would bring cells into proper 
functioning. The other is the vacuum / low 
pressure gas effect. For those who wish to 
understand the potent effect of the vacuum 
on life then the reading of The Nature Of 
Substance by Rudolf Hauschka is required. 
According to Walter Russell the noble gas- 
ses are the octave markers in the harmonic 
spiral of the elements, which also exists ina 
logarithmic pattern. 

I recently visited with Dr. Norman 
McVea of Stinson Beach, California. 
Norman has several high frequency gas 
tubes built trying to understand what Lak- 
hovsky and Royal R. Rife were up to. 
Norman has a MWO built of 12 glass con- 
centric rings with various noble gasses in- 
serted in them. When we checked it out it 
was running at 60 cycles, pulsed at 7.8 
cycles. My recommendation to Norman 
was to run the unit with a radio-frequency 
oscillator which can be tuned from 1 to 30 
megacycles, and modulated with a variety 
of sources for research. Norman has pro- 
duced the most unique MWO I’ve seen in 
our modern times, and he is certainly on the 
right track. He is also working to reproduce 
Rife’s high-frequency gas bulbs. 

The key to Royal R. Rife’s frequency 
instrument is also the use of the noble gasses 
energized at high frequency (possibly 4.5 
megacycles), which were then modulated 
with specific musical tones. Lakhovsky’s 
units were energized similarly, but used the 
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dred years ago one would probably be burned 
at the stake ifit would have been possible for 
them to demonstrate electrical devices. 

Electricity is considered by some to be 

a degraded form of the Light Ether, that the 
etheric force gets bound up in matter in a 
way that it can be used. But being bound up 
in matter it provides mankind with the op- 
tion of using it properly or improperly. 
Many articles on the detrimental effects of 
electric fields have been published, and 
more studies are no doubt underway on this 
importanttopic. There are also somerecords 
of electro-therapeutic devices that used this 
force for healing. Tesla envisioned a world- 
wide electrical power system and did the 
basic testing to show himself that it 
was Viable, and needed but to be 
built. Tesla was a man of great 
intellect and was a reader of Goethe 
and other great minds. One would 
feel that he was in some way famil- 
iar with Goethe’s Farbenlehre 
(color theory). The type of elec- 
tricity being sent around our globe 
on wires is of a different, lower 
form that that of Tesla’s transmis- 
sion of electricity without wires. It 
is quite possible that Tesla’s elec- 
tricity was of a beneficial nature. 
Tesla did research into electro- 
therapeutics and was no doubt aware 
of both beneficial and detrimental 
effects. With the power system he 
envisioned on line we may not have 
ended up with the electrical prob- 
lem we are just beginning to see the 
“*tip of the iceberg” of. 

This point needs clarification 

and elaboration beyond what most 
people now imagine. We periodi- 
cally mention certain aspects of Dr. 
Lilly Kolisko’s experiments with 
the crystallization of metallic salts 
rising contra gravity. These ex- 
periments were done to establish 
whether or not the planets had any 
direct connection to the metals as 
alchemical lore supposed. 

The connections she investigated are 
Gold-Sun, Silver-Moon, Mercury-Mercury, 
Copper-Venus, Iron-Mars, Tin-Jupiter, 
Lead-Saturn. Forexample Dr. Kolisko would 
take a gold chloride solution (1%) and allow 
a portion of it in a laboratory dish to climb 
a segment of blotter paper. As it dried the 
fine details of crystalline form could be 
seen. After many experiments the charac- 
teristic form of each metal's salt could be 
comprehended. It was scientifically estab- 
lished that the actions of cosmic bodies 
would have direct effects upon the crystal- 
lizing actions in the lab. Gold chloride 


would not crystallize properly during sev- 
eral solar eclipses that Dr. Kolisko reported 
on (1927, 1947). A darkening effect was 
noticed on these slides. 

Just recently 1 came across this in the 
recollections of Dr. Rudolf Hauschka, 
founder of Wala Pharmaceuticals: ‘‘In the 
course ofresearches into the delicatechanges 
in matter which are revealed in the capil- 
lary-dynamic method, an alarming symp- 
tom came to the fore. At one of the Easter 
conferences of the Anthroposophical Doc- 
tors’ Working Group in Comburg in 1964, 
Frau Kolisko, the past-master of the capil- 
lary-dynamic method, spoke on ‘Gold and 
the Signs of the Times.’ In earlier years she 


PLANET EARTH—POST-RADAR 


Entire planetary environment permeated with pulsed electro- 
magnetic radiation—an unprecedented condition, 


had demonstrated by means of the Steigbild 
(literally rising pictures, also known as chro- 
matograms) the connections between the 
metals and the planets, and in particular the 
effect on gold of an eclipse of the sun. 
During an eclipse of the sun the gold Steigbild 
which normally glows with beautiful col- 
ors, shows a darkening and the emergence 
of grey formations. Frau Kolisko now 
showed a series of gold Steigbild produced 
in the last years almost hourly and at all 
times of the day and of the year. Without 
exception all of them showed the same 
sinister dark formations which had appeared 
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earlier, in the first half of the century, only 
at the time of asun eclipse. She closed her 
lecture with a question to the doctors, namely 
whether, considering the change now in 
gold, they could still be answerable for its 
use as a medicine. There was no doubt about 
it: since the middle of the century gold had 
become different -- it was sick. Or, to 
express it differently, the connection be- 
tween the spheres of the sun which stream 
down and the metal which they permeate is 
disturbed.”’ 


ELECTRICITY: 

THE MAIN CULPRIT 

The main culprit in this sickness of earthly 
matter is none other than the elec- 
trical environment that has mani- 
fested on this planet. Certainly 
there were radio communications 
going during Dr. Kolisko's early 
experiments, but as this chart from 
Trevor Constable’s COSMIC 
PULSE OF LIFE shows, the post 
WWII environment was heavy with 
these signals, culminating in 
today’s total saturation point. 
Imagine what the Steigbild would 
have shown in previous centuries 
before the electrical force began 
its manifestation. 

Nuclear proliferation must also 
be considered as adding to this 
phenomenon, but electricity is the 
degraded form of the light ether, 
whose source the sun is related to 
gold. Walter Russell, in ATOMIC 
SUICIDE, indicates that the spread 
of nuclear energy will destroy the 
atmosphere surrounding this planet 
and now scientists are scratching 
their heads as the hole in the plan- 
etary ozone layer gets larger. (Of 
course chlorofluorocarbons and 
New Zealand sheep farts have all 
been blamed for the ozone deple- 
tion, but nuclear energy is a pri- 
mary cause.) This atmospheric 
destruction could well aid in cut- 
ting off gold from its cosmic wellspring of 
life. 

Rudolf Steiner had many insights into 
the true nature of electricity, its relationship 
to humanity and its role in our future. Per- 
tinent to the matter at hand let us consider 
the following remarks, a portion of his an- 
swer to a question about electrical treatment 
of animal fodder: 

“You must consider the whole part 
played by electricity in Nature ... to the 
effect that human beings cannot go on de- 
veloping in the same way in an atmosphere 
permeated on all sides by electric currents 
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**Edmonds’’. I connected the secondary 
to the center of my antennas and did get 
some action in the form of a purple glow 
around the third and fourth smaller rings. 
I can only assume that I need more power 
to this unit although I was “*Quite”” pleased 
at the limited reaction on my first at- 
tempt. I would like to reach out toa fellow 
member who might be able to help me 
with some advice at this point. 

Any advice you would send my way 
would be greatly appreciated. 
P.D. 
New York 


Naturally, the quality of output of any elec- 
trical device is dependent on not only the 
quality of materials, but also the geometry 
of structure and arrangement. The better the 
coil, the better the antenna, the more refined 
the fields will be that are put out around the 
device. As I have pointed out in the article 
mentioned above in my remarks about the 
**Rife’’ devices, the types of ** Lakhovsky”’ 
MWO's being built today vary quite a bit 
from what Lakhovsky was actually building 
and using himself. 

Lakhovsky used very refined electrical 
designs and probably log-periodic antennas 
with both poles of a Tesla coil feeding the 
outside ring in such a manner that there was 
a logarithmic, electro-magnetic structure 
oscillating in space which apparently had 
quite beneficial effects on living organisms. 

The modern variations, based on Bob 
Beck's schematic of 1963, feed one pole 
into an antenna (and the other into a second 
antenna), creating a dielectric field, which 
when it collapses, due to the rings on the 
antennas, creates unnecessary sparking and 
random radio-frequency noise with ques- 
tionable effects. It is an organic system 
alterant, but is quite different electrically 
from Lakhovsksy’s original equipment. 
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THAT MWO AGAIN 

I recently purchased your MWO HAND- 
BOOK. In the book are many references 
to the “Golden Ratio”. I was unable to 
determine what the mathematical basis 
for the Golden Ratio is. I have other 
material which describe the Golden Sec- 
tion, and it is a ratio of .618 to 1. The 
closest I came to a value for the Golden 
Ratio is from the MWO antenna data on 
page 188 of your book the ratio appears 
to be 1.27:1. Could you please clarify the 
mathematics of the Golden Ratio antenna? 
B.C.S., California 


* I recently purchased THE LAKHOV- 
SKY MWO HANDBOOK. I am in the 
process of building an oscillator. 1 have 
all the parts except 6Kv .005mf capaci- 
tors. No electronic store in Alaska has 
them, or knows how to get them. I would 
appreciate it if you would send the ad- 
dress of either the manufacturer or an 
electronic store that carries 6Kv .005uf 
capacitors. I have one more question. Do 
you know ofa meter or electronic appara- 
tus that measures the amount of energy 
level the human body produces? It seems 
that like fingerprints, all human bodies 
are different in the amount ofenergy they 
use or produce. If one can coordinate the 
energy level of the oscillator to that of the 
body far less damage would be done and 
far greater healing potential be made. 
S.N. 

Alaska 


For the first question, the Golden Ratio 
antenna uses the golden ratio as a base, but 
it was engineered to conform to other con- 
siderations of antenna propagation. It is 
what is called a log periodic antenna, These 
antennas are based on the square root of phi, 
that is the inner ring is multiplied by the 
square root of phi to get the next ring, or 
inversely the outer ring is multiplied by one 
over the square root of phi to get the next 
inner, etc. This provides the Golden Ratio 
mathematics (every other ring is phi re- 
lated). 


MWO NEWS FROM FRANCE 

I'd like to mention with regard to ‘‘Elec- 
tricity the Main Culprit” that just after 
the war, Gurdjieff wrote a chapter in his 
book ALL AND EVERYTHING entitled 
“Beelzebub says that man’s capture and 
subsequent destruction of electricity from 
nature is one of the main causes of the 
reduction in the human lifespan.’ And 
you are lucky in the US. In Europe we 
have a 230V system that is far more 
harmful than yours. 

A final comment on the MWO which 
seems as popular as ever. When I lived in 
Paris I made the acquaintance of 
Lakhovsky’s son and saw two of the 
MW0O’s built by his father in operation. 
The demonstration was very impressive 
but it didn’t last too long because the old 
units interfered seriously with radio and 
television reception in the area. They 
were very big units, about as large as an 
early TV set. [ don’t know where they are 
now since he later loaned them to friends 
living in the country. 

R.C. 
France 
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Very curious quote from Gurdjieff as it 
concurs with what Steiner indicated, that 
electricity makes living things sclerotic. If 
perhaps you wouldn’t mind searching your 
memory a bit more I have a question about 
Lakhovsky"s device: You say it interfered 
with radio and television reception. Was 
this from internal spark gaps, or did any unit 
you see arc between antenna coils. The 
pictures in THE SECRET OF LIFE indicate 
that the then necessary spark paps were 
interior to the unit, and the pictures of the 
effluvia coming off the antenna are obvi- 
ously pictures of corona discharge and not 
arcing as in the units built in the US today. 
Bob Beck, in his 1963 article on MWO's 
claims he built a unit from an original, but 
his antenna hook-up is quite different from 
Lakhovsky’s pictures. Many years of search- 
ing have failed to produce an original unit. 
The modern units are derived from the most 
obvious derivation of Lakhovsky’s first 
MWO patent, which is written to both pro- 
tect his design and cover infinite variations 
thereof. A detailed account of an original 
MWO in action would be of preat value in 
this research. 


SOUTH OF THE BORDERLAND 
Ihaveread Mark Clement's THE WAVES 
THAT HEAL and discovered a little piece 
of information not included in the cur- 
rent edition to THE LAKHOVSKY 
M.W.O. HANDBOOK. In WAVES I 
noted a short sentence indicating that one 
set of rings transmits energy through 
space which falls upon the patient’s body 
and (it must be ascertained through ex- 
periment whether this is as I tell here or 
otherwise) later absorbed by the receiv- 
ing resonator which resonates it for re- 
broadcasting into the patient’s body. Thus 
the true Lakhovsky MWO, and UNLIKE 
the Beck-reconstructed model, would be 
a more-complex device involving features 
so-far unthought of. It must be ascer- 
tained what KIND of ‘‘receiving resona- 
tor’’ Lakhovsky employed, ifit had or not 
special constituents not described at any 
of his patents included in the MWO 
HANDBOOK and what other features 
could be complementary to both. 
Another feature to be considered, 
and which I discovered in the photo on 
page 30 of Clement’s book is that there 
are two protruding spheres connected to 
the outermost ring of the Lakhovsky set- 
up. In the copy of the BSRF publication 
I have, these two photographs are re- 
duced and with not the same kind of 
resolution of the work by Clement. Each 
protruding sphere is connected to a cable 
and following the path of least resistance 
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cluding mental status and diet. As Trevor 
Constable pointed out back in the 1960s in 
this Journal, the healing powers attributed 
to the MWO could be caused by the etheric 
force rushing to suppress the life-negative 
electro-magnetic activity. [tis also possible 
that any benefits coming from modern day 
MW Os are psycho-tronic in nature -- that is 
the mind is doing the cure and the instru- 
ment provides a physical anchor for the 
psychic energies. The actual operation of 
the equipment, the sparking and gross elec- 
trical output, is superfluous to the matter, 
other than in convincing the mind that 
someting is happening. 


BSRF Bulletin Board 


LAKHOVSKY”S ORIGINAL 

You ask whether the original Lakhovsky 
MWO had any arc between antenna coils. 
I don’t remember any but to make sure I 
checked up with a friend who has worked 
on the MWO and knows it inside out. He 
was also present when I saw the device 
working. He tells me that there is defi- 
nitely no are between coils. The arc 
occurs inside the machine after the **Ru- 
hmkorff coil”. He also says that there are 
two tungsten plates which are drawn apart 
and brought together manually. 

The other thing I remember is a sort 
of metal wand with a knob at one end 
which is used between the two units to 
treat people. At the time I saw it, one of 
the persons present had a bad back. The 
two MWO antennas were turned on and 
were facing each other about 6 ft apart. 
The “wand” was applied to the sore 
back. I seem to remember that it kind of 
gave off sparks, but I’m not sure of this. 
I touched the wand and I could clearly 
feel something coming through. My 
knowledge of electricity is nil, however, if 
you have further questions, 1 could al- 
ways try my friend who should be able to 
answer them for you. 

R.C., France 


Many thanks, as this confirms the evidence 
of Lakhovsky’s own pictures used in his 
books. Would you be so kind as to ask your 
friend if it is possible to get a schematic 
(even a rough drawing from memory) of the 
basic layout of the MWO, which we could 
reproduce on these pages, also any antenna 
construction details. Many questions re- 
main such as what components are in the 
metallic tubes holding the antennas up, and 
such (Eric Dollard finger-dowsed the pic- 
tures of the tubes and felt it was an arrange- 


ment of capacitors and spark gaps -- his 
basic MWO diagram, an intelligent guess of 
what Lakhovsky was doing, is in this Hand- 
book). A basic schematic would probably 
be the most important piece of information 
to date. Pleaseread on, pot has been stirred..... 


LAKHOVSKY ANTENNAS 

I got my Nov-Dec 89 Journal where it 
shows an update on Lakhovsky’s anten- 
nas. On page 181 of SECRET OF LIFE it 
also shows the same thing. Take a magni- 
fying glass and you can see it. I disagree 
with all the experts, it seems that they are 
chasing a phantom ghost. Lakhovsky 
gave us all his secrets in his book, all we 
have to do is read carefully. 

He could cure cancer and other ail- 
ments with a simple piece of copper wire. 
Lakhovsky wasn’t dumb, can you see him 
telling doctors to cure with a piece of wire 
they would tell him to get lost, so he built 
a very complex machine to impress them, 
also he would have something to sell. I 
think Beck’s machine is close except the 
antenna. Who came up with this alumi- 
num foil glued to plastic? That's where 
they fell on their face. If you read page 75 
of the same book he repeats VIBRATES 3 
times. That's why he hung his rings with 
silk thread, so it wouldn't damp the VI- 
BRATIONS. 

Can you imagine a pipe organ with 
copper strips glued to a board? I have 
designed an antenna using copper tube of 
varying sizes held by fish leader that I 
think would work fine. I'd bet a penny to 
10 bucks that George used thin wall bronze 
tube as it will resonate better — but it’s 
expensive to fabricate. 

Louis A. Schad 
California 


Yup, I agree that Georges was no dummy. 
His book shows plant cancers that have been 
cured via use of a single copper wire single- 
coiled around the plant. He felt that the pre- 
matter cosmic rays (or what I would call the 
material pole of the etheric instreams) were 
*“ringing’’ the copper coil, in effect creating 
a tone that would heal the plant. I got the 
impression, from studying Lakhovsky’s 
progress towards the vacuum (or low pres- 
sure rare gas) patent, that in his equipment 
Georges tried to invert the process -- excit- 
ing the ring with a post-material high fre- 
quency current that would create a healing 
tone. By using log periodic antennas (as 
would be allowed under the MWO patents) 
a vibrant chorus would ring in the ether, the 
tones, via the structure of the antenna, would 
be such that they could harmonize the func- 
tioning of the human body. 
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The aluminum foil antennas were de- 
veloped by Riley Crabb, as a low cost way 
for experimenters to make their own anten- 
nas without having to have printed circuit 
boards made, and many folks were quite 
happy with the results. The physical evi- 
dence now clearly indicates that the Beck 
unit is quite different from the original 
Lakhovsky unit for which the cell regenera- 
tion results were recorded. What I have 
termed the *‘BECK MWO” must stand on 
its own merits and it can lay no claim to 
Lakhovsky’s recorded results. As stated 
several times in the past Beck's device is 
more like one of Tesla’s electro-therapeutic 
oscillators, except Tesla used copper sphere 
antennas, coated with a heavy dielectric to 
suppress sparking. Beck’s unit would be 
covered under Lakhovsky’s original (and 
very generalized) patent, but research of 
Lakhovsky’s own material shows it is not 
what he used for electro-therapeutic re- 
searches. To excite the antennas in the Beck 
manner will not create the same vibrating 
field that Lakhovsky’s antennas excitation 
circuit will. But it does create an electrical 
field that some claim is beneficial to a live 
body placed in its proximity. 

It makes much sense that the antenna 
should also vibrate physically as well as 
electrically. Ah... if we simply had an 
original unit to weigh and measure... 

Lou has sent us in a MWO of his own 
design with a single spiral antenna made of 
two twisted bare copper wires. We will be 
running a several part article on construc- 
tion and use starting next issue. This unit is 
reminiscent of the Sun-Ether disc of Oscar 
Korschelt, circa 1891. Having sat in front of 
a number of different operating MWO's 
over the last six years I have to say that 
Lou’s unit is the most exciting thing I’ve 
ever seen like this. I could strongly feel the 
effect 10-12 inches away, and there was no 
electrical excitation of the antenna, rather it 
is physically vibrated. There is a low volt- 
age shocker that can drive the antenna 
through two smaller copper coils. It’s easy 
to build and use, simpler than the Beck 
units, and should provide borderlanders with 
years of workable ideas. Lou will not be 
selling these devices but will provide com- 
plete building plans in the JBR. 

We received a call from Patrick 
Flanagan. He reports that he has a MWO 
unit built by Lakhovsky’s son in Paris. Itis 
a little box with a one tube white noise 
generator and it has a multi-stranded cable 
which wraps around the body. It shows that 
the evolution of Lakhovsky’s device has 
taken a different turn among those who 
actually knew what he was doing. This unit 
is based on the Radio-Cellular Oscillator. 
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one of these? It works well on 6 volts 
which is just as well as it draws a lot of 
juice and 8 D cells won't fire it. 

Now a request for information about 
Lakhovsky Treatment and parts. Please 
Please. On my knees!! Where can I 
obtain High Voltage Capacitors as used 
in the Lakhovsky Machine?????? I have 
tried all the surplus stores I know of in 
this area but the highest voltage they have 
is 450. I recently paid over $50 for a 660 
volt one for a 12 v trailer power supply 
and that was ordered specially from New 
York. HELP!!! Leven tried making one 
from instructions in the Boy Electrician, 
a Sunday School prize from the 1930s. I 
used Acrylic 1/8" dielectrics instead of 
glass. They worked well for a time but 
soon tracked and failed. I don’t fancy 
using glass plates any way but I desper- 
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ately need some H V Capacitors at less 
than Pentagon prices. 

Re Treatments. One of the contribu- 
tors to the Handbook reports that treat- 
ment with the Lakhovsky Machine re- 
sulted in the dis-appearance of underarm 
hair. (The report of decreasing under- 
arm hair is from the Noy. 1968 Journal of 
Borderland Research by Mrs. E.H., Piqua, 
Ohio.) This is very interesting as I am a 
heavy construction worker, and after a 
hard day at the office 1 like to drop in for 
a cool beer and fraternize with nice hot 
ladies. However, underarm odor which 
results from my daily exertion and defies 
Right Guard AFTER for 2 hours, is a 
Repellant. I did find that shaving the 
offending fuzz helped a lot. Tearing it out 
by the roots was even better; it seemed to 
de-activate the sweat glands. 
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After I sprained my shoulder I used 
the Betatron all around the joint and have 
noticed that underarm hair now grows 
much more slowly, and I have much less 
trouble with B.O. I used the Betatron 
frequently and the Ozone removes any 
residual stink... 

NOW the Big question. Has anyone 
succeeded in using the Lakhovsky ma- 
chine to stimulate hair growth??? I have 
hair like Yul Brynner. Maybe some folks 
think its sexy but I find it repulsive and 
worst of all it makes me look and feel 20 
years older at least without a hat. It seems 
to me that the machine could well be used 
to rejuvenate hair cells since it can re- 
verse most other degenerative processes. 
Its a strange thing that men who are short 
on top have an overabundance of super- 
fluous body hair in places where it is 

utterly wasted. 

Has anyone done any research 
on this subject with the Lakhov- 
sky Machine??? If so please let 
me know. I will be most grateful 
for any information and will of 
course inform you of the results of 
my own experiments. 

It occurs to me that such a 
phenomenon could well dispense 
with the daily chore of shaving 
and make Gillette obsolete. I am 
forever disgusted that such a lot 
of life force is wasted growing 
hair on my face instead of whereit 
belongs, On Top! Would be most 
grateful for your ideas. 

I remember the Master Vio- 
let ray being demonstrated in a 

- department store in the 1930s, I 
must have been about 7 years old. 
My mother who was with me 
watched the demonstration and I, 
of course, was fascinated. I said, 
“Oh Mom do buy one, it’s just 
what you need for your rheuma- 
tism’’. Mother replied, ‘‘Oh no, 
You just want it to play with”. 
How right she was. Well, in spite 
of all the quack devices which 
come and go, Lakhovsky in all his 
forms is still with us. That’s rec- 
ommendation enough. The AMA 
persecution of course confirms its 
effectiveness. 

A Naturopathic Doctor saw 
me wearing acopper bracelet. He 
was treating me for arthritis, ef- 
fectively with electro therapy etc. 
and asked if I really believed in 
the copper. I said **No””, then he 
said ‘‘Why wear it?” ‘‘Because it 
works.”? He laughed and said, 


“Look at that green stain on your wrist. 
That’s copper salts and they are being 
ingested; maybe that’s how it works, you 
might have a copper deficiency, well it’s 
cheaper than pills.” 

Very Sincerely, 

K.V.A.R., Washington 


First off, without further ado, let me con- 
gratulate you on taking a stand on refusing 
to use the word Hertz to designate cycles per 
second. Why use mumbo-jumbo designa- 
tors when simple English will do. Tesla said 
that the acceptance of the Hertzian theory 
would come to be seen by future generations 
as the greatest aberration of the scientific 
mind. Ofcourse Tesla is probably rolling in 
his grave (at 3600 rpm?) at the modern 
etherless explanations of electricity. He, 
and others of his day, regarded the (trans- 
verse) Hertzian waves as the ‘‘waste’’ put 
off by coils. The Tesla (longitudinal) wire- 
less system would have been worldwide 
(including radio and power), with the trans- 
verse waves engineered to a minimum, 
whereas the radio we have today, with the 
transverse waves engineered to a peak, fades 
out as one goes around a hill or a decent 
distance from the emitting source. This is 
dealt with much more specifically in THE 
THEORY OF WIRELESS POWER by Eric 
Dollard. Regarding use of the Jacobs Lad- 
der as a spark gap, that is an interesting idea 
and thanks for sending it in. As far as your 
hair growth problems go, perhaps our other 
readers have further comments. You have 
provided a lot of food for thought, thanks! 


HIGH VOLTAGE SOURCES: 

Re: Nov/Dec Journal and inquiry of S.N. 
Capacitor 6K V (6000V) .0047 uF (which 
is the standard value, not .005!) available 
(34.90) from: Antique Electronic Supply, 
6221 S. Maple Ave., Tempe, Arizona 
85283. (602) 820-5411, 

A.A. 

Massachusetts 


Source for high voltage equipment: Plas- 
tic Capacitors, Inc., 2623 N. Pulaski Rd., 
Chicago IL 60639-2190. Write for cata- 
log (Dealer for above is Newark Electron- 
ics). Also recommended is Homemade 
Lightning: Creative Experiments in Elec- 
tricity by R.A. Ford, ISBN 0-8306-3576- 
9, TAB Books, Blue Ridge Summit, PA 
17294-0850. Can be ordered through 
your bookstore. | 
Simplified Tech Service 

PO Box 2140A, Champaign IL 61825 


In the Nov-Dec 90 issue S.N. of Alaska 
asks about a 6Kv.005 uf capacitor. Radio 


Shack sells a 2Kv .01 capacitor #272-160. 
Three connected in series will be 6K v .003 
uf, another 3 connected in parallel across 
the first three will be 6Kv .006 uf. Six of 
these costs about $3. 

Regarding the MWO, when Hiero- 
nymus lived near me in Ft. Lauderdale I 
asked him about the MWO. He didn’t 
recommend it because the broad spec- 
trum of frequencies had both beneficial 
and harmful frequencies which could not 
be separated. 

R.B. 
Florida 


Thanks for all the input on where to get HV 
capacitors, Also, thanks Ron, for Hierony- 
mus' viewpoint. With the Beck style MWOs 
I would agree. A mass of radio frequency 
noise is generated. With Lakhovsky’s origi- 
nal units driving structured antennas one 
could produce multiple wavelengths of a 
more refined nature. We don’t recommend 
the MW Oto anyone, that is not our purpose. 
This Journal acts as a forum to ideas such as 
these to be explored, and the MWO refuses 
to go away, rather interest is growing and it 
is time we closely examine the field. Read 
on... 


THE BECK MWO 

My MWO is a Beck model. It has success- 
fully killed a skin cancer on the back of 
my hand. Yet I am wondering about its 
resonator. There seems to be no action, 
it’s of no use and is as if dead. I did not 
realize that we are having trouble estab- 
lishing a real Georges Lakhovsky MWO. 
This [enclosed] information from Europe 
may help clear up our need. 

D.M. 

Bryte, 


A good puzzle truly has many pieces, so 
thanks for your experiences. I never said 
that the Beck MWOs didn't work, but that 
they are not the same as Lakhovsky built. 
The enclosed ad was for radionic and related 
equipment including MW Os from Radionic 
Instrumentation & Research, Dorset, En- 
gland. It may be that this is the radionic type 
of MWO originally sold by Copen Labs. 1 
honestly don't know a thing about these 
MW Os, so any info would be greatly appre- 
ciated especially a schematic. Years ago I 
had heard them spoken of disparagingly by 
people who claimed that they wouldn't work 
because there wasn’t enough power, an ar- 
gument I never bought. It would seem that 
the more subtle and refined the energy the 
more beneficial it is to the human organism. 
The field is still open for new ideas and fresh 
impulses... 
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KLARK KENT CHECKS IN! 

Just a note to say thanks for the mention 
in the Journal about the availability of 
the Golden Ratio Antennas from Super 
Science. And also to say that the articles 
on the continuing developments of the 
MWO are most welcome. Especially in- 
teresting is the comparison of the Beck 
MWO to the Lakhovsky original! 

I have never seen an original Lak- 
hovsky MWO. Only from the patent 
information can we really get schematic 
information, circuit diagrams, antenna 
structures, etc. As you know from all of 
the free energy patents circulating around, 
a patent wrapper and drawing is not 
really enough to produce the claimed 
device. If it were, then we should have 
many free energy devices in production 
today! 

Several months ago a contact in New 
York made a generous offer to procure an 
original Lakhovsky MWO. I passed this 
information along to you and to others. 
So far no one has come forth to my knowl- 
edge with information leading to the 
whereabouts of an original Lakhovsky 
MWO. What this means is that we must 
grope our own way in replicating the 
technology first developed by Lakhov- 
sky. 

So I guess I owe Bob Beck a word of 
thanks because he was the one who made 
it possible for researchers to actually build 
a MWO. The information left to the 
world by Lakhovsky is (in my opinion) 
wholly inadequate to build and construct 
the device. The patent information ls, 
like most patents, just not adequate to 
enable someone to replicate the device. 
And this brings up the question: Just 
what constitutes the original Lakhovsky 
MWO? We don’t have an original device 
(and a bounty of $100,000 has so far failed 
to produce one). The information given 
in the patents doesn't really tell us enough. 

Borderland Sciences can help out by 
continuing to publish articles about the 
MWO which emphasize circuit diagrams 
and construction details. In this way, 
Borderland researchers can redevelop 
this important technology. 

I enclose a letter we received from a 
customer. Since the letter is of the testi- 
monial variety, it is best not to reference 
itin the Journal. But the point is that even 
a Beck adaptation MWO can seem to 
produce positive experimental results! 
Klark Kent, Super Science, 

P.O. Box 392, Dayton, OH 45409 
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Thank you, your input has been most valu- 
able and stimulating. The **diffuseur”” (lit- 
erally: loudspeaker or nozzle) would prob- 
ably be the antenna, so the “*secret’’ could 
very well be (as we have intimated over the 
years) in his mathematical arrangement -- a 
much more important consideration under 
Lakhovsky’s antenna feed arrangement than 
with Beck’s. 


BSRF Bulletin Board 


MWO CORNER 

Recelved the Journal yesterday and was 
very excited about the Spiral Coil MWO. 
I congratulate Mr. Schad on doing a very 
good job and would submit the following 
input for future models. 

1) No aluminium tubing should be 
used. Copper or steel tubing should be 
used instead. Aluminium is wholly nega- 
tive. It attracts negative radiation like 
honey attracts files. In this connection, I 
heard this morning on the British radio 
that a ‘‘mobile home’’ site had just been 
devastated in the USA. If I’m right, 
“mobile home” site means trailer park, 
in which there is a huge quantity of Al. 
These are prime targets for tornadoes 
and all kinds of negative influence. My 
chief reference for this is Dr. Starbard 
Webb, Box 200, Orangevale, CA 95662. 
She has been studying the subject since 
1956 and has accumulated a mass of data. 
Be patient for she travels a lot in the 
States doing seminars etc. 

2) The rest is from a Tibetan lama to 
whom I showed the drawing. If you’re 
wondering what a lama would know about 
the MWO I would say that they seem to 
know about everything that matters. For 
instance, in my own field (medicinal 
plants), their knowledge is not great, it is 
simply colossal, far beyond anything 
known in the West. The Lama tells me 
that there should be 12 coils, no more no 
less (Fig. 6). The **up”” wire (see illustra- 
tion) should be five times longer than the 
diameter of the coil. No doubt further 
information will be forthcoming when 
the whole of the MWO is described. 
Yours sincerely, 

R.C. 
France. 


Glad to hear of your suggestions for further 
research on Lou’s spiral coil MWO. His 
articles have stimulated a lot of work that 
should provide a lot of new ideas over time. 
Peter Lindemann has taken Lou’s concept 
of physical vibration and is experimenting 
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Spiral Coil Multi-Wave Oscillator 


with phi ratioed antennas that are stimulated 
with sub-audible sound. Also, Loucalled to 
make sure that it was clear that the antenna 
side facing the subject is a counterclockwise 
spiral. It is clockwise from the top. 

Interesting thoughts on the mobile 
homes, which are reverse orgone accumula- 
tors. A few items congruent with your 
comments have showed up over the years 
and perhaps we can get more on that in an 
upcoming issue, 


LAKHOVSKY COIL INFORMATION 

The following was forwarded to us from 
Health Research, Box 70, Mokelumne Hill 
CA 95245: 

On Health Research’s flyer for THE 
HANDBOOK OF UNUSUAL ENER- 
GIES, the artist shows the copper wire 
positioned incorrectly through the wood 
support. 

I have made a number of discoveries 
which I even find hard to believe by using 
this COILED COPPER WIRE. I expect 
to write a booklet on my findings and you 
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may want to represent it in your sales 
catalog. I have proven over and over 
again what I have done but, to date, have 
not shared anything with anyone else. I 
had to be ABSOLUTELY CERTAIN be- 
fore I ‘went public’. 

When I first received the books THE 
SECRET OF LIFE and THE WAVES 
THAT HEAL from you about 4 years ago, 
[noted carefully just how the copper wire 
was COILED around the plant. Please 
note that the copper wire STARTS from 
INSIDE THE EBONITE and MOVES 
COUNTER CLOCKWISE and then ends 
ABOVE the ebonite... This is shown on 
page 14 of THE WAVES THAT HEAL 
and page 110 of THE SECRET OF LIFE. 

In the past four years I have made 
dozens of experiments and I’ve gone far 
beyond what even Lakhovsky did or 
thought of. NOW, to prove my point 
about the proper way the copper MUST 
be coiled, I deliberately experimented by 
coiling the wire the way you have shown 
it and NOTHING HAPPENED in all my 
experiments. That's why [KNOW THAT 


SJEY, “SM Uo SAR Y ÁRBOL nod uot 
-2ULIOJUT Ale Sf puas 9S89[J “UONIIITP oues 
ay Ul Junoa $1 Ám], q əy spunos 
y pue dn Sutusdo st qəmwəsal OMAN JO 
py MOU SOY Y “SUBSTI [EIEI 19010 
qnon pue səavm pumos WIM sEUUaUE 
ap Bopelqra qua Sunustuodxs st pue 
snp uo dn poxord sey uwemopurg 19434 *[109 
am Funeiqia ÁppeorsAgd uo paom qəra 
“08 sonssı JeIsass pajuasald “O MIA] [109 
ends s peyss no 01 ayega [194 AIOA Átt it 
$e OMA SAIMI 1q Ul P9189191U1 1501 9q 
pmom ‘mdu mnydyay 15001 MoA 10] suey], 


ono 
YT 
¿103619094 punos e Aq palo 
-Mod seuuajue pajujad 043 OMI punos 
SAE oJenbs s ÁIN Y * | sep “1G 159) 
pue aseys.md oso suoÁue pip ‘osty 
‘snoosneu AISA suo Supe jo 
jujod aq) 03 339133 90) 1930035 əy} 1930 
YES 0} 919M SEUUDJUE y} 1950[5 IJL 
“snanul Jo [jn] oq pmom pesy InoÁ sojn 
-upu S$] 1997 y *sjrun Ja[petus uo SU 10m 
AOU WE | OS $30900983.9 9nupyuos 07 40135 
00] 919M Jun SI] Woy 5339]J9 9PIS ay], 
suji u99m30q 41eds ou Sem 31971 
‘uey 1940]Q pews € qipa pajoos 
aye sea del yieds 100359 |, *0T0' 10] 
peed uy siojpoedes 3104 00007 Jn SOO 
OM} pasn J “s1o3pedes 94) 10] Joyes yanm 
SI GIG 53[0A 00S'L 103 Jte pool aq) pue 
puno.3 jujod ppu 3u]sn $1901.10J50€1] ¡no 
pouing jjeq usn p33.1€35 ] 'Á[[ENJ3V ua 
-Mə 39119891 pue PEO] 94} 94815 0] s91195 
Uy} 0443 JO sapiempad oyy nd noA ssojun no 
Wing 0} pua ss0q | “19800148 10 190110] 
“SU.1} US[S JOA 000ST VUODE E pasn J 
‘JWMEY 
pews € Aq 43N.9S sem 31 ayy 3snf Buy 
40}]€U0s91 943 1834 ppno> nod uo pue jjo 
yun əy} pau.m3 noÁ jy pue Zupa 193no0 ay} 
Jo qJeds [[eurs e aep pmo noA Iamod 
SI) Je ‘Os USA ‘Suji 1a3no əy} Jo puo 
Yes 0} Zuoz 90 $39.114 043 pəsn 1 ynon) 


901 


-jë pue punog əy} 0) [9poul yg 91) 

Əy snf popunols sem 10360059191 1 
*910391d aq} Uy 911 3011 aq) jo woyoq 
94} sp1emo] ÁB.1sus [je Suso] walqoid 
s} paeupmja suopsawto? OM “Buy 
94) puədsns 03 pəsn 3uqy40e suyaing 
pua 19q30 9q3 ¿no pue Žuja oy} punoJe 
[9A 8.1] pinoa 1 .1eds aq} 09900103 900 yj 
ISIAJ9UIO IIA pad] əy} Wo su0p son 

-U03 04] UNJ 03 ÁJ1ES$939U 3] punoj | 
"amyd əy} uy 31] ‘doz oy) 38 s[peq om} 
əy} jjo alos 10] }daaxe do} əy} speso] 
889] PUE 559] (JIM W10}}0q IQ} JE ,,9-,,5 JO 
93 16Y351p $ 3483 sumy 0001 ‘Fuji sozno 
39) punose [je ÁJUSAS ,,£-,,7 JO 9BIEYISIP 
E 3403 sumy 005 ‘aa de yooq JejnBas 
JO sumy 0001 108 GIA 19J9U018]p „p [103 
esa Lym amyd aqy uy uo pyedoS ey astp 

qsniq JIEXS 94} 9JE | ANp 0) 9/q8 Sem ] 
“SSO.1IDE *J] Z INOQE SEA SUI apso ayy, 
“JOPUlIS e JIM jjo way) pepunod ] 1937 
Spuə Əy} UO $9Z]5 SNOJIEA JO des xay sst.1q 
30119p]05 pue səzıs juələjjip pe Jo 3m 
-qn} soddos 3ujsn TYAH LVH.LSHAVAA 
yooq əy} wog seuuajue oy} dn pojess 
I '98p9]MO0A paypu; Aw qipa pos 1 359q 
$8 OMA 94) pajeoridop | oft s1esÁ SAL 
HOYNVISHAHA OMA 


peog unaln3 3453 


EXSUIQON 

dy 

'Apas410> *pop¡dde pue ‘auop 9q SOW 
smago UEM, 94) jeq} sapeladur] 
8] 3] Moug om 39] 5949 dupe[pposo Ays 
"AOH 'TYNISTHO 943 Jo suo sey oya 
SUOAUE JO MOUN NOA J] ‘Moys 03 IDUIPIAS 
jo Ajuajd seq Ajue Aysaoqye’y mg 
* We) AUUN, 94) 10] popeo pue pua dosp 
91) JJO 93003 3AE J 380) HUY) JOU JJM OYM 
NOSHAd LHDITY A) 9sn 03 mjaJes ÁlSA 
aq 0} p39U [j4 158€ AGO NVYWNANH € Ya 
jusunodxo 0) 394 SAEY Y ‘smogs jdoouos 


UNA 
AAANAOHAD 


LHS 


INOYAA 


LYOddNsS GOOM 


3518 SQ} JEYA JEY} 31 0} 31001 5] 91913 
yy 3uy1opuoa we J ‘Supsa si TV IAH 
LVHL SAAVA Jo £9 oded uo 9.1n32;d ay} 
y3noy)]e pue ‘9s.1n09 Jo *S.LINDUIO ONI 
“LV TIIOSO oq) 5118397 SLA TAD VHS 
‘SUVITOO ‘SLTHA §,Aqsaoqyey] 
JO 900 998 0] 940] Á[IE3P pmo J 
'98NEI 1949] MA Aq Ipem sy due yo 
LNV.LSNI UE USAS J} 1949.10] ase [[M 3] 
MOUN AA SE JJP *JUEJSU] UE 10] USAS STON} 
-BLIBA ADE Mojje JOUUED PUE Á[SS9[ME[] uon 
-aung 389.1943 [ME PUES AVE ‘SHIDNANO 
-TUA ‘SUTIM Od ‘SAIDUANG ‘STINO 
‘SAVI 99) Jey) ajnjosqe pue ospo1d 
“exo 999]19d si SOWSOD 94) U ONTHL 
-AHAHAH 160) [ SB [[34 se mouy nog 
“LSA LI 
LVH.LMONM OQI Mq Ae 874} pajros aq 
LSM SIA Jaddos ay) A HA Bop 1s9; 43 qI5 
oq} jou aaey J “yjesanod 03 $ HAOHd 
put savy y sjuowjadr ames ay} JONpUOS 
‘TTASUNOA ©} juta nod ssam 31 40] 
piom AW 34€] 0) 3AEY [JA nod pue stop 
SAB [JEM MONY J Inq ‘ossad peuors 
-$9J0.1d € JO JS JUSTIS E JOU UE Y “AE 3391 
-103 34) moys 03 94n331d mod adueys nod 
eq) sapesoduwy sy 31 pue THOM WV I 


ë k 3 


From the M; - 
BSPF Bulletin Board 


MWO CORNER! 

Here is a nice present for you and 
your readers. Some tidbits about George 
Lakhovsky. I phoned my knowledgeable 
friend on Sat, 14th Dec. To my surprise 
not only was he at home but he invited me 
to spend the afternoon with him the fol- 
lowing day. 

Firstly, it is comforting to know that 
there are still about four original MWO’s 
within a radius of 200 miles from Paris, 
and the people who have them are likely 
to take good care of them. 

Secondly, from what I can gather, L. 
took very great pains with each MWO. I 
understand now what my friend meant 
when he said that each one was different. 
L. would calculate all sorts of parameters 
relating to the place where the MWO was 
to be used. He would then do the ‘‘fine 
tuning’’ with the help, sometimes, of an 
unusual cleric Abbe Breuil. 

L. arrived in France around 1896. 
He was a friend of Tesla and when the 
latter came to France the first person he 
wanted to see was L. I don’t know any- 
thing about this early period but two 
episodes occurred later which gave L. 
quite a bit of money and enabled him to 
finance his future research himself. 1) 
During the 1914 war, there was a dearth 
of methylated spirits in France and L. 
negotiated supplies, on behalf of the 
French government, with the Russians. 
2) He invented a gadget which was used 
everywhere on the French railways and 
which brought in tidy sums in royalties. 
He was thus able to invite titled people to 
his table, the Count of this and the Duke 
of that and, of course, Abbe Breuil. This 
curious cleric was very well known in 
France, not for saintly endeavors on be- 
half of the Church but for his exploration 
of caves in search of traces of early man. 
He became the High Priest of Pre-history. 
However, what interests us here is that he 
was an extraordinary medium. For in- 
stance, L. at table, would say something 
like this: “Abbe, I’ve just thought up a 
new design for the MWO (passing him 
the drawings) what do you think of it?” 
And the Abbe might reply: ‘‘The 
antenna’s too thick here, you should take 
1 millimetre off and here, you are using 
the wrong kind of metal.” In this way, L. 
gradually refined each model, using the 
Abbe's intuition to verify his own find- 
ings, until he got it as near perfect as 
possible. 

What follows is a translation of the 


notes scribbled down by my friend yes- 
terday. I offer no comments because I 
wouldn’t know a Hertz dipole if I fell over 
one in the dark. 

These are some of the parameters taken 
into consideration by L. 

1) Diameter: D. 

2) Thickness of the wire of the tube (not 
to be confused with the section). 

3) Distance ‘‘e’’ between the two ends. 
4) Orientation of the circuit with respect 
to the horizontal plane (29 70 N). 

5) Kind of circuit. Should it be made of 
metal or hollow glass containing chemi- 
cal salts. 

6) Orientation of the distance **e** with 
respect to the magnetic North. 

7) Study of the terrain: the mineralogi- 
cal, geological, 
geodesic and tec- 
tonic factors. 

8) Study of the 
nature ofthe sur- 
face of the cir- 
cuit and whether 
and how it should 
be covered. 

I see now that 
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what I had taken Hertz dipole 
for solid rods 
making up the MWO antenna 


antenna were in 
reality hollow tubes. 

I hope that you and your readers will 
find this information interesting. Itsheds 
a new light on how L. operated. He used 
the pendulum a lot and, as we have seen, 
the mediumistic talents of his friend Abbe 
Breuil. My best wishes to yourself and to 
BSRF in 1992. 

R.C. 
France 


Your input on the MWO project has 
been most helpful to everyone trying to find 
the truth of the story, and I offer my thanks 
and I’m sure the thanks of BSRF members 
the world around. Georges Lakhovsky was 
a complex individual whose ideas on cell 
regeneration have ignited many a seeking 
mind. It seems as though he had somerather 
interesting friends also, Nikola Tesla, Pro- 
fessor D'Arsonval, and the curious Abbe 
Breuil! Your friend’s comments indicate 
some important factors in Lakhovsky*s con- 
siderations: He was very concerned about 
the orientation towards the natural energetic 
lines of the earth, even considering latitude 
(what you have termed the horizontal plane) 
as a determining factor in the energetic 
output of his devices. He must have been 
aware of the interaction of the electric out- 
put with the planetary magnetic, electro- 


107 


static and etheric fields. He was also con- 
cerned about the underlying earth itself. In 
his Secret of Life he proposes his theory 
that cancers are more predominant in areas 
where the soils (such as clays) reflect the 
cosmic radiation back to the surface, caus- 
ing interference patterns that disrupt the 
body’s energetic flows. It is interesting to 
note that his antennas were constructed with 
all these factors involved. It is also very 
interesting that he relied on the pendulum 
and the mediumship of Abbe Breuil for his 
refinements. Lakhovsky was a true border- 
land scientist! Also of note is your point #5 
mentioning the hollow glass circuit contain- 
ing chemical salts. Something new to figure 
in our researches. We also have the open 
question of whether or not some of his tube 
antennas contained rare gases, which his 
MWO Tube Patent implies by its refine- 
ments in miniaturization. This has been an 
exciting period of discovering what La- 
khovsky was really up to in his vast re- 
searches. Please read on.... 


A REAL LAKHOVSKY SCHEMATIC! 

This schematic is from a Lakhovsky 
Radio Cellular Oscillator manufactured by 
Lakhovsky’s son in Paris long after the 
untimely death his father in the early 1940s. 
It shows that the Lakhovsky’s own family 
followed the path of the radio-cellular oscil- 
lator and not that suggested by Lakhovsky’s 
turn to damped electrostatic power supplies 
in his MWO. Our many thanks go to Patrick 
Flanagan for providing this information to 
BSRF. Patrick obtained the unit, removed 
the seal at risk of voiding the warranty, and 
provided us with the circuit description you 
see here. Also, a special thanks to Roger 
Modjeski of RAM Tube Works of Santa 
Barbara, California for providing the pinouts 
and tube conversion info. As far as our 
extensive research notes show, this is the 
first real, complete schematic of an working 
Lakhovsky device that has been published 
in the US! 

This unit, which fits in a small box that 
can be held in the hand, is a very powerful 
white noise generator with a treatment coil 
comprising of coax cable which is looped 
around the subject when in use. The treat- 
ment coil loop is 1 meter in length, the 
center wire and shield are connected. This 
unit will interfere with electronic communi- 
cation devices up to the satellite TV range, 
and may be illegal to operate under FCC 
rules. The tube is an EL83, a French tube 
(Telefunken manual gives the German num- 
ber as PL83) whose US equivalent is given 
as a 6CK6 video output pentode, but GE 
never made them. It is very similar in 
function to a 6CL6 which has a different 
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From the Jul-Aug 1992 Journal of 
Borderland Research: 


MWO REPORTS 

Please allow me to input these com- 
ments about the on-going search 
for the ultimate MWO, and most es- 
pecially for a working model of 
Lakhovsky’s alleged cure-all MWO. 
I submit a slightly different con- 
figuration of a MWO and wish to 
add some findings and opinions of 
my own. Let me say to any or all, 
these are only opinions backed 
with some results of a beneficial 
nature, yet still personal and so 
accept whatever you will and dis- 
card anything that does not have 
an affinity with your own feelings 
and thoughts. 

Ihave read many times in the 
Journal and in the MWO Hand- 
book of those who used any of the 
many modalities who did then ex- 
perience a feeling of nausea and 
other internal discomforts. It 
seems that no one has understood 
the reason for this and assumes it 
has something to do with frequen- 
cies/power. Notso. This is only a 
result of the ozone produced by ei- 
ther the spark gap, antenna, or the 
atomic and sub-atomic particle 
wave ions penetrating the organ- 
ism and therein transmuting to 
ozone. Anyone who has ingested 
hydrogen peroxide during oxygen 
therapy would immediately recog- 
nize the taste, smell and effects of 
oxygen such as H,O,, and thus O, 
(ozone) is more intense not only in 
its slight discomfort, but in the ben- 
efits derived therefrom. 

When any MWO of whatever 
configuration is activated the 
HVHF is producing billions of ions 
which are electrically activated at- 
oms and these are passed from the 
antenna to the body and within to 
a depth determined by frequency/ 
power and so in this respect fre- 
quency/voltage is important but 
only to produce/drive the ions 
which are of oxygen, hydrogen, ni- 
trogen, copper from the coils/an- 
tenna and... anything that one 
would affix to the antenna. 

These ions, at a speed exceed- 
ing 60,000 miles per second pen- 
etrate the integument into the tis- 
sue to a greater or lesser degree de- 


pending upon the above stated fac- 
tors of oscillation/voltage where 
they become 03. Too, with a pul- 
sating break of 11 to 13 Hz before 
the primary of the power trans- 
former there will be an added 
stimulation of nerve endings/syn- 
apses producing a metabolic in- 
crease. 

Then, with the diagram sub- 
mitted here of an instrument pro- 
ducing much ionization and an in- 
tense electro-static field in conjunc- 
tion with multiple waves reaching 
many millions of Hz, along with a 
means of manual control of fre- 
quency and static field the ultra- 
high voltage is taken into the body. 
Thus we combine most of the ideas 
advanced by others than Lakhov- 
sky. 

I submit that it is the ozone 
that is the primary healing agent. 
Not only that produced within the 
cellular tissue but especially that 
breathed in from the generator. 
Long before Lakhovsky doctors 
were using ozone cabinets and por- 
table chambers for this therapy 
with excellent results dealing with 
tuberculosis and what we now call 
emphysema. The serum levels of 
oxygen will be greatly enhanced by 
this method and may be verified by 
means of a blood test. 

No alien viral invader will 
long survive in the presence of in- 
tense oxygen. This statement in- 
cludes plant, animal or human. So 
I repeat: I do not consider any fre- 
quency of any value in the treat- 
ment of any disease. However... 
The frequencies and the sufficient 
power to drive them will do this: 
The oscillations, if resonant with 
the many groups within the body 
will cause the cell membrane to 
open and so allow the ozone pro- 
ducing ions to penetrate to the mi- 
tochondria, and thus either stimu- 
late the cell as a friendly agent as 
with any vitamin or mineral, or will 
act as a warrior and slay any alien 
microbial/ viral invader. Acting as 
a natural booster protector of the 
immune system. 

So with the correct group of 
frequencies we effect the cell only 
by causing harmonious and 
friendly resonance that allows the 
ion in. To think that the cells are 
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directly affected would require 
many hundreds of gigahertz and 
would even then prove more harm- 
ful that healing. 

The diagram of the instru- 
ment submitted is driven by a 
15Kv/30ma/450va neon trans- 
former and is enough power. How- 
ever I have used a 750va and 900va 
with a corresponding increase in 
the other components but that is 
not necessary. 

Perhaps the most important 
item is the 1" copper pipe flattened 
on one end. This, when held to the 
antenna or the outer static ring 
causes a 10x increase in frequency 
by using the capacitance of the 
body. By slowly approaching the 
antenna with the flattened end the 
electro-static field is also increased 
so that the entire body is stimu- 
lated and especially so if the per- 
son is seated within two feet and 
leaning toward the antenna. With 
a 900va unit and using a six foot 
diameter static ring of 1.5" copper 
the field is so intense as to cause 
some of the phenomena associated 
with a Whimshurst generator. 

Excuse this long-winded com- 
ment, and yet it is not long enough 
to relate the various effects ob- 
served both personally and upon 
cats, dogs and birds with serious 
disease. For myself, and I submit 
this is purely anecdotal, at age 69 I 
jog/run from six to ten miles each 
morning for four days per week. I 
lift a lot of iron three days per week 
in addition to much work in my 
garden and upon the grounds here. 
I had my last cold in 1969 and have 
never experienced any of the many 
influenzas. My cholesterol counts 
at 152. My blood pressure is 120/ 
70. I do have diabetes, (adult on- 
set) but this is a result of genetic 
disorder and is of no problem. 

As we all know: if the catalyst 
of disease is determined by pre- 
incarnative choice little can be 
done unless the person is willing to 
let go of the underlying cause 
which is deep within mind. If a 
person has so distorted the endo- 
crine system by whatever means 
and especially anger and the desire 
for control over others, then these 
glands will be damaged and here 
the instrument is of help. Still... 
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INTRODUCTION 

When I wrote ‘‘The Lakhovsky Radio- 
cellular Oscillator'* (Jan-Feb 1992 JBR), 
making a synopsis of information released by 
Georges Lakhovsky himself, I indicated my 
doubts on the quality of the information, and 
in the end, how in my opinion he was pursuing 
(at least) two very different lines of research. 
Later, I thought it proper to have a greater 
understanding of the technology from 
Lakhovsky's time of early researches, so I 
went in to the library of the Argentine Scien- 
tific Society to try obtaining more data. 

My search was rewarded with the book 
Les Ondes Electriques Courtes (Short Elec- 
tric Waves) by Mr Rene Mesny, the French 
Navy's Professor of Hydrography, which was 
no more than the publication in print by Les 
Presses Universitaires de France (Paris, 1927) 
of a lecture given by him. 

In this present writing I will show the 
schematics given by Mr Mesny together with 
a brief explanation (based on his writings) 
and the corresponding reference publication, 
so that whosoever wants to know more on the 
subject can go directly to the source. This I do 
because many of the references given in 
Mesny’s work are not available to me; hence, 
I will also refrain from a deep analysis of the 
information for the present. 


Figure | 


In the early days of radio, there were 
problems associated with the generation of 
short waves, due not only to the primitiveness 
of the equipment but also to defective manu- 
facturing. Figure 1, directly above, is a **sym- 
metrical arrangement’ employed to circum- 
vent those troubles for the oscillations gener- 
ating the short waves happen only in oscillat- 
ing circuits **A”” and **B””. 


You will notice how AC and DC were 
mixed in a single circuit; this feature is almost 
non-existent in today’s broadcasting equip- 
ment. 

A simplified version of the symmetrical 
arrangement is seen at Figure 2. Please notice 
how close it is to the Lakhovsky Radio-Cellu- 
lar Oscillator that I have shown as Figure 9 in 
my former writing. The only difference seems 
to be the replacement of the DC batteries in 
Figure 2, by a filament/high-voltage trans- 
former. 


Figure 2 


Now, one interesting feature that must be 

in every wave-broadcaster is a stable fre- 

quency. One such frequency-stabiliser was 

invented by the French Radio-Electric Soci- 
ety and is shown in Figure 3. 


the circuit ‘*R’’, wound partially over an iron- 
core **F””, Any variation in this core’s satu- 
ration will change its permeability and conse- 
quently the inductance in **R””, allowing ëi- 
ther an increase or decrease in broadcasting. 
The whole setup shown is, according to the 
French text, an emitter; yet at the extreme 
right appears the word ‘‘recepteur’’ meaning 
receiver. Maybe an analysis of the whole 
original reference in Onde Electrique maga- 
zine will show the reason for this discordance. 

The **great-grandaddy”” of today’s satel- 
lite TV antennas appears in Figure 4. It is a 
parabolicreflector of 340 centimeters in wave- 
length and an aperture of 600 centimeters. Its 
job was to focus in a narrow beam (with the 
minimum of dispersion for that time) of the 
broadcast. While reading Waves That Heal 
by Mark Clement I found out that the MWO 
had a transmitter and a resonating receiver, 
yet there was no specific technical data per- 
taining to either in the book. 1, for one, would 
like to know what led Georges Lakhovsky 
from the Radio-Cellular Oscillator (as already 
explained) to the Multi-Wave Oscillator in 
which the antennas differ from those of the 
time, such as the one seen in Figure 4. 

As forthereceiverthemselves, Mr Mesny 
quotes the work Les Lampes a Trois Elec- 
trodes by one Mr C. Gutton (Also published 
by Les Presses Universitaires de France in the 
collection Conferences-rapport de documen- 
tation) indicating something not usually 
thought of nowadays such as including nega- 
tive resistance in the circuit. One kind of this 
circuit is seen at Figure 5, Where the coupling 
is by means of (ferro-)magnetism and the 
received broadcasts are heard through the 
earphone "(E)", 

Figure 6, shows us a coupling that is 
effected, at the same time, by ferro-magnetic 
and electric means. Mr Mesny indicates the 


Figure 3 


It employs iron’s properties of magnetic 
saturation (see the magazine Onde Electrique, 
Volume No $, pp 237-263, June 1926) and it 
uses a powerful triode ‘*A’’ which generates 
oscillations directly into circuit **E””, excit- 
ing the antenna directly. Coupled to **E”” is 
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most used arrangements are those made by 
one Mr Reinartz and one Mr Bourne. 

The idea of using negative resistance in a 
circuit was first suggested by one Mr E. Fromy 
(See Onde Electrique, Volume No 2, pp 168- 
173 and 636, 1923) and a simple circuit is 
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Figure 10 


of Figure 12. Though no reference was di- 
rectly given for consulting, reading the bibli- 
ography disclosed the existence of the thesis, 
Recherches experimentales sur la propaga- 
tion des ondes electromagnetiques le Ing 
des fils by one Mr G. Laville, published by 
Masson in 1924 (no place of publication is 
given, but it is safe to assume it is Paris as the 
most important publishing houses of France 
are located there). 


4 P 
Figure || 
Another way to generate very short waves 


(of about 43 centimeters) was found by the 
German scientists Barkhausen and Kurz: 


Figure 12 


This they did in 1919 (see Physicalische 
Zeitung, Vol 25, page 1, 1920) and a few years 
later the scientist Scheibe improved on the 
idea producing waves from 30 to 334 centime- 
ters (see Annalne der Physik, Vol 73, pp 54- 


88, year 1924). 
Experiments were undertaken by the Brit- 
ish scientist Mr R. Whiddington (see Radio 
Review, Volume 1, pp 53-58, 1919) and by 
Gill and Morrell (see Philosophical Magazine 


Vol 44, p. 161, 1922, and Vol 49, pp 369-379, 
Feb 1925) using a setup similar to the one 
illustrated at Figure 14, 

Please notice that I have eliminated per- 
tinent technical explanations concerning the 
devices by Barkhausen-Kurz, Whiddington, 
and Gill-Morrell, as they would be far too 
extensive for this article. Those investigating 
the references themselves, do take note. 

After reading the pertinent portions of Mr 
Mesny’s work, I felt myself closer to the full 
understanding of Lakhovsky’s **Radio-Cel- 
lular Oscillator’’, yet I also felt myself no 
closer to that of the Multi-Wave Oscillator. 
These points are yet to be cleared: 

1, How many (and which kind) of vacuum 
tubes (either by him or from others) were 
included by Lakhovsky in his MWO? 

2. How much of the **Radio-Cellular 
Oscillator” entered (or not) into the MWO? 

3. Which researches lead Lakhovsky from 
the Radio-Cellular Oscillator into the MWO 
and what initiated them? 

4. Is therea *‘Final’’ or **Ultimate MWO” 
(capable of curing all illness) or just one 
model of a kind that is fit to heal a given group 
of diseases? 

Any datum clearing these points (and 
others I have been unable to formulate) is 
valuable, no matter how small you think it is. 
So, in case you have anything, please send it 
to the Journal of Borderland Research for us 
all to know.... 


LINE OF MEASUREMENT 


Vp 


Figure |4 
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Thereisa lot of electro-therapeutic equip- 
ment (including alleged Rife devices and 
various MWOs) being sold these days with 
the claim that they are not for medical use. 
None-the-less I would have to consider my- 
self stupid if I thought that everyone was 
building and buying these units purely for 
research. The information and equipment that 
BSRF makes available really is intended for 
research purposes and we don’t say that with 
a nod and a wink. If I knew for sure that a 
specific reproducible device would cure any 
disease | would say so without fear or trepida- 
tion and provide the plans. To those who do 
use this information we sincerely hope that 
you provide BSRF with documentation on use 
and effect. This is an experimental field, with 
exact details of the original equipment still in 
question, and to rely on this for health one has 
to base their motives on faith and not on fact. 
This is extremely important and is the funda- 
mental purpose for our making all this avail- 
able. It is our avowed policy to discourage 
people from relying on experimental equip- 
ment as a healing modality. Not that there 
isn’t a basis for thinking that there is promise 
in this field of research, but as stated before 
there are still many questions to be answered, 


not the least of which is the mass of informa- 
tion now becoming available on the disastrous 
health effects of electricity and electrical fields. 
Much needs to be sorted out here. 

Rudolf Steiner pointed out in his Agricul- 
ture course (circa 1924) that just because 
electricity was now available there were proph- 
ets who claimed it as a great cure, not with- 
standing that there were no such prophets 
before electricity was available. He also 
pointed out that with radio signals informa- 
tion could be transferred around the world at 
amazing speed, but that the effect of the 
electricity was such that people couldn't com- 
prehend the information as well as they used 
to! This is an important caveat to consider 
before any experimentation with electrical 
equipment (including computers! ). 

There are avenues of research into bio- 
logically positive energies that do not partake 
of the subsensible electrical currents. L.E. 
Eeman's biocircuits are a well documented 
means of balancing the body’s energies and it 
is merely a sign of the times that there is very 
little interest in such (not as sexy as an electro- 
stim unit!). Color therapy is also an important 
area of research (electricity is used to power 
the light source but its electrical effect on the 


experimental subject would be negligible). 
Dr. Wilhelm Reich’s orgone energy research 
also indicates that there are potent non-elec- 
trical energies that are incredibly bio-positive 
if applied in the correct manner. Competent 
research needs to be done in all these areas, 
and this Journal is open to all ideas of this 
character. 

And in closing I must state that there is 
the more refined view of disease, that it is a 
problem of alignment between physical and 
etheric. Rudolf Steiner indicated that the 
etheric is always healthy, but when out of 
phase with the physical we experience health 
problems. Our true purpose in the Borderland 
fields of research is not to cure disease, but to 
learn how to attain the supersensible overview 
of our existence = toreach beyond the borders 
of our senses. Our orientation is of course to 
seek across the upper borders of the senses. 
Electricity is a sub-sensible force, beneath the 
senses, and is an organic system alterant. 
Whether it alters a system for better or worse 
depends on many factors, state of mind, diet, 
life-style, etc. It is very possible that many 
claims for various devices are based on pla- 
cebo effect. That is why we support serious 
research and not widespread equipment sales. 


Eric Dollard’s suggestions for single antenna hookup 
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Michael Theroux’s ideas for two antenna hookup based on the photographs of Lakhovsky’s apparatus. 
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Lakhovsky MWO/Radio Cellular Oscillator submitted by Patrick Flanagan 


could find its natural frequency.”” It is at this 
stage that he introduces the now famous an- 
tenna of concentric rings. **To obtain this 
result I set up a transmitter composed of a 
series of circular concentric oscillating cir- 
cuits linked by a silk cord but not contiguous. 
These circuits are stimulated by damped high 
frequency currents from a spark gap. Thus 
each circuit of the transmitter vibrates not 
only on its natural frequency, but also on 
numerous harmonics.’’ ‘*Thus, I built an 
oscillator with all the basic wave lengths 
from 1/10th of a meter to 400 meters. But 
each circuit also emits many harmonics, 
which with their basic waves, their inter- 
ferences and their effluvia can reach the 
scale of infra-red and even that of visible 
ligh oa 

Notice here that Lakhovsky never 
mentions power outputs or high voltage in 
the output circuits. Also, in Fig. 1 of 
Lakhovsky’s 1931 US patent #1,962,565, 
a very simple drive circuit of an inter- 
rupted inductor feeding an L-C spark-gap 
oscillator is shown. But notice these im- 
portant details. First, the output coil L2 
has fewer windings than Ll so that the 
voltage is stepped down to the antenna. 
Second, that the antenna connection is for 
electro-static output as it is an open circuit of 
differential capacitance, the two output leads 
connected to separate rings. In spite of his 
references to electrostatic outputs, Lakhovsky 
leaves this issue wide open. Quoting from the 
body of the patent, Lakhovsky states, **One or 
several points of this high frequency circuit is 
or are connected to the end of one or several of 


EL83/6CK6 PINOUT 
pin 1: grid 2 

pin 2: grid 1 

pin 3: cathode 

pin 4&5: filament 6.3V 
pin 6: grid 3 

pin 7: plate/anode 

pin 8: internal shield 
pin 9: not used 


6CL6 PINOUT 
1: cathode 

2&9; first grid 
3&8: second grid 
7: third grid 
4&5; filament 

6: plate/anode 


the rings forming the radiating apparatus. The 
other rings not connected are excited by in- 
duction.’ This broad statement is typical of 
patent ‘lingo’ and clearly leaves unresolved 
the exact output connection. 

Two last points should be mentioned 
here. Lakhovsky speaks of his output circuit 
being ‘‘stimulated by damped high frequency 
currents from a spark gap’’. The question is, 
what is a damped oscillation? Tesla also used 


Lakhovsky's MWO Patent 


such terminology and it is from his writings 
that I draw my conclusion. I speculate that 
this could refer to the oscillations produced 
across a quenched spark-gap. Spark gaps tend 
to ionize gas particles between the two elec- 
trodes and the presence of this conductive 
plasma creates a tendency to sustain the arc- 
ing process. A quenched gap reduces or 
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eliminates this tendency thereby sharpening 
the transitions between the on and off phases 
ofthe spark. This intensifies the nature of the 
oscillations and produces extremely high har- 
monics. My guess is that in Fig 1, E, in the L- 
C oscillator section of the circuit, is aquenched 
spark gap. The other speculation I would like 
to add here is about the construction to the 
concentric ring antennas. For the last 30 years 
here in the USA, these antennas have been 
made of copper foil on a dielectric material, 
like a printed circuit board. BSRF has beena 
major source of these antennas. Recent ex- 
periments that I have run suggest strongly that 
this design adds unwanted capacitance to the 
output circuit and could clip off the very short 
wave emissions from the output. This would 
be even more pronounced in a system set up 
for electro-static output as Lakhovsky speci- 
fies in his patent. Only a sequence of copper 
rings, suspended in the air, like Lakhovsky 
shows, would be free to oscillate up into the 
gigacycle range, without any arching between 
the rings. These printed antennas do work 
well, however, with the RCO. 

After all this, I now must say that there is 
nothing sacred about any of these circuit de- 
signs. I’m a strong believer in the motto **if 
it’s not broken, don’t fix it’’, however, there 
are many ways to produce the effects Lak- 
hovsky was producing. Even Lakhovsky states 
in his 1931 patent, **These rings may be fed 
by any producing device whatever of high 
frequency...'* This is well illustrated by the 
schematic published in the March-April 1992 
issue of this journal submitted by Pat 
Flanagan. This circuit, while resembling 
one of the earlier Radio-Cellular Oscilla- 
tors, seems capable of producing waves 
well below 1/10th of a meter (as Pat told 
me that it interferes with his satellite TV 
reception!) and therefore should be con- 
sidered associated with Lakhovsky’s later 
work on the MWO. The out put of this unit 
is not electrostatic. In fact, Borderland has 
found no evidence at all that any of 
Lakhovsky?*s units actually operated in the 
electrostatic mode, regardless of his 1931 
patent claims. 

Here then is the difference between 
the RCO and the later MWO. The target of 
frequencies for the RCO was between 2 
and 10 meters. With this, Lakhovsky was 
able to cure cancer and many other condi- 
tions. It seems to stimulate the organs and 
glands and promote de-toxification. The re- 
searcher whose RCO schematic follows, says 
that 43 megacycles (approx. 7 meters) is the 
primary target for a device like this and that its 
primary action is to cleanse the body and 
rebuild the organs. He has seen dramatic 
cleansing of the liver and bowels, reduction of 
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The Lakhovsky MWO: 
Back To Square One 


Peter A. Lindemann 


Sometimes the most obvious things take the longest. I am 
reminded of all the wild hype that surrounded Tesla’s work back 
in the 1980’s and the crazy new theories that were put forth on 
how his wireless power system supposedly operated. Smelling 
a rubber fish in the pan, BSRF railed against the madness and 
eventually released a video presentation of Tesla’s wireless 
power system in action. Remarkably, all it took was the genius 
of Eric Dollard and going back to Tesla’s patent. The model built 
from the patent performed as claimed. No new theories or 
explanations were needed. This video, Tesla’s Longitudi- 
nal Electricity is proof enough that going back to the 
original design is the best place to start when trying to under- 
stand or duplicate someone’s work. 

So, the question is, has anyone ever tried to duplicate 
Lakhovsky’s MWO as it is described in his patent? After finally 
asking myself the right question, I carefully read through The 
Lakhovsky Multiple Wave Oscillator Handbook 
for the answer. What I found is quite interesting. Every single 
MWO schematic printed in the book, except for Lakhovsky's 
patent diagram, is a model of or a variation on one of Tesla’s 
electro-therapeutic devices! It seems that for the last 30 years, 
people have just been putting Lakhovsky’s famous multi-ringed 
antenna at the end of a Tesla circuit and thinking that they had 
the real thing. All of these units, variations on a circuit presented 
by Bob Beck in 1963, spark profusely between the rings of the 
antenna. Bob has repeatedly told experimenters to build their 
MWOs with more and more power so that they will produce 
increasing amounts of sparking on the antenna. Our files contain 
letters from people who report excellent results from these 
devices. The accolades, however, have not been universal. The 
big problem with this style of MWO is that people who are 
sensitive to subtle energy, like myself, can’t stand to be in the 
same room with one of them while they are operating because 
they are so irritating. Something was not right in all of this, and 
I wanted to figure it out. 

To illustrate the problem, I 
have included four schematic 
diagrams here for reference. _ 
Figure 1 is the schematic of G 
Lakhovsky’s MWO taken from 
his patent. Figure 2 is a sche- 
matic taken from an article by 
‘Tesla on his electro-therapeutic 
experiments. Figure 3 is the 
schematic for a “high power 
MWO” taken from page 77 of 
the MWO Handbook, and 


Figure 2 


Figure 4 is 

the sche- 
matic of the 
Bob Beck/ = 
Klark Kent 
MWO (sim- 
plified). After 
studying these circuits for a while, I realized that there were a 
number of basic differences. Lakhovsky had placed the spark-gap 
and the capacitor in a different relationship in the middle section 
of the circuit than Tesla and the others. Could this be important? 
Lakhovsky had also stepped the voltage down in the final stage 
of the circuit where Tesla and the others all stepped the voltage 
way up. Was this significant? What was Lakhovsky trying to do 
that was different than what Tesla was trying to do? 

There were some other things that also puzzled me. Both 
Lakhovsky and Tesla had well developed subtle sensitivities. 
Lakhovsky used a pendulum to help him in his design work and 
Tesla’s expanded sensory abilities are mentioned throughout 
his writings and the writings of his biographers. Because of this, 
I assume that both of their electro-therapeutic devices were 
totally benign to be near, even to very sensitive people, like 
themselves. I assume this because nothing leaves my laboratory 
that 1 don’t personally like. Experiments I have run strongly 
suggest that all of the effects that cause sensitive people to be 
irritated by these units (Beck/Kent style MWO) come from the 
sparking between the rings of the antenna. This brings up the 
question of whether or not the MWO antenna is supposed to 
spark. Tesla is very clear in his writing that his units worked 
much better when all electrical discharges from the terminals 
were suppressed, At one point, he even describes using 2 inches 
of wax to cover the terminals (antennas). Likewise, Lakhovsky 
never mentions sparking discharges between the rings of his 
antennas, Some photos show a brush or corona discharge off the 
outermost ring of his MWO 
antennas, but no mention is 
made of this being the normal 
therapeutic operating mode. 
Also, no photo of Lakhovsky’s 
MWOs ever show arcing be- 
tween the rings. In light of this, 
lam convinced that both Tesla 
and Lakhovsky designed their 
devices to eliminate this be- 
havior. I strongly believe that 
Lakhovsky’s real MWO does 
not create sparking discharges 


Figure | 
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capacitor discharge creates a very different kind of “spark” than 
an inductive collapse. (Anyone not understanding this should 
watch the first 20 minutes of the BSRF video Free Energy 
Research. In it, Eric Dollard demonstrates both inductive and 
capacitive arcs and discusses the differences between them.) 
The Beck/Kent style of MWO uses the circuit primarily as a 
source ofhigh voltage to produce arcing between the rings of the 
antenna. ‘The various lengths of sparks at the antenna become 
the source of the wide spectrum of frequencies produced by the 
device. While this method may produce the required wide band 
of emissions, it was not the method Lakhovsky was working on. 
The patent is clear on this point, Lakhovsky envisioned the 
capacitor discharge as the source of his wide spectrum of 
frequencies and the multi-ringed antenna as a resonator system 
to draw out even more and higher harmonics by induction. As 
usual, the simple creation of multiple frequencies is not enough. 
The subtle nature of these frequencies and how they are created 
is also important. 

Many experiments need to be tried on all of the possible 
methods of driving the antenna that are covered by the patent. 
Beyond that, the patent describes using only one antenna, 
whereas all of the photos of Lakhovsky’s MWOs show him using 
two antennas. The exact antenna hook-up is still unknown. I 
have now driven the antenna both electro-statically, as specified 
in the patent (Figure 5), and electro-magnetically by eliminating 
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Ll & L2 and directly connecting the outer ring of the antenna in 
the place of L1 (Figure 6), The effects subjectively seem stronger 
in the direct connection mode, but both are gentle and penetrat- 
ing. I have also driven two phiratio spiral antennas in the 
electro-static mode facing each other, each spiral connected at 
its center to one end of L2 (Figure 7). The effects in the space 
between the two antennas are the most powerful I have seen yet. 
While use of these golden section spirals is a deviation from 
Lakhovsky’s designs, the configuration of using two antennas to 
set up an area of high frequency electrostatic oscillations 
between them was his intent, it seems. The effect in the area 
between the antennas is quite strong and lends credence to the 
electro-static mode of operation. Tesla also experimented with 
this method of driving the antennas which he called terminals (t) 
as shown in Figure 8, He used large copper plates for these 
terminals, and as such, did not expect them to augment the total 
frequency response of the system as Lakhovsky did with his 
multi-ringed antennas, My experiments suggest that when using 
one antenna, the electro-magnetic hook-up is the strongest, as in 
Lakhovsky’s RCO circuits. When using two antennas, the 
electro-static hook-up is the strongest, as in Lakhovsky’s MWO 
circuits. 

In future articles, I plan to address the construction of a real 
Lakhovsky MWO antenna made from copper tubes suspended 
on silk threads as specified in the patent. I believe that the copper 
rings, unencumbered by the proximity of any dielectric mate- 
rial, will be able to ‘ring’ freely up into the very high harmonics 
Lakhovsky envisioned. This could be the final ‘improvement’ 
necessary to get us all the way back to where Lakhovsky was in 
1931. The design for the real MWO may have been with us all 
along. Sometimes the most obvious things take the longest. 


Figure 8 
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units will perform. Because of this, we are publishing this schematic 
diagram (Fig. 4) and parts listso that home builders can now make 
their own superior Lakhovsky-style units. We are also making these 
units available in limited quantities for serious amateur experi- 
menters. 

The current unit consists of four sections: (1) the power supply, 
(2) the capacitor charging system, (3) the spark-gap discharge 
section, and (4) the high voltage output and antenna hook-up. Each 
of these will be discussed separately and compared to Lakhovsky’s 
patent diagram in order to promote clear understanding. 


(1) The Power Supply 

Lakhovsky’s patent diagram does not specify a power supply, 
but does show the unit needing to connect to a source of Direct 
Current, as noted by the (—) and (+) connections at the left of Fig. 
1. Experiments by Hessel Hoomveld and myself suggest that the 
best source of DC in this case is a battery. The units definitely work 
better on batteries. A little market research, however, told me that 
most people would prefer a unit that could run for long periods, if 
necessary, and simply plug into the wall socket. Most people did 
not want to be bothered by battery charging protocols. Therefore, 
the power supply given here consists of a transformer, rectifier, and 
filter capacitor as shown in the schematic in Fig. 4. 


(2) The Capacitor Charging System 

Lakhovsky’s patent diagram shows a primary coil, a magnetiz- 
able member, a secondary coil, the capacitor, and a device called 
the irembler. The purpose of the trembler is to mechanically make 
and break the DC current connected to the primary coil. This 


123 


arrangement produces pulses coming out of the secondary coil that 
can be used to charge the capacitor. The circuit we use here is a 
variation of the one developed by Klark Kent. It consists of a 555 
timer chip, protected by some RF chokes, controlling a power 
transistor that makes and breaks the DC current to the primary of 
an automobile ignition coil. The pulsed output of the auto coil is 
then used to charge the capacitor. The high voltage diode between 
the coil and the capacitor is a necessary addition to this circuit 
because the capacitor does not charge properly without the diode 
in place. For you purists, the solid-state section can be replaced by 
a self-actuating mechanical relay that operates like the trembler. I 
don’t use it because it makes a lot of noise and the solid-state circuit 
runs quietly and reliably. The solid-state circuit also gives us an 
adjustable feature to control the capacitor charging rate, like the 
adjustable trembler would. I have also added a third RF choke 
between the auto coil and the capacitor on the low voltage side to 
block the high frequency rebound of the capacitor discharge from 
feeding back to the power supply. 


(3) The Spark-Gap Discharge Section 

Lakhovsky’s patent diagram shows the capacitor discharging 
through the primary of the output coil and the spark-gap. Our 
circuit is essentially the same here. This seems to be the heart of the 
system and I wanted to leave it alone. Still, a great deal of work went 
into researching the optimum design for the spark-gap. Straight, 
open air spark-gaps produce a subjectively harsh feeling in the field 
between the antennas anda nasty, irritating noise. By contrast, high 
vacuum, quenched spark-gaps (5 microns) don’t work well in the 
circuit. The unit we are selling uses four enclosed spark plugs wired 
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and the musical tones from some research done by an H. Kayser, 
published in Berlin in 1932, Since we know that Lakhovsky was 
working with some German doctors with his RCO and early earth 
energy research, we strongly suspect this information could be the 
basis for the development of the multi-ring, multimetal, tubular 
antenna during that same time period. This research document is 
included as a footnote to an article entitled The Gravitational Wave 
in the BSRF reprint of the 1950 Proceedings of the Scien- 
tific and Technical Congress of Radionics and 
Radiesthesia. The following article, The Song of Longevity, 
contains Michael’s insights into these relationships. In the future we 
are hoping to prototype some antennas and try them out to see if 
they broaden the action ofthe MWO to near universal effectiveness 
as Lakhovsky claims. Until then, the units we are making available 
function extremely well as a refined MWO power supply. 

I know that some of you have enjoyed this flurry of articles on 
the MWO. I also know that some have felt that too many pages 
were given to this topic over the last few years. I can only say that 
being on the trail of this discovery has been exciting, especially this 
year. Now that it is nearing completion, I would like to acknowl- 
edge how much Tom Brown has contributed to this project. First, 
he kept the whole project alive by constantly up-dating the MWO 
Handbook. He took the initiative to translate and condense the 
two Lakhovsky titles, Science and Good Health and The 
Earth and Ourselves. These little books told us a great deal 
about Lakhovsky’s work with earth energies and the Radio Cellular 
Oscillators, the forerunner of the MWO. He first sparked my 
interest and helped me overcome my reluctance to get involved. 
Even though he has not written any of the articles in this current 
series, our telephone conversations have been an integral part of 
my growing understanding of the MWO. During countless phone 


calls, we continued to refine our collective understanding about 
what Lakhovsky was really doing. 

This has really been a global BSRF project and the following 
people have all contributed in significant ways. A special thanks go 
to the following: Ralph Bergstresser, who apparently designed the 
“Magnetic Wave Oscillator” which has been the basis of MWO 
research for the last 30+ years; Bob Beck, for igniting interest in the 
MWO in 1963 by reproducing this basic “MWO” design; Riley 
Crabb, for printing that diagram in the BSRF Journal; Klark Kent, 
for actually building units that gave people something to work with 
and gave us something strong enough to whack on for years; Eric 
Dollard, for an irreplaceable education concerning the properties 
of high voltage dielectric fields, and for showing us the major 
divergences from Lakhvosky’s actual work by the previous re- 
searchers; Ron Crossley, who reported on his first hand observa- 
tions of Lakhovsky’s MWO and helped track down numerous 
important details; Louis Schad, for bold and original thinking, and 
experimentation when things were looking pretty stuck; Larry 
Binger, for work with RCO circuits and sharing generously; 
Michael Theroux, for timely and insightful input; Jorge Resines, for 
multi-language translations, tirelessresearch, andremarkable analy- 
sis of hard-to-find documents; Hessel Hoornveld, for the eye-witness 
account of a real MWO in operation, and for extensive clinical 
testing and in-depth experimentation with MWOs of various types 
in the Netherlands. Also, many thanks to all the other experiment- 
ers out there who have written letters to the Editor and kept the 
interest high. Thank you all again. 

Ihave had the privilege of having all ofthis input to sort through 
and synthesize because these others were willing to share their 
knowledge freely. I am deeply indebted to all of them. 

At this point, I consider the Lakhovsky MWO mystery essen- 
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“The earliest prehistoric symbols — the curves, spirals, etc. of the most ancient art — 
are attempts to render for the eye those primordial energies who have their being in 


sound alone.” Joscelyn Godwin — from the introduction to Cosmic Music — £ 


a | 
ote 


se, ET ee 
a, ee J 
ey 


tarm 
ite 
a 
E 
ry 


i 


A 


He SONG o 
LONGEVI 


by 


Michael Brian Theroux 


HE MOST FUNDAMENTAL of ancient 

symbols is quite unmistakably the 
circle. Thenext and most obvious progres- 
sion of this archetype is found in the ever 
expanding and contracting universe, as 
depicted by a series of concentric rings. 
This symbol of concentric rings finds within 
its compass the models of both the spiral 
and labyrinth, and cannot be confined to 
its apparent 2-dimensional interpretation 
(and we will find its 3-dimensionality un- 
folding in the armillary sphere.) It is, 
therefore, no coincidence that Lakhovsky 
chose such a concentric ring design for his 
MWO antennas. The antenna system is 
truly the most important componentin the 
device, and it is well known that Lakhov- 
sky used simple, oneringed and non- 
electrical contrivances in his healing ex- 
periments with plants. 

The latest information concerning the 
design of Lakhovsky’s multi-ring antenna 
for the MWO, would strongly suggest that 
he not only incorporated the alchemical 
correspondences of the metals and planets 
in the antenna’s construction, but that the 
thirteen ring structure was based on the 
fundamental harmonics of music. (See 
Lakhovsky’s MWO: The Final Approach, by 
Peter Lindemann) 

Before assailing some of the possibili- 
ties in designing these antennas, it will be 
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of great 
impor- 
tance to 
analyze 
and 
compare the nature of how a device such 
as this fits into the musical element, and 
also to try to interpret the means by which 
the musical correspondences are arrived 
at. 

In 1918, a Russian inventor named 
Leon Theremin invented the first elec- 
tronic musical instrument. Originally called 
the Atherphone, this musical instrument 
(now universally known as the theremin) 
was played by moving the hands in the 
vicinity of two antennas, (not touching the 
instrument) hence its original name. The 
instrument produces its tones by the beat 
frequency oscillations of two radio fre- 
quency oscillators. The antenna, attached 
to one of the oscillators works like a 
variable capacitor in conjunction with the 
hand’s presence. Changes in capacitance, 
effected by the proximity of the hand, 
actually raise or lower the pitch of the 
instrument, Very recently, I attended a 
lecture and demonstration of the theremin 
by Robert Moog, one of the pioneers of the 
synthesizer. In his lecture he provided 
video documentation of several of the 
early performers on the instrument, and 


Figure 1 
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The pipe of the chime is the primary vibrator and the air 
inside would be the resonant chamber. Since the tubes of the 
MWO are closed on each end, and are also circular, the 
variables governing frequency will change 
with temperature fluctuation, and will al- 
ter vibrational patterns in the geometry 
respectively. 

To solve this mystery I made a close 
analysis of the photos of the antennas. The 
measurements thus derived showed no 
signs of logrithmic periodicity in either the 
diameter of concentric circles or in the 
diameter of the tubes. 1 had to then 
conclude that Lakhovsky merely experi- 
mented with the lengths and diameters in 
order to attain the proper pitches for the 
desired scale. The next problem would 
then be to determine what the desired 
scale was. After careful and intensive study 
of Keplers Mysterium Cosmographicum 
(1596), and Harmonices Mundi (1619) and 
the works of Lakhovsky’s contemporary, 
Hans Kayser, I found that none of the representations of notes 
to the planets possessed any continuity, but that Lakhovsky 
most likely started his scale on G and ended on G. 

I find that using VO produces the best results in construc- 
tion, so that for a 12 or 13-ring antenna with an outside ring 
diameter of 36" Table A should be used. It should also be 
noted that the diameter of the tubing will decrease by the 


mén contó 
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RCA tube-type Theremin Schematic 


same proportions. With proper adjustment, this should 
produce the desired musical reference as well. As for the 
corespondences of the planets and metals used, itis up to the 
experimenter, and should be dictated by 
locale. 

There are many devices of interest 
whose construction and design follows 
similar corespondences. The Terpsitone, 
another of Theremin’s instruments, used 
the entire body to change the pitch of the 
instrument, and had a very interesting 
spiral design for its antenna. I’ve recently 
been informed that there was a musical 
element to the radionic instruments of 
Ruth Drown (this information came from 
Trevor Constable via conversations with 
Gerry Vassilatos). The series of imped- 
ance rheostats (comprising the tuning sec- 
tion, and constructed so as to have a 
condenser action) were wound tightly, and 
when struck, gave off a certain ringing 
sound. If the device did not ring, it would 
not function properly. We also know that the Drown devices 
necessitated a good ground connection. 

It could be concluded from all of this that the two essential 
components in devices such as these are the earth and sound. 
This can be arrived at in many configurable fashions, and 
hopefully, this will give the experimenter valuable guidelines 
for continued research. 
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MWO. These original photos are in color and 
show that the rings of the antennas are of 
different colored metals. lt appears that the 
outer ring is brass (B), the 2nd ring looks like 
steel/silver (5), the 3rd ring copper (€), and then 
as follows: 4-B, 5-5, 6-C, 7-B, 8-5, 9-C, 10-B, | l- 
C, 12-5, 13-B. These identifications are only a 
guess and are derived from an examination of 
the photos with a printer's manigifier. TJB. 


Each antenna ring is made from a different 
metal. What the metals are was not revealed to 
me. When I asked why different metals were 
used, I was told by Serge that they were chosen 
in connection with the different planetary posi- 
tions. Although I would not guarantee that I am 
right, 1 have taken a studied guess. The outer- 
most ring, the C, is made of brass, the second 
ring, a C Sharp, of a light rustproof metal, the 
third of copper, the fourth of brass, the fifth of a 
light rustproof metal, the sixth of copper, the 
seventh of brass, the eighth of a light rustproof 
metal, the ninth of copper, the tenth of brass, the 
eleventh of copper, the twelfth of a light rustproof 
metal, and the thirteenth of brass. 

There are bracing wires running from the 
innermost to the outermost ring, which keep the 
antenna rings the correct distance apart. 

However, existing photographs of the MWO 
show antennas with different numbers of rings. 1 
saw one with twelve rings, while Serge’s MWO 
had thirteen with the innermost ring for the 
bracing wires. 

I do not know whether the thirteenth ring 
belongs to the antenna, but it seems very prob- 
able. 


SECRECY 
According to Serge, his father’s MWO does not 


work when the moon is full, or when it is enclosed 
in a Faraday Cage. 

The rings of the antenna are held together 
by means of a string, and energy does not flow 
between them by conduction but by radiation. 
The antenna is thus capable of radiating gigantic 
quantities of energetic energy. 

The higher and more powerful the energetic 
field, the faster illnesses and degenerative pro- 
cesses are positively affected. The outermost 
ring, the C ring, is directly connected to the coil 
on both sides. 

The reply to my request for a peek into the 
sanctum of the MWO was a definite no. Never- 
theless, I hope that Serge will eventually give his 
permission because the technology involved is 
naturally of great interest to us all, and because 
I feel that his father’s work should be open to the 
view of everyone who ia open to it. 

It seems to me that Serge's fear that his 
father’s techniques would be misused can be 
ruled out, for there are few people around today 
who are capable of dealing with this type of 
energy. 

When Serge demonstrated the MWO, two 
spark gaps could be seen. There is a large coil 
behind each of the two antennas, which are 
brought into resonance with each other. The 
whole technique is based on oscillation and 
resonance! 

The sound of the two spark gaps is very 
stable and serene. No sparks jump from one 
antenna ring to another, as occurs with the 
Bergstresser and Beck antennas. 

It is quite safe to come very close to the 
antenna rings with a car key, although sparks 
begin to jump continuously from a distance of 
about six centimeters. This does not cause an 
unpleasant sensation though. This indicates an 
extremely high voltage, high frequency and 
extremely rapid pulse behavior through the 
apark gap, and I suspect that the MWO contains 
a rotating mechanical spark gap. 

The electricity needed to operate the MWO 
is supplied from a wall socket, which causes a fair 
degree of interference in the public electricity 
supply. This is something which was permitted in 
the past, but which is actually no longer allowed. 
Due to such interference, alarm systems, comput- 
ers, answering machines and telephone systems 
etc, could suffer damage, or start to lead a life of 
their own. 

It was only possible to operate the MWO for 
a short period of time, about five minutes, or else 
it would overheat. 

The device is grounded through the mains. 
It may be that this was done in order to enable 
the feed cable connected to the wall socket to be 
used as a (capacitor). This works even when an 
earth connection is not present. 

Serge did not want to answer my question 
concerning the relationship between his father, 
George Lakhovsky, and Nikola Tesla; a brief 
silence followed. We know from available infor- 
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mation that the two worked together, and that 
Tesla was also involved in the development of 
the MWO. Nikola Tesla had more than 1,000 
patents to his name, and was the discoverer of 
alternating current, and induction motors. 

A month after my visit to Serge, he sent me 
the Radio Cellular Oscillator, a device that 
George Lakhovsky developed before he started 
on the MWO. The RCO is a simple, subtle but 
effective instrument, which relaxes you rapidly 
and gives you a rosy feeling, especially in your 
head and body. The device is a boon for the relief 
of tension aches and it stimulates the circulation; 
for example, cold feet disappear like snow in the 
sun. Its effect is based on the same resonance 
principles as those of the MWO, only it is more 
subtle and the unit is driven by a vacuum tube. 


CURRENT MWO RESULTS AND 
FINDINGS 

‘The enormous interest that has arisen for MWO 
techniques and results is a clear indication that a 
new era has dawned. And I would like to share 
my knowledge of the current state of the MWO 
technique with you. A technique that is used 
both in alternative and regular health-care circles, 
and here and there in high-level scientific re- 
search. In the Netherlands, doctors, dentists, 
therapists, dermatologists, veterinaries, internists 
and private individuals etc. use the MWO. 

Outside of the Netherlands, I know of thera- 
pists, doctors and private individuals in Belgium, 
Germany, Switzerland, Italy and Africa who are 
familiar with the device. I have also learned that 
MWO’: are built in Italy and Belgium, albeit on 
a smaller scale than in the Netherlands. 

When I received the design for the MWO 
from Ralph Bergstresser, I decided to carry out 
a thorough study of whether, with current tech- 
nology, it was possible to achieve results similar 
to those achieved by George Lakhovsky during 
the first four decades of this century. 


Multiple Wave Oscillator antenna. The sus- 
pension in air provides for a tonal ringing. 
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shoulders. 

The MWO has been used to treat a largo 
number of ailments and illnesses. Here are just a 
few: 

*Arrythmia has often disappeared after a 
few treatments. The intended amputation of 
limbs usually becomes unnecessary. 

*Rapid relief is often experienced from pain 
caused by arthritis, arthrosis and rheumatism, 
and in many cases the sicknesses disappear after 
a number of treatments. 

*Bone fractures heal in a fraction of the 
normal time, as do wounds. And scars fade, often 
vanishing completely. 

*Tension aches and facial neuralgia often 
disappear after a single treatment. 

“Various people have been cured of leuke- 
mia and cancer partly as aresult of treatment with 
the MWO. This has also been confirmed in the 
regular health-care circuit. Many people who 
have undergone chemotherapy and have been 
treated with the MWO at the same time have 
stated that they did not experience any side- 
effects from the chemotherapy, such as hair loss 
or hemoglobin decomposition (iron level). 

*People who have been exposed to radia- 
tion and then treated with the MWO have 
suffered almost no tissue or cell-+tissue damage, or 
other side-effects. Doctors call it a mystery. 

“Migraine and tension headaches usually 
disappear after a few treatments and some people 
have even regained their memory. The memory 
of one person, who had a 15-minute recall, 
snowed increasing improvement after a couple of 
treatments. One woman, who was treated for 
arthritis, also regained her memory. 

*A woman who was to undergo an opera- 
tion for a cyst, was completely free of the cyst after 
ten days of treatment with the MWO. 

*Various people with tinnitus were relieved 
of their ailment after a single treatment. 

*One man whose left hand had been virtu- 
ally paralyzed alter an operation, and which was 
swollen with fluid, was relieved of his paralysis 
alter a single treatment, the arm returning to its 
normal size. 

*The condition of a 13-year-old boy, whose 
blood-cell count had been too low since he was 
three, became critical when it fell below 10,000 — 
a count of 125,000 is considered normal. It was 
eventually decided to treat him with the MWO 
and within a week, his blood-cell count had 
climbed to 40,000. The youngster had an attack 
of influenza and it was not possible to measure 
the platelets because their shape was too irregu- 
lar. Once the attack of influenza has passed, his 
blood-cell count was 125,000. From being a 
sickly boy, he grew to be a strong young man, 
without a problem in the world. He fell recently, 
seriously damaging his knee which bled pro- 
fusely. His parents feared the worst. The bleed- 
ing stopped within a quarter of an hour. 

*A few people have partially or completely 
regained the head of hair they once had. ‘Their 


hair had not fallen out due to illness or medicines. 

*A man with incurable prostate cancer, was 
treated with the MWO by a doctor for a number 
of months. His cancer began to disappear and he 
is now completely cured. The doctor is of the 
opinion that the cure can be completely attrib- 
uted to the MWO, because every other treat- 
ment had failed. 

In the Netherlands alone, there are cur- 
rently thousands of people who have been suc- 
cessfully treated with the MWO, by doctors, 
therapists, homeopaths, private individuals etc. 

A high level of medical supervision is impor- 
tant of course, and minerals and vitamins in high 
doses are an absolute necessity. When undergo- 
ing treatment, the body’s reserves are immedi- 
ately mobilized by the MWO and sent to those 
locations where they are needed. 

If we all, including members of the regular 
medical and scientific establishment, want to get 
to grips with degenerative illnesses, cancer, leu- 
kemia, aids etc., we would do well to realize that 
this device is probably the answer we have been 
looking for. 

In my opinion, treatment would be even 
more effective were it to be based on a combina- 
tion of the MWO and Ultraviolet Blood Irradia- 
tion. In this regard, read ‘Into the Light’ by W.C. 
Douglas. 

At the moment, there are various highly 
qualified doctors, therapists and other scientists 
working with and researching energetic methods 
of treatment in order to perfect them and to make 
the resulting data available for statistical analysis. 

Practice has shown that not every practitio- 
ner succeeds with these methods. If a person 
does not experience any reactions when treating 
him- or herself (something that occurs sporadi- 
cally), the treatment does not have an effect when 
used on his or her patients. 

However, when a person is sceptical, or is 
not open to the matter, but is treated by someone 
who jg open to it, that person will definitely 
experience positive effects. 

Dear friends, keep thinking positively, keep 
up the good work. 


Hessel Hoornveld 
Founder and director of: 
Special Energy Products 
Postbus 15 
8374 ZN Kuinre 
The Netherlands 
Telephone: 00-31-5273-2999 
Fax: 00-31-5273-2985 
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“Bergstresser/Beck-style” MWO unit 
with single antenna and footplate, built by 
Hessell Hoornveld. 


Closeup of MWO front panel. 
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OLD ELECTROTHERAPEUTIC DEVICES 
By Jorje Resines 


In the "good old days" (before WWII, after which the AMA and its branches at the 
different "banana republiquettes” dictated what must be done and what is not to be done 
in the realm of Medicine and Healing) the enterprising scientists of the world dared to 
intrude into this field and worked hand-in-hand with the MDs to implement better healing 
devices, even if these left a lot to wish in terms of efficiency. From the article 
"Electroterapia” of the 1929 issue of the "Enciclopedia Espasa-Calpe" (The Spain- 
originated equivalent of the "Encyclopedia Britannica”) I have extracted the basics of 
those machines. More complicated devices are only a combination of the features herein 
presented. 


Figure II 


Figure I 


The old electrotherapists began by first determining those points of the body that 
were sensible to electrical discharges. They did so without frying the prospective 
patient through the usage of Wimshurst-type electrostatic machines. The results (shown 
partially in Figures I and II) were "points of electrical resonance” that produced the 
contraction of a certain muscle/organ of the body that had no visible physical 
connection with them. Not unsurprisingly some of these points fall into Acupuncture 
meridians and some of them are directly acupuncture points, but the electrotherapists-- 
lacking the proper data from China--failed to identify them. 


(B) 


Figure III 
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The best way to generate a Faradic current was to employ a Leclanche battery and a 
Rumkhorff coil connected to the electrodes of Figure VI, but the electrotherapists saw 
it better to combine the two kinds of treatment into the galvano-faradic apparatus of 
Figure VII where (B) is the battery that feeds the Rumkhorff Coil (RK), (T) a make-and- 
break device, (BB) the Leclanche battery-grouping for galvanic treatment, (mA) a 
milliammeter and (A) the patient to be treated. 


Sometimes the MDs used Tesla-type treatment devices but because of the nature of 
the Tesla waves (that cross through matter without producing ill-effects) the (in his 
time) world-renowned Dr. Arsene D'Arsonval thought that the high voltage necessary to 
generate the field in the primary of the Tesla device was too dangerous for it could 
affect through resonance the human body if they were coupled with the energies of the 
secondary, hence he proceeded to re-design the devices and thus produced a large (1.5 
meter in diameter and about 2.5 meters high) helical coil that was wrapped around a 
metallic cage but electrically insulated from it, the coil being fed (with suitable 
spark-gaps or spark-quenchers) current of the sinusoidal kind which is graphed in Figure 
VIII. 


ENF 


Figure IX 


Figure VIII 


The generator of sinusoidal currents is that of Figure X. It consists of a Gramme 
ring that has, at one end, the usual collector with its brushes (B-B') and at the other 
end two insulated metallic shafts that communicate, respectively, with each side of the 
ring by two intakes of current upon the inducted section and at 180 degrees (K-K'), the 
ring turns inside a magnetic field created by an independent current that goes through 
the inductor (M) along the wires (T) - marked in positive and negative polarities at the 
illustration =- that lead into the coils (C). 


Figure X Figure XI 


If the ring is activated mechanically from the outside you will collect on one side 
(B-B') a direct current and at the other (K-K') a sinusoidal alternate current; the 
usual maximal electromotive force will be indicated by an ordinary voltmeter of DC 
connected to the respective brushes (B-B'). Because of the influence exerted by Dr. 
D'Arsonval most of the high-frequency devices of his time were based upon the 
combination of the following components: (a) An electrical source of high potential 
(either a Wimshurst-type machine or a Rumkhorff Coil with an interrupter), (b) Two or 
more condensers, (c) A spark-gap, (d) A circuit with a certain self-induction, and (e) A 
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HIGH FREQUENCY OSCILLATORS FOR ELECTRO-THERAPEUTIC 
AND OTHER PURPOSES* 


by Nikola Tesla 


Some theoretical possibilities offered by currents of very high frequency and 
observations which 1 casually made while pursuing experiments with alternating currents, 
as well as the stimulating influence of the work of Hertz and of views boldly put forth 
by Oliver Lodge, determined me some time during 1889 to enter a systematic investigation 
of high frequency phenomena, and the results soon reached were such as to justify further 
efforts towards providing the laboratory with efficient means for carrying on £he research 
in this particular field, which has proved itself so fruitful since. As a consequence 
alternators of special design were constructed and various arrangements for converting 
ordinary into high frequency currents perfected, both of which were duly described and 
are now — I assume — familiar. 

One of the early observed and remarkable features of the high frequency currents, 
and one which was chiefly of interest to the physician, was their apparent harmlessness 
which made it possible to pass relatively great amounts of electrical energy through the 
body of a person without causing pain or serious discomfort. This peculiarity which, 
together with other mostly unlooked-for properties of these currents I had the honor 
to bring to the attention of scientific men first in an article in a technical journal in 
February, 1891, and in subsequent contributions to scientific societies, made it at once 
evident, that these currents would lend themselves particularly to electro-therapeutic uses. 

With regard to the electrical actions in general, and by analogy it was reasonable to 
infer that the physiological effects, however complex, might be resolved in three classes. 
First the statical, that is, such as are chiefly dependent on the magnitude of electrical 
potential; second, the dynamical, that is, those principally dependent on the quality of 
electrical movement or current's strength through the body, and third, effects of a distinct 
nature due to electrical waves or oscillations, that is, impulses in which the electrical 
energy is alternately passing in more or less rapid succession through the static and 
dynamic forms. , 

Most generally in practice these different actions are coexistent, but by a suitable 
selection of apparatus and observance of conditions the experimenter may make one or 
other of these effects predominate. Thus he may pass through the body, or any part 
of the same, currents of comparatively large volume under a small electrical pressure, or 
he may subject the body to a high electrical pressure while the current is negligibly small, 
or he may put the patient under the influence of electrical waves transmitted, if desired, 
at considerable distance through space. | 

While it remained for the physician to investigate the specific actions on the 
organism and indicate proper methods of treatment, the various ways of applying these 
currents to the body of a patient suggested themselves readily to the electrician. 


* Read at the eighth annual meeting of The American Electro-Therapeutic Association, Buffalo, 
N. Y. Sept. 13 to 15, 1898 
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purpose of synchronizing the secondary with the primary circuit, but this. is generally 
not necessary. In this manner a cheap coil is obtainéd, and one which cannot be easily 
injured, Additional advantages, however, will be found in the perfect regulation which 
is effected merely by altering the distance between the primary and secondary, for which 
adjustment provision should be made, and, furthermore, in the occurrence of harmonics 
which are more pronounced in such large coils of thick wire, situated at some distance 
from the primary. 

The preceding arrangements may also be used with alternating or interrupted 
currents of low frequency, but certain peculiar properties of high frequency currents make 
it possible to apply the latter in ways entirely «impracticable with the former. 

One of the prominent characteristics of high frequency or, to be more general, of 
rapidly varying currents, is that they pass with difficulty through stout conductors of high 
self-induction. So great is the obstruction which self-induction offers to their passage thal 
it was found practicable, as shown in the early experiments to which reference has been 
made, to maintain differences of potential of many thousands of volts between two points 
— not more than a few inches apart — of a thick copper bar of inappreciable resistance. 
This observation naturally suggested the disposition illustrated in Fig. 3. The source of 
high frequency impulses is in this instance a familiar type of transformer which may 
be supplied from a generator G of ordinary direct or alternating currents. The transformer 
comprises a primary P, a secondary S, two condensers C C which are joined in series, a 
loop or coil of very thick wire L and a circuit interrupting device or break b. The currents 
are derived from the loop L by two contacts c c’, one or both of which are capable of 
displacement along the wire L. By varying the distance between these contacts, any 
difference of potential, from a few volts to many thousands, is readily obtained on the 
terminals or handles T T. This mode of using the currents is entirely safe and particularly 
convenient, but it requires a very uniform working of the break b employed for charging 
and discharging the condenser. 

Another equally remarkable feature of high frequency impulses was found in the 
facility with which they are transmitted through condensers, moderate electromotive forces 
and very small capacities being required to enable currents of considerable volume to 
pass. This observation made it practicable to resort to a plan such as indicated in Fig. 4. 
Here the connections are similar to those shown in the preceding case, except that the 
condensers C C are joined in parallel. This lowers the frequency of the currents, but has 
the advantage of allowing the working with a much smaller difference of potential on the 
terminals of the secondary S, Since the latter is the chief item of expense of such 
apparatus and since its price rapidly increases with the number of turns required, the 
experimenter will find it generally cheaper to make a sacrifice in the frequency, which, 
however, will be high enough for most purposes. However, he only needs to reduce 
proportionately the number of turns or the length of primary p to obtain the same 
frequency as before, but the economy of transformation will be somewhat reduced in so 
doing and the break b will require more attention. The secondary S' of the high frequency 
coil has two metal plates t t of considerable surface connected to its terminals, and the 
current for use is derived from two similar plates t' t' in proximity to the former. Both 
the tension and volume of the currents taken from terminals T T may be easily regulated 
and in a continuous manner by simply varying the distance between the: two pairs of 
plates t t and t' t' respectively. 

A facility is also afforded in this disposition for raising or lowering the potential 
ot one of the terminals T, irrespective of the changes produced on the other terminal, 
= making it possible to cause a stronger action on one or other part of the patient's 

y. 

The physician may find it for some or other reason convenient to modify the 
arrangements in Figs. 2, 3 and 4 by connecting one terminal of the high frequency source 
to the ground. The effects will be in most respects the same, but certain peculiarities 
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connected. It is of importance in this case to establish synchronism between the 
oscillations in the primary and secondary circuits p and s respectively. This will be as 
a rule best effected by varying the self-induction of the circuit including the primary 
loop or coil p, for which purpose an adjustable self-induction e is provided; but in cases 
when the electromotive force of the generator is exceptionally high, as when a static 
machine is used and a condenser consisting of merely two plates offers sufficient capacity, 
it will be simpler to attain the same object by varying the distance of the plates. 

‘The primary and secondary oscillations being in close synchronism, the points of 
highest potential will be on a part of terminal T, and the consumption of energy will 
occur chiefly there. The attachment of the patient’s body to the terminal will in most 
cases very materially affect the period of oscillation in the secondary, making it longer, 
and a readjustment of the primary circuit will have to be made in each case to suit the 
capacity of the body connected with terminal T. Synchronism should always be preserved, 
and the intensity of the action varied by moving the secondary coil to or from the 
primary, as may be desired. I know of no method which would make it possible to subject 
the human body to such excessive electrical pressures as are practicable with this, or 
of one which would enable the conveying to and giving off from the body without 
serious injury amounts of electrical energy approximating even in a remote degree those 
which are entirely practicable when this manner of applying the energy is resorted to. 
This is evidently due to the fact that action is chiefly superficial, the largest possible 
section being offered to the transfer of the current, or, to say more correctly, of the 
energy. With a very rapidly and smoothly working break I would not think it impossible 
to convey to the body of a person and to give off into the space energy at the rate of 
several horse power with impunity, while a small part of this amount applied in other 
ways could not fail to produce injury. 

When a person is subjected to the action of such a coil, the proper adjustments being 
carefully observed, luminous streams are seen in the dark issuing from all parts of the 
body. These streams are short and of delicate texture when the number of breaks is very 
great and the action of the device b (Fig. 5) free of any irregularities, but when the 
number of breaks is small or the action of the device imperfect, long and noisy streams 
appear which cause some discomfort. The physiological effects produced with apparatus 
of this kind may be graduated from a hardly perceptible action when the secondary is 
at a great distance from the primary, to a most violent one when both coils are placed 
at a small distance. In the latter case only. a few seconds are sufficient to cause a feeling 
of warmth all over the body, and soon after the person perspires freely. I have repeatedly, 
in demonstrations to friends, exposed myself longer to the action of the oscillations, 
and each time, after the lapse of an hour or so, an immense fatigue, of which it is 
difficult to give an idea, would take hold of me. It was greater than I experienced on 
some occasions after the most straining and prolonged bodily exertion. I could scarcely 
make a step and could keep the eyes open only with the greatest difficulty. I slept 
soundly afterward, and the after-effect was certainly beneficial, but the medicine was 
manifestly too strong to be used frequently. 

One should be cautious in performing such experiments for more than one reason. 
At or near the surface of the skin, where the most intense action takes place, various 
chemical products are formed, the chief being ozone and nitrogen compounds. The former 
is itself very destructive, this feature being illustrated by the fact that the rubber insulation 
of a wire is destroyed so quickly as to make the use of such insulation entirely 
impracticable. The compounds of nitrogen, when moisture is present, consist largely of 
nitric acid which might, by excessive application, prove hurtul to the skin, So far, 1 have 
not noted injuries which could be traced directly to this cause, though on several 
occasions burns were produced in all respects similar to those which were ‘later observed 
and attributed to the Róntgen rays. This view is seemingly being abandoned, having not 
been substantiated by experimental facts, and so also is the notion that these rays are 
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more rapidly with the distance — with the square of the same — the latter are reduced 
simply in proportion to the distance. On the other hand, the former grow with the square 
of intensity of the source, while the latter increase in a simple proportion with the 
intensity. Both of these effects may be utilized for establishing a field of strong action 
extending through considerable space, as through a large hall, and such an arrangement 
might be suitable for use in hospitals or institutions of this kind, where it is desirable to 
treat a number of patients at the same time. 

Fig. 6 illustrates the manner, as I have shown it originally, in which such a field of 
electrostatic action is established. In this diagram G is a generator of currents of very 
high frequency, C a condenser for counteracting the self-induction of the circuit which 
includes the primary P of an induction coil, the secondary S of which has two plates t t of 
large surface connected to its terminals. Well known adjustments being observed, a very 
strong action occurs chiefly in the space between the plates, and the body of a person 
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is subjected to rapid variations of potential and surgings of current, which produce, even 
at a great distance, marked physiological effects. In my first experiments I used two 
metal plates as shown, but later I found it preferable to replace them by two large 
hollow spheres of brass covered with wax of a thickness of about two inches. The 
cables leading to the terminals of the secondary coil were similarly covered, so that any 
of them could be approached without danger of the insulation breaking down. In this 
manner the unpleasant shocks, to which the experimenter was exposed when using the 
plates, were prevented. 

In Fig. 7 a plan for similarly utilizing the dynamic inductive effects of high 
frequency currents is illustrated. As the frequencies obtainable from an alternator are 
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not as high as is desired, conversion by means of condensers is resorted to. The diagram 
will be understood at a glance from the foregoing description. It only nced be stated 
that the primary p, through which the condensers are made to discharge, is formed by 
a thick stranded cable of low self-induction and resistance, and passes all around the 
hall. Any number of secondary coils sss, each consisting generally of a single 
layer of rather thick wire, may be provided. I have found it practicable to use 
as many as one hundred, each being adjusted for a definite period and responding 
to a particular vibration passed through the primary. Such a plant I have had in use in 
my laboratory since 1892, and many times it has contributed to the pleasure of my 
visitors and also proved itself of practical utility. On a latter occasion I had the pleasnre 
ef entertaining some of the members with experiments of this kind, and this opportunity 
I cannot let pass without expressing my thanks for the interest which was awakened in 
me by their visit, as well as for the generous acknowledgment of the courtesy by the 
Association. Since that time my apparatus has been very materially improved, and now 
I am able to create a field of such intense induction tn the laboratory that a coil three 
fect in diameter, by careful adjustment, will deliver energy at the rate of one-quarter 
of a horse power, no matter where it is placed within the area inclosed by the primary 
loops. Long sparks, streamers and all other phenomena obtainable with induction coils 
are easily producible anywhere within the space, and such coils, though not connected 
to anything, may be utilized exactly as ordinary coils. and what is still more remarkable, 
they are more effective. For the past few years I have often been urged to show 
experiments in public, but, though I was desirous to comply with such requests, pressing 
work has so far made it impossible. These advances have been the result of slow but 
steady improvement in the details of the apparatus which I hope to be able to describe 
connectedly in the near future. 

However remarkable the electrodynamic inductive effects. which I have mentioned, 
may appear, they may be still considerably intensified by concentrating the action upon 
a very small space. It is evident that since, as before stated. electromotive forces of many 
thousand volts are maintained between two points of a conducting bar or loop only a few 
inches long, electromotive forces of approximately the same magnitude will be set up 
in conductors situated near by. Indeed, I found that it was practicable in this manner 
to pass a discharge through a highly exhausted’ bulb, although the electromotive force 
required amounted to as much as ten or twenty thousand volts, and for a long time 
I followed up experiments in this direction with the object of producing light in a novel 
and more economical way. But the tests left no doubt that there was great energy 
consumption attendant to this mode of illumination, at least with the apparatus I had 
then at command, and, finding another method which promised a higher economy of 
transformation, my efforts turned in this new direction. Shortly afterward (some time 
in June, 1891), Prof. J. J. Thomson described experiments which were evidently ihe 
outcome of long investigation, and in which he supplied much novel and interesting 
information, and this made me return with renewed zeal to my own experiments. Soon 
my efforts were centered upon producing in a small space the most intense inductive 
action, and by gradual improvement in the apparatus I obtained results of a surprising 
character. For instance, when the end of a heavy bar of iron was thrust within a loop 
powerfully energized, a few moments were sufficient to raise the bar to a high 
temperature. Even heavy lumps of other metals were heated as rapidly as though they 
were placed in a furnace. When a continuous band formed of a sheet of tin was thrust 
into the loop, the metal was fused instantly, the action being comparable to an explosion, 
and no wonder, for the frictional losses accumulated in it at the rate of possibly ten 
horse power. Masses of poorly conducting material behaved similarly, and when a highly 
exhausted bulb was pushed into the loop, the glass was heated in a few seconds nearly 
to the point of melting. 
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convey a high idea of my ability, but 1 confess that my patience was taxed to the utmost. 
Finally, though, 1 had the satisfaction of producing devices which are simple and 
reliable in their operation, which require practically no attention and which are capable 
of effecting a transformation of considerable amounts of energy with fair economy. It 
is not the best that can be done, by any means, but it is satisfactory, and I feel that the 
hardest task is done. 

The physician will now be able to obtain an instrument suitable to fulfil many 
requirements. He will be able to use it in clectro-thcrapeutic treatment in most of the 
ways enumerated. He will have the facility of providing himself with coils such as he 
may desire to have for any particular purpose, which will give him any current or any 
pressure he may wish to obtain. Such coils will consist of but a few turns of wire, and 
the expense of preparing them will be quite insignificant. The instrument will also 
cnable him to generate Róntgen rays of much greater power than obtainable with ordinary 
apparatus. A tube must still be furnished by the manufacturers which will not deteriorate 
and which will allow to concentrate larger amounts of energy upon the electrodes. When 
this is done, nothing will stand in the way of an extensive and efficient application of 
this beautiful discovery which must ultimately prove itself of the highest value, not only 
at the hands of the surgeon, but also of the electro-therapist and, what is most important, 
of the bacteriologist. 

To give a general idea of an instrument in which many of the latter impivvements 
are embodied, I would refer to Fig. 9, which illustrates the chief parts of the same in 
side elevation’ and partially in vertical cross-section. The arrangement of the parts is 
the same as in the form of instrument exhibited on former occasions, only the exciting 
coil with the vibrating interrupter is replaced by one of the improved circuit breakers 
to which reference has been made. 

This device comprises a casting A with a protruding sleeve B, which in a bushing 
supports a freely rotatable shaft a. The latter carries an armature within a stationary 
field magnet M and on the top, a hollow iron pulley D, which contains the break proper. 
Within the shaft a, and concentrically with the same, is placed a smaller shaft b, likewise 
freely movable on ball-bearings and supporting a weight E. This weight being on one 
side and the shafts a and b inclined to the vertical, the weight remains stationary as the 
pulley is rotated. Fastened to the weight E is a device R in the form of a scoop with 
very thin walls, narrow on the end nearer to the pulley and wider on the other end. 
A small quantity of mercury being placed in the pulley and the latter rotated against 
the narrow end of the scoop, a portion of the fluid is taken up and thrown in a thin 
and wide stream towards the centre of the pulley. The top of the latter is hermetically 
closed by an iron washer, as shown, this washer supporting on a steel rod L a disk F of 
the same metal provided with a number of thin contact blades K. The rod L is insulated 
by washers N from the pulley, and for the convenience of filling in the mercury a small 
screw o is provided. The bolt L forming one terminal of the circuit breaker is connected 
by a copper strip to the primary p. The other end of the primary coil leads to one of 
the terminals of the condenser C, contained in a compartment of a box A, another 
compartment of the same being reserved for switch S and terminals of the instrument. 
The other terminal of the condenser is connected to the casting A and through it to pulley 
D. When the pulley is rotated, the contact blades K are brought rapidly in and out of 
contact with the stream of mercury, thus closing and opening the circuit in quick 
succession. With such a device it is easy to obtain ten thousand makes and breaks per 
second and even more. The secondary a is made of two separate coils and so arranged 
that it can be slipped out, and a metal strip in its middle connects it to the primary coil. 
This is done to prevent the secondary from breaking down when one of the terminals 
is overloaded, as it often happens in working Réntgen bulbs. This form of coil will 
withstand a very much greater difference of potential than coils as ordinarily constructed. 


The motor has both field and armature built of plates, so that it can be used on 
alternating as well as direct current supply circuits, and the shafts are as nearly as possible 
vertical, so as to require the least care in oiling. Thus, the only thing which really 
requires some attention is the commutator of the motor, but where alternating currents 
are always available, this source of possible trouble is easily done away with. 

The circuit connections of the instrument have been already shown and the mode 
of operation explained in periodicals. The usual manner of connecting is illustrated in 
Fig. 8, in which Ag Ag are the terminals of the supply circuit, L, a self-induction coil 
for raising the pressure, which is connected in scries with condenser C and primary 
P P. The remaining letters designate the parts correspondingly marked in Fig. 9 and 
will be understood with reference to the latter. 
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FIG. ¿First predwction of Dyreatronice 500-to-4,000-Me den? conical spiral Autorack ferd for 40-foot diameter paro- 


bdie refector (left): Transit 3B potelbite (righ 


E) by Applied Physics Lab, of the Jebus Hopkins Grtrerstiv. The log- 


eritkmic spiral antenna projected omis the epherical rurfoer provides fer frememission of Si, 102, 162 and 216 Mo 


lr spiral antennas permit a third 
method. The feed line, a coaxial 
tule, may be carried along and 
sidered in contact with one of the 
arms. The amplitude of the an- 
wna currents on the arms, and 
ain om the outside of the cable, fall 
el rapidty with distance from the 
apex, so the ends of the arms where 
rhe cable enters carry negligible 
atana current. This optional 
feed, convenientir amd automatic- 
ar, provides a frequency-independ- 
ect balhon, permitting feeding the 
tulanced antenna by means of an 
arbalamced line, 

Conical log-spiral antennas have 
bees constructed to operate over 
more than 40-to-1 bandwidths. The 
opper usable frequency is deter- 
sed br the truncated region at 
t apex which must remain less 
than 1/4 wavelength at the highest 
Ireguener of operation. The lowest 
cable frequency is determined by 
the base diameter of the cone 
chick, for tightly wrapped ari- 
ternas, must be approximately 3/8 
wartiength at lowest operating fre- 
cane. 

A highly practical conical Tog- 
miral antenna can be constructed 
bs allowing the exponentially ex- 
pandieg arms to degenerate into 
umer constant width structures 
kdemriag the logarithmic spiral 
corre (see Fig. 2 right). For 
arhi wrapped spirals this version 
las characteristics similar to the 
eripinal amtenms. This wire wer- 
eos, simple to comstruct, may be 
excited by bringing the feed cable 
vp ihe axis of the come. If the im- 
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finite balun feed is desired, the 
feed cable itself can become one of 
the arms, with a dummy cable be- 
coming the second arm of a bal- 
anced structure. 

The balanced conical log-spiral 
antenna has characteristics other 
than bandwith that are attractive. 
The electromagnetic fields radiated 
by these antennas are essentially 
circularly polarized ower wery wide 
angles of the axis of the antenna. 
In addition, the phase of the far 
field of the two-arm antenna has 
essentially a one-to-one relation- 
ship with the azimuthal angle 
around the antenna. These two 
properties were utilized in the line 
feed for the University of Illinois 
radio telescope shown in Fig. &. 
The focal-line arrar for this 400- 
by-600-foot parabolic reflector con- 
sists of a linear array of 286 conical 
logspiral antennas.”. The beam is 
steerable in declination +30 de- 
grees and the phase adjustment to 
provide this sean is secured br a 
physical rotation of each element 
of the array bo a prescribed orien- 
tation. Thus it is of importance 
that fhe beam of each element be 
circularly polarized over at least a 
sector =30 degrees from the axis 
and that the phase of the radiated 
held be linearly related to the angle 
of orientation around the antenna. 

Multiarm versions of the bal- 
anced conical log-spiral antenna op- 
erate in several distinct modes." 
Thus a four-arm symmetrical 
structure may be excited to radiate 
an axial beam with an e? varis- 
tion, that is, the phase of the far 


field varies linearly with the axi- 
muthal angle 4, around the antenna. 
It can be excited to produce a coni- 
cal beam with an e and a conical 
beam with an e* variation, Since 
orientation of the maximum of the 
conical beam may be controlled by 
tarring the rate of spiral of the 
antenna arms, it can be positioned 
perpendicular to the axis of the an- 
tenna to provide a simple very- 
wide-band circularly polarized om- 
nidirectional source. The well 
behaved phase characteristics of 
these antennas suggest the basis 
for many variations of phase-com- 
perison direction-finding systems.” 

The conical log-spiral antennas 
have been developed as feeds for 
dishes used in tracking applica- 
tions.*"” A modernization pro- 
gram is now under way to equip 
many of the large parabolic re- 
fector antennas on the Atlantic 
Missile Range with dual conical 
spiral feeds designed to cover a 10- 
tol range of frequencies." The 
first production model of one of 
these feeds is shown in Fig. 4 
i beft). 

In an interesting modification of 
the log-spiral geometry, the planar 
antenna, Was projecied upon 3 
spherical surface and used on the 
Transit satellites” shown in Fig. 4 
(right). Although this geometry ts 
no longer frequency independent, 
the antenna operates well ower four 
frequencies, spaced from 54 to 216 
Me. Similarly, the planar antenna 
can be projected upon a myriad of 
surfaces. However, it can be shown 
that tre conical surface, which in- 


ay 
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FIG. 5—Trepergidal footh nonplomar lop-periodic antenna left) designed 
by Collins Radio Company fo cover 6.5 to 60 Me; and loparithmie periodic 


dipole array (right) 


a a 


FIG. ¿—Militerized version of the log-periodie dipole array (left) by 
Collins Rodis Company; ond log-perisdig resonant-V array (ripkt), en 
adoption of the lop-periedic dipwe arroy, designed to operate in several 


diferent modes 


cludes the plane, is the only surface 
satisfying the required scaling 
principles for unlimited bandwidth. 

The log-periodic antennas have 
been extensively investigated. The 
planar antenna can be modified to 
provide unidirectional patterns by 
forming the two elements of the 
antenna into a V, that is, 4 non- 
Planar arrangement.” A wire ver- 
sion of the Jog-periodic ebements 
(see Fig. 5 heft), and omnidirec- 
tional horizontally polarized, and 
unidirectional circularly polarized 


a2 


log-periodic antennas have been 
described” Multielement arrars 
hawe been described,” and design 
information for log-periodic an- 
tennas ás feeds for dishes, and as 
point-to-point h-f communications 
antennas has been given.” @ 

The dipole array of Fig. 5 
iright) is a simple log-periodic 
Structure.“ The length of each ele- 
meni in this arraw bears a fixed 
ratio to the length of the preceding 
element, and the adjacent element 
spacings bear the same ratio one to 


another. The pattern and impt 
ance characteristics of the arrar a 
frequency fa such that the nth ee 
ment is resonant, will be repeat 
ala higher frequency f..\. whic 
makes the {n + 1) th element ree 
nant. The characteristics reper 
periodically at all frequencies gives 
by rf, where n is an integer az 
r the ratio of the lengths uf 2d 
jacent elements. The geomein 
shown in this figure provides x 
excitation with a 180-deg phase 
shift between elements. Thus it re 
diates a single-lobe, linearly poiar- 
ized beam, directed toward the apes 
of the array. Analysis and desigs 
information for this array has bes 
presented.“ A militarized versia 
of the antenna is shown im Fig. 6 
(left). 

In an extension of this work, s 
log-periodic monopole array has 
been described in which simpk 
reactive networks produce the 
proper monopole current amplitode 
und phase distribution for enid 
rectiona! frequency-independent op 
eration.” A shot complement of the 
log-periodic dipole array has als 
been investigated.“ 

The log-periodic resonant-V' ar 
ray” (Fig. 6 right) is an adams 
tion of the log-periodic dipole zr 
ray, designed to operate in several 
motes. In the lowest order mode 
the performance approximates the 
log-periodic array. The active por 
thon of the antenna centers around 
elements whose lengths are near a 
half-wavelength at the frequent 
of operation. As the operating fre 
queney is increased, this active re 
Eion moves toward the apex. The 
antenna may be designed so that 
as the 4/2 region moves off the apes 
of the antenna the large element: 
on the other end approach a 244 
resonance. Thus, as the operaties 
frequency is increased, the active 
region moves through the arrar z 
the 3a/2 wave mode, then in the 
54/2 mode, etc. Forward tilt of ti 
individual elements insures a enid 
rectional beam and provides it 
creased directivity, This amena 
has transition regions betwen 
modes where the characteristics & 
teriorate, but it cam provide a gos 
of approximately I8 db over an is- 
tropic radiator in the higher modes 

Triangular or zig-zag log-per- 
odic structures have received i 
siderable attention. A ose 
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Ultra Short Waves 
¿By C H. West 


Mr. West here describes some of the effects and also some of | 
short wave fields 


Medical Aspects 


the dangers of subjecting the human body to powerful ultra 
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OFFICIAL SHORT WAVE RADIO MANUAL 
Bradley IL 


60915-0012 


Short Waves in Medicine 


ROFESSOR ESAU, of the Uni- 

versity of Jena, the well-known 

pioneer in the field of ultra short 

waves, was the one who nearly 
two years ago pointed out that very 
evidently the ultra short wave exercised 
beneficial medicinal effects. 

For further investigation of this 
effect, small mice were put between the 
condenser plates of the sender; and Lo! 
after some time the mice fell victims to 
a sort of tetanus, which eventually led 
to death. The result of this fact was 
that Prof. Esau resolved to commission 
a physician to make a further study of 
the physiological effect of these ultra 
short waves. Naturally the serious in- 
vestigation of medicinal effects requires 
experience in physical measurements, 
likewise an apparatus operating in a 
constant and easily controlled manner. 


Siemens and Halske Interested 
It is gratifying that a manufacturer 
which already possesses very great ex- 
perience in constructing electro-medical 
apparatus and which also has the requi- 
site experience in physical measure- 
ments, the prominent firms of Siemens 
and Halske took up the matter, Now 
this company has manufactured a first 
ultra-short wave radiation apparalua 
and recently exhibited it to a picked 

group of scientists and to the press. 


The pictures show the new set which, 
of course, has to be considered as the 
first of an evolutionary series. There 
will still be necessary all sorts of ex- 
periments to produce the set in such 
form that it will correspond to all the 
needs of the medical profession. The 
present set will, for the time being, be 
used for the further study of the physio- 
logical effect of ultra short waves. It 
will be the problem of the doctors to 


One of the “fair 
sex” receiving a 
treatment through 
the knee by ultra- 
short Waves. Sev- 
eral treatments are 
given for the aver- 
age ailment. 


The ultra-short wave medica] appa- 

ratus with its electrode arm adjusted 

to permit the waves passing through 
a solution for experiment. 
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investigate the fields of use and the con- 
ditions under which the set may be used. 


Arrangement of U. S. W. Generator 


In the large shielded box are the real 
ultra short wave generator— (actually 
resembling a radio transmitter) and the 
parts needed for its operation. The gen- 
erator can work on two waves, four and 
eight meters. The wavelength is ad- 
justed by inserting the proper tuLing 
coils. The arm which projects out of 
the apparatus has inside it two lead 
wires which convey the oscillations out- 
ward; they are led to the two electrodes, 
which are placed at the ends of the two 
visible supports. 


In the eross-beam at the end of the 
arm is a “tuning” device, which tunes 
the electrode oscillatory circuit. exactly 
to the wavelength of the generator. The 
exact tuning can be read on a meter, 
which is above the arm on the box; this 
shows the direct plate current of the 
transmitter, which, with correct tuning 
of the electrode circuit, adjusts to 2 
minimum; the value then indicated by 
the meter gives, after calibration of the 

a value for the electrode energy. 


To be able to adjust the electrodes, 
as if necessary from one case to an: 
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the range of the Hertzian waves, elec- 
tric waves in the stricter sense. Of 
these, the shortest are about half a milli- 
meter (.02-inch) long, and therefore just 
above the heat radiations. 

From direct analogy, it is to be 
assumed that the shortest of these 
waves must be absorbed by human bod- 
jes, as in the case of heat rays, and 


DO YOU KNOW — 


Q What effect short waves have on 
the hair and scalp in general? 
Whether the current in the excit- 
ing antenna increases or decreases 
when a person stands in its field? 
Why? 

Y If the person stoops will this affect 
the reading of the antenna current 
meter? 

@ Whether *eold” or “heat” is pro- 
duced inside the body by an over- 
dose of the high frequency waves? 

U The effect of short waves on the 
nervous system? 


this absorption can be actually demon- 
strated. 


Absorption of Radio by the Body 

With specially-built transmitters, es- 
pecially such as those which have been 
described by Kohl, electric waves only 
a few centimeters in length can be pro- 
duced; these waves can be reflected by 
mirrors, exactly like light rays. If one 
puts the antenna in the focus of a con- 
cave mirror, then there is formed a 
parallel beam of radiation which can be 
concentrated again in another concave 
mirror, By means of a lens placed in 
the course of the radiation, the ray is 
made very sharp. If a person steps into 
this path, reception ceases. Since no re- 
flection by the human body or only ¢ 
very slight one is demonstrable, absorp- 
tion of the radiation must have occurred; 
this effect is, moreover, demonstrable in 
the case of other organic substances or 
water. Unfortunately, not much can yet 
be said about the physiological effects of 
these radiations; the power of the trans- 
mitters of extremely short waves is still 
too low to produce perceptible changes. 

It is otherwise with the wavelengths 
from three meters up, to the production 
of which powers of several kilowatts 
can be applied. Here the above described 
optical phenomena cannot be so well 
demonstrated, because the diffraction is 
much greater; but absorption by the hu- 
man body can be very well shown. 

When an antenna is inductively coupled 
to a 3-meter transmitter, the oscillations 
can be indicated by a detector even at a 
considerable distance away. If however, 
a person puts himself in the place of the 
antenna, the detector responds much 
more weakly, although the power con- 
sumed by the transmitter remains the 


same. Accordingly, a part of the power 
must have been used up in the body. 
The same phenomenon can be demon- 
strated as follows: a closed or open os- 
cillation circuit is inductively coupled 
with the transmitter (see Fig. 1). The 
ammeter in the circuit shows a definite 
current strength. If a person places 
himself on an insulating stool beside it, 
the current in the oscillation circuit is 
reduced. This withdrawal of energy, 
however, depends on the length of the 
body; for if the subject stoops, or 
changes to a sitting position, the current 
in the other circuit increases (Fig. 2). 
Therefore, it appears as though, by the 
tuning of the subject, to about half the 
wavelength, the power transmitted to 
him becomes much greater. 


Concentrating Power by Means of a 
Reflector 

By means of a large concave mirror 
one can also collect the transmitted 
power to a focus. Such a mirror need 
consist only of parallel wires stretched 
between two wooden frames. Its height 
must be equal to the wavelength, the 
opening one and one-half times the wave- 


length. It is best to use elliptical reflec- 
tors, with the transmitting antenna at 
one focus; then the reflected radiation is 
ut the other focus of the ellipse. With 
a “dipole” (“Hertzian antenna) con- 
taining an ammeter, especially strong 
concentration of energy at this point can 
be demonstrated. Here a lessening of 
the current in the dipole is instantly 
shown if a person steps into the vicinity. 
Since the human body is to be regarded 
essentially as an electrolytic system, 
with regard to the electric wave, and I 
have tried to demonstrate the effect in 
the following manner in a model experi- 
ment. 

A glass tube, of half the wave's length, 
was filled with an 0.5% sodium chloride 


Ree 


Fig. 2. 
One of the 
most inter- 
esting effects 
of placing a 
human being 
in the field | 
of a short 
wave (high 
frequency) 
oscillator is 
that of ab- 
sorption. The 
antenna “D” 
is excited by 
the power 
tube and loop 
circuit at the 
left. Do you 
think the an- 
tenna current 
is increased 
or decreased 
by bending 

the body? 
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(salt) solution, to which gelatine was 
added to prevent convection. In this jelly 
the temperature was measured, at dif- 
ferent places, by thermo-elements. It 
was shown that the heating was great- 
est in the middle and least at the ends; 
being half as strong at the quarter points 
of entire length as it was in the middle. 
Since the maximum strength of the cur- 
rent is at the middle, the greatest 
heating is therefore connected with this. 

Physiological Effect of Short Waves 

Especially noteworthy, also, was a 
feeling of vibration, which was particu- 
larly evident if the hand was raised in 
front. We could establish this sensation 
only at our transmitter, which is op- 
erated with 50-cycle alternating current. 
There must be, therefore, a direct influ- 
ence on the nervous system. Here too 
we have, therefore, another proof that 
the ultra-short radio waves exercised an 
effect on the nerves. 

These vibrations are also felt if the 
hand is placed in a condenser's field. 
Many persons who remain close to the 
transmitter also experience remarkable 
sensations on the head, near the roots of 
the hair; these are like a peculiar 
prickling, the hair likewise standing up 
a little. In many subjects we could also 
observe slight increases in bodily tem- 
perature, which however did not exceed 
0.5 of a degree, Centigrade (0.9 degree 
Fahrenheit). Since the body contains 
extremely fine regulators, by which the 
temperature is always kept constant, and 
since also the amounts of energy which 
can be conveyed into the body, even by 
powerful radio transmitters, give (when 
translated into heat units) only a rela- 


tively low number of calories, this in- 
crease in heat is probably not attribu- 
table to the received energy alone. As 
is to be shown later, nervous effects may 
play an important part in this. 

The effect on the nervous system is 
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Prom THEORY AND CALCULATION OF TRANSIENT PHENOMENON & 
ELECTRIC OSCILLATIONS by Charles Proteus Steinmetz, 1920 


CHAPTER V. 
DISTRIBUTED SERIES CAPACITY, 


43. The capacity of a tranmnision lino, cable, or high-poten- 
tial transformer coil is shunted capacity, that is, capacity from 
conductor to ground, or from conductor to return conductor, or 
shunting across a section of the conductor, as from turn to turn 
or layer to Inyer of a transformer coil. 

Tn some circuits, in addition to this shunted capacity, dis- 
tributed series capacity also exista, that is, the circuit ia broken 
at frequent and regular intervala by gaps filled with a dielectric 
or insulator, as air, and the two faces of the conductor enda thus 
constitute a condenser in series with the circuit. Where the 
elements of the cirenit are short enough so ax to be represented, 
approximately, aa conductor differentials, the circuit constitutes 
n circuit with distributed series capacity, 

An illustration of such a circuit is afforded by the so-called 
“multi-gap. lightning arrester,” as shown diagrammatically in 
Hig. 90, whieh consists of a large number of metal eylinders mg 

+, With sinall spark gaps between the cylinders, connected 
between line Land ground G. Thix arrangement, Fig. 90, enn 
he represented dingrammaticnlly by Fig. 91. Mach eylinder haa 
n capacity C, against ground, a capacity C ngninst the adja- 
cent eylincder, n resistanco r,— usually very amall—nand an 
inductance M, 

The series of insulator dises of a high voltage suspension —or 
«train —insulutor alse forma nueh a circuit. 

If such u series of a ecu! cuapueition or spark gaps in connected 
nerosa a constunt supply voltage da exch gap has n voltago a = E 
If, however, the supply voltage ix alternating, the voltage does 
not divide uniformly botwoen the gape, but the potential differs 
onea id the gronter, that is, the potential gradient steeper the 
nearer the gip is te the line A andl thin distribution of potential 
becomes the moro non-iniform the higher the frequoncy; that in, 
the groator the elurging current of the cupncity of the cylinder 
igninat the ground. ‘The charging currents ngainat ground, of all 

1544 


IHMSTHIRUTED SERIKS CA PACITY 355 


the cylinders [roni ¢ la the ground E, Migs. 90 andl OL, must pass 
the gap between the adjacent cylinders p and g; that is, the 
ebnriing current of the condenser represen ted by two nljaceat 


L000000000000O 


Fig. 0, Multi-gap lightning nrrentor. 


cylinders p and y ia the sum of all the charging currents from 
y to E; and as the potential difference between the two cylinders 
p und q is proportional to the charging current of the condenser 


Fig. 01, Equivalent elroult of a multl-yap ightalng arrester, 


formed by these two cylinders, C, this potential difference 
increases towards L, being, at each point proportional to the 
vector sum of all the charging currents, against ground, of all 
the cylinders between this point and ground. 

The higher the frequency, the more non-uniform ia the poten- 
tial gradient along the circuit and the lower is the total supply 
voltage required to bring the maximum potential gradient, near 
the line Z, above the disruptive voltage, that ia, to initiate the 
discharge. Thus such a multigap structure is discriminating 
regarding frequency; that is, the discharge voltage with inoreas- 
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ing frequeney, docs not remain constant, but decrearos with 
increase of frequency, when the frequency becomes sufficiently 
high to give appreciable charging currents, Hence high fre- 
quency oscillations discharge over such a structure al lower 
voltage than machine frequencies. 

For a further discussion of the feature which makes auch a 
inulligap structure useful for lightoing protection, see A. I EL, 
Transactions, 1006, pp. 431, 448, 1007, p. 425, ele. 

44. Such circuits with distributed series enpacity are of great 
interest in that itis probable that lightning Insbes in the clouds 
are discharges in such circuits. Prom the distance traversed by 
lightning flashes in the clouds, their character, and the disruptive 
strongth of air, it appears certain that no potential difference 
can exist in tho clouds of such magnitude as to cause n disruptive 
discharge across a mile or moro of apnee It is probable that 
aa the result of comlensntion of moisture, and the lack of uni- 
formity of such condensation, due to the gusty nature of air 
currents, a non-uniform distribution of potential ia produced 
between the ruin drops in the cloud; and when the potential 
eradiont somewhere in apace excecda the disruptive value, an 
oxcilintory discharge starts belween the rain drops, and grael- 
Wally, in a monber of successive discharges, traverses the cloud 
and equalizos the potential prudient. A study of circuits 
containing distributed series enpacity thus lends to an under- 
standing of the phenomena occurring in the thunder cloud during 
the lightning diseharge.* 

Only n general outline enn bo piven in the following. 

45. Inacirenit containing distributed resistance, conductance, 
inluctanee, shunt, and serios capacity, ax the multigap lightning 
arrester, Wig 00, represented eleetricnlly ns a circuit in Fig. 01, 
leb roe the effective feia iir por nit lenggih af caret, or per 
eirenit clement, that is, per arrester eylinder; q = Ue shuni 
conductanes per unit length, representing leakage, brush dis- 
charge, electrical muliation, etes Lo the induetanes per unit 
length of cirenit; C = the saries enpacity per unit length of cir- 
cuib, or circuit element, that is, capacity between adjacent arrestor 
cylinders, nail €, + the shunt enpaeiiy per unit length of elreuit, 
or cireuit clement, that ia, enpreity between arrestor cylinder and 

= Hoa paper, “Tighining and TA hing VProtoctlon,* NBT. A. 1007. 


ot he and eularged lu * Guuural Loctures on Electrical Engineering,” by 
Author, 
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ground, Tf then $ = the frequency of impressed can, the 
series pnpaalanes por unit length of cirewit in 
ar p flrs): ii) 
the shunt admittance per unit length of eireuit in 
Yom yeh jb, (2) 
where 
i = 2 aft., 
ner (a) 
ul Y nft! F i 
b = 2 RO: 
or the absolute values are 
tav (1-2) 
nul (4) 
y = Y A 
If the distance along the circuit from line L towards ground 
@ ia denoted by £, the potential difference between point J and 
ground by Æ, and the current at point d by Z, the differential 
equations of the cireuit are + 


dk, 
el ) 
ane ; 
ilf i , 
al Li 1 le, (ih) 
Differentiating (5) and substituting (6) therein gives 
Ch a VER 
ae n 
Equation (7) is integrated hy 
Em Ap 4 Apt, (8) 
whero 
a= VVZ = a + jf, 0) 
a FTE 
and (10) 


z — gr + h(x — =}. 
* Section 111, Chapter II, paragraph 7. 
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THE NIC NAC TIC TAC CRYSTAL RADIO SET 


MARCH 21, 2015 / BY CIRCUIT WIRING / IN RF RADIO CIRCUITS 


Antenna 


Warning: this kit contains small parts that may 


form a choking hazard, and is not suitable for children under 5 years old. 


Introduction 


Crystal radios have been around for over 100 years and exist in many different shapes, sizes and complexities. Some are definitely better than others, 
but wired correctly and connected to a good Antenna and Ground wire system, this simple little AM radio receiver should pull in at least one strong local 
radio signal for you to listen in to. In diagram 1 you can see the basic layout of the "crystal set’. They are called crystal sets, as the original designs used 
a special material called galena or pyrite, as the detector element, which picks out the sound wave from the radio wave. These crystals have been 


replaced with a modern component called a diode, and we'll get to use one of those as we put this kit together. 


How it works 


Signals from your local AM radio stations are traveling through the atmosphere at the speed of light, and they pass through just about everything. These 
signals hit your antenna wire and induce a small signal current that flows down into the radio's tuned circuit, and out through the ground wire, to Earth. 
The coil, L1 and fixed capacitor, C1, form the "tuned circuit’ in our project, in conjunction with the antenna/ground wire system, which enables the 
receiver to select one station’s frequency and reject the rest. This may seem like a limitation on the radio, but once you've got this simple receiver going, 
you can add one or two more parts in order to make a ‘tunable’ version that can tune across part or all of the AM radio band, for just a couple of dollars 
more. All you have to do is swap several parts of differing values around, (included in your kit,) until you receive a reasonably strong local AM radio 


station! Experimenting is half of the fun with these circuits. 


The frequency selected by this process is comprised of two parts — the ’carrier wave’ which is the radio station’s fixed frequency (its ’spot’ on the dial of a 
transistor radio set) and the "program signal’ which is the voice, music, secret sound, which originates inside the radio station’s studio. This is the signal 
that we want, and the next component, the diode, D1, enables the sound or audio signal, to be split away from the carrier wave. This is called the 


‘detector’ because it detects the sound signals contained inside the carrier wave. 
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pietzo or crystal earphones, as these devices need a direct path to ground for them to work properly and not distort the signal. 


Resonance 


At a chosen frequency a special effect called "resonance" occurs. This simply means that when the coil and capacitor working together as the ‘tuned 
circuit’ have received the one particular frequency they were set for, then maximum power transfer from transmitter to receiver will occur. All other radio 
station's signals will be fed out to earth by the ground wire, and the one you want will be playing away in the earphone. Our earphone has a special 
material called ’pietzo crystal’ and when a small signal is fed into the crystal via the diode and link wire, the crystal will actually vibrate in unison with the 


signal. This crystal is flat and round, and is attached to a larger piece of tinfoil, which vibrates too, reproducing sound waves that we can hear. 


=e In the diagram at left, you can see the circuit for our simple AM band crystal radio set. It has just four components — a capacitor, C1 which together with the next 


component, the inductor L1, which stores radio energy and helps tune the radio to one station. Thirdly, there’s the diode D1, which separates the program signal (the 


Diagram 1 
Tic Tac voice, music, secret sound) from the radio station’s transmitting frequency, and finally, the resistor R1, which forms a signal return path to ground and provides stability 
i 
Radio for the crystal earphone, EP, which changes the electrical signal coming out of diode D1, into sound waves which we can hear. 
i 
Circuit 
Diagram 


Parts Identification And Layout 


The orange or blue coloured fixed capacitor is made of ceramic material, and consists of two small metallic plates, separated by the ceramic material. 
These two plates store an electrical energy charge between them, and allow RF (Radio Frequency) energy to pass through. Small ceramic caps are 
measured in picofarads (pF). The coil or inductor, is a larger cylinder shaped device, with coloured bands to indicate its value in micro henries (uH). The 
diode is a small signal type ( BAT 46 ) and is made of a special material called silicon. This material allows the sound or audio signals to pass through to 
the earphone, but prevents the carrier wave from getting through. Finally, the crystal earphone is connected across the resistor, which is measured in 
ohms. This resistor ( a 100K one, marked brown/black/yellow) provides stability for the earphone, by siphoning off some of the detected signal, and 


feeding it directly to the ground, via the ground wire. 


Building The Radio Receiver 


Take your parts from the packaging, and lay them out on the work area. Take the printed overlay template supplied with your kit, and peel off the 
protective backing, leaving the ’sticky stuff exposed. Lay it on top of the small plastic oblong shaped base, aligning the edges together, and press the 
overlay onto the plastic. Take a sharp metal object (small jeweler’s screwdriver, large pin or needle,) and make five holes in the material where you see a 
large dot. These dots are connection points where you will push the wires from each component part through and when they are all in place, you will 
then gently twist them together, forming a basic join. First, place the legs of capacitor C1 through holes 1 & 2. then take the coil, L1 and push its legs 
through holes 2 and 5. Take the diode and push its legs through holes 2 & 3, and finally take the resistor R1, and push its legs through holes 3 & 4. Take 


the short piece of link wire and push its legs through holes 4 & 5. 


Building The Radio Receiver 


http://circuitswiring.com/the-nic-nac-tic-tac-crystal-radio-set/ 2/7 


1/4/2018 The Nic Nac Tic Tac Crystal Radio Set — Circuit Wiring Diagrams 


CIRCUIT WIRING DIAGRAMS 


overlay onto the plastic. Take a sharp metal object (small jeweler's screwdriver, large pin or needle,) and make five holes in the material where you see a 


large dot. These dots are connection points where you will push the wires from each component part through and when they are all in place, you will 
then gently twist them together, forming a basic join. First, place the legs of capacitor C1 through holes 1 & 2. then take the coil, L1 and push its legs 
through holes 2 and 5. Take the diode and push its legs through holes 2 & 3, and finally take the resistor R1, and push its legs through holes 3 & 4. Take 


the short piece of link wire and push its legs through holes 4 4 5. 


When all four components and the link wire are mounted on the base, in accordance with the overlay, you can then make the joins by twisting the wire 
ends poking through each of the holes, together until they become tight. Bend them up out of the way, and make sure that none of the wires from one 
join are touching other joins. Finally, take the earphone and cut the 3.5mm plug off the end, carefully strip the insulation off each wire using a pocket 


knife or side cutters, and then twist the wires around the legs of the resistor, R1. 


Attach your Antenna and Ground wires, and begin to test out your "Nic Nac Tic Tac" crystal radio. 


Once you've finished testing the radio receiver, and have successfully received at least one local radio station, you can then fit the whole base with 
components attached into the Tic Tac box. Punch holes in the lid for the antenna and ground wire connections, and a larger one in the other end, for the 


earphone wires to protrude through. 


a ' Mount the parts on the plastic base by Carefully use a small sharp tool, such as a jeweler’s screwdriver, to make the five holes in the base. Then insert the wires from 


each component through the appropriate holes, and then gently but firmly twist each group of wires up and underneath the base. Make sure that you insert the 


Diagram 2 
ER i earphone wires in the hole in the back of the Tic Tac box before you strip the plastic insulation off each wire. Then tie a small knot in the wire, leaving about 2 cm, and 
ic Tac 
attach the bared ends those wires to either end of resistor R1, before enclosing the whole assembly inside the Tic Tac box. 
components 
layout 
12 DI 3 
Antenna 
Cl Crystal 
Earphone 
Ground 
LI 5 / Ril 4 
Link Wire 


These two diagrams act as an overlay, so that you can place them on top of your plastic base and use them as a guide for component holes and wiring 


Antenna & Ground Wires 


Avoid lightning strikes, [i you see 2 
Thurelerstenm on he way, deconmect your 
antenna wire and place it owt of arm's way 


Both wira kepi well 
away from Teko 
linea and power 


Ases wire 1040 20 
metresin length, si 


Erecting Antenna And Ground Wires 
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that you can obtain. 


The Antenna Wire 


The antenna wire needs to be reasonably long, and as high as you can safely place it. At least 10 to 20 metres in length and around 2 to 3 metres in 
height as a minimum, taking into account any power cables or telephone lines in the vicinity. Metal objects such as poles or frames or other similar 
structures can often ‘ground’ radio signals, preventing them from reaching your antenna wire, so you need it to be in as much open space as possible. 
Alternatively, you may be able to attach a short lead to a metal frame or structure (taking into account your electrical safety, which is YOUR 


responsibility, ) that is insulated from ground potential, and any other voltages or currents, besides radio waves. 


If you have any doubts about the electrical safety of your antenna wire installation, consult a qualified electrician, or other similarly qualified person, and 


remember, DO NOT erect antenna wires near to electrical power or telephone cables or other structures of a dangerous nature — check it out first! 


Ground Wires 


Ground wires are just as important as antenna wires, as they form part of the same "front end’ tuned circuit, completing the circuit to ground. Radio 
stations transmit their signals through the atmosphere, but they also travel along the ground and just underneath | — these are called ‘ground waves’ and 
the ground wire helps to capture them. It also gets rid of unwanted carrier waves that have not been selected by the tuned circuit and its preselected 
values for coil and capacitor. The best way to make a solid ground connection, is to find a cold water tap or pipe with no attached electrical ground wire 
system added to it, and bare your ground wire and wrap about five or six turns of bared copper wire onto the pipe, and then twist the end of it around the 


rest, securing it to the pipe. Use a metal clamp or bracket, if you think that is warranted to give you a firmer connection. 


Ground wires are best connected to either a properly installed ground stake (embedded up to a metre in moist earth) or taken directly to cold water pipes 
or backyard taps, that have NO CONNECTION to any of the building’s mains electrical earth wiring. DO NOT use gas pipes or hot water pipes, as these 
installations DO NOT go to an electrical ground, and connecting your ground wire to them may result in shocks or other unpleasant side effects. 
Connect ground wires to a safe and independent electrical ground connection. Once again, if you have ANY DOUBTS about the safety of a ground wire 


installation, consult a qualified electrical parson to ensure that your installation is safe. AH 2009 


Hints & Tips On Getting The Tic Tac Radio Going 


Having problems getting a radio signal? Or are you getting a signal with lots of noise, hum, clicks and pops in the earphone? Not able to string up a 
conventional antenna or ground wire system? This section is devoted to helping you get the most out of your crystal radio project. Most people will be 
able to erect an antenna or ground wire system either in their back yards, or in a nearby park or waterfront area. Some people live in dense housing lots 


or unit blocks, and it can seem impossible to do the necessary things in terms of establishing your antenna/ground system. 


There are alternatives to the conventional arrangements, such as using the cold water pipes under your kitchen sink or bathroom vanity. Using parts of 
you metal balcony barrier/fence. These can provide useful levels of signal for simple radio reception. Make sure though, that none of your cold water 


pipes double up as a path to ground for any 240 volt mains wiring, as using this as a ground can be risky. 


If you end up with a relatively short antenna you may find that you are getting a signal or sorts, but it’s not loud enough to be satisfied with that level of 
sound, as a good result. You can use an extra component called a ’variable capacitor’ between your antenna lead in wire, and the crystal set itself, to 
help ‘tune in’ the antenna. With simple crystal type receivers, it’s important to be able to ’match’ the antenna to the set, particularly if the antenna ends up 


being a short wire one (one that is less than 10 or fifteen metres in length, and 2 metres above the ground or less). 
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In the diagram above, you can see two different types of variable capacitor. Although the materials, construction and size are different, the principle of 
operation is the same. The insulation between the plates can either be air (the atmosphere) or plastic materials, such as Mylar. The polyvaricon shown 
on the left is a miniature plastic tuning capacitor, found in most modern pocket transistor radios. The larger one shown on the right, is made almost 
entirely of metal, and uses air as an insulator between the fixed and moving plates, and phenolic material to keep the fixed plates positioned correctly on 
the metal frame, without actually touching it. The idea, is to interpose the variable capacitor between your antenna wire, and the set, and then "tune in" 
the antenna. Don't forget that you've been given a set of parts, which includes three ceramic (fixed) capacitors and two mini inductor coils. If you can't 


get a station with one set of coil and capacitor, try swapping them around until you get one talking or playing music in your earphone. 


A Word On Crystal Earphones 


You will have been supplied a small pietzo crystal earphone as part of your kit of parts. These generally speaking give good sound reproduction, but 
occasionally they can drop out. Odd ones are not very good at all and need replacing. It is the way they are made at the factory, and also how they are 
stored and handled. Sometimes dropping them onto a hard floor surface can cause the connections inside the earphone to work intermittently. To fix 
them up and get them going again, try blowing down the small earpiece several times, each time listening to see if full sound has been restored. If this 
doesn’t work, then try tapping them on the palm of your hand several times, each time listening to test the sound. If you need more help with this kit, you 
can contact us, or go onto the Internet, and try websites like www.midnightscience.com or www.theradioboard.com or just Google the words "crystal 


radio set" and see what happens! 


AH 2009 


Download 


D 


Download this circuit in DOC 


No related diagrams. 


FM TRANSMITTER DIAGRAM 
MINIATURE FM TRANSMITTER #1 


http://circuitswiring.com/the-nic-nac-tic-tac-crystal-radio-set/ 5/7 


1/4/2018 The Nic Nac Tic Tac Crystal Radio Set — Circuit Wiring Diagrams 


CIRCUIT WIRING DIAGRAMS 


SORRY, COMMENTS ARE CLOSED! 


| TYPE & PRESS ENTER | 


MOST POPULAR CIRCUITS 


fan starts to rotate at +40 C on the heatsink 

Wiring Diagrams Of 1961 Ford V8 Fairlane And Galaxie 

2006 Honda CBR600RR Behind Left Middle Fairing Fuse Box Diagram 
Frequency Divider by 555 and 4040 

FM Moulator with IC 555 

Sound Controlled Lights Circuit 

2008 BMW Z-4 Main Fuse Box Diagram 

2000 Jeep Cherokee Heater Fuse Box Diagram 

2002 Chevrolet Tahoe 5.3 Stoplamp Switch Fuse Box Diagram 


Processor with Advanced Security 


CATEGORIES 


555 Circuits 


Alam Circuits 

Amplifier and Audio Circuits 
Automotive Diagrams 
Battery and Charger Circuits 
Car Fuse Box Diagrams 
Control Circuits 

Converter Circuits 
Datasheet Diagrams 

Digital Circuits 

General Circuits 

Inverter Circuits 


Knowledge basis 


http://circuitswiring.com/the-nic-nac-tic-tac-crystal-radio-set/ 6/7 


1/4/2018 The Nic Nac Tic Tac Crystal Radio Set — Circuit Wiring Diagrams 


CIRCUIT WIRING DIAGRAMS 


Microcontroller Circuits 


Motor Control Circuits 


Motorcycle Diagrams 


Op-Amp Circuits 


Oscillator Circuits 


Power Supply Circuits 


RF Radio Circuits 


Sensor Circuits 


Service Manual 


Solar Diagrams 


Switch and Relay Circuits 


Television and Video 


Tester Circuits 


Timer Circuits 


CIRCUIT WIRING SEARCH 


Audio battery chevrolet Cigar Lighter circuit Circuit Diagram circuit diagrams Electrical Circuit etectricai diagram Electrical 


Schematic Electrical System Electronic C ford fuel pump Fuel Pump Relay Fuse Block Fuse Box Fuse Holder fu se layout fu se 


ma p F use Panel Headlamp Horn Horn Relay ignition coil Ignition Switch Instrument Cluster power Power Supply Power window Radio Relay Schematic 
Circuit Schematic Diagram schematic diag FAMS starter Relay Studebaker wiring wiring connection Wiring Diagram wiring diag FAMS wiring Harnes 


wi ri ng schematic wiring system wiring work 


POWERED BY WORDPRESS / THEME BY WPQA 


CIRCUIT WIRING DIAGRAMS © 2018 


http://circuitswiring.com/the-nic-nac-tic-tac-crystal-radio-set/ 717 


N instructables (/) Let's Make ... Login (/account/login/) | Sign Up (/account/register/) 


é\ AUTODESK. Make anything. (http://www.autodesk.com) 


energysace 


Don't overpay for solar 


Compare offers & save 20% or more 


he ss 
a rg E 


advertisement 


The Poor Man's Soldering Iron 


By Rubbish Raider (/member/Rubbish+Raider/) in Technology (/technology/) > Soldering (/technology/soldering/) 31,868 254 30 Featured 
Download Favorite 


o - 


i 
(htne: lada inatriintahlaa nanam /IERNDIAQNEVINA\AIOCODTIEMNDANEVIA\NNGCND7T 1 ADOC ina i 


Welcome to my first instructable! As said in the title, | will try to teach you how to build a 
simple soldering iron at little to no expense. "Why should | build a soldering iron instead of 
buying one?" Apart from the little cost of the project (most people can manage to assemble 
their soldering iron for free, or almost free) this instructable is for those who like to 


understand how stuff work, who like to build their tools, and for those (like me) who just 


broke their soldering iron and needed a quick solution to finish their Arduino project. 


The idea came from the "DIY Cold Heat soldering iron" instructable by photozz, for which | 
thank him very very much. Unfortunately, | didn't have all the materials needed for a Cold 


Heat style iron, so | decided to modify it, and | ended up with another design. 
WARNING! 
This project involves dealing with electricity and heat. The fact that you are not going to 


work with thousands of volts does not mean that you won't hurt yourself. 


P.S.: English is not my first language, so don't hesitate to tell me if | say something wrong. 
And don't hesitate to tell me if you have any idea to improve this project. "If you have an 
idea and | have an idea and we exchange these ideas, then each of us will have two ideas", 
as G. B. Shaw said. 


Finally... let's start. 
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- electrical wires, like those used to connect appliances to wall plugs (you'll need two 


separate pieces of wire) 

- an easily bendable piece of metal (can be really anything... it will become clearer later) 
- heat resistant adhesive tape (not strictly necessary) 

- "normal" adhesive tape (I used paper tape) 

- a PSU (Power Supply Unit, there is one in all desktop computers) 

- a pencil 


- a pen 


Handtools: 

- a pair of scissors 
- an utility knife 

- pliers 


- a file (or sandpaper, but a file works better in my opinion) 


Skills required: 
- a bit of creativity 


- you should know how to strip electrical wire 


This project is quite easy to build, and won't take much time to complete (I spent less than 
an hour to build it, once | had the materials). However, | understand that some people could 
find difficulties in gathering some of the materials (ehm... who gave you that weird box with 
hundreds of wires? NASA? ), if they are not used to dumpster dive or don't have a heap of 
electronic rubbish lying around in their bedroom. Most probably you already have in your 
home an old pc waiting only for you to dismember it and extract the PSU! You have just 
thrown it away? Oh... Well, dumpster dive, if you haven't already done it! One man's 
rubbish... Or ask friends, relatives, classmates (if you have any). Surely one of them has an 
old computer no longer needed, or knows where you can find what you are searching for. 
In the unlikely event that, after trying all of these methods, you still are without a PSU, you 
could ask an electronic retailer. Usually they have many spare parts, and will probably be 


happy to get rid of a PSU (if asking money, they shouldn't be greedy at all). 
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Step 2: Working Principle 


If you don't care of this part or already know everything, you can just skip to the next step. 


Now... a soldering iron generates heat by making an electrical current pass through a 


resistance. That's it. 


Wait, what is a resistance? 


When a current passes through any material, the atoms of this material behave like an 
obstacle to the electron flow. There is what we can consider as a sort of friction. This 
friction or resistance, like other kinds of friction, generates heat. So part of the current 
flowing in every circuit is converted into heat, depending on the resistance of the material 
it's flowing through (generally speaking, metals have a low resistance while materials like 


glass or plastic have a high resistance). 


This principle is widely used in light bulbs, electric ovens and every kind of electric heaters 


in general. 


To make a circuit of this kind, all we need is something that generates current and 


something that converts part of it into heat. 


At this point, some basic formulas could help understanding better: 


Current flowing in a circuit = Voltage of the generator(s) / Total resistance of the circuit 


ori=V/R 


This formula lets you calculate how much current will flow through a circuit. Let's make an 
example: we have an AA battery, which outputs 1.5 volts (this is the unit of voltage), and 
we connect the two poles with a metal wire with a resistance of 1 Ohm (this is the unit of 
resistance). We don't consider the resistance of the materials of the battery, which Is 
usually very low. The current flowing through this circuit will be approximately 1.5V/1 
Ohm = 1.5 Amperes (the unit of current). It is important to notice that if we want to 
increase the current flowing in our circuit, we have to reduce the resistance in that circuit or 


increase the voltage of the generator. 


And here is another formula: 


Power dissipated by a material which has a resistance = Voltage applied to this material * 


Current flowing through it 


OF Par 


This formula lets you figure out more or less how much heat will a piece of any material 
emit (power dissipated is directly proportional to heat generated). Let's calculate how much 


power is wasting our metal wire connected to the battery: 


1.5V*1.5A = 2.25 W (watts, the unit of power) 


In order to increase the power wasted and the heat generated, we have to increase the 


voltage or the current, or both. 


Ok, perhaps l'm only frying your brain with not-so-useful math. 


As a power supply we are going to use, well, the Power Supply Unit. And as a resistant 
material (which will be our tip) we are going to use graphite. As outlined by photozz in his 
instructable, graphite is a very good material to be used as a soldering iron tip, because it 
has a low resistance, but not too low a resistance, it decomposes at very very high 
temperatures (Wikipedia says about 3500 °C), it is very easy to find (ehm... pencils) and 
very easy to clean as well (the solder doesn't stick to graphite). And it seems to return cold 


in a very short time if compared to a metal tip. 
Our circuit will look like what | drew in the picture. We will connect a wire to the PSU and 


an end of the tip, and another wire to the PSU and the other end of the tip, in order to make 


a current flow through it. 
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Step 3: Making a Tip 


First, take the pencil. 


Second, take the utility knife. 
Third, cut the pencil as shown in the first picture. Repeat the procedure on the other sides 


of the pencil until the graphite comes out of the wood. It is quite important that the graphite 


doesn't come out in dozens of small pieces, so be careful. 
Now we have the graphite. But how can we hold it? 


Here comes in handy the generic piece of metal. lt could be a (preferably thick) wire, or a 
plate, or a strange piece of odd shape (like the one | used... it was the core of an 
electromagnet, found in one of those cheap wall clocks). The only requirements are that it 
can be bent to hold the graphite steadily, and has an end that you can wrap in electrical 


wire. Use your fantasy. 
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Step 4: The Tip Holder 
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At that moment | didn't have any alternatives, so | used a pen to hold the tip, and 
discovered that it works quite well (however, some plastics could melt or emit toxic fumes 
when heated too much. Pay attention to this). 

First, remove the internal parts (spring, cartridge, little gear-like components) of the pen. 
We don't need them. 

Second, remove the cap. You will have to disassemble, cut or break it, depending on the 
pen you are using. Bear in mind that through this hole a wire will pass. 


Third, give a careful look at the piece of metal with the graphite. You should put it where the 


tip of the pen was. Use the file or cut the pen in whatever shape you need, the important 
thing is that the piece of metal can be inserted where the tip of the pen was. 

Done it? Not yet? Maybe you are going to spend a lot of time thinking about the right way 
to do it. 


When you are done, simply make an electrical wire pass through the pen, wrap it around 
an end of the piece of metal and make sure they won't disconnect (the best thing would be 
to solder them, but | assume you don't have a working soldering iron). Now insert the piece 
of metal into the pen... et voila! Here is your tip holder. You could wrap the tip in heat 


resistant tape, but it isn't compulsory to do so. 
And yes, my piece of graphite is too long, but we are going to cut it later. 
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Step 5: Connecting Everything to the PSU 
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Tired? The good news are that the difficult part has just finished. 


At this point, we should be in the situation shown in the first picture. Now all we need to do 
is wire the tip to the PSU, which isn't complicated at all, in spite of the hundreds of wires 


coming out of that box. 


On one side of the PSU there should be a legend with all the wire colours explained. 
Usually, the rail which outputs 12 volts is yellow, 5 volts is red and 3.3 volts is orange, but it 
isn't always so. There are other colours and rails, but we don't need them. And there is 


GND, or ground, which is O volts. This is important because we will connect a wire to it. 


Now look at the amperage (the maximum current they can output). Most PSUs have 
sufficient amperage to allow the passage of very high currents through your tip, so you can 
choose whichever rail you want (if, when all is done, your tip doesn't heat, you can simply 
move to another rail with a higher voltage, remember the first formula? In order to increase 
the current you have to increase the voltage or decrease the resistance, which means to 
chop your graphite, because with a shorter piece the resistance will be lower). On my PSU | 
use a 12 V rail that can output 30 A. 


Returning to the PSU wiring, once you have chosen your rail you will have to connect the 
wire attached to the pen to that rail (I chose 12 V, and so | connected it to a yellow wire), 
the other wire to ground (leave the other end of this wire free, | will soon explain why), and 
wrap them in tape, or don't, but wrapping them will keep them more firmly connected (| 
wrapped only the wire connected to GND, because when | need different voltages | can 


change rail without unwrapping the other wire). 


Certain PSUs won't turn on when plugged in. They need another wire to be connected. 
Controlling on the legend, you should be able to find a rail named "PS-ON", usually of a 
weird color like light green. That wire needs to be connected to GND. You can do it with a 
jumper, or you can put a switch to shut down the PSU without unplugging it. Personally, | 
prefer to use a jumper and unplug it. And wrap at least one end in tape, in order to keep it 


firm. 


The final situation is shown in the last picture. 
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Step 6: Let There Be Light! 


Now your soldering iron is completed! 


To heat the tip, simply touch the graphite with the free end of the wire connected to GND 


(that's why we have left it free). It will heat as long as you keep it in contact with the wire. 
You could think this is a drawback, but attach this wire to the solder... and you have a 
functional iron that stays hot only when the solder is touching the graphite tip (graphite 
returns cold in seconds). Safety first! 

Or you could attach the wire to a screwdriver, or a pair of pliers, and have a rude 
desoldering iron (pull a pin with the pliers while touching with the graphite the point where 


it is soldered). 


Another big advantage of using graphite is that it can be shaped quite easily: you can make 


a flat tip, a very sharp tip... the possibilities are endless! 
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Step 7: Some Final Caveats 


1. Burning in (pun intended!) 


The first time you use your soldering iron bear in mind that, together with the graphite, 
there is also a certain amount of glue. Make it heat gradually, because you will see many 
strange things happen... the graphite could start to emit fumes (that is the glue 
evaporating), or bubbles could appear on it (that is the glue boiling), or it could crack (that's 
due to little bubbles of glue trapped inside, that expand very quickly and break the 
graphite). 


2. Don't make it glow 


If you touch your tip with your wire for more than a dozen of seconds (but it depends on 
the piece of graphite you use, the rail, etc.) it should start to emit light. Never arrive at this 
point, as the plastic of the pen could emit toxic fumes, your graphite could deform, and the 


stuff you are working on will be destroyed for sure. 


3. There's pencil and pencil 


From my personal experience, | have noticed that some kinds of graphite are more 
conductive than others. High quality pencils like Staedtler (yes, | am so crazy that | 
dismembered a Staedtler pencil) are way more conductive than low quality ones (perhaps 
due to a minor amount of glue?). Don't forget this when changing the tip. A new piece of 


graphite coming from another pencil may heat very quickly, compared to the previous one. 
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And | warn you against very low quality pencils: they tend to explode as soon as you heat 
them. Be careful and heat them very very slowly, in order to let the tonnes of glue they put 


in evaporate gently. But sometimes they will explode anyway. 


4. | have seen a big spark and my PSU has stopped working! 


One thing you should know is that every PSU has an overcurrent protection, that shuts 
down the PSU if on a rail is detected a current exceeding the max amperage of that rail. 
This is only a temporary protection: after some tens of seconds the PSU will return working 


(however, you could need to unplug and replug it). 


If this happens as soon as you touch the graphite with the wire/solder/tool, the resistance of 
that piece of graphite is too low. Move to a rail with a higher amperage, If possible, or use a 


longer piece of graphite. 


5. | tried to solder a component on the board of my €1500 amplifier and it doesn't work 


anymore... 


Well, if you do such works, it is quite sure you already know, but this kind of soldering iron 
is not suitable for delicate operations. lf you accidentally touch a component on a board 
with the tip, and another part of the board with the wire, current will try to flow through the 
board, frying any component that has not been designed to work with such high currents 
or voltages. You have to be very careful to what you touch, and if you mess around with 


€1500 amplifiers you should buy a decent soldering station. 


My instructable finishes here. | hope | have been clear enough to be understood, if not don't 


hesitate to tell me. 


See you to the next project! 
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Introduction 


ou are lost in a maze: How do you find your way out? 

You want to build a time machine, but is time travel 
logically possible? How can one infinity be bigger than 
another? Why can’t you drink from a Klein bottle? What 
is the biggest number in the world to have a proper 
name, and how can you write it? Who claimed he could 
see in the fourth dimension? And what does “iteration” 
mean? And what does “iteration” mean? 

Mathematics was never my strong point in school, but 
because I wanted to become an astronomer, I was told 
to stick with it. Fortunately, in my last two years be- 
fore heading off to university, I had a wonderful old- 
fashioned, eccentric teacher (he actually wore a black 
gown when teaching), called Mr. Kay (known to one and 
all as “Danny”), who would suddenly divert from the 
chalk and blackboard to ask, “But how did the universe 
come to be asymmetric—that’s what I want to know,” or 
“These imaginary numbers are very interesting; in part, 
because they are so remarkably real.” During lunch- 
break, Danny and the senior chemistry teacher, Mr. Erp 
(whose nickname I need hardly spell out), would always 
meet in the chemistry prep room for a game of chess. 
They looked and acted very much like characters from a 
Wellsian science fiction tale, and I sometimes imagined 
them musing on formulas for invisibility or doorways to 
higher dimensions. At any rate, though I was never a 


shining student, I realize what a profound effect those 
two deeply imaginative, thoughtful men had on my 
future career. I did become an astronomer. I did perse- 
vere with math to a certain level of competence. But, 
much more than that, my curiosity was fired by the won- 
derful and weird possibilities of these subjects: curved 
space, Mobius bands, parallel universes, patterns in the 
heart of chaos, alternative realities. These strange possi- 
bilities, and a thousand others, make up the stuffing of 
this book. If you want a comprehensive, academic dictio- 
nary of mathematics, look elsewhere. If you want rigor 
and proof, try the next shelf. Herein you will find only 
the unusual and the outrageous, the fanciful and the fan- 
tastic: a compendium of the mathematics they didn’t 
teach you in school. 

Entries range from short definitions to lengthy articles 
on topics of major importance or unusual interest. These 
are arranged alphabetically according to the first word of 
the entry name and are extensively cross-referenced. 
Terms that appear in bold type have their own entries. A 
number of puzzles are included for the reader to try; the 
answers to these can be found at the back of the book. 
Also at the back are a comprehensive list of references 
and a category index. Readers are invited to visit the 
author’s Web site at www.daviddarling.info for the latest 
news in mathematics and related subjects. 


Only gota minute? 


Mathematics is probably the most versatile subject there 


is. It has applications in a wide range of other subjects 
from science and geography through to art. In science, 
without mathematics there would be no formulae or 
equations describing the laws of physics which have 
enabled the technology that we use each day to develop. 
Mathematics enables psychologists to find out more about 
human behaviour, looking for correlations between sets 
of statistics. Doctors and pharmaceutical companies use 
mathematics to interpret the data resulting from a drug 
trial. An understanding of mathematics is essential in 
architecture and engineering. Mathematics is also used to 
model situations such as the stock market or the flow of 
traffic on motorways. 

As well as being a useful subject, mathematics 
is also intrinsically beautiful. Many famous artists like 
Kandinsky and Escher used mathematics as a basis for 


their work — Kandinsky made extensive use of geometry 


abacus 
A counting frame that started out, several thousand years 
ago, as rows of pebbles in the desert sands of the Middle 
East. The word appears to come from the Hebrew ábág 
(dust) or the Phoenician abak (sand) via the Greek abax, 
which refers to a small tray covered with sand to hold the 
pebbles steady. The familiar frame-supporting rods or 
wires, threaded with smoothly running beads, gradually 
emerged in a variety of places and mathematical forms. 
In Europe, there was a strange state of affairs for more 
than 1,500 years. The Greeks and the Romans, and then 
the medieval Europeans, calculated on devices with a 
place-value system in which zero was represented by an 
empty line or wire. Yet the written notations didn’t have 
a symbol for zero until it was introduced in Europe in 
1202 by Fibonacci, via the Arabs and the Hindus. 


abacus A special form of the Chinese abacus (c. 1958) consist- 
ing of two abaci stacked one on top of the other. Luis Fernandes 


The Chinese suan pan differs from the European aba- 
cus in that the board is split into two decks, with two 
beads on each rod in the upper deck and five beads, rep- 
resenting the digits 0 through 4, on each rod in the bot- 
tom. When all five beads on a rod in the lower deck are 
moved up, they’re reset to the original position, and one 
bead in the top deck is moved down as a carry. When 
both beads in the upper deck are moved down, they’re 
reset and a bead on the adjacent rod on the left is moved 
up as a carry. The result of the computation is read off 
from the beads clustered near the separator beam 
between the upper and lower decks. In a sense, the aba- 
cus works as a 5-2-5-2-5-2 . .. -based number system in 
which carries and shifts are similar to those in the deci- 
mal system. Since each rod represents a digit in a deci- 
mal number, the capacity of the abacus is limited only 
by the number of rods on the abacus. When a user runs 
out of rods, she simply adds another abacus to the left of 
the row. 

The Japanese soroban does away with the dual repre- 
sentations of fives and tens by having only four counters 
in the lower portion, known as “earth,” and only one 
counter in the upper portion, known as “heaven.” The 
world’s largest abacus is in the Science Museum in Lon- 
don and measures 4.7 meters by 2.2 meters. 


Abbott, Edwin Abbott (1838-1926) 

An English clergyman and author who wrote several the- 
ological works and a biography (1885) of Francis Bacon, 
but is best known for his standard Shakespearian Grammar 
(1870) and the pseudonymously written Flatland: A 
Romance of Many Dimensions (by A Square, 1884).""! 


ABC conjecture 

A remarkable conjecture, first put forward in 1980 by 
Joseph Oesterle of the University of Paris and David 
Masser of the Mathematics Institute of the University of 
Basel in Switzerland, that is now considered one of the 
most important unsolved problems in number theory. If 
it were proved correct, the proofs of many other famous 
conjectures and theorems would follow immediately—in 
some cases in just a few lines. The vastly complex current 
proof of Fermat’s last theorem, for example, would 
reduce to less than a page of mathematical reasoning. 
The ABC conjecture is disarmingly simple compared 
to most of the deep questions in number theory and, 
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moreover, turns out to be equivalent to all the main 
problems that involve Diophantine equations (equa- 
tions with integer coefficients and integer solutions). 

Only a couple of concepts need to be understood to 
grasp the ABC conjecture. A square-free number is an inte- 
ger that isn't divisible by the square of any number. For 
example, 15 and 17 are square-free, but 16 (divisible by 
4°) and 18 (divisible by 3’) are not. The square-free part of 
an integer n, denoted sqp(w), is the largest square-free 
number that can be formed by multiplying the prime fac- 
tors of n. For n = 15, the prime factors are 5 and 3, and 
3 x 5 = 15, a square-free number, so that sqp(15) = 15. 
On the other hand, for n= 16, the prime factors are all 2, 
which means that sqp(16) = 2. In general, if is square- 
free, the square-free part of n is just n; otherwise, sqp(z) 
represents what is left over after all the factors that create 
a square have been eliminated. In other words, sqp(x) is 
the product of the distinct prime numbers that divide z. 
For example, sqp(9) = sqp(3 x 3) = 3 and sqp(1,400) = 
sqp(2x2x2x5x5x7)=2x5x7=70. 

The ABC conjecture deals with pairs of numbers that 
have no common factors. Suppose A and B are two such 
numbers that add to give C. For example, if A = 3 and 
B=7, then C=3 +7 = 10. Now, consider the square-free 
part of the product A x B x C: sqp(ABC) = sqp(3 x 7 x 
10) = 210. For most values of A and B, sqp(ABC) > C, as 
in the prior example. In other words, sqp(ABC)/C > 1. 
Occasionally, however, this isn't true. For instance, 
if A = 1 and B = 8, then C= 1 + 8 = 9, sqp(ABC) = 
sqp(1x 8x 9)=sqp(1x2x2x2x3x3)=1x2x3=6, 
and sqp(ABC)/C = % = %3. Similarly, if A = 3 and 
B = 125, the ratio is 44. 

David Masser proved that the ratio sqp(4ABC)/C can 
get arbitrarily small. In other words, given any number 
greater than zero, no matter how small, it’s possible to find 
integers A and B for which sqp(ABC)/C is smaller than 
this number. In contrast, the ABC conjecture says that 
[sqp(ABC)]’/C reaches a minimum value if n is any num- 
ber greater than 1—even a number such as 1.0000000001, 
which is only barely larger than 1. The tiny change in the 
expression results in a huge difference in its mathematical 
behavior. The ABC conjecture in effect translates an infi- 
nite number of Diophantine equations (including the 
equation of Fermat’s last theorem) into a single mathe- 
matical statement." 


Abel, Niels Henrik (1802-1829) 


The divergent series are the invention of the devil, 
and it is a shame to base on them any demonstra- 
tion whatsoever. By using them, one may draw 
any conclusion he pleases and that 1s why these 


series have produced so many fallacies and so 
many paradoxes. 


A Norwegian mathematician who, independently of his 
contemporary Evariste Galois, pioneered group theory 
and proved that there are no algebraic solutions of the 
general quintic equation. Both Abel and Galois died 
tragically young—Abel of tuberculosis, Galois in a sword 
fight. 

While a student in Christiania (now Oslo), Abel 
thought he had discovered how to solve the general quin- 
tic algebraically, but soon corrected himself in a famous 
pamphlet published in 1824. In this early paper, Abel 
showed the impossibility of solving the general quintic by 
means of radicals, thus laying to rest a problem that had 
perplexed mathematicians since the mid-sixteenth cen- 
tury. Abel, chronically poor throughout his life, was 
granted a small stipend by the Norwegian government that 
allowed him to go on a mathematical tour of Germany 
and France. In Berlin he met Leopold Crelle (1780-1856) 
and in 1826 helped him found the first journal in the 
world devoted to mathematical research. Its first three vol- 
umes contained 22 of Abel’s papers, ensuring lasting fame 
for both Abel and Crelle. Abel revolutionized the impor- 
tant area of elliptic integrals with his theory of elliptic 
functions, contributed to the theory of infinite series, and 
founded the theory of commutative groups, known today 
as Abelian groups. Yet his work was never properly appre- 
ciated during his life, and, impoverished and ill, he 
returned to Norway unable to obtain a teaching position. 
Two days after his death, a delayed letter was delivered in 
which Abel was offered a post at the University of Berlin. 


Abelian group 

A group that is commutative, that is, in which the result 
of multiplying one member of the group by another is 
independent of the order of multiplication. Abelian 
groups, named after Niels Abel, are of central impor- 
tance in modern mathematics, most notably in algebraic 
topology. Examples of Abelian groups include the real 
numbers (with addition), the nonzero real numbers 
(with multiplication), and all cyclic groups, such as the 
integers (with addition). 


abracadabra 

A word famously used by magicians but which started 
out as a cabalistic or mystical charm for curing various 
ailments, including toothache and fever. It was first men- 
tioned in a poem called “Praecepta de Medicina” by the 
Gnostic physician Quintus Severus Sammonicus in the 
second century A.D. Sammonicus instructed that the let- 
ters be written on parchment in the form of a triangle: 
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ABRACADABRA 
ABRACADABR 
A BRA CA DAB 
AB RA A. DA 
A BRA CA D 
ABRACA 
A BRAC 
A BRA 
ABR 
A B 
A 


This was to be folded into the shape of a cross, worn for 
nine days suspended from the neck, and, before sunrise, 
cast behind the patient into a stream running eastward. It 
was also a popular remedy in the Middle Ages. During 
the Great Plague, around 1665, large numbers of these 
amulets were worn as safeguards against infection. The 
origin of the word itself is uncertain. One theory is that it 
is based on Abrasax, the name of an Egyptian deity. 


PUZZLE 

A well-known puzzle, proposed by George Polya 
(1887-1985), asks how many different ways there are 
to spell abracadabra in this diamond-shaped arrange- 
ment of letters: 


Solutions begin on page 369. 


abscissa 
The x-coordinate, or horizontal distance from the y-axis, 
in a system of Cartesian coordinates. Compare with 
ordinate. 


absolute 

Not limited by exceptions or conditions. The term is 
used in many different ways in mathematics, physics, 
philosophy, and everyday speech. Absolute space and 
absolute time, which, in Newton’s universe, form a 
unique, immutable frame of reference, blend and be- 
come deformable in the space-time of Einstein. See also 


absolute zero. In some philosophies, the absolute stands 
behind the reality we see—independent, transcendent, 
unconditional, and all-encompassing. The American phi- 
losopher Josiah Royce (1855-1916) took the absolute to 
be a spiritual entity whose self-consciousness is imper- 
fectly reflected in the totality of human thought. Mathe- 
matics, too, reaches beyond imagination with its absolute 
infinity. See also absolute value. 


absolute value 

The value of a number without regard to its sign. The 
absolute value, or modulus, of a real number, 7, is the dis- 
tance of the number from zero measured along the real 
number line, and is denoted |7|. Being a distance, it can’t 
be negative; so, for example, |3| = |-3| = 3. The same 
idea applies to the absolute value of a complex number 
a + ib, except that, in this case, the complex number is 
represented by a point on an Argand diagram. The 
absolute value, |a + zb], is the length of the line from the 
origin to the given point, and is equal to V (a? + b’). 


absolute zero 

The lowest possible temperature of a substance, equal to 0 
Kelvin (K), -273.15%C, or —459.67°F. In classical physics, 
it is the temperature at which all molecular motion ceases. 
However, in the “real” world of quantum mechanics it 
isn’t possible to stop all motion of the particles making up 
a substance as this would violate the Heisenberg uncer- 
tainty principle. So, at 0 K, particles would still vibrate 
with a certain small but nonzero energy known as the zero- 
point energy. Temperatures within a few billionths of a 
degree of absolute zero have been achieved in the labora- 
tory. At such low temperatures, substances have been seen 
to enter a peculiar state, known as the Bose-Einstein con- 
densate, in which their quantum wave functions merge 
and particles lose their individual identities. Although it is 
possible to approach ever closer to absolute zero, the 
third law of thermodynamics asserts that it’s impossible to 
ever attain it. In a deep sense, absolute zero lies at the 
asymptotic limit of low energy just as the speed of light 
lies, for particles with mass, at the asymptotic limit of high 
energy. In both cases, energy of motion (kinetic energy) is 
the key quantity involved. At the high energy end, as the 
average speed of the particles of a substance approaches 
the speed of light, the temperature rises without limit, 
heading for an unreachable co K. 


abstract algebra 


To a mathematician, real life is a special case. 
—Anonymous 


Algebra that is not confined to familiar number systems, 
such as the real numbers, but seeks to solve equations 
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that may involve many other kinds of systems. One of 
its aims, in fact, is to ask: What other number systems 
are there? The term abstract refers to the perspective 
taken on the subject, which is very different from that of 
high school algebra. Rather than looking for the solu- 
tions to a particular problem, abstract algebra is inter- 
ested in such questions as: When does a solution exist? 
If a solution does exist, is it unique? What general prop- 
erties does a solution possess? Among the structures it 
deals with are groups, rings, and fields. Historically, 
examples of such structures often arose first in some 
other field of mathematics, were specified rigorously 
(axiomatically), and were then studied in their own right 
in abstract algebra. 


Abu'l Wafa (a.D. 940-998) 

A Persian mathematician and astronomer who was the 
first to describe geometrical constructions (see con- 
structible) possible only with a straightedge and a fixed 
compass, later dubbed a “rusty compass,” that never al- 
ters its radius. He pioneered the use of the tangent func- 
tion (see trigonometric function), apparently discovered 
the secant and cosecant functions, and compiled tables 
of sines and tangents at 15’ intervals—work done as part 
of an investigation into the orbit of the Moon. 


abundant number 

A number that is smaller than the sum of its aliquot parts 
(proper divisors). Twelve is the smallest abundant num- 
ber; the sum of its aliquot parts is 1+2+3+4+6=16, 
followed by 18, 20, 24, and 30. A weird number is an abun- 
dant number that is not semiperfect; in other words, 7 is 
weird if the sum of its divisors is greater than z, but z is 
not equal to the sum of any subset of its divisors. The 
first few weird numbers are 70, 836, 4,030, 5,830, and 
7,192. It isn’t known if there are any odd weird numbers. 
A deficient number is one that is greater than the sum of its 
aliquot parts. The first few deficient numbers are 1, 2, 3, 
4, 5, 8, and 9. Any divisor of a deficient (or perfect) 
number is deficient. A number that is not abundant or 
deficient is known as a perfect number. 


Achilles and the Tortoise paradox 
See Zeno’s paradoxes. 


Ackermann function 

One of the most important functions in computer sci- 
ence. Its most outstanding property is that it grows aston- 
ishingly fast. In fact, it gives rise to large numbers so 
quickly that these numbers, called Ackermann numbers, 
are written in a special way known as Knuth’s up-arrow 
notation. The Ackermann function was discovered and 
studied by Wilhelm Ackermann (1896-1962) in 1928. 


Ackermann worked as a high school teacher from 1927 
to 1961 but was also a student of the great mathemati- 
cian David Hilbert in Gottingen and, from 1953, served 
as an honorary professor in the university there. 
Together with Hilbert he published the first modern 
textbook on mathematical logic. The function he dis- 
covered, and that now bears his name, is the simplest 
example of a well-defined and total function that is also 
computable but not primitive recursive (PR). “Well- 
defined and total” means that the function is internally 
consistent and doesn’t break any of the rules laid down 
to define it. “Computable” means that it can, in prin- 
ciple, be evaluated for all possible input values of its 
variables. “Primitive recursive” means that it can be 
computed using only for loops—repeated application of a 
single operation a predetermined number of times. The 
recursion, or feedback loop, in the Ackermann function 
overruns the capacity of any for loop because the number 
of loop repetitions isn’t known in advance. Instead, this 
number is itself part of the computation, and grows as 
the calculation proceeds. The Ackermann function can 
only be calculated using a while loop, which keeps repeat- 
ing an action until an associated test returns false. Such 
loops are essential when the programmer doesn’t know 
at the outset how many times the loop will be traversed. 
(It’s now known that everything computable can be pro- 
grammed using while loops.) 
The Ackermann function can be defined as follows: 


A(0, 2)=n+1 forn=0 
A(m, 0)= A(m— 1, 1) form=1 
A(m, n) = A(m- 1, A(m, n -— 1)) for m,n = 1. 


Two positive integers, m and x, are the input and A(m, n) 
is the output in the form of another positive integer. The 
function can be programmed easily in just a few lines of 
code. The problem isn’t the complexity of the function 
but the awesome rate at which it grows. For example, the 
innocuous-looking 4 (4,2) already has 19,729 digits! The 
use of a powerful large-number shorthand system, such 
as the up-arrow notation, is indispensable as the follow- 
ing examples show: 


A(1,n)=2+(n+3)-3 

AQ, n)=2 x (n+ 3)-3 

A(3, 2) =2T(n+3)—-3 

A(4, n) = 27 (2T(2T (... 12))) — 3 (2 + 3 twos) 
=2 Min +3) -3 

A(5, n) =2TTT (n+ 3) — 3, etc. 


Intuitively, the Ackermann function defines generaliza- 
tions of multiplication by 2 (iterated additions) and 
exponentiation with base 2 (iterated multiplications) to 
iterated exponentiation, iteration of this operation, and 
so on.!*! 
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acre 

An old unit of area, equal to 160 square rods, 4,840 
square yards, 43,560 square feet, or 4,046.856 square 
meters. 


acute 

From the Latin acus for “needle” (which also forms the 
root for acid, acupuncture, and acumen). An acute angle is 
less than 90°. An acute triangle is one in which all three 
angles are acute. Compare with obtuse. 


adjacent 
Next to. Adjacent angles are next to each other, and thus 
share one side. Adjacent sides of a polygon share a vertex. 


affine geometry 

The study of properties of geometric objects that remain 
unchanged after parallel projection from one plane to 
another. During such a projection, first studied by Leon- 
hard Euler, each point (x, y) is mapped to a new point 
(ax+cy+e, bx+dy+f). Circles, angles, and distances are 
altered by affine transformations and so are of no inter- 
est in affine geometry. Affine transformations do, how- 
ever, preserve collinearity of points: if three points 
belong to the same straight line, their images (the points 
that correspond to them) under affine transformations 
also belong to the same line and, in addition, the middle 
point remains between the other two points. Similarly, 
under affine transformations, parallel lines remain par- 
allel; concurrent lines remain concurrent (images of in- 
tersecting lines intersect); the ratio of lengths of line 
segments of a given line remains constant; the ratio of 
areas of two triangles remains constant; and ellipses, par- 
abolas, and hyperbolas continue to be ellipses, parabo- 
las, and hyperbolas. 


age puzzles and tricks 

Problems that ask for a person’s age or, alternatively, 
when a person was a certain age, given several round- 
about facts. They go back at least 1,500 years to the time 
of Metrodorus and Diophantus’s riddle. A number of 
distinct types of age puzzles sprang up between the six- 
teenth and early twentieth centuries, in most cases best 
solved by a little algebra. One form asks: if X is now a 
years old and Y is now bh years old, when will X be c 
times as old as Y? The single unknown, call it x, can be 
found from the equation a+ x = c(b + x). Another type 
of problem takes the form: if X is now a times as old as 
Y and after b years X will be c times as old as Y how old 
are X and Y now? In this case the trick is to set up and 
solve two simultaneous equations: X= aY and X + b = 
c(Y + b). 


PUZZLES 
Around 1900, two more variants on the age puzzle 
became popular. Here is an example of each for the 
reader to try. 
1. Bob is 24. He is twice as old as Alice was when 
Bob was as old as Alice is now. How old is Alice? 
2. The combined ages of Mary and Ann are 44 years. 
Mary is twice as old as Ann was when Mary was 
half as old as Ann will be when Ann is three times 
as old as Mary was when Mary was three times as 
old as Ann. How old is Ann?” 
Solutions begin on page 369. 


Various mathematical sleights of hand can seem to 
conjure up a person's age as if by magic. For example, ask 
a person to multiply the first number of his or her age by 
5, add 3, double this figure, add the second number of 
his or her age to the figure, and tell you the answer. 
Deduct 6 from this and you will have their age. 

Alternatively, ask the person to pick a number, multi- 
ply this by 2, add 5, and multiply by 50. If the person 
has already had a birthday this year and it’s the year 
2004, she should add 1,754, otherwise she should add 
1,753. Each year after 2004 these numbers need to be 
increased by 1. Finally, the person should subtract the 
year they were born. The first digits of the answer are the 
original number, while the last two digits are the per- 
son’s age. 

Here is one more trick. Take your age, multiply it by 7, 
then multiply again by 1,443. The result is your age 
repeated three times. (What you have actually done is 
multiplied by 10,101; if you multiply by 1,010,101, the 
repetition is fourfold, and so on.) 


Agnesi, Maria Gaetana (1718-1799) 

An Italian mathematician and scholar whose name is 
associated with the curve known as the Witch of Agnesi. 
Born in Milan, Maria was one of 24 children of a pro- 
fessor of mathematics at the University of Bologna. A 
child prodigy, she could speak seven languages, includ- 
ing Latin, Greek, and Hebrew, by the age of 11 and was 
solving difficult problems in geometry and ballistics by 
her early teens. Her father encouraged her studies and 
her appearance at public debates. However, Maria de- 
veloped a chronic illness, marked by convulsions and 
headaches, and, from the age of about 20, withdrew 
socially and devoted herself to mathematics. Her Insti- 
tuzioni analitiche ad uso della gioventu italiana, published 
in 1748, became a standard teaching manual, and in 
1750, she was appointed to the chair of mathema- 
tics and natural philosophy at Bologna. Yet she never 
fulfilled her early promise in terms of making new 
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breakthroughs. After the death of her father in 1752, 
she moved into theology and, after serving for some 
years as the directress of the Hospice Trivulzio for Blue 
Nuns at Milan, joined the sisterhood herself and ended 
her days in this austere order. 

The famous curve that bears her name had been 
studied earlier, in 1703, by Pierre de Fermat and the 
Italian mathematician Guido Grandi (1671-1742). 
Maria wrote about it in her teaching manual and re- 
ferred to it as the aversiera, which simply means “to 
turn.” But in translating this, the British mathema- 
tician John Colson (1680-1760), the fifth Lucasian 
professor of mathematics at Cambridge University, 
confused aversiera with avversiere which means “witch,” 
or “wife of the devil.” And so the name of the curve 
came down to us as the Witch of Agnesi. To draw it, 
start with a circle of diameter a, centered at the point 
(0, a/2) on the y-axis. Choose a point A on the line 
y =a and connect it to the origin with a line segment. 
Call the point where the segment crosses the circle B. 
Let P be the point where the vertical line through 4 
crosses the horizontal line through B. The Witch is the 
curve traced by Pas A moves along the line y = a. By a 
happy coincidence, it does look a bit like a witch’s hat! 
In Cartesian coordinates, its equation is 


y= al (x? + a’). 


Ahmes papyrus 
See Rhind papyrus. 


Ahrens, Wilhelm Ernst Martin Georg (1872-1927) 
A great German exponent of recreational mathematics 


THE WITCH of AGNESI 


whose Mathematische Unterhaltungen und Spiele"! is one of 
the most scholarly of all books on the subject. 


Alcuin (735-804) 

A leading intellectual of his time and the probable 
compiler of Propositiones ad Acuendos Juvenes (Problems to 
sharpen the young), one of the earliest collections of rec- 
reational math problems. According to David Singmaster 
and John Hadley: “The text contains 56 problems, includ- 
ing 9 to 11 major types of problem which appear for the 
first time, 2 major types which appear in the West for the 
first time and 3 novel variations of known problems. ... 
It has recently been realized that the river-crossing prob- 
lems and the crossing-a-desert problem, which appear 
here for the first time, are probably the earliest known 
combinatorial problems.” 

Alcuin was born into a prominent family near the east 
coast of England. He was sent to York, where he became a 
pupil and, eventually, in 778, the headmaster, of Arch- 
bishop Ecgberht’s School. (Ecgberht was the last person to 
have known the Venerable Bede.) Alcuin built up a superb 
library and made the school one of the chief centers of 
learning in Europe. Its reputation became such that, in 
781, Alcuin was invited to become master of Charle- 
magne’s Palace School at Aachen and, effectively, minister 
of education for Charlemagne’s empire. He accepted and 
traveled to Aachen to a meeting of the leading scholars. 
Subsequently, he was made head of Charlemagne’s Palace 
School and there developed the Carolingian minuscule, a 
clear, legible script that became the basis of how letters of 
the present Roman alphabet are written. 

Before leaving Aachen, Alcuin was responsible for the 
most prized of the Carolingian codices, now called the 
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Golden Gospels: a series of illuminated masterpieces writ- 
ten largely in gold, on white or purple vellum. The develop- 
ment of Carolingian minuscule had, indirectly, a major 
impact on the history of mathematics. Because 1t was a far 
more easily readable script than the older unspaced capital, 
it led to many mathematical works being newly copied into 
this new style in the ninth century. Most of the works of the 
ancient Greek mathematicians that have survived did so 
because of this transcription. Alcuin lived in Aachen from 
782 to 790 and again from 793 to 796. In 796, he retired 
from Charlemagne's Palace School and became abbot of 
the Abbey of St. Martin at Tours, where he and his monks 
continued to work with the Carolingian minuscule script. 


aleph 

The first letter of the Hebrew alphabet, $. It was first used 
in mathematics by Georg Cantor to denote the various 
orders, or sizes, of infinity: $, (aleph-null), $, (aleph- 
one), etc. An earlier (and still used) symbol for infinity, eo, 
was introduced in 1655 by John Wallis in his Arithmetica 
infinitorum but didn’t appear in print until the Ars con- 
jectandí by Jakob Bernoulli, published posthumously in 
1713 by his nephew Nikolaus Bernoulli (see Bernoulli 
Family). 
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Alexander's horned sphere A sculpture of a five-level 
Alexander's horned sphere. Gideon Weisz, www.gideonweisz.com 


Alexander's horned sphere 

In topology, an example of what is called a “wild” struc- 
ture; it is named after the Princeton mathematician James 
Waddell Alexander (1888-1971) who first described it in 
the early 1920s. The horned sphere is topologically equiv- 
alent to the simply connected surface of an ordinary hol- 
low sphere but bounds a region that is not simply 
connected. The horns-within-horns consist of a recursive 
set—a fractal—of interlocking pairs of orthogonal rings 
(rings set at right angles) of decreasing radius. A rubber 
band around the base of any horn couldn’t be removed 
from the structure even after infinitely many steps. The 
horned sphere can be embedded in the plane by reducing 
the interlock angle between ring pairs from 90° to 0°, then 
weaving the rings together in an over-under pattern. The 
sculptor Gideon Weisz has modeled a number of approx- 
imations to the structure, one of which is shown in the 
photograph. 


algebra 

A major branch of mathematics that, at an elementary 
level, involves applying the rules of arithmetic to num- 
bers, and to letters that stand for unknown numbers, with 
the main aim of solving equations. Beyond the algebra 
learned in high school is the much vaster and more pro- 
found subject of abstract algebra. The word itself comes 
from the Arabic alyebr, meaning “the reunion of broken 
parts.” It first appeared in the title of a book, Alyebr wal- 
mugabalah (The science of reduction and comparison), 
by the ninth-century Persian scholar al-Khowarizmi— 
probably the greatest mathematician of his age, and as 
famous among Arabs as Euclid and Aristotle are to the 
Western world. 


algebraic curve 

A curve whose equation involves only algebraic functions. 
These are functions that, in their most general form, can 
be written as a sum of polynomials in x multiplied by 
powers of y, equal to zero. Among the simplest examples 
are straight lines and conic sections. 


algebraic fallacies 
Misuse of algebra can have some surprising and absurd 
results. Here, for example, is a famous “proof” that 1 = 2: 


Let a=b. 
Then a? = ab 
f +a’ =a + ab 
2a’ = a° + ab 
2a’ — 2ab = d + ab — 2ab 
2a’ — 2ab = a — ab 
2(a’ — ab) = 1 (a° — ab). 
Dividing both sides by a? — ab 
Z=L: 
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Where’s the mistake? The problem lies with the seem- 
ingly innocuous final division. Since a = b, dividing by 
a’ — ab is the same as dividing by zero—the great taboo of 
mathematics. 

Another false argument runs as follows: 


(n+1=n*+2n+1 
(2+ 1) -— (2n +1) =n”. 


Subtracting 2(2n + 1) from both sides and factorizing 
gives 


(n+ 1) — (n+ 1)(2n + 1)=n* — n(2n + 1). 
Adding '4(2” + 1) to both sides yields 


(n+ 1) — (2+ 1)(2n +1) + Y4(2n + 1) 
=n’ — n(2n + 1) + (2n + 1). 


This may be written: 
[( +1) — Y(2n + 1)]?= [(2 — 14(2n + 1)]?. 
Taking square roots of both sides, 
n+1-"M(2n+1)=12- Y (2n + 1). 
Therefore, 
n=n>+l. 


The problem here is that there are two square roots for 
any positive number, one positive and one negative: the 
square roots of 4 are 2 and —2, which can be written as 
+2. So the penultimate step should properly read: 


+(n+1-Y(2n+1)) = +(n- Y (2n + 1) 


algebraic geometry 

Originally, the geometry of complex number solutions 
to polynomial equations. Modern algebraic geometry is 
also concerned with algebraic varieties, which are a gen- 
eralization of the solution sets found in the traditional 
subject, as well as solutions in fields other than complex 
numbers, for example finite fields. 


algebraic number 

A real number that is a root of a polynomial equation 
with integer coefficients. For example, any rational num- 
ber a/b, where a and hb are nonzero integers, is an alge- 
braic number of degree one, because it is a root of the 
linear equation bx — a = 0. The square root of two is an 
algebraic number of degree two because it is a root of the 
quadratic equation x° — 2 =0. Ifa real number is not alge- 
braic, then it is a transcendental number. Almost all real 
numbers are transcendental because, whereas the set of 
algebraic numbers is countably infinite (see countable 


set), the set of transcendental numbers is uncountably 
infinite. 


algebraic number theory 

The branch of number theory that is studied without 
using methods such as infinite series and convergence 
taken from analysis. It contrasts with analytical number 
theory. 


algebraic topology 

A branch of topology that deals with invariants of 
a topological space that are algebraic structures, often 
groups. 


algorithm 

A systematic method for solving a problem. The word 
comes from the name of the Persian mathematician, al- 
Khowarizmi, and may have been first used by Gottfried 
Liebniz in the late 1600s. It remained little known in 
Western mathematics, however, until the Russian mathe- 
matician Andrei Markov (1903-1987) reintroduced it. 
The term became especially popular in the areas of math 
focused on computing and computation. 


algorithmic complexity 

A measure of complexity developed by Gregory Chaitin 
and others, based on Claude Shannon’s information 
theory and earlier work by the Russian mathematicians 
Andrei Kolmogorov and Ray Solomonoff. Algorithmic 
complexity quantifies how complex a system is in terms 
of the shortest computer program, or set of algorithms, 
needed to completely describe the system. In other 
words, it is the smallest model of a given system that is 
necessary and sufficient to capture the essential patterns 
of that system. Algorithmic complexity has to do with 
the mixture of repetition and innovation in a complex 
system. At one extreme, a highly regular system can be 
described by a very short program or algorithm. For 
example, the bit string 01010101010101010101 ... fol- 
lows from just three commands: print a zero, print a one, 
and repeat the last two commands indefinitely. The com- 
plexity of such a system is very low. At the other extreme, 
a totally random system has a very high algorithmic 
complexity since the random patterns can’t be con- 
densed into a smaller set of algorithms: the program is 
effectively as large as the system itself. See also com- 
pressible. 


Alhambra 

The former palace and citadel of the Moorish kings of 
Granada, and perhaps the greatest monument to Islamic 
mathematical art on Earth. Because the Qur’an consid- 
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Alhambra Computer-generated tilings based on Islamic tile 
designs such as those found in the Alhambra. Xah Lee, 
www.xahlee.org 


ers the depiction of living beings in religious settings 
blasphemous, Islamic artists created intricate patterns to 
symbolize the wonders of creation: the repetitive nature 
of these complex geometric designs suggests the limitless 
power of God. The sprawling citadel, looming high 
above the Andalusian plain, boasts a remarkable array of 
mosaics with tiles arranged in intricate patterns. The 
Alhambra tilings are periodic; in other words, they con- 


sist of some basic unit that is repeated in all directions to 
fill up the available space. All 17 different groups of 
isometries—the possible ways of repeatedly tiling the 
plane—are used at the palace. The designs left a deep 
impression on Maurits Escher, who came here in 1936. 
Subsequently, Escher’s art took on a much more mathe- 
matical nature, and over the next six years he produced 
43 colored drawings of periodic tilings with a wide vari- 
ety of symmetry types. 


aliquot part 

Also known as a proper divisor, any divisor of a number 
that isn’t equal to the number itself. For instance, the 
aliquot parts of 12 are 1, 2, 3, 4, and 6. The word comes 
from the Latin ali (“other”) and quot (“how many”). An 
aliquot sequence is formed by taking the sum of the 
aliquot parts of a number, adding them to form a new 
number, then repeating this process on the next num- 
ber and so on. For example, starting with 20, we get 
1+2+4+5 +10 = 22, then 1 +2 +11 = 14, then 
1+2+7=10, then 1+2+5=8, then 1+2+4=7, 
then 1, after which the sequence doesn't change. For 
some numbers, the result loops back immediately to 
the original number; in such cases the two numbers are 
called amicable numbers. In other cases, where a 
sequence repeats a pattern after more than one step, 
the result is known as an aliquot cycle or a sociable chain. 
An example of this is the sequence 12496, 14288, 
15472, 14536, 14264,...The aliquot parts of 14264 
add to give 12496, so that the whole cycle begins again. 
Do all aliquot sequences end either in 1 or in an 
aliquot cycle (of which amicable numbers are a special 
case)? In 1888, the Belgian mathematician Eugéne 
Catalan (1814-1894) conjectured that they do, but this 
remains an open question. 


al-Khowarizmi (c. 780-850) 

An Arabic mathematician, born in Baghdad, who is 
widely considered to be the founder of modern day alge- 
bra. He believed that any math problem, no matter how 
difficult, could be solved if broken down into a series of 
smaller steps. The word algorithm may have derived from 
his name. 


Allais paradox 

A paradox that stems from questions asked in 1951 by 
the French economist Maurice Allais (1911-).* Which 
of these would you choose: (A) an 89% chance of receiv- 
ing an unknown amount and 11% chance of $1 million; 
or (B) an 89% chance of an unknown amount (the same 
amount as in A), a 10% chance of $2.5 million, and a 1% 
chance of nothing? Would your choice be the same if the 
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unknown amount was $1 million? What if the unknown 
amount was zero? 

Most people don't like risk and so prefer the better 
chance of winning $1 million in option A. This choice 
is firm when the unknown amount is $1 million, but 
seems to waver as the amount falls to nothing. In the lat- 
ter case, the risk-averse person favors B because there 
isn’t much difference between 10% and 11%, but there’s 
a big difference between $1 million and $2.5 million. 
Thus the choice between A and B depends on the un- 
known amount, even though it is the same unknown 
amount independent of the choice. This flies in the face 
of the so-called independence axiom, that rational choice 
between two alternatives should depend only on how 
those two alternatives differ. Yet, if the amounts involved 
in the problem are reduced to tens of dollars instead of 
millions of dollars, people’s behavior tends to fall back in 
line with the axioms of rational choice. In this case, peo- 
ple tend to choose option B regardless of the unknown 
amount. Perhaps when presented with such huge num- 
bers, people begin to calculate qualitatively. For example, 
if the unknown amount is $1 million the options are 
essentially (A) a fortune guaranteed or (B) a fortune 
almost guaranteed with a small chance of a bigger for- 
tune and a tiny chance of nothing. Choice A is then 
rational. However, if the unknown amount is nothing, 
the options are (A) a small chance of a fortune ($1 mil- 
lion) and a large chance of nothing, and (B) a small 
chance of a larger fortune ($2.5 million) and a large 
chance of nothing. In this case, the choice of B is ratio- 
nal. Thus, the Allais paradox stems from our limited abil- 
ity to calculate rationally with such unusual quantities. 


almost perfect number 

A description sometimes applied to the powers of 2 
because the aliquot parts (proper divisors) of 2” sum to 
2” — 1. So a power of 2 is a deficient number (one that is 
less than the sum of its proper divisors), but only just. It 
isn’t known whether there is an odd number n whose 
divisors (excluding itself) sum to z — 1. 


alphamagic square 

A form of magic square, introduced by Lee Sallows,”’”*”*! 
in which the number of letters in the word for each number, 
in whatever language is being used, gives rise to another 
magic square. In English, for example, the alphamagic 
square: 


5 (five) 


28 (twenty-eight) 15 (fifteen) 
12 (twelve) 8 (eight) 


22 (twenty-two) 18 (eighteen) 
2 (two) 
25 (twenty-five) 


generates the square: 


9 8 
11 7 
6 5 10 


A surprisingly large number of 3 x 3 alphamagic squares 
exist—in English and in other languages. French allows just 
one 3 x 3 alphamagic square involving numbers up to 200, 
but a further 255 squares if the size of the entries is 
increased to 300. For entries less than 100, none occurs in 
Danish or in Latin, but there are 6 in Dutch, 13 in Finnish, 
and an incredible 221 in German. Yet to be determined is 
whether a 3 x 3 square exists from which a magic square 
can be derived that, in turn, yields a third magic square—a 
magic triplet. Also unknown is the number of 4 x 4 and 
5 x 5 language-dependent alphamagic squares. Here, for 
example, is a four-by-four English alphamagic square: 


26 37 48 59 
49 58 27 36 
57 46 39 28 
38 29 56 47 


alphametic 

A type of cryptarithm in which a set of words is written 
down in the form of a long addition sum or some other 
mathematical problem. The object is to replace the let- 
ters of the alphabet with decimal digits to make a valid 
arithmetic sum. The word alphametic was coined in 1955 
by James Hunter. However, the first modern alphametic, 
published by Henry Dudeney in the July 1924 issue of 
Strand Magazine, was “Send more money,” or, setting it 
out in the form of a long addition: 


SEND 


PUZZLES 
The reader is invited to try to solve the following ele- 
gant examples: 

1. Earth, air, fire, water: nature. (Herman Nijon) 

2. Saturn, Uranus, Neptune, Pluto: planets. (Peter J. 

Martin) 
3. Martin Gardner retires. (H. Everett Moore) 
Solutions begin on page 369. 


in his paintings and Escher is famed for his complicated 
tessellations and optical illusions. Mathematics also 
occurs naturally — in nature there are many examples 
of mathematical patterns and symmetry. For example, 
the patterns on the wings of a butterfly or moth are 
symmetrical, and the pattern of seeds on a sunflower 
head, the scales of a pinecone and the spiral of a snail's 
shell all follow the same sequence of numbers — called 
the Fibonacci sequence. 

Maths really is ubiquitous and having an 
understanding of the basics of mathematics is invaluable 


to many — arguably all — aspects of modern life. 


Only got a minute? X111 
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Two rules are obeyed by every alphametic. First, the 
mapping of letters to numbers is one-to-one; that is, 
the same letter always stands for the same digit, and the 
same digit is always represented by the same letter. Sec- 
ond, the digit zero isn’t allowed as the left-most digit in 
any of the numbers being added or in their sum. The 
best alphametics are reckoned to be those with only one 
correct answer. 


Altekruse puzzle 

A symmetrical 12-piece burr puzzle for which a patent 
was granted to William Altekruse in 1890. The Alte- 
kruse family is of Austrian-German origin and, curi- 
ously, the name means “old cross” in German, which 
has led some authors to incorrectly assume that it was a 
pseudonym. William Altekruse came to the United 
States as a young man in 1844 with his three brothers to 
escape being drafted into the German army. The 
Altekruse puzzle has an unusual mechanical action in 
the first step of disassembly by which two halves move 
in opposition to each other, unlike the more familiar 
burr types that have a key piece or pieces. Depending 
on how it is assembled, this action can take place along 
one, two, or all three axes independently but not simul- 
taneously. 


alternate 

A mathematical term with several different meanings: (1) 
Alternate angles are angles on opposite sides and opposite 
ends of a line that cuts two parallel lines. (2) A well-known 
theorem called the alternate segment theorem involves the 
segment on the opposite side of a given chord of a circle. 
(3) An alternate hypothesis in statistics is the alternative 
offered to the null hypothesis. (4) To alternate is to cycle 
backward and forward between two different values, for 
example, 0, 1, 0, 1,0,1,.... 


altitude 

A perpendicular line segment from one vertex of a figure 
or solid to an edge or face opposite to that vertex. Also 
the length of such a line segment. 


ambiguous figure 

An optical illusion in which the subject or the perspec- 
tive of a picture or shape may suddenly switch in the 
mind of the observer to another, equally valid possibil- 
ity. Often the ambiguity stems from the fact that the 
figure and ground can be reversed. An example of this is 
the vase/profile illusion, made famous by the Danish 
psychologist Edgar John Rubin (1886-1951) in 1915, 
though earlier versions of the same illusion can be 


ambiguous figure The Rubin vase illusion: one moment a 
vase, the next two people face to face. 


found in many eighteenth-century French prints depict- 
ing a variety of vases, usually in a naturalistic setting, 
and profiles of particular people. The same effect can be 
created in three dimensions with a suitably shaped solid 
vase. In some ambiguous figures, the features of a per- 
son or of an animal can suddenly be seen as different 
features of another individual. Classic examples include 
the old woman—young woman illusion and the duck- 
rabbit illusion. Upside-down pictures involve a special 
case of dual-purpose features in which the reversal is 
accomplished not mentally, by suddenly “seeing” the 
alternative, but physically, by turning the picture 180°. 
Ambiguity can also occur, particularly in some geomet- 
ric drawings, when there is confusion as to which are 
the front and the back faces of a figure, as in the Necker 
cube, the Thiery figure, and Schróder's reversible 
staircase. 


ambiguous connectivity 
See impossible figure. 


Ames room 

The famous distorted room illusion, named after the 
American ophthalmologist Adelbert Ames Jr. (1880- 
1955), who first constructed such a room in 1946 based 
on a concept by the German physicist Hermann Helm- 
holtz in the late nineteenth century. The Ames room 
looks cubic when seen with one eye through a specially 
positioned peephole; however, the room’s true shape is 
trapezoidal. The floor, ceiling, some walls, and the far 
windows are trapezoidal surfaces; the floor appears level 
but is actually at an incline (one of the far corners being 
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Ames room Misleading geometry makes these identical 
twins appear totally different in size. Technische Universitat, 
Dresden 


much lower than the other); and the walls are slanted 
outward, though they seem perpendicular to the floor. 
This shape makes it look as if people or objects grow or 
shrink as they move from one corner of the room to 
another. See also distortion illusion.” 1 


amicable numbers 

A pair of numbers, also known as friendly numbers, each 
of whose aliquot parts add to give the other number. 
(An aliquot part is any divisor that doesn’t include the 
number itself.) The smallest amicable numbers are 220 
(aliquot parts 1, 2, 4, 5, 10, 11, 20, 22, 44, 55, and 110, 
with a sum of 284) and 284 (aliquot parts 1, 2, 4, 71, 
and 142, with a sum of 220). This pair was known to the 
ancient Greeks, and the Arabs found several more. In 
1636, Pierre de Fermat rediscovered the amicable pair 
17,296 and 18,416; two years later René Descartes 
rediscovered a third pair, 9,363,584 and 9,437,056. In 
the eighteenth century, Leonhard Euler drew up a list 
of more than 60. Then, in 1866, B. Nicolo Paganini 
(not the violinist), a 16-year-old Italian, startled the 
mathematical world by announcing that the numbers 
1,184 and 1,210 were amicable. This second-lowest pair 
of all had been completely overlooked! Today, the tally 
of known amicable numbers has grown to about 2.5 
million. No amicable pair is known in which one of the 
two numbers is a square. An unusually high proportion 
of the numbers in amicable pairs ends in either 0 or 5. 
A happy amicable pair is an amicable pair in which both 
numbers are happy numbers; an example is 10,572,550 
and 10,854,650. See also Harshad number. 


amplitude 

Size or magnitude. The origin of the word is the same 
Indo-European ple root that gives us plus and comple- 
ment. The more immediate Latin source is amplus for 
“wide.” Today, amplitude is used to describe, among 
other things, the distance a periodic function varies 
from its central value, and the magnitude of a complex 
number. 


anagram 
The rearrangement of the letters of a word or phrase into 
another word or phrase, using all the letters only once. 
The best anagrams are meaningful and relate in some way 
to the original subject; for example, “stone age” and 
“stage one.” There are also many remarkable examples of 
long anagrams. “ “That's one small step for a man; one 
giant leap for mankind.’ Neil Armstrong” becomes “An 
‘Eagle’ lands on Earth’s Moon, making a first small per- 
manent footprint.” 


PUZZLES 
The reader is invited to untangle the following ana- 
grams that give clues to famous people: 
1. A famous German waltz god. 
2. Aha! lons made volts! 
3. I'll make a wise phrase. 
Solutions begin on page 369. 


An antonymous anagram, or antigram, has a meaning 
opposite to that of the subject text; for example, “within 
earshot” and “I won't hear this.” Transposed couplets, or 
pairagrams, are single word anagrams that, when placed 
together, create a short meaningful phrase, such as “best 
bets” and “lovely volley.” A rare transposed triplet, or tri- 
anagram, is “discounter introduces reductions.” See also 
pangram. 


anallagmatic curve 

A curve that is invariant under inversion (see in- 
verse). Examples include the cardioid, Cassinian ovals, 
limacon of Pascal, strophoid, and Maclaurin tri- 
sectrix. 


analysis 

A major branch of mathematics that has to do with 
approximating certain mathematical objects, such as 
numbers or functions, in terms of other objects that are 
easier to understand or to handle. A simple example of 
analysis is the calculation of the first few decimal places 


anamorphosis 15 


of pi by writing it as the limit of an infinite series. The 
origins of analysis go back to the seventeenth century, 
when people such as Isaac Newton began investigating 
how to approximate locally—in the neighborhood of a 
point—the behavior of quantities that vary continuously. 
This led to an intense study of limits, which form the 
basis of understanding infinite series, differentiation, 
and integration. 

Modern analysis is subdivided into several areas: real 
analysis (the study of derivatives and integrals of real- 
valued functions); functional analysis (the study of spaces 
of functions); harmonic analysis (the study of Fourier 
series and their abstractions); complex analysis (the study 
of functions from the complex plane to the complex plane 
that are complex differentiable); and nonstandard analy- 
sis (the study of hyperreal numbers and their functions, 
which leads to a rigorous treatment of infinitesimals and of 
infinitely large numbers). 


analytical geometry 

Also known as coordinate geometry or Cartesian geometry, 
the type of geometry that describes points, lines, and 
shapes in terms of coordinates, and that uses algebra to 
prove things about these objects by considering their 


coordinates. René Descartes laid down the foundations 
for analytical geometry in 1637 in his Discourse on the 
Method of Rightly Conducting the Reason in the Search for 
Truth in the Sciences, commonly referred to as Discourse on 
Method. This work provided the basis for calculus, 
which was introduced later by Isaac Newton and Gott- 
fried Leibniz. 


analytical number theory 

The branch of number theory that uses methods taken 
from analysis, especially complex analysis. It contrasts 
with algebraic number theory. 


anamorphosis 

The process of distorting the perspective of an image to 
such an extent that its normal appearance can only be 
restored by the observer completely changing the way he 
looks at the image. In catoptric anamorphosis, a curved 
mirror, usually of cylindrical or conical shape, is used to 
restore an anamorphic picture to its undistorted form. In 
other kinds of anamorphism, the observer has to change 
her viewing position—for example, by looking at the pic- 
ture almost along its surface. Some anamorphic art 
adds deception by concealing the distorted image in an 


anamorphosis 


“Self-portrait with Albert” is a clever example of anamorphic art by the Hungarian artist Istvan Orosz. The artist's 
hands over his desk and a small round mirror in which the artist's face is reflected can be seen in the etching. /stvan Orosz 


(continued) 
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anamorphosis (continued) A cylindrical mirror is placed over the circle. /stvan Orosz 


The mirror reveals a previously unsuspected aspect of the picture. The distorting effect of the curved mirror is to undistort a face 
hidden amid the shapes on the desk: the face of Albert Einstein. Orosz created this etching for an exhibition in Princeton, where 
the great scientist lived. /stvan Orosz 
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otherwise normal looking picture. At one time, artists 
who had the mathematical knowledge to create ana- 
morphic pictures kept their calculations and grids well- 
guarded secrets. Now it is relatively easy to create such 
images by computer. 


angle 


My geometry teacher was sometimes acute, and 
sometimes obtuse, but he was always right. 
—Anonymous 


The opening between two lines or two planes that meet; 
the word comes from the Latin angulus for “sharp 
bend.” Angles are measured in degrees. A right angle 
has 90°, an acute angle less than 90°, and an obtuse 
angle has between 90° and 180°. If an angle exceeds the 
straight angle of 180°, it is said to be convex. Comple- 
mentary angles add to 90°, and supplementary angles make 
a total of 180°. 


angle bisection 
See bisecting an angle. 


angle trisection 
See trisecting an angle. 


animals’ mathematical ability 

Many different species, including rats, parrots, pigeons, 
raccoons, and chimpanzees, are capable of doing simple 
calculations. Tests on dogs have shown that they have a 
basic grasp of cardinality—the number of things on offer. 
If they’re shown a pile of treats and then shown the pile 
again after it has been concealed and the number of 
treats changed slightly, they will react differently than if 
there’s been no change. However, not all purported ani- 
mal math talents stand the test of time. At the turn of 
the century, a horse named Clever Hans wowed audi- 
ences with his counting skills. His trainer would pose a 
problem, and the horse would tap out the answer. In the 
end, though, it was found that Hans couldn’t really add 
or subtract but was instead responding to subtle, unin- 
tended clues from its trainer, who would visibly relax 
when the horse reached the correct number. 


annulus 
The region between the smaller and the larger of two cir- 
cles that share a common center. 


antigravity houses and hills 

The House of Mystery in the Oregon Vortex, Gold Hill, 
Oregon, built during the Great Depression in the 1930s, 
can claim to be the first “antigravity house.” It spawned 


antigravity houses and hills Visitors to a “house of mystery,” 
believing that the floor of the house is horizontal, may be 
astonished by the apparent gravity-defying effects (right). All 
these effects are easily understood, however, when it is real- 
ized that the entire house tilts at the same angle as a hill on 
which it is built. 


many imitators around the United States and in other 
parts of the world. Such buildings give rise to some 
spectacular visual effects, which seem bewildering until 
the underlying cause is revealed. Of course, the visitor 
guides are not forthcoming about what is really going 
on and make fantastic claims about magnetic or gravita- 
tional anomalies, UFOs, or other weird and wonderful 
phenomena. The fact is that all the stunning effects 
stem from clever construction and concealment that 
make an incline seem like a horizontal in the mind of 
the visitor. All antigravity houses are built on hills, with 
a typical incline of about 25°. But unlike a normal 
house on the side of a hill, an antigravity house is built 
so that its walls are perpendicular to the (inclined) 
ground. In addition, the area around the house is sur- 
rounded by a tall fence that prevents the visitor from 
establishing a true horizontal. Thus compelled to fall 
back on experience, the visitor assumes that the floor of 
the house is horizontal and that the walls are vertical 
with respect to Earth’s gravity. All the stunning visual 
shenanigans follow from this. 

In addition to man-made antigravity illusions, there 
are also a number of remarkable natural locations 
around the world where gravity seems to be out of kilter. 
One example is the “Electric Brae,” known locally as 
Croy Brae, in Ayrshire, Scotland. This runs the quarter- 
mile from the bend overlooking the Croy railway 
viaduct in the west (86 meters above sea level) to the 
wooded Craigencroy Glen (92 meters above sea level) to 
the east. While there is actually a slope of 1 in 86 (a rise 
of 1 meter for every 86 meters horizontally) upward 
from the bend at the Glen, the configuration of the land 
on either side of the road creates the illusion that the 
slope runs the other way. The author is among countless 
folk who have parked their cars with the brakes off on 
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this stretch of road and been amazed to see it roll appar- 
ently uphill. See also distortion illusion. 


antimagic square 

An n x n square arrangement of the numbers 1 to n? such 
that the totals of the n rows and z columns and two long 
diagonals form a sequence of (27 + 2) consecutive integers. 
There are no antimagic squares of size 2 x 2 and 3 x 3 but 
plenty of them for larger sizes. Here is a 4 x 4 example: 


t 133 12 
159 4 10 
7 2 16 8 
14 6 11 5 


See also magic square. 


antiprism 

A semi-regular polyhedron constructed from two x-sided 
polygons and 27 triangles. An antiprism is like a prism in 
that 1t contains two copies of any chosen regular polygon, 
but is unlike a prism in that one of the copies is given a 


slight twist relative to the other. The polygons are con- 
nected by a band of triangles pointing alternately up and 
down. At each vertex, three triangles and one of the chosen 
polygons meet. By spacing the two polygons at the proper 
distance, all the triangles become equilateral. Antiprisms 
are named square antiprisms, pentagonal antiprisms, and 
so on. The simplest, the triangular antiprism, is better 
known as the octahedron. 


aperiodic tiling 

A tiling made from the same basic elements or tiles that 
can cover an arbitrarily large surface without ever 
exactly repeating itself. For a long time it was thought 
that whenever tiles could be used to make an aperiodic 
tiling, those same tiles could also be fitted together in a 
different way to make a periodic tiling. Then, in the 
1960s, mathematicians began finding sets of tiles that 
were uniquely aperiodic. In 1966, Robert Berger pro- 
duced the first set of 20,426 aperiodic tiles, and soon 
lowered this number to 104. Over the next few years, 
other mathematicians reduced the number still further. 


antiprism A pentagonal antiprism. Robert Webb, wwwsoftware3d.com; created using Webb's Stella program 
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In 1971, Raphael Robinson found a set of six aperiodic 
tiles based on notched squares; then, in 1974, Roger 
Penrose found a set of two colored aperiodic tiles (see 
Penrose tilings). The coloring can be dispensed with if 
the pieces are notched. There is a set of three convex 
(meaning no notches) aperiodic tiles, but it isn’t known 
if there is a set of two such tiles or even a single tile (see 
Einstein problem). In three dimensions, Robert Am- 
mann found two aperiodic polyhedra, and Ludwig 
Danzer found four aperiodic tetrahedra. 


Apéry's constant 

The number defined by the formula £/(3) = S 1 1#, 
where € is the Riemann zeta function: It has the value 
1.202056 ... and gives the odds (1 in 1.202056...) of 
any three positive integers, picked at random, having no 
common divisor. In 1979, the French mathematician 
Roger Apéry (1916-1994) stunned the mathematical 
world with a proof that this number is irrational." "! 
Whether it is a transcendental number remains an open 
question. 


apex 
The vertex of a cone or a pyramid. 


apocalypse number 
See beast number. 


Apollonius of Perga (c. 255-170 B.C.) 

A highly influential Greek mathematician (born in a 
region of what is now Turkey), known as the “Great 
Geometer,” whose eight-part work On Conics introduced 
such terms as ellipse, parabola, and hyperbola. Euclid and 
others had written earlier about the basic properties of 
conic sections but Apollonius added many new results, 
particularly related to normals and tangents to the vari- 
ous conic curves. One of the most famous questions 
he raised is known as the Apollonius problem. He 
also wrote widely on other subjects including science, 
medicine, and philosophy. In On the Burning Mirror he 
showed that parallel rays of light are not brought to a 
focus by a spherical mirror (as had been previously 
thought), and he discussed the focal properties of a para- 
bolic mirror. A few decades after his death, Emperor 
Hadrian collected Apollonius’s works and ensured their 
publication throughout his realm. 


Apollonius problem 

A problem first recorded in Tangencies, written around 
200 B.C. by Apollonius of Perga. Given three objects in 
the plane, each of which may be a circle C, a point P (a 
degenerate circle), or a line L (part of a circle with infinite 
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Apollonius problem The Apollonian gasket. 


radius), find another circle that is tangent to (just 
touches) each of the three. There are ten cases: PPP, PPL, 
PEL, LLL, PPC, PLC, LLC, LCC, PCC, CCC. The two 
easiest involve three points or three straight lines and 
were first solved by Euclid. Solutions to the eight other 
cases, with the exception of the three-circle problem, 
appeared in Tangencies; however, this work was lost. The 
most difficult case, to find a tangent circle to any three 
other circles, was first solved by the French mathemati- 
cian François Viète (1540-1603) and involves the simul- 
taneous solution of three quadratic equations, although, 
in principle, a solution could be found using just a com- 
pass and a straightedge. Any of the eight circles that is a 
solution to the general three-circle problem is called an 
Apollonius circle. If the three circles are mutually tangent 
then the eight solutions collapse to just two, which are 
known as Soddy circles. A fractal is produced by starting 
with three mutually tangent circles and creating a 
fourth—the inner Soddy circle—that is nested between the 
original three. The process is repeated to yield three more 
circles nested between sets of three of these, and then 
repeated again indefinitely. The points that are never 
inside a circle form a fractal set called the Apollonian gas- 
ket, which has a fractional dimension of about 1.30568. 


apothem 

Also known as a short radius, the perpendicular distance 
from the center of a regular polygon to one of its sides. 
It is the same as the radius of a circle inscribed in the 


polygon. 
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apotome 

One of Euclid's categories of irrational numbers. An 
apotome has the form V(VA — VB). The corresponding 
number with a “+” sign is called a binomial in Euclid’s 


scheme. 


applied mathematics 
Mathematics for the sake of its use to science or society. 


Arabic numeral 
A numeral written with an Arabic digit alone: 0, 1, 2, 3, 4, 
5, 6, 7, 8, 9, or in combination: 10, 11, 12,...594,.... 


arbelos 

A figure bounded by three semicircles 4B, BC, and AC, 
where ABC is a straight line. Archimedes (about 250 B.C.) 
called it an arbelos—the Greek word for a knife of the same 
shape used by shoemakers to cut and trim leather—and 
wrote about it in his Liber assumptorum (Book of lemmas). 
Among its properties are that the sum of the two smaller 
arc lengths is equal to the larger; the area of the arbelos is 
T/4 times the product of the two smaller diameters (4B 
and BC); and the area of the arbelos is equal to the area of 
a circle whose diameter is the length of a perpendicular 
segment drawn from the tangent point B of the two 
smaller semicircles to the point D, where it meets the larger 
semicircle. The circles inscribed on each half of BD of the 
arbelos (called Archimedes’s circles) each have a diameter of 
(AB)(BC)/(AC). Furthermore, the smallest circumcircle 
of these two circles has an area equal to that of the arbelos. 
Pappus of Alexandria wrote on the relations of the chain 
of circles, Ci, Cz, C, . . . (called a Pappus chain or an arbelos 
train) that are mutually tangent to the two largest semicir- 
cles and to each other. The centers of these circles lie on an 
ellipse and the diameter of the wth circle is (1/7) times the 
base of the perpendicular distance to the base of the semi- 
circle. 


A a B C 


arbelos A Pappus chain of circles, C,, C, C;,..., inside an 


arbelos (shaded region). 


arc 

Any part of a curved line or part of the circumference of 
a circle; the word comes from the Latin arcus for a bow, 
which also gives rise to arch. Arc length is the distance 
along part of a curve. 


arch 

A strong, curved structure, traditionally made from 
wedge-shaped elements, that may take many different 
forms and that provides both an opening and a support 
for overlying material. Two common forms are the semi- 
circular arch, first used by the Romans, and the pointed 
Gothic arch. The semicircular arch is the weaker of the 
two because it supports all the weight on the top and 
tends to flatten at its midpoint. It also requires massive 
supporting walls since all the stress on the arch acts purely 
downward. The pointed arch, by contrast, directs stresses 
both vertically and horizontally, so that the walls can be 
thinner, though buttressing may be required to prevent 
the walls from collapsing sideways. See also Vesica Piscis. 


Archimedean dual 
See Catalan solid. 


Archimedean solid 

A convex semi-regular polyhedron; a solid made from 
regular polygonal sides of two or more types that meet in 
a uniform pattern around each corner. (A regular poly- 
hedron, or Platonic solid, has only one type of polygo- 
nal side.) There are 13 Archimedean solids (see table 
“Archimedian Solids”). Although they are named after 
their discoverer, the first surviving record of them is in 
the fifth book of the Mathematical Collection of Pappus of 
Alexandria. The duals of the Archimedean solids (made 
by replacing each face with a vertex, and each vertex with 
a face) are commonly known as Catalan solids. Apart 
from the Platonic and Archimedean solids, the only 
other convex uniform polyhedra with regular faces are 
prisms and antiprisms. This was shown by Johannes 
Kepler, who also gave the names generally used for the 
Archimedean solids. See also Johnson solid. 


Archimedean spiral 

A spiral, like that of the groove in a phonograph record, 
in which the distance between adjacent coils, measured 
radially out from the center, is constant. Archimedes was 
the first to study it and it was the main subject of his trea- 
tise On Spirals. The Archimedean spiral has a very simple 
equation in polar coordinates (r, 8): 


r=a+b0 


where a and b can be any real numbers. Changing the 
parameter a turns the spiral, while b controls the distance 
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Archimedean Solids 


Number of 
Name Vertices Faces Edges 
Truncated tetrahedron 8=4+4 12 18 
Truncated cube 14=8+6 24 36 
Truncated octahedron 14=6+8 24 36 
Truncated dodecahedron 32 = 20+ 12 60 90 
Truncated icosahedron 32 =12+20 60 90 
Cuboctahedron 14=8+6 12 24 
Icosidodecahedron 32 = 20 + 12 30 60 
Snub dodecahedron 92 = 80 + 12 60 150 
Rhombicuboctahedron 26=8+18 24 48 
Great rhombicosidodecahedron 62 = 30 + 20+ 12 120 180 
Rhombicosidodecahedron 62 = 20 + 30 + 12 60 120 
Great rhombicuboctahedron 26=8+12+6 48 72 
Snub cube 38 =32+6 24 60 


Archimedean solid The complete set of Archimedean solids, starting far left and going clockwise: truncated cube, small rhom- 
bicuboctahedron, great rhombicuboctahedron, snub cube, snub dodecahedron, great rhombicosidodecahedron, small rhombi- 
cosidodecahedron, truncated dodecahedron, truncated icosahedron (soccer ball), icosidodecahedron, truncated tetrahedron, 
cuboctahedron, and truncated octahedron. Robert Webb, www.software3d.com; created using Webb's Stella program 
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between the arms. The Archimedean spiral is distin- 
guished from the logarithmic spiral by the fact that suc- 
cessive arms have a fixed distance (equal to 27 if 8 is 
measured in radians), whereas in a logarithmic spiral 
these distances form a geometric sequence. Note that 
the Archimedean spiral has two possible arms that coil in 
opposite directions, one for 9 > 0 and the other for 6 < 0. 
Many examples of spirals in the man-made world, such 
as a watch spring or the end of a rolled carpet, are either 
Archimedean spirals or another curve that is very much 
like it, the circle involute. 


Archimedean tessellation 

Also known as a semiregular tessellation, a tiling that uses 
only regular polygons arranged so that two or more differ- 
ent polygons are around each vertex and each vertex 
involves the same pattern of polygons. There are eight 
such tessellations, two involving triangles and squares, two 
involving triangles and hexagons, and one each involving 
squares and octagons; triangles and dodecagons; squares, 
hexagons, and dodecagons; and triangles, squares, and 
hexagons. 


Archimedes of Syracuse (c. 287-212 B.c.) 

One of the greatest mathematicians and scientists of all 
time. He became a popular figure because of his involve- 
ment in the defense of Syracuse against the Roman siege 
in the first and second Punic Wars when his war ma- 
chines helped keep the Romans at bay. He also devised a 
scheme to move a full-size ship, complete with crew and 
cargo, by pulling a single rope, and invented the irriga- 
tion device known as the Archimedean screw. According 
to one of many legends about him, he is said to have dis- 
covered the principle of buoyancy while taking a bath 
and then ran into the street naked shouting “eureka” (“I 
found it!”). 

In his book The Sand-Reckoner, he described a posi- 
tional number system and used it to write the equiva- 
lent of numbers up to 8 x 10°—the number of grains of 
sand he thought it would take to fill the universe. He 
devised a rule-of-thumb method to do private calcula- 
tions that closely resembles integral calculus (2,000 
years before its “discovery”), but then switched to geo- 
metric proof for his results. He demonstrated that the 
ratio of a circle’s perimeter to its diameter is the same as 
the ratio of the circle’s area to the square of the radius. 
Although he didn’t call this ratio “pi,” he showed how 
to work it out to arbitrary accuracy and gave an approx- 
imation of it as “exceeding 3 in less than 1⁄7 but more 
than 1%.” 

Archimedes was the first, and possibly the only, 
Greek mathematician to introduce mechanical curves 


(those traced by a moving point) as legitimate objects 
of study, and he used the Archimedean spiral to 
square the circle. He proved that the area and volume 
of the sphere are in the same ratio to the area and vol- 
ume of a circumscribed straight cylinder, a result that 
pleased him so much that he made it his epitaph. 
Archimedes is probably also the first mathematical 
physicist on record, and the best before Galileo and 
Isaac Newton. He invented the field of statics, enunci- 
ated the law of the lever, the law of equilibrium of flu- 
ids, and the law of buoyancy, and was the first to 
identify the concept of center of gravity. He is also, 
perhaps erroneously, credited with the invention of 
a square dissection puzzle known as the loculus of 
Archimedes. Many of his original works were lost 
when the library at Alexandria burned down and they 
survive only in Latin or Arabic translations. Plutarch 
wrote of him: “Being perpetually charmed by his famil- 
iar siren, that is, by his geometry, he neglected to eat 
and drink and took no care of his person; that he was 
often carried by force to the baths, and when there he 
would trace geometrical figures in the ashes of the fire, 
and with his finger draws lines upon his body when it 
was anointed with oil, being in a state of great ecstasy 
and divinely possessed by his science.” 


Archimedes's cattle problem 

A fiendishly hard problem involving very large num- 
bers that Archimedes presented in a 44-line letter to 
Eratosthenes, the chief librarian at Alexandria. It ran as 
follows: 


If thou art diligent and wise, O stranger, compute 
the number of cattle of the Sun, who once upon a 
time grazed on the fields of the Thrinacian isle of 
Sicily, divided into four herds of different colors, 
one milk white, another a glossy black, a third yel- 
low and the last dappled. In each herd were bulls, 
mighty in number according to these proportions: 
Understand, stranger, that the white bulls were 
equal to a half and a third of the black together 
with the whole of the yellow, while the black were 
equal to the fourth part of the dappled and a fifth, 
together with, once more, the whole of the yellow. 
Observe further that the remaining bulls, the dap- 
pled, were equal to a sixth part of the white and a 
seventh, together with all of the yellow. These were 
the proportions of the cows: The white were pre- 
cisely equal to the third part and a fourth of the 
whole herd of the black; while the black were equal 
to the fourth part once more of the dappled and 
with it a fifth part, when all, including the bulls, 
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Only got five minutes? 


The word ‘mathematics’ originally comes from the Greek for 
knowledge and science. To most people maths means arithmetic — 
addition, subtraction, multiplication and division — which are the 
building blocks for maths. Without these we couldn't interpret large 
sets of data, solve an equation or work out the area of a shape. 


We live in a technological age and mathematics underpins all of 
this technology — without mathematics none of the luxuries of 
modern life that we all take for granted would be possible. It is 
hard to think of an aspect of modern life that is not reliant in some 
way on technology and therefore mathematics. Mathematics is 
also intrinsic to many careers: civil engineers rely on mathematics 
to work out whether the bridge they are building will actually 
support a given load and surveyors use trigonometry to calculate 
the distance between two points. Also, insurance companies use 
complex probability tables for their life assurance policies, the 
self-employed will need to use percentages to file their tax returns, 
while pharmacists use formulae to work out the correct dosage for 
a particular drug and sportspeople are constantly using forms of 
intuitive mathematics. 


Many people lack confidence in mathematics and feel that they are 
not very good in this subject. For some reason it seems acceptable 
to say, “Oh, Pm hopeless at maths”, in a way that would not be 
accepted about reading or writing. This lack of confidence is often 
rooted in negative experiences when at school — not ‘getting’ a 
difficult concept, new idea or solution to a problem. However, 
without realising it, every day we are using maths. Working out 
which box of cereal is best value for money involves proportion. 
Placing a bet on a horse requires an understanding of probability. 
Calculating the best mobile phone tariff involves using simple 
formulae. Working out how much tax you should pay for your 
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went to pasture together. Now the dappled in four 
parts were equal in number to a fifth part and a 
sixth of the yellow herd. Finally the yellow were in 
number equal to a sixth part and a seventh of 
the white herd. If thou canst accurately tell, O 
stranger, the number of cattle of the Sun, giving 
separately the number of well-fed bulls and again 
the number of females according to each color, 
thou wouldst not be called unskilled or ignorant of 
numbers, but not yet shalt thou be numbered 
among the wise. 

But come, understand also all these conditions 
regarding the cattle of the Sun. When the white 
bulls mingled their number with the black, they 
stood firm, equal in depth and breadth, and the 
plains of Thrinacia, stretching far in all ways, were 
filled with their multitude. Again, when the yellow 
and the dappled bulls were gathered into one herd 
they stood in such a manner that their number, 
beginning from one, grew slowly greater till it com- 
pleted a triangular figure, there being no bulls of 
other colors in their midst nor none of them lack- 
ing. If thou art able, O stranger, to find out all these 
things and gather them together in your mind, giv- 
ing all the relations, thou shalt depart crowned with 
glory and knowing that thou hast been adjudged 
perfect in this species of wisdom. 


The answer to the first part of the problem—the smallest 
solution for the total number of cattle—turns out to be 
50,389,082. But when the extra two constraints in the 
second part are factored in, the solution is vastly larger. 
The approximate answer of 7.76 x 10%%% was found in 
1880 by A. Amthor, having reduced the problem to a 
form called a Pell equation." His calculations were con- 
tinued by an ad hoc group called the Hillsboro Mathe- 
matical Club, of Hillsboro, Illinois, between 1889 and 
1893. The club's three members (Edmund Fish, George 
Richards, and A. H. Bell) calculated the first 31 digits 
and the last 12 digits of the smallest total number of cat- 
tle to be 


77602714064868 18269530232833209 . .. 719455081800 


though the two digits in bold should be 13.P" In 1931, a 
correspondent to the New York Times wrote: “Since it has 
been calculated that it would take the work of a thou- 
sand men for a thousand years to determine the com- 
plete [exact] number [of cattle], it is obvious that the 
world will never have a complete solution.” But obvious 
and never are words designed to make fools of prognosti- 
cators. Enter the computer. In 1965, with the help of an 
IBM 7040, H. C. Williams, R. A. German, and 


C. R. Zarnke reported a complete solution to the cattle 
problem, though it was 1981 before all 202,545 digits 
were published, by Harry Nelson, who used a Cray-1 
supercomputer to generate the answer, which begins: 
7.7602714064868 18269530232833213 . . . x 107074 B41 


Archimedes's square 
See loculus of Archimedes. 


area 

A measure of surface extension in two-dimensional 
space. Area is the Latin word for a vacant piece of level 
ground and still carries this common meaning. The 
Erench shortened form are denotes a square of land with 
a side length of 10 meters, that is, an area of 100 square 
meters. A hectare is a hundred are. 


area codes 

North American telephone area codes seem to have 
been chosen at random. But there was a method to their 
selection. In the mid-1950s when direct dialing of long- 
distance calls first became possible, it made sense to 
assign area codes that took the shortest time to dial to 
the larger cities. Almost all calls were from rotary dials. 
Area codes such as 212, 213, 312, and 313 took very lit- 
tle time for the dial to return to its starting position 
compared, for example, to numbers such as 809, 908, 
709. The quickest-to-dial area codes were assigned to the 
places expected to receive the most direct-dialed calls. 
New York City got 212, Chicago 312, Los Angeles 213, 
and Washington, D.C., 202, which is a little longer to 
dial than 212, but much shorter than others. In order of 
decreasing size and estimated amount of telephone traf- 
fic, the numbers grew larger: San Francisco got 415, 
Miami 305, and so on. At the other end of the spectrum 
came places like Hawaii (the last state annexed in 1959) 
with 808, Puerto Rico with 809, and Newfoundland with 
709. The original plan (still in use until about 1993) was 
that area codes had a certain construction to the num- 
bers: the first digit is 2 through 9, the second digit is 0 or 
1, and the third digit is 1 through 9. Three-digit numbers 
with two zeros are special codes, that is, 700, 800, or 900. 
Three-digit numbers with two ones are for special local 
codes such as 411 for local directory assistance, 611 for 
repairs, and so forth. 


Argand diagram 

A way of representing complex numbers as points on 
a coordinate plane, also known as the Argand plane or 
the complex plane, using the x-axis as the real axis and 
the y-axis as the imaginary axis. It is named for the 
French amateur mathematician Jean Robert Argand 
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(1768-1822) who described it in a paper in 1806.'* 
John Wallis suggested a similar method 120 years ear- 
lier and Casper Wessel extensively developed it. But 
Wessel’s paper was published in Danish and wasn’t cir- 
culated in the languages more common to mathemat- 
ics at that time. In fact, it wasn’t until 1895 that his 
paper came to the attention of the mathematical com- 
munity—long after the name “Argand diagram” had 
stuck. 


argument 

(1) The input for a function. (2) The angle between ZO, 
where Z is the point representing a complex number on 
an Argand diagram and O is the origin, and the real 
axis. (3) A mathematical proof, possibly an informal 
one. 


Aristotle’s wheel 

A paradox mentioned in the ancient Greek text Mechan- 
ica, whose author is unknown but is suspected by some 
to have been Aristotle. The paradox concerns two 
concentric circles on a wheel, as shown in the diagram. A 
one-to-one correspondence exists between points on the 
larger circle and those on the smaller circle. Therefore, 
the wheel should travel the same distance regardless of 
whether it is rolled from left to right on the top straight 
line or on the bottom one. This seems to imply that the 
two circumferences of the different-sized circles are 
equal, which is impossible. How can this apparent con- 
tradiction be resolved? The key lies in the (false) assump- 
tion that a one-to-one correspondence of points means 
that two curves must have the same length. In fact, the 
cardinalities of points in a line segment of any length 
(or even an infinitely long line or an infinitely large 
n-dimensional Euclidean space) are all the same. See also 


infinity. 
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Aristotle’s wheel The outer circle turns once when going 
from A to B, as does the inner circle when going from C to D. 
Yet AB is the same length as CD. How can this be, since the 
circles are a different size? 


arithmetic 

A branch of mathematics concerned with doing calcula- 
tions with numbers using addition, subtraction, multipli- 
cation, and division. 


arithmetic mean 
The sum of given numbers divided by z. See also geo- 
metric mean and harmonic mean. 


arithmetic sequence 
Also known as an arithmetic progression, a finite sequence 
of at least three numbers, or an infinite sequence, whose 
terms differ by a constant, known as the common differ- 
ence. For example, starting with 1 and using a com- 
mon difference of 4 we can get the finite arithmetic 
sequence: 1, 5, 9, 13, 17, 21, and also the infinite 
sequence 1, 5, 9, 13, 17, 21, 25, 29,...,4”+1,....In 
general, the terms of an arithmetic sequence with the 
first term a, and common difference d, have the form 
a, = dn + a (n= 1,2, 3,...). Does every increasing 
sequence of integers have to contain an arithmetic pro- 
gression? Surprisingly, the answer is no. To construct a 
counterexample, start with 0. Then for the next term in 
the sequence, take the smallest possible integer that doesn’t 
cause an arithmetic progression to form in the sequence 
constructed thus far. (There must be such an integer 
because there are infinitely many integers beyond the 
last term, and only finitely many possible progressions 
that the new term could complete.) This gives the nonar- 
ithmetic sequence 0, 1, 3, 4, 9, 10, 12, 13, 27, 28,.... 
If the terms of an arithmetic sequence are added 
together the result is an arithmetic series, dy + (aa +d ) +... + 
(a, + (n — 1d ), the sum of which is given by: 


S, = n/2 (240 + (n —1)d) = n/2 (a, + 4). 


See also geometric sequence. 


around the world game 
See Icosian game. 


array 
A set of numbers presented in a particular pattern, usu- 
ally a grid. Matrices (see matrix) and vectors are exam- 
ples of arrays. 


Arrow paradox 

The oldest and best-known paradox related to vot- 
ing. The American economist Kenneth Arrow (1921-) 
showed that it is impossible to devise a perfect demo- 
cratic voting system. In his book Social Choice and Indi- 
vidual Values," Arrow identified five conditions that 
are universally regarded as essential for any system in 
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which social decisions are based on individual voting 
preferences. The Arrow paradox is that these five condi- 
tions are logically inconsistent: under certain condi- 
tions, at least one of the essential conditions will be 
violated. 


arrowhead 
See dart. 


artificial intelligence (Al) 

The subject of “making a machine behave in ways that 
would be called intelligent if a human were so behaving,” 
according John McCarthy, who coined the term in 1955. 
How can we tell if a computer has acquired AI at a 
human level? One way would be to apply the Turing 
test, though not everyone agrees that this test is fool- 
proof (see Chinese room). Certainly, AI has not devel- 
oped at nearly the rate many of its pioneers expected 
back in the 1950s and 1960s. Meanwhile, progress in 
fields such as neural networks and fuzzy logic continues 
to be made, and most computer scientists have no doubt 
that it is only a matter of time before computers are out- 
performing their biological masters in a wide variety of 
tasks beyond those that call for mere number-crunching 
ability. 


artificial life 

A lifelike pattern that may emerge from a cellular 
automaton and appear organic in the way it moves, 
grows, changes shape, reproduces, aggregates, and dies. 
Artificial life was pioneered by the computer scientist 
Chris Langton, and has been researched extensively at 
the Santa Fe Institute. It is being used to model various 
complex systems such as ecosystems, the economy, 
societies and cultures, and the immune system. The 
study of artificial life, though controversial, promises 
insights into natural processes that lead to the buildup 
of structure in self-organizing (see self-organization) 
systems. 


associative 
Three numbers, x, y, and z, are said to be associative under 


addition if 
x+ (y+z) = (x+y) +z, 
and to be associative under multiplication if 
xX (y Xz) = (xX y) Xz. 


In general, three elements a, b, and c of a set S are asso- 
ciative under the binary operation (an operation that 
works on two elements at a time) * if 


a* (b* c) = (a* dD) * 6. 


The word incorporates the Greek root socz, from which 
we also get social, and may have been first used in the 
modern mathematical sense by William Hamilton 
around 1850. Compare with distributive and commu- 
tative. 


astroid 

A hypocycloid—the path of a point on a circle rolling 
inside another circle—for which the radius of the inner cir- 
cle is four times smaller than that of the larger circle; this 
ratio results in the astroid having four cusps. The astroid 
was first studied by the Danish astronomer Ole Romer in 
1674, in his search for better shapes for gear teeth, and 
later by Johann Bernoulli (1691) (see Bernoulli family), 
Gottfried Leibniz (1715), and Jean d’Alembert (1748). Its 
modern name comes from the Greek aster for “star” and 
was introduced in a book by Karl Ludwig von Littrow 
published in Vienna in 1836; before this, the curve had a 
variety of names, including tetracuspid (still used), cubo- 
cycloid, and paracycle. The astroid has the Cartesian 
equation 


where 7 is the radius of the fixed outer circle, and 7/4 is 
the radius of the rolling circle. Its area is 31tr?/8, or *2 
times that of the rolling circle, and its length is 67. The 
astroid is a sextic curve and also a special form of a 
Lamé curve. It has a remarkable relationship with the 
quadrifolium (see rose curve): the radial, pedal, and 
orthoptic of the astroid are the quadrifolium, while 
the catacaustic of the quadrifolium is the astroid. The 


astroid As a small circle rolls around the inside of a larger 
one with exactly four times its circumference, a point on the 
rim of the small circle traces out an astroid. © Jan Wassenaar, 
www.2dcurves.com 
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astroid is also the catacaustic of the deltoid and the 
evolute of the ellipse. 


asymptote 

A curve that gets closer and closer to a fixed straight line 
without ever actually touching it. Imagine facing along 
the direction of a great wall that is just a meter to your 
left. Every second, you walk forward a meter and at the 
same time move sideways slightly so that you halve the 
distance between you and the wall. The path you follow 
is an asymptote. The word comes from the Greek roots a 
(not), sum (together), and pzptein (to fall), so that it liter- 
ally means “not falling together” and was originally used 
in a wider sense to describe any two curves that don't 
intersect. Proclus writes about both asymptotic lines and 
symptotic lines (those that do cross). Nowadays, “symp- 
totic” is almost never heard, and “asymptote” is used 
mainly to denote lines that serve as a limiting barrier for 
some curve as one of its parameters approaches plus or 
minus infinity. The “~” symbol is often used to show that 
one function is asymptotic to another. For example, 
f(x) ~ g(x) indicates that the ratio of the functions f(x) to 
g(x) approaches 1 as x tends to infinity. Asymptotes are 
not always parallel to the x- and y-axes, as shown by the 
graph of x + 1/x, which is asymptotic to both the y-axis 
and the diagonal line y = x. 


Atiyah, Michael Francis (1929-) 

An English mathematician who has contributed to 
many topics in mathematics, notably dealing with the 
relationships between geometry and analysis. In topol- 
ogy, he developed K-theory. He proved the index theorem 
on the number of solutions of elliptic differential equa- 
tions, linking differential geometry, topology, and 
analysis—a theorem that has been usefully applied to 
quantum theory. Atiyah was influential in initiating work 
on gauge theories and applications to nonlinear differen- 
tial equations, and in making links between topology and 
quantum field theory. Theories of superspace and super- 
gravity, and string theory, were all developed using ideas 
introduced by him. 


Atomium, the 

A giant steel monument in Heysel Park, Brussels, Bel- 
gium, consisting of 9 spheres that represent the body- 
centered cubic structure of an iron crystal magnified 150 
billion times. Designed by the architect André Waterkeyn 
and built for the 1958 World’s Fair, the 103-meter-high 
Atomium was originally meant to stand for only 6 
months. It may be the world’s largest cube. Each of its 
spheres have a diameter of 18 meters and are connected 
by escalators. Three of the upper spheres have no vertical 


support, and so for safety reasons are not open to the pub- 
lic. However, the top sphere offers a panoramic view of 
Brussels through its windows, and the lower spheres con- 
tain various exhibitions. 


attractor 

A trajectory, or set of points in phase space, toward 
which nearby orbits converge, and which is stable. Spe- 
cific types of attractor include fixed-point attractor, peri- 
odic attractor, and chaotic attractor. 


Aubel's theorem 

Given a quadrilateral and a square drawn on each side of 
it, the two lines connecting the centers of the squares on 
opposite sides are perpendicular and of equal length. 


autogram 
See self-enumerating sentence. 


automorphic number 

Also known as an automorph, a number n whose square 
ends in 2. For instance 5 is automorphic, because 
5* = 25, which ends in 5. A number z is called trimorphic 
if n° ends in n. For example 49° = 117,649, is trimor- 
phic. Not all trimorphic numbers are automorphic. A 
number z is called tri-automorphic if 3n? ends in n; for 
example 6,667 is tri-automorphic because 3 x 667° = 
133,346,667 ends in 7. 


automorphism 

An isomorphism from a set onto itself. An automorphism 
group of a group G is the group formed by the automor- 
phisms of G (byections from G to itself that preserve the 
multiplication). Similarly, one can consider the auto- 
morphism groups of other structures such as rings and 
graphs, by looking at bijections that preserve their math- 
ematical structure. 


Avagadro constant 

One of the best known examples of a large number in 
science. It is named after the Italian physicist Amedio 
Avagadro (1776-1856) and is defined as the number of 
carbon atoms in 12 grams of pure carbon, or, more gen- 
erally as the number of atoms of n grams in an element 
with atomic weight z. It has the value 6.02214199 x 10”. 


average 
A vague term that usually refers to the arithmetic mean 
but can also signify the median, mode, geometric mean, 
or weighted mean. The word stems from a commercial 
practice of the shipping age. The root aver means to 
declare, and the shippers of goods would declare the 
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value of their goods. When the goods were sold, a deduc- 
tion was made from each person’s share, based on their 
declared value, for a portion of the loss or “average.” 


axiom 

A statement that is considered to be true without need 
of proof. The term axiom comes from the Greek axzos 
meaning “worthy” and was used by many Greek philoso- 
phers and mathematicians, including Aristotle. Curi- 
ously, Euclid, whose axioms are best known of all, seems 
to have favored a more general phrase meaning “com- 
mon notion.” 


axiom of choice 
An axiom in set theory that is one of the most controver- 
sial axioms in mathematics; it was formulated in 1904 by 
the German mathematician Ernst Zermelo (1871-1953) 
and, at first, seems obvious and trivial. Imagine there are 
many—possibly an unlimited number of—boxes in front of 
you, each of which has at least one thing in it. The axiom 
of choice (AC) says simply that you can always choose one 
item out of each box. More formally, if S is a collection of 
nonempty sets, then there exists a set that has exactly one 
element in common with every set S of $. Put another 
way, there exists a function f with the property that, for 
each set Sin the collection, f(S) isa member of S. Bertrand 
Russell summed it up neatly: “To choose one sock from 
each of infinitely many pairs of socks requires the Axiom 
of Choice, but for shoes the Axiom is not needed.” His 
point is that the two socks in a pair are identical in 
appearance, so, to pick one of them, we have to make an 
arbitrary choice. For shoes, we can use an explicit rule, 
such as “always choose the left shoe.” Russell specifically 
mentions infinitely many pairs, because if the number is 
finite then AC is superfluous: we can pick one member 
of each pair using the definition of “nonempty” and then 
repeat the operation finitely many times using the rules 
of formal logic. 

AC lies at the heart of a number of important mathe- 
matical arguments and results. For example, it is equiv- 


alent to the well-ordering principle, to the statement that 
for any two cardinal numbers m and x, then m < n or 
m=n orm>n, and to Tychonoff’s theorem (the product of 
any collection of compact spaces in topology is com- 
pact). Other results hinge upon it, such as the assertion 
that every infinite set has a denumerable subset. Yet AC 
was strongly attacked when it was first suggested, and 
still makes some mathematicians uneasy. The central 
issue is what it means to choose something from the sets 
in question and what it means for the choosing func- 
tion to exist. This problem is brought into sharp focus 
when S happens to be the collection of all nonempty 
subsets of the real numbers. No one has ever found a 
suitable choosing function for this collection, and there 
are good reasons to suspect that no one ever will. AC 
just mandates that there zs such function. Because AC 
conjures up sets without offering workable procedures, 
it is said to be nonconstructive, as are any theorems whose 
proofs involve AC. Another reason that some mathe- 
maticians aren’t greatly enamored with AC is that it 
implies the existence of some bizarre counterintuitive 
objects, the most famous and notorious example of 
which is the Banach-Tarski paradox. The main reason 
for accepting AC, as the majority of mathematicians do 
(albeit often reluctantly), is that it is useful. However, as 
a result of work by Kurt Gödel and, later, by Paul 
Cohen, it has been proven to be independent of the 
remaining axioms of set theory. Thus there are no con- 
tradictions in choosing to reject it; among the alterna- 
tives are to adopt a contradictory axiom or to use a 
completely different framework for mathematics, such 
as category theory. 


axis 

A line with respect to which a curve or figure is drawn, 
measured, rotated, and so forth. The word comes from 
the Greek root aks for a point of turning or rotation and 
seems to have first been used in English by Thomas 
Digges around 1570 in reference to the rotational axis of 
a right circular cone. 


Babbage, Charles (1791-1871) 


On two occasions I have been asked [by members of 
Parliament], “Pray, Mr. Babbage, if you put into 
the machine wrong figures, will the right answers 
come out?” I am not able rightly to apprehend the 
kind of confusion of ideas that could provoke such a 


question. 


An English mathematician who served as Lucasian Pro- 
fessor of Mathematics at Cambridge (1828-1839) and 
became the most important figure in the prehistory of 
computers. Babbage noted that astronomical and other 
mathematical tables of the period were riddled with 
errors because all the calculations had to be done by 
hand. This gave him the idea of building a machine that 
would do the tedious work of computation more accu- 
rately, faster, and without ever getting tired. 
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In 1822, Babbage wrote a letter to one of the top 
British scientists of the day, Humphrey Davy, in which 
he talked about the design of an automatic calculator. 
Shortly after, he was given a grant by the British govern- 
ment to build this device—an elaborate symphony of 
rods and interlocking gear teeth—which Babbage called 
the Difference Engine. Construction started but never 
finished. Despite heroic efforts to construct a working 
model, the critical tolerances were beyond what engi- 
neers could provide in the first half of the eighteenth cen- 
tury (though the resultant gear-making skills gave Britain 
an edge in precision machinery for several decades and 
even contributed to the qualitative superiority of the 
British navy in World War I). The government had spent 
£17,000, and Babbage contributed a similar amount of 
his own money, on the project, when Babbage set his 
sights on something even more ambitious. He grasped 
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Babbage, Charles The realization of Babbage's dream: the Manchester Mark 1 computer at Manchester University, England, in 
1948. This was the first computer that could store both data and programs electronically. Ferranti Electronics Ltd. 
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that the basic mechanisms of the Difference Engine 
could be generalized to an all-purpose calculating ma- 
chine, programmable by a punched-card mechanism like 
that of a Jacquard loom. This vastly more powerful 
machine was called the Analytical Engine and would 
have been the world’s first true computer. But it never 
got off the ground. “He was ill-judged enough,” wrote the 
secretary of the Royal Astronomical Society, “to press the 
consideration of this new machine upon the members of 
Government, who were already sick of the old one.” 
Prime Minister Robert Peel was less than enthusiastic: “I 
would like a little previous consideration before I move 
in a thin house of country gentlemen a large vote for the 
creation of a wooden man to calculate tables from the 
formula x? + x + 41.” The government’s eventual with- 
drawal of support for his schemes left Babbage a dis- 
appointed and embittered man. However, his ideas 
survived and proved to be the forerunner of modern 
computers. Parts of his uncompleted mechanisms are on 
display in the London Science Museum. In 1991, work- 
ing from Babbage’s original plans, a Difference Engine 
was completed—and functioned perfectly. Among Bab- 
bage’s many lesser known accomplishments was his 
cracking of the Vigenére cipher, a discovery that helped 
English military campaigns but wasn’t published for sev- 
eral years, by which time the credit had gone instead to 
Friedrich Kasiski, who broke the code some years after 
Babbage." See also Byron, Ada. 


Bachet de Méziriac, Claude-Gaspar (1581-1638) 
A poet and early mathematician of the French Academy, 
best known for his 1621 translation of Diophantus's 
Arithmetica, the book that Pierre de Fermat was reading 
when he inscribed the margin with his famous last theo- 
rem. Bachet is also remembered as a collector of mathe- 
matical puzzles, many of which he published in Problémes 
plaisans et délectables quí font par les nombres (1612) (Pleasant 
and delightful problems that involve numbers), including 
river-crossing problems, measuring and weighing puz- 
zles, number tricks, and magic squares. One of the puz- 
zles is to find the least number of weights that can be used 
on a scale pan to weigh any integral number of pounds 
from 1 to 40 inclusive, if the weights can be placed in 
either of the scale pans. The answer is four: 1, 3, 9, and 27 
pounds. On a slightly more serious note, Bachet observed 
that apparently every positive number can be expressed as 
a sum of at most four squares; for example, 5 = 2? + 1’, 
6=2+11+117=2+11+11+118=2+2 and 
9 = 3’. The case of 7 shows that sometimes three squares 
wouldn’t be enough. Bachet said he had checked this for 
more than 300 numbers but didn’t know how to prove it. 
It wasn’t until the late eighteenth century that Joseph 
Lagrange supplied a complete proof.**” 


backgammon 

A gambling game for two in which each player seeks to 
get a set of pieces from one side of the board to the other, 
while trying to prevent the other player from doing the 
same. The distance that a piece can be moved at each 
turn is determined by the throw of dice. 

Backgammon has roots stretching back 5,000 years. 
From Mesopotamia, versions of it spread to Greece and 
Rome as well as to India and China. The rules of the 
modern form of the game were largely established in 
England in 1743 by Edmond Hoyle but benefited from 
a crucial modification that emerged in American gam- 
bling clubs in the 1920s. This final innovation, which 
added a new level of subtlety, is known as the doubling 
cube. 

Backgammon is played with two sets of 15 checkers: 
one player has black, the other white. The players’ check- 
ers move in opposite directions on a board with 24 spaces 
or points. Each player’s goal is to be the first to bring all 
their own checkers “home” (into their own quarter of the 
board) and then “bear them off” (remove them from the 
board altogether). The movement of the checkers follows 
the outcome of a roll of two dice, the numbers on the 
two dice constituting separate moves. 

The actual amount that changes hands at the end of 
the game can be more than the initial stake. For instance, 
in certain winning positions called gammon and backgam- 
mon, the stake is doubled or trebled, respectively. The 
other way the stake can change is by means of the dou- 
bling cube. If one of the players thinks that she is in a 
winning position, she can turn the doubling cube and 
announce a double, which means that the total stake will 
be doubled. If her opponent refuses the double, he imme- 
diately loses his (undoubled) stake and the game is fin- 
ished. If he accepts the double, the stakes are doubled and, 
as a compensation, the doubling cube is handed over to 
him and he gets the exclusive right to announce the next 
double. (He is now said to own the cube.) If the luck of the 
game changes so that he later judges that he is now win- 
ning, hell be in a position to announce a redouble, which 
means that the stake is doubled again. If the first player 
refuses the double, she now loses the doubled stake; if 
she accepts, the game goes on with a redoubled stake, 
four times the original value. There’s no limit to how 
many times the stake can be doubled, but the right to 
announce a double switches from one player to the other 
every time it’s exercised. (Initially either player can 
double—no one owns the cube.) This aspect of the game 
adds greatly to the variety of tactical possibilities and 
problems. 


baker's dozen 
See thirteen. 
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Bakhshali manuscript 

An early mathematical manuscript, written on birch bark 
and found in the summer of 1881 near the village of 
Bakhshali in the Yusufzai subdivision of the Peshawar 
district (now in Pakistan). A large part of the manuscript 
had been destroyed and only about 70 leaves of birch 
bark, of which a few were mere scraps, survived to the 
time of its discovery. Although its date is uncertain, it is 
most commonly put at about the third or fourth century 
A.D. and appears to be a commentary on an earlier math- 
ematical work. Among the rules and techniques it sets 
out for solving problems, mostly in arithmetic and alge- 
bra, but also to a lesser extent in geometry and mensura- 
tion, is this formula (stated here in modern terms) for 
calculating the square root of a nonsquare number Q: 


VO0=V(4 +b) = A+b/24- (0/24 /[2(4+b/24)] 


If O = 41 (so that A = 6 and J = 5) this gives VO = 
6.403138528, which compares very favorably with the 
correct result of 6.403124237. 


ball 
Mathematicians, unlike the rest of the human race, draw 
a sharp distinction between a sphere and a ball. A sphere 
(in mathematics) is only a surface, whereas a ball is every- 
thing inside, and possibly including, that surface—the fill- 
ing of the sphere. An open ball consists of all the points 
that are less than a given distance (the radius) away from 
a given point (the center); a closed ball consists of all the 
points that are less than or equal to the radius. 
Mathematical balls can also exist in any number of 
dimensions. A one-dimensional ball of radius r is just a 
line segment. It consists of all the points on a line 
between -r and z, or, in the case of a one-dimensional unit 
ball (a ball with a radius of 1), between —1 and 1.A 1-—d 
unit ball thus has a length, or “1 — d volume,” of 2. A2—d 
unit ball, which is the filling of a unit circle, has an area, 
or 2 — d volume, of n. The volume of a unit ball in 3 — d 
is 4/37. In 4 — d it is 1/2. Apparently, as the number of 
dimensions increases, so does the volume of the unit 
ball. What does this volume tend to do as the dimension 
tends to infinity? Intuitively, it might seem that in higher 
and higher dimensions there’s more and more “room” in 
the unit ball, allowing its volume to become larger and 
larger. Does the volume become infinite, or does it 
approach a sufficiently large constant as the dimension 
increases? The answer is surprising and shows how our 
intuition is often misleading. Using a technique called 
multivariable calculus the volume of the unit ball in z 
dimensions, V(z), can be shown to be 2”’/ T(n/2 + 1), 
where T is the gamma function that generalizes the fac- 
torial function (i.e., Pz + 1) =z/). For n even, say n = 2k, 
the volume of the unit ball is thus given by V(z) =1*/ kl. 


Ball, Walter William Rouse (1850-1925) 

A British mathematician who lectured at Trinity College, 
Cambridge University, from 1878 to 1905, but is best 
known as a historian and as the author of the timeless clas- 
sic Mathematical Recreations and Essays.** It was first pub- 
lished in 1892 and ran to fourteen editions, the last four 
with revisions by the great geometer Harold Coxeter. 


Banach, Stefan (1892-1945) 

A great Polish mathematician who founded functional 
analysis and also made important contributions to the 
understanding of vector spaces, measure theory, and set 
theory. His name is associated with Banach space, Banach 
algebra, the Hahn-Banach theorem, and the remarkable 
Banach-Tarski paradox. Largely self-taught in mathemat- 
ics, Banach was “discovered” by Hugo Steinhaus and 
when World War II began was president of the Polish 
Mathematical Society and a full professor at Lvov Uni- 
versity. Being on good terms with Soviet mathematicians, 
he was allowed to hold his chair during the Soviet occu- 
pation of Lvov. The German occupation of the city in 
1941 resulted in the mass murder of Polish academics. 
Banach survived, but the only way he could earn a living 
was by feeding lice with his blood in a German institute 
where typhoid fever research was conducted. His health 
declined during the occupation, and Banach died before 
he could be repatriated from Lvov, which was incorpo- 
rated into the Soviet Union and returned to Poland after 
the war. Théorie des opérations linéaires (The theory of linear 
operations) is regarded as his most influential work. 


Banach-Tarski paradox 


There are more things in heaven and earth, Horatio, 
than are dreamt of in your philosophy. 
—William Shakespeare 


A seemingly bizarre and outrageous claim that it is possi- 
ble to take a ball, break it into a number of pieces, and 
then reassemble those pieces to make two identical 
copies of the ball. The claim can be made even stronger: 
it is possible to decompose a ball the size of a marble and 
then reassemble the pieces to make another ball the size 
of Earth, or, indeed, the size of the known universe! 
Before writing off Banach and Tarski as being either 
very bad mathematicians or very good practical jokers, it’s 
important to understand that this is not a claim about 
what can actually be done with a real ball, a sharp knife, 
and some dabs of glue. Nor is there any chance of some 
entrepreneur being able to slice up a gold ingot and 
assemble in its place two new ones like the original. The 
Banach-Tarski paradox tells us nothing new about the 
physics of the world around us but a great deal about how 
volume, space, and other familiar-sounding things can 


Barnsley's fern 31 


assume unfamiliar guises in the strange abstract world of 
mathematics. 

Stefan Banach and Alfred Tarski announced their 
startling conclusion in 1924, having built on earlier 
work by Felix Hausdorff, who proved that it’s possible 
to chop up the unit interval (the line segment from 0 to 
1) into countably many pieces, slide these bits around, 
and fit them together to make an interval of length 2. 
The Banach-Tarski paradox, which mathematicians 
often refer to as the Banach-Tarski decomposition because 
it’s really a proof not a paradox, highlights the fact that 
among the infinite set of points that make up a mathe- 
matical ball, the concepts of volume and measure can’t 
be defined for all possible subsets. What this boils 
down to is that quantities that can be measured in any 
familiar sense are not necessarily preserved when a ball 
is broken down into subsets and then those subsets 
reassembled in a different way using just translations 
(slides) and rotations (turns). These unmeasurable sub- 
sets are extremely complex, lacking reasonable bound- 
aries and volume in the ordinary sense, and thus are 
not attainable in the real world of matter and energy. In 
any case, the Banach-Tarski paradox doesn’t give a pre- 
scription for how to produce the subsets: it only proves 
their existence and that there must be at least five of 
them to produce a second copy of the original ball. The 
fact that the Banach-Tarski paradox depends on the 
axiom of choice (AC), yet is so strongly counterintu- 
itive, has been used by some mathematics to suggest 
that the AC must be wrong; however, the benefits of 
adopting the AC are so great that such black sheep of 
the mathematical family as the paradox are generally 
tolerated. 340 


Bang's theorem 
If all the faces of a tetrahedron have the same perimeter, 
then the faces are all congruent triangles. 


banker's rounding 

For banking or scientific purposes it’s often considered 
correct to round something 0.5 to the nearest even num- 
ber (not always upward). For instance, 5.5 rounds to 6, 
but 12.5 rounds to 12. This method avoids introducing a 
bias to a large set of numbers, by rounding up more or 
less as often as rounding down. Unfortunately, at a lower 
level, it is often taught to round something 0.5 upward all 
the time. See also round-off error. 


Barbaro, Daniele (1513-1570) 

A Venetian geometer whose book, La Practica della Per- 
spectiva (1568-9), presents the techniques of perspective, 
illustrated in part with a range of polyhedra. Partly based 
on the methods and writings of the great artist Piero della 


Francesca (1416-1492), but written in a more readable 
and humanistic style, it includes the earliest drawing of 
the truncated icosidodecahedron and one of the earliest rep- 
resentations, along with that of the German goldsmith 
Wenzel Jamnitzer (1508-1585), of a rhombicostdodecahe- 
dron. La Practica was one of the most respected texts on 
perspective in the sixteenth century, comparable to 
Albrecht Diirer’s Painters Manual. 


barber paradox 
See Russell’s paradox. 


Barbier's theorem 
See curve of constant width. 


Barlow, Peter (1776-1862) 

A self-educated English mathematician who wrote sev- 
eral important books on the subject but is best known for 
New Mathematical Tables (generally known as Barlow’s 
Tables), a compendium of factors, squares, cubes, square 
roots, reciprocals, and hyperbolic logarithms of all num- 
bers from 1 to 10,000, and his invention of a special tele- 
scope lens. “Barlows” are popularly used by amateur 
astronomers to this day to multiply the power of other 
lenses. Barlow also worked on the design of bridges and 
was appointed as royal commissioner for railways, con- 
ducting experiments to see if the limitation on gradients 
and radius of curvature proposed by George Stephenson 
was correct. 


Barnsley’s fern 

A fractal shape, first explored by Michael F. Barnsley at 
the Georgia Institute of Technology in the 1980s, that has 
many geometric features in common with a natural fern, 
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most notably the appearance of frondlike forms at differ- 
ent scales. As in the case of real ferns, Barnsley’s fern 
reveals smaller prominences along the edge of each frond 
that are miniature versions of the overall figure. Along 
these small prominences are still smaller protuberances, 
and so on. Barnsley’s fern is created by the repetitive 
application of four relatively simple mathematical rules 
and is a type of fractal, introduced by Barnsley, known as 
an iterated function system (IFS).”°! 


base 

(1) The flat plane or straight line upon which a shape or a 
solid rests. (2) The number upon which a number system 
is based; this is also the number of different characters or 
figures needed by the number system. The base, or radix, of 
our familiar decimal system is 10. Thus, there are ten sym- 
bols, 0, 1, 2, 3, 4, 5, 6, 7, 8, and 9, and a decimal number is 
written right to left in terms of units, tens, hundreds, and 
so on. Each move to the left represents a jump by a power 
of 10. The decimal number 375, for example, equals 
(3 x 10’) + (7 x 10) + (5 x 1). This can easily be written to 
another base. Decimal 375,;, becomes in octal (base 8) 
567; = (5 x 8’) + (6 x 8) + (7 x 1), or in binary (base 2) 
101111001). 


basin of attraction 

The set of all points in phase space that are under the 
influence of an attractor, or, more generally, the initial 
conditions of a system that evolve into the range of 
behavior allowed by the attractor. If one imagines a com- 
plex system as a sink, then the attractor can be consid- 
ered the drain at the bottom, and the basin of attraction 
is the sink’s basin. 


basis 
In mathematics, usually associated with linear algebra; a 
minimal set of vectors that spans a vector space. 


Bayes, Thomas (1702-1761) 

An English mathematician and theologian, remembered 
chiefly for the theorem named after him (see Bayes’s the- 
orem), and the technique of Bayesian inference that 
arises from it. Bayes wrote on probability theory, the log- 
ical basis of calculus, and asymptotic series. 


Bayesian inference 

Statistical inference in which probabilities are interpreted 
not as frequencies or proportions, but rather as degrees of 
belief. A prior distribution for a certain random variable 
is assumed; then this is modified, in the light of experi- 
mentation, using Bayes’s theorem. Pierre Laplace ap- 
plied Bayesian inference to estimate the mass of Saturn 
and in a variety of other problems. 


Bayes's theorem 

Also known as Bayes’s rule, a result in probability theory, 
named after Thomas Bayes, who proved a special case of 
it. It is used in statistical inference to update estimates of 
the probability that different hypotheses are true, based 
on observations and a knowledge of how likely those 
observations are, given each hypothesis. In fact, it is 
habitually used by scientists in preference to the princi- 
ple of induction. Bayes’s theorem says that if an instance 
X is actually observed, then the probability of a hypoth- 
esis H must be multiplied by the following ratio: 


probability of observing X if H is true 


probability of observing X 


In other words, the probability of a hypothesis H condi- 
tional on a given body of data X is equal to the ratio of 
the unconditional probability of the conjunction of the 
hypothesis with the data to the unconditional probabil- 
ity of the data alone. 


Beale cipher 

One of the greatest unsolved puzzles in cryptography— 
or a mere hoax. About a century ago, a fellow by the 
name of Thomas Beale supposedly buried two wagon- 
loads of pots filled with silver coins in Bedford County, 
near Roanoke, Virginia. Local rumors claim the treasure 
was buried near Bedford Lake. Beale wrote three encoded 
letters telling what was buried, where it was buried, and 
to whom it belonged. He entrusted these three letters to 
a friend, went west, and was never heard from again. Sev- 
eral years later, someone examined the letters and was 
able to crack the code in the second one, which turned 
out to be based on the text from the Declaration of Inde- 
pendence. A number in the letter indicated which word 
in the document was to be used. The first letter of that 
word replaced the number. For example, if the first four 
words of the document were “We hold these truths,” the 
number 3 in the letter would represent the letter t. The 
second letter translated as follows: 


I have deposited in the county of Bedford about four 
miles from Bufords in an excavation or vault six feet 
below the surface of the ground the following articles 
belonging jointly to the parties whose names are given 
in number three herewith. The first deposit consisted 
of ten hundred and fourteen pounds of gold and thirty 
eight hundred and twelve pounds of silver deposited 
Nov eighteen nineteen. The second was made Dec 
eighteen twenty one and consisted of nineteen hun- 
dred and seven pounds of gold and twelve hundred 
and eighty eight of silver, also jewels obtained in St. 
Louis in exchange to save transportation and valued at 
thirteen [t]housand dollars. The above is securely 


tax return needs a good grasp of percentages. When reading the 
newspaper we are bombarded with statistics — results of surveys, 
charts and graphs — which we need to be able to interpret so that 
we can make informed choices about our daily lives. 


Maths is also fun, a fact which is often forgotten! Most newspapers 
run a daily maths type puzzle: Sudoku, Futoshiki and Kakuro are 
three popular puzzles which involve numbers, logical thinking and 
problem solving skills. So millions of people ‘do’ maths everyday 
purely for enjoyment and the feeling of satisfaction you get from 
solving a difficult puzzle. Researchers are discovering more and 
more health benefits from solving the ubiquitous brain training 
maths style puzzles. Many of these puzzles are not only fun but are 
also positively good for you. Recent research suggests that keeping 
the mind stimulated with activities such as Sudoku and crossword 
puzzles may help prevent Alzheimer’s disease and can improve 
your cognitive abilities. 


In today’s society being numerate is at least as important a skill 

as being literate. The key mathematics skills — such as basic 
numeracy and problem solving — are essential to many careers and 
highly valued by employers. Being proficient in mathematics has a 
positive impact on career development and employability, as well 
as self-esteem. Complete Mathematics takes you through worked 
examples and has carefully graded exercises designed to improve 
confidence and problem solving skills. 


Only got five minutes? 
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packed i[n] [iJron pots with iron cov[e]rs. Th[e] vault 
is roughly lined with stone and the vessels rest on solid 
stone and are covered [w]ith others. Paper number 
one describes th[e] exact locality of the va[u]lt so that 
no difficulty will be had in finding it. 


One of the remaining letters supposedly contains direc- 
tions on how to find the treasure but, to date, no one has 
solved the code. One theory is that both the remaining let- 
ters are encoded using either the same document in a dif- 
ferent way, or another very public document. Or, of 
course, this could all be an elaborate, but entertaining, 
wheeze. Those interested may wish to contact the Beale 
Cypher Association, P.O. Box 975, Beaver Falls, PA 15010. 


Beal's conjecture 

In 1997, the Texan financier Andrew Beal offered 
$75,000, later increased to $100,000, to the first person 
who could prove or provide a counterexample to the fol- 
lowing conjecture: 


If x” + y” =z’, where x, y, zm, n, and r are all positive 
integers, and m, n and r are greater than two, then x, 
y, and z have a common factor (greater than one). 


Fermat’s last theorem, which was proved in 1994, is a 
special case of Beal’s conjecture. However, no one has yet 
been able to use this fact to prove or disprove the con- 
jecture, nor has anyone been able to come up with a 
counterexample as a disproof. It is known that for any set 
of three exponents m, n, and 7, each greater than two, 
there can be at most finitely many solutions. But is this 
finite number zero? The prize remains unclaimed. 


beast number (666) 

Also known as the Apocalypse number, the “number of the 
beast” mentioned in the Bible’s book of Revelation, the 
relevant verse of which (Rev. 13:18) is often quoted as: 


Here is wisdom. Let him that hath understanding 
count the number of the beast: for it is the number 
of a man; and his number is six hundred threescore 
and six. 


Leaving aside the thorny issue of what this actually 
means, the number 666 does have some interesting math- 
ematical properties. Most notably, it is the sum of the first 
36 natural numbers (all the numbers on a roulette wheel): 
1+2+3+...+36, which makes it the thirty-sixth trian- 
gular number. It is also the sum of the squares of the first 
seven prime numbers, 2’ + 37 + 5 + 7° + 11° +13 +17. 
Other curious representations of “the beast” include: 


124+ 22?4+3°7+4 45°46 4+ 5544 4+ 3°4+224+13 
36—26 +16 
6+6+6+6 +6 +6. 


Furthermore, 666 is one member of a Pythagorean 
triplet (216, 630, 666), which can be written in the 
remarkable form: 


(6 x 6 x 6} + (666 — 6 x 6) = 6662 


In Roman numerals, 666 represents all the numbers from 
500 in descending order, namely D (500) + C (100) + L 
(50) + X (10) + V (5) +1 (1), or DCLXVI. In fact, it’s been 
suggested that the Roman representation of 666 may have 
something to do with the biblical reference. DCLXVI was 
often used as a generic way of referring to any unspecified 
or unknown large number—the Roman equivalent of our 
“zillion.” Thus, the writer of Revelation might simply 
have been using “666” to mean “big but unspecified.” 


Beatty sequences 

Suppose R is an irrational number greater than 1, and let 
S be the number satisfying the equation 1/R+ 1/S=1. Let 
[x] denote the floor function of x, that is, the greatest inte- 
ger less than or equal to x. Then the sequences [nR] and 
[uS], where n ranges through the set N of positive inte- 
gers, are the Beatty sequences determined by R. The inter- 
esting thing about them is that they partition N; in other 
words, every positive integer occurs exactly once in one 
sequence or the other. For example, when R is the golden 
ratio (about 1.618), the two sequences begin with 


1, 3, 4, 6, 8, 9, 11, 12, 14, 16, 17, 19, 21,..., and 
2,5, 7, 10, 13, 15, 18, 20, 23, 26, 28, 31, 34.... 


Beatty sequences are named after the American mathe- 
matician Samuel Beatty (1881-1970), who introduced 
them in 1926 in a problem in the American Mathematical 
Monthly. Beatty was the first person to receive a Ph.D. in 
mathematics from a Canadian university, and later 
became the chairman of the mathematics department 
and chancellor of the University of Toronto. 


beauty and mathematics 

Many mathematicians and scientists have commented 
on the beauty they find in the structure and symmetry of 
the equations that underpin their work, and that beauty 
is often the first sign of truth. In 4 Mathematician’s Apol- 
ogy, °"! G. H. Hardy wrote: 


The mathematician’s patterns, like the painter’s or 
the poet’s must be beautiful; the ideas, like the col- 
ors or the words must fit together in a harmonious 
way. Beauty is the first test: there is no permanent 
place in this world for ugly mathematics. 


The physicist Paul Dirac went even further: 


I think that there is a moral to this story, namely 
that it is more important to have beauty in one’s 
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equations than to have them fit experiment. If 
[Erwin] Schródinger had been more confident of his 
work, he could have published it some months earlier, 
and he could have published a more accurate equa- 
tion. It seems that if one is working from the point of 
view of getting beauty in one’s equations, and if one 
has really a sound insight, one is on a sure line of pro- 
gress. If there is not complete agreement between the 
results of one’s work and experiment, one should not 
allow oneself to be too discouraged, because the dis- 
crepancy may well be due to minor features that are 
not properly taken into account and that will get 
cleared up with further development of the theory." 


The architect Richard Buckminster Fuller also saw beauty 
as an acid test of truth: “When Pm working on a prob- 
lem, I never think about beauty. I think only how to 
solve the problem. But when I have finished, if the solu- 
tion is not beautiful, I know it is wrong.” 


Bell, Eric Temple (1883-1960) 

A Scottish-born mathematician and writer who, from 
1903, spent most of his life in the United States, teaching 
at the University of Washington from 1912 until 1926, 
then serving as professor of mathematics at the Califor- 
nia Institute of Technology. He did work in number the- 
ory but is best remembered for his books, including 
Algebraic Arithmetic (1927) and The Development of Mathe- 
matics (1940), which became classics, and, at a more pop- 
ular level, Men of Mathematics (1937)! and Mathematics, 
Queen and Servant of Science (1951). He was also a prolific 
writer of science fiction under the penname John Taine. 


bell curve 
The characteristic shape of the graph of a normal (Gauss- 
ian) distribution. 


Bell number 

Named after Eric Bell, one of the first to analyze them in 
depth, the number of ways that distinguishable objects 
(such as differently colored balls) can be grouped into 
sets (such as buckets) if no set can be empty. For example, 
if there are three balls, colored red (R), green (G), and 
blue (B), they can be grouped in five different ways: 
(RGB), (RG)(B), (RB)(G), (BG)(R), and (R)(G)(B), so 
that the third Bell number is 5. The sequence of Bell 
numbers, 1, 2, 5, 15, 52, 203, 877, 4,140, 21,147,..., can 
be built up in the form of a triangle, as follows. The first 
row has just the number one. Each successive row begins 
with the last number of the previous row and continues 
by adding the number just written down to the number 
immediately above and to the right of it. 


1 
1 2 
2.3.9 
5 7 10 15 
15 20 27 37 52 
ae 


The Bell numbers appear down the left-hand side of the 
triangle. These normal Bell numbers contrast with ordered 
Bell numbers, which count the number of ways of placing 
n distinguishable objects (balls) into one or more distin- 
guishable sets (buckets). The ordered Bell numbers are 1, 
3, 13, 75, 541, 4,683, 47,293, 545,835, .... Bell numbers 
are related to the Catalan numbers. 


Benford's law 

If a number is chosen at random from a large table of data 
or statistics, such as stock quotations, populations of towns 
in Germany, or half-lives of radioactive atoms, the chance 
that the first digit is 1 is about 30.1%, that the first digit is 
2 is about 17.6%, that it is 3 is 12.4%, ..., and that it is 9 
is 4.5%. These figures fit the rule that the probability that 
the first digit is d is logi)(1 + 1/d). This rule is called Ben- 
ford’s law after the American physicist Frank Benford, who 
publicized his findings in 1938.°*! The same discovery had 
been made 57 years earlier by the astronomer and mathe- 
matician Simon Newcomb, who noticed that the front 
pages of logarithm tables tended to be more dog-eared 
than pages later on.?*” 

Benford tested thousands of different collections of 
data, including the surface areas of 335 rivers, specific 
heats and molecular weights of thousands of chemicals, 
baseball statistics, and the street addresses of the first 342 
people listed in the book American Men of Science. All 
these seemingly unrelated sets of numbers followed the 
same first-digit probability pattern as the worn pages of 
logarithm tables suggested. In all cases, the number 1 
showed up as the first digit about 30% of the time, more 
often than any other, and seven times more often than 
the number 9. 

It seems extraordinary. Why shouldn’t the numbers 1 to 
9 take equal turns to be the first digit? Benford’s findings 
have been verified by other researchers. The larger and 
more varied the sampling of numbers from different data 
sets, it has been found, the more closely the distribution of 
numbers approaches what Benford’s law predicts. More- 
over these probabilities are scale invariant and base invari- 
ant. For example, it doesn’t matter whether the numbers 
are based on the dollar prices of stocks or their prices in 
yen or euros, nor does it matter if the numbers are in terms 
of stocks per dollar; provided there are enough numbers in 
the sample, Benford’s law will hold." 7°! 
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Benham's disk 


Benham's disk 

A disk, marked with a black and white pattern, which, 
when spun around, causes people to see colors. Benham’s 
disk, also known as Benham’s wheel and Benham’s top, was 
invented in 1894 by the toy maker C. E. Benham and orig- 
inally sold through Messrs. Newton and Co. as the Artifi- 
cial Spectrum Top. It is one of a number of spinning disk 
color illusions first described by Gustav Fechner in 1838. 
For this reason, the illusory colors are known as Fechner col- 
ors. From the beginning, it was realized that the root of the 
illusion probably lay in the variation of retinal response 
time with wavelength. An online animated version of 
the disk can be seen at http://www.michaelbach.de/ot/ 
col_benham/index.html. 


Bernoulli family 
An extraordinary Swiss family from Basle that produced 
eight outstanding mathematicians within three genera- 
tions. Together with Isaac Newton, Gottfried Leibniz, 
Leonhard Euler, and Joseph Lagrange, the Bernoulli 
family dominated mathematics and physics in the seven- 
teenth and eighteenth centuries, making important con- 
tributions to differential calculus, geometry, mechanics, 
ballistics, thermodynamics, hydrodynamics, optics, elas- 
ticity, magnetism, astronomy, and probability theory. 
Unfortunately, the Bernoullis were as conceited and arro- 
gant as they were brilliant, and engaged in bitter rivalries 
and rows with one another. 

The patriarchs of this mathematical dynasty were Jakob 
I (1654-1705) and his brother Johann I (1667-1748). (The 


Roman numerals are used to tell fathers, brothers, sons, 
and cousins apart, as the same Christian names were used 
repeatedly.) Next came Jakob’s son, Nikolaus I, and 
Johann’s three sons, Nikolaus II, Daniel (1700-1772), and 
Johann II. Finally, came Johann IPs mathematical off- 
spring, Johann III and Jakob II. 

Jakob I developed a passion for science and mathe- 
matics after meeting Robert Boyle during a trip to En- 
gland in 1676. He largely taught himself in these subjects 
and went on to lecture in experimental physics at the 
University of Basle. He also secretly introduced his 
younger brother to mathematics, against the wishes of his 
parents who wanted the younger brother to go into com- 
merce. The cooperation between the two brothers soon 
degenerated, however, into vitriolic argument. Irked by 
Johann’s bragging, Jakob publicly claimed that his 
younger brother had copied his own results. Later, having 
been appointed to the chair of mathematics at Basle, 
Jakob succeeded in blocking his brother’s appointment 
to the same department, forcing Johann to take a teach- 
ing job at the University of Groningen instead. Johann 
proposed the so-called brachistrochrone problem and, 
along with Newton, Leibniz, Hospital, and Jakob, man- 
aged to solve it—but only after he first came up with a 
faulty proof and then tried to substitute one of Jakob’s in 
its place! Eventually, Johann was offered a post at Basle 
as, of all things, the department head of Ancient Greek. 
But, en route to Basle, Johann learned that Jakob had 
died of tuberculosis. Upon his arrival he set about lobby- 
ing for the vacant position and, in less than two months, 
got his way. Jakob’s most important work, his Ars Con- 
jectandi (The art of conjecture), was published posthu- 
mously and formed the basis of probability theory. 

Sadly, Johann I repeated his father’s mistake and tried 
to force the most mathematically talented of his three 
sons, Daniel, into an unwanted career as a merchant. 
When the attempt failed, Johann let Daniel study medi- 
cine, in order to prevent his son from becoming a com- 
petitor. But all three sons followed their father’s path, 
and Daniel, while studying medicine, was tutored in 
math by his older brother Nikolaus II. In 1720, Daniel 
went to Venice to work as a physician but won such a big 
reputation for his work in physics and mathematics that 
Peter the Great of Russia offered him a chair at the Acad- 
emy of Science in St. Petersburg. Daniel went, along 
with Nikolaus Il, who was also offered a position at the 
Academy. However, after just eight months, Nikolaus 
came down with a fever and died. Upset, Daniel wanted 
to return to Basle, but Johann I didn’t want his son—a 
potential rival—back home. Instead he sent one of his 
pupils, none other than the great Leonhard Euler, to 
St. Petersburg to keep Daniel company. The two Swiss 
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mathematicians became good friends, and the six years 
they spent together in St. Petersburg were the most pro- 
ductive of Daniel's life. 

When Daniel finally returned to Basle, quarrels 
within the family flared up again after he won the prize 
of the Parisian Academy of Science with a paper, co- 
authored with his father, on astronomy. Jealous of 
Daniel’s success, Johann threw him out of the family 
house. And worse was to come. In 1738 Daniel pub- 
lished his magnum opus, Hydrodynamica. Johann I 
read the book, hastily wrote one of his own called 
Hydraulica, back-dated it to 1732, and claimed to be the 
inventor of fluid dynamics! The plagiarism was soon 
uncovered, and Johann was ridiculed by his colleagues, 
but his son never recovered from the blow. See also 
St. Petersburg paradox. 


Bernoulli number 

A number of the type defined by Jakob Bernoulli in 
connection with evaluating sums of the form >?. The se- 
quence By, Bı, B,,...can be generated using the formula 


x/(e*- 1) = SI B,x")/n! 


though various different notations are used for them. The 
first few Bernoulli numbers are: B, = 1, B, = —'4, B, = 16, 
B, = —'0, B; = '42,....They crop up in many diverse 
areas of mathematics including the series expansions of 
tan(x) and Fermat’s last theorem. 


Berry's paradox 

A paradox, devised by G. G. Berry of the Bodleian 
Library at Oxford University in 1906, that involves state- 
ments of the form: “The smallest number not nameable 
in under ten words.” At first sight, there doesn’t seem 
anything particularly mysterious about this sentence. 
After all, there are only so many sentences that have less 
than ten words, and only a set S of these specify unique 
numbers; so there is clearly some number W that is the 
smallest integer not in S. The trouble is, the Berry sen- 
tence itself is a specification for that number in only nine 
words! Berry’s paradox shows that the concept of name- 
ability is inherently ambiguous and a dangerous concept 
to be used without qualification. A similar air of the 
paradoxical swirls around the notion of interesting 
numbers.!*! 


Bertrand's box paradox 

A problem, similar to the Monty Hall problem, that was 
published by the French mathematician Joseph Bertrand 
(1822-1900) in his 1889 text Calcul des Probabitités. Sup- 
pose there are three desks, each with two drawers. One 
desk contains a gold medal in each drawer, one contains a 
silver medal in each drawer, and one contains one of each, 


but you don’t know which desk is which. If you open a 
drawer and find a gold medal, what are the chances that 
the other drawer in that desk also contains gold? This 
comes down, then, to figuring out the probability that 
you ve picked the gold-gold desk instead of the gold-silver 
desk. Many people quickly jump to the conclusion that 
there are two possibilities, and since the selection was ran- 
dom, it must be 50-50. But this is wrong. Think of the ini- 
tial selection as picking from among six drawers: 


Before After 
SS G G G 
S GG G 
12 3 1 2 3 


So, we have it narrowed down to three drawers, with an 
equal probability of each one being the one that was 
picked. One of the drawers is in desk 2, so there’s a one- 
third chance that desk 2 was picked. Two of the drawers 
are in desk 3, so there are two one-third chances (i.e., a 
two-third chance) that desk 3 was picked. 


Bertrand's postulate 

Also known as Betrand’s conjecture, if n is an integer greater 
than 3, then there is at least one prime number between 
n and 2n — 2. This postulate (which should now be called 
a theorem) is named after the French mathematician 
Joseph Bertrand (1822-1900) who, in 1845, showed it 
was true for values of z up to 3 million. The Russian 
Pafnuty Chebyshev (1821-1894) gave the first complete 
proof in 1850, so that it is sometimes called Chebyshev's 
theorem (although another theorem also goes by this 
name). In 1932, Paul Erdós gave a more elegant proof, 
using the binomial coefficients, which is the one that 
appears in most modern textbooks. Bertrand’s postulate 
implies that the nth prime p, is at most 2”. 


Bessel, Friedrich Wilhelm (1784-1846) 

A German astronomer and mathematician who became 
director of the observatory at Königsberg (see bridges of 
Königsberg). Much of Bessel's work dealt with perturba- 
tions (wobbles) in the motion of planets and stars caused 
by the gravitational influence of other bodies. To help 
analyze these perturbations he developed certain mathe- 
matical functions that are now known as Bessel functions 
and are used widely in physics. 


beta function 
The function 


Bonas [ x1 (Lx! dx. 


0 


It can be defined in terms of the gamma function by 
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P()1 (x) 
B Se Ss 
(mn) (m+n) 
Many integrals can be reduced to the evaluation of beta 
functions. 


Betti number 

An important topological property of a surface, named 
after the Italian mathematician Enrico Betti (1823-1892). 
The Betti number is the maximum number of cuts that 
can be made without dividing the surface into two sepa- 
rate pieces. If the surface has edges, each cut must be a 
“crosscut,” one that goes from a point on an edge to 
another point on an edge. If the surface is closed, like a 
sphere, so that it has no edges, each cut must be a “loop 
cut,” a cut in the form of a simple closed curve. The Betti 
number of a square is 0 because it is impossible to cross- 
cut without leaving two pieces. However, if the square is 
folded into a tube, its topology changes—it now has two 
disconnected edges—and its Betti number changes to 1. A 
torus, or donut shape, has a Betti number of 2. See also 
chromatic number. 


bicorn 

Also known as the cocked-hat, any of a collection of quar- 
tic curves studied by James Sylvester in 1864 and by 
Arthur Cayley in 1867. The bicorn has the Cartesian 
equation 


y (a? — x’) = (a? + 2ay — ay. 


bicorn The bicorn curve © Jan Wassenaar, www.2dcurves.com 


bicuspid curve 
The quartic curve given by the equation 


(x? — a’*)(x— a) + (y?- ay =0. 


Bieberbach conjecture 

A celebrated conjecture made by the German mathemati- 
cian Ludwig Bieberbach (1886-1982) in 1916, that was 
finally proved, after many partial results by others, by 
Louis de Branges of Purdue University in 1984.'"! Bierber- 
bach is infamous in the history of mathematics because of 
his outspoken anti-Semitism during the Nazi era. Follow- 
ing the dismissal of Edmund Landau (1877-1938) from 
the University of Gottingen, Bierberbach wrote: “This 
should be seen as a prime example of the fact that repre- 
sentatives of overly different races do not mix as students 
and teachers.... The instincts of the Gottingen students 
felt that Landau was a type who handled things in an un- 
German manner.” 

Bieberbach’s conjecture (BC) stemmed from the Rie- 
mann mapping theorem (RMT), which makes a claim 
about any region of a plane that is simply connected (in 
other words, any region, however complicated, that 
doesn’t have any holes). The RMT says there must be 
some function, or mapping, such that every point in the 
arbitrary region is associated with one and only one point 
inside a circle with unit radius. Complex functions are 
best suited to plane-to-plane mappings and are often eas- 
ier to work with if they can be represented as a power 
series. For example, given the complex number z, the 
function e* can be expressed as the infinite series 1 + z+ 
z*/21+z*/3!1+.... Bieberbach guessed that there is a link 
between the conditions imposed on a function by RMT 
and the numerical coefficients of the terms in a power 
series that represents the function. The BC says that if a 
function gives a one-to-one association between points in 
the unit circle and points in a simply connected region of 
the plane, the coefficients of the power series that repre- 
sents the function are never larger than the correspond- 
ing power. In other words, given that f(z) = a + az + 
az? + az? +... , then |a,|S n|a,| for each z. 


bifurcation 

The value of a smoothly varying control parameter, or 
the point in parameter space, at which the behavior of a 
dynamical system undergoes a qualitative change. For 
example, a simple equilibrium, or a fixed-point attrac- 
tor, might give way to a periodic oscillation as the stress 
on a system increases. Similarly, a periodic attractor 
might become unstable and be replaced by a chaotic 
attractor. To give a real-world example, drops fall indi- 
vidually at equal intervals, from a dripping faucet at 
low pressure. As the pressure is increased, however, the 
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pattern of dripping abruptly changes so that two drops 
fall close together, with a longer interval before the next 
pair fall. In this case, a simple periodic process has given 
way to a periodic process with twice the period, a process 
described as “period doubling.” If the flow rate of water 
through the faucet is increased still further, beyond the 
bifurcation point, often an irregular dripping is found 
and the behavior can become chaotic. See also chaos. 


bilateral 

Having two sides, or relating to the right and left sides of an 
object. Bilateral symmetry is a symmetrical arrangement, as 
of an organism or a body part, along a central axis, so that 
the body is divided into equivalent right and left halves by 
only one plane. See also mirror reversal problem. 


bilateral diagram 

A device invented by Lewis Carroll to represent the dif- 
ferent logical states that two objects with two properties 
can take. Each cell in a four-square array represents one 
of the four possible object/property states and is covered 
by a red counter if the state is present and by a gray 
counter if it is absent. 


billion 
See large numbers. 


bimagic square 

A magic square that becomes a new magic square when 
each integer is squared. If, in addition to being bimagic, 
the integers in the square can be cubed and the resulting 
square is still magic, the square is said to be trimagic. To 
date the smallest bimagic square seems to be of order 8, 
while the smallest trimagic square is of order 32. 


binary 


There are 10 kinds of people in the world, those who 
understand binary math, and those who don’t. 
—Anonymous 


The simplest positional number system and the natural 
one to use when dealing with computers; it employs just 
two symbols, 0 and 1, which correspond to the possible 
states of an off-on switch. Each place to the left in a binary 
number represents the next highest power of two. The 
binary number 10110,, for example, means 1 x 2* + 0 x 
2+1x2?4+1x21+0x2, or 22, in the familiar decimal 
notation. Nonintegers can be represented by using negative 
powers, which are set off from the other digits by means of 
a radix point (called a decimal point in base 10). The binary 
number 11.01, thus means 1 x 2'+ 1 x 2°+0x27+1-x 
2° which equals 3.25,). A number that terminates in a dec- 
imal doesn’t necessarily do so in binary (e.g., 0.310 = 


0.0100110011001 ...,), and vice versa. An irrational num- 
ber, however, is nonperiodic in both systems (e.g., pi, = 
3.1415926 ... o = 11.001001000011111... 2). Binary arith- 
metic was first investigated by Gottfried Leibniz in 1672, 
though he didn’t publish anything about it until 1701. 


binary operation 
An operation that involves two operands. For example, 
addition and subtraction are binary operations. 


binomial 

An expression containing two terms, joined by + or -. 
The binomial theorem gives the result of raising a bino- 
mial expression to a power; the expansion and the series 
it leads to are called the binomial expansion and the bino- 
mial series. A binomial distribution is described by a for- 
mula related to the binomial expansion. A binomial 
equation is a particular kind of equation that contains 
two terms. 


binomial coefficient 

A coefficient of x in the expansion of (x + y)”. The 
binomial coefficient ,C,, or (7) gives the number of 
ways of picking m unordered outcomes from z possi- 
bilities, and is also known as a combination. It has the 
value 2//(n — m)!m! The binomial coefficients form the 
rows of Pascal’s triangle. 


binomial theorem 
The result that allows the expansion of a binomial 
expression: 


n 
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where the coefficients a; are called binomial coefficients. 


Birkhoff, George David (1884-1944) 

The foremost American mathematician of the early twen- 
tieth century and the first prominent dynamicist in the 
New World. He is known for his work on linear differen- 
tial equations and difference equations, and was also 
deeply interested in and made contributions to the analy- 
sis of dynamical systems, celestial mechanics, the four- 
color map problem, and function spaces. Although a 
geometer at heart, he discovered new symbolic solution 
methods. He saw beyond the theory of oscillations, cre- 
ated a rigorous theory of ergodic behavior, and foresaw 
dynamical models for chaos. In addition he wrote on the 
foundations of relativity and quantum mechanics and, in 
Aesthetic Measure (1933), on art and music. 


birthday paradox 
The fact—not really a paradox—that you need a group of 
only 23 people for there to be a better than 50/50 
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chance that two of these people will have the same 
birthday. This seems surprising because we are used to 
comparing our particular birthday with others and only 
rarely finding a perfect match. The probability of any 
two individuals having the same birthday is just 1565. 
Even if you were to ask 20 people, the probability of 
finding someone with your birthday is still less than Yo. 
But the odds improve dramatically when a group of peo- 
ple ask each other about their birthdays because then there 
are many more opportunities for a matchup. One way to 
calculate the probability of a birthday match is to count 
the pairs of people involved. In a room of 23 people, 
there are (23 x 22)/2, or 253, possible pairs. Each pair has 
a probability of success of 1465 = 0.00274 (0.274%), and 
thus a probability of failure of (1 — 0.00274) = 0.99726 
(99.726%). The probability of no match among any of 
the pairs of people is 0.99726 to the 253rd power, which 
is 0.499 (49.9%). So the probability of a successful match 
is (1 — 0.499), or slightly better than even (50/50). With 
42 people, the probability of a birthday match climbs 
to 90%. 


birthday surprise 

Here is a way to learn someone’s birthday by doing a lit- 
tle simple math. Ask a person to take the month number 
(January = 1, February = 2, and so forth) of their birth- 
day, multiply by 5, add 6, multiply the total by 4, add 9, 
and multiply the new total by 5 again. Finally, have her 
add the number of the day on which she was born and 
give you the total. In your head, subtract 165 and you 
will have the month and day of her birth. How does this 
work? If M is the month number and D the day number, 
then after the seven steps the expression for their calcula- 
tion is: 5(4(5M + 6) +9 + D=100M+D + 165. Thus, if 
you subtract the 165, what will remain will be the month 
in hundreds plus the day. 


bisect 
To cut in half. 


bisecting an angle 

Splitting an angle exactly in two. The ancient Greeks 
knew how to easily do it using only a pair of compasses 
and a straightedge. Here’s how: Put the point of the com- 
pass at a point O and draw a circle so that it cuts the two 
lines coming out from the angle. Call these intersection 
points 4 and B. Now put the point of the compass at 4 
and draw an arc that follows within the opening of the 
angle. Without changing the radius at which the compass 
is set, move its point to B and draw another arc. Join the 
point where the two arcs cross, P, to O using the straight 
edge: angle POB is half of angle AOB. See also trisecting 
an angle. 


bishops problem 

To find the maximum number of bishops (chess pieces 
capable of moving any number of spaces along diagonals 
of their own color) that can be placed on an z x n chess- 
board in such a way that no two are attacking each other. 
The answer is 21 — 2, which gives the solution 14 for a 
standard (8 x 8) chessboard. The numbers of distinct 
maximal arrangements for n = 1, 2,... bishops are 1, 4, 
26, 260, 3,368,.... 


bistromathics 

The revolutionary new (and totally fictitious) field of 
mathematics in restaurants, as described by Douglas 
Adams in his book Life, the Universe and Everything: 


Numbers written on restaurant bills within the con- 
fines of restaurants do not follow the same mathe- 
matical laws as numbers written on any other pieces 
of paper in any other parts of the Universe. This sin- 
gle statement took the scientific world by storm. ... 
So many mathematical conferences got held in such 
good restaurants that many of the finest minds of a 
generation died of obesity and heart failure and the 
science of math was put back by years. 


Adams explains that just as Einstein found that space and 
time are not an absolute but depend on the observer’s 
movement, so numbers are not absolute, but depend on 
the observer’s movement in restaurants: 


The first non-absolute number is the number of 
people for whom the table is reserved. This will vary 
during the course of the first three telephone calls to 
the restaurant, and then bear no apparent relation 
to the number of people who actually turn up, or to 
the number of people who subsequently join them 
after the show/match/party/gig, or to the number of 
people who leave when they see who else has turned 
up. The second non-absolute number is the given 
time of arrival, which is now known to be one of the 
most bizarre of mathematical concepts, a recipriver- 
sexcluson, a number whose existence can only be 
defined as being anything other than itself. In other 
words, the given time of arrival is the one moment 
of time at which it is impossible that any member of 
the party will arrive. .. . The third and most mysteri- 
ous piece of nonabsoluteness of all lies in the rela- 
tionship between the number of items on the bill, 
the cost of each item, the number of people at the 
table and what they are each prepared to pay for. 


See also large numbers. 


bit 
A binary digit, either 0 or 1. See also byte. 
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blackjack 
Also known as twenty-one, the most popular casino game 
in the world and the only such game with a fluctuating 
probability: the odds of winning change with the makeup 
of the deck. The cards two to nine have a numerical value 
equal to the number printed on the card. Tens and all face 
cards (jack [J], queen [Q ], and king [K]) have the value 
of 10. Aces may be counted as either 11 or one. A dealer 
plays against one to seven players. Every player and the 
dealer initially receive two cards each, dealt by the dealer. 
Each player's hand is played against the dealer's hand 
only. If a player’s hand has a value closer to 21 (without 
going over) than the dealer's hand, the player wins. The 
best possible hand is known as a blackjack (21 in the first 
two cards) and consists of an ace and a ten-valued card 
(10, J, Q, K). The payout for a blackjack is 3-to-2: the 
player is paid three chips for every two chips bet. When 
both the player and the dealer have blackjacks, it is a nor- 
mal tie (push) situation and the player retains the initial 
bet. The player has several choices after receiving the first 
two cards: (1) Hit or draw: take one or more cards to add- 
up to a better hand. (2) Stand: stop taking more cards. (3) 
Double down: double the initial amount (in cases consid- 
ered more favorable). (4) Split pairs: if the two cards are 
equal in value they may be played in two separate hands. 
The dealer must draw until his hand adds up to 17 or 
more. Both the player and the dealer can go over 21, a sit- 
uation known as bust; the player loses the bet immedi- 
ately. The dealer plays his hand last, after all the players at 
the table. This rule creates the so-called house edge. John 
Scarne’*’! was the first to calculate the house advantage at 
blackjack as 5.9%. However, the house edge can be cut to 
around 1% if the player follows certain rules. The set of 
rules known as basic strategy make blackjack one of the 
fairest games of any kind, almost as fair as coin tossing. 
In 1962 Edward O. Thorp, an IBM computer scientist, 
published Beat the Dealer, which introduced a winning 
method called card counting. This method considered the 
10-valued cards and the aces as positive, and the cards 2 
to 6 as negative. If the net value of the remaining deck 
was positive, the player must increase the bet accord- 
ingly. The method had visible results when only one deck 
was used and very few cards remained in the deck. Casi- 
nos responded by changing the rules dramatically. The 
penetration was introduced: not all the cards in the deck 
are played. Shuffling is done unexpectedly. Also, most 
casinos introduced multiple-deck blackjack. 


Blanche's dissection 

The simplest dissection of a square into rectangles of the 
same areas but different shapes. It is composed of seven 
pieces; the square is 210 units on a side, and each rectan- 
gle has area of 210°/7 = 6,300. 


Bolyai, Janos (1802-1860) 

A Hungarian mathematician who was one of the 
founders of non-Euclidean geometry, independently 
coming to almost the same conclusions as Nikolai Loba- 
chevsky. He was initially taught by his father, Farkas, 
also a mathematician, then he studied at the Royal 
Engineering College in Vienna from 1818 to 1822. 
Between 1820 and 1823 he prepared his treatise on a 
complete system of non-Euclidean geometry, com- 
menting, “Out of nothing I have created a strange new 
universe.” It was published in 1832 as an appendix to an 
essay by his father. Carl Gauss, on reading the appen- 
dix, wrote to a friend saying, “I regard this young 
geometer Bólyai as a genius of the first order.” It was not 
until 1848 that Bólyai learned that Lobachevsky had 
produced a similar piece of work in 1829. Although he 
never published more than the 24 pages of the appen- 
dix, Bólyai left more than 20,000 pages of manuscript of 
mathematical work when he died. He was an accom- 
plished linguist, speaking nine foreign languages includ- 
ing Chinese and Tibetan. 


book-stacking problem 

How much of an overhang can be achieved by stacking 
books on a table before the books overbalance and fall 
off? Assume each book is one unit long. To balance one 
book on a table, the center of gravity of the book must 
be somewhere over the table; to achieve the maximum 
overhang, the center of gravity should be just over the 
table’s edge. The maximum overhang with one book is 
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book-stacking problem The solution to the book-stacking 
problem. 
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obviously 1⁄2 unit. For two books, the center of gravity of 
the first should be directly over the edge of the second, 
and the center of gravity of the stack of two books 
should be directly above the edge of the table. The cen- 
ter of gravity of the stack of two books is at the midpoint 
of the books’ overlap, or (1 + Y2)/2, which is *4 unit from 
the far end of the top book. It turns out that the over- 
hangs are related to the harmonic numbers H,, (see har- 
monic sequence), which are defined as 1 + ‘2 + 4 
+...+1/n: the maximum overhang possible for n books 
is H,/2. With four books, the overhang (1 + 12 + 1% + 
14)/2 exceeds 1, so that no part of the top book is 
directly over the table. With 31 books, the overhang is 
2.0136 book lengths. 


Boole (Stott), Alicia (1860-1940) 

The third daughter of George Boole and an important 
mathematician in her own right. At the age of 18, she was 
introduced to a set of wooden cubes devised by her 
brother-in-law Charles Hinton as an aid to visualization 
of the fourth dimension. Despite having had no formal 
education, she surprised everyone by becoming adept 
with the cubes and developing an amazing feel for four- 
dimensional geometry. She introduced the word polytope 
to describe a four-dimensional convex solid, and went on 
to explore the properties of the six regular polytopes 
and to make 12 beautiful card models of their three- 
dimensional central cross sections. She sent photographs 
of these models to the Dutch mathematician Pieter 
Schoute (1846-1923), who had done similar work and 
with whom she subsequently published two papers. The 
models themselves are now housed in the Department of 
Pure Mathematics and Mathematical Statistics at Cam- 
bridge University. 


Boole, George (1815-1864) 

An English mathematician and philosopher who is 
regarded as one of the founders of computer science. 
His great contribution was to approach logic in a new 
way, reducing it to a simple algebra and thus incorpo- 
rating logic into mathematics. He pointed out the anal- 
ogy between algebraic symbols and those that represent 
logical forms; his algebra of logic became known as 
Boolean algebra and is now used in designing comput- 
ers and analyzing logic circuits. Although he never stud- 
ied for a degree, Boole was appointed to the chair of 
mathematics at Queens College, Cork, Ireland, in 1849. 
One day in 1864 he walked the two miles in pouring 
rain from his home to the college and then lectured in 
wet clothes. A fever followed but whether this alone 
would have caused his demise is unknown. Certainly 
his condition wasn’t helped by his wife, Mary (a niece 
of Sir George Everest, after whom the mountain is 


named), who, following the principle that remedy 
should resemble cause, put Boole to bed and threw 
buckets of water over him. He expired shortly after. See 
also Boole (Stott), Alicia. 


Boolean 
Taking only 0/1, true/false, yes/no values. 


Boolean algebra 

An algebra in which the binary operations are chosen to 
model the union and intersection operations in set the- 
ory. For any set A, the subsets of A form a Boolean alge- 
bra under the operations of union, intersection, and 
complement. 


Borel, Emile (1871-1956) 

A French mathematician who worked on divergent series, 
the theory of functions, probability, and game theory, 
and was the first to define games of strategy. He also 
founded measure theory, which applies the theory of 
sets to the theory of functions, and thus became an orig- 
inator, with Henri Lebesgue and René Louis Baire 
(1874-1932), of the modern theory of functions of a real 
variable. 


Borges, Jorge Luis (1899-1986) 

An Argentinian author, essayist, and poet, many of 
whose short stories explore paradoxes and other strange 
avenues of mathematics, logic, philosophy, and time. For 
example, the possibility of branches in time is dealt with 
in “The Garden of Forking Paths,” while the strange 
notion of the Universal Library is the subject of “The 
Library of Babel.” Borges was profoundly influenced by 
European culture, English literature, and such thinkers as 
George Berkeley. 


Borromean rings 

Three rings linked in such a way that although they can’t 
be separated, no two rings are linked; remove any one 
ring, however, and the other two fall apart. Named after 
the Italian family of Borromeo whose family crest has 
borne the rings since the fifteenth century, the design has 
been used in many places and times as a symbol of 
strength in unity. A form of the Borromean link known 
as Odin’s triangle or the walknot (“knot of the slain”) was 
used by the Norse folk of Scandinavia in two variants: a 
set of Borromean triangles and a unicursal curve that 
makes a trefoil knot. A motif of three interlaced crescent 
moons, similar to the Borromean rings, can be seen at the 
Palace of Fontainebleau. Designed by the architect 
Philibert de l’Orme, it is based on the moon emblem 
used by Diane de Poitiers (1499-1566), mistress of King 
Henry II of France. A similar pattern, but with three 
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Borromean rings A flowerpot on Isola Bella, an island on Lake Maggiore, near Arona in northern Italy, that bears the Borromeo fam- 


ily crest. Peter Cromwell 


interlaced snakes in place of the crescent moons, occurs 
at various sites in Wales, including Bangor Cathedral. 
The Borromean rings are commonly used to symbolize 
the Christianity Trinity. An early source for this was a 
thirteenth-century French manuscript, now lost, in which 
the word unitas appears in the center, inside all the cir- 
cles, and the three syllables of “tri-ni-tas” are distributed 
in the outer sectors. Borromean rings can also be found 
on Japanese family emblems, at a Japanese Shinto shrine 
north of Sakurai in the province of Nara, and in the 
sculptures of the Australian artist John Robinson. In 
North America, the design is known as the Ballantine 
rings after the New Jersey brewing company P. Ballantine 
and Sons who use it as a trademark with the rings labeled 
Purity, Body, and Flavor. 

The rings first appeared in mathematics in the earliest 
work on knots by Peter Tait in 1876. The pattern of cir- 
cles can be interlaced by replacing each of the six vertices 


by a crossing that shows how the circles pass over and 
under one another. Since there are two choices for each 
crossing, there are 2° = 64 possible interlaced patterns. 
However, after taking symmetry into account, these 64 
reduce to only 10 geometrically distinct patterns. Two 
patterns are considered to be the same if one can be 
obtained from the other by applying one or more of the 
following operations: rotation by 120°, reflection, and 
reflection in the plane of the pattern. The last symmetry 
operation means that the sense of all the crossings is 
switched. The rings can also be analyzed from the view- 
point of topology, which means that the designs are 
thought of as links made from a flexible and elastic 
material. If two links can be manipulated and deformed 
to look like one another (without breaking and joining 
the rings) then they are topologically equivalent. The 10 
geometrically distinct patterns boil down to only five 
distinct topological types. 
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Was mathematics already there just waiting to be discovered or 
did we invent it? Mathematicians continue to debate this seemingly 
simple question — many believing that mathematics, like science, is 
discovered and not simply made up; that there are universal laws 
which govern mathematics which hold true no matter what system 
you use for writing down the numbers. Other mathematicians 
believe that we manufactured mathematics and then discovered 
patterns and laws based on the rules that we had already set. 


Only got ten minutes? 


Whichever view you hold there is no doubting that mathematics 

has a long history. Even the most basic communication between 
people may involve some form of mathematical discourse. When 
prehistoric man came back to his tribe with news of a herd of 
mammoths, he would have to relate the number in the herd, the 
distance, the direction, where they were travelling, at what speed — 
all of these relied upon his mathematical skills as well as those of his 
tribe. This vital communication could literally be a matter of life or 


death. 


Over the centuries, more formal mathematics was needed and 
many different systems of writing numbers have been used. We 
assume that our use of ‘base 10’ is almost absolute, whereas, of 
course, it isn’t. An intelligent alien species with two or twelve or 
even fifteen digits would invariably use a different system. In fact, 
base 2 or binary — a number system which only uses the digits 1 
and 0 — is behind the programming used by all modern computers. 


As mathematics developed, so the number system changed. For 
example, the number 60 is written as LX using Roman numerals 
while the Babylonians used base 60, but with only two symbols, 
one meaning 1 and one meaning 10. The Babylonians also began to 
develop the use of zero as a place holder, as did to some extent the 
Ancient Greeks. However, it was in India that the number system 
that we use today, including the use of zero as an indicator of an 


bottle sizes 43 


Borsuk-Ulam theorem 

One of the most important and profound statements 
in topology: if there are n regions in n-dimensional 
space, then there is some hyperplane that cuts each 
region exactly in half, measured by volume. All kinds 
of interesting results follow from this. For example, at 
any given moment on Earth’s surface, there must exist 
two antipodal points—points on exactly opposite sides 
of Earth—with the same temperature and barometric 
pressure! One way to see that this must be true is to 
think of two opposite points A and B on the equator. 
Suppose A starts out warmer than B. Now move 4 
and B together around the equator until 4 moves 
into B’s original position, and simultaneously B into 
As original position. A is now cooler than B, so 
somewhere in between they must have been the same 
temperature. The Borsuk-Ulam theorem implies the 
Brouwer fixed-point theorem and also the ham sand- 
wich theorem. 


bottle sizes 

Wine and champagne come in various standard bottle 
sizes, as shown in the table “Wine Bottle Sizes.” These fol- 
low a geometric sequence, doubling in size with each 
step, up to the double-magnum, but thereafter increase in 
a more complicated way. There are also regional varia- 
tions (for example, a Nebuchadnezzar may hold from 12 


Borromean rings Three alternating rings carved in a panel in 
a walnut door of the church of San Sigismondo in Cremona, 


Italy. The emblem is one of several belonging to the Sforza 
family. Peter Cromwell to 15 liters) and differences depending on the type of 


drink held. 


Wine Bottle Sizes 


Name of Size Region Capacity (liters) Standard Bottle Equivalents 
Baby/split All 0.1875 0.25 
Half-bottle All 0.375 0.5 
Bottle All 0.75 1 
Magnum All 1.5 2 
Double-magnum All 3 4 
Jeroboam Burgundy, Champagne 5 6.67 
Jeroboam Bordeaux, Cabernet S. 45 6 
Rehoboam Burgundy, Champagne 4.5 6 
Imperial Bordeaux, Cabernet S. 6 8 
Methuselah Burgundy, Champagne 6 8 
Salmanazar Burgundy, Champagne 9 12 
Balthazar Burgundy, Champagne 12 16 


Nebuchadnezzar Burgundy, Champagne 15 20 
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boundary condition 

The value of a function at the edge of the range of some 
of its variables. Recognizing the boundary conditions of 
an unknown function helps in its identification since 
other unknowns, such as variables in integrations, can 
then be eliminated. 


boundary value problem 
An ordinary differential equation or a partial differen- 
tial equation given together with boundary conditions 
to ensure a unique solution. 


Bourbaki, Nicholas 

Not an individual but a collective mathematician. In the 
1930s, the Bourbaki group, made up of some of the bright- 
est mathematicians in France, began as a club, holding 
secret meetings in Strasbourg to update university lectures 
and texts in the wake of World War I, which had essentially 
wiped out a generation of young talent. In time, Bourbaki 
authored encyclopedic accounts of all areas of mathemat- 
ics, and its influence became widespread. 

Its origins can be traced to 1934 and to André Weil and 
Henri Cartan who were maitres de conférences (the equiv- 
alent of assistant professors) at the University of Stras- 
bourg. One of their duties was to teach differential and 
integral calculus but they found the standard text on this 
subject, Traité d'Analyse by E. Goursat, wanting. Following a 
suggestion by Weil to write a new “Treatise on Analysis,” a 
group of about 10 mathematicians began to meet regularly 
to plan the new work. Quickly, it was decided that the work 
should be collective, without any acknowledgment of indi- 
vidual contributions, and this became a feature of Bour- 
baki’s output. In the summer of 1935, the pen name 
Nicholas Bourbaki was chosen, and the initial membership 
consisted of Weil, Cartan, Claude Chevalley, Jean Delsarte, 
and Jean Dieudonné—all former students at the Ecole Nor- 
male Supérieure in Paris. Over the years, the membership 
varied; some people in the first group dropped out quickly, 
others were added, and later there was a regular process of 
addition and retirement (mandatory by the age of 50). 

Bourbaki adopted rules and procedures that to outsiders 
often seemed eccentric and even bizarre. For example, dur- 
ing meetings to review and revise drafts for the various 
books the group developed, anyone could express his 
opinion as loudly as he wanted at any time, so 1t was not 
uncommon for several distinguished mathematicians to be 
on their feet at the same time shouting monologues at the 
top of their voices. Somehow out of this mayhem emerged 
work of extreme precision, to the point of pedantry and 
dryness. Bourbaki would have nothing to do with geome- 
try or any attempt at visualization, and believed that math- 
ematics should distance itself from the sciences. However, 
despite its tendency to be boring and long-winded, Bour- 


baki did achieve its goal: to set down in writing what was 
no longer in doubt in modern mathematics. 


brachistochrone problem 

A problem with which Johann Bernoulli (see Bernoulli 
Family) challenged his contemporaries in Acta Erudito- 
rum in June 1696: 


Following the example set by Pascal, Fermat, etc., I 
hope to gain the gratitude of the whole scientific com- 
munity by placing before the finest mathematicians of 
our time a problem which will test their methods and 
the strength of their intellect. If someone commun:- 
cates to me the solution of the proposed problem, I 
shall publicly declare him worthy of praise. . . . Given 
two points A and B in a vertical plane, what is the 
curve traced out by a point acted on only by gravity, 
which starts at A and reaches B in the shortest time? 


Isaac Newton reportedly solved the problem between 
four in the evening and four in the morning after a hard 
day at the Royal Mint, later commenting: “I do not love 
to be dunned [pestered] and teased by foreigners about 
mathematical things... .” Other correct solutions came 
from Gottfried Leibniz, the Frenchman Guillaume de 
LH6pital, and Johann’s brother Jakob. They, like 
Johann, realized that the solution to the brachistochrone 
problem, as it was also to the tautochrone problem, was 
a curve known as the cycloid. 


Brahmagupta (a.D. 598-after 665) 

A Hindu astronomer and mathematician who became 
the head of the observatory at Ujjain—the foremost math- 
ematical center of ancient India. His main work, Brah- 
masphutasiddhanta (The opening of the universe), written 
in 628, contains some remarkably advanced ideas, 
including a good understanding of the mathematical role 
of zero, rules for manipulating both positive and nega- 
tive numbers, a method for computing square roots, 
methods of solving linear and some quadratic equations, 
and rules for summing series. His contributions to 
astronomy were equally ahead of their time. Brah- 
magupta’s theorem states that in a cyclic quadrilateral (a 
four-sided shape whose corners lie on a circle) having per- 
pendicular diagonals, the perpendicular to a side from 
the point of intersection of the diagonals always bisects 
the opposite side. Brahmagupta’s formula for the area of 
a cyclic quadrilateral with sides of length a, b, cœ and d is 
V (S—a)(S—b)(S—0(S—d), where S= (a+ b+c+ d)/2. As 


d goes to zero, this reduces to Heron’s formula. 


braid 
A collection of lines or strings that are plaited together 
and whose ends are attached to two parallel straight lines. 
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Braid theory was pioneered by the Austrian mathemati- 
cian Emil Artin (1898-1962) and is related to knot the- 
ory. It also has other applications: for instance, if we 
consider the way the roots of a polynomial move as one 
of the polynomial’s coefficients changes, this motion can 
be thought of as a braid. 


Brianchon's theorem 

Given a conic section, if we circumscribe a hexagon 
about it, then the major diagonals of the hexagon are 
concurrent. 


bridges of Kónigsberg 

A famous routing problem that was analyzed and solved 
by Leonhard Euler in 1736, and that helped spur the 
development of graph theory. The old city of Königs- 
berg, once the capital of East Prussia, is now called Kalin- 
ingrad. It falls within a tiny part of Russia known as the 
Western Russian Enclave, between Poland and Lithuania, 
which (to the surprise even of many modern Russians) 1s 
not connected with the rest of the country! Königsberg 
lay some four miles from the Baltic Sea on rising ground 
on both sides of the river Pregel (now the Pregolya), 
which flowed through the town in two branches before 
uniting below the Grune Brocke (Green Bridge). Seven 
bridges (numbered in the diagram) crossed the Pregel and 
connected various parts of the city (letters A to D), 
including Kneiphof Island (B), the site of Königsberg 
University and the grave of its most famous son, the great 
philosopher Emmanuel Kant (1724-1804). 

A question arose among the town's curious citizens: 
Was it possible to make a journey across all seven bridges 
without having to cross any bridge more than once? No one 
had been able to do it, but was there a solution? Euler, 
who was in St. Petersburg, Russia, at the time, heard 


bridges of Kónigsberg An old map of the city showing the 
seven bridges. 


bridges of Kónigsberg The essential layout of the bridges. B 
represents Kneiphof Island. 


about this puzzle and looked into it. In 1736, he pub- 
lished a paper called Solutio problematis ad geometriam situs 
pertinentis (The solution of a problem relating to the 
geometry of position) in which he gave his answer. Euler 
reasoned that, for such a journey to be possible, each 
land mass would need to have an even number of bridges 
connected to it, or, if the journey began at one land mass 
and ended at another then those two land masses alone 
could have an odd number of connecting bridges while 
all the other land masses would have to have an even 
number of connecting bridges. Since the Konigsberg 
bridges violated this layout, a grand tour that involved 
only one crossing per bridge was impossible. Euler’s 
paper was important because it solved not just the 
Konigsberg conundrum but the much more general case 
of any network of points, or vertices, that are connected 
by lines, or arcs. What is more, the words geometry of post- 
tion in the title show that Euler realized that he was deal- 
ing with a different type of geometry where distance is 
irrelevant. So this work can be seen as a prelude to the 
subject of topology. See also Euler path. 


Briggs, Henry (1561-1630) 

An English mathematician who introduced common 
logarithms (to base 10) and was largely responsible for 
getting scientists to use them. Although a well-regarded 
mathematician in his own right, holding the Savilian 
chair of geometry at Oxford, Briggs was most important 
as a contact and as a public relations man for his field. 


Brocard problem 
The problem of finding the integer solutions of the 
equation 


ni+1l=m’. 


These solutions are called Brown numbers, and only three 
of them are known: (5, 4), (11, 5), and (71, 7). Paul Erdés 
conjectured that there are no others. 


broken chessboard 
See polyomino. 
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Bronowski, Jacob (1908-1974) 

A Polish mathematician who worked first on operation 
theory and its application to military strategy, but later on 
the ethics of science. He is remembered for writing and 
narrating the television series The Ascent of Man in 1973. 


Brouwer, Luitzen Egbertus Jan (1881-1966) 

A Dutch mathematician who opposed the logicist school 
of Bertrand Russell and established the intuitionist 
school of mathematical thought. He was also one of the 


founders of topology, doing most of his work in this 
field between 1909 and 1913. 


Brouwer fixed-point theorem 

An amazing result in topology and one of the most useful 
theorems in mathematics. Suppose there are two sheets of 
paper, one lying directly on top of the other. Take the top 
sheet, crumple it up, and put it back on top of the other 
sheet. Brouwer’s theorem says that there must be at least 
one point on the top sheet that is in exactly the same posi- 
tion relative to the bottom sheet as it was originally. The 
same idea works in three dimensions. Take a cup of coffee 
and stir it as much as you like. Brouwer’s theorem insists 
that there must be some point in the coffee that is in 
exactly the same spot as it was before you started stirring 
(though it might have moved around in between). More- 
over, if you stir again to move that point out of its original 
position, you can’t help but move another point back into 
its original position! Not surprisingly, the formal defini- 
tion of Brouwer’s theorem makes no mention of sheets of 
paper or cups of coffee. It states that a continuous function 
from an n-ball into an »-ball (that is, any way of mapping 
points in one object that is topologically the same as the 
filling of an n-dimensional sphere to another such object) 
must have a fixed point. Continuity of the function is 
essential: for example, if you rip the paper in the previous 
example then there may not be a fixed point. 


Brownian motion 

The most common type of continuous random motion 
of a particle, one in which the particle’s vibrations have 
more energy at short length and time scales. It models 
the motion of a particle in a fluid, fluctuation of stock 
prices, and many other processes. Brownian motion is 
named after the Scottish botanist Robert Brown 
(1773-1858) who first studied it. 


Brun’s constant 
See twin primes. 


bubbles 
Whether alone or in groups joined together, bubbles get 
their shape by following one simple rule: soap film 


always tries to form a minimal surface. The mathemati- 
cal study of bubbles and films began in earnest in the 
1830s with the experiments of Joseph Plateau. A single 
bubble will always try to form a sphere because this 
shape, as proposed by Archimedes and proved by Her- 
mann Amandus Schwarz (1843-1921) in 1884, is the 
minimal surface enclosing a single volume. For a long 
time, mathematicians believed that the minimal surface 
for enclosing two separate volumes of air is a double bub- 
ble separated by a third surface, which meets the other 
two along a circle at 120° and is flat if the bubbles enclose 
the same volume and, otherwise, is a spherical surface 
that bulges a little into the larger of the two. The double 
bubble conjecture was finally confirmed by a team of four 
mathematicians in 2000. 

Another great bubble mystery that has recently been 
solved is why the bubbles in a glass of Guinness appear 
to sink rather than rise. Bubbles that rise, like those in a 
saucepan or those breathed out by a diver, are a familiar 
sight and easy to explain: gas bubbles are lighter than 
liquid and experience a buoyancy force that drives them 
up toward the liquid surface. But many of the bubbles 
in a glass of Guinness can be seen heading downward. 
Researchers have found that large bubbles in the center 
of the glass move upward relatively quickly and drag 
liquid with them. Since the amount of liquid in the glass 
stays the same (unless someone drinks it!) the liquid 
moving upward near the center must eventually move 
back down near the walls of the glass. This downward- 
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bubbles A honeycomb-like arrangement of tightly packed 
bubbles. 


Australian National University 
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moving liquid has a dragging effect on the bubbles. 
Larger bubbles are more buoyant than smaller bubbles, 
and continue to move upward. Smaller bubbles (less 
than 0.05 mm in diameter) aren't buoyant enough to 
resist this drag force, and move downward with the liq- 
uid near the sides of the glass. Since Guinness is quite 
opaque, and these downward-moving small bubbles are 
close to the side of the glass, it often looks as 1f almost 
all the bubbles are moving down. See also Plateau 
problem. 


buckyball 

Also known as a fullerene, a large molecule made of carbon 
atoms arranged in the form of a convex polyhedral cage. 
Buckyballs are named after the architect Richard Buckmin- 
ster Fuller because they look like the geodesic domes that 
he invented. The first buckyball to be discovered (by acci- 
dent) was Ceo, in which 60 carbon atoms are arranged at 
each of the vertices of a truncated icosahedron. This shape, 
which looks like a soccer ball, has 32 faces, of which 20 are 
regular hexagons and 12 are regular pentagons. Many 


buckyball A molecule of Buckminster fullerene—a buckyball. Nick Wilson 
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different types of buckyballs are known. Common ones 
have 70, 76, and 84 carbon atoms, but all are built up exclu- 
sively from hexagonal and pentagonal faces in arrangements 
that follow Euler’s formula. This formula ensures that while 
the number of hexagons can vary from one type of fullerene 
to another, every fullerene has exactly 12 pentagons. (In fact, 
buckyballs with heptagonal faces have been seen, but these 
faces are concave and are regarded as defects.) 


Buffon’s needle 

An early problem in geometrical probability (see proba- 
bility theory) that was investigated experimentally in 
1777 by the French naturalist and mathematician Comte 
Georges Louis de Buffon (1707-1788). It involves drop- 
ping a needle repeatedly onto a lined sheet of paper and 
finding the probability of the needle crossing one of the 
lines on the page. The result, surprisingly, is directly 
related to the value of pi. 

Consider a simple case in which the lines are 1 cm apart 
and the needle is 1 cm in length. After many drops the 
probability of the needle lying across a line is found to be 
very close to 2/m. Why? There are two variables: the dis- 
tance from the center of the needle to the closest line, d, 
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Buffon's needle Needles are dropped randomly onto a lined 
surface. 


which can vary between 0 and 0.5 cm, and the angle, 9, at 
which the needle falls with respect to the lines, which can 
vary between 0 and 180°. The needle will hit a line ifd< 
l% sinó. In a plot of d against 1⁄2 sin, the values on or below 
the curve represent a hit; thus, the probability of a success 
is the ratio of the area below the curve to the area of entire 
rectangle. The area below the curve is given by the integral 
of 1% sin from 0 to rr, which is 1. The area of the rectangle 
is 7/2. So, the probability of a hit is 1/(7/2) or 2/m (about 
0.637). Dropping a needle many times onto lined paper 
gives an interesting (but slow) way to find x. This kind of 
probabilistic means of performing calculations is the basis 
of a technique known as the Monte Carlo method. 


bundle 

A map between two topological spaces 4 and B, where 
the sets f ' (b) for elements J of B (known as fibers), are all 
homeomorphic to a single space. The simplest example 
is the Möbius band, for which 4 is the Mobius band, B 
is a circle, and the fibers are homeomorphic to an inter- 
val on the real number line. 


Burali-Forti paradox 

An argument that shows that the collection of ordinal 
numbers (numbers that give the position of objects) do not, 
unlike the natural numbers, form a set. Each ordinal num- 
ber can be defined as the set of all its predecessors. Thus: 


0 is defined as {}, the empty set 
1 is defined as {0} which can be written as {{}} 
2 is defined as {0, 1} which can be written as {{}, {{}}} 


3 is defined as {0, 1, 2} which can be written as {{}, {{}}, 
(Us LU es 


in general, x is defined as {0, 1,2,... 72 — 1) 


If the ordinal numbers formed a set, this set would then be 
an ordinal number greater than any number in the set. 
This contradicts the assertion that the set contains all ordi- 
nal numbers. Although the ordinal numbers don't form a 
set, they can be regarded as a collection called a class. 


Buridan's ass 

A paradox of medieval logic concerning the behavior of an 
ass that is placed equidistantly from two piles of food of 
equal size and quality. Assuming that the behavior of the 
ass is entirely rational, it has no reason to prefer one pile to 
the other. Thus lacking a basis to decide which pile to eat 
first, it remains in its original position and starves. With 
one pile it would have lived; having two identical piles it 
dies. How can this make sense? The paradox is named after 
the French philosopher Jean Buridan (c. 1295-1356). 
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burr puzzle 

An interlocking wooden puzzle that, when put together, 
typically looks like three rectangular blocks crossing one 
another at right-angles. Little is known about its early his- 
tory, but it was certainly produced both in Asia and 
Europe in the eighteenth century. It acquired the name 
Chinese puzzle, probably because so many were produced 
in the Orient from the early 1900s. In 1928, Edwin Wyatt 
published Puzzles in Wood,**! the first book devoted to 
the subject, and introduced the term burr puzzle because 
of the likeness of the assembled toy to a seed burr. 

Burr puzzles consist of three (the smallest number), six 
(the most common number), twelve, or other numbers 
of pieces that are notched in various ways so as to pose a 
challenge to the would-be assembler. The earliest known 
reference to the popular six-piece burr appears in a Berlin 
catalog of 1790, but not until 1917 was a patent taken out 
on a particular design. In 1977, William Cutler proved 
that 25 possible notchable pieces can be used to make 
solid six-piece burrs and that they can be put together in 
314 ways. (Pieces are considered notchable if they can be 
made by a sequence of notches that are produced by chis- 
eling out the space between two saw cuts.) Cutler also 
proved there are 369 general pieces from which solid 
burrs can be made and that these can be assembled in 
119,979 ways. One particular form of burr has six identi- 
cal pieces, all of which move outward or inward together. 
Another form, with flat notched pieces, has one piece 
with an extra notch or an extended notch that allows it to 
fit in last, either by sliding or twisting, although this isn’t 
initially obvious. This form is sometimes made with 
equal pieces so that it can only be assembled by force, 
perhaps after steaming. 


butterfly effect 

One of the more sensational and loudly touted claims of 
chaos theory: a butterfly beating its wings could, by an 
intricate chain of causes and effects, give rise to a hurri- 
cane. The gist of the argument is that minuscule distur- 
bances can be amplified unpredictably into major 
phenomena. However, the overwhelming likelihood is 
that any effect as small as the beating of a butterfly’s wing 
would be quickly dampened out and play no significant 
part in future events. See also causality. 


butterfly theorem 

Let M be the midpoint of a chord PO of a circle, through 
which two other chords AB and CD are drawn. If AD 
intersects PO at X and CB intersects PO at Y then M is 
also the midpoint of XY The theorem gets its name from 
the shape of the resulting figure. 


Byron, (Augusta) Ada (1815-1852) 
Also known as Lady Lovelace, the daughter of Lord 
Byron and one of the most picturesque characters in 
computer prehistory. Her parents separated five weeks 
after her birth and she was raised by her mother (neé 
Annabella Milbanke), whom Lord Byron had called his 
“Princess of Parallelograms” because of her interest in 
mathematics. She was determined that Ada would be- 
come a mathematician and scientist, not a poet like her 
father. Ada, however, managed to combine both worlds, 
blending her science with poetical vision and her mathe- 
matics with metaphor. 

At the age of 17 she was introduced to Mary Somerville, 
a remarkable woman who translated Laplace’s works into 
English, and whose texts were used at Cambridge (where a 


burr puzzle A difficult six-piece burr with 19 false assemblies and a final piece that requires 10 directional moves. Mr. Puzzle Aus- 
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women's college is now named after her). It was at one of 
Mary Somerville’s dinner parties, in November 1834, 
that Ada first heard of Charles Babbage’s ideas for a new 
calculating machine, the Analytical Engine, and was 
immediately intrigued. In 1843, Ada, married and the 
mother of three children, translated a French article 
about the Engine and showed it to Babbage. He sug- 
gested that she add her own notes, which turned out to be 
three times the length of the original piece and included 
prescient comments about how such a machine might be 
used to compose complex music, produce graphics, and 


solve scientific problems. A regular correspondence 
ensued between Ada and Babbage, during which Ada sug- 
gested to Babbage a plan for how the engine might calcu- 
late Bernoulli numbers—a plan now regarded as the first 
computer program. In recognition of this, a software lan- 
guage developed by the U.S. Department of Defense was 
named “Ada” in 1979. Like her father, she died at the age 
of 36, following a series of illnesses.” 


byte 


A string of 8 bits, used to represent a character. 


caduceus 

In mathematics, a pair of curves in space, each of which is 
a helix and which twist in opposite directions around one 
another. In mythology, the caduceus is the wing-topped 
staff, wound about by two snakes, carried by Hermes, 
the Greek messenger of the gods. The snakes became 
entwined after Hermes threw his staff at them to stop their 
fighting. A caduceus was carried by Greek officials and 
became a Roman symbol for truce and neutrality. Since 
the sixteenth century it has also served as a symbol of 
medicine. Before modern medicine, people infected by 
parasitic worms were treated by physicians using a stick 
and a knife. A slit would be cut in the patient’s skin in 
front of the worm, and as the parasite crawled out of the 
incision, the worm would be wound around a stick until 
it was totally removed. The medical treatment of parasitic 
worm infection by knife and stick is believed to be the 
inspiration for the original caduceus. It was used as a pro- 
motional sign for physicians of that period. 


Cage, John (1912-1992) 

The American avant-garde composer perhaps best known 
for the quietest piece of music ever written. His piano 
composition 4°33” calls for the player to sit in silence for 
273 seconds—this being the number of degrees below 


caduceus Auckland Medical Research Foundation 


zero on the centigrade scale of absolute zero at which 
molecular motion stops. 4’33” was inspired by Cage’s 
visit to Harvard University’s anechoic chamber about 
which he wrote: 


There is no such thing as empty space or empty 
time. There is always something to hear or some- 
thing to see. In fact, try as we might to make a 
silence, we cannot. For certain engineering pur- 
poses, it is desirable to have as silent a situation as 
possible. Such a room is called an anechoic cham- 
ber, its walls made of special materials, a room with- 
out echoes. I entered one at Harvard University ... 
and heard two sounds, one a high and one a low. 
When I described them to the engineer in charge, he 
informed me that the high one was my nervous sys- 
tem and the low one was my blood circulation. 


Cage’s 4’33” breaks traditional boundaries by shifting 
attention from the stage to the audience and even beyond 
the concert hall. The listener becomes aware of all sorts of 
sound, from the mundane to the profound, from the 
expected to the surprising, from the intimate to the cosmic: 
shifting in seats, riffling programs, breathing, a creaking 
door, passing traffic, a recaptured memory. Is sitting quietly 
alone for 273 seconds equivalent to a private performance 
(and audience) of the piece? Or, in the final analysis, is it all 
pretentious nonsense? In his essay on “Nothing” Martin 
Gardner wrote: “I have not heard 4’33” performed, but 
friends who have tell me it is Cage’s finest composition.” 


Caesar cipher 

The simplest and oldest known type of substitution 
cipher, attributed to Julius Caesar, who used it to send 
government messages. In it, each letter in the alphabet is 
replaced by another letter using a predefined rule that 
shifts the alphabet a uniform amount to the right or left. 


For example, a shift of three units to the right, would turn 
the “This is secret” into “Wkly lv vhfuhw.” 


cake-cutting 

How can a group of people cut up a cake so that each gets 
what they consider to be a fair share? In its modern math- 
ematical form, this classic problem of fair division dates 
from World War II, when Hugo Steinhaus tackled it using 
a game theory approach.**” Any number of “players” are 
allowed. They agree on rules for dividing the cake, and 
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then everyone follows those rules. In the end, each player 
must get what he or she perceives to be a fair share. In the 
simplest case, involving just two people, there is an easy, 
well-known strategy: one cuts, the other chooses. Can this 
method be extended to three people? Can it be extended 
so that each person, according to his own judgment, 
receives the biggest piece? Steinhaus was able to prove that 
a so-called envy-free division, where everyone believes they 
got the best deal exists in every case, for any number of 
players. However, it was left for others to find actual algo- 
rithms that worked for three or more players. 

A three-person envy-free method was first devised by 
John Selfridge and John Conway. Suppose the players are 
called Alice, Bob, and Carol. The method goes like this: 
(1) Alice cuts the cake into what she thinks are thirds. (2) 
Bob trims one piece to create a two-way tie for largest, and 
sets the trimmings aside. (3) Carol picks a piece, then Bob, 
then Alice. Bob has to take a trimmed piece if Carol does 
not. Call the person who took the trimmed piece T, and 
the other (of Bob and Carol) NT. (4) To deal with the 
trimmings, NT cuts them into what she thinks are thirds. 
(5) The players pick pieces in this order: T, Alice, NT. The 
key to the success of the Selfridge-Conway strategy is that 
for the trimmings, Alice has an “irrevocable advantage” 
with respect to T, since Alice will never envy T even if T 
gets all the trimmings. Thus Alice can pick after T and 
allow the method to end in a finite number of steps. 

For four or more cake-cutters, envy-free solutions are 
very complex and can take arbitrarily long to resolve. How- 
ever, a general solution of the problem of fair, envy-free 
division was eventually found in 1992 by the Americans 
Steven Brams, a political scientist at New York University, 
and Alan Taylor, a mathematician at Union College in 
Schenectady, New York.** >”! With two players, the first 
player cuts the cake in half. With three players, the first 
player cuts the cake into thirds. With four players, Brams 
and Taylor showed, the first player, say Bob, cuts the cake 
into five equal-looking pieces. He passes them to Carol, 
who trims two at most to create a three-way tie for largest in 
her eyes. She sets the trimmings aside and gives the five 
pieces to Don, who trims one at most to create a two-way tie 
for largest in his eyes. Alice, the fourth player, now selects 
the piece she likes best. Choosing proceeds in the reverse 
order from cutting, with the proviso that anyone who 
trimmed one or more pieces must take one of them if any 
are still available when it’s his or her turn to choose. The 
extra piece to begin with assures that no player gets second- 
best. If someone takes a piece she likes before it’s her turn to 
choose, an equivalent piece or better always remains on the 
table. According to a formula Brams and Taylor developed, 
Bob must cut the cake into at least 2”-?+! pieces at the start. 
This amounts to nine pieces for five players, 17 pieces for 
six, and so on. Bob has to cut all these extra pieces to make 


sure that, when he finally gets to choose at the end, there 
will be a piece left that hasn’t been either trimmed or cho- 
sen by one of the many other players. With 22 players, Bob 
has to divide the cake into over a million pieces—small 
crumbs of comfort in the quest for a fairer world.” 


Calabi-Yau space 

A type of mathematical space that enters into string the- 
ory, where the geometry of the universe is held to consist 
of at least 10 dimensions—the four familiar dimensions of 
space-time and six compact dimensions of Calabi-Yau 
space. These extra dimensions are so tightly curled up 
that they aren’t noticed. Although the main application 
of Calabi-Yau spaces is in theoretical physics, they are 
also interesting from a purely mathematical standpoint. 


calculus 


The calculus is the greatest aid we have to the applica- 
tion of physical truth in the broadest sense of the word. 
—William Fogg Osgood (1864-1943) 


The branch of mathematics that deals with (1) the rate of 
change of quantities (which can be interpreted as the 
slopes of curves), known as differential calculus, and (2) the 
length, area, and volume of objects, known as integral 
calculus. Calculus was one of the most important de- 
velopments in mathematics and also in physics, much 
of which involves studying how quickly one quantity 
changes with respect to another. It is no coincidence that 
one of the founders of calculus was the brilliant English 
physicist Isaac Newton; another was Gottfried Leibniz. 
Although students nowadays learn differential calculus 
first, integral calculus has older roots. 


calculus of variations 

Calculus problems, especially differentiation and max:- 
mization, that involve functions on a set of functions of 
a real variable. An example is to find the shape of a cable 
suspended from both ends. 


calendar curiosities 
The earliest event in human history for which a definite 
date is known is a battle between the Lydians (allies of the 
Greek Spartans) and the Medes (ruled by the Persian king 
Cyrus) who had been locked in a war for five years. As the 
two sides faced each other for a crucial daytime con- 
frontation, a solar eclipse occurred. This was taken as a 
sign of the gods’ disapproval and the Lydians and Medes 
agreed to end the fighting then and there. The dates of 
solar eclipses can be figured out with great accuracy, and 
this one is known to have taken place on May 28, 586 B.C. 
Much less certain is the birth date of Christ. It was not 
until A.D. 440 that Christmas was celebrated on Decem- 


empty place (e.g. in 4086) as well as a value in its own right, was 
first used. Hindu mathematicians were also the first to really begin 
to develop the concept of negative numbers. 


As the human race became more evolved so our need for more 
complicated numbers developed — prehistoric man would not 
have had much use for decimals or negative numbers. As well as 
integers, the idea of parts of a whole has developed over many 
hundreds of years. The Babylonians created a system of fractions 
in about 2000 Bc as did the Ancient Egyptians four hundred 
years later. The word ‘fraction’ comes from the Latin fractus 
(broken) and fractions were often called ‘broken numbers’. The 
Romans used fractions which converted easily to hundredths to 
calculate taxes; a natural progression from this type of fraction is 
percentages — a percentage is a fraction expressed in hundredths. 
The word ‘percentage’ is derived from the Latin per centum, which 
means ‘per hundred’. Percentages today are used in a wide variety 
of contexts from finance to nutritional guidelines. 


Once a system for writing numbers was found it was natural to 
then go on to solve more complicated problems including those 
which might lead to an equation to solve or a formula to write 
down. Mathematicians in Ancient Egypt and Babylon were able to 
solve many types of equation, which were expressed in words or 
drawings. In Greece, Diophantus (c. 275 Bc), who has been called 
the ‘Father of Algebra’, used a form of symbolism, although the 
notation in use today did not appear until the seventeenth century. 


Another important branch of maths is geometry, which is the 
study of angles, points, lines, surfaces and solids. Geometry 
probably originated in Ancient Egypt, where it was applied 

to land surveying and navigation. Indeed, the name ‘geometry’ 

is derived from the Greek for ‘earth measure’. It was the Greek 
mathematician, Euclid, who developed the foundations for 
geometry — he first defined basic geometrical concepts including 
angles. Early civilizations had an understanding of angles, and 
trigonometry which was used in navigation, surveying and 
astronomy. There is evidence that the Egyptians used trigonometry 
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ber 25. This date was chosen because it coincided with 
the birth date of Mithras, the Persian sun-god, and was 
close to the pagan festival of Yule. In A.D. 534, Dionysius 
Exiguus (also known as Dennis the Little) created the sys- 
tem, still used today, of counting the years from the birth 
of Christ. Unfortunately, he slipped up in his calcula- 
tions. No one knows exactly when Jesus was born, but it 
was probably around 6 B.c. and certainly before the 
death of Herod the Great in 4 B.C. 

As for the future, there’s no shortage of predictions 
about the end of the world. According to the Mayan 
“long count” linear calendar, it will happen on June 5, 
2012. Other calendric curiosities: February 1865 is the 
only month in recorded history not to have a full moon, 
and months that begin on a Sunday will always have a 
Friday the 13th. 


Caliban 
A pseudonym of Hubert Phillips. 


Caliban puzzle 
A logic puzzle in which one is asked to infer one or more 
facts from a set of given facts. 


cannonball problem 

The mathematical analysis of stacks of cannonballs (or of 
spheres in general) that has its roots in a question posed 
by Sir Walter Raleigh, explorer, introducer of the potato 
and tobacco to Britain, and part-time pirate on the high 
seas. Raleigh asked his mathematical assistant, Thomas 
Harriot, how he could quickly figure out the number of 
cannonballs in a square pyramidal stack without having 
to count them individually. Harriot solved this problem 
without difficulty. If k is the number of cannonballs 
along the side of the bottom layer, the number of can- 
nonballs in the pyramid z is equal to % k(1 + &)(1 +22). 
For example, if k= 7, n = 420. A more specific form of the 
cannonball problem asks what is the smallest number of 
balls that can first be laid out on the ground as an 1 x n 


cannonball problem Cannonballs stacked in Narbonne, France. Australia National University 
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square, then piled into a square pyramid & balls high? In 
other words, what is the smallest square number that is 
also a square pyramidal number? This answer is the 
smallest solution to the Diophantine equation 


Ig k1 +A + 2h) =n? 


and turns out to be k= 24, n = 70, corresponding to 4,900 
cannonballs. The ultimate form of the cannonball prob- 
lem is to ask if there are any other, larger solutions. In 
1875 Edouard Lucas conjectured that there weren’t, and 
in 1918 G. N. Watson proved that Lucas was right.**! 

Returning to Elizabethan times, Thomas Harriot’s in- 
terest in spheres extended far beyond piles of cannon- 
balls. Harriot was an atomist, in the classical Greek sense, 
and believed that understanding how spheres pack 
together was crucial to understanding how the basic con- 
stituents of nature are arranged. Harriot also carried out 
numerous experiments in optics and was far ahead of his 
time in this field. So when, in 1909, Johannes Kepler 
wanted some advice on how to give his own theories on 
optics a stronger scientific underpinning who better to 
turn to than the Englishman? Harriot supplied Kepler 
with important data on the behavior of light rays passing 
through glass, but he also stimulated the German’s inter- 
est in the sphere-packing problem. In response, Kepler 
published a little booklet titled The Six- Cornered Snowflake 
(1611) that would influence the science of crystallogra- 
phy for the next two centuries and that contained what 
has come to be known as Kepler’s conjecture about the 
most efficient way to pack spheres. 


canonical form 

A form of any given polyhedron distorted so that every 
edge is tangent to the unit sphere and the center of grav- 
ity of the tangent points is the origin. 


Cantor, Georg Ferdinand Ludwig 
Philipp (1845-1918) 
A Russian-born German mathematician who founded set 
theory and introduced the concept of transfinite num- 
bers. His shocking and counterintuitive ideas about 
infinity drew widespread criticism before being accepted 
as a cornerstone of modern mathematical theory. 
Cantor was 11 when his family moved from St. Peters- 
burg to Germany. Despite attempts to push him into the 
more lucrative field of engineering, he eventually won his 
father’s approval to study math at the Polytechnic of 
Zurich. The following year, 1863, his father died and Can- 
tor switched to the University of Berlin where he studied 
under some of the greats of the day, including Karl Weier- 
strass and Leopold Kronecker. After receiving his doc- 
torate in 1867, he had trouble finding a good job and was 
forced to accept a position as an unpaid lecturer and later 


as an assistant professor at the backwater University of 
Halle. In 1872, he achieved his first breakthrough—and a 
promotion—by proving that if a function is continuous 
(in other words, its graph is smooth) throughout an inter- 
val, it can be represented by a unique trigonometric series. 
This work, suggested to him by his colleague Heinrich 
Heine, was crucial because it led Cantor to think about 
the relations between points, represented by real num- 
bers, that make up an unbroken line—the so-called contin- 
uum. Cantor realized that irrational numbers can be 
represented as infinite sequences of rational numbers, so 
that they can be understood as geometric points on the 
real-number line, just as rational numbers can. He was 
now in uncharted territory and at odds with mathematical 
orthodoxy, which frowned on the idea of actual infinity; 
however, he found like-minded friends in Richard 
Dedekind and, later, Gósta Mittag-Leffler. 

In 1873 to 1874 Cantor proved that the rational num- 
bers could be paired off, one by one, with the natural 
numbers and were therefore countable, but that there was 
no such one-to-one correspondence with the real num- 
bers. He then went on to show, incredibly, that there are 
exactly the same number of points on a short line as there 
are on an indefinitely long line, or on a plane, or in any 
mathematical space of higher dimensions. On this, he 
wrote to Dedekind: “I see it, but I don’t believe it!” 

By 1883, Cantor had abandoned his earlier reticence 
about dealing with irrationals only as sequences of ratio- 
nals and started to think in terms of a new type of 
number—the transfinite numbers. The sets of natural 
numbers and of real numbers were, he reasoned, just two 
elements of a series of different kinds of infinity. This dra- 
matic extension of the number system to allow for legiti- 
mate mathematics of the infinite was violently opposed. 
Henri Poincaré said that Cantor’s theory of infinite sets 
would be regarded by future generations as “a disease 
from which one has recovered.” Kronecker went further 
and did all he could to ridicule Cantor’s ideas, suppress 
publication of his results, and block Cantor’s ambition of 
gaining a position at the prestigious University of Berlin. 
In the spring of 1884 Cantor suffered the first of several 
attacks of depression, exacerbated if not induced by the 
negative reaction of his contemporaries. In between these 
attacks, he published further results but was increasingly 
troubled by his failure to prove the continuum hypoth- 
esis—his belief that the order of infinity of the real num- 
bers came next after that of the natural numbers. 
Although his later years were spent in and out of a sana- 
toria, he lived long enough to see his ideas on set theory 
vindicated and be described by David Hilbert as “the 
finest product of mathematical genius and one of the 
supreme achievements of purely intellectual human 
activity.” 
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Cantor dust. 


Cantor dust 

Also known as the Cantor set, possibly the first pure frac- 
tal ever found. It was detected by Georg Cantor around 
1872. To produce Cantor dust, start with a line segment, 
divide it in three equal smaller segments, take out the 
middle one, and repeat this process indefinitely. Al- 
though Cantor dust is riddled with infinitely many gaps, 
it still contains uncountably many points. It has a fractal 
dimension of log 2/log 3, or approximately 0.631. See 
also Sierpinski carpet. 


cap 
The symbol N used to denote the union between two sets. 


Cardano, Girolamo (1501-1570) 

A celebrated Renaissance mathematician, physician, as- 
trologer, and gambler, whose writings on the use of neg- 
ative numbers are the earliest known in Europe. As a 
physician, he gave one of the first clinical descriptions of 
typhoid fever. The illegitimate child of a mathematically 
gifted lawyer who was a friend of Leonardo da Vinci, he 
entered the University of Pavia in 1520 and later studied 
medicine at Padua. His eccentric and confrontational 
style earned him few friends, and he had trouble finding 
work. Eventually, he won a reputation as a physician and 
his services were highly valued at the courts. 

Today, Cardano is remembered mostly for his achieve- 
ments in algebra. He published the solutions to the quartic 
and cubic equations in his book Ars magna (1545). The 
solution to the cubic was communicated to him by Nic- 
coló Tartaglia (who later claimed that Cardano had sworn 
not to reveal it, and became embroiled with Cardano in a 
decade-long fight), and the quartic was solved by Cardano’s 
student Lodovico Ferrari. Both were acknowledged in the 
foreword of the book. Cardano was notoriously short of 
money and kept himself afloat by being an accomplished 
gambler and chess player. A book by him about games of 
chance, Liber de Ludo Aleae (Book on games of chance), 
written in the 1560s but published posthumously in 1663, 


contains the first systematic treatment of probability the- 
ory, as well as a section on effective cheating methods. 
Cardano invented several mechanical devices including the 
combination lock, the Cardano suspension (consisting of 
three concentric circles that allow a supported compass to 
rotate freely), and the Cardan shaft, which allows the trans- 
mission of rotary motion at various angles and is used in 
vehicles to this day. He made several contributions to 
hydrodynamics and claimed that perpetual motion is 
impossible, except in celestial bodies. He published two 
encyclopedias of natural science that contain a wide variety 
of inventions, facts, and occult superstitions. 

Cardano led a beleaguered life. His elder and favorite 
son was executed in 1560 after he confessed to having poi- 
soned his mercenary, cuckolding wife. Cardano’s daughter 
was allegedly a prostitute who died from syphilis, prompt- 
ing him to write a treatise about the disease. His younger 
son was a gambler who stole money from him. And Car- 
dano himself was accused of heresy in 1570 because he 
computed the horoscope of Jesus Christ. Apparently, his 
own son contributed to the prosecution. Cardano was 
arrested and had to spend several months in prison, then 
was forced to abjure and had to give up his professorship. 
He moved to Rome, received a lifetime annuity from Pope 
Gregory XIII, and finished his not-uneventful autobiogra- 
phy. He died on the day he had (supposedly) astrologically 
predicted. See also Chinese rings. 


Cardan’s rings 
See Chinese rings. 


cardinal number 

A number, often called simply a cardinal, that is used to 
count the objects or ideas in a set or collection: 0, 1, 
2,..., 83, and so on. The cardinality of a set is just the 
number of elements the set contains. For finite sets this is 
always a natural number. To compare the sizes of two sets, 
X and Y, all that’s necessary is to pair off the elements of X 
with those of Y and see if there are any left over. This con- 
cept is obvious in the case of finite sets but leads to some 
strange conclusions when dealing with infinite sets (see 
infinity). For example, it is possible to pair off all the nat- 
ural numbers with all the even numbers, with none left 
over; thus the set of natural numbers and the set of even 
numbers have the same cardinality. In fact, an infinite set 
can be defined as any set that has a proper subset of the 
same cardinality. Every countable set that is infinite has a 
cardinality of aleph-null; the set of real numbers has car- 
dinality aleph-one. See also ordinal number. 


cardioid 
A heart-shaped curve first studied in 1674 by the Dan- 
ish astronomer Ole Romer who was trying to find the 
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cardioid A cardioid curve spun by thread on a computer 
loom. Jos Leys wwwosleys.com 


best shape for gear teeth; the curve appears to have 
been named by Giovanni Salvemini de Castillon 
(1708-1791). When a circle rolls around another circle 
of the same size, any point on the moving circle traces 
out a cardioid. The Greeks used this fact when attempt- 
ing to describe the motions of the planets. The car- 
dioid is also the envelope of all circles with centers 
on a fixed circle, passing through one point on the 
fixed circle. In polar coordinates, it has the equation 
r = 2a(1 — cos8). It can also be described as an epi- 
cycloid with one cusp. 


cards 

The standard deck of 52 cards can be ordered in 52! (see 
factorial), or 8.065817517094 x 10° ways. There are var- 
ious ways to shuffle cards in order to randomize them 
or to perform tricks with them. Each of the four kings in 
a deck represents a great leader from history: Charle- 
magne (hearts), Alexander the Great (clubs), Julius Cae- 
sar (diamonds), King David (spades). The king of hearts 
is the only one without a moustache. See also black- 
jack. 


Carmichael number 

Also known as an absolute pseudoprime, a number n that 
is a Fermat pseudoprime to any base, that is, it divides 
(a” — a) for any a. Another way of saying this is that a 
Carmichael number is actually a composite number 
even though Fermat's little theorem suggests it is 
probably a prime number. (Fermat’s little theorem says 


that if P is a prime number, then for any number a, 
(a° — a) must be divisible by P. Carmichael numbers sat- 
isfy this condition to any base despite being compos- 
ite.) There are only seven Carmichael numbers under 
10,000 (they are 561, 1,105, 1,729, 2,465, 2,821, 6,601, 
and 8,911), and less than a quarter of a million of them 
under 10'. Nevertheless, in 1994 it was proved that 
there are infinitely many of them. All Carmichael num- 
bers are the product of at least three distinct primes, for 
example, 561 = 3 x 11 x 17. 


Carroll, Lewis (1832-1898) 
The pen name of Charles Lutwidge Dodgson (obtained 
by anglicizing the Latin translation, “Carolus Lodovi- 
cus,” of his first two names), an English mathematician, 
logician, and writer. Carroll was born at the Old Parson- 
age, Newton-by-Daresbury, Cheshire, his father being 
the vicar of All Saints Church, Daresbury. There is a 
commemorative window in the church, and a “Wonder- 
land” weathervane, showing the Mad Hatter, the White 
Rabbit, and Alice, on the local primary school. Carroll 
was educated at Rugby School (the student mathematics 
society there is still called the Dodgson Society in his 
honor) and then at Christ Church, Oxford, at which col- 
lege he was to spend the rest of his life, employed mainly 
as a lecturer. 

Carroll’s most famous book, Alice’s Adventures in 
Wonderland (1865), grew out of a story he told on the 
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Carroll, Lewis Lewis Carroll's Chess Wordgame, a game 
based on notation in Carroll's diaries with rules devised by 
Martin Gardner. Kadon Enterprises, Inc, www.gamepuzzles.com 
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hot summer afternoon of July 4, 1862, when out rowing 
with the three young daughters of the Greek scholar 
H. G. Liddell, dean of Christ Church. Alice, named 
after Alice Liddell (later Hargreaves, 1852-1934), con- 
tinued her adventures in Through the Looking-Glass 
(1871). Carroll wrote other books for children, includ- 
ing a long poem, “The Hunting of the Snark” (1876) 
and published several mathematical works, but was not 
distinguished academically. He stammered badly, never 
married, and seemed to find greatest pleasure in the 
company of little girls, with whom he lost his shyness. 
He was also an amateur pioneer in photography and an 
inventor of puzzles, games, ciphers, and mnemon- 
1cs.P"Y% Carroll was a master of fantasy and his stories 
have their own logic. Carroll used puns and coined 
neologisms, including what he called “portmanteau 
words” like chortle (combining chuckle and snort). He 
played games with idioms, using such expressions as 
“beating time” (to music) in a literal sense. He reshaped 
such animals of fable or rhetoric as the Gryphon, the 
March Hare (said to have been inspired by a carved hare 
carrying a satchel located at St. Mary's Church, Beverly, 
Humberside, where Carroll visited), and the Cheshire 
Cat, and invented new ones, including the Bander- 
snatch and the Boojum. 


PUZZLES 
Here are a few examples of puzzles invented by 
Carroll: 

1. You are given two glasses. One contains 50 
tablespoons of milk, the other 50 tablespoons 
of water. Take one tablespoon of milk and mix it 
with the water. Now take one tablespoon of the 
water/milk mixture and mix it with the pure milk 
to obtain a milk/water mixture. Is there more 
water in the milk/water mixture or more milk in 
the water/milk mixture? 

2. If you paint the faces of a cube with six different 
colors, how many ways are there to do this if 
each face is painted a different color and two col- 
orings of the cube are considered equivalent if 
you can rotate one to get the other? What if we 
drop the restriction that the faces be painted dif- 
ferent colors? 

3. Make a word-ladder from FOUR to FIVE. (Every 
step in a word ladder differs from the previous 
step in exactly one letter and each step in the lad- 
der is an English word.) 

4. Why is a raven like a writing desk? 

Solutions begin on page 369. 


CARROLLIAN QUOTES 
From Alice’s Adventures in Wonderland: 

e “The different branches of Arithmetic—Ambition, 
Distraction, Uglification, and Derision” 
“Then you should say what you mean,” the March 
Hare went on. 

“I do,” Alice hastily replied; “at least | mean 
what I say, that's the same thing, you know.’ 

“Not the same thing a bit!” said the Hatter. 
“Why, you might just as well say that ‘I see what | 
eat’ is the same thing as ‘I eat what | see! ” 

“Take some more tea,” the March Hare said to 
Alice, very earnestly. 

“I've had nothing yet,” Alice replied in an 
offended tone, “so | can't take more.” 

“You mean you can't take less,” said the Hatter. 
“It's very easy to take more than nothing” 

From The Hunting of the Snark: 
e “What I tell you three times is true.” 
From Alice through the Looking Glass 
e “Can you do addition?” the White Queen asked. 

“What's one and one and one and one and one 
and one and one and one and one and one?” 

“| don't know,” said Alice. “I lost count.” 

“It's very good jam,” said the Queen. 

“Well, | don't want any to-day, at any rate.” 

“You couldn't have it if you did want it,” the 
Queen said. “The rule is jam tomorrow and jam 
yesterday but never jam to-day.’ 

“It must come sometimes to “jam to-day,” Alice 
objected. 

“No it can't,” said the Queen. “It’s jam every 
other day; to-day isn't any other day, you know.’ 

“| don't understand you,” said Alice. “It's dread- 
fully confusing.” 

“When | use a word,” Humpty Dumpty said, in a 
rather scornful tone, “it means just what | choose it 
to mean—neither more nor less.” 

“The question is,” said Alice, “whether you can 
make words mean so many different things.” 

“The question is,” said Humpty Dumpty, “which 
is to be master—that's all.” 


Cartesian geometry 
See analytical geometry. 


Cartesian coordinates 

An ordered set of real numbers that defines the position 
of a point in terms of its projection onto mutually per- 
pendicular number lines. In the plane, each point is 
defined by two such projections, one onto the x-axis and 
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one onto the y-axis, and is written as an ordered pair of 
real numbers (x, y). The same system works equally in 
spaces of three or more dimensions. 


Cartesian oval 

A curve that actually consists of two ovals, one inside the 
other. It is the locus of a point whose distances s and £ from 
two fixed points S and T satisfy the equation s + mt = a. 
When cis the distance between S and 7 then the curve can 
be expressed in the form: 


((1 — m’*)(x* + y? + 2m*cx + a? — m?cóY = 4a*(x? + y?) 


The curves were first studied by René Descartes in 1637 
and are sometimes called the ovals of Descartes; they were 
also investigated by Isaac Newton in his classification of 
cubic curves. If m = +1, then the Cartesian oval is a cen- 
tral conic. If m = a/c, then it becomes a limacon of Pas- 
cal, in which case the inside oval touches the outside one. 
Cartesian ovals are anallagmatic curves. 


Cassinian ovals 

Also known as Cassini’s ovals, a family of curves, each 
member of which is defined as follows: given two points 
A and B and a constant c’, the locus of points P with 
PA x PB = c*. The locus has the equation (x? + y? — 
2a*(x* — y?Y — a? + c* = 0, where a= AB. Equivalently, 
Cassinian ovals can be thought of as the set of curves 
produced when a circular torus is sliced at every possi- 
ble point parallel to its axis. If c= a, then the curve is 
a special case known as the lemniscate of Bernoulli 
(a figure-eight type curve). The ovals are named after 
the Italian-born astronomer Giovanni Cassini (1625- 
1712) who first investigated them in 1680 while study- 
ing the relative motions of Earth and the Sun. Cassini 
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Cassinian ovals The many different ways to slice a dough- 
nut. Xah Lee, www.xahlee. org 


thought that the Sun traveled round Earth on one of 
these curves (rather than the ellipse, as correctly pro- 
posed in Kepler’s heliocentric scheme), with Earth at 
one focus. 


casting out nines 

A method for checking arithmetic that uses the idea of 
the digital root of a number. Let the digital root of a 
number z be r(z); for example, r(7,586) = 8. For any two 
numbers a and b: r(a + b) = r(r(a) + r(b)) and r(a x b) = 
r(r(a) x r(b)). These rules allow checks on addition and 
multiplication as the following examples show. Does 
7,586 + 9,492 = 16,978? r(r(7,586) + r(9,492)) = r(8 + 6) = 
5; r(16,978) = 4; so the sum given is incorrect. Does 
7,586 x 9,492 = 72,006,312. r(r(7,586) x r(9,492)) = 
r(8 x 6) = r(48) = 3; r(72,006,312) = r(21) = 3; which sug- 
gests that the product given is likely to be correct. The 
name “casting out nines” comes from the fact that nines 
need not be included in the calculation of the digital 
roots, since they have no effect on the final result. This a 
direct outcome of the fact that we use a decimal number 
system. If we calculated instead in octal (base eight), say, 
then the process would be one of “casting out sevens.” 
This kind of checking will pick up most errors, but not 
all. For example, an interchange of two digits will not be 
detected, nor will replacing a nine by a zero or vice versa. 
The method appears in the work of ninth-century Arab 
mathematicians but may have originated earlier with the 
Greeks and, possibly, the Hindus. 


Catalan number 
Any number, z,, from the Catalan sequence defined by 


u, = (21)! / (n+ 1)!n!. 


It begins: 1, 2, 5, 14, 42, 132, 429, 1,430, 4,862, 16,796, 
58,786, 208,012, 742,900, . . . . The values of u, represent 
the number of ways a polygon with x + 2 sides can be cut 
into z triangles using straight lines joining vertices (see 
vertex). Catalan numbers are named after the Belgian 
mathematician Eugéne Catalan (1814-1894). They also 
arise in other counting problems, for example in deter- 
mining how many ways 27 beans can be divided into two 
containers if one container can never have less than the 
second. 


Catalan solid 

A polyhedron that is a dual of an Archimedean solid. 
(A dual of a polyhedron is obtained by replacing each 
face with a vertex, and each vertex with a face.) Catalan 
solids are named after the Belgian mathematician Eugene 
Catalan (1814-1894) who first described them in 1865. 
See also Platonic solid and Johnson solid. (See table, 
“Catalan solids.”) 
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Catalan Solids 


Name 


Corresponding 
Archimedean Solid 


Triakis tetrahedron 


Truncated tetrahedron 


Rhombic dodecahedron 


Cuboctahedron 


Triakis octahedron 


Truncated cube 


Tetrakis hexahedron 


Truncated octahedron 


Deltoidal icositetrahedron 


Small rhombicubocta- 
hedron 


Disdyakis dodecahedron 


Great rhombicubocta- 
hedron 


Pentagonal icositetrahedron 


Snub cube 


Rhombic triacontahedron 


Icosidodecahedron 


Triakis icosahedron 


Truncated dodecahedron 


Pentakis dodecahedron 


Truncated icosahedron 


Deltoidal hexecontahedron 


Rhombicosidodeca- 
hedron 


Disdyakis triacontahedron 


Great rhombicosidodeca- 


hedron 


Pentagonal 
hexecontahedron 


Snub dodecahedron 


Catalan solid Two of the Catalan solids: the rhombic tricontahedron (right) and the disdyakistriacontahedron (left). Robert Webb, 
www.software3d.com, created using Webb's Stella program 


Catalan's conjecture 

The hypothesis, put forward by the Belgian mathemati- 
cian Eugène Catalan (1814-1894) in 1844, that 8 (= 2°) 
and 9 (= 3’) are the only pair of consecutive powers. In 
other words, the Catalan equation for prime numbers p 
and q and positive integers x and y 


xX? Y) 4 — 
has only the one solution 
San 


In 1976 R. Tijdeman took the first major step toward 
showing this is true by proving that for any solution, y 4 is 
less than e to the power e to the power e to the power e to 
the power 730 (a huge number”). Since then, this bound 
has been reduced many times, and it is now know that the 
larger of p and q is at most 7.78 x 10° and the smaller is at 
least 10’. On April 18, 2002, the Romanian number theo- 
rist Preda Mihailescu sent a manuscript to several mathe- 
maticians with a proof of the entire conjecture together 
with an analysis by Yuri Bilu. It is expected that as soon as 
this work is completely reviewed by other mathematicians 
that Catalan’s conjecture will have been proved.*% 
Solutions to Catalan’s conjecture and Fermat’s last 
theorem are special cases of the Fermat-Catalan equation: 
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xP +yt=2", 


where x, y, and z are positive, coprime integers and the 
exponents are all primes with 


1/p+1/9+1/r< 1. 


The Fermat-Catalan conjecture 15 that there are only finitely 
many solutions to this system. These solutions include: 


V+42=3 (p22)2%4+7 =3' 
13° +7 =2, 

33° + 1,549,034? =15,613* 

and 43° + 96,222* = 30,042,907”. 


Catalan's constant 

A constant that crops up regularly in combinatorial prob- 
lems, especially in the evaluation of certain infinite series 
and integrals. For example, it is equal to 


f arctan (x) / x dx, and 
LR Ae 


It is also the solution to the following problem as z 
becomes arbitrarily large: If you have a 2n x 2n checker- 
board and a supply of 2n* dominoes that are just large 
enough to cover two squares of the checkerboard, how 
many ways are there to cover the whole board with the 
dominoes? Catalan’s constant has the value 0.915965... ; 
it is not known if it’s an irrational number. 


catastrophe theory 

A theory, developed by the French mathematician René 
Thom (1923-2003), that attempts to explain the behav- 
ior of complex dynamical systems by relating it to topol- 
ogy. The evolution of such systems consists of steady 
continuous change interspersed with sudden major 
jumps, or “catastrophes,” when the topology of the set 
changes. Catastrophe theory has been applied, with vary- 
ing degrees of success, to phenomena as diverse as earth- 
quakes, stock market crashes, prison riots, and human 
conflicts, at the personal, group, and societal level. The 
theory was first developed by Thom in a paper published 
in 1968 but became well known through his book Struc- 
tural Stability and Morphogenesis (1972). Many mathe- 
maticians took up the study of catastrophe theory and 
it was in tremendous vogue for a while, yet it never 
achieved the success that its younger cousin chaos theory 
has because it failed to live up to its promise of useful 
predictions. Late in his career, the surrealist Salvador Dali 
painted Topological Abduction of Europe: Homage to René 
Thom (1983), an aerial view of a seismically fractured 
landscape juxtaposed with the equation that strives to 
explain it. 


catch-22 

A situation in which a person is frustrated by a paradoxical 
rule or set of circumstances that preclude any attempt to 
escape from them. The name comes from the title of a 
novel by Joseph Heller (1923-1999), based on his personal 
experiences, about an American airman’s attempts to sur- 
vive the madness of World War II. Heller wrote: 


There was only one catch and that was Catch-22, 
which specified that concern for one’s own safety in 
the face of dangers that were real and immediate was 
the process of a rational mind. Orr was crazy and 
could be grounded. All he had to do was ask; and as 
soon as he did, he would no longer be crazy and 
would have to fly more missions. Orr would be 
crazy to fly more missions and sane if he didn’t, but 
if he was sane he had to fly them. If he flew them he 
was crazy and didn’t have to; but if he didn’t want 
to he was sane and had to. 


category theory 

The study of abstracted collections of mathematical 
objects, such as the category of sets or the category of 
vector spaces, together with abstracted operations send- 
ing one object to another, such as the collection of func- 
tions from one set to another or linear transformations 
from one vector space to another. 


catenary 

The shape that a rope or telephone cable makes, under the 
influence of gravity, when suspended between two points. 
The word comes from the Latin catena, meaning “chain,” 
and was first used by Christiaan Huygens while studying 
the form of suspended chains. Galileo thought the shape 
would be a parabola. In fact, near the vertex, a parabola 
and a catenary do look very similar. When x is slightly 
greater than three, however, the catenary begins to rapidly 
outgrow the value of the parabola. The two shapes are 
related in another way. If a parabola is rolled along a 
straight line, the focus of the parabola moves along a cate- 
nary curve. Surprisingly, too, if a bicycle with square (or 
any polygon-shaped) wheels is ridden along a road made 
of upturned catenaries the wheels will roll smoothly and 
the rider will stay at the same height! The St. Louis Arch, 
which is 192 meters wide at the base and 192 meters tall, 
follows the form of a catenary, the exact formula for which 
is displayed inside the arch: y = 68.8 cosh (0.01x — 1), 
where cosh is the hyperbolic cosine function. 

The general equation of a catenary can be written 


y =k cosh(x/k), 


where k is a constant, or, in terms of the exponential 
function, 
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catenary The catenary curve. © Jan Wassenaar, www.2dcurves.com 


yak(e + y2. 
In the special case where k = 1, these reduce to 
y = cosh(x) = (e* + e)/2. 
In terms of a polynomial series 


y=0.5 (Ltxtx?/2!4+4°/3!4 x7/4l4+...+41-x4+%7/2! 
— «°/3!4+x7/4! —...) 
= 1 + x?/2! + 44/4 + x%/6!+.... 


For small values of x the terms beyond x?/2! are very 
small, so that the equation closely approximates that of a 
parabola, as we have already seen. 


catenoid 

The surface of revolution produced when a catenary 
rotates about its central axis. The catenoid was first 
described by Leonhard Euler in 1740 and is the oldest 
known minimal surface (a shape of least area when 
bounded by a given closed space). It is the minimal sur- 
face connecting two parallel circles of unequal diameter 
on the same axis; soap film between two circular rings 
takes this form (see also bubbles). The catenoid is the 


only known minimal surface that is also a surface of rev- 
olution, and is one of only four minimal surfaces that 
have the topological properties of being unbounded, 
embedded, and non-periodic; the others are the simple 
plane, the helicoid, and Costa’s surface. 


cathetus 

A line that is perpendicular to another line. Usually, it 
refers to one of the lines in a right triangle that is not the 
hypotenuse. 


Cauchy, Augustin Louis, Baron (1789-1857) 

A French mathematician who founded complex analysis 
by discovering the Cauchy-Riemann equations and wrote 
789 papers—an output surpassed only by Leonhard 
Euler, George Cayley, and Paul Erdós. He coined the 
name for the determinant and systematized its study and 
gave nearly modern definitions of limit, continuity, and 
convergence. 


causality 

The relationship between causes and effects. An event or 
state of affairs A is the cause of an event B if A is the 
reason that brings about the effect B. For instance, one 
might say, “my pushing the gas pedal caused the car to 
go faster.” An important question in philosophy and 
other fields is how (and if) causes can bring about 
effects. In a strict reading, if A causes B, then A must 
always be followed by B. In this sense, for example, 
smoking doesn’t cause cancer. In everyday usage, we 
therefore often take “A causes B” to mean “A causes an 
increase in the probability of B.” The establishment of 
cause and effect, even with this relaxed reading, is noto- 
riously difficult. The Scottish philosopher David Hume 
held that causes and effects are not real, but instead are 
imagined by our minds to make sense of the observation 
that A often occurs together with or slightly before B. 
All we can actually observe are correlations, not causa- 
tions. This is also expressed in the logical fallacy, “corre- 
lation implies causation.” For instance, the observation 
that smokers have a dramatically increased lung cancer 
rate doesn’t establish that smoking must be the cause of 
that increased cancer rate: maybe there exists a certain 
genetic defect which both causes cancer and a yearning 
for nicotine.) 


caustic 

The envelope of rays of light reflected (or refracted) by a 
given curve from a given point source of light; a catacaus- 
tic results from reflection, a diacaustic from refraction. 
Among the caustic curves of a circle are a lima, if the light 
source is nearby, a nephroid, if the source is at infinity, 
and a cardioid, if the source is on the circle. 
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Cavalieri's principle 

If two solids have the same height and the same cross- 
sectional area at every level, then they have the same 
volume. This principle is named after the Italian mathe- 
matician Bonaventura Cavalieri (1598-1647). 


Cayley, Arthur (1821-1895) 

A British mathematician who made important contribu- 
tions to non-Euclidean geometry and the algebra of 
matrices (see matrix). The former eventually found 1ts way 
into the study of the space-time continuum, the latter into 
a formulation of quantum mechanics by the German 
physicist Werner Heisenberg. Cayley was also far ahead of 
his time in pioneering the idea of abstract groups. 


Cayley number 
See octonion. 


Cayley's mousetrap 

A permutation problem invented by Arthur Cayley. 
Write the numbers 1, 2,..., 2 on a set of cards and shuf- 
fle the deck. Start counting using the top card. If the card 
chosen does not equal the count, move it to the bottom 
of the deck and continue counting forward. If the card 
chosen does equal the count, discard the chosen card and 
begin counting again at 1. The game is won if all cards are 
discarded, and lost if the count reaches n + 1. The num- 
ber of ways the cards can be arranged such that at least 
one card is in the proper place for n = 1, 2,..., are 1, 1, 
4, 15, 76, 455,.... 


Cayley's sextic 
A sinusoidal spiral curve described by the Cartesian 
equation 


A(x? + y? — ax) = 274 (x? + y?). 


It was discovered by Colin Maclaurin but was first stud- 
ied in detail by Arthur Cayley and named after him by 
R. C. Archibald in 1900. 


ceiling 

The largest value that something can take. The ceiling 
function of a number x is the smallest integer that is not 
smaller than x. 


cell 

(1) A three-dimensional object that is part of a higher- 
dimensional object, such as a polychoron. A cell is 
related to higher-dimensional objects in the way that a 
face, or (two-dimensional) polygon, is related to higher- 
dimensional objects. For example, a cell is to a Four- 
dimensional polytope, or polychoron, what a face is to a 
three-dimensional polytope, or polyhedron. Often poly- 


topes are classified simply by how many cells they have. 
For example, the tesseract has eight cells, each one of 
which is a cube. (2) The fundamental spatial unit oper- 
ated on by the rules of a cellular automaton during one 
generation. 


cellular automaton 

An array of cells that evolves according to a set of rules 
based on the states of surrounding cells; for example, a 
cell might be “on” if its four neighbor cells (east, west, 
north, and south) are also on. The entire array can self- 
organize into global patterns that may move around the 
screen. These patterns can be quite complex even though 
they emerge from just a few very simple rules governing 
the connections among the cells. Cellular automata are 
the simplest models of spatially distributed processes. 
They were first investigated by John von Neumann in 
about 1952. Von Neumann incorporated a cellular model 
into his “universal constructor” and also proved that an 
automaton consisting of cells with four orthogonal 
neighbors and 29 possible states would be capable of 
simulating a Turing machine for some configuration of 
about 200,000 cells. The best-known cellular automaton 
is Life (see Life, Conway’s game of ). Another example is 
Langton’s ant. The study of cellular automata and their 
patterns has led to insights into the way structure is built 
up in biological and other complex systems, and for this 
reason forms part of the subject of artificial life. 


celt 

Also known as a rattleback, a simple ancient toy that 
behaves in a very counterintuitive way. When spun one 
way about its vertical axis, the celt spins for a long time. 
When spun the other way, however, a wobble quickly sets 
in that halts the rotation and then, incredibly, reverses it. 
In his 1986 paper on the subject, the British physicist 
Hermann Bondi wrote: “Many people, even trained sci- 
entists, find it hard to understand that the behaviour of 
the toy doesn’t violate the principle of conservation of 
angular momentum.”!”! The celt’s remarkable antics stem 
from three factors: a curved base that has two different 
radii—one long radius for the lengthwise curve and one 
shorter radius for the tighter curve across the width; axes 
of symmetry that are skewed slightly from the principal 
axes of inertia; and a different distribution of mass about 
each of the two horizontal axes of inertia. To understand 
how the celt can switch direction halfway through its per- 
formance, think of the frictional force that acts at the 
point of contact between the celt and the surface. One 
component of the friction creates a torque (twisting 
force) that tends to rotate the celt about its vertical axis. 
The point of contact is moving all the time and the 
torque changes. If the inertial and symmetrical axes coin- 
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to help them build their pyramids and today it is used in a variety 
of fields such as surveying, engineering and even music. 


One of the most important modern applications of mathematics 

is in statistics and probability. Statistics deals with the collection, 
organization.and analysis of data, often, but not always, numerical 
data. Starting with pictorial records on the walls of cave dwellings, 
the collection and recording of data is as old as civilization itself. 
Before 3000 Bc, the Babylonians gathered information about 
crops and trade and so, centuries later, did the Egyptians and the 
Chinese. The word ‘statistics’ itself is derived from the Latin word 
statisticus, meaning ‘of state affairs’. Today, an understanding 

of how data is handled and interpreted enables us to make more 
informed decisions in our everyday lives. 


The study of probability has its origins in the mid-sixteenth century, 
when mathematicians attempted to answer questions arising in 
gambling. One hundred years later the Frenchmen Blaise Pascal 

and Pierre de Fermat developed probability theory — in effect, 

the laws of chance. Today, probability is widely used in science 

and industry, its applications ranging from genetics and quantum 
mechanics to insurance. 


Today mathematics is more relevant than ever — its applications are 
wide ranging and impact on most aspects of our lives. Complete 
Mathematics aims to help you improve your knowledge and 
understanding of mathematics. The key to improving your maths is 
practice — this is a book to be worked through and not simply read. 
Have the confidence to try out different strategies, make jottings 
and re-read the examples. Don’t be put off by large or ‘difficult’ 
numbers — change the numbers to simplify the problem and then 
ask yourself how you should approach this new simpler problem. 
Working through this book will improve your mathematical 
confidence, knowledge and understanding. Whatever your reasons 
for studying mathematics, the authors hope you enjoy the process! 
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cided, the average torque over a single oscillation would 
be zero. But for the celt, there’s a net torque in one direc- 
tion, which reverses the angular momentum. See also 
Tippee Top. 


center of perspective 
The point where the lines joining corresponding points 
of two figures that are in perspective meet. 


centillion 
See large number. 


central angle 
The angle subtended at the center of a circle by an arc or 
a chord; in other words, the angle between two radii. 


centroid 

For a triangle, the point of intersection of the medians. 
For any other shape, the point where coordinates are the 
average of the coordinates of the shape’s vertices (see ver- 
tex). The centroid is the center of mass of a figure. 


century 

A period of 100 years. The original Latin centuria means 
simply “one hundred” and was used to describe any col- 
lection of 100 items. In the Roman army, a century was a 
group of 100 men, each known as a centurion. One of the 
few modern examples of “century” being used other than 
to denote a period of time is in the game of cricket where 
a batsman who scores 100 runs in an inning is said to 
have “made a century.” 


Ceva, Giovanni (1647-1734) 

A Jesuit-trained Italian mathematician who specialized in 
geometry. His greatest discovery, now known as Ceva's 
theorem, can be stated as follows. Given a triangle with 
vertices (corners), A, B, and C and points D, E, and F on 
the opposite sides, the lines AD, BE, and CF will inter- 
sect at a single point if BD x CE x AF = DC x EA x FB. 
The term cevian line was coined by French geometers 
around the end of the eighteenth century to honor Ceva. 
It is defined as any line joining a vertex of a triangle to a 
point on the opposite side. The median, altitude, and 
angle bisector are all examples of cevians. The perpen- 
dicular bisector, however, in most cases, is not a cevian 
because it doesn’t usually pass through a vertex. 


chained arrow notation 
See Conway’s chained arrow notation. 


Chaitin, Gregory (1947-) 
An American mathematician and computer scientist at 
IBM’s T. J. Watson Research Center who is the chief 


architect of a new subject known as algorithmic information 
theory, which has profound consequences for our ideas 
about randomness. In particular, because of the limita- 
tions of computers and the programs they run, Chaitin 
has shown that there is an inherent uncertainty or 
unknowability in mathematics that is similar to the 
uncertainty principle in physics. Although there are an 
infinite number of mathematical facts, they are, for the 
most part, unrelated to each other and impossible to tie 
together with unifying theorems. His powerful message is 
that most of mathematics is true for no particular reason; 
math is true by accident. See Chaitin’s constant. 


Chaitin's constant 

A real number, represented by capital omega (Q) and also 
known as the Halting probability, whose digits are distrib- 
uted so randomly that no rule can be found to predict 
them. Discovered by Gregory Chaitin, Q is definable but 
not computable. It has no pattern or structure to 1t what- 
soever, but consists instead of an infinitely long string of 
zeros and ones in which each digit is as unrelated to its pre- 
decessor as one coin toss is to the next. Although called a 
constant, it is not a constant in the sense that, for example, 
pi is, since its definition depends on the arbitrary choice of 
computation model and programming language. For each 
such model or language, (2 is the probability that a ran- 
domly produced string will represent a program that, when 
run, will eventually halt. To derive it, Chaitin considered 
all the possible programs that a hypothetical computer 
known as a Turing machine could run, and then looked 
for the probability that a program, chosen at random from 
among all the possible programs, will halt. He eventually 
showed that this halting probability turns Turing’s ques- 
tion of whether a program ever stops into a real number, 
somewhere between zero and one. He further showed that, 
just as there are no computable instructions for deciding in 
advance whether a computer will halt, there are also no 
instructions for determining the digits of Q. Omega is 
uncomputable and unknowable: we don’t know its value 
for any programming language and we never will. This is 
extraordinary enough in itself, but Chaitin has found that 
Q permeates the whole of mathematics, placing funda- 
mental limits on what we can know. 

And Q is just the beginning. There are more disturbing 
numbers called Super-Omegas, whose degree of random- 
ness is vastly greater even than that of Q. If there were an 
omnipotent computer that could solve the halting prob- 
lem and evaluate Q, this mega-brain would have its own 
unknowable halting probability called Q’. And if there 
were a still more godlike machine that could find Q’, its 
halting probability would be Q”. These higher Omegas, it 
has been recently discovered, are not meaningless 
abstractions. 0’, for instance, gives the probability that 
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an infinite computation produces only a finite amount of 
output. Q” is equivalent to the probability that, during 
an infinite computation, a computer will fail to produce 
an output—for example, get no result from a computa- 
tion and move on to the next one—and that it will do this 
only a finite number of times. Omega and the Omega 
hierarchy are revealing to mathematicians an unsettling 
truth: the problems that we can hope ever to solve form 
a tiny archipelago in a vast ocean of undecidability.!°”! 


Champernowne’s number 

The first known normal number. It was discovered in 
1933 by the English mathematician David G. Champer- 
nowne and consists of a decimal fraction in which the 
decimal integers are written down in increasing order: 
0.12345678910111213 .... Champernowne’s number has 
been proven to be a normal number in base 10 and also 
to be an irrational number. However, although its digits 
appear with equal frequency, the sequence of its digits are 
not unpredictable. An example of a number whose se- 
quence of digits zs unpredictable is Chaitin’s constant. 


chance 
See probability theory. 


change ringing 


The art of change ringing 1s pecultar to the English, 
and, like most English peculiarities, unintelligible 
to the rest of the world. To the musical Belgian, for 
example, it appears that the proper thing to do with 
a carefully tuned ring of bells is to play a tune upon 
it. By the English campanologist . . . the proper use 
of the bells 1s to work out mathematical permuta- 
tions and combinations. 

—Dorothy L. Sayers, The Nine Tailors 


The ringing of a set of bells in a precise relationship to 
one another to produce a pleasing sound. Bells are num- 
bered 1, 2, 3, 4, 5... from lightest (highest-pitched) to 
heaviest. After each sequence, or round, the order of the 
bells is changed slightly in a predetermined way. With 5 
bells, there are 5 x 4 x 3 x2 x 1, or 120, possible changes, 
which take about 4 minutes to ring. With 6, 7, or 8 bells, 
the number of unique changes is 720, 5,040, and 40,320, 
respectively. To produce pleasing variations in the sound, 
bells are made to change places with adjacent bells in the 
row, for example: 

123 4 5 6 7 8 

2143 65 8 7 
These rows are the musical notation of change ringing. 
No bell moves more than one place in the row at a time, 


although more than one pair may change in the same 


2 


L 


2 

4 2 
2 4 
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change ringing The “Plain Hunt Minimus” for four bells. The 
sequences for bells 1 and 3 are shown by lines. 


row. In order to ring a different row with each pull of the 
rope, ringers have devised methods for changing pairs in 
orderly ways. In ringing a method, the bells begin in 
rounds, ring changes according to the method, and 
return to rounds without repeating any row along the 
way. These place changes produce musical patterns, with 
the sounds of the bells weaving in and out. For example, 
a “Plain Hunt Minimus” with four bells is rung as shown 
in the diagram. 
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Experienced ringers test and extend their abilities by 
ringing peals: 5,000 or more changes without breaks or 
repeating a row. Peals customarily last about three hours. 
The first peal was rung in England in 1715. Chiming bells 
(swinging them through a short arc using a rope and a 
lever) goes well back into the Middle Ages, but it wasn't 
until the seventeenth century that ringers developed the 
full wheel, which allowed enough control for orderly 
ringing. In 1668 Fabian Stedman published Tintinnalogia 
(The art of change ringing), containing all the available 
information on systematic ringing. The theory of change 
ringing set forth by Stedman has been refined in later 
years but remains essentially unchanged today. Bells for 
change ringing are hung in stout frames that allow the 
bells to swing through 360°. Each bell is attached to a 
wooden wheel with a handmade rope running around it 
and takes about 2 seconds to rotate. The bells are 
arranged in the frame so their ropes hang in a circle in the 
ringing chamber below. Into each rope is woven a tuft of 
brightly colored wool (a sally), which marks where the 
ringer must catch the rope while ringing. Bells are rung 
from the “mouth up” position. With a pull of the rope, 
the bell swings through a full circle to the up position 
again. With the next pull it swings back in the other 
direction. The plot of Dorothy Sayers’s The Nine Tailors 
(1934), considered one of her best works, revolves 
around the art of change ringing. 


chaos 


We adore chaos because we love to produce order. 
—M. C. Escher 


A phenomenon shown by some dynamical systems, 
which consists of a curious, infinitely complex pattern of 
behavior that lies just beyond the edge of total order. A 
system is chaotic if it is predictable in principle and yet is 
unpredictable in practice over long periods because its 
behavior depends very sensitively on initial conditions. 
Despite this unpredictability, however, there are certain 
constants, such as Feigenbaum’s constant, and certain 
structures, such as chaotic attractors, that are fixed and 
susceptible to analysis. The weather, the movements of a 
metal pendulum moving over fixed magnets, and the 
orbits of closely spaced moons are all examples of chaotic 
systems. Although the ideas behind modern chaos theory 
were actively studied at some level throughout most of 
the twentieth century, the word as a mathematical term 
dates only from an article in American Mathematical 
Monthly in 1975 called “Period Three Implies Chaos.” 

In everyday language, chaos has come to mean the 
exact opposite of order. But the Greek root khaox means 
“empty space” and this meaning still persists in archaic 
usage where it refers to a canyon or abyss. The evolution 


of the word to mean disorder seems to come from refer- 
ence to the time before God created the universe. Empty 
space was formless and the creation filled the emptiness 
and established order. Mathematical chaos represents an 
unexpected third state: a deterministic system subject to 


simple rules that nevertheless displays infinitely complex 
behavior.'*"! 


chaos tiles 
See Penrose tiling. 


chaotic attractor 

Also known as a strange attractor, a type of attractor (i.e., 
an attracting set of states) in a complex dynamical sys- 
tem’s phase space that shows sensitivity to initial condi- 
tions. Because of this property, once the system is on the 
attractor, nearby states diverge from each other exponen- 
tially fast. Consequently, small amounts of noise are 
amplified. Once sufficiently amplified the noise deter- 
mines the system’s large-scale behavior and the system is 
then unpredictable. Chaotic attractors themselves are 
markedly patterned, often having elegant, fixed geometric 
structures, despite the fact that the trajectories moving 
within them appear unpredictable. The chaotic attractor’s 
geometric shape is the order underlying the apparent 
chaos. It functions in much the same way as someone 
kneading dough. The local separation of trajectories cor- 
responds to stretching the dough and the global attraction 
property corresponds to folding the stretched dough back 
onto itself. One result of the stretch-and-fold aspect of 
chaotic attractors is that they are fractals; that is, some 
cross section of them reveals similar structure on all scales. 


character theory 

The study of the traces (sums of the diagonal elements) 
of the matrix representations of a group. The informa- 
tion gained is listed in character tables, the properties of 
which give insight into the group’s properties. 


chess 

A game of strategy for two players that probably origi- 
nated in India, though the earliest documentary refer- 
ences are in Chinese and Persian texts in about A.D. 600. 
Each player has 16 pieces, either black or white, consist- 
ing of eight pawns, two rooks (also known as castles), two 
knights, two bishops, a queen, and a king. The object is 
to lay siege to the opposing king in such a way that it can- 
not escape attack—a position known as checkmate (from 
the Persian phrase Shah Mat, meaning “the king is dead”). 
There are 400 first-move combinations—20 for white x 20 
for black (though only 64 of these are regarded as strong), 
318,979,564,000 ways of playing the first four moves, and 
169,518,829, 100,544,000 trillion ways of playing the first 
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chess An illumination from the Cantigas de Santa Maria (a thirteenth-century collection of songs) showing a chess game in 
progress. 


10 moves. The total number of possible board configura- 
tions is estimated at 10'%; for comparison, that of Go is 
generally put at about 10'”. 

A standard chessboard is a square plane divided into 
64 smaller squares by straight lines at right angles. Origi- 
nally, it wasn’t checkered (that is, made with its rows and 
columns alternately of dark and light colors), and this 
feature was introduced merely to help the eye in actual 
play. In many puzzles based on chess the utility of check- 
ering is questionable, and the board may be generalized 
to any 2 X n size. 

One of the first puzzles to use a chessboard was the 
wheat and chessboard problem, posed in 1256 by the 
Arabic mathematician Ibn Kallikan. Among the earliest 
problems to involve chess pieces, proposed by Guarini di 
Forli in 1512, asks how two white and two black knights 
can be interchanged, using normal knight’s moves, if they 
are placed at the corners of a 3 x 3 board. The unusual 
L-shaped movement of the knight is what makes one of 
the best known chess puzzles, the knight’s tour, such a 
challenge. Other standard puzzles, often called simply the 
kings problem, the queens puzzle, the rooks problem, 


the bishops problem, and the knights problem, ask for 
the greatest number of each of these pieces that can be 
placed on an 8 x 8 board or on a generalized x n board 
without attacking each other, and/or the smallest number 
of each of these pieces that are needed to occupy or attack 
every square. Fairy chess is any variant on the standard 
game, which may involve a change in the form of the 
board, the rules of play, or the pieces used. For example, 
the normal rules of chess can be used but with a cylindri- 
cal or Möbius band connection of the edges. 


Chinese cross 
See burr puzzle. 


Chinese remainder theorem 

If there are n numbers, a, to a,, that have no factors in 
common (i.e., are pairwise relatively prime), then any 
integer greater than or equal to 0 and less than the prod- 
uct of all the numbers can be uniquely represented by 
a series consisting of the remainders of division by the 
numbers z. For example, if a, = 3 and a, = 5, the Chinese 
remainder theorem (CRT) says that every integer from 0 
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to 14 will have a unique set of remainders when divided 
separately by (modulo) 3 and 5. Listing out all the possi- 
bilities shows that this is true: 


O has a remainder of 0 modulo 3 and a remainder of 0 
modulo 5. 


1 has a remainder of 1 modulo 3 and a remainder of 1 
modulo 5. 


2 has a remainder of 2 modulo 3 and a remainder of 2 
modulo 5. 


3 has a remainder of 0 modulo 3 and a remainder of 3 
modulo 5. 


4 has a remainder of 1 modulo 3 and a remainder of 4 
modulo 5. 


5 has a remainder of 2 modulo 3 and a remainder of 0 
modulo 5. 


6 has a remainder of 0 modulo 3 and a remainder of 1 
modulo 5. 


7 has a remainder of 1 modulo 3 and a remainder of 2 
modulo 5. 


8 has a remainder of 2 modulo 3 and a remainder of 3 
modulo 5. 


9 has a remainder of 0 modulo 3 and a remainder of 4 
modulo 5. 


10 has a remainder of 1 modulo 3 and a remainder of 
0 modulo 5. 


11 has a remainder of 2 modulo 3 and a remainder of 
1 modulo 5. 


12 has a remainder of 0 modulo 3 and a remainder of 
2 modulo 5. 


13 has a remainder of 1 modulo 3 and a remainder of 
3 modulo 5. 


14 has a remainder of 2 modulo 3 and a remainder of 
4 modulo 5. 


CRT enables problems such as the following to be solved: 
Find the two smallest counting numbers that will each 
have the remainders 2, 3, and 2 when divided by 3, 5, and 
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7, respectively. It is said that the ancient Chinese used a 
variant of this theorem to count their soldiers by having 
them line up in rectangles of 7 by 7, 11 by 11, and so forth. 
After counting only the remainders, they solved the associ- 
ated system of equations for the smallest positive solution. 


Chinese rings 

One of the oldest known mechanical puzzles, the object 
of which is to remove all rings from a horizontal loop 
of stiff wire, and/or put them back on the loop. On the 
first move it is possible to take up to two rings off the left 
end of the wire. One or both of those can then be slipped 
through the wire loop (from top to bottom). If both are 
removed then the fourth ring can be slipped over the 
end. If just one of the first two is removed, then the next 
step is to slip the third ring over the end. Subsequently, 
rings must be put back on to the wire loop in order to 
remove other rings, and this procedure is repeated over 
and over again. In general, the minimum number of 
moves needed is (2”*' — 2)/3 if n is even and (2”*' — 1)/3 
if n is odd. For example, with seven rings the solution 
takes 85 moves. Most of the solution is easy, as each 
move normally involves going forward or back to the pre- 
vious state. The key to a correct solution is the first step: 
if n is even, you must remove two rings; if n is odd, you 
must remove only one. The solution is similar to that of 
the Tower of Hanoi. In fact, Edouard Lucas, who in- 
vented the Tower of Hanoi, gave an elegant solution to 
the Chinese rings that uses binary arithmetic. 

Stewart Cullin, the noted nineteenth-century ethnolo- 
gist, relates that the puzzle was invented by the famous 
Chinese general Chu-ko Liang (A.D. 181-234), in the sec- 
ond century, as a present to his wife so that, in trying to 
solve it, she would have something to do while he was 
away at the wars. However, this is anecdotal and its ori- 
gins remain obscure. The earliest reference to it in Europe 
may be in about 1500 in the form of Problem 107 of the 
manuscript De Viribus Quantitatis by Luca Pacioli in 
which the description appears: “Do Cavare et Mettere una 
Strenghetta Salda in al Quanti Anelli Saldi, Difficil Caso” 
(Remove and put a little bar joined in some joined rings, 
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www.mrpuzzle.com.au 
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difficult case). It was also mentioned by Girolamo Car- 
dan in the 1550 edition of his book De Subtililate from 
which comes the name Cardan’s rings, and was treated at 
length in mathematical terms by John Wallis in about 
1685. By the end of the seventeenth century, it had 
become popular in many European countries. French 
peasants used it to lock chests and called it baguenaudier, 
or “time-waster.” 


Chinese room 

An argument first put forward by the American philoso- 
pher John Searle (1932-) in 1980 in an attempt to show 
that the human mind is not a computer and that the 
Turing test is not adequate to prove that a machine can 
have strong artificial intelligence (strong AlI)—in other 
words, can think in a humanlike way.”™! In the Chinese 
room scenario, a person who understands no Chinese 
sits in a room into which written Chinese characters are 
passed. The person uses a complex set of rules, estab- 
lished ahead of time, to manipulate these characters, and 
pass other characters out of the room. The idea is that a 
Chinese-speaking interviewer would pass questions writ- 
ten in Chinese into the room, and the corresponding 
answers would come out of the room in Chinese. Searle 
maintains that if such a system could indeed pass a Tur- 
ing test, the person who manipulated the symbols would 
obviously not understand Chinese any better than he 
did before entering the room. 

Searle proceeds systematically to refute the claims of 
strong AI by positioning himself as the one who manip- 
ulates the Chinese symbols. The first claim is that a sys- 
tem able to pass the Turing test understands the input 
and output. Searle replies that as the “computer” in the 
Chinese room, he gains no understanding of Chinese by 
simply manipulating the symbols according to the for- 
mal program (the complex translation rules). The opera- 
tor in the room need not have any understanding of what 
the interviewer is asking, or of the replies that he is pro- 
ducing. He may not even know that there is a question- 
and-answer session going on outside the room. 

The second claim of strong AI to which Searle objects 
is the claim that the system explains human understand- 
ing. Searle asserts that since the system is functioning—in 
this case passing the Turing Test—and yet there is no 
understanding on the part of the operator, then the sys- 
tem does not understand and therefore could not explain 
human understanding. 


chiral 

Having different left-hand and right-hand forms; not 
mirror symmetric. For example, the szub cube (one of the 
Archimedean solids) is chiral, where as the ordinary 
cube is not. 


Chladni, Ernst Florens Friedrich (1756-1827) 

A German lawyer, musician (he was born in Leipzig in 
the same year as Mozart and died in the same year as 
Beethoven), and amateur scientist who founded the sci- 
ence of acoustics. While investigating musical tones, he 
had the inspired idea of making the sounds visible in a 
solid material. He spread fine sand over a glass or metal 
plate and set it into vibration with the bow of a violin by 
scraping the bow along one edge of the plate. The bow 
alternately stuck and slipped in rapid succession on the 
edge of the plate creating waves that moved across the 
plate and were reflected from the edges. These reflected 
waves became superimposed on the new waves coming 
from the bow edge, resulting in symmetrical patterns of 
nodal lines where the plate wasn’t moving. The type of 
pattern produced on a Chladni plate depends on a vari- 
ety of factors, including the point or points of support 
and their location; the point where the bow touches the 
plate; the frequency of the vibration, which is influenced 
by the speed the bow; and the shape and other properties 
of the plate itself. 


chord 
A straight line that joins two points on a curve. Most 
commonly, chord is used to mean a straight line segment 
joining, and included between, two points on a circle. In 
this more restricted sense it first appears in English in 
1551 in Robert Recorde’s The Pathwaie to Knowledge: 
“Defin., If the line goe crosse the circle, and passe beside 
the centre, then is it called a corde, or a stryngline.” 
Some surprising results emerge from moving chords. 
For example, take a chord in a circle C, and slide the 
chord around the circle so that the midpoint of the chord 
traces out a smaller concentric circle. Call the area 
between the two circles 4(C). Now do the same thing 
with a larger circle C” but with the same length chord. Is 
A(C’) larger or smaller than 4(C)? Surprisingly, they are 
the same. In other words A(C) doesn’t depend on what 
circle you start with, only the length of the chord. An 
even more amazing fact is that if you slide a chord of 
fixed length around any convex shape C so that the chord’s 
midpoint traces out another figure D, the area between C 
and D doesn’t depend on what shape you started with. 


chromatic number 

(1) In graph theory, the minimum number of colors 
needed to color (the vertices of) a connected graph so 
that no two adjacent vertices are colored the same. In the 
case of simple graphs, this so-called coloring problem can 
be solved by inspection. In general, however, finding the 
chromatic number of a large graph (and, similarly, an 
optimal coloring) is an NP-hard problem. (2) In topol- 
ogy, the maximum number of regions that can be drawn 
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on a surface in such a way that each region has a border 
in common with every other region. If each region is 
given a different color, each color will border on every 
other color. The chromatic number of a square, tube, or 
sphere, for example, is 4; in other words, it is impossible 
to place more than four differently colored regions on 
one of these figures so that any pair has a common 
boundary. “Chromatic number” also indicates the least 
number of colors needed to color any finite map on a 
given surface. Again, this is 4 in the case of the plane, 
tube, and sphere, as was proved quite recently in the solu- 
tion to the four-color map problem. The chromatic 
number, in both senses just described, is 7 for the torus, 
6 for the Möbius band, and 2 for the Klein bottle. See 
also Betti number. 


chronogram 

A phrase or sentence in which certain letters represent, 
cryptically, a date, epoch, or, in rare cases, a non-date 
number. For example, the chronogram “My Day Is 
Closed In Immortality” commemorates the death of 
Queen Elizabeth the First of England: the capital letters 
can be rearranged to give MDCIII, or 1603, the year in 
which she died. 


Church, Alonzo (1903-1995) 

An American logician and professor at Princeton Univer- 
sity who was an early pioneer of theoretical computer sci- 
ence. He is best known for his development, in 1934, of 
the so-called lambda calculus, a model of computation, 
and his discovery, in 1936, of an “undecidable problem” 
within it. This result preceded Alan Turing’s famous 
work on the halting problem, which also pointed out the 
existence of a problem unsolvable by mechanical means. 
Church and Turing then showed that the lambda calculus 
and the Turing machine, which is used in the halting 
problem, are equivalent in capability. They also demon- 
strated a variety of alternative “mechanical processes for 
computation” with equivalent computational abilities. 
See also Church-Turing thesis. 


Church-Turing thesis 

A logical/mathematical postulate, independently arrived 
at by Alan Turing and Alonzo Church, which asserts that 
as long as a procedure is sufficiently clear-cut and 
mechanical, there is some algorithmic way of solving it 
(such as via computation on a Turing machine). Thus, 
there are some processes or problems that are com- 
putable according to some set of algorithms, and other 
processes or problems that are not. A strong form of the 
Church-Turing thesis claims that all neural and psycho- 
logical processes can be simulated as computational 
processes on a computer. 


cipher 

(1) A cryptographic system (see cryptography) in which 
units of plain text of regular length, usually letters, are 
arbitrarily transposed (see transposition cipher) or sub- 
stituted (see substitution cipher) according to a prede- 
termined code, or a message written or transmitted in 
such a system. See also Caesar cipher and Beal cipher. 
(2) The mathematical symbol (0) for zero. 


circle 

The set of all points in a plane at a given distance, called 
the radius, from a fixed point, called the center. A circle is 
a simple closed curve that divides the plane into an inte- 
rior and exterior. It has a perimeter, called a circumference, 
of length 2rr and encloses an area of ar’. In coordinate 
geometry a circle with center (xo, yo) and radius r is the set 
of all points (x, y) such that: 


(x — x0)" + 3) = 7° 


“Circle” comes from the Latin circus, which refers to a 
large round or rounded oblong enclosure in which the 
famous Roman chariot races were held. 

A line cutting a circle in two places is called a secant. The 
segment of a secant bound by the circle is called a chord, and 
the longest chord is that which passes through the center 
and is known as a diameter. The ratio of the circumference to 
the diameter of a circle is pi. The length of a circle between 
two radii is called an arc; the ratio between the length of an 
arc and the radius defines the angle between two radii in 
radians. The area bounded by two radii and an arc is known 
as a sector. A line touching a circle in one place is called a tan- 
gent. Tangent lines are perpendicular to radii. In affine 
geometry all circles and ellipses become congruent, and in 
projective geometry the other conic sections join them. A 
circle is a conic section with eccentricity zero. In topology 
all simple closed curves are homeomorphic to circles, and 
the word circle is often applied to them as a result. The three- 
dimensional analog of the circle is the sphere, and the four- 
dimensional analog is the hypersphere. 


circle involute 

The simplest kind of spiral to draw and understand. It is 
the path that a goat, tethered to a post, would follow if it 
walked around and around in the same direction, keep- 
ing its tether taught until it wound its way to the center. 
The radial distance between adjacent loops of the spiral is 
equal to the circumference of the central circle. Except 
for the innermost loop, the circle involute is hard to dis- 
tinguish from the Archimedean spiral, though the two 
curves are never identical. 


circular cone 
A cone whose base is a circle. 
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circular helix 
See helix. 


circular prime 

A prime number that remains prime on any cyclic rota- 
tion of its digits. An example (in the decimal system) is 
1,193 because 1,931, 9,311, and 3,119 are also prime. 
Any one-digit prime is circular by default. In base ten, 
any circular prime with two or more digits can only con- 
tain the digits 1, 3, 7, and 9; otherwise when 0, 2, 4, 5, 6, 
or 8 is rotated into the units place, the result can be 
divided by 2 or 5. The only circular primes known, listing 
just the smallest representative from each cycle, are: 2, 3, 
Ll 137 17,3% 79 1135 197.199: 337, 1.193. 3779; 
11,939, 19,937, 193,939, 199,933, Ris, Raz, R317 Rio31 and 
possibly Ras. These last five are the known rep-unit 
primes and probable primes. It's generally believed that 
there are infinitely many rep-unit primes, so there should 
be infinitely many circular primes. But it’s very likely that 
all circular primes not on the list above are rep-units. 


circumcenter 

The center of a circle that passes through the vertices (see 
vertex) of a given polygon, usually a triangle. For a trian- 
gle, it is the same as the point of intersection of the per- 
pendicular bisectors of the three sides. 


circumcircle 

The circle that passes through all three vertices (see 
vertex) of a given triangle. It is said to circumscribe the 
triangle. 


circumference 

The distance around the outside of a circle. The word 
comes the Latin circus (“circle”) and ferre (“to carry”), thus 
means “to carry around.” 


cissoid 

Given a fixed point A and two curves C and D, the cis- 
soid of the two curves with respect to 4 is constructed as 
follows: pick a point Pon C, and draw a line / through P 
and A. This cuts D at Q, Let R be the point on /such that 
AP= OR. The locus of R as P moves on C is the cissoid. 
The name cissozd, meaning “ivy-shaped,” first appears in 
the work of Geminus in the first century B.C. 

A special case of this curve, now known as the cissozd of 
Diocles, was first explored by Diocles in his attempt to 
solve the classical problem of duplicating the cube. 
Later investigators of the same curve include Pierre de 
Fermat, Christiaan Huygens, John Wallis, and Isaac 
Newton. The cissoid of Diocles is traced out by the ver- 
tex of a parabola as it rolls, without slipping, on a second 
parabola of the same size. It has the Cartesian equation 


cissoid The cissoid of Diocles. © Jan Wassenaar, 
www.2dcurves.com 


yer/ La=2x): 


Interestingly, Diocles investigated the properties of the 
focal point of a parabola in On Burning Mirrors (a similar 
title appears in the works of Archimedes). The problem, 
then as now, is to find a mirror surface such that when it 
is placed facing the Sun, it focuses the maximum amount 
of heat. 


classification 

The goal in a branch of mathematics of providing an 
exhaustive list of some type of mathematical object 
with no repetitions. For example, the classification of 
3-manifolds is one of the outstanding problems in topol- 
ogy. With the advent of computers, one weak but precise 
way to state a classification problem is to ask whether 
there is an algorithm to determine whether two given 
objects are equivalent. 


clelia 

Also known as a delie curve, the locus of a point P that 
moves on the surface of a sphere in such a way that /6 
is constant, where Y and 9 are the longitude and colati- 
tude (the angular distance from a pole). 
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Clifford, William Kingdon (1845-1879) 

An English mathematician who studied non-Euclidean 
geometry and topology. In 1870, he wrote On the Space 
Theory of Matter in which he argued that energy and mat- 
ter are simply different types of curvature of space—a 
remarkably advanced idea that would come to fruition in 
Einstein’s general relativity theory. Although small of 
build Clifford was remarkably strong and able to do one- 
armed chin-ups. His death at an early age was the result 
of overwork and exhaustion. 


clock puzzles 
The earliest known clock problem was posed in 1694 
by Jacques Ozanam in his Récréations mathématiques et 


physiques. 


PUZZLES 
Here are two clock puzzles invented by Lewis Carroll: 

1. A clock has hour and minute hands of the same 
length and no numerals on its face. At what time 
between 6 and 7 o'clock will the time on the 
clock appear to be the same as the time read on 
the reflection of the clock in a mirror? 

2. Which has a better chance of giving the right time: 
a clock that has stopped or one that loses a 
minute every day? 

And here is another from Henry Dudeney's Amuse- 
ments in Mathematics called “The Club Clock”: 

3. One of the big clocks in the Cogitators’ Club was 
found the other night to have stopped just when 
the second hand was exactly midway between 
the other two hands. One of the members pro- 
posed to some of his friends that they should tell 
him the exact time when (if the clock had not 
stopped) the second hand would next again have 
been midway between the minute hand and the 
hour hand. Can you find the correct time that it 
would happen? 

Solutions begin on page 369. 


closed 

A closed curve is one that has no endpoints so that it com- 
pletely encloses a certain area. A closed interval, which cor- 
responds to a closed set, is an interval that includes its 
endpoints. 


cochleoid 

A spiral curve that was first studied by J. Peck in 1700 and 
Bernoulli in 1726. Its name, meaning “snail-form” 
(kochlias is Greek for “snail”), was coined by Benthan and 
Falkenburg in 1884. It can be constructed starting from a 
point O on the y-axis. For all circles through O (tangent 


cochleoid A cochleoid inside the circle used to construct it. 
© Jan Wassenaar, www.2dcurves.com 


to the y-axis), pace a constant distance on the circle. The 
collection of those points is the cochleoid. In Cartesian 
coordinates, it is given by the formula 


(x? + y?) tan” (y/x) = ay 
and in polar coordinates by 
r=asim0 / 6. 


The points of contact of parallel tangents to the cochleoid 
lie on a strophoid. 


code 
See cipher. 


codimension 

In general, if a mathematical object sits inside or is asso- 
ciated with another object of dimension z, then it is said 
to have codimension k if it has dimension z — k. 


coding theory 

The branch of mathematics concerned with sending data 
across noisy channels and recovering the message. Whereas 
cryptography is about making messages hard to read, cod- 
ing theory focuses on making messages easy to read. The 
basic problem is that messages, in the form of binary digits 
or bits (strings of 0 or 1) have to be sent along a channel 
(such as a phone line) in which errors occur randomly, but 
at a predictable overall rate. To compensate for the errors, 
more bits have to be sent than are contained in the original 
message. The easiest way to detect errors in binary data is 
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the parity code, which inserts an extra parity bit after every 
7 bits from the source message. To correct as well as detect 
errors, the data has to be retransmitted. A simple way to do 
this is to repeat each bit a set number of times. The recipi- 
ent sees which value, 0 or 1, occurs more often and 
assumes that to be the intended bit. This method can cope 
with error rates up to 1 error in every 2 bits transmitted but 
it means that an awful lot of extra bits have to be sent. 

In 1948, Claude Shannon at Bell Labs began the sub- 
ject of coding theory by proving the minimum number 
of extra bits that had to be transmitted to encode mes- 
sages but without showing ways to find these optimal 
codes. Two years later, Richard Hamming, also at Bell 
Labs, gave details of error-correcting codes with informa- 
tion transmission rates more efficient than simple repeti- 
tion. His first code, in which four data bits were followed 
by three check bits, allowed not only the detection but 
the correction of a single error. 

While Shannon and Hamming were involved with 
information transmission in the United States, John 
Leech devised similar codes while working on group the- 
ory at Cambridge University. This research also took in 
the sphere packing problem and culminated in the amaz- 
ing, 24-dimensional Leech lattice, the study of which 
proved crucial to understanding and classifying finite 
symmetry groups. The value of error-correcting codes for 
information transmission, both on Earth and from space, 
was immediately grasped, and a variety of codes were 
constructed that boosted both economy of transmission 
and error-correction capacity. Between 1969 and 1973 the 
NASA Mariner probes used a powerful Reed-Muller code 
capable of correcting 7 errors out of 32 bits transmitted. 
A less obvious application of error-correcting codes came 
with the development of the compact disk on which the 
signal is encoded digitally. To guard against scratches and 
other damage, two interleaved codes that can correct up 
to 4,000 consecutive errors are used. By the late 1990s the 
goal of finding explicit codes that reach the limits pre- 
dicted by Shannon’s original work had been achieved. 


codomain 

For a given function or mapping, a set within which the 
values of the function lie. This is different from the set of 
values, known as the range, that the function actually takes. 


coefficient 

A number or other factor that multiplies a variable. For 
example, in the equation 3x — 4ky = 8, the 3 and 4% are 
coefficients of the variables x and y. The word combines 
three elements, the Latin facere (“to do”), and the prefixes 
ex (“out”) and co (“with”), to give the overall meaning of 
joining two things together to bring about a result. The 
sixteenth-century mathematician Francois Vieta may 


have coined the word, but it was not commonly used 
until around the beginning of the eighteenth century. 


Coffin, Stewart T. 

A leading designer of mechanical puzzles. He is also 
the author of The Puzzling World of Polyhedral Dissec- 
tions, “^! one of the most significant works produced on 
this subject. 


cohomology 

A subject that involves calculating algebraic invariants of 
topological spaces that are formally dual to homology. 
The invariants obtained are in general more powerful than 
those given by homology and usually have more algebraic 
structure. Generalized cohomology theories, both for topologi- 
cal spaces and for purely algebraic structures, have been 
developed that have some of the formal properties of 
cohomology but which don’t have the same geometric 
background. 


coin paradox 

Consider two round coins of equal size. Imagine holding 
one still and then rolling the other coin around it, mak- 
ing sure that it doesn’t slip and that the rims are touching 
at all times. How many times will the moving coin have 
rotated after it has completed one revolution of the sta- 
tionary coin? Most people believe that the answer will be 
once and are therefore surprised to discover that the 
truth is in fact twice. 


coincidence 

What an amazing coincidence! Well, not really. Coinci- 
dences are bound to happen. In a world where there are 
a great many potential coincidences each with a small 
probability of happening, someone, somewhere is going 
to see one—and be amazed by it. The fact that there are 
countless numbers of noncoincidences and many people 
who don’t see a significant coincidence in the same 
period of time is overlooked. Also, we tend to underesti- 
mate the probabilities of coincidences in certain situa- 
tions and are therefore more surprised than we should be 
when coincidences happen. A classic example of this is 
the birthday paradox. 

Obviously some things are extraordinarily unlikely. 
What are the chances, for example, of a meteorite hitting 
your car? Next to nothing, but not quite nothing. There 
are a lot of cars and there are dozens of meteorites that 
strike Earth every day. Sooner or later, it’s bound to hap- 
pen. In fact, it did happen to Michelle Knapp’s Chevy 
Malibu parked outside her home in Peekskill, New York, 
on the evening of October 9, 1992. A 12-kilogram space 
rock smashed through the car's trunk and ended up on 
the driveway below. 


In this chapter you will learn: 

e about place value 

e about the four operations of arithmetic 

e about the order in which arithmetic operations should be 
carried out 

e about some special numbers. 


1.1 Introduction — place value 
Over the centuries, many systems of writing numbers have been 
used. For example, the number which we write as 17 is written as 


XVII using Roman numerals. 


Our system of writing numbers is called the decimal system, because 
it is based on ten, the number of fingers and thumbs we have. 


The decimal system uses the digits 0, 1, 2, 3, 4, 5, 6, 7, 8, 9. 
The place of the digit in a number tells you the value of that digit. 


When you write a number, the value of the digit in each of the first 
four columns, starting from the right, is 


thousands hundreds tens units 
3 6 5 2 


1. Number 


complete graph 73 


Does coincidence completely explain away all events 
that might otherwise be put down to precognition? On 
April 15, 1912, the SS Titanic sunk on her maiden voyage, 
having been holed by an iceberg, and over 1,500 people 
died. Fourteen years earlier a novel had been published by 
Morgan Robertson that seemed to foretell the disaster. 
The book described a ship the same size as Titanic that 
struck an iceberg on its maiden voyage on a misty April 
night. The name of Robertson's fictional ship was the 
Titan. Mere happenstance or evidence of something 
deeper? Numerologists often spot matchups that would 
go unnoticed by the rest of us. Is it so strange that there are 
almost exactly 500 million inches in the pole-to-pole 
diameter of Earth? Not if you work in centimeters. And 
should we make such a fuss over the fact that the speed of 
light is within 0.1% of 300,000 kilometers per second 
when we give no attention to the miles-per-second value 
of 186,282? Yet, surely, there can be no doubt that Shake- 
speare wrote the Bible. The King James Version was pub- 
lished in 1611, when Shakespeare was 46 years old. Look 
up Psalm 46. Count 46 words from the beginning of the 
Psalm. You will find the word “Shake.” Count 46 words 
from the end of the Psalm. You will find the word “Spear.” 
To some, an obvious coded message. See also thirteen. 


Collatz problem 

A problem first posed by the German mathematician 
Lothar Collatz (1910-1990) in 1937, that 1s also known var- 
iously as the 32+ 1 problem, Kakutant's problem, the Syracuse 
problem, Thwaites’ conjecture, and Ulam's conjecture. It runs as 
follows. Let 2 be any integer. (1) If is odd, put 2 equal to 
3n + 1; otherwise, put 2 equal to 2/2. (2) If n = 1, stop; oth- 
erwise go back to step 1. Does this process always terminate 
(i.e., end in 1) for any value of n? To date, this question 
remains unanswered, though the process has been found to 
stop for all 1 up to 5.6 x 10”. British mathematician Bryan 
Thwaites (1996) has offered a £1,000 reward for a resolu- 
tion of the problem. However, John Conway has shown 
that Collatz-type problems can be formally undecidable, 
so it not known if a solution is even possible. The members 
of sequences produced by the Collatz problem are some- 
times known as hailstone sequences.'*! 


combination 

A set of objects selected without reference to the order in 
which they are arranged. Compare with permutation. 
See also binomial coefficient. 


combinatorics 

The study of the ways of choosing and arranging objects 
from given collections and the study of other kinds of 
problems relating to counting the number of ways to do 
something. 


commensurable 

Two lines or distances are commensurable if the ratio of 
their lengths is a rational number. If the ratio is an irra- 
tional number, they are called incommensurable. 


common fraction 
A fraction that consists of the quotient of two integers. 


communication theory 
See information theory. 


commutative 
Two numbers, x and z, are said to be commutative under 


addition if 
x+y=yt+x 
and to be commutative under multiplication if 


xXy=y XY. 


In general, two elements a and b of a set S are commuta- 
tive under the binary operation (an operation that works 
on two elements at a time) * if 


a*b=b* b. 


Compare with associative and distributive. 


complement 

That which is needed to complete something. For in- 
stance, the complement of a number is what needs to be 
added to it to make a specified value; the complement of 
an angle is the angle required to turn it into a right angle. 
The complement of a set is composed of all the elements 
that are not members of that set. 


complete 

Describes a formal system in which all statements can be 
proved as being true or false. Most interesting formal sys- 
tems are not complete, as demonstrated by Gédel’s in- 
completeness theorem. 


complete graph 

A connected graph in which exactly one edge connects 
each pair of vertices (see vertex). A complete graph with 
n vertices, denoted K,, has a(n — 1)/2 edges (i.e., the nth 
triangular number), (n — 1)! Hamilton circuits, and a 
chromatic number of x. Every vertex in K, has degree 
n — 1; therefore K, has an Euler circuit if and only if 
n is odd. In a weighted complete graph, each edge has a 
number called a weight attached to it. Each path then 
has a total weight, which is the sum of the weights of 
the edges in the path. See also traveling salesman 
problem. 
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complex adaptive system (CAS) 

A nonlinear, interactive, complex system with the ability 
to adapt to a changing environment. CASs evolve by ran- 
dom mutation, self-organization, the transformation of 
their internal models of the environment, and natural 
selection. Examples include living organisms, the nervous 
system, the immune system, the economy, corporations, 
and societies. In a CAS, semiautonomous agents interact 
according to certain rules of interaction, evolving to maxi- 
mize some measure like fitness. The agents are diverse in 
form and capability and they adapt by changing their rules 
and, hence, behavior, as they gain experience. CASs evolve 
historically—their experience determines their future tra- 
jectory. Their adaptability can either be increased or de- 
creased by the rules shaping their interaction. Moreover, 
unanticipated, emergent structures can play a determining 
role in the evolution of such systems, which is why they are 
highly unpredictable. On the other hand, CASs have the 
potential of a great deal of creativity that was not pro- 
grammed into them from the beginning. 


complex analysis 

The study of functions of a complex variable. Often, the 
most natural proofs for statements in real analysis or 
even number theory use techniques from complex anal- 
ysis. Unlike real functions, which are commonly repre- 
sented as two-dimensional graphs, complex functions 
have four-dimensional graphs and may usefully be illus- 
trated by color-coding a three-dimensional graph to sug- 
gest four dimensions. 


complex number 

A real number plus a real number times the square root 
of —1; in other words, a number of the form z = a + wb, 
where a and bare real and i= V-1. The term ib is known 
as an imaginary number or the imaginary part of the com- 
plex number a + ib; a is called the real part. The names 
“complex,” “real,” and “imaginary,” which came about 
historically, are totally misleading because complex num- 
bers are not particularly complex and imaginary numbers 
are no less real than real numbers! Another way to repre- 
sent a complex number is as an ordered pair of real num- 
bers (a, b) together with the operations: (a, b) + (a d) = 
(a+c, b+ d) and (a, b) x (c d) = (ac— bd, bc+ ad). Alter- 
natively, complex numbers can be shown as points on an 
Argand diagram (a representation of the complex plane) in 
which the horizontal axis is the real number line and the 
vertical axis represents all possible purely imaginary num- 
bers. Any point that appears on the complex plane off- 
axis has both real and imaginary parts. On an Argand 
diagram a complex number can also be shown as a vector, 
or directed line segment (a line of a certain length with an 
arrow), extending from the origin (0 + 07) to the number 


(a+ bi). The absolute value or magnitude of a complex num- 
ber z, thought of as a point on a plane, is its Euclidean dis- 
tance from the origin, and is denoted |z|; this is always a 
nonnegative real number. Algebraically, if z = a + ib, we 
can define |z| = Wa? + b°). If the complex number z is 
written in polar coordinates z= r e”, then |z| = x 

Complex numbers are a natural extension of real num- 
bers and form what is called an algebraically closed field. 
Because of this, mathematicians sometimes consider the 
complex numbers to be more “natural” than the real 
numbers: all polynomial equations have solutions 
among the complex numbers, which is not true for the 
real numbers. Complex numbers are used in electrical 
engineering and other branches of physics as a conve- 
nient description for periodically varying signals. In an 
expression z = re’ one may think of r as the amplitude 
and ( as the phase of a sine wave of given frequency. In 
special and general relativity theory, some formulas for 
the metric on space-time become simpler if the time 
variable is taken to be imaginary. 


complex plane 
See Argand diagram. 


complex system 

A collection of many simple nonlinear units that operate 
in parallel and interact locally with each other so as to 
produce emergent (see emergence) behavior. 


complexity 
A phenomenon that has two distinct and almost opposite 
meanings. The first, and probably the oldest mathemati- 
cally, goes back to Andrei Kolmogorov’s attempt to give 
an algorithmic foundation to notions of randomness and 
probability and to Claude Shannon’s study of communica- 
tion channels via his notion of information. In both cases, 
complexity is synonymous with disorder and a lack of struc- 
ture. The more random a process, the greater its complexity. 
An ideal gas, for example, with its numerous molecules 
bouncing around in complete disarray, is complex as far as 
Kolmogorov and Shannon are concerned. Thus, in this 
sense, complexity equates to the degree of complication. 
The second, and more recent notion of complexity 
refers instead to how structured, intricate, hierarchical, 
and sophisticated a natural process is. In particular, it’s a 
property associated with dynamical systems in which 
new, unpredictable behavior arises on scales above the 
level of the constituent components. The distinction 
between these two meanings can be revealed by answer- 
ing a simple question about a system: Is it complex or is 
it merely complicated? Measures of complexity include 
algorithmic complexity, fractal dimensionality; Lya- 
punov fractals, and logical depth. 
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complexity theory 

A part of the theory of computation that has to do with 
the resources needed to solve a given problem. The most 
common resources are time (how many steps it takes to 
solve a problem) and space (how much memory it takes to 
solve a problem). Complexity theory differs from com- 
putability theory, which deals with whether a problem 
can be solved at all, regardless of the resources required. 


composite number 

A positive integer that can be factored into smaller posi- 
tive integers, neither of which is one. Ifa positive integer 
is not composite (4, 6, 8, 9, 10, 12, . . .) or one, then it is 
a prime number (2, 3, 5, 7, 11, 13, 17, . . .). As Karl Gauss 
put it in his Disquisitiones Arithmeticae (1801): “The prob- 
lem of distinguishing prime numbers from composite 
numbers and of resolving the latter into their prime fac- 
tors is known to be one of the most important and useful 
in arithmetic.” One reason for its importance today is 
that many secret codes and much of the security of the 


Internet depends in part on the relative difficulty of fac- 
toring large numbers. But more basic to a mathematician 
is that this problem has always been central to number 
theory. Numbers that, for their size, have a lot of factors 
are sometimes referred to as highly composite numbers. 
Examples include 12, 24, 36, 48, 60, and 120. 


compound polyhedron 

An assemblage of two or more polyhedra, usually inter- 
penetrating and having a common center. There are two 
types: a combination of a solid with its dual and an inter- 
penetrating set of several copies of the same polyhedron. 
The simplest example of a compound polyhedron is the 
compound of two tetrahedra, known as the stella octan- 
gula and first described by Johannes Kepler. This shape is 
unique in that it falls under both of the above classes, 
because the tetrahedron is the only self-dual uniform 
polyhedron; the edges of the two tetrahedra form the 
diagonals of the faces of a cube in which the stella octan- 
gula can be inscribed. 


compound polyhedron A compound of duals: the cube and the octahedron. Robert Webb, www.software3d.com; created using Webb's Stella 
program 
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compound polyhedron A compound polyhedron of three cubes (left), such as that used in Escher's picture “Waterfall.” The 
compound of four cubes (right) is also known as Bakos's compound. Robert Webb, www.software3d.com; created using Webb's Stella program 


Another example of a compound follows from an 
important Platonic relationship: a cube can be inscribed 
within a dodecahedron. There are five different posi- 
tions for a cube within a dodecahedron; superimposing 
all five gives the compound known as the rhombic triacon- 
tabedron. 


compressible 
Having a description that is smaller than itself; not ran- 
dom; possessing regularity. 


computability theory 

The part of the theory of computation that deals with 
problems that are solvable by algorithms or—what 
amounts to the same thing—by Turing machines. Com- 
putability theory is concerned with four main questions: 
What problems can Turing machines solve? What other 
systems are equivalent to Turing machines? What prob- 
lems require more powerful machines? What problems can 


be solved by less powerful machines? Not all problems can 
be solved computationally. An undecidable problem is one 
that can’t be solved by any algorithm, no matter how much 
time, processing speed, or memory is available. Many 
examples are known, one of the most famous of which is 
the Halting problem. See also cellular automaton. 


computable number 

A real number for which there is an algorithm that, 
given z, calculates the nth digit. Alan Turing was the first 
to define a computable number and the first to prove 
that almost all numbers are uncomputable. An example 
of a number that, even though well-defined, is uncom- 
putable is Chaitin’s constant. 


concave 

Curved inward, like the inner surface of a sphere; the word 
comes from the Latin concavus for “hollow.” A figure, such 
as a polygon or polyhedron, is said to be concave if a line 
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segment joining any points inside the figure goes outside 
the figure. Similarly, a set is concave if it doesn’t contain 
all the line segments connecting any pair of its points. 


conchoid 

A shell-shaped curve. Given a point A and a curve C, if we 
pick a point O on C and draw a line L through A and O 
and mark points P and P’ on L at some fixed distance in 
either direction from O, then the locus of P and P’ as O 
moves on C is a conchoid. The conchoid of Nichomedes is a 
conchoid in which the given line is a straight line; that is, 
given a line Cand a point A we pick a point O on C, draw 
a line L through A and Q, and mark P and P’ on L at 
some fixed distance from O, The conchoid of Nicomedes 
is the locus of P and P’ as O moves along C. It has the 
polar equation R = a sec8 + k. The conchoid of de Sluze is the 
curve with the Cartesian equation a(x — a)(x? + y?) = k?x?. 


cone 

A shape (its name comes from the Greek konos for 
pinecone) that has a circular or elliptical base and a ver- 
tex, also known as an apex, lying outside the plane of the 
base and that is formed from all the line segments joining 
points on the edge of the base to the vertex. If the base is 
a circle, the shape is a circular cone; if the line, or axis, from 
the center of the base to the vertex is perpendicular to the 
base, then it is a right cone (an ice-cream cone is a right cir- 
cular cone); otherwise it’s an oblique cone. The curved lat- 
eral surface of the cone is called a nappe. If the cone is 
extended in both directions from the vertex, the result is a 
double cone or bicone. A section through a double cone that 
has been extended indefinitely in both directions to form 
a conic surface is known as a conic section. Another way to 
think of a cone is as a surface of revolution generated by 
a line that rotates around a fixed point, at a fixed angle 
from another line (the axis), both lines passing through 
that fixed point. The volume of a cone, of perpendicular 
height h and circular base of radius z, is 14 nr?h. 

Take a solid cylinder of radius r and height 27. Remove 
the right double cone that passes through the center of 
the cylinder and extends to meet the circular disks on the 
cylinder's top and bottom. Interestingly, the volume of 
the remaining object and the volume of a sphere of 
radius r are the same. 


PUZZLE 
The Cone Puzzle (no. 202) from Henry Dudeney's 
Amusements in Mathematics*?! runs as follows: “I have 
a wooden cone. How am | to cut out of it the greatest 
possible cylinder?” 

Solutions begin on page 369. 


conformal mapping 

A map from the plane to itself that preserves angles. Con- 
formal mapping results in the angle between any two 
curves being the same as the angle between their images. 
The Mercator map is a conformal map of Earth’s surface. 


congruent 
In the case of geometric figures, having exactly the same 
shape and size. 


congruum problem 

Find a square number x’ such that, when a given number 
h is added or subtracted, new square numbers are 
obtained, so that x° + h = æ and x?—»=b”. This problem 
was posed by the mathematicians Théodore and Jean de 
Palerma in a mathematical tournament organized by 
Frederick II in Pisa in 1225. The solution is x = m + n? 
and h = 4mn(m? — n°), where m and n are integers. 


conic section 

An important, familiar, and ubiquitous family of curves 
obtained by slicing a right circular double cone, extended 
indefinitely in both directions, with a plane. Depending 
on the angle of the slice to the axis of the cone, the result- 
ing curve may be a circle, an ellipse, a parabola, or a 
hyperbola. The circle is a limiting case of the ellipse, 
when the slice is made at right angles to the axis, while the 
parabola is the limiting case of both the ellipse and the 
hyperbola, when the slice is made parallel to the side of 
the cone. The name conic sections comes from the eight- 
volume work Conics (Kævixa) by Apollonius, who also 
gave us the names ellipse, parabola, and hyperbola. 

Another geometric way to define the conics is as the 
locus of all points in the plane whose distances, 7, from a 
fixed point called the focus, and a, from a given straight 
line called the directrix, have a constant ratio. This ratio, 
r/a, is known as the eccentricity, e. The circle has an eccen- 
tricity of zero. As the eccentricity increases from near 
zero, corresponding to a nearly circular ellipse, the ellipse 
stretches until the right-hand side of it disappears to 
infinity, e becomes 1, and the ellipse turns into a 
parabola, with just one open branch. Like the circle, the 
parabola has only one shape, though it may look differ- 
ent depending on how much it is enlarged or diminished. 
As the eccentricity increases beyond 1, the “lost” right- 
hand end of the ellipse reappears from the other side of 
infinity, so to speak, and turns into the left-hand branch 
of a hyperbola. 

Because a hyperbola is effectively an ellipse split in two 
by infinity, it comes as no surprise that these curves 
are related in an inverse way. An ellipse consists of all 
points whose distances from two foci have a constant 
sum, while a hyperbola is made from all points whose 
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hyperbola 


circle 


ellipse 


parabola 


hyperbola 


conic section The circle, ellipse, parabola, and hyperbola, 
obtained by slicing a right double cone in various ways. 


distances from two foci have a constant difference. These 
definitions also apply to the circle and the parabola, if 
the two foci are considered to coincide in the case of the 
circle and to be separated by an infinite distance in the 
case of the parabola. 

In terms of algebra, the family of conics represents all 
the possible real number solutions to the general qua- 
dratic equation ax’ + bxy + cy? + dx + ey + f= 0. In other 
words, the graph of any quadratic with real solutions is 
always a conic section. The key quantity is the difference 
b? — 4ac. If this is less than zero, the graph is an ellipse, a 
circle, a point, or no curve. If b? — 4ac = 0, the graph is a 
parabola, two parallel lines, one line, or no curve; if it is 
greater than zero, the graph is a hyperbola or two inter- 
secting lines. 


conical helix 
See helix. 


conjecture 

A mathematical statement that has been put forward as a 
true statement, but that no one has yet been able to 
prove or disprove; in mathematics, a conjecture and a 
hypothesis are essentially the same thing. When a con- 
jecture has been proven to be true, it becomes known as 
a theorem. Famous conjectures include the Riemann 
hypothesis, the Poincaré conjecture, the Goldbach 
conjecture, and the twin primes conjecture. Just to show 
how terminology can be used inconsistently, however, 
the most famous of all conjectures, for centuries before 
its proof in 1995, was always known as Fermat’s last the- 
orem! 


conjugate 

(1) Conjugate angles add up to 360°. (2) The complex conju- 
gate of a complex number a + bi is a — bi. (3) Conjugate 
lines of a conic section have the property that each con- 
tains the pole point of the other, while conjugate points of 
a conic have the property that each lies on the polar line 
of the other. In general, conjugate indicates that there is 
a symmetrical relationship between two objects A and B; 
in other words, there is an operation that will turn A into 
B and B into A. 


connected 

A space S is said to be connected if any two points in S 
can be connected by a curve lying wholly within S. Two 
spaces can be added by what is called a connected sum. 
Roughly speaking, this involves pulling out a disk from 
each surface, creating holes, and then sewing the two sur- 
faces together along the boundaries of the holes. In this 
way, a one-holed torus can be added to a two-holed torus 
to give a three-holed torus; alternatively, a projective 
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plane can be added to a projective plane to give a Klein 
bottle. The operation is commutative and associative 
and there is even an identity element: for example, 
adding a sphere to any surface simply returns the same 
surface. See also simply connected. 


connected graph 

A graph in which a path exists between all pairs of ver- 
tices (see vertex). If the graph is also a directed graph, 
and there exists a path from each vertex to every other 
vertex, then it is a strongly connected graph. If a connected 
graph is such that exactly one edge connects each pair of 
vertices, then it is said to be a complete graph. See also 
Euler path and Hamilton path. 


connectionism 

A computational approach to modeling the brain that 
relies on the interconnection of many simple units to 
produce complex behavior. 


connectivity 

The amount of interaction in a system, the structure of 
the weights in a neural network, or the relative number 
of edges in a graph. 


consistency 

An axiomatic theory is said to be consistent if it’s 
impossible (within the confines of the theory) to prove 
simultaneously a statement and its negation. Godel’s 
incompleteness theorem states that any (sufficiently 
powerful) consistent axiomatic theory is incomplete. 


constructible 

In classical geometry, a figure or length that can be drawn 
using only an unmarked straightedge and a compass. The 
Greeks were adept at constructing polygons, but the 
question of proving which regular polygons are con- 
structible and which are not had to wait for the genius of 
Carl Gauss. At the age of only 19, Gauss found that a 
regular polygon with z sides is constructible if and only if 
n is a prime Fermat number. The only known such 
primes are 3, 5, 17, 257, 65,537. It is also possible to con- 
struct certain numbers, known as constructible numbers, 
that correspond to line segments, including rational 
numbers and some irrational numbers, but no tran- 
scendental numbers. It turns out that all constructions 
possible with a compass and straightedge can be done 
with a compass alone, as long as a line is considered con- 
structed when its two endpoints are located. The reverse 
is also true, since Jakob Steiner showed that all construc- 
tions possible with straightedge and compass can be 
done using only a straightedge, as long as a fixed circle 
and its center (or two intersecting circles without their 


centers, or three nonintersecting circles) have been drawn 
beforehand. Such a construction is known as a Steiner con- 
struction. The Greeks were unable to achieve certain con- 
structions, such as squaring the circle, duplicating the 
cube, and trisecting an angle, despite numerous at- 
tempts, but it wasn't until hundreds of years later that the 
problems were proved to be actually impossible under 
the limitations imposed. 


continued fraction 
A representation of a real number in the form 


ar... 


which, mercifully for typesetters, can be written in com- 
pact notation as 


x= [4o; Aj, Ay, A3,.. ls 


where the integers a; are called partial quotients. Although 
rarely encountered in school and even college math 
courses, continued fractions (CFs) provide one of the 
most powerful and revealing forms of numerical expres- 
sion. Numbers whose decimal expansions look unre- 
markable turn out, when unfolded as CFs, to have 
extraordinary symmetries and patterns. CFs also offer a 
way of constructing rational approximations to irrational 
numbers and of discovering the most irrational num- 
bers. 

CFs first appeared in the sixth century in the works of 
the Indian mathematician Aryabhata, who used them to 
solve linear equations. They surfaced in Europe in the fif- 
teenth and sixteenth centuries and Fibonacci attempted 
to define them in a general way. The term “continued 
fraction” first appeared in 1653 in an edition of Arith- 
metica Infinitorum by John Wallis. Their properties were 
also studied by one of Wallis’s English contemporaries, 
William Brouncker, who, along with Wallis, was one of 
the founders of the Royal Society. At about the same 
time, in Holland, Christiaan Huygens made practical use 
of CFs in his designs of scientific instruments. Later, in 
the eighteenth and early nineteenth centuries, Carl 
Gauss and Leonhard Euler delved into many of their 
deeper properties. 

CFs can be finite or infinite in length. Finite CFs can 
be evaluated level by level (starting at the bottom) and 
will always reduce to a rational fraction; for example, the 
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CF [1; 3, 2, 4] = 40/31. By contrast, infinitely long CFs 
produce representations of irrational numbers. Here are 
the leading terms from a few notable examples of infinite 


CFs: 


C= (25-1, 2, LLALL D655 18s L 1 10; 2.24 
V2= PEPA ay Pray ee Ae A AA | 
V2 = M2 12221212 42042 dl 


tel T7 15129211 1213 114, 2:L 1,22, 
2,2) 1,842 6042] 


Each of these expansions has a simple pattern except 
that for 7 (see pi), which has no obvious pattern at all. 
There’s also a preference for the quotients to be small 
numbers. 

If an infinite CF is truncated after a finite number of 
steps, the result is a rational approximation to the original 
irrational. In the case of n, chopping the CF at [3; 7] gives 
the familiar approximation for r of 22/7 = 3.1428571.... 
Keeping two more terms leads to [3; 7, 15, 1] = 353/113 = 
3.1415929..., which is an even better approximation to 
the true value of m (3.14159265...). The more terms 
retained in the CF, the better the rational approximation 
becomes. In fact, the CF gives yields the best possible 
rational approximations to a general irrational number. 
Notice also that if a large number occurs in the expansion 
of quotients, then truncating the CF after that will produce 
an especially good rational approximation. Most CF quo- 
tients are small numbers (1 or 2), so the appearance in the 
CF of Tr of a number as large as 292 so early in the expan- 
sion is unusual. It also leads to an extremely good rational 
approximation to T = [3; 7, 15, 1, 292] = 103,993/33,102. 


continuity 

A mathematical property that has to do with how 
smooth or “well-behaved” a function or curve is. If two 
adjacent points on a graph, for example, are not con- 
nected or are separated by a jump, this marks a break- 
down of continuity. At such a discontinuity it is 
impossible to obtain a derivative, or slope, of the curve. 
Usually if a curve does misbehave like this, it is only at 
one or two isolated places; elsewhere the curve is likely to 
be both continuous and differentiable. However, it is 
possible to construct a continuous function that has 
“problem points” everywhere and, therefore, is nowhere 
differentiable! The first example was found by Karl 
Weierstrass in 1872 and came as a total surprise. It is 
defined as an infinite series 


oo 


MEE 


cos (4"Tx), 


where 4 and B can be any numbers such that B is 
between 0 and 1, and A x B is bigger than 1 + (37/2). 


continuum 

Any set that can be brought into one-to-one correspon- 
dence with the set of real numbers. Examples include a 
finite line segment, a square, a circle, and a disk. 


continuum hypothesis 

In 1874 Georg Cantor discovered that there is more than 
one level of infinity. The lowest level is called countable 
infinity; higher levels are known as uncountable infinities. 
The natural numbers are an example of a countably infi- 
nite set and the real numbers are an example of an 
uncountably infinite set. The continuum hypothesis, put 
forward by Cantor in 1877, says that the number of real 
numbers is the next level of infinity above countable infin- 
ity. It is called the continuum hypothesis (CH) because 
the real numbers are used to represent a linear continuum. 
Let c be the cardinality of (i.e., number of points in) a con- 
tinuum, aleph-null (xo) be the cardinality of any count- 
ably infinite set, and y, be the next level of infinity above 
Xo CH is equivalent to saying that there is no cardinal 
number between xo and c and that c= y,. CH has been, 
and continues to be, one of the most hotly pursued prob- 
lems in mathematics. 


convergence 

A property of some sequences. A sequence u; is said to 
be convergent if there exists a value u with the property 
that by choosing a large enough value of z, we can make 
u; as close as we wish to u. 


convex 

Curved outward, like the exterior surface of a sphere; the 
word comes from the Latin convexus for “vaulted.” A figure, 
such as a polygon or a polyhedron, is said to be convex if 
every line segment that joins two interior points remains 
inside the figure. Similarly, a set is convex if it contains all 
the line segments connecting any pair of its points. 


Conway, John Horton (1937-) 

A British-born (Liverpool) mathematician, who studied 
and taught at Cambridge University and is now a professor 
at Princeton University. Conway has been an extraordinar- 
ily fertile source of new ideas in mathematics and of math- 
ematical games. His most significant contribution was the 
discovery of surreal numbers, to which he was led after 
watching the British Go champion play at Cambridge. In 
1967, he found a cluster of three new sporadic groups, now 
sometimes called Conway’s constellation, building on an ear- 
lier discovery by John Leech of an extremely dense packing 
of unit spheres in a space of 24 dimensions. He has also 
been active in the field of knots and in coding theory. 
Among amateur mathematicians, Conway is best known as 
the inventor of the games of Life, Sprouts, and Phutball, 
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as well as for his detailed analyses of many other games and 
puzzles, such as the Soma Cube. 


Conway's chained-arrow notation 

One of various methods that have been devised recently for 
representing extremely large numbers. Developed by John 
Conway, it is based on Knuth’s up-arrow notation but is 
even more powerful. The two systems are related thus: 


a>b>1=al b 

a>b>2=aTWTYb 
a>b—>3=aTTTb 
a—+b—>c=alt... TT b (cup arrows) 


Longer chains are evaluated by the following general rules: 


eee PE ae ae of ee A Pe See 

a>...>b>1>d+1=a>...>b 
and a>...>b>c+1>d+1 

=4>...>b>(a>...>b>c>d>d 


It's important to recognize that the Conway arrow isn't an 
ordinary dyadic operator. Where three or more numbers 
are joined by arrows, the arrows don't act separately but 
rather the whole chain has to be considered as a unit. The 
chain might be thought of as a function with a variable 
number of arguments, or as a function whose single argu- 
ment is an ordered list or vector. The Ackermann func- 
tion is equivalent to a three-element chain: A(m, n) = 
(2 > (n + 3) > (m — 2)) - 3. It can also be shown that 
Graham's number is bigger than 3 > 3 > 64 > 2 and 
smaller than 3 > 3 > 65 > 2. 


coordinate 

One of a set of variables that specifies the location of a 
point in space. If the coordinates are distances measured 
along perpendicular axes, they are known as Cartesian 
coordinates. See also polar coordinates. 


coordinate geometry 
See analytical geometry. 


coprime 
Two or more numbers are coprime if they have no fac- 
tors in common other than 1. 


cosine 
See trigonometric function. 


countable set 

A set that is either finite or countably infinite. A countably 
infinite set is one that can be put in one-to-one corre- 
spondence with the natural numbers and thus has a car- 
dinal number (“size”) of aleph-null (s,). Examples of 
countable sets include the set of all people on Earth and 
the set of all fractions. See also infinity. 


counterfeit coin problem 

Among coins, identical in size, shape, and appearance, 
one is a counterfeit and has a slightly different weight 
than the others. Using only a two-pan balance, what is 
the smallest number of weighings that would guarantee 
finding the fake coin? The problem of the counterfeit 
coin (or some other object), especially involving 8, 10, 
12, or 13 coins, has cropped up in many guises over the 
years. Typically, the problem also involves finding 
whether the counterfeit coin is lighter or heavier than the 
rest. The answer depends on the specific problem and 
can involve quite a number of steps. 


covariance 

The tendency of two random variables to move in tandem. 
This is important in applications such as survey-taking and 
sociology, as well as in many branches of science, because if 
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two things tend to vary together, there is a good chance they 
may be causally linked. See also causality. 


Coxeter, Harold Scott MacDonald (1907-2003) 

A British-born, Cambridge-educated mathematician who 
spent most of his career (from 1936 on) at the University 
of Toronto and was regarded as the greatest classical 
geometer of his generation. Always known as “Donald,” 
he is best known for his work on hyperdimensional 
geometries and regular polytopes. 

In 1926, at the age of 19, Coxeter discovered a new 
regular polyhedron, having six hexagonal faces at each 
vertex. He went on to study the mathematics of kaleido- 
scopes and, by 1933, had enumerated the n-dimensional 
kaleidoscopes. His algebraic equations expressing how 
many images of an object may be seen in a kaleidoscope 
are now known as Coxeter groups. His research on icosa- 
hedral symmetries played an important role in the dis- 
covery by scientists at Rice University, Texas, of the 
carbon-60 molecule (see buckyball), for which they won 
the 1996 Nobel Prize in Chemistry. 

Coxeter was a close friend of the artist M. C. Escher, 
whom he met in 1954, and also of Buckminster Fuller, 
who used Coxeter’s ideas in his architecture. Indeed Cox- 
eters work was motivated by a strong artistic tempera- 
ment and a sense of what is beautiful. He had originally 
intended to be a composer but fascination for symmetry 
took him toward mathematics and a career about which 
he said “I am extremely fortunate for being paid for what 
I would have done anyway.” 

Several of Coxeter’s books are considered classics, 
including The Real Projective Plane (1955), Introduction to 
Geometry (1961),"Y Regular Polytopes (1963), Non- 


Euclidean Geometry (1965)'”! and, written jointly with S. L. 
Greitzer, Geometry Revisited (1967). In 1938, he revised 
and updated Rouse Ball’s Mathematical Recreations and 
Essays." 


cross 

A shape that consists in its most basic form of an upright 
section and a transverse section. The Latin cross has the 
shape of an irregular dodecahedron with a single (vertical) 
line of symmetry, and can be folded up to make a cube. 
The Greek cross has the shape of a plus sign, has four lines 
of symmetry, and is used as the emblem of the Red Cross 
organization. A version of the Greek cross that has flared 
ends is also known as the crux immissa or cross patée. A cross 
of Saint Andrew is an ordinary Greek cross rotated through 
45°, and is also called the crux decussata; it served as the 
basis for the multiplication sign. A cross of Saint Anthony 
takes the form of a capital T. The Maltese cross is an irregu- 
lar dodecahedron whose cross pieces flange out from the 
center. 


crunode 
A point where a curve intersects itself so that two 
branches of the curve have distinct tangent lines. 


cryptarithm 

A number puzzle in which a group of arithmetical oper- 
ations has some or all of its digits replaced by letters or 
symbols, and where the original digits must be found. In 
such a puzzle, each letter or symbol represents a unique 
digit. The first example appeared in American Agriculturist 
in 1864. Specific types of cryptarithm include the 
alphametic, the digimetic, and the skeletal division. 


cross From left to right: a Latin cross; a crux immissa (a Greek cross with flared ends), also sometimes called a Latin cross; and a 


Maltese cross. 


Thus, in the number 3652, the value of the 2 is two units and the 
value of the 6 is six hundreds. 


The decimal system uses zero to show that a column is empty. 

So 308 means three hundreds and eight units; that is, there are no 
tens. The number five thousand and twenty-three would be written 
5023, using the zero to show that there are no hundreds. 


Extra columns may be added to deal with larger numbers, the 
value of each column being ten times greater than that of the 
column on its immediate right. It is usual, however, to split large 
numbers up into groups of three digits. 


You read 372 891 as three hundred and seventy-two thousand, 
eight hundred and ninety-one. 


In words, 428 763 236 is four hundred and twenty-eight million, 


seven hundred and sixty-three thousand, two hundred and 
thirty-six. 


1 What is the value of the 5 in each of the following numbers? 


(a) 357 (b) 598 (c) 5842 (d) 6785 
2 Write these numbers in figures. 
(a) seventeen (b) seventy 
(c) ninety-seven (d) five hundred and forty-six 


(e) six hundred and three (f) eight hundred and ten 

(g) four hundred and fifty (h) ten thousand 

(i) eight thousand, nine hundred and thirty-four 

(j) six thousand, four hundred and eighty 

(k) three thousand and six 
3 Write these numbers completely in words. 

(a) 52 (b) 871 (c) 5624 (d) 980 

(e) 7001  (f)35013  (g)241001 (h) 1001 312 
4 Write down the largest number and the smallest number you can 

make using 

(a) 5, 9 and 7 (b) 7,2, 1 and 9. 
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Császár polyhedron 


cryptography 
The science and mathematics of encoding and decoding 
information. See also cipher and cryptarithm. 


Császár polyhedron 

A polyhedron, first described in 1949 by the Hungarian 
mathematician Akos Csaszar,'”! that is a solution to an 
interesting problem, namely: How many polyhedra exist 
such that every pair of vertices is joined by an edge? The 
first clear example is the well known tetrahedron (trian- 
gular pyramid). Some simple combinatorics specify how 
many vertices, edges, faces, and holes such polyhedra 
must have. It turns out that, other than the tetrahedron, 
any such polyhedron must have at least one hole. The 


first possible polyhedron beyond the tetrahedron has 
exactly one hole; this is the Császár polyhedron, which is 
thus topologically equivalent to a torus (donut). The 
Csaszar polyhedron has 7 vertices, 14 faces, and 21 edges, 
and is the dual of the Szilassi polyhedron. It isn’t 
known if there are any other polyhedra in which every 
pair of vertices is joined by an edge. The next possible fig- 
ure would have 12 faces, 66 edges, 44 vertices, and 6 
holes, but this seems an unlikely configuration—as, 
indeed, to an even greater extent, does any more complex 
member of this curious family. 


cube 

(1) The Platonic solid that has a square for every one of its 
6 faces; it also has 12 edges and 8 vertices (corners). The 
60’ x 30’ x 30’ Double Cube Room of Wilton House (the 
seat of the Earl of Pembroke), near Salisbury, is considered, 
together with the Single Cube Room of the same domicile, 
among the finest surviving rooms in England from the 
mid-seventeenth century. A favorite with filmmakers, it has 
provided locations for Barry Lyndon by Stanley Kubrick, 
The Madness of King George, and Sense and Sensibility. See also 
Atomium, the. (2) To cube something is to raise it to the 
power of three. The result of cubing is a cube number: 1° = 1, 
2? = 8, 3° =27, and so on. To take the cube root is the reverse 
process; thus, 4 cubed (4°) is 64 and the cube root of 64 
(V64) is 4. For cube dissection problems, see Hadwiger 
problem, Slothouber-Graatsma puzzle and Soma cube. 
See also tesseract and Prince Rupert's problem. 


cubic curve 
An algebraic curve described by a polynomial equation 
of the general form 


aX + bxy + cx + dy? + ex + fxy +g +hbx+iy+j= O, 


where a, b, c d, e, f g, h, 1, and j are constants, such that at 
least one of a, b, c and dis nonzero, and x and y are vari- 
ables. One of Isaac Newton's many accomplishments 
was the classification of the cubic curves. Newton found 
72 different species of curve; later investigators found six 
more, and it is now known that there are precisely 78 dif- 
ferent types of cubic curves. Interesting examples include 
the folium of Decartes and the Witch of Agnesi. 


cubic equation 
A polynomial equation of the third degree, the general 
form of which is 


ax'+bxe+cx+d=0, 


where a, b, c, and d are constants. There was a great con- 
troversy in sixteenth-century Italy between Girolamo 
Cardano and Niccoló Tartaglia about who should get 
credit for solving the cubic. At this time symbolic algebra 
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hadn't been developed, so all the equations were written 
in words instead of symbols. Early studies of cubics 
helped legitimize negative numbers, give a deeper in- 
sight into equations in general, and stimulate work that 
eventually led to the discovery and acceptance of com- 
plex numbers. Cardano, in his Ars Magna, found nega- 
tive solutions to equations, but called them “fictitious.” 
He also noted an important fact connecting solutions of 
a cubic equation to its coefficients, namely, that the sum 
of the solutions is the negation of J, the coefficient of the 
x’ term. At one other point, he mentions that the prob- 
lem of dividing 10 into two parts so that their product is 
40 would have to be 5 + v(-15) and 5 — v(-15). Cardano 
didn’t go further than this observation of what later came 
to be called complex numbers, but a few years later 
Rafael Bombelli (1526-1672) gave several examples that 
involved these strange new mathematical beasts. 


cubit 

A measure of length used in the ancient world. It is 
approximately equal to the length of a person's forearm, 
that is, the part of the arm from the elbow to the fingers. 
The Romans used a cubit equal to 17.4 modern inches; 
the Egyptians used one of 20.64 inches. 


cuboctahedron 

A polygon obtained by cutting the corners off a cube or 
an octahedron. It has eight faces that are equilateral tri- 
angles and six faces that are squares. 


cuboid 

Also called a rectangular prism, a hexahedron of which all 
of the faces are rectangles and all of the opposite faces are 
identical. It is not known whether a perfect cuboid, whose 
sides, face diagonals, and space diagonals are all integers, 
exists. The general suspicion is that it doesn’t, although 
several near misses have been found, including one in 
which a = 240, b = 117, c= 44, dab = 267, dac = 244, and 
dbc = 125. If there is a perfect cuboid, it has been shown 
that the smallest side must be at least 2°” = 4,294,967,296. 


Cullen number 

A number of the form (nm x 2”) + 1, denoted C, and 
named after the Reverend James Cullen (1867-1933), an 
Irish Jesuit priest and schoolmaster. Cullen noticed that 
the first, C, = 3, was a prime number, but with the pos- 
sible exception of the fifty-third, the next 99 were all 
composite. Soon afterward, Cunningham discovered 
that 5,591 divides C;;, and noted that all the Cullen num- 
bers are composite numbers for n in the range 2 < n < 
200, with the possible exception of 141. Five decades 
later Robinson showed that C;,, is a prime. Currently, the 
only known Cullen primes are those with n = 1, 141, 


4,713, 5,795, 6,611, 18,496, 32,292, 32,469, 59,656, 
90,825, 262,419, 361,275, and 481,899. Although the vast 
majority of Cullen numbers are composite, 1t has been 
conjectured that there are infinitely many Cullen primes. 
Whether n and C, can simultaneously be prime isn’t 
known. Sometimes, the name “Cullen number” is ex- 
tended to include the Woodall numbers, W, = (1 x 2”) — 1. 
Finally, a few authors have defined a number of the form 
(x x b^) + 1, with n + 2 > b, to be a generalized Cullen 
number. 


Cunningham chain 

A sequence of prime numbers in which each member is 
twice the previous one plus one. For example, {2, 5, 11, 
23, 47} is the first Cunningham chain of length 5 and {89, 
179, 359, 719, 1,439, 2,879} is the first of length 6. In gen- 
eral, a Cunningham chain of length k of the first kind is a 
sequence of k prime numbers, each of which is twice the 
preceding one plus one. A Cunningham chain of length k of 
the second kind is a sequence of k primes, each of which is 
twice the preceding one minus one. For example, {2, 3, 5} 
is a Cunningham chain of length 3 of the second kind 
and {1,531, 3,061, 6,121, 12,241, 24,481} is a Cunning- 
ham chain of length 5 of the second kind. Prime chains 
of both these forms are said to be complete if they can’t 
be extended by adding either the next larger or the next 
smaller terms. See also Sophie Germain prime. 


cup 
The symbol U, which is used to denote the union of two 
sets. 


curvature 
A measure of the amount by which a curve, a surface, or 
any other manifold deviates from a straight line, a plane, 
or a hyperplane (the multidimensional equivalent of a 
plane). For a plane curve, the curvature at a given point has 
a magnitude equal to one over the radius of an osculating 
circle (a circle that “kisses,” or just touches, the curve at the 
given point) and is a vector pointing in the direction of 
that circle’s center. The smaller the radius r of the osculat- 
ing circle, the greater the magnitude of the curvature (1/7) 
will be. A straight line has zero curvature everywhere; a cir- 
cle of radius r has a curvature of magnitude 1/r everywhere. 
For a two-dimensional surface, there are two kinds of 
curvature: a Gaussian (or scalar) curvature and a mean cur- 
vature. To compute these at a given point, consider the 
intersection of the surface with a plane containing a fixed 
normal vector (an arrow sticking out perpendicularly) at 
the point. This intersection is a plane and has a curva- 
ture; if the plane is varied, this curvature also changes, 
and there are two extreme values—the maximal and the 
minimal curvature—which are known as the main curva- 
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tures, 1/R, and 1/R,. (By convention, a curvature is taken 
to be positive if its vector points in the same direction as 
the surface’s chosen normal, otherwise it is negative.) The 
Gaussian curvature is equal to the product 1/R,R,. It is 
everywhere positive for a sphere, everywhere negative for 
a hyperboloid and pseudosphere, and everywhere zero 
for a plane. It determines whether a surface has elliptic 
(when it is positive) or hyperbolic (when it is negative) 
geometry at a point. The integral of the Gaussian curva- 
ture over the whole surface is closely related to the sur- 
face’s Euler characteristic. The mean curvature is equal 
to the sum of the main curvatures, 1/R, + 1/R,. 

A minimal surface, like that of a soap film, has a mean 
curvature of zero. In the case of higher-dimensional man- 
ifolds, curvature is defined in terms of a curvature tensor, 
which describes what happens to a vector that is trans- 
ported around a small loop of the manifold. 


curve 

A continuous mapping from a one-dimensional space to 
an n-dimensional space. The most familiar mathematical 
curves are two- and three-dimensional graphs. A curve, 
such as a circle, that lies entirely in a plane is called a 
plane curve; by contrast, a curve that may pass through 
any region of three-dimensional space is called a space 
curve. See also space-filling curve. 


curve of constant width 

A curve that, when rotated in a square, makes continuous 
contact with all four sides. It may seem, at first sight, as if 
there is only one such curve—a circle. But, in fact, there 
are infinitely many different curves of constant width. 
The circle is the one with the largest area. The simplest 
noncircular one, and the one with the smallest area, is the 
Reuleaux triangle. Others can be constructed starting 
with equilateral (but not necessarily equiangular) stars. 
Every curve of constant width is convex. Moreover, Bar- 
bier’s theorem states that every curve of constant width w 
has the same perimeter, nw. (The width of a convex figure 
is defined as the distance between parallel lines—known as 
supporting linesthat bound it.) A curve of constant width 
can be used in a special drill chuck to cut square holes. A 
generalization gives solids of constant width. These do 
not have the same surface area for a given width, but their 
shadows are curves of constant width with the same width. 


cusp 

In mathematics, a point on a curve where two branches, 
coming from different directions, meet and have a com- 
mon tangent. If the two branches of the curve approach 
the tangent from opposite sides the cusp is called a keratoid 
(from the Greek kera for “horn”) or first-order cusp. This 1s 
the case, for example, with the curve given by the equation 


y = x’y + x. If the two branches of the curve approach the 
tangent from the same side the result is a ramphoid or 
second-order cusp. “Cusp” derives from the Latin cuspis for 
“sharp.” Outside of mathematics, the points of a crescent 
moon are called cusps and the sharp pointed premolar 
teeth of children are known as bicuspids. 


cute number 
A number z such that a square can be cut into 2 squares 
of, at most, two different sizes. For example, 4 and 10 are 
cute numbers. 


Cutler, William (Bill) 

An Australian puzzle maker and solver who, in 1977, 
became the first to completely analyze, using a com- 
puter, six-piece burrs used to make solid six-piece burr 
puzzles. Martin Gardner devoted his January 1978 
“Mathematical Games” column in Scientific American to 
this and other of Cutler’s discoveries. In 2003, Cutler 
used a computer to enumerate all solutions of the Locu- 
lus of Archimedes. 


cybernetics 

The theoretical study of communication and control 
processes in biological, mechanical, and electronic systems, 
especially the comparison of these processes in biological 
and artificial systems. It was pioneered by Norbert Wiener. 


cyclic number 

A number with » digits, which, when multiplied by 1, 2, 
3,... ,n produces the same digits in a different order. For 
example, 142,857 is a cyclic number: 142,857 x 2 = 
285,714; 142,857 x 3 = 428,571; 142,857 x 4 = 571,428; 
142,857 x 5 = 714,285; 142,857 x 6 = 857,142, and so on. 
It has been conjectured, but not yet proven, that an infi- 
nite number of cyclic numbers exist. 


cyclic polygon 

A polygon with vertices (see vertex) that all lie on the 
same circle. All triangles are cyclic (but not all of any other 
kind of polygon) because any set of three points, not lying 
on a single line, can have a circle drawn through it. 


cycloid 

The shape defined by a fixed point on a wheel as it rolls; 
more precisely, it is the locus of a point on the rim of a 
circle rolling along a perfectly straight line. The cy- 
cloid was named by Galileo in 1599. It is the solution to 
both the tautochrone problem and the brachistochrone 
problem. In 1634, the French mathematician Gilles de 
Roberval (1610-1675) showed that the area under a 
cycloid is three times the area of its generating circle. In 
1658, the English architect Christopher Wren showed 


86 cylinder 


(a) 


wv E a 


(b) 


(c) 


cycloid An ordinary cycloid is traced out by a point on a 
wheel as it rolls along a flat surface (a). A curtate cycloid is 
traveled by a point on the wheel that is inside the circumfer- 
ence (b). If the point lies outside the circumference of the 
wheel, the result is a prolate cycloid (c). 


that the length of a cycloid is four times the diameter of 
its generating circle. But there was a lot of bickering and 
a lack of public sharing of information around this time 
that led to much duplication of effort, particularly over 
questions related to the cycloid. In fact, the confusion 


was so bad that the curve was nicknamed the Helen of 
Geometers, and Jean Montucla referred to it as “la pomme 
de discorde” (the apple of discord). 

As well as the ordinary cycloid there is the curtate 
cycloid, which is the path traced out by a point on the 
inside of a rolling circle, and the prolate cycloid, which is 
followed by a point on the outside of the circle. A prolate 
cycloid is traced out, for example, by points on the flange 
of the wheels of a locomotive, which extends below the 
top of the tracks. This leads to the surprising conclusion 
that even as the locomotive is moving forward there are 
always parts of its wheels that are going backward for 
a moment before moving forward again. See also epi- 
cycloid and hypocycloid. 


cylinder 

A three-dimensional surface described by the Cartesian 
equation (x/a)’ + (y/by = 1. If a= b then the surface is a 
circular cylinder, otherwise it is an elliptic cylinder. The cylin- 
der is a degenerate quadric because at least one of the coor- 
dinates (in this case z) doesn’t appear in the equation, 
though by some definitions the cylinder isn’t considered 
to be a quadric at all. In common usage, a cylinder is taken 
to mean a finite section of a right circular cylinder with 
its ends closed to form two circular surfaces. If the cylin- 
der has a radius r and a length 4, then its volume is 
V = nr°h and its surface area is A = 2rr° + 2rrh. For a 
given volume, the cylinder with the smallest surface area 
has h = 2r. For a given surface area, the cylinder with the 
largest volume has 4 = 27. More unusual types of cylinder 
include the imaginary elliptic cylinder: (x/a) + (y/by =-1, 
the hyperbolic cylinder: (x/ay — (y/by = 1, and the parabolic 
cylinder: x° + 2y = 0. 


d'Alembert, Jean Le Rond (1717-1783) 

A French mathematician named for the church of St. 
Jean Baptiste de Rond upon whose steps he was aban- 
doned as a baby, the illegitimate son of a Parisian society 
hostess. He clarified the concept of a limit in calculus, 
discovered the Cauchy-Riemann equations decades before 
Augustin Cauchy or Bernhard Riemann, was the first to 
find and solve the wave equation, and recast Newton's 
third law in a new and powerful form through what has 
become known as dAlembert’s principle. 


Dandelin spheres 

If a cone is sliced through by a plane, the two spheres 
that just fit inside the cone, one on each side of the plane 
and both tangent to it and touching the cone, are known 
as Dandelin spheres. They are named after the Belgian 
mathematician and military engineer Germinal Pierre 
Dandelin (1794-1847) who gave an elegant proof that 
the two spheres touch the conic section at its foci. In 
1826, Dandelin showed that the same result applies to 
the plane sections of a hyperboloid of revolution. 


dart 
Also known as an arrowhead, a special kind of quadrilat- 
eral that has one reflex angle. See also Penrose tiling. 


de L'H6opital, Guillaume Francois Antoine, 
Marquis de (1661-1704) 

A French mathematician who wrote the first textbook 
on differential calculus, Analyse des infiniment petits pour 
‘intelligence des lignes courbes (1696). This contains the 
rule, now known as V’Hépital’s rule, for finding the limit 
of a rational function whose numerator and denomina- 
tor tend to zero at a point. Along with Isaac Newton, 
Gottfried Leibniz, and Jacob Bernoulli (see Bernoulli 
family), de L'Hópital was among the first to solve the 
brachistochrone problem. 


de L'Hopital’s cubic 
See Tschirnhaus’s cubic. 


de Malves’s theorem 

Given a tetrahedron in which the edges meeting at one 
vertex, X, form three right angles (1.e., the tetrahedron is 
the result of chopping off the corner of a cuboid), the 
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square of the face opposite X is equal to the sum of the 
squares of the other three faces. 


de Méré’s problem 

A question posed in the mid-seventeenth century to 
Blaise Pascal by a French nobleman and inveterate gam- 
bler, the Chevalier de Méré, which marked the birth of 
probability theory. One of de Méré’s favorite bets was 
that at least one six would appear during a total of 
four rolls of a die. From past experience, he knew that 
this gamble paid off more often than not. Then, for a 
change, he started betting that he would get a double-six 
on 24 rolls of two dice. However, he soon realized that 
his old approach to the game was more profitable. He 
asked his friend Pascal why. Pascal showed that the prob- 
ability of getting at least one six in four rolls of a die is 
1 — (%)* = 0.5177, which is slightly higher than the prob- 
ability of at least one double-six in 24 throws of two 
dice, 1 — (%6)* = 0.4914. This problem and others 
posed by de Méré are thought to have been the original 
inspiration for a fruitful exchange of letters on probabil- 
ity between Pascal and Pierre de Fermat. To tackle these 
problems, Fermat used combinatorial analysis (find- 
ing the number of possible outcomes in ideal games of 
chance by computing permutation and combination 
numbers), while Pascal reasoned by recursion (an itera- 
tive process that determines the result of the next case by 
the present case). Their combined work laid the founda- 
tions for probability theory as we know it today. 


de Moivre, Abraham (1667-1754) 

A French-British mathematician who founded analytical 
trigonometry and stated what has become known as de 
Moivre’s theorem. He also worked on probability theory 
and the normal distribution, and was a good friend of 
Isaac Newton. In 1698 he wrote that the theorem had 
been known to Newton as early as 1676. 


de Moivre's theorem 

A theorem, named after Abraham de Moivre, that links 
complex numbers and trigonometry. It states that for 
any real number x and any integer n, 


(cosx + zsinx)” = cos(nx) + isin (nx). 


By expanding the left-hand side and then comparing 
real and imaginary parts, it is possible to derive useful 
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expressions for cos(nx) and sin(zx) in terms of sin(x) and 
cos(x). Furthermore, the formula can be used to find 
explicit expressions for the mth root of unity: complex 
numbers z such that z” = 1. It can be derived from (but 
historically preceded) Euler’s formula e” = cos x+ isin x 
and the exponential law (e”)” = e”. 


de Morgan, Augustus (1806-1871) 

A British mathematician, born in India, who was an 
important innovator in the field of mathematical logic. 
The system he devised to express such notions as the con- 
tradictory, the converse, and the transitivity of a relation, 
as well as the union of two relations, laid some of the 
groundwork for his friend George Boole. De Morgan lost 
the sight of his right eye shortly after birth, entered Trin- 
ity College, Cambridge, at the age of 16, and received his 
B.A. However, he objected to a theological test required 
for the M.A. and returned to London to study for the bar. 
In 1827, he applied for the chair of mathematics in the 
newly founded University College, London and, despite 
having no mathematical publications, he was appointed. 
In 1831, he resigned on principle (after another professor 
was fired without explanation) but regained his job five 
years later when his replacement died in an accident. He 
resigned again in 1861. 

His most important published work, Formal Logic, 
included the concept of the quantification of the predicate, 
an idea that solved problems that were impossible under 
the classic Aristotelian logic. De Morgan coined the 
phrase “universe of discourse,” was the first person to 
define and name mathematical induction, and devel- 
oped a set of rules to determine the convergence of a 
mathematical series. In addition, he devised a decimal 
coinage system, an almanac of all full moons from 2000 
B.C. to A.D. 2000, and a theory on the probability of life 
events that is still used by insurance companies. De Mor- 
gan was also deeply interested in the history of mathe- 
matics. In Arithmetical Books (1847) he describes the work 
of over fifteen hundred mathematicians and discusses 
subjects such as the history of the length of a foot, while 
in A Budget of Paradoxes he gives a marvelous compen- 
dium of eccentric mathematics including the poem 


Great fleas have little fleas upon their backs to bite 
"em, 

And little fleas have lesser fleas, and so ad infini- 
tum, 

And the great fleas themselves, in turn, have greater 
fleas to go on, 

While these again have greater still, and greater 
still, and so on. 


The first lines of this poem paraphrase a similar rhyme by 
Jonathan Swift. 


PUZZLE 

On one occasion, when asked his age, de Morgan 
replied: “I was x years old in the year x”.” How old must 
he have been at the time? 


Solutions begin on page 369. 


decagon 
A polygon with 10 sides. 


decimal 

The commonly used number system, also known as 
denary, in which each place has a value 10 times the value 
of the place at its right. For example, 4,327 in the decimal 
(base 10) system is shorthand for (4 x 10°) + (3 x 10’) + 
(2 x 10') + (7 x 10°), where 10° = 1. “Decimal” comes 
from the Latin decimus for “tenth.” The verb decimare, lit- 
erally “to take a tenth of,” was used to describe a form of 
punishment applied to mutinous units in the Roman 
army. The men were lined up and every tenth soldier was 
killed as a lesson to the rest. From this custom comes our 
word decimate, which we use more loosely—in fact, incor- 
rectly—to indicate near-total destruction. The Latin deci- 
mare was also used in a less ferocious sense to mean “to 
tax to the amount of one tenth.” However, the usual 
word describing a one-tenth tax in English is tithe, which 
comes from the Old English teogotha, a form of tenth. 


decimal fraction 

A number consisting of an integer part, which may be 
zero, and a decimal part less than unity that follows the 
decimal marker (which may be a point or a comma). A 
finite or terminating decimal fraction has a sequence of deci- 
mals with a definite break-off point after which all the 
places are zeros. Other fractions produce endless sequences 
of decimals that are periodic nonterminating. 


Dedekind, (Julius Wilhelm) Richard (1831-1916) 
A German mathematician whose most important contri- 
bution was the discovery of what became known as the 
Dedekind cut. He realized that every real number r divides 
the rational numbers into two subsets: those greater 
than r and those less than 7. Dedekind’s brilliant idea was 
to represent the real numbers by such divisions of the 
rationals. He also provided important support for Georg 
Cantor’s set theory, which was highly controversial at the 
time. 


Dee, John (1527-1609) 

A notable English alchemist, mathematician, and astron- 
omer, sometimes referred to as the “last magician” be- 
cause of his astrological services to Queen Elizabeth I; 
Dee may also have influenced the writings of Shake- 
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speare. He enrolled at St. Johns College, Cambridge, at 
age 15, but found the atmosphere there stifling and later 
went to the Continent to study and lecture. Upon his 
return to England, Dee cast the horoscope for Queen 
Mary and later visited Mary's half-sister Elizabeth in jail 
to determine when Mary would die. Accused of black 
magic, he was jailed and then released in 1555, three 
years before Mary’s death. When Elizabeth came to the 
throne she consulted Dee on many matters, including 
the geography of newly discovered lands, and paid him 
well. Some of his income he spent on extensive traveling, 
which may have involved some spying on behalf of his 
sponsor. 

Dee had a large library of books on witchcraft, the 
occult, and magic, and he wrote 79 manuscripts, only a 
few of which were published. He married three times and 
fathered eight children. He also struck up an uneasy part- 
nership with Edward Kelly, a bad-tempered Irishman 
who claimed to have discovered the alchemical secret of 
transmuting base metal into gold but had lost his ears for 
forgery. In 1585 Dee and Kelly went on a four-year trek 
across the Continent conducting astrological readings for 
nobility and royalty. But Dee and Kelly had many argu- 
ments and eventually parted company. Back in England 
Dee found his house ransacked and many of his posses- 
sions stolen or destroyed. Elizabeth helped pay for the 
damage and made him warden of Christ’s College in 
Manchester in 1595. However, Elizabeth died in 1603 
and her successor James I opposed magic. Dee was forced 
to retire, his life ending in poverty. 


deficient number 
See abundant number. 


degree 

(1) The unit of measurement for angles; one degree is 360 
of a circle. (2) The exponent of a variable. For example, 
the degree of 7x’ is 5. See also degree of freedom. 


degree of freedom 
A positive integer that gives the number of pieces of data 
that are independent. 


deletable prime 
See truncatable prime. 


delta curve 

A curve that can be turned inside an equilateral triangle 
while continuously making contact with all three sides. 
There are an infinite number of delta curves, but the sim- 
plest are the circle and lens-shaped delta-biangle. All the 
delta curves of height > have the same perimeter 27/3. 
See also Reuleaux triangle and rotor. 


deltahedron 

A polyhedron whose faces consist of equilateral triangles 
that are all the same size. Although there are an infinite 
number of different deltahedra, only eight of them are 
convex, as O. Rausenberger first showed in 1915. Among 
this group of eight, faces made of coplanar equilateral tri- 
angles sharing an edge (such as the rhombic dodecahe- 
dron) aren’t allowed. The eight convex deltahedra have 
4, 6, 8, 10, 12, 14, 16, and 20 faces. 


deltoid 

A hypocycloid with three cusps, also known as a tricus- 
poid or Steiner’s hypocycloid after the Swiss mathematician 
Jakob Steiner who investigated the curve in 1856. The 
deltoid, so-named because it looks like an uppercase 
Greek delta, A, is formed by a point on the circumference 
of a circle rolling inside another circle with a radius three 
times as large. While working on a problem in optics in 
1745, Leonhard Euler was among the first to study its 
properties. The parametric equations of the cycloid with 
inner circle of radius r are: 


x(t) = 2rcost + rcos2t 
y(t) = 2rsint — rsin2t 


The length of the path of the deltoid is 167/3, and the 
area inside the deltoid is 277°. If a tangent is drawn to the 
deltoid at some point, P and the points where the tan- 
gent crosses the deltoids other two branches are called 
points 4 and B, then the length of AB equals 47. If the 
deltoid’s tangents are drawn at points 4 and B, they will 


deltoid The deltoid curve. © Jan Wassenaar, www.2dcurves.com 


90 denominator 


be perpendicular, and they will intersect at a point inside 
the deltoid that is the 180° rotation of point P about the 
center of the fixed circle. 


denominator 
In a rational number, the number below the fraction 
bar; 1t indicates into how many parts the whole is 


divided. 


derivative 
The result of differentiating a function; that is, the infin- 
itesimal change in a function caused by an infinitesimal 
change in the variable(s) upon which it depends. The 
derivative gives the rate of change of a function (the 
slope of its curve) at a particular point. Second and third 
derivatives give the rate at which the rate of change is 
changing and the rate at which the rate of rate of change 
is changing, respectively. In an article in 1996, Hugo 
Rossi wrote: “In the fall of 1972 President Nixon an- 
nounced that the rate of increase of inflation was decreas- 
ing. This was the first time a sitting president used the 
third derivative to advance his case for reelection.”!*”! 
Here is a fallacious “proof” that x = 2x based on deriv- 
atives. Consider the function f(x) = x’, the derivative of 
which 1s 2x. What is wrong with the following? 


x°=x+x+...+.x (repeated x times) 
Taking the derivative of both sides gives 
(Y =1+1+...+1=x 


But we have already said that the derivative of x” is 2x. 
Therefore, x = 2x. The error stems from taking the deriv- 
ative of x different x’s. Each of the terms depends not 
only on x, which was accounted for in taking the deriva- 
tive, but also on the number of terms (which could be 
fractional) which depends on x, too, and this was not 
accounted for. Put another way, the derivative measures 
the rate of change of x’ as x changes, but as x changes, the 
number of terms on the right, as well as the terms them- 
selves, increases. For positive x, the correct answer must 
be larger than x—as indeed it is. 


Desargues, Girard (1591-1661) 

A French mathematician who is regarded as the chief 
founder of perspective geometry. His 12-page treatise La 
perspective (1636) consists of a single worked example in 
which Desargues sets out a method for constructing a per- 
spective image without using any point lying outside the 
picture field. He considers the representation in the pic- 
ture of a plane of lines that meet at a point and also of 
lines that are parallel to each another. In the last paragraph 
of the work he considers the problem of finding the per- 
spective image of a conic section. Three years later, he 


wrote his treatise on projective geometry Brouillon project 
d'une atteinte aux evenemens des rencontres du cone avec un plan 
(Rough draft for an essay on the results of taking plane 
sections of a cone). The first part of this deals with the 
properties of sets of straight lines meeting at a point and 
of ranges of points lying on a straight line. In the second 
part, the properties of conics are investigated in terms of 
properties of ranges of points on straight lines and the 
modern term “point at infinity” appears for the first time. 
Desargues shows that he has completely grasped the con- 
nection between conics and perspective; in fact he treats 
the fact that any conic can be projected into any other 
conic as obvious. Given such innovative work it may 
seem surprising that the subject didn’t develop rapidly in 
the following years. That may be partly due to mathe- 
maticians failing to recognize the power of what had been 
put forward. On the other hand, the algebraic approach 
to geometry put forward by René Descartes at almost 
exactly the same time (1637) may have diverted attention 
from Desargues’s projective methods. 


Descartes, René (1596-1650) 


Tf you would be a real seeker after truth, it 1s neces- 
sary that at least once in your life you doubt, as far 
as possible, all things. 


A hugely influential philosopher and mathematician, 
born in La Haye (now named Descartes after its most 
famous son), Indre-et-Loire, France, who is often referred 
to as the father of modern philosophy and one of the 
founders of modern mathematics. He studied law at the 
University of Poitiers but never practiced it, served in 
the military for a while, and then lived in Holland for 20 
years where he did the bulk of his great work. In his Med- 
itations on First Philosophy, he tried to establish what can 
be known as true beyond doubt. His tool was method- 
ological skepticism: the assumption that any idea that 
can be doubted is false. He gives the example of dream- 
ing: in a dream, one senses things that seem to be real, 
but that don’t actually exist. Thus, the data of the senses 
can’t be fully trusted. Then again, he mused, perhaps 
there is an “evil genius”—a supremely powerful and devi- 
ous being who sets out to prevent anyone from knowing 
the true nature of reality. Given these possibilities, what 
is it that one can know for certain? Descartes argues that 
if “I” am being deceived, then surely “I” must exist—the 
statement famously referred to as cogito ergo sum (“I think, 
therefore I am”), though these words don’t actually 
appear anywhere in the Meditations. Descartes concludes 
that he can be certain that he exists. But in what form? If 
the senses are unreliable, Descartes reasons, all he can say 
for sure is that he is a thinking thing. He then proceeds to 
build a system of knowledge, discarding perception as 
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unreliable and instead admitting only deduction as a 
method. Halfway through the Meditations he also claims 
to prove the existence of a benevolent God who has pro- 
vided him with a working mind and sensory system, and 
who cannot desire to deceive him, and thus, finally, he 
establishes the possibility of acquiring knowledge about 
the world based on deduction and perception. 

In mathematics, Descartes is important for his discovery 
of analytical geometry. Up to Descartes’s time, geometry, 
dealing with lines and shapes, and algebra, dealing with 
numbers, were regarded as completely independent aspects 
of mathematics. Descartes showed how almost all prob- 
lems in geometry can be translated into problems in alge- 
bra, by regarding them as questions asking for the length of 
a line segment, and using a coordinate system to describe 
the problem. Descartes’s theory provided the basis for cal- 
culus, developed by Isaac Newton and Gottfried Leibniz, 
and thus for much of modern mathematics. This is partic- 
ularly amazing when you consider that Descartes intended 
it merely as an example to support his Discours de la méthode 
pour bien conduire sa raison, et chercher la verité dans les sciences 
(Discourse on the method to rightly conduct the reason 
and search for the truth in sciences), better known under 
the shortened title Discours de la méthode. 

Descartes died of pneumonia in Stockholm, where he 
had been invited to serve as tutor to the energetic 19-year- 
old Queen Christina of Sweden. Accustomed to working 
in a warm bed till noon, he was shocked into a rapid 
decline by having to teach philosophy at 5 A.M. in a freez- 
ing library. Seventeen years after his death, the Roman 
Catholic Church placed his works on the Index of Pro- 
hibited Books. 


Descartes’s circle theorem 
See Soddy’s formula. 


determinant 

A quantity obtained from a square (n x n) array of num- 
bers that can be useful, among other things, in solv- 
ing systems of linear equations (equations in which the 
unknowns are raised to at most the first power). More 
generally, a determinant transforms a square matrix into 
a scalar—an operation that has many important proper- 
ties. Two-by-two determinants were considered by Giro- 
lamo Cardano at the end of the sixteenth century and 
ones of arbitrary size by Gottfried Leibniz about a cen- 
tury later. Determinants are so named because, when 
applied to systems of linear equations, they “determine” 
if the systems are singular—that is, have multiple solu- 
tions. They also have important geometric applications, 
because they describe the area of a parallelogram and, 
more generally, the volume of a parallelepiped. A three- 
rowed determinant is defined by: 


Ay, A a3 Ay, X Ay X A33 + diz X dz X dz] 
A A2 da = + di3 X Ay X G32 — liz X A X Az, 
43, 432 433 — Ay X Ay, X 33 — Ay X 43 X Az2. 


deterministic system 
A system in which the later states of the system follow 
from, or are determined by, the earlier ones. Such a sys- 
tem contrasts with a stochastic or random system in which 
future states are not determined from previous ones. An 
example of a stochastic system would be the sequence of 
heads or tails of an unbiased coin, or radioactive decay. 
If a system is deterministic, this doesn’t necessarily 
imply that later states of the system are predictable from 
a knowledge of the earlier ones. In this way, chaos is sim- 
ilar to a random system. Chaos has been termed “deter- 
ministic chaos” since, although it is determined by 
simple rules, its property of sensitive dependence on ini- 
tial conditions makes a chaotic system, in practice, 
largely unpredictable. 


devil's curve 
Also known as the devil on two sticks, a curve with the 
Cartesian equation 


y ay? gh 2 
and the polar equation 
r° (sin’@ — cos’@) = a’sin’@ — b’cos’@). 


Early studies of it were carried out in 1750 by the Swiss 
mathematician Gabriel Cramer (1704-1752), who is 
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most famous for his work on determinants, and in 
1810 by Lacroix. For a = %/4, the curve is called the elec- 
tric motor curve. 


Dewdney, Alexander Keewatin (1941-) 

A Canadian computer scientist and mathematician at the 
University of Western Ontario, Canada, best known for his 
popular books and articles, most notably The Planiverse: 
Computer Contact with a Two-dimensional World, first pub- 
lished in 1984." For several years, Dewdney wrote the 
“Mathematical Recreations” column for Scientific American. 


diagonal 

A line that joins any two vertices of a polygon, if the ver- 
tices are not next to each other; or a line that joins two 
vertices of a polyhedron that are not on the same face. 


diagonal matrix 

A matrix that has zero entries along all nondiagonal 
entries, that is, only the main diagonal may have nonzero 
values. 


diameter 
The distance across a circle through the center. 


dice 

Small polyhedra (see polyhedron), usually cubes, whose 
faces are numbered from one to six by patterns of dots, 
with opposite sides totaling seven. They are thrown, 
singly or in groups, from the hand or from a cup, onto a 
flat surface, to provide random numbers for gambling 
and other games. The face of each die that is uppermost 
when it comes to rest provides the value of the throw. 
Typical of their use today is the game of craps, in which 
two dice are thrown together, and bets placed on the total 
face-up value. Dice probably evolved from knuckle- 
bones, which are approximately tetrahedral. Even today, 
dice are sometimes colloquially referred to as “bones.” 
Ivory, bone, wood, metal, and stone materials have been 
commonly used to make dice, though the use of plastics 
is now nearly universal. 

Dice found in ancient tombs in the Orient point to an 
Asiatic origin and dicing is mentioned as an Indian game 
in the Rig-veda. In its primitive form, knucklebones was 
essentially a game of skill, played by women and chil- 
dren; gradually, a derivative form evolved for gambling 
in which four sides of the bones received different values 
and were counted like dice. Gambling with three, some- 
times two, dice was a popular form of amusement in 
Greece, especially with the upper classes, and was an 
almost invariable accompaniment to the symposium, or 
drinking banquet. The Romans were passionate gam- 
blers, and dicing was a favorite form, though it was for- 


bidden except during the festival of Saturnalia (Decem- 
ber 17). Throwing dice for money led to many special 
laws in Rome, one of which decreed that no suit could be 
brought by a person who allowed gambling in his house, 
even if he’d been cheated or assaulted! Professional gam- 
blers were common, and some of their loaded dice are 
preserved in museums. 

The Roman historian Tacitus states that the Germans 
also were passionately fond of dicing—so much so, that, 
having lost everything, they would even stake their per- 
sonal liberty. Centuries later, in medieval times, dicing 
became the favorite pastime of knights, and both dicing 
schools and guilds of dicers flourished. 

Dice are frequently used to randomize allowable 
moves in board games such as backgammon. Loaded 
dice can be made in many ways to cheat at such games. 
Weights can be added, or some edges made round while 
others are sharp, or some faces made slightly off-square, 
to make some outcomes more likely than would be pre- 
dicted by pure chance. Dice with non-cubical shapes 
were once almost exclusively used by fortune-tellers and 
in other occult practices, but they have become popular 
lately among players of role-playing and war-games. 


difference equation 

An equation that describes how something changes in 
discrete time steps. Numerical solutions to integrals are 
usually realized as difference equations. 


differential 

A term such as dx used in an expression such as ydx — xdy 
to denote first-order small changes in the variable. Differ- 
entiation is the method by which a differential is found. 


differential equation 

A description of how something continuously changes 
over time (see continuity). Some differential equations 
have an exact analytical solution such that all future states 
can be known without simulating the time evolution of 
the system. However, most have a numerical solution with 
only limited accuracy. A differential equation involves 
the first or higher derivatives of the function to be solved 
for. If the equation only involves first derivatives, it is 
known as an equation of order one, and so on. If only nth 
powers of the derivatives are involved, the equation is 
said to have degree n. Equations of degree one are called 
linear. Equations in only one variable are called ordinary 
differential equations to distinguish them from partial 
differential equations, which have two or more. 


differential geometry 
The study of geometry using calculus; it has many appli- 
cations in physics, especially in relativity theory. The 


5 Write these numbers completely in words. 
(a) 342 785 (b) 3 783 194 
(c) 17 021 209 (d) 305 213 097 
6 Write these numbers in figures. 
(a) five hundred and sixteen thousand, two hundred and nineteen 
(b) two hundred and six thousand, and twenty-four 
(c) twenty-one million, four hundred and thirty-seven thousand, 
eight hundred and sixty-nine 
(d) seven million, six hundred and four thousand, and thirteen 


1.2 Arithmetic — the four operations 

In this book, the authors assume that you have access to a calculator, 
and that you are able to carry out simple examples of the four 
operations of arithmetic — addition, subtraction, multiplication and 
division — either in your head or on paper. If you have difficulty with 


this, you may wish to consult Teach Yourself Basic Mathematics. 


Each of the operations has a special symbol, and a name for the 
result. 


Adding 4 and 3 is written 4 + 3, and the result, 7, is called the sum 
of 4 and 3. 


Subtracting a number, 4, from a larger number, 7, is written 7 — 4, 
and the result, 3, is their difference. 


Addition and subtraction are “reverse” processes: 
4+3=7and 7-4=3. 


Multiplying 8 by 4 is written 8 x 4, and the result, 32, is called the 
product of 8 by 4. 


Dividing 8 by 4 is written 8 + 4, or 3, and the result, 2, is called 
their quotient. 


1. Number 


3 
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objects studied by differential geometry are known as Rie- 
mannian manifolds. These are geometrical objects, such 
as surfaces, that locally look like Euclidean space and 
therefore allow the definition of analytical concepts such 
as tangent vectors and tangent space, differentiability 
(see differential), and vector and tensor fields. Rieman- 
nian manifolds have a metric, which opens the door to 
measurement because it allows distances and angles to be 
evaluated locally and concepts such as geodesics, curva- 
ture, and torsion to be defined. 


differential topology 

A branch of topology concerned with those properties of 
differential geometry that are preserved by continuous 
transformation. 


differentiation 
The method by which the derivative of a function is 
found. 


digimetic 
A cryptarithm in which digits are used to represent other 
digits. 


digit 

A symbol or numeral that is used to represent an integer 
in a positional number system. Examples of digits include 
the decimal characters 0 through 9, the binary characters 
0 or 1, and the hexadecimal digits 0...9, A... F. The 
word comes from the Latin digitus for “finger” or “toe,” 
and retains this meaning, reminding us of the origins of 
our base 10 number system. The earlier Indo-European 
root dezk is related to many other words that hark back to 
the use of the hands and fingers to “point” out objects, 
including index, indicate, token, and teach. 


digital root 

Take a number, n, add its digits, then add the digits of 
numbers derived from it, and so on, until the remaining 
number has only one digit. This single digit result is 
called the digital root of n. For example, in the case of 
5381:54+34+8+1=19;1+9=10; 1+0=1; thus, the 
digital root of 5381 is 1. See also casting out nines. 


digraph 
A graph in which each edge has a direction associated 
with it. 


dihedral angle 

The angle defined by two given faces meeting at an edge; 
for example, all the dihedral angles of a cube are 90°. An 
almost-spherical polyhedron (with many faces) has small 
dihedral angles. 


dimension 

An extension in some unique direction or sense; the word 
comes from the Latin dimetiri for “measured out.” The 
most common way to think of a dimension is as one of 
the three spatial dimensions (up-down, left-right, back- 
forth) in which we live. Mathematicians and science fic- 
tion writers alike have long imagined what it would be like 
in a world with a different number of spatial dimensions. 
Speculation has particularly focused on two-dimensional 
worlds and, to an even greater extent, on the fourth 
dimension. Time is also thought of as a dimension; in- 
deed, in relativity theory and as a component of space- 
time, it is treated almost exactly the same as a dimension 
of space. The universe may have additional spatial dimen- 
sions—a total of 10, 11, or 26 are especially favored— 
according to some theories of the subatomic world (see 
string theory and Kaluza-Klein theory), though the 
additional ones are “curled up” incredibly small and only 
become important at scales far smaller than those that can 
be experimentally probed today. 

In mathematics, the term dimension is used in many dif- 
ferent ways. Some of these correspond to the everyday 
idea of an extension in physical space or to some of the 
more esoteric meanings in physics. Others are purely 
abstract and exist only in certain types of theoretical, 
mathematical space. There are, for example, Hamel dimen- 
sions, Lebesgue covering dimensions, and Hilbert spaces. So- 
called Hausdorff dimensions are used to characterize 
fractals—mathematical objects that have fractional dimen- 
sions—by giving a precise meaning to the idea of how well 
something, such as an extremely “wriggly” curve or sur- 
face, fills up the space in which it is embedded. 


dinner party problem 
See Ramsey theory. 


Diocles (c. 240-c. 180 B.c.) 

A Greek mathematician and contemporary of Apollo- 
nius who studied the cissoid as part of an attempt to 
duplicate the cube and also was the first to prove the 
focal property of a parabolic mirror. 


Diophantine approximation 
The approximation of a real number by a rational 
number. 


Diophantine equation 

An equation that has integer coefficients and for which 
integer solutions are required. Such equations are named 
after Diophantus. The best known examples are those 
from Pythagoras’s theorem, a? = b? + c°, when a, b, and 
c are all required to be whole numbers—a Pythagorean 
triplet. Despite their simple appearance Diophantine 
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equations can be fantastically difficult to solve. A no- 
torious example comes from Fermat’s last theorem 
(recently solved), a” = b” + c” for n > 2. To give a specific 
example, suppose we want to find integer values for x and 
y such that 


x? = 1620y? + 1. 


A trial-and-error approach using a computer would 
quickly find the solution: y = 4, x = 161. However, just a 
slight change to the equation to make it 


x?=1621y? +1 


would leave the trial-and-error method floundering, even 
with the resources of the most powerful computers on 
Earth. The smallest integer solution to this innocent look- 
ing formula involves a y-value that is on the order of a 
thousand trillion trillion trillion trillion trillion trillion! 
One of the challenges (the tenth one) that David Hilbert 
threw down to twentieth-century mathematicians in his 
famous list was to find a general method for solving equa- 
tions of this type. In 1970, however, the Russian mathe- 
matician Yu Matijasevic showed that there is no general 
algorithm for determining whether a particular Diophan- 
tine equation is soluble: the problem is undecidable.?” 28 


Diophantus of Alexandria (a.D. c. 200-c. 284) 

A Greek mathematician who developed his own alge- 
braic notation and is sometimes called “the father of 
algebra.” His works were preserved by the Arabs and 
translated into Latin in the sixteenth century, when they 
served to inspire momentous new advances. Diophan- 
tine equations are named in his honor. It was in the 
margin of a French translation of Diophantus’s work 
Aritmetike from c. 250 that Pierre de Fermat scribbled his 
famous comment that became known as Fermat’s last 
theorem. 


Diophantus's riddle 

One of the oldest known age problems (see age puzzles 
and tricks). It comes from the Greek Anthology, a collec- 
tion of puzzles compiled by Metrodorus in about A.D. 
500, and purports to tell how long Diophantus lived in 
the form of a riddle engraved on his tombstone: 


God vouchsafed that he should be a boy for the sixth 
part of his life; when a twelfth was added, his cheeks 
acquired a beard; He kindled for him the light of 
marriage after a seventh, and in the fifth year after his 
marriage He granted him a son. Alas! late-begotten 
and miserable child, when he had reached the mea- 
sure of half his father’s life, the chill grave took him. 
After consoling his grief by this science of numbers 
for four years, he reached the end of his life. 


If d and s are the ages of Diophantus and his son when 
they died, then the epitaph boils down to these two equa- 
tions, 


d= (16 + "24+ )d+54+54+4 
s= d, 


which can be solved simultaneously to give s = 42 years 
and d = 84 years. 


Dirac, Paul Adrien Maurice (1902-1984) 

A British theoretical physicist who played a major role 
in the development of quantum mechanics and pre- 
dicted the existence of antiparticles. He made his first 
great breakthrough at Cambridge University in 1928, 
when he found a wave equation for the electron. This 
explained aspects of the electron that had previously 
been observed but not understood, and, incidentally, is 
the only equation to appear in Westminster Abbey, 
where it is engraved on Dirac’s commemorative plaque. 
Dirac’s electron equation also made the remarkable pre- 
diction that there exists a previously unseen type of 
matter—a particle like the electron, but with the oppo- 
site charge. This was startling at the time because only 
two subatomic particles, the electron and the proton, 
were known, and there was no suspicion that 
others might be waiting in the wings. The prediction 
was fulfilled four years later when the positron, as it is 
now called, was first seen. A central theme of Dirac’s 
work was his belief that beauty and mathematics go 
hand in hand. When a journalist once asked him to 
explain the concept of mathematical beauty, Dirac 
asked the journalist “Do you know mathematics?” and 
when the journalist replied “No,” Dirac said, “Then you 
can’t understand the concept of mathematical beauty.” 
A shy, retiring person, Dirac is not as famous as his 
achievements warrant. 


Dirac string trick 

Take a cardboard square and tie the four corners to 
another larger square by loose string. Rotate the small 
square by 360° about a vertical axis, that is, in a horizon- 
tal plane. The strings will become somewhat tangled, and 
it is not possible to untangle them without rotating the 
square. Turn the square through another 360°, for a total 
of 720°. Contrary to all expectations, it is now possible to 
untangle the string, without further rotation of the 
square, simply by allowing enough space for the strings 
to be looped over the top of the square! 

Another version of the Dirac string trick has been 
called the Philippine wineglass trick. A glass of water held 
in the hand can be rotated continuously through 720° 
without spilling any water. Surprisingly, these geometri- 
cal demonstrations are related to the physical fact that an 
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Dirac string trick The equipment needed to simulate an 
electron's spin property. 


electron has spin 12. A particle with spin '2 is something 
like a ball attached to its surroundings with string. Its 
amplitude changes under a 360° (2m) rotation and is 
restored on rotation to 720° (47). 


direct proportion 

The relationship two quantities have if the graph of one 
against the other is a straight line through the origin; so 
if one doubles then the other doubles, and so forth. 


directed graph 

Also known as a digraph, a graph in which each edge is 
replaced by a directed edge, indicated by an arrow. A 
directed graph having no multiple edges or loops is 
called a simple directed graph. A complete graph in which 
each edge is bidirected is called a complete directed 
graph. A directed graph having no symmetric pair of 
directed edges (i.e., no bidirected edges) is known as 
an oriented graph. A complete oriented graph (i.e., a 
directed graph in which each pair of vertices is joined by 
a single edge having a unique direction) is called a tour- 
nament. 


directrix 
The line that, together with a point called the focus, 
serves to define a conic section as the locus of points 


whose distance from the focus is proportional to the hor- 
izontal distance from the directrix. If the ratio r = 1, the 
conic is a parabola, if 7 < 1, it is an ellipse, and ifr > 1, it 
is a hyperbola. 


Dirichlet, Peter Gustav Lejeune (1805-1859) 

A German mathematician who made significant contri- 
butions to number theory, analysis, and mechanics, and 
who is credited with the modern formal definition of a 
function. He taught at the universities of Breslau (1827) 
and Berlin (1828-1855) and in 1855 succeeded Carl 
Gauss at the University of Göttingen but died of a heart 
attack only three years later. Dirichlet continued Gauss’s 
great work on number theory, publishing on Diophan- 
tine equations of the form x° + y? = kz’. His book Lectures 
on Number Theory (published posthumously in 1863) is 
similar in stature to Gauss’s earlier Disquisitiones and 
founded modern algebraic number theory. In 1829 he 
gave the conditions sufficient for a Fourier series to con- 
verge (though the conditions necessary for it to converge 
are still undiscovered). 


Dirichlet's theorem 

For any two positive coprime integers, a and J, there are 
infinitely many prime numbers of the form an + b, where 
n > 0. This theorem was first conjectured by Karl Gauss 
and proved by Peter Dirichlet in 1835. 


discontinuity 
Also called a jump, a point at which a function is not 
continuous. 


discrete 
Taking only noncontinuous values, for example, Boolean 
or natural numbers. 


discriminant 

A quantity that gives valuable information about the 
solutions of an equation. In the case of the quadratic 
equation ax? + bx + c = 0, the discriminant is given by 
d=} — 4ac. If d> 0, the roots of the equation are two dif- 
ferent real numbers; if d = 0, the roots are real and equal; 
if d< 0, the roots are complex numbers. The concept of 
discriminant can also be applied in the case of polyno- 
mials, elliptic curves, and metrics. 


disk 

Roughly speaking, the “filling” of a circle. A flat (two- 
dimensional) disk of radius r consists of all the points 
that are at a distance < r (closed disk) or < r (open disk) 
from a fixed point in the plane. More generally, an x 
dimensional disk of radius r is the set of all points at a 
distance < r (closed) or < r (open) from a fixed point in 
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Euclidean 2-space. A disk is the two-dimensional analog 


of a ball. 


disme 

An old word for “tenth.” A notation for decimal frac- 
tions was introduced for the first time in 1585 in a pam- 
phlet called La Disme by Simon Stevin of Holland. 


dissection 

Cutting apart one or more figures and rearranging the 
pieces to make another figure. Dissection puzzles have 
been around for thousands of years. The problem of dis- 
secting two equal squares to form one larger square using 
four pieces dates back to at least the time of Plato 
(427-347 B.c.). In the tenth century, Arabian mathe- 
maticians described several dissections in their com- 
mentaries on Euclid’s Elements. The eighteenth-century 
Chinese scholar Tai Chen presented an elegant dissec- 
tion for approximating the value of pi. Others worked 
out dissection proofs of the Pythagoras’s theorem. In 
the nineteenth century, dissection puzzles by Sam Loyd, 
Henry Dudeney, and others became tremendously pop- 
ular in magazine and newspaper columns. A classic 
example is the Haberdasher’s puzzle. Dissections can 
get quite elaborate: an eight-piece octahedron becomes a 
hexagon, a nine-piece five-pointed star becomes a penta- 
gon, and so on. See also tangrams and Loculus of 
Archimedes.” 2 


dissipative system 

A dynamical system that contains internal friction 
that deforms the structure of its attractor. Dissipative 
systems often have internal structure despite being 
far from equilibrium, like a whirlpool that preserves 
its basic form despite being in the midst of constant 
change. 


distortion illusion 

An illusion that distorts an image’s shape and/or size. 
Famous examples include Poggendorff illusion, Zóllner 
illusion, Titchener illusion, irradiation illusion, Fraser 
spiral, Miiller-Lyer illusion, Orbison’s illusion, verti- 
cal-horizontal illusion, and Ames room. 


distributive 
Three numbers x, y, and z are said to be distributive over 
the operation + if they obey the identity 


x( y +Z) = xy + xz. 


Compare with associative and commutative. 


diverge 

If a sequence doesn’t converge it is said to diverge (see 
convergence). This can be if it goes to infinity, or if it 
simply cycles between two or more values without ever 
staying on one of them. For example, the sequences: 1, 2, 
4, 8,16, 32,... and 1,0, 1,0, 1,0,... are both divergent. 


division 

A counterpart to multiplication defined so that if 
axb=c 

where b is nonzero, then 


a= c/b. 


In this equation, a is the quotient, b is the divisor, and c is 
the dividend. A skeletal division is a long division in 
which most or all of the digits are replaced by a symbol 
(usually asterisks) to form a cryptarithm. 


dodecagon 
A polygon with 12 sides. 


dodecahedron 

A polyhedron with 12 faces. A regular dodecahedron is 
made from faces that are identical regular pentagons and 
is one of the Platonic solids. 


dodecahedron A mechanical puzzle in the form of a dodeca- 
hedron. Mr. Puzzle Australia, www.mrpuzzle.com.au 
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Dodgson, Charles Lutwidge 
See Carroll, Lewis. 


dollar 

The elaborate designs on the various denominations of 
American dollar bills can be used for some amusing 
games of the “Can you find... ?” variety. On a $1 bill, 
there is an owl in the upper left-hand corner of the “1” 
encased in the shield, and a spider hidden in the front 
upper right-hand corner. There are also at least nine 
occurrences of thirteen things: 13 steps on the pyramid, 
13 letters in the Latin above the pyramid, 13 letters in “E 
Pluribus Unum,” 13 stars above the eagle, 13 plumes of 
feathers on each span of the eagle’s wing, 13 bars on the 
shield, 13 leaves on the olive branch, 13 fruits, and 13 
arrows. On the back of a $5 bill the number 172 can be 
found in the bushes at the base of the Lincoln Memorial, 
while on the back of the old $10 bill are four cars and 
eleven light posts. On the new $100 dollar bill the time 
on the clock tower of Independence Hall reads 4:10. 


domain 
The set of numbers x for which the function f(x) is 
defined. See also codomain and range. 


domino 

A small rectangular tile, marked with spots, that is used 
to play games. There are many varieties of dominoes 
and games based on them. Most domino tiles, however, 
have roughly 2-to-1 proportions and each half of each 
domino has spots arranged as on a six-sided die; the set 
generally contains tiles with all possible combinations 
of two numbers. A tile is identified by the number of 
spots on each half: for example, “1-6” or “3-3.” Eng- 
lish/American dominoes include blank sides; Chinese 
dominoes don’t but do duplicate some whole tiles. Eng- 
lish/American dominoes can also be bought in larger 
sets with numbers of spots up to nine or twelve per side. 
Other than games of strategy, there are many mathe- 
matical puzzles that involve dominoes. Some of these 
puzzles involve tiling variations on the standard 8 x 8 
chessboard. 


PUZZLE 
A standard chessboard can easily be tiled by using four 
dominos in each row. But what if two squares are 
removed, one each from diagonally opposite corners of 
the chessboard? Can this reduced board be completely 
tiled by nonoverlapping dominoes? 

Solutions begin on page 369. 


Another common pastime using domino tiles is to 
stand them on edge in long lines, then topple the first 
tile, which falls on and topples the second, and so forth, 
resulting in all of the tiles falling. Arrangements of thou- 
sands of tiles have been made that take several minutes to 
fall. By analogy, phenomena of chains of small events 
each causing similar events leading to eventual catastro- 
phe are called domino effects. The word domino was first 
used to refer to the hooded black cape worn by priests, 
and later to black masks (of the Lone Ranger type) worn 
at masquerade balls. The domino is the simplest form of 
polyomino. 


domino problem 

Is there an algorithm (a set of instructions) that, when 
given a particular shape as an input, decides if the shape 
can be used to tile the entire plane? The solution to this 
unresolved problem is tied up with Heesch numbers. 
The domino problem in turn has a deep connection with 
the Einstein problem. 


dozen 
See twelve. 


dragon curve 

A classic example of a recursively generated fractal shape. 
Benoit Mandelbrot called it the “Harter-Heighway” 
dragon curve and it formed the subject of one of Martin 
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Gardner’s Mathematical Games columns in Scientific Amer- 
ican in 1967.'"'*! The dragon curve fills out an “island” of 
positive area with a fractal boundary. 


dual 

(1) The dual of a solid is formed by joining the centers of 
adjacent faces with straight lines. In the resulting dual 
solid, each vertex of the dual corresponds to a face on 
the original, each face on the dual to an original vertex, 
while the edges match, one for one. (2) The dual of a tes- 
sellation is obtained by replacing each tile with a point at 
its center, and each edge between tiles with an edge join- 
ing vertices. The dual of a regular tessellation is a regular 
tessellation; the dual of a semi-regular tessellation is not 
semi-regular. 


Dudeney, Henry Ernest (1857-1930) 

An English writer and puzzle-maker who became one of 
the greatest exponents of recreational mathematics of 
his time. Chess and chess problems captivated him 
from an early age and he was only 9 when he started 
contributing puzzles to a local newspaper. His educa- 
tion was limited and he started work as a clerk in the 
civil service at the age of 13. However, he kept up his 
interest in math and chess, wrote articles for magazines 
under the pseudonym “Sphinx,” and joined a literary 
circle that included Arthur Conan Doyle. In 1893 he 
struck up a correspondence with the American puzzle- 
maker Sam Loyd, the other leading mathematical recre- 
ationist of the day, and the two shared many ideas. 
However, a rift developed after Dudeney accused Loyd 
of publishing many of Dudeney’s puzzles under his 
own name. One of Dudeney’s daughters “recalled her 
father raging and seething with anger to such an extent 
that she was very frightened and, thereafter, equated 
Sam Loyd with the devil.” Dudeney was a columnist for 
the Strand Magazine for over 30 years and wrote six 
books. The first of these, The Canterbury Puzzles," pub- 
lished in 1907, purports to include a collection of prob- 
lems posed by the characters in Chaucer’s The Canterbury 
Tales. The answer to the so-called Haberdasher’s puzzle 
is Dudeney’s best known geometrical discovery. His 
other books include Amusements in Mathematics 
(1917) and The World's Best Word Puzzles (1929). See 
also spider-and-fly problem and polyomino.”*?! 


Dunsany, Lord Edward Plunkett (1878-1957) 

An Irish writer who was one of the founders of the fan- 
tasy genre of literature. Edward John Moreton Drax Plun- 
kett was born in London to a family whose roots in 
Ireland predate the Norman invasion. He inherited his 
father's title in 1899, fought in the Boer War, and 
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Dunsany, Lord Edward Plunkett The Dunsany Estate 


returned to the ancestral home, Dunsany Castle, in 1901. 
Lord Dunsany was a keen marksman and hunter, a fine 
player of cricket (Dunsany had its own cricket ground 
near the village), tennis (there is a court beside the Cas- 
tle), and chess (he was an amateur champion and once 
drew with Grand Master Capablanca. He also wrote chess 
puzzles for the Times over many years and invented his 
own variant of the game. His first of many books, The 
Gods of Pegana, was published in 1905. In writings that 
spanned fantasy, drama, poetry, and science fiction, he 
was an early explorer of such ideas as chess-playing com- 
puters (in “The Three Sailors’ Gambit” from The Last 
Book of Wonder and, again, in his 1951 novel The Last Rev- 
olution) and paradoxes in time travel (e.g., in “Lost” from 
The Fourth Book of Jorkens and “The King That Was Not” 
from Time and the Gods). 


Dupin cyclide 

The envelope of all spheres touching three given fixed 
spheres. (Each of the fixed spheres is to be touched in an 
assigned manner, either externally or internally.) Equiva- 
lently, the envelope of all spheres whose centers lie on a 
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given conic section and which touch a given sphere. 
Also equivalently, the inverse of a torus. 


duplicating the cube 

A classical mathematical challenge of antiquity: using 
only a straightedge and compass, construct a cube whose 
volume is exactly twice that of a given cube. It is often 
called the “Delian” problem because of a legend that sur- 
rounds its origin. The citizens of Athens were being dev- 
astated by a plague so that, in 430 B.c., they sought 
advice from the oracle at Delos on how to rid their com- 
munity of this pestilence. The oracle replied that the altar 
of Apollo, which was in the form of a cube, had to be 
doubled in size. Thoughtless builders merely doubled the 
edges of the cube, failing to appreciate that this increased 
the volume of the altar eightfold. The oracle said the 
gods had been angered; the plague grew worse. Other del- 
egations consulted Plato. When informed of the oracle’s 
admonition, Plato told the citizens “the god has given 
this oracle, not because he wanted an altar of double the 
size, but because he wished in setting this task before 
them, to reproach the Greeks for their neglect of mathe- 
matics and their contempt of geometry.” Many Greek 
mathematicians attacked the problem. All failed, because 
the so-called Delian constant, V 2 (the required ratio of 
sides of the original cube and that to be constructed), 
needed for the duplication can’t be constructed as pre- 
scribed. Cube duplication is possible, however, using a 
Neusis construction. See also cissoid of Diocles. 


Diirer, Albrecht (1471-1528) 


Sane judgment abhors nothing so much as a picture 
perpetrated with no technical knowledge, although 
with plenty of care and diligence. Now the sole rea- 
son why painters of this sort are not aware of their 
own error 1s that they have not learnt Geometry, 
without which no one can either be or become an 
absolute artist. 

—from The Art of Measurement, 1525 


A German printmaker who, through applying mathemat- 
ics to art, brought important ideas to mathematics itself 
especially in the area of perspective geometry. Dürer was 
born in Nuremberg, one of 18 children, and showed an 
early talent for art. After a four-year apprenticeship in 
painting and woodcutting, he began traveling Europe, 
especially Italy, in search of new styles and ideas. Back in 
Nuremberg, he began a serious study of mathematics, 
absorbing Elements by Euclid and De architectura by the 
great Roman architect Vitrivius, and studying the work of 
Leone Alberti (1404-1472) and Luca Pacioli on mathe- 
matics and art, in particular their work on proportion. His 
mastery of perspective is clear in woodcuts Life ofa Virgin 


(1502-1505). In about 1508, Dürer began to collect mate- 
rial for a major work on mathematics and its applications 
to the arts. This work was never finished but Durer did use 
parts of the material in later published work. One of his 
most famous engravings Melancholia, produced in 1514, 
contains the first magic square to be seen in Europe, 
cleverly including the date 1514 as two entries in the mid- 
dle of the bottom row. Also of mathematical interest in 
Melancholia is the polyhedron in the picture, the faces of 
which appear to consist of two equilateral triangles and six 
somewhat irregular pentagons. In 1825 Durer published a 
four-volume treatise, Underweysung der Messung (available 
in English translation as Painters Manual), which dealt 
with, among other things, the construction of various 
curves, polygons, and other solid bodies. One of the first 
books to teach the methods of perspective, it was highly 
regarded throughout the sixteenth century and presents 
the earliest known examples of polyhedral nets, that is, 
polyhedra unfolded to lie flat for printing. 

Dürer traveled to Italy to learn about perspective and 
was keen to publish the methods so they weren’t kept 
secret among a few artists. Who he learned from is not 
known, but Luca Pacioli is a likely possibility. Some of 


Dürer, Albrecht The famous woodcut Melancholia, by Albrecht 
Dürer, features a magic square and an unusual polyhedron. 
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the techniques and illustrations also follow closely the 
work of Piero della Francesca. 

Dúrer's final work, his Treatise on Proportion, was pub- 
lished posthumously and laid the groundwork for descrip- 
tive geometry and its rigorous mathematical treatment by 
Gaspard Monge. 


Diirer’s shell curve 

Given a parabola and a line that is tangent to the 
parabola, the glissette of a point on a line sliding 
between the parabola and the tangent. It has the equa- 
tion (x? + xy + ax — b’) = (b? — xMMx—y+ ay. 


dynamical system 

A nonlinear, interactive system that evolves over time, 
showing transformations of behavior and an increase in 
complexity. Key to this evolution is the presence and 
emergence of attractors, most notably chaotic attractors. 


The changes in the system’s organization and behavior are 
known as bifurcations. Dynamical systems are determin- 
istic systems, although they can be influenced by random 
events. Times series data of dynamical systems can be 
graphed as phase portraits in phase space in order to indi- 
cate the qualitative or topological properties of the system 
and its attractors. For example, various physiological sys- 
tems, such as the heart, can be conceptualized as dynami- 
cal systems. Seeing physiological systems as dynamical 
systems opens up the possibility of studying various 
attractor regimes. Moreover, certain diseases can be 
understood now as “dynamical diseases,” meaning that 
their temporal phasing can be a key to understanding 
pathological conditions. 


dynamics 
Pertaining to the change in behavior of a system over 
time. 


Pi goes on and on and on... 
And e 1s just as cursed. 
I wonder: Which is larger 
When therr digits are reversed? 
—Martin Gardner 


Possibly the most important number in mathematics. 
Although pi is more familiar to the layperson, e is far 
more significant and ubiquitous in the higher reaches of 
the subject. One way to think of e is as the number of 
dollars you would have in the bank at the end of a year 
if you invested $1 at the start of the year and the bank 
paid an annual interest rate of 100% compounded con- 
tinuously. Compound interest doesn’t behave in quite 
the way intuition suggests. Because more frequent com- 
pounding causes the principal to grow faster, it might 
seem that continuous compounding would make the 
investor very rich in short order. But the effect tails off. 
At the end of one year, the $1 would have grown to a 
mere $2.72, rounded to the nearest cent. To a better 
approximation, e is 2.718281828459045 . . . , its decimal 
expansion stretching out forever, never repeating in any 
permanent pattern, because e is a transcendental num- 
ber. It is the base of natural logarithms, which is equiv- 
alent to the fact that the area under the curve (the 
integral of) y = 1/x between x = 1 and x =e is exactly 
equal to one unit. It also features in the exponential 
function y = e*, which is unique in that its value (y) is 
exactly equal to its growth rate (dy/dx in calculus no- 
tation) at every point. As well as showing up in prob- 
lems involving growth or decay (including compound 
interest) or in calculus, whenever logarithmic or expo- 
nential functions are involved, e is at the heart of the 
statistical bell curve; the shape of a hanging cable, 
known as a catenary; the study of the distribution of 
prime numbers; and Stirling’s formula for approximat- 
ing factorials. 

Like rr, e pops up as the limit of many continued frac- 
tions and infinite series. Leonhard Euler, who was the 
first to study and to use the symbol e (in 1727), found it 
could be expressed as the curious fraction: 


101 


1+1 


0+1 


1+1 


1+1 


2+1 


1+1 


1+1 


4+1 


1+1 


1+1 


6+... 


No less remarkable is this infinite series of which e is the 
sum: 


1+1/1!+ 1/2!+ 1/3!4+ 1⁄4! +... 


But of all the places that e appears in mathematics none 
is more extraordinary than Euler’s formula from which 
comes the most profound relationship in mathematics: 
e" + 1=0, linking e and x with complex numbers.!”** 


Earthshapes 

A series of 12 hypothetical Earths as conceived by Amer- 
ican airman Joseph Portney in 1968 during a flight to the 
North Pole onboard a U.S. Air Force KC-135. As the 
North Pole was reached, Portney looked on the icy ter- 
rain below and asked himself, “What if the Earth 
were... ?” The hypothetical Earths, cylindrical, conic, 
donut-shaped, and so forth, were sketched and cap- 
tioned by Portney and given to the Litton Guidance & 
Control Systems graphic arts group to create models. 
These models were then photographed and became 
the theme of a Litton publication entitled Pilots and 
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Navigators Calendar for 1969. Each month was intro- 
duced with a different one of the 12 hypothetical Earths. 
The result was an international sensation, attracting 
awards and heavy fan mail. 


eccentricity 
See conic section. 


economical number 

A number that has no more digits than there are digits in 
its prime factorization (including powers). If a number 
has fewer digits than are in its prime factorization it is 
known as a frugal number. The smallest frugal is 125, 
which has three digits, but can be written as 5°, which 
has only two. The next few frugals are 128 (2’), 243 (3°), 
256 (2%), 343 (7%), 512 (2%), 625 (5%), and 729 (39). An 
equidigital number is an economical number that has the 
same number of digits as make up its prime factoriza- 
tion. The smallest equidigitals are 1, 2, 3, 5, 7, and 10 
(= 2 x 5). All prime numbers are equidigital. An extrav- 
agant number is one that has fewer digits than are in its 
prime factorization. The smallest extravagant number is 
4 (= 2’), followed by 6, 8, and 9. There are infinitely 
many of each of these kinds of numbers. Are there also 
arbitrarily long sequences of consecutive ones? Seven- 
member strings of consecutive economical numbers 
start at each of 157; 108,749; 109,997; 121,981; and 
143,421. On the other hand, the longest string of con- 
secutive frugal numbers up to 1 million is just two (for 
example, 4374 and 4375). Even so, it has been proved 
that if a certain conjecture about prime numbers known 
as Dickson’s conjecture is true, then there are arbitrarily 
long strings of frugals. 


Eddington number 

“I believe there are 15,747,724,136,275,002,577,605,653, 
961,181,555,468,044,717,914,527,116,709,366,231,425, 
076,185,631,031,296 protons in the universe and the 
same number of electrons.” So wrote the English astro- 
physicist Sir Arthur Eddington (1882-1944) in his book 
Mathematical Theory of Relativity (1923). Eddington ar- 
rived at this outrageous conclusion after a series of 
convoluted (and wrong!) calculations in which he first 
“proved” that the value of the so-called fine-structure 
constant was exactly 1/136. This value appears as a factor in 
his prescription for the number of particles (protons + 
electrons; neutrons were not discovered until 1930) in 
the universe: 2 x 136 x 2%= 17 x 2°” = 3.149544 ...x 
10” (double the number written out in full in the quote 
above). This is the Eddington number, notable for being 
the largest specific integer (as opposed to an estimate or 


approximation) ever thought to have a unique and tan- 
gible relationship to the physical world. Unfortunately, 
experimental data gave a slightly lower value for the fine- 
structure constant, closer to 1437. Unfazed, Eddington 
simply amended his “proof” to show that the value had 
to be exactly 1437, prompting the satirical magazine 
Punch to dub him “Sir Arthur Adding-One.” See also 
large number. 


edge 
A line segment where two faces meet. A cube, for exam- 
ple, has 12 edges. 


edge coloring theorem 
See Tait’s conjecture. 


edge of chaos 

The hypothesis that many natural systems tend toward 
dynamical behavior that borders static patterns and the 
chaotic regime. See also chaos. 


ess 


Specifically, a chicken’s egg and its mathematical equiva- 
lent. Eggs are often described as being oval in shape, 
which is effectively tautological since “oval” comes from 
the Latin ovus for “egg.” Strictly speaking, an oval is a flat 
two-dimensional curve, so it is more accurate to say that 
an egg is shaped like the surface of revolution of an oval. 
In real life, eggs, like ovals, come in a variety of forms all 
of which can be loosely described as “like an ellipsoid 
but with one end more pointed than the other.” Because 
eggs vary in shape, so too do their mathematical descrip- 
tions. Having said this, there are a variety of ways to 
approximate the shape of a hen’s egg by modifying the 
equation of an ellipsoid, x7/a* + y?/b?* + z’/c’ = 1, so as to 


egg A good egg shape is obtained by drawing four circle arcs 
of different radii. © Jan Wassenaar, www.2dcurves.com 


Multiplication and division are ‘reverse’ processes: 
4x2=8and8+4=2. 


Sometimes divisions are not exact. For example, if you divide 
7 by 4, the quotient is 1 and the remainder is 3, because 4 goes 
into 7 once and there is 3 left over. 


Exercise 1.2 gives you practice with the four operations. You 
should be able to do all of this exercise without a calculator. 


1 Work out the results of the following additions. 
(a) 23+6 (b) 33 + 15 (c) 45 +9 (d) 27 + 34 
2 Find the sum of 
(a) 65, 24 and 5 (b) 27, 36 and 51. 
3 Work out the following differences. 
(a) 73 - 9 (b) 49 — 35 (c) 592 — 76 
(d) 128 — 43 (e) 124 — 58 (f) 171 - 93 
4 Find the difference between 


(a) 152 and 134 (b) 317 and 452. 
5 Work out 
(a) 5x9 (b) 43 x 7 (c) 429 x6 (d) 508 x 7 
(e) 27x 11 (f) 12 x 28 (g) 13 x 14 (h) 21 x 21 
6 Find the product of 108 and 23. 
7 Work out 
(a) 375+=5 (b) 846 + 3 (c) 1701 = 7 (d) 1752 + 8 
8 Find the quotients and the remainders for the following 
divisions. 
(a) 8 + 3 (b) 235 (c) 101 +8 


1.3 Order of operations 


Sometimes you will see a calculation in the form 8 — (2 x 3), 
where brackets, that is the symbols ( and ), are put around part 
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introduce an asymmetry about the long (say, z-) axis. 
These involve multiplying z?/c? by a suitable term, so 
that y becomes larger on the right side of the y-axis and 
smaller on the left side. For example, x/a* + y*/b* + z*/c* 
(1 — kx) = 1 gives a good egg. Other useful egg approxi- 
mations come from surfaces of revolution of Cartesian 
ovals, Cassinian ovals, and sections through cones and 
cylinders. In France, where tennis first became popular, a 
zero on the scoreboard looked like an egg and was called 
l'oeuf which is French for “egg.” When tennis was intro- 
duced in the United States, Americans pronounced it 
“love.” 

Why is a hen’s, or other bird”s, egg shaped as it is? 
Because it gives strength even though the eggshell is thin 
enough to allow the young bird to peck its way out when 
ready. To demonstrate this strength, try balancing a pile 
of books on four half egg shells. It is even possible for a 
person’s weight to be supported in this way. 

Another trick with eggs is to distinguish between a 
raw egg and a hardboiled one without cracking them 
open to see which is which. Lay both eggs on their sides 
on a table, and spin them as you would a spinning top. 
With a bit of practice, the cooked egg will be made to 
rise up for a few seconds, while the raw one will remain 
on its side. The physics of this odd behavior was finally 
cracked by two mathematicians, Keith Moffat of Cam- 
bridge University and Yutaka Shimomura of Keio Uni- 
versity, who reported their findings in 2002. They 
concluded that friction between the egg and the surface 
produces a gyroscopic effect, which causes some of the 
kinetic energy of the object to be translated into poten- 
tial energy, raising its center of gravity (see also Tippee 
Top). As the hardboiled egg spins, its curved surface 
causes it to touch the tabletop at only one point. The 
contact point changes and traces out a little circle. If the 
texture of the tabletop is just right (neither too slippery 
nor too sticky) the egg will slide a bit as it spins. This 
sliding slows the spin a bit and causes a wobble. This in 
turn tilts the egg, lifting one end off the table more than 
the other, at which point the gyroscopic effect kicks in 
and swaps some of the kinetic energy of the spinning 
egg into potential energy and raises its center of gravity 
in a seemingly paradoxical way. This effect is height- 
ened by the fact that as the end of the egg rises, the egg 
draws in closer to the axis of spin, causing it to spin 
more quickly—just as figure-skaters can make themselves 
pirouette faster by raising their arms above their heads. 
Why doesn't the effect occur with a raw egg? Because 
the inside of the egg is runny and it lags behind the 
shell. This lag serves as a drag, which reduces the spin 
rate and dissipates the egg’s kinetic energy. This in turn 
reduces the friction between the egg and tabletop, and 


means that not enough energy is available to be turned 
into potential energy to raise the egg’s center of gravity. 
As well as solving the mystery of the balancing egg, 
Moffat also found time to write a limerick to commem- 
orate the event: 


Place a hard-boiled egg on a table, 

And spin it as fast as you’re able; 

It will stand on one end 

With vectorial blend 

Of precession and spin that’s quite stable. 


See also superegg. 


Egyptian fraction 

A unit fraction; in other words, a fraction in which the 
numerator (the number on top) is one. This type of frac- 
tion was the only kind used by the ancient Egyptians and 
appears extensively in the Rhind papyrus. Other fractions 
can be obtained by adding Egyptian fractions together; for 
example, Y7 = Y + 1% + '21. In 1201 Fibonacci proved that 
every rational number can be written as a sum of Egypt- 
ian fractions. 


eigenvalue 

A complex number, À, that satisfies the equation Ax = Ax, 
where A is an n x n matrix and x is some vector. In this 
case, x is called an eigenvector. 


eight 

The second smallest cube number (after 1°): 8 = 2’ =2 x 
2 x 2. A queen or king in chess can move in eight differ- 
ent directions, in the same way that a compass has eight 
principal points: north, northeast, east, southeast, south, 
southwest, west, and northwest. In three dimensions, 
there are eight diagonal ways to move, corresponding to 
the eight octants into which three-dimensional space is 
divided by three mutually perpendicular planes. Add a 
fourth dimension and movement becomes possible 
back and forth along four directions at right angles to 
each other: up and down, left and right, forward and 
back, and to one other! The Spanish dollar was a gold 
coin with a value of eight reales, and was sometimes ac- 
tually cut into eight wedge-shaped pieces—“pieces of 
eight”—to make change. 


eight curve 
A curve, also known as the lemniscate of Gerono, that has 
the Cartesian equation 


en a? (x? — y) 


and the appearance of a figure eight lying on its side. 
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Einstein problem 

(1) Is there a single shape that will tile a plane aperiodi- 
cally (see aperiodic tiling)? An answer of “no” would 
imply the existence ofa decision method for the domino 
problem. This problem, which is named because of the 
German translation (ein = “one,” stein = “stone”) and 
was not an invention of the famous scientist, remains 
unsolved. (2) A logic problem, invented by Albert Ein- 
stein, who claimed that 98% of the people in the world 
couldn’t solve it. 


PUZZLES 

1. There are 5 houses (along a street) in 5 different 
colors: blue, green, red, white, and yellow. 

2. In each house lives a person of a different nation- 
ality: Briton, Dane, German, Norwegian, and 
Swede. 

3. These 5 owners drink a certain beverage: beer, 
coffee, milk, tea, or water; smoke a certain brand 
of cigar: Blue Master, Dunhill, Pall Mall, Prince, or 
blend; and keep a certain type of pet: cat, bird, 
dog, fish, or horse. 

4. No owners have the same pet, smoke the same 
brand of cigar, or drink the same beverage. 

5. The Briton lives in a red house. The Swede keeps 
dogs as pets. The Dane drinks tea. The green 
house is on the left of the white house (next to 
it). The green house owner drinks coffee. The per- 
son who smokes Pall Mall rears birds. The owner 
of the yellow house smokes Dunhill. The man liv- 
ing in the house right in the center drinks milk. 
The Norwegian lives in the first house. The man 
who smokes blend lives next to the one who 
keeps cats. The man who keeps horses lives next 
to the man who smokes Dunhill. The owner who 
smokes Blue Master drinks beer. The German 
smokes Prince. The Norwegian lives next to the 
blue house. The man who smokes blend has a 
neighbor who drinks water. 

The question is: Who keeps the fish? 
Solutions begin on page 369. 


elementary function 
Any real-value algebraic function or transcendental func- 
tion (trigonometric, hyperbolic, exponential, logarithmic). 


eleven 

A palindromic number, the smallest integer that is not a 
Harshad number, a prime number that is a member of 
a twin prime (11 and 13), and the largest integer that is 
not the sum of two or more distinct primes. There are 11 


players on a soccer team and on a cricket team. Strange 
but true: the youngest pope was 11 years old. 


ellipse 

A shape that looks like a squashed circle. It is one of the 
conic sections and can be defined as the locus of all 
points in a plane that have the same sum of distances 
from two given fixed points known as foci. If the two foci 
coincide then the ellipse is a circle. The line segment 
connecting the foci is called the major axis of the ellipse; 
half this is the semimayor axis, a. The line passing through 
the center of the ellipse (the midpoint of the foci) at right 
angles to the major axis is called the minor axis, half of 
which is the semiminor axis, b. An ellipse centered at the 
origin of an x-y coordinate system with its major axis 
along the x-axis is defined by the equation 


xi la +y7/b* = 1. 


The shape of an ellipse is expressed by a number called 
the eccentricity, e, which is related to a and b by the for- 
mula b* = a’(1 — e°). The eccentricity is a positive number 
less than 1, or O in the case of a circle. The greater the 
eccentricity, the larger the ratio of a to b, and therefore 
the more elongated the ellipse. The distance between the 
foci is 2ae. The area enclosed by an ellipse is tab. The cir- 
cumference of an ellipse is 4aE(e), where the function E 
is the complete elliptical integral of the second kind. 


ellipse Nails mark the foci, F, and F,, of an ellipse that is 
drawn by pencil whose moving tip, P keeps the string 
threaded around the nails taut. 
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ellipsoid 

A quadratic surface that is the three-dimensional analog 
of an ellipse. The general equation of an ellipsoid in 
Cartesian coordinates is 


xla? + yb + 27/c? =1, 


where a, b, and c are positive real numbers determining 
the shape. If two of these numbers are equal, the ellipsoid 
is a spheroid; if all three are equal, it is a sphere. The 
intersection of an ellipsoid with a plane is a single point 
or an ellipse. Ellipsoids can also be defined in higher 
dimensions. 


elliptic curve 

The set of solutions to a type of cubic equation whose 
solutions lie on a torus (a donut-shaped surface). The 
particular type of cubic equation whose solutions lead to 
elliptic curves takes the form 


ytaxythbaxtex’t+ dete. 


Elliptic curves, which are said to have a genus of 1, have 
an unusually rich theory and structure, and their study is 
linked to many other important areas of mathematics 
and their applications. For example, it was work done on 
elliptic curves by Andrew Wiles that finally led to a proof 
of Fermat’s last theorem. 


elliptic function 

In complex analysis, a function defined on the com- 
plex plane that is periodic in two directions. The elliptic 
functions can be thought of as analogs of the trigono- 
metric functions (which have only a single period). 
Leading eighteenth-century mathematicians, including 
Leonhard Euler and Joseph Lagrange, had studied ellip- 
tic integrals, such as the integral that gives the arc length 
of an ellipse; however, these cannot be expressed in 
terms of the elementary functions (polynomials, expo- 
nentials, and trigonometric functions). It was the insight 
of Karl Jacobi, and also of Karl Gauss and Niels Abel, 
that the inverse functions of elliptic integrals are much 
easier to study. They turn out to be doubly periodic 
functions of a complex variable. While a singly periodic 
function like sine has a number a (specifically a = 27) so 
that sin(x + a) = sin (x), a doubly periodic function f has 
the property that there are two numbers a, J, not rational 
multiples of each other, so that f(x + a) = f(x + b) = f(x). 
As Jacobi proved in 1834, the ratio a/b is necessarily an 
imaginary number. 


elliptical geometry 
One of the two most important types of non-Euclidean 
geometry: the other is hyperbolic geometry. In ellipti- 


cal geometry, Euclid’s parallel postulate is broken 
because no line is parallel to any other line. The original 
form of elliptical geometry, known as spherical geometry 
or Riemannian geometry, was pioneered by Bernhard Rie- 
mann and Ludwig Schlafli and treats lines as great 
circles on the surface of a sphere. The most familiar 
example of such circles, which are geodesics (shortest 
routes) on a spherical surface, are the lines of longitude 
on Earth. In spherical geometry any two great circles 
always intersect at exactly two points. Two lines of lon- 
gitude, for example, meet at the North and South Poles. 
Working in spherical geometry produces some surpris- 
ing, nonintuitive results. For instance, it turns out that 
the shortest flying distance from Florida to the Philip- 
pine Islands is a path across Alaska—even though the 
Philippines are at a more southerly latitude than Florida! 
The reason is that Florida, Alaska, and the Philippines lie 
on the same great circle and so are collinear in spherical 
geometry. Another odd property of spherical geometry 
is that the sum of the angles of a triangle is greater than 
180°. This is always the case on a surface that bulges out 
or, in mathematical parlance, has positive curvature. It 
was Felix Klein who first saw clearly how to rid spherical 
geometry of its one blemish: the fact that two lines have 
not one but two common points. He redefined the 
notion of a point as a set of antipodal points. With this 
definition, any two points determine a unique line so 
that the traditional form of Euclid’s first postulate is 
restored. Thus modified, spherical geometry became 
what Klein called elliptical geometry. 


embedding 

Putting one mathematical object inside another, such as a 
subgroup within a group or one topological space inside 
another, while preserving all topological properties. 


emergence 

The arising of new, unexpected structures, patterns, 
or processes in a self-organizing system (see self- 
organization). These emergents have their own rules, laws, 
and possibilities, and can be understood as existing on a 
higher level than that of the components from which 
they came. The term was first used by the nineteenth- 
century philosopher G. H. Lewes and came into greater 
currency in the scientific and philosophical movement 
known as emergent evolutionism in the 1920s and 1930s. 


emirp 

A prime number that becomes a different prime number 
when its digits are reversed (“emirp” is “prime” spelled 
backward). The first twenty emirps are 13, 17, 31, 37, 71, 
73, 79, 97, 107, 113, 149, 157, 167, 179, 199, 311, 337, 347, 
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359, and 389. Compare with a palindromic prime (see 
palindromic number), which gives the same prime when 
reversed. 


empty set 

The set, denoted by @ or {}, that has no members; also 
known as the null set. This is not the same as zero, which 
is the number of members of Ø. Nor is Ø the same as 
nothing because a set with nothing in it is still a set, and 
a set is something. The empty set, for example, is the set 
of all triangles with four sides, the set of all numbers 
that are bigger than nine but smaller than eight, and the 
set of all opening moves in chess that involve a king. 
Applying the concept of the empty set helps distinguish 
between the different ways that “nothing” is used in 
everyday language. In his book What Is the Name of This 
Book? (1978), Raymond Smullyan wrote: “Which is 
better, eternal happiness or a ham sandwich? It would 
appear that eternal happiness is better, but this is really 
not so! After all, nothing is better than eternal happi- 
ness, and a ham sandwich is certainly better than noth- 
ing. Therefore a ham sandwich is better than eternal 
happiness.” 

What is wrong with this declaration? The first state- 
ment is equivalent to “The set of things that are better 
than eternal happiness is 1.” The second statement is 
equivalent to “The set {ham sandwich} is better than the 
set ©.” The confusion arises because the first is compar- 
ing individual things, while the second is comparing sets 
of things, and © plays a different role in each. 


enantiomorph 
The mirror image of a given chiral polyhedron or other 
figure. 


enormous theorem 

The largest theorem in mathematics; 1t concerns the clas- 
sification of finite simple groups and encapsulates the 
work of hundreds of mathematicians over many years. 


entropy 
A measure of a system's degree of randomness or disorder. 


envelope 
A curve or a surface that touches every member of a fam- 
ily of lines, curves, planes, or surfaces. 


epicycloid 

The path traced out by a point on the circumference of a 
circle of radius J rolling on the outside of a circle of 
radius a. It is described by the parametric equations: 


x = (a+ b) cos(t) — b cos((a/b + 1)1) 
y= (a+ b) sin(d) — b sin((a/b + 1)0). 


An epicycloid is like a cycloid on the circumference of a 
circle and is closely related to the epitrochoid, hypocy- 
cloid, and hypotrochoid. An epicycloid with one cusp is 
called a cardioid, one with two cusps is called a nephroid, 
and one with five cusps is called a ranunculoid (after the 
buttercup genus Ranunculus). 


Epimenides paradox 
See liar paradox. 


epitrochoid 

A curve traced out by a point that is a distance c from the 
center of a circle of radius b, where c < b, that is rolling 
around the outside of another circle of radius a. It is 
described by the parametric equations 


x = (a+ b) cos(t) — c cos((a/b — 1)1) 
y = (a+b) sin(t) — c sin((a/b + 1)1). 


Closely related to the epitrochoid are the epicycloid, 
hypocycloid, and the hypotrochoid. An example of an 
epitrochoid appears in Albrecht Diirer’s work Instruction 
in Measurement with Compasses and Straightedge (1525). 


EPORN 

An equal product of reversible numbers; defined by the 
Indian recreational mathematician Shyam Sunder Gupta 
as a number that can be expressed as the product of two 
reversible numbers (numbers whose digits are reversed) 
in two different ways. For example: 4,030 = 130 x 031 = 
310 x 013 and 144,648 = 861 x 168 = 492 x 294. The 
smallest EPORN, 2,520 = 120 x 021 = 210 x 012, is also 
the least common multiple of all single digit natural 
numbers in decimal system. The digital root, 1.e. the ulti- 
mate sum of digits, of all EPORNs is always 1, 4, 7, or 9. 
For example, 2,520 =2 +5 +2 +0= 9; 4,030=4+0+ 
3+0=7;9,949716=9+9+4+9+7+1+6=36 and 
3+6=9. 


equichordal point 
A point inside a closed convex curve in the plane, all the 
chords through which have the same length. 


equilateral 

Having sides of equal length, as in the case of an equilat- 
eral polygon. The equilateral triangle, with its three 
equal angles of 60°, is widely found in historic buildings 
and structures across Europe. See Triangular Lodge. 
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equilibrium 

A term indicating a rest state of a system, for example, 
when a dynamical system is under the sway of a fixed- 
point attractor or periodic attractor. The concept origi- 
nated in ancient Greece when Archimedes experimented 
with levers in balance, literally “equilibrium.” The idea 
was elaborated through the Middle Ages, the Renaissance, 
and the birth of modern mathematics and physics in the 
seventeenth and eighteenth centuries. “Equilibrium” has 
come to mean pretty much the same thing as stability, that 
is, a system that is largely unaffected by internal or exter- 
nal changes since it easily returns to its original condition 
after being perturbed. 


equivalent numbers 

Numbers such that the sums of their aliquot parts 
(proper divisors) are the same. For example, 159, 559, 
and 703 are equivalent numbers because their aliquot 
parts all sum to 57. 


Eratosthenes of Cyrene (c. 276-194 B.c.) 

A Greek mathematician, astronomer, and geographer 
who was born in Cyrene, a Greek colony to the west of 
Egypt. He studied at Plato’s school in Athens and even- 
tually became the chief librarian of the great Library at 
Alexandria. He wrote works on geography, philosophy, 
history, astronomy, mathematics, and literary criticism. 
One of Eratosthenes’ contributions to mathematics 
was his measurement of Earth’s circumference, which 
he calculated to be about 252,000 stadii, or 24,700 
miles (about one-tenth the actual value, but still a big 
improvement on earlier estimates). Eratosthenes is also 
known in number theory for his sieve of Eratos- 
thenes, which finds all prime numbers less than a 
given integer 7. 


Eratosthenes’s sieve 
See sieve of Eratosthenes. 


Erdos, Paul (1913-1996) 

A Hungarian mathematician (his name is pronounced 
“AIR-dosh”), one of the greatest mathematicians of the 
twentieth century and, in terms of the number of papers 
published (more than 1,500), the most prolific in his- 
tory—beating out even Leonhard Euler and inspiring 
the term “Erdós number.” A mathematician has an 
Erdos number of 1 if he or she has published a paper 
with Erdós, of 2 if he or she has published with some- 
one who published a paper with Erdós, and so on. 
Erdos worked almost nonstop, 19 hours a day, 7 days a 
week. “A mathematician,” he quipped, “is a machine for 
turning coffee into theorems.” At age 20, Erdós discov- 


ered an elegant proof of a famous theorem in number 
theory, known as Chebyshev’s theorem, which says that for 
each number greater than one, there is always at least 
one prime number between it and its double. Number 
theory remained one of his chief interests, though his 
work spread across many fields, and he became re- 
nowned for posing and solving problems that were 
often simple to state but notoriously difficult to solve. 
He did groundbreaking work in a branch of mathemat- 
ics known as Ramsey theory long before it became 
fashionable in the late 1950s. Bent and slight, often 
wearing sandals, Erdos had no time for the material side 
of life. “Property is nuisance,” he said. Focused totally 
on mathematics, Erdös traveled from meeting to meet- 
ing, carrying a half-empty suitcase and staying with 
mathematicians wherever he went. His colleagues took 
care of him, lent him money, fed him, bought him 
clothes, and even did his taxes. In return, he showered 
them with ideas and challenges—with problems to be 
solved and brilliant ways of attacking them. Ernst 
Straus, who worked with both Albert Einstein and 
Erdós, wrote a tribute to Erdos shortly before his own 
death in 1983. He said of Erdós: “In our century, in 
which mathematics is so strongly dominated by ‘theory 
doctors,’ he has remained the prince of problem solvers 
and the absolute monarch of problem posers.”"™! 


ergodic 

The property of a dynamical system such that all regions 
of a phase space are visited with similar frequency and 
that all regions will be revisited (within a small proxim- 
ity) if given enough time. 


Escher, Maurits Cornelius (1898-1972) 
My work is a game, a very serious game. 


A Dutch artist whose graphic explorations of tiling, figure- 
ground ambiguities, impossible figures, and regression 
has attracted the interest of mathematicians and scien- 
tists. His experiences of Moorish art (see Alhambra) and 
his contact with mathematicians, most notably Harold 
Coxeter, led him to explore the way repetitive shapes can 
be used to tile the plane, and from this to ideas about 
duality and transformation. Escher’s preoccupation with 
dualities is a constant presence in his work in the form of 
foreground/background, light and dark, flatness and 
dimensionality, representation and decoration, frame 
and scene, large and small, viewpoint and vanishing 
point, form and negative space, positive and negative, 
observer and observed, as well as the metaphysical 
aspects of good and evil. Self-referential images (see 
self-referential sentence) resonate throughout Escher’s 
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works—reflections of the artist, hands that draw them- 
selves, the visitor in a picture gallery who looks at a print 
that contains him. It was for this reason that Douglas 
Hofstadter wove Escher, along with Kurt Gódel and 
Bach, into the “eternal golden braid” at the heart of his 
Pulitzer Prize-winning book.''”! Having seen some of 
Escher’s art, Roger Penrose was inspired to devise impos- 
sible figures, including the Penrose triangle, which 
Escher then incorporated into several of his later works. 
After the artist's death Penrose regretted that Escher had 
not lived long enough to take advantage of the discovery 
of Penrose tiling. 


escribed circle 
A circle that is tangent to one side of a triangle and to the 
extensions of the other sides. 


Eternity Puzzle 

An enormously difficult jigsaw consisting of 209 pieces, 
each one different and each made from a unique con- 
figuration of equilateral triangles and half-triangles with 
the same total area as six triangles. The puzzle was to 
fit them together into an almost-regular 12-sided fig- 
ure aligned to a triangular grid. The puzzle’s inventor, 
Christopher Monckton, announced a prize of $1 mil- 
lion when the puzzle was released commercially in June 


1999, for the first correct solution submitted, assuming 
there was one, when all the solutions were opened in 
September 2000. Monckton had run computer searches 
on much smaller versions of the puzzle, which had con- 
vinced him that the sheer size of Eternity would make it 
intractable. However, the prize was won by two British 
mathematicians, Alex Selby and Oliver Riordan, with 
the help of a couple of computers, who sent in a correct 
tiling on May 15, six weeks ahead of the only other puz- 
zler known to have found a correct solution. Early on, 
Selby and Riordan made a surprising discovery. As the 
number of pieces in an Eternity-like puzzle increased, 
so did the difficulty—but only up to a point. The critical 
size is about 70 pieces, which would be almost impossi- 
ble to solve. For larger puzzles, however, the number of 
possible correct solutions increases. In the case of Eter- 
nity itself, with its 209 pieces, there are thought to be at 
least 10” solutions—far more than the number of sub- 
atomic particles in the universe but far, far less than the 
number of nonsolutions. The puzzle itself is much too 
large to solve by an exhaustive search but not, as it turns 
out, by more savvy methods that take into account 
what shaped regions are easiest to tile and what shaped 
pieces are easiest to fit. By steadily refining their search 
algorithm, Selby and Riordan were able to prune out 
the vast majority of nonsolutions and, with a bit of 


Eternity Puzzle The solution to the Eternity 
Puzzle that was awarded a $1 million prize. Eter- 
nity pieces are copyright © 1999 by Christopher Monckton 
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good fortune, to hit upon a correct solution and claim 
the prize. 


Euclid of Alexandria (c. 330-270 B.c.) 

A Greek mathematician who compiled and systemati- 
cally arranged the geometry and number theory of his 
day into the famous text Elements. This text, used in 
schools for about 2,000 years, earned him the name 
“the father of geometry.” Even today, the geometries 
that don’t satisfy the fifth of Euclid’s “common no- 
tions” (now called axioms or postulates) are called non- 
Euclidean geometries. When, according to the Greek 
philosopher Proclus, the Egyptian ruler Ptolemy asked if 
there was a shorter way to the study of geometry than the 
Elements, Euclid told the pharaoh that “there is no royal 
road to geometry.” Little is known of Euclid’s life. Pro- 
clus wrote (c. A.D. 350) that Euclid lived during the reign 
of Ptolemy and founded the first school of mathematics 
in Alexandria—the site of the most impressive library of 
ancient times with perhaps as many as 700,000 volumes. 
He wrote books on other subjects such as optics and 
conic sections, but most of them are now lost. See also 
Euclidean geometry. 


Euclidean geometry 

Geometry of the type described originally by Euclid in 
his book Elements and based on five axioms (see Euclid’s 
postulates), one of which is the controversial parallel 
postulate. Various forms of non-Euclidean geometry 
began to emerge in the nineteenth century, with enor- 
mous implications for science and philosophy. See also 
Euclidean space. 


Euclidean space 

Any n-dimensional mathematical space that is a general- 
ization of the familiar two- and three-dimensional spaces 
described by the axioms of Euclidean geometry. The 
term “n-dimensional Euclidean space” (where is any 
positive whole number) is usually abbreviated to 
“Euclidean -space”, or even just “n-space”. Formally, 
Euclidean z-space is the set R” (where R is the set of real 
numbers) together with the distance function, which is 
obtained by defining the distance between two points 
(Xx, ..., X,) and (y;,..., y,) to be the square root of 
E(x; — y), where the sum is over 7=1,..., 2. This dis- 
tance function is based on Pythagoras’s theorem and is 
called the Euclidean metric. 


Euclid’s postulates 

The five postulates, which together with 23 definitions 
and five “common notions,” form the basis of Euclid’s 
great work on geometry, Elements. The postulates are: 


1. A straight line may be drawn from any one point to 
any other point. 


2. A finite straight line may be produced to any length 
in a straight line. 


3. A circle may be described with any center at any dis- 
tance from that center. 


4. All right angles are equal. 


5. If a straight line meets two other lines, so as to make 
the two interior angles on one side of it together less 
than two right angles, the other straight lines will 
meet if produced on that side on which the angles 
are less than two right angles. 


The last postulate is not as obvious as the other four, and 
Euclid himself was reluctant to use it. Later mathemati- 
cians, finding the fifth postulate to be complicated, 
thought it might be possible to derive it from the other 
four. However, they only succeeded in replacing it with 
equivalent statements. The most common of these is the 
parallel postulate. 


Eudoxus of Cnidus (c. 408-c. 355 B.C.) 

A Greek astronomer, mathematician, and physician whose 
work on ratios formed the basis for Book V of Euclid’s 
Elements and anticipated some aspects of algebra, such as 
cross multiplying, which is otherwise absent from ancient 
Greek mathematics. Eudoxus constructed many geometric 
proofs, found formulas for measuring pyramids, cones, 
and cylinders, and developed the method of exhaustion, 
a forerunner of integration, later extended by Archimedes. 
He also studied the kampyle curve, often known as the 
kampyle of Eudoxus, in connection with the classical 
problem of duplicating the cube. 


Euler, Leonhard (1707-1783) 

A great Swiss mathematician; the second most prolific 
mathematician in history, after Paul Erdós. His greatest 
contributions were to number theory, but Euler also did 
important work in calculus, geometry, algebra, probabil- 
ity, acoustics, optics, mechanics, astronomy, artillery, nav- 
igation, and finance. He had a knack for coming up with 
important results by intuition, he cast calculus and 
trigonometry in their modern forms, and he showed the 
importance of the number e. Even the amusing puzzles 
he invented and, in some cases, solved have opened up 
new mathematical fields. The bridges of Königsberg 
problem, for example, heralded the beginning of graph 
theory and topology, while his thirty-six officers prob- 
lem stimulated important work in combinatorics. Euler 
also worked on magic squares and the problem of the 
knight’s tour. Having learned some math from his father, 
a Calvinist preacher, Euler studied at the University of 
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Basle where he became close friends with members of the 
Bernoulli family. In 1727, he moved to St. Petersburg, to 
the court of Catherine the Great, becoming professor of 
physics (1730) and of mathematics (1733). While in Rus- 
sia, Euler, a devout Christian, met the encyclopedist and 
philosopher René Diderot, a notorious atheist. When 
Diderot heard that Euler had a mathematical proof of the 
existence of God, he asked for it and was quoted the equa- 
tion now often referred to as Euler’s formula. 

Upon losing the use of his right eye, Euler said “Now I 
will have less distraction.” Indeed, the quantity of his 
output seemed to be inversely proportional to the quality 
of his sight, because his rate of publication increased after 
he became almost totally blind in 1766. Euler died 
moments after calculating the orbit of Uranus on Sep- 
tember 18, 1783. 


Euler characteristic 

An important kind of number, known as a topological 
invariant, that describes a closed surface. In the case of 
polyhedra, the Euler characteristic is the number of ver- 
tices and faces minus the number of edges (see Euler’s 
formula for polyhedra). 


Euler circuit 

A connected graph such that starting at a vertex a, one 
can traverse every edge of the graph once to each of the 
other vertices and return to vertex a. In other words a 
Euler circuit is a Euler path that is a circuit. Thus, using 
the properties of odd and even degree vertices given in 
the definition of a Euler path, a Euler circuit exists if and 
only if every vertex of the graph has an even degree. See 
also mazes. 


Euler line 
A line that connects the centroid and the circumcenter 
of a triangle. 


Euler path 

A path along a connected graph that connects all the 
vertices (see vertex) and that traverses every edge of the 
graph only once. Note that a vertex with an odd degree 
allows one to travel through it and return by another 
path at least once, while a vertex with an even degree 
only allows a number of traversals through, but one can- 
not end a Euler path at a vertex with even degree. Thus, a 
connected graph has a Euler path which is a circuit (a 
Euler circuit) if all of its vertices have even degree. A 
connected graph has a Euler path which is non-circuitous 
if it has exactly two vertices with odd degree. See also 
Hamilton path. 


Euler square 

A square array made by combining x objects of two types 
such that the first and second elements form a Latin 
square. Euler squares are also known as Graeco-Latin 
squares, Graeco-Roman squares, or Latin-Graeco squares. For 
many years, Euler squares were known to exist for ” = 
3, 4, and for every odd n except n = 3k. Euler’s Graeco- 
Roman squares conjecture maintained that there are no 
Euler squares of order n = 4k + 2 for k = 1, 2,.... How- 
ever, such squares were found to exist in 1959 by Bose 
and Shrikande, refuting the conjecture. 


Euler-Mascheroni constant (y) 
Also known as Euler’s constant or Mascheront’s constant, the 
limit (as 2 goes to infinity) of 


14+%4+'4+%4%4+...4+1/n-logn 


It is often denoted by a lowercase gamma, y, and is ap- 
proximately 0.5772156649 .... Even though over one 
million digits of this number have been calculated, it 
isn’t yet known if it is a rational number (the ratio of two 
integers a/b). If it is rational, the denominator (b) must 
have more than 244,663 digits. The constant y crops up 
in many places in number theory. For example, in 1898, 
the French mathematician Charles de la Vallée Poussin 
(who proved the prime number theorem) proved the 
following: Take any positive integer n and divide it by 
each positive integer m less than . Calculate the average 
(mean) fraction by which the quotient n/m falls short of 
the next integer. The larger n gets, the closer the average 
gets to gamma. 


Euler’s conjecture 

It always takes n terms to sum to an nth power: two 
squares, three cubes, four fourth powers, and so on. This 
hypothesis is now known to be wrong. In 1966, L. J. Lan- 
der and T. R. Parkin found the first counterexample: four 
fifth powers that sum to a fifth power. They showed that 
27° + 84° + 110° + 133° = 144°. In 1988, Noam Elkies of 
Harvard University found a counterexample for fourth 
powers: 2,682,440* + 15,365,639 + 187,960* = 20,615,673". 
Subsequently, Roger Frye of Thinking Machines Corpora- 
tion did a computer search to find the smallest example: 
95,800* + 217,519 + 414,560* = 422,481". 


Euler's constant 
See Euler-Mascheroni constant. 


Euler’s formula 
For any real number x, Euler’s formula is 


e*=cosx+ sin x 
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where e is a fundamental constant (the base of natural 
logarithms) and i= V-1. If we now put x= T, we get 


eF =c08 T+1sin T, 
and since cos(m) = —1 and sin(r) = 0, this reduces to 
e*=-1 
so that 
e™+1=0. 


This most extraordinary equation first emerged in 
Leonhard Euler’s Introductio, published in 1748. It is 
remarkable because it links the most important math- 
ematical constants, e and z, the imaginary unit z, and 
the basic numbers used in counting, 0 and 1. In 
describing the equation to students, the Harvard math- 
ematician Benjamin Peirce said: “Gentlemen, that is 
surely true, it is absolutely paradoxical; we cannot 
understand it, and we don’t know what it means, but 
we have proved it, and therefore, we know it must be 
the truth.” 


Euler's formula for polyhedra 

The earliest known equation in topology. If F is the 
number of faces of a polygon, E the number of edges, 
and V the number of vertices, Euler’s formula can be 
written as 


F-E+V=2 


where F — E + V is known as the Euler characteristic. 
For example, the surface of a cube has six (square) 
faces, twelve edges, and eight vertices and, sure enough, 
6-12+8=2. 


even function 
A function f(x) such that f(x) = f(=x) for all x. 


evolute 

The locus of the centers of curvature (the envelope) of a 
plane curve’s normals. The original curve is then said to 
be the involute of its evolute. For example, the evolute of 
an ellipse is a Lamé curve and the evolute of a tractrix is 
a catenary. 


excluded middle law 

A law in (two-valued) logic which states that there is no 
third alternative to truth or falsehood. In other words, for 
any statement 4, either A or not-4 must be true and the 
other must be false. This law no longer holds in three- 


valued logic, in which “undecided” is a valid state, nor 
does it hold in fuzzy logic. 


existence 

A term that has several different meanings within 
mathematics. In the broadest sense there is the ques- 
tion of what it means for certain concepts, such as pi, 
to exist. Was m, for example, invented or discovered? In 
other words, does Tr exist only as an intellectual con- 
struct or was 1t somehow already “out there” waiting 
for people to find it. If it does exist independently of 
the human mind, when did its existence start? Does T 
predate the physical universe? Such ontological ques- 
tions become even more difficult when applied to 
more complex or abstract mathematical concepts such 
as the Mandelbrot set, surreal numbers, or infinity. A 
narrower and more technical type of “existence” in 
math is implied by an existence theorem. Such a theorem 
is used to prove that a number or other object with par- 
ticular properties definitely exists, but does not neces- 
sarily give a specific example. Finally, there is existence 
in the sense of particular solutions to problems. If at 
least one solution can be determined for a given prob- 
lem, a solution to that problem is said to exist. Some- 
thing of the flavor of all three types of mathematical 
existence mentioned here are captured in the following 
anecdote: 


An engineer, a chemist, and a mathematician are 
staying in three adjoining cabins at an old motel. 
First the engineer’s coffee-maker catches fire. He 
smells the smoke, wakes up, unplugs the coffee 
maker, throws it out the window, and goes back to 
sleep. Later that night the chemist smells smoke, 
too. He wakes up and sees that a cigarette butt has 
set the trash can on fire. He thinks to himself, “How 
does one put out a fire? One can reduce the temper- 
ature of the fuel below the flash point, isolate the 
burning material from oxygen, or both. This could 
be accomplished by applying water.” So he picks up 
the trash can, puts it in the shower stall, turns on the 
water, and, when the fire is out, goes back to sleep. 
The mathematician has been watching all this out 
the window. So later, when he finds that his pipe 
ashes have set the bed sheet on fire, he’s not in the 
least taken aback. “Aha!” he says, “A solution exists!” 
and goes back to sleep. 


exponent 
A number that gives the power to which a base is 


raised. For example, in 3’ the base is 3 and the exponent 
is 2. 
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exponential 


Who has not been amazed to learn that the function 
y = e*, like a phoenix rising again from its own 
ashes, is its own derivative? 

—Francois le Lionnais 


Anything that grows at a rate proportional to its size is 
said to grow exponentially. The simplest form of the 
exponential function is just y = e*, where e is about 


2.712 ... The exponential function to base a can be writ- 
ten as f(x) =a’. 


extrapolate 
See interpolate. 


extravagant number 
See economical number. 


of the calculation. Brackets are there to tell you to carry out the 
calculation inside them first. So 8 — (2 x 3)= 8- 6 =2. 


If you had to find the answer to 8 + 5 — 3, you might wonder 
whether to do the addition first or the subtraction first. 


If you do the addition first, 8+5-3=13-3=10. 
If you do the subtraction first, 8+5-3=8+2=10. 
In this case, it makes no difference which operation you do first. 


If, however, you had to find the answer to 3 +4 x 2, your answer will 
depend on whether you do the addition first or the multiplication first. 


If you do the addition first, 3 + 4 x 2 =7 x 2 = 14. 
If you do the multiplication first, 34+4x2=3+8=11. 


To avoid confusion, mathematicians have decided that, if there 

are no brackets, multiplication and division are carried out before 
addition and subtraction. Such a rule is called a convention: clearly 
the opposite decision could be made, but it has been agreed that the 
calculation 3 + 4 x 2 should be carried out as 3+4x2=3+8=11. 


There are a number of these conventions, often remembered by the 
word ‘BiDMAS’, which stands for 


Brackets, 
Indicies, 
Divide, 
Multiply, 
Add, 
Subtract. 


This is the order in which arithmetic operations must be carried out. 


Most calculators have the ‘BiDMAS’ convention programmed into 
them, and so automatically carry out operations in the correct order. 


1. Number 


face 
A polygon bounding a polyhedron. A cube, for exam- 
ple, has six square faces. The plane angle formed by adja- 
cent edges of a polygonal angle in space is called a face 
angle. 


factor 

Also known as a divisor, a number or variable that divides 
evenly into another number or algebraic expression. For 
example, the factors of 28 are 1, 2, 4, 7, 14, and 28. 
Although it is true that 28 is also divisible by the negative 
of each of these, “factors” is usually taken to mean only the 
positive divisors. Factorization, or factoring, is the decompo- 
sition of an object into a product of factors. For example, 
the number 15 factorizes into prime numbers as 3 x 5; 
and the polynomial x’ — 4 factorizes as (x — 2)(x + 2). The 
aim of factoring is usually to reduce something to basic 
building blocks, such as numbers to prime numbers, or 
polynomials to linear expressions. Factoring integers is 
covered by the fundamental theorem of arithmetic and 
factoring polynomials by the fundamental theorem of 
algebra. Integer factorization for large integers appears to be 
a difficult problem; there are no known methods for solv- 
ing 1t quickly, and, for this reason, it has formed the basis 
of some public key cryptography algorithms. 


factorial 

The function, denoted z/, that is the product of the posi- 
tive integers less than or equal to x. For example, 1! = 1; 
51=5x4x3x2x1= 120; 10! =10x9x8x7x6x 
5x4x3x2x 1 = 3,628,800. 0! is defined to be 1, by 
working the relationship n! = n x (n — 1)! backward. An 
interesting equality is 1! 10122! 1!=11! 0! 2! 21! in which 
the same digits are broken up two different ways into fac- 
torials. This may be the smallest such example. Factorials 
are important in combinatorics because there are n! dif- 
ferent ways (permutations) of arranging n distinct objects 
in a sequence. They also turn up in formulas in calculus, 
for instance in Taylor’s theorem, because the nth derivative 
of the function x” is z!. 


factorion 

A natural number that equals of the sums of the facto- 
rials of its digits in a given base. The only known deci- 
mal factorions are 1 = 1!, 2 =2!, 145 = 1! + 4! + 5!, and 
40,585 =4!+0!+5!+8!4+5)!. 
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Fadiman, Clifton (1904-1999) 

An American essayist, literary critic, and noted intellec- 
tual who, among many other works, edited Fantasia 
Mathematica” and The Mathematical Magpie.” He 
became well known for the encyclopedic knowledge he 


displayed on the Information Please radio programs in the 
1930s and *40s. 


Fagnano's problem 

In a given acute triangle ABC, find the inscribed triangle 
whose perimeter is as small as possible. The answer 1s the 
orthic triangle of ABC, that is, the triangle whose vertices 
are endpoints of the altitudes from each of the vertices of 
ABC. The problem was proposed and solved using cal- 
culus by Giovanni Fagnano (1715-1797) in 1775. Once 
the answer became known, several purely geometric solu- 
tions were also discovered. 


fair division 
See cake-cutting. 


Farey sequence 

A sequence of numbers named after the English geologist 
John Farey (1766-1826) who wrote about such sequences 
in an article called “On a curious property of vulgar frac- 
tions” in the Philosophical Magazine in 1816. Farey says 
that he noted the “curious property” while examining the 
tables of Complete decimal quotients produced by Henry 
Goodwin. To obtain the Farey sequence for a fixed num- 
ber n, consider all rational numbers between 0 and 1 
which, when expressed in their lowest terms, have a 
denominator (the number on the bottom of a fraction) 
not exceeding n. Write the sequence in ascending order 
of magnitude beginning with the smallest. The “curious 
property” is that each member of the sequence is equal to 
the rational number whose numerator (the number on 
top of a fraction) is the sum of the numerators of the frac- 
tions on either side, and whose denominator is the sum 
of the denominators of the fractions on either side. For 
example, the Farey sequence for n = 5 is (Y, 15, 14, Y, 9, 
12, 35, 7, %, Ys, 11), from which it can be seen that Y5 = 
(1 + 1)/(3 + 2), Y = (1 + 2)/(4 + 5), 2 = (2 + 3)/(5 + 5), 
4 = (3 + 3/(5 + 4), and so forth. Farey wrote: “I am 
not acquainted whether this curious property of vulgar 
fractions has been before pointed out?; or whether 1t may 
admit of some easy or general demonstration?; which are 
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points on which I should be glad to learn the sentiments 
of some of your mathematical readers.” 

One “mathematical reader” was Augustin Cauchy, 
who gave the necessary proof in his Exercises de mathé- 
matique, published in the same year as Farey’s article. 
Farey was not the first to notice the property. C. Haros, 
in 1802, wrote a paper on the approximation of decimal 
fractions by common fractions. He explains how to 
construct what is in fact the Farey sequence for n = 99 
and Farey’s “curious property” is built into his con- 
struction. 


Fechner, Gustav Theodor (1801-1887) 

A German physicist and psychologist who studied aes- 
thetic aspects of the golden ratio and published his find- 
ings in Vorschule der Aesthetik (Introduction to aesthetics) 
(1876), arguing that this ratio turns up commonly in 
human-made rectangular objects and is judged by people 
to be the most pleasing to the eye (though some later 
researchers have called his results into question). 


Federov, E. S. (1853-1919) 

A Russian geologist and crystallographer who helped lay 
the theoretical foundations for modern crystallography. 
In his famous two-part paper “Symmetry of Regular Sys- 
tems of Figures” published in 1891, he proved that there 
are exactly 17 distinct symmetries in the wallpaper 


group. 


feedback 

The mutually reciprocal effect of one system or subsys- 
tem on another. Negative feedback is when two subsystems 
act to dampen the output of the other. For example, the 
relation of predators and prey can be described by a neg- 
ative feedback loop since more predators lead to a 
decline in the population of prey, but when prey decrease 
too much so does the population of predators since they 
don't have enough food. Positive feedback means that two 
subsystems are amplifying each other’s outputs, e.g., the 
screech heard in a public address system when the mike is 
too close to the speaker. The microphone amplifies the 
sound from the speaker which in turn amplifies the signal 
from the microphone, and so on. Feedback is a way of 
talking about the nonlinear interaction among the ele- 
ments or components in a system and can be modeled by 
nonlinear differential or difference equations as well as 
by the activity of cells in a cellular automaton array. 


Feigenbaum’s constant 

A universal constant, denoted 6, that governs the behav- 
ior of systems that are approaching chaos; it was discov- 
ered by the American mathematical physicist Mitchell 
Feigenbaum (1944-) in 1975 and has the value 6 = 


4.6692 .... All one-dimensional chaotic systems have a 
behavior, as they approach instability, known as period 
doubling. The Feigenbaum constant gives the rate at 
which the period of the system doubles. 


Fermat, Pierre de (1601-1665) 

A French lawyer, magistrate, and gentleman scholar, 
often called the “Prince of Amateurs,” who is best known 
for the conjecture, now proved, known as Fermat’s last 
theorem. Although employed as a senior government 
official, Fermat somehow managed to find time to do an 
astonishing amount of math, for which he sought little 
acclaim or acknowledgment. In fact, he published only 
one important manuscript in his entire lifetime and even 
then used fake initials. When his fellow French mathe- 
matician Gilles Roberval offered to edit and publish 
some of his works, Fermat replied, “Whatever of my 
works is judged worthy of publication, I do not want my 
name to appear there.” Most of his results are known 
through letters to friends, notes in book margins, and 
challenges to other mathematicians to find proofs for 
theorems he had devised. 

Fermat was one of the founders, with René Decartes, 
of analytical geometry and, with Blaise Pascal, of prob- 
ability theory. His work on the maxima and minima of 
curves and tangents to them was seen, by Isaac Newton, 
as a starting point for calculus. Yet his greatest love was 
for number theory. In 1640, while studying perfect 
numbers, Fermat wrote to Mersenne that if p is prime, 
then 2p divides 2’ — 2. Shortly after he expanded this into 
what is now called Fermat’s little theorem. As usual, Fer- 
mat stated “I would send you a proof, if I did not fear its 
being too long.” His most famous statement of this form 
accompanied his hasty notes on the “last theorem.” See 
also Fermat number. 


Fermat number 

A number defined by the formula F, = 2” + 1 and 
named after Pierre Fermat who conjectured, wrongly, 
that all such numbers would be prime. The first five Fer- 
mat numbers, F, = 3, F = 5, A = 17, F = 257, and F, = 
65,537, are prime. However, in 1732, Leonhard Euler 
discovered that 641 divides F;. It takes only two trial 
divisions to find this factor because Euler showed that 
every factor of a Fermat number F, with greater than 2 
has the form k x 2”*? + 1. In the case of F; this is 128k + 
1, so we would try 257 and 641 (129, 385, and 513 are 
not prime). It is likely that there are only finitely many 
Fermat primes. Gauss proved that a regular polygon of 
n sides can be inscribed in a circle with Euclidean meth- 
ods (e.g., by straightedge and compass) if and only if » is 
a power of two times a product of distinct Fermat 
primes. 
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Fermat's last theorem 


A challenge for many long ages 
Had baffled the savants and sages. 
Yet at last came the light: 
Seems old Fermat was right— 
To the margin add 200 pages. 
—Paul Chernoff 


A conjecture put forward by Pierre de Fermat in 1637 in 
the form of a note scribbled in the margin of his copy of 
the ancient Greek text Arithmetica by Diophantus. The 
note was found after his death, and the original is now 
lost. However, a copy was included in the appendix to a 
book published by Fermat’s son. Fermat’s note read: “It 
is impossible to write a cube as a sum of two cubes, a 


fourth power as a sum of fourth powers, and, in general, 
any power beyond the second as a sum of two similar 
powers. For this, I have found a truly wonderful proof, 
but the margin is too small to contain it.” 

Fermat claimed that the Diophantine equation x” + 
y” =z" has no integer solutions for n > 2. It turns out he 
was right. But the proof had to wait 350 years and 
involved such advanced techniques, virtually none of 
which existed in the seventeenth century, that is seems 
very unlikely that Fermat really had found an elementary 
proof. Fermat’s last theorem—now truly a theorem—was 
finally proved correct by Andrew Wiles in 1994.**%! In 
order to reach that dizzy height, however, Wiles had to 
draw on and extend several ideas at the core of modern 
mathematics. In particular, he tackled the Shimura- 
Taniyama-Weil conjecture, which provides links between 
the branches of mathematics known as algebraic geome- 
try and complex analysis. This conjecture dates back to 
1955, when it was published in Japanese as a research 
problem by the late Yutaka Taniyama. Goro Shimura of 
Princeton and Andre Weil of the Institute for Advanced 
Study provided key insights in formulating the conjec- 
ture, which proposes a special kind of equivalence 
between the mathematics of objects called elliptic curves 
and the mathematics of certain motions in space. Inter- 
estingly, the Wiles proof of Fermat’s last theorem was a 
byproduct of his deep inroads into proving the Shimura- 
Taniyama-Weil conjecture. Now, the Wiles effort could 
help point the way to a general theory of three variable 
Diophantine equations. Historically, mathematicians 
have always had to state and solve such problems on a 
case-by-case basis. An overarching theory would repre- 
sent a tremendous advance. See also ABC conjecture. 


Fermat's little theorem 

If Pis a prime number then for any number a, (a? — a) 
must be divisible by P. This theorem is useful for testing 
if a number is xot prime, though it can’t tell if a number 
is prime. As usual, Pierre de Fermat didn’t provide a 
proof (this time saying “I would send you the demon- 
stration, if I did not fear its being too long”). Leonhard 
Euler first published a proof in 1736, but Gottfried Leib- 
niz left virtually the same proof in an unpublished man- 
uscript from sometime before 1683. 


Fermat's spiral 
A parabolic spiral. 


Fibonacci (c. 1175-1250) 

The pen name of Leonardo of Pisa, one of the greatest 
mathematicians of the Middle Ages. The son of a Pisan 
merchant who also served as a customs officer in North 
Africa, he traveled widely in Barbary (Algeria) and was 
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later sent on business trips to Egypt, Syria, Greece, Sicily, 
and Provence. In 1200 he returned to Pisa and used the 
knowledge gained on his travels to write Liber Abaci (The 
book of the abacus), published in 1202, which intro- 
duced to western Europe the Hindu-Arabic numerals and 
decimal number system that remain in use today. The 
first chapter of Part 1 begins: “These are the nine figures 
of the Indians: 9 8 7 6 5 4 3 2 1. With these nine figures, 
and with this sign 0 which in Arabic is called zephirum, 
any number can be written, as will be demonstrated.” 

Fibonacci also showed he was capable of some amaz- 
ing feats of calculation. For example, he found the posi- 
tive solution of the cubic equation x’ + 2x” + 10x = 20 
using the Babylonian number system with base 60 (a 
strange choice, in view of his public advocacy of the dec- 
imal system!). He gave the result as 1, 22, 7, 42, 33, 4, 40 
which is equivalent to 


+ + + + + i 
60 60° 60° 60° 60 60° 


How on Earth he obtained this, nobody knows; it was 
300 years before anyone else could obtain such accurate 
results. As well as serious mathematics, Liber Abaci con- 
tains many playful passages and it is for one of these, 
concerning a problem about counting the offspring of a 
pair of rabbits, that Fibonacci became best known after 
Edouard Lucas called the sequence of numbers discussed 
by the rabbit problem the Fibonacci sequence. 


Fibonacci sequence 

The sequence that arises in answer to this problem posed 
in Fibonacci’s great work Liber Abaci: “A certain man put 
a pair of rabbits in a place surrounded on all sides by a 
wall. How many pairs of rabbits can be produced from 
that pair in a year if it is supposed that every month each 
pair begins a new pair which from the second month on 
becomes productive?” 

The number of pairs of rabbits in the nth month 
begins 1, 1, 2, 3, 5, 8, 13, 21, 34, 55, 89,..., where each 
term is the sum of the two terms preceding it. This 
sequence can be defined recursively as follows: F(1) = 
F(2) =1, F(a + 1) = F(a) + F(a — 1) for n > 2, where F(z) 
is the mth Fibonacci number. Johannes Kepler was the 
first to point out that the growth rate of the Fibonacci 
numbers, that is, F(z + 1) / F(z), converges to the golden 
ratio, > (phi). 

In the nineteenth century Fibonacci numbers were dis- 
covered in many natural forms. For example, many types 
of flower have a Fibonacci number of petals: certain types 
of daisies tend to have 34 or 55 petals, while sunflowers 
have 89 or, in some cases, 144. The seeds of sunflowers 
spiral outward both to the left and the right in a Fibonacci 


number of spirals. Similarly, the whorls on a pinecone, 
the numbers of rings on the trunks of palm trees, the pat- 
terns of snail shells, and the genealogy of the male bee all 
follow a sequence of Fibonacci numbers. The arrange- 
ment of plant leaves, or phyllotaxis, unfolds to the same 
pattern because this results in an optimal solution in 
terms of the spacing of the leaves or the amount of light 
that can reach them. A familiar spiral form, known as the 
logarithmic spiral, emerges when seeds on a plant grow 
and space themselves according the Fibonacci sequence. 
The logarithmic spiral is approximated by the rule: start at 
the origin of the Cartesian coordinate system, move F(1) 
units to the right, move F(2) units up, move F(3) units to 
the left, move F(4) units down, move F(5) units to the 
right, and so on. By growing in this way, on structures 
such as sunflowers, pinecones, and pineapples, seeds are 
able to pack themselves together most efficiently. 
Fibonacci numbers have so many interesting mathe- 
matical properties that an entire journal, The Fibonacci 
Quarterly, is devoted to them. The sequence of final digits 
in Fibonacci numbers repeats in cycles of 60. The last two 
digits repeat in 300, the last three in 1,500, the last four in 
15,000, etc. The product of any four consecutive Fibonacci 
numbers is the area of a Pythagorean triangle. The shal- 
low (least steep) diagonals of Pascal’s triangle sum to 
Fibonacci numbers. Let m and n be positive integers, then 


F(n) divides F(mn) 


gcd(F(n), F(m)) = F(gcd(m, n)), where “gcd” stands for 
“greatest common divisor.” 


(Emmy — F(a + 1)F(n- 1) = (-1)"". 
ED) + F(3) + F(5) +... + F(2n — 1) = F(2n). 


For every n, there are n consecutive composite Fibo- 
nacci numbers. 

An interesting use of the Fibonacci sequence is for 
converting miles to kilometers. For instance, if you want 
to know about how many kilometers 5 miles is, take the 
Fibonacci number (5) and look at the next one (8) (5 
miles is about 8 kilometers). This works because it hap- 
pens that the conversion factor between miles and kilo- 
meters is roughly equal to the Golden Ratio. 

The first few Fibonacci numbers that are also prime 
numbers are 3; 5; 13; 89; 233; 1,597; 28,657; 514,229; .... 
It seems likely that there are infinitely many Fibonacci 
primes, but this has yet to be proven. However, it is rela- 
tively easy to show that for n > 4, u, + 1 is never prime. The 
Fibonacci sequence is a special case of the Lucas 
sequence. 

The tribonacci series is made by adding the last two 
digits: 1, 1, 2, 4, 7, 13, 24, 44, 81,...and from this the 
quadbonacci series, the pentbonacci series, and the 
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Fibonacci sequence The number of spirals of seeds on a sunflower is always a Fibonacci number—an arrangement that keeps 
the seeds uniformly packed no matter how large the seed head. Thomas Stromberg 


hexbonacci series, all the way up to the z-bonacci series. 
Each ratio of successive terms forms a special constant, 
analogous to . 


field 

A number system in which addition, subtraction, multi- 
plication, and division (except by zero) are always 
defined, and the associative and distributive laws are 
valid. For example, the set of rational numbers is a field, 
whereas the set of integers is not a field, because the 
result of dividing one integer by another is not necessar- 
ily an integer. The real numbers also constitute a field, as 
do the complex numbers. Compare with ring. 


Fields Medal 

By convention, the most prestigious award for research in 
mathematics. It is awarded every four years to between 
two and four mathematicians under the age of 40. 


Fifteen Puzzle 

A sliding-tile puzzle invented by Sam Loyd in the 1870s 
that became a worldwide obsession, much as Rubik’s 
cube did a century later. Fifteen little tiles, numbered 1 to 
15, were placed in a four by four frame in serial order 
except for tiles 14 and 15, which were swapped around; 
the lower right-hand square was left empty. The object of 
the puzzle was to get all the tiles in the correct order; the 
only allowed moves were sliding counters into the empty 
square. Everyone it seemed was caught up with the 
craze—playing the game in horse-drawn trams, during 
their lunch breaks, or when they were supposed to be 
working. The game even made its way into the solemn 
halls of the German parliament. “I can still visualize 
quite clearly the gray-haired people in the Reichstag 
intent on a square small box in their hands,” recalled the 
geographer and mathematician Sigmund Gunter who 
was a deputy during the puzzle epidemic. “In Paris the 
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She Puggle of the Age — | 
CAN YOU SOLVE iT? 


Fifteen Puzzle A version of the Fifteen Puzzle produced in England by Fairylite. Sue & Brian Young/Mr. Puzzle Australia, 


www.mrpuzzle.com.au 


puzzle flourished in the open air, in the boulevards, and 
proliferated speedily from the capital all over the 
provinces,” wrote a contemporary French author. “There 
was hardly one country cottage where this spider hadn’t 
made its nest lying in wait for a victim to flounder in its 
web.” Loyd offered a $1,000 reward for the first correct 
solution. But, although many claimed it, none were able 
to reproduce a winning series of moves under close 
scrutiny. There is a simple reason for this, which is also 
the reason that Loyd was unable to obtain a U.S. patent 
for his invention. According to regulations, Loyd had to 
submit a working model so that a prototype batch could 
be manufactured from it. Having shown the game to a 
patent official, he was asked if it were solvable. “No,” he 
replied. “It’s mathematically impossible.” Upon which 
the official reasoned there could be no working model 
and thus no patent! 

The puzzle’s theory reveals that the more than 20 bil- 


lion possible starting arrangements of the tiles fall into 
just two groups: one in which all the tiles can be maneu- 
vered into ascending numerical order (call this group J), 
and one in which tiles 14 and 15 will be inverted (group 
ID). It’s impossible to combine arrangements from these 
two groups and impossible to turn a group I arrangement 
into a group II, or vice versa, using the normal rules of 
the game. Given a random arrangement of tiles, can we 
know in advance if we have the unsolvable kind? Very 
easily. Simply count how many instances there are of a 
tile numbered n appearing after the tile numbered » + 1. 
If there are an even number of such inversions, the puz- 
zle is solvable, otherwise you are wasting your time! 


figurate number 

A number sequence found by creating consecutive geo- 
metrical figures from arrangements of equally spaced 
points. Here is an example: 
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The points can be arranged in one, two, three, or more 
dimensions. There are many different kinds of figurate 
numbers, such as polygonal numbers and tetrahedral 
numbers. 


films and plays involving mathematics 
Mathematicians and mathematics rarely make an 
entrance on the silver screen or the stage, unless as paro- 
dies in the form of mad professors and meaningless 
scrawled equations. A notable exception is A Beautiful 
Mind (2001), directed by Ron Howard and starring Rus- 
sell Crowe as the brilliant but mentally troubled mathe- 
matician John Nash. Although a fine love story and a 
well-crafted film, which won four Oscars, A Beautiful 
Mind is weak on math and inaccurate in many of its 
details of Nash's life and his battle with schizophrenia. 
Rain Man (1988), also based on a true story, costars 
Dustin Hoffman as an autistic savant with a photo- 
graphic memory and a genius for mental arithmetic. 
Good Will Hunting (1997), written by and starring Matt 
Damon and Ben Affleck, and also starring Robin 
Williams, is about a young man who has led a troubled 
life but has an amazing talent for mathematics. His abili- 
ties are discovered when he comes into conflict with the 
law, and he soon has to decide if he should pursue his 
mathematical future and leave his family and friends 
behind. In Darren Aronofsky’s disturbing independent 
film Pi (1998), the main character is a mathematician 
obsessed with his search for patterns within pi’s infinite 
decimal places. He believes they can be used to predict 
chaotic behaviors, including that of the stock market. 
Throughout the film he is pursued by ruthless stock mar- 
ket players and by rabbis trying to find a mathematical 
way to communicate with God. In the science fiction film 
Cube (1997), six people awake to find themselves trapped 
in a deadly maze, and one of the characters uses mathe- 
matical skills to solve the puzzle and find a way to escape. 
Lesser known films with strong mathematical themes 
include Mario Martone’s Death of a Neapolitan Mathe- 
matician; Peter Greenaway’s Drowning by Numbers; 
George Csicsery’s N Is a Number; and Moebius, made by 
students and faculty at the Universidad del Cine of 
Buenos Aires. Mathematics has also found its way onto 
the stage. The musical Fermat’s Last Tango (2000), a fic- 
tionalized account of Andrew Wiles’s struggle to prove 
Fermat’s last theorem, was performed in New York by 
the York Theatre company. It followed the Pulitzer 


prize-winning play Proof by David Aubern, about the 
death of a brilliant mathematician and the repercussions 
for his daughters and his student. 


finite 

Limited in extent or scope. In mathematics, a finite set is 
such that the number of elements it contains can be 
described by a natural number. For instance, the set of 
integers between —18 and 5 is finite, because it has a nat- 
ural number (17) of elements. The set of all prime num- 
bers, on the other hand, is not finite. In physics, “finite” 
is used to mean both “not infinite” and “nonzero.” 


finite-state automaton (FSA) 

The simplest computing device. Although it is not nearly 
powerful enough to perform universal computation, it 
can recognize regular expressions. FSAs are defined by a 
state transition table that specifies how the FSA moves 
from one state to another when presented with a particu- 
lar input. FSAs can be drawn as graphs. 


Fisher, Adrian 

A British professional designer and constructor of mazes; 
his company, Adrian Fisher Maze Design, has built a 
huge variety of mazes in Britain, continental Europe, the 
United States, and elsewhere. These include the formal 
hedge maze at Leeds Castle and the largest brick pave- 
ment maze in the world at Kentwell Hall in Long 
Melford. The latter is based on a Tudor rose and has 15 
sepals used as locations for a board game in which live 
players take part in Tudor costume.!''”! 


Fitchneal 

An Irish version of the Viking game Hnefa-Tafl; played 
on a 7 x 7 board (as was the Scottish equivalent, known 
as Ard-Ri, “High King”), it is mentioned in the Mabino- 
gion and Cormac’s Glossary of the ninth century. 


five 

The length of the hypotenuse of the smallest 
Pythagorean triangle (a right triangle having integral 
sides). Five is the only prime number that is a member of 
two pairs of twin primes. Every integer is the sum of five 
positive or negative cubes in an infinite number of ways. 
Five is the smallest degree of a polynomial equation for 
which there is no general formula for the solutions (see 
quintic). 


fixed-point attractor 

An attractor that is represented by a particular point in 
phase space, sometimes called an equilibrium point. As a 
point it corresponds to a very limited range of possible 
behaviors of the system. For example, in the case of a 
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pendulum, the fixed-point attractor represents the pen- 
dulum when the bob is at rest. This state of rest attracts 
the system because of gravity and friction. 


Flatland: A Romance of Many Dimensions 

A satirical novel by Edwin A. Abbott," first published in 
1884, that portrays a two-dimensional world, like the 
surface of a map, over which its inhabitants move. Flat- 
landers have no concept of up and down, and appear to 
each other as mere points or limes. From our three- 
dimensional perspective we can look down on Flatland 
and see that its people are “really” a variety of shapes, 
including straight lines (females), narrow isosceles trian- 
gles (soldiers and workmen), equilateral triangles (lower 
middle-class men), squares and pentagons (professional 
men, including the pseudonymous author of the tale, A. 
Square), hexagons and other regular polygons with still 
more sides (the nobility), and circles (priests). Abbott 
uses these geometrical distinctions, especially the appear- 
ance of Flatland females and the working class, as a com- 
mentary on the discrimination against women, the rigid 
class stratification, and the lack of tolerance for “irregu- 
larity” that was prevalent in Victorian Britain. 

In a dream, A. Square visits the one-dimensional world 
of Lineland where he tries, unsuccessfully, to persuade 
the king that there is such a thing as a second dimension. 
In turn, the narrator is told of three-dimensional space by 
a sphere who moves slowly through the plane of Flat- 
land, growing and shrinking as his cross-section changes 
in size. (If a hypersphere were to move through our 
three- dimensional world, we would see a sphere appear, 
grow to a maximum size, and then shrink again before 
disappearing.) Abbott is aware that he cheats a little in his 
description of what the inhabitants of Flatland actually 
see. In his preface to the second edition, he gives a 
lengthy but not-too-convincing reply to the objection, 
raised by some readers, that a Flatlander, “seeing a Line, 
sees something that must be thick to the eye as well as long 
to the eye (otherwise it would not be visible .. .).” The 
curious and often-neglected fact is that we are just as 
unable to imagine what it would truly be like to see in 
two dimensions as we are to conceive of four dimen- 
sions! No matter how hard we try we cannot imagine 
being able to see a line of zero thickness. 


flexagon 

A flat model constructed from a folded strip of paper, 
which, when flexed, can be made to reveal a number of 
hidden faces. Flexagons are amusing toys but they have 
also caught the interest of mathematicians. They are usu- 
ally square or rectangular (tetraflexagons) or hexagonal 
(hexaflexagons). A prefix can be added to the name to 
indicate the number of faces that the model can display, 


including the two faces (back and front) that are visible 
before flexing. For example, a hexaflexagon with a total 
of six faces is called a hexahexaflexagon. The discovery of 
the first flexagon, a trihexaflexagon, is credited to the 
British student Arthur H. Stone who was studying at 
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flexagon Two nets for folding into hexaflexagons: the 
4-flexagon (top) and the 6-flexagon (bottom). To use the nets, 
photocopy and enlarge them, and label each side with these 
numbers: 
4-flexagon (ey 2231 ll 
3144 3144 3144 
6-flexagon ares 662554 Ol 
231431 231431 231431 


Start at A using the top row of numbers. Number the other 
side of the net with the bottom row of numbers so that the 
top and bottom numbers appear on either side of the first tri- 
angle, and so on. Jill Russell 
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Princeton University in 1939. Stone's colleagues Bryant 
Tuckermann, Richard P. Feynman, and John W. Tukey 
became interested in the idea. Tuckerman worked out a 
topological method, called the Tuckerman traverse, for 
revealing all the faces of a flexagon. Tukey and Feynman 
developed a complete mathematical theory that has not 
been published. Flexagons were introduced to the gen- 
eral public by Martin Gardner writing in Scientific Ameri- 
can 1” 


floor function 
The greatest integer in x, that is, the largest integer less 
than or equal to x. 


Flower of Life 

One of the beautiful arrangements of circles found at the 
Temple of Osiris at Abydos, Egypt. The pattern also 
appears in Phoenician art from the ninth century B.C. 
The circles are placed with six-fold symmetry, forming a 
mesmerizing pattern of circles and lenses. A related 
design from the same temple, which recurs in Italian art 
from the thirteen century, is called the Seed of Life. 


fly between trains problem 

Two trains are approaching each another and a fly is 
buzzing back and forth between the two trains. Given the 
(constant) speed of the trains and their initial separation 
distance, and the (constant) speed of the fly, calculate 
how far the fly will travel before the trains collide. This 
problem appears to have been first posed by Charles 
Ange Laisant (1840-1921) in his Initiation Mathématique. 
There is a long-winded method of getting the answer and 
a much shorter way. Suppose the trains start out 200 
miles apart and are each traveling at 50 miles per hour, 
and the fly—a speedster of its kind—is moving at 75 miles 
per hour. The long method involves considering the 
length of the back-and-forth path that the fly takes and 
evaluating this as the sum of an infinite series. The quick 
solution is to notice that the trains will collide in 2 hours 
and that in this time the fly will travel 2 x 75 = 150 miles! 
When this problem was put to John von Neumann, he 
immediately gave the correct answer. The poser, assum- 
ing he had spotted the shortcut, said: “It is very strange, 
but nearly everyone tries to sum the infinite series.” Von 
Neumann replied: “What do you mean, strange? That’s 
how I did it!” 


focal chord 
A chord of a conic section that passes through a focus. 


focal radius 
A line segment from the focus of an ellipse to a point on 
the perimeter of the ellipse. 


focus 

A defining point in the construction of a conic section. 
The word comes from the Latin for hearth or fireplace 
and appears to have been first used in mathematics, in 
describing an ellipse, by Johannes Kepler. 


foliation 

A decoration of a manifold in which the manifold is par- 
titioned into sheets of some lower dimension, and the 
sheets are locally parallel. More technically, the foliated 
manifold is locally homeomorphic to a vector space 
decorated by cosets of a subspace. 


folium 
A curve, first described by Johannes Kepler in 1609, that 
corresponds to the general equation 


(x? +13 (9? + x(x + b)) = 4axy”, in Cartesian form, or 
r=—b cos8 + 4a cos8 sin’9, in polar coordinates. 


The Latin folium means “leaf-shaped.” Three types, 
known as the simple folium, the bifolium (or double 
folium), and the trifolium, correspond to the cases when 
b= 4a, b=0, and b=a, respectively. The folium of Descartes 
is given by the Cartesian equation x° + y? = 3axy and was 
first discussed by René Descartes in 1638. Although he 
found the correct shape of the curve in the positive quad- 
rant, he wrongly thought that this leaf shape was repeated 
in each quadrant like the four petals of a flower. The 
problem to determine the tangent to the curve was pro- 
posed to Gilles de Roberval who, having made the same 
incorrect assumption, called the curve fleur de jasmin after 
the four-petal jasmine bloom, a name that was later 
dropped. The folium of Descartes has an asymptote x + 
y+a=0. 


formal system 

A mathematical formalism in which statements can be 
constructed and manipulated with logical rules. Some 
formal systems, such as Euclidean geometry, are built 
around a few basic axioms and can be expanded with 
theorems that can be deduced through proofs. 


formalism 

A mathematical school of thought that was headed by 
the German mathematician David Hilbert. Formalists 
argue that mathematics must be developed through 
axiomatic systems. Formalists agree with Platonism on 
the principles of mathematical proof, but Hilbert's fol- 
lowers don’t recognize an external world of mathematics. 
Formalists argue that mathematical objects don’t exist 
until we define them. Humans create the real number 
system, for example, by establishing axioms to describe 
it. All that mathematics needs are inference rules to 
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progress from one step to the next. Formalists tried to 
prove that within the framework of established axioms, 
theorems, and definitions, a mathematical system is con- 
sistent and, in the mid-twentieth century, formalism 
became the predominant philosophical attitude in math 
textbooks. However, it was undermined by Godel's 
incompleteness theorem and also the general recogni- 
tion that results can be usefully applied without having 
to be proved or derived axiomatically. 


Fortune’s conjecture 

A conjecture about prime numbers made by the New 
Zealander social anthropologist Reo Fortune (1903-1979), 
who had a reputation for unstable behavior bordering on 
the psychotic. He once attempted to settle an academic 
dispute with a colleague, Thomas Mcllwraith, at the Uni- 
versity of Ontario, by challenging him to a duel with any 
weapon of his choice from the collections of the Royal 
Ontario Museum. Fortune proposed that if q is the small- 
est prime greater than P + 1, where P is the product of the 
first n primes, then q — P is prime. For example, if v is 3, 
then P is 2 x 3 x 5 = 30, q = 37, and q — Pis the prime 7. 
These numbers, q — P, are now known as Fortunate numbers. 
The conjecture remains unproven but is generally thought 
to be true. The sequence of Fortunate numbers begins 


3; oy 413,23, 17 19, 23, 37,61, 6 Fas 


four 

The smallest composite number, the second smallest 
square number, the first non-Fibonacci number (see 
Fibonacci sequence), the smallest Smith number, and 
the smallest number that can be written as the sum of 
two prime numbers. Four is the number of dimensions 
that make up space-time (three of space and one of 
time). It is the most number of colors needed to color 
any map so that no two neighboring areas are the same 
color (see four-color map problem). There are four car- 
dinal points on the compass, four Riders of the Apoca- 
lypse, and four Gospels. 


four-color map problem 

A long-standing problem that dates back to 1852 when 
Francis Guthrie, while trying to color a map of the coun- 
ties of England noticed that four colors were enough to 
ensure that no adjacent counties were colored the same. 
He asked his brother Frederick if it was true that any map 
could be colored using four colors in such a way that 
adjacent regions (i.e., those sharing a common boundary 
segment, not just a point) receive different colors. Freder- 
ick Guthrie then passed on the conjecture to Augustus de 
Morgan. The first printed reference is due to Arthur Cay- 
ley in 1878. A year later the false “proof,” by the English 


barrister Alfred Kempe, appeared; ¿ts incorrectness was 
pointed out by Percy Heawood 11 years later. Another 
failed proof is due to Peter Tait in 1880, a gap in his argu- 
ment being pointed out by Julius Petersen in 1891. Both 
false proofs did have some value, though. Kempe discov- 
ered what became known as Kempe chains, and Tait found 
an equivalent formulation of the four-color theorem in 
terms of three-edge coloring. 

The next major contribution came from George Birk- 
hoff whose work allowed Philip Franklin in 1922 to prove 
that the four-color conjecture is true for maps with at most 
25 regions. It was also used by other mathematicians to 
make various forms of progress on the four-color problem. 
In the 1970s, the German mathematician Heinrich Heesch 
developed the two main ingredients needed for the ulti- 
mate proof—reducibility and discharging. While the con- 
cept of reducibility was studied by other researchers as 
well, it seems that the idea of discharging, crucial for the 
unavoidability part of the proof, is due to Heesch, and that 
it was he who conjectured that a suitable development of 
this method would solve the four-color problem. This was 
confirmed by Kenneth Appel and Wolfgang Haken of the 
University of Illinois in 1977, when they published their 
proof of the four-color theorem.” Their controversial 
proof challenges the basic assumptions of what mathemat- 
ical proof is. They used more than 1,200 hours of super- 
computer time to analyze 1,478 different configurations 
that in turn can produce every possible map on a plane. 
Not everyone was happy with the method of the break- 
through, as Appel himself pointed out: 


For almost a century and a half, a Holy Grail of 
graph theory has been a simple incisive proof of the 
Four Color Theorem. It has troubled our profession 
that a problem that can be understood by a school 
child has yet to be solved in a way that better illu- 
minates the reason that only four colors are needed 
for planar maps. The feelings of many mathemati- 
cians were summed up for me by Herb Wilfs 
response to being told that it appeared that one 
could prove the theorem by a long reducibility argu- 
ment which used computers to test the reducibility 
of a large number of configurations. He simply said, 
“God would not allow such a beautiful theorem to 
have such an ugly proof.” 


Martin Gardner commented, “Whether a simple, elegant 
proof not requiring a computer will ever be found, is still 
an open question.” It’s interesting that such a simple, 
intuitive puzzle can be so difficult to settle! The four- 
color theorem is true for maps on a plane or on a sphere. 
The answer is different for geographic maps on a torus: 
in this case, seven colors are necessary and sufficient.” 


Insight 
When a calculation involves just multiplication/division or 
addition/subtraction, then you can carry it out in any order. 
It often helps to reorder a calculation to make it easier to 
perform. You must keep the operation with its original number. 


For example, 2 x 24x5+3=2x5x24+3=10x24+3= 
10 x 8 = 80 


SOHOSSHSHSHSSHHSHSHSHSHSHHSHSHHSHSHSHHSHSHSHSHSHHSHSHSHHSHSHHHSHSHSHHSHHSHSHSHSHSHSHSHHSHSHSHSHSHHSHSHSHSHSHSHHHSHHSHSHSHHSHHHSHSHSHHSHSHHSHHESHHESHHEEHEEEEEEE 


: Example 1.3.1 


Carry out the following calculations. 
(a) 5 x (6-2) (b) (10 + 2) + 4 (c)20-3x5 
(d) 24+6+2 (e) 4x (8-3) +2 


(a)5x(6-2)=5x4 brackets first 
= (A) 
(b) (10 +2) + 4=12=4 brackets first 
=> 
(c)20-3x5=20-15 multiply before subtracting 
=> 
(d) 24-6+2=4+2=6 division before addition 
(e) 4x(8-3)+2=4x5+2 brackets first 
=20+2 multiply before adding 


Try the calculations in Example 1.3.1 on your calculator to see if it 
uses the “BIDMAS” convention and carries them out correctly. 


In each part of question 1, use the 'BIDMAS' convention to carry out the 
calculation. 


1 (a)(3+4x5 (b)3+4x5 (c) (7-3) x 2 
(d)7-3x2 (e) (12 + 6) + 2 (f) 12 = (6 + 2) 
(g) 20 4+1 (h)3x5+4x2 (1) 4x(7-2)+6 
(j)6x4-2x8 (k) 24 + (4+2)-1 (0) (7 +3) x (9-2) 
(m) 10+(8+4)23 (n)9+5x(8—2) (0) 15=3-16-8 
(p)5+6x3-1 (q) (5+6)x3-1 (r)5+6x (3-1) 
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four-color map problem Martin Gardner's spoof counterexample to the four-color theorem (left) and a solution using four 
colors (right). The different colors are represented here in black, white, and gray. 


four coins problem 

Given three coins of possibly different sizes, which are 
arranged so that each is tangent to the other two, find the 
coin that is tangent to the other three coins. The solution 
is the inner Soddy circle. 


four fours problem 

Using arithmetic combinations of four 4’s, express all the 
numbers from 1 to 100. For example, 1 = 44/44 and 2 = 
(4 x 4)/(4 + 4). The problem was first presented in The 
Schoolmaster’s Assistant: Being a Compendium of Arithmetic 
Both Practical and Theoretical (first edition c. 1744), a pop- 
ular textbook by the English schoolteacher and cleric 
Thomas Dilworth (d. 1780). Operations and symbols 
that are allowed include the four arithmetic operations 
(+, x, —, /), concatenation (e.g., the use of 44), decimal 
points (e.g., 4.4), powers (e.g., 4^), square roots, factorials 
(e.g., 4!), and overbars for repeating digits (e.g., .4 with an 
overbar to express 4/9). Ordinary use of parentheses are 
allowed. One of the trickiest numbers to represent in this 
way is 73, which calls for something as contorted as 


VVV (49) +4 / 4 


(where .4 is shorthand for .444 . . .). Of course, the prob- 
lem can be extended to represent integers greater than 


100. The highest value achievable in the four four’s puz- 
zle 1S 1 080723047260281 x 10153 = ye 


four knights puzzle 

On a 3 x 3 chessboard are two white knights at the top 
left-hand and top right-hand squares and two black 
knights at the bottom left-hand and bottom right-hand 
squares. The problem is to exchange the black knights 
with the white knights in the minimum possible number 
of moves. One move is a normal knight's move on any 
vacant cell of the board, which renders the center square 
inaccessible. 


Fourier, (Jean Baptiste) Joseph, Baron 
(1768-1830) 

A French mathematician known chiefly for his contribu- 
tion to the mathematical analysis of heat flow. Although 
he trained for the priesthood, Fourier didn’t take his 
vows but instead turned toward mathematics. He first 
studied and later taught mathematics at the newly created 
Ecole Normale. In 1798 he joined Napoleon’s army in its 
invasion of Egypt as scientific advisor, to help establish 
educational facilities there and to carry out archaeologi- 
cal explorations. After his return to France in 1801 he was 
appointed prefect of the department of Isere. Fourier 
became famous for his Theorie analytique de la Chaleur 
(1822), a mathematical treatment of how heat conducts 
in solid bodies. He established the partial differential 
equation governing heat flow and solved it by using an 
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infinite series of trigonometric functions, now known as 
Fourier series. Though these series had been used 
before, Fourier investigated them in much greater detail 
and prepared the way for later work on trigonometric 
series and the theory of functions of a real variable. 
Fourier's belief that his health would be improved by 
wrapping himself up in blankets proved fatal: thus 
encumbered he tripped down the stairs of his house and 


died. 


Fourier series 

Named after Joseph Fourier, the expansion of a periodic 
function as an infinite sum of sines and cosines of vari- 
ous frequencies and amplitudes. This is similar to the 
approximation of an irrational number by a sum of a 
series of rational numbers (or a decimal expansion). 
Human ears effectively produce Fourier series automati- 
cally from complex sounds. Tiny hairs, known as cilia, 
vibrate at different specific frequencies. When a wave 
enters the ear, the cilia vibrate if the wave function con- 
tains any component of the corresponding frequency. 
This enables the hearer to distinguish sounds of various 
pitches. Fourier series are used a great deal in science and 
engineering to find solutions to partial differential equa- 
tions, such as those in problems involving heat flow. 
They can also be used to construct some pathological 
functions such as ones that are continuous but nowhere 
differentiable. The study and computation of Fourier 
series is known as harmonic analysis. 


fourth dimension 
“Do you think that there are things which you cannot 
understand, and yet which are; that some people see 
things that others cannot?” said Dr. Van Helsing in Bram 
Stoker’s Dracula. Instead of vampires, he may just as eas- 
ily have been talking about the fourth dimension—an 
extension at right-angles to the three familiar directions 
of up-down, forward-backward, and side-to-side. In 
physics, especially relativity theory, time is often 
regarded as the fourth dimension of the space-time con- 
tinuum in which we live. But what meaning can be 
attached to a fourth spatial dimension? The mathematics 
of the fourth dimension (4-d) can be approached 
through a simple extension of either the algebra or the 
geometry of one, two, and three dimensions. 
Algebraically, each point in a multidimensional space 
can be represented by a unique sequence of real num- 
bers. One-dimensional space is just the number line of 
real numbers. Two-dimensional space, the plane, corre- 
sponds to the set of all ordered pairs (x, y) of real num- 
bers, and three-dimensional space to the set of all ordered 
triplets (x, y, z). By extrapolation, four-dimensional space 
corresponds to the set of all ordered quadruplets (x, y, 


z, w). Linked to this concept is that of quaternions, which 
can also be viewed as points in the fourth dimension. 

Geometric facts about the fourth dimension are just as 
easy to state. The fourth dimension can be thought of as 
a direction perpendicular to every direction in three- 
dimensional space; in other words, it stretches out along 
an axis, say the w-axis, that is mutually perpendicular to 
the familiar x-, y-, and z-axes. Analogous to the cube is a 
hypercube or tesseract, and to the sphere is a 4-d hyper- 
sphere. Just as there are five regular polygons, known as 
the Platonic solids, so there are six four-dimensional reg- 
ular polytopes. They are: the 4-simplex (constructed 
from five tetrahedra, with three tetrahedra meeting at an 
edge); the tesseract (made from eight cubes, meeting 
three per edge); the 16-cell (made from 16 tetrahedra, 
meeting four per edge); the 24-cell (made from 24 octa- 
hedra, meeting three per edge); the 120-cell (made from 
120 dodecahedra, meeting three per edge); and the mon- 
strous 600-cell (made from 600 tetrahedra, meeting five 
per edge). 

Geometers have no difficulty in analyzing, describing, 
and cataloging the properties of all sorts of 4-d figures. 
The problem starts when we try to visualize the fourth 
dimension. This is a bit like trying to form a mental pic- 
ture of a color different from any of those in the known 
rainbow from red to violet, or a “lost chord,” different 
from any that has ever been played. The best that most of 
us can hope for is to understand by analogy. For example, 
just as a sketch of a cube is a 2-d perspective of a real 
cube, so a real cube can be thought of as a perspective of 
a tesseract. At a movie, a 2-d picture represents a 3-d 
world, whereas if you were to watch the action live, in 
three-dimensions, this would be like a screen projection 
in four dimensions. 

Many books have been written and schemes devised 
to nudge our imaginations into thinking four- 
dimensionally. One of the oldest and best is Edwin 
Abbott’s Flatland"! written more than a century ago, 
around the time that mathematical discussion of higher 
dimensions was becoming popular. H. G. Wells also 
dabbled in the fourth dimension, most notably in The 
Time Machine (1895), but also in The Invisible Man (1897), 
in which the central character drinks a potion “involving 
four dimensions,” and in “The Plattner Story” (1896), in 
which the hero of the tale, Gottfried Plattner, is hurled 
into a four-spatial dimension by a school chemistry 
experiment that goes wrong and comes back with all his 
internal organs switched around from right to left.'*”! 
The most extraordinary and protracted attack on the 
problem, however, came from Charles Hinton, who 
believed that, through appropriate mental practice 
involving a complicated set of colored blocks, a higher 
reality would reveal itself, “bring[ing] forward a complete 


fraction 125 


system of four-dimensional thought [in] mechanics, sci- 
ence, and art.” 

Victorian-age spiritualists and mystics also latched on 
to the idea of the fourth dimension as a home for the 
spirits of the departed. This would explain, they argued, 
how ghosts could pass through walls, disappear and reap- 
pear at will, and see what was invisible to mere three- 
dimensional mortals. Some distinguished scientists lent 
their weight to these spiritualist claims, often after being 
duped by clever conjuring tricks. One such unfortunate 
was the astronomer Karl Friedrich Zöllner who wrote 
about the four-dimensional spirit world in his Transcen- 
dental Physics (1881) after attending séances by Henry 
Slade, the fraudulent American medium. 

Art, too, became enraptured with the fourth dimen- 
sion in the early twentieth century. When the Cubist 
painter and theorist Albert Gleizes said, “Beyond the 
three dimensions of Euclid we have added another, the 
fourth dimension, which is to say, the figuration of space, 
the measure of the infinite,” he united math and art and 
brought together two major characteristics of the fourth 
dimension in early Modern Art theory—the geometric 
orientation as a higher spatial dimension and the 


metaphorical association with infinity." See also Klein 
bottle [25, 156, 163, 212, 213, 231, 254, 267 271, 273, 340] 


Fox and Geese 

An English board game that dates back to the Middle 
Ages and is unusual in that the two sides are unequal, 
thus making this an example of a Tafl game. The lone fox 
attempts to capture 13 (or, in later versions, 17) geese, 
while the geese try to hem the fox in so that it can't 
move. The geese start out by filling up all the points on 
one side of the cross-shaped grid on the board. The fox— 
the one counter of a different color—begins on any 
vacant point remaining. The fox moves first. Each side, in 
its turn, may move one counter. Both fox and geese can 
move along a line, forwards, backwards, or sideways, to 
the next contiguous point. The fox may move along a 
line or jump over a goose to an empty point, capturing 
the goose and removing it from the board. Two or more 
geese may be captured by the fox in one turn, provided 
that he is able to jump to an empty point after each one. 
The fox wins if he depletes the gaggle of geese to a num- 
ber that makes it impossible for them to trap him. The 
geese can’t jump over the fox or capture the fox but 
instead must try to mob him and trap him in a corner. 
The geese win if they make it impossible for the fox to 
move. A modification of this game spread with the 
British to India, where during the Great Mutiny the game 
became known as “Officers and Sepoys.” In this variant, 
two officers in a fort attempt to hold off 24 sepoys, who 
must storm the fort. 


fractal 

A geometric shape that can be subdivided at any scale 
into parts that are, at least approximately, reduced-size 
copies of the whole. The name “fractal,” from the Latin 


fractus meaning a broken surface, was coined by Benoit 


Mandelbrot in 1975. The key property of fractals is self- 
similarity, which means that zooming in or zooming out 
of a fractal produces no overall change in appearance. 

One of several technical definitions of a fractal is “a set 
of points whose topological dimension is less than its 
Hausdorff dimension.” The topological dimension is an 
object’s ordinary dimensionality—one in the case of a 
curve, two in the case of a surface, and so forth—and is 
always a whole number. The Hausdorff dimension, on 
the other hand, measures how much space an object fills, 
and can take non-integer values if the object is very com- 
plex and twisty. 

Some fractals show a strong regularity and rigid self- 
similarity and are produced by the repeated application 
of a set of rules that may be quite simple. Among the best 
known of these “iterated function” systems are the Koch 
snowflake, the Peano curves, the Sierpinski carpet, and 
the Sierpinski gasket. Other fractals, defined by a recur- 
rence relation at each point in space, are among the most 
complex, beautiful, and beguiling mathematical struc- 
tures known. They include the well-known Mandelbrot 
set and Lyapunov fractals. Finally, there are random 
fractals generated by stochastic rather than deterministic 
processes, for example fractal landscapes. Random frac- 
tals have the greatest practical use, and can be used to 
describe many highly irregular real-world objects, includ- 
ing clouds, mountains, coastlines, and trees. See also 
fractal dimension. 


fractal dimension 

A non-integer measure of the irregularity or complexity 
of a system; it is an extension of the notion of dimension 
found in Euclidean geometry. Knowing the fractal 
dimension helps one determine the degree of irregularity 
and pinpoint the number of variables that are key to 
determining the dynamics of the system. 


fraction 

A number that represents a part, or several equal parts, of 
a whole; examples include one-half, two-thirds, and 
three-fifths. The word comes from the Latin frangere, 
meaning “to break.” A simple, common, or vulgar fraction is 
of the form a/b, where a may be any integer and b may be 
any integer greater than 0. If a < J, the fraction is said to 
be proper (“bottom heavy”); otherwise it is improper (“top 
heavy”). A decimal fraction has a denominator (number 
on the bottom) of 10, 100, 1000, and so forth. See also 
continued fraction. 
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fractal A deep zoom of part of the Mandelbrot set. Christopher Rowley 


Fraser spiral 

A distortion illusion in which overlapping black arc seg- 
ments appear to form a spiral but are in reality a series of 
overlapping concentric circles. This is easily demon- 
strated by following one of the curves with your finger. 
The illusion is named after the British psychologist James 
Fraser (1863-1936) who first published it in 1908. 


Fredholm, Erik Ivar (1866-1927) 

A Swedish mathematician who founded the modern the- 
ory of integral equations. This became a major research 
topic in the first quarter of the twentieth century and 
underpinned important theoretical developments in 
physics; David Hilbert, in particular, extended Fred- 
holm’s work to arrive at the concept of Hilbert space. 
Fredholm also devoted time to actuarial science and 
made a particularly important contribution by proposing 


an elegant formula to determine the surrender value of a 
life insurance policy. He earned his Ph.D. from the Uni- 
versity of Uppsala but then spent the rest of his academic 
career at the University of Stockholm. 


Freemish crate 
See impossible figure. 


Freeth's nephroid 
See nephroid. 


Frege, Friedrich Ludwig Gottlob (1848-1925) 

A German mathematician and philosopher who virtually 
founded the modern discipline of mathematical logic. In 
Die Grundlagen der Arithmetik (The foundations of arith- 
metic, 1884), he used set theory to define the cardinal 
number of a given class as the class of all classes that are 
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similar (i.e. can be placed in a one-to-one correspon- 
dence) to the given class. In Grundgesetze der Arithmetik 
(The basic laws of arithmetic, 2 vols., 1893 and 1903), 
Frege began attempting to build up mathematics from 
arithmetic and symbolic logic on a rigorous and contra- 
diction-free basis. When the second volume was in the 
process of being printed, Bernard Russell pointed out a 
paradox in Frege’s work. The paradox, which became 
known as Russell’s paradox, stems from the question: 
“Is the class of all classes that are not members of itself a 
member of itself or not?” The question leads to a contra- 
diction and cannot be resolved. Frege was thus forced to 
admit that the foundation of his reasoning was worthless. 
As he stated at the end of his work, “A scientist can 
hardly encounter anything more undesirable than to 
have the foundation collapse just as the work is finished. 
I was put in this position by a letter from Mr. Bertrand 
Russell when the work was almost through the press.” 


Frénicle de Bessy, Bernard (1602-1675) 

An eminent French amateur mathematician who exten- 
sively researched magic squares; his Des quassez ou tables 
magiques, published posthumously in 1693, first identi- 
fied all 880 magic squares of the fourth order. Frénicle 
also corresponded with Descartes, Fermat, Huygens, 
and Mersenne, mostly on number theory, the work for 
which he is best known. 


frequency 
The number of times a value occurs in some time interval. 


friendly number 
See amicable numbers. 


Frogs and Toads 

A puzzle in which three counters or pegs representing 
frogs are placed on three successive positions on the left 
of a string of seven squares, and three different tokens 
representing toads are placed on the three rightmost 
squares. Frogs only move to the right, toads only to the 
left. Every move is either a slide to the adjacent square or 
a jump over one position, which is allowed only if the lat- 
ter is occupied by a member of the other species. No two 
animals are ever allowed on the same square. The goal is 
to move the toads into the three leftmost positions and 
the frogs into three rightmost positions in the fewest pos- 
sible moves. Many different versions of this puzzle have 
appeared over the centuries and it may be Arabic in ori- 
gin. The number of pieces on each side may vary, as may 
the number of empty starting places in the middle; other 
names for the puzzle have included Sheep and Goats and 
Sphinxes and Pyramids. 


frugal number 
See economical number. 


frustum 

Part of a solid cut off between two parallel planes; in par- 
ticular, for a cone or a pyramid, a frustum is determined 
by the plane of the base and a plane parallel to the base. 
Frustum is Latin for “a piece broken off.” 


function 


Old mathematicians never die; they just lose some of 
their functions. 
—Anonymous 


A way of expressing the dependence of one quantity on 
another quantity or quantities. Traditionally, functions 
were specified as explicit rules or formulas that converted 
some input value (or values) into an output value. If fis 
the name of the function and x is a name for an input 
value, then f(x) denotes the output value corresponding 
to x under the rule f An input value is also called an 
argument of the function, and an output value is called a 
value of the function. The graph of the function fis the 
collection of all pairs (x, f(x)), where x is an argument of 
ff For example, the circumference C of a circle depends 
on its diameter d according to the formula C = rd; there- 
fore, one can say that the circumference is a function of 
the diameter, and the functional relationship is given by 
C(d) = nd. Equally well, the diameter can be considered 
a function of the circumference, with the relationship 
given by d(C’) = d/n. In modern mathematics, the insis- 
tence on specifying an explicit effective rule has been 
abandoned; all that is required is that a function f associ- 
ate with every element of some set X a unique element of 
some set Y. This makes it possible to prove the existence 
of a function without necessarily being able to calculate 
its values explicitly. Also, it enables general properties of 
functions to be proved independently of their form. The 
set X of all admissible arguments is called the domain of 
f: the set Y of all admissible values is called the codomain 
off We write f: X > Y 


fundamental group 

A group of a topological space X that is constructed by 
looking at how closed paths in X can be combined to get 
new paths. Under a suitable way of identifying paths 
(known as homotopy) one can get a group structure on 
the set which gives an algebraic invariant of the space X. 


fundamental theorem of algebra 
The result that any polynomial with real or complex 
coefficients has a root in the complex plane. 
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fundamental theorem of arithmetic 

Every positive integer greater than 1 is a prime number 
or can be expressed as a unique product of primes and 
powers of primes. 


fuzzy logic 

A departure from classical two-valued logic in which 
something is either true or false, to allow a continuous 
range of truth values. Fuzzy logic was introduced by Lotfi 
Zadeh of the University of California at Berkeley in the 
1960s as a means to model the uncertainty of natural lan- 


guage. 


Gabriel's horn 
The surface of revolution of 


y=1/x 


for x greater than 1. Surprisingly this has a finite volume 
of pi cubic units but an zfinitely large surface area! 
Gabriel’s horn is also known as Torricelli”s trumpet because 
it was investigated by the Italian Evangelista Torricelli 
(1608-1647). As a young man Torricelli studied in 
Galileo’s home at Arcetri, near Florence, and then, upon 
Galileo’s death, succeeded his teacher as mathematician 
and philosopher for their good friend and patron, the 
grand duke of Tuscany. Torricelli was amazed by the 
strange property of his mathematical trumpet and tried 
various ways to avoid the conclusion that a finite vol- 
ume could be enclosed by a vessel with an infinite sur- 
face area. Unfortunately, he lived before calculus came 
along to explain the apparent paradox in terms of infin- 
itesimals. 


Gabriel’s horn The horn for x values between 1 and 10. 
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Galois, Evariste (1811-1832) 

A French mathematician who led a short, dramatic life 
and is often credited with founding modern group the- 
ory, though the Italian Paolo Ruffini (1765-1822) came 
up with many of the ideas first. Galois’s work wasn’t 
widely acknowledged by his contemporaries, partly be- 
cause he didn’t present his material very well and partly 
because he held unpopular political views. In fact, he was 
a republican revolutionary who was twice imprisoned 
because of his activities. During his second incarceration 
he fell in love with the daughter of the prison physician, 
Stephanie-Felice du Motel, and after being released, was 
killed in a duel over her with Perscheux d’Herbinville. 
His death started republican riots and rallies which lasted 
for several days. See also Galois theory. 


Galois theory 
The study of certain groups, known as Galois groups, that 
can be associated with polynomial equations. Whether 
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or not the solutions to an equation can be written down 
using rational functions and square roots, cube roots, and 
so forth depends on certain group-theoretic properties of 
Galois groups. 


game 
A conflict, with formal rules and a finite number of 
choices of what to do at each stage, between two or more 
players. The study of games belongs to a branch of math- 
ematics and logic known as game theory. Ifa game is sim- 
ple enough, it can be solved for all possible outcomes. 
This is the case, for example, with tic-tac-toe and Nim. By 
harnessing the power of computers to check through vast 
numbers of moves, even more complicated games are suc- 
cumbing to a complete analysis. In the 1990s, nine men’s 
morris was shown, by searching through billions of possi- 
ble endgames, to be a certain draw if both players work to 
an optimal strategy. Checkers may be the next to be fully 
determined: its roughly 500 million trillion possible posi- 
tions may soon be within reach of the most powerful 
supercomputers. See also blackjack, chess, Frogs and 
Toads, Ovid’s game, TacTix, and Wythoff’s game. 


game theory 

A mathematical formalism used to study human games, 
economics, military conflicts, and biology. The goal of 
game theory is to find the optimal strategy for one player 
to use when his opponent also plays optimally. A strategy 
may incorporate randomness, in which case it is referred 
to as a mixed strategy. 

Early ideas of game theory can be found in writings 
throughout history as diverse as the Bible and works by 
René Descartes, Sun Tzu (author of the 2,400-year-old 
The Art of War), and Charles Darwin. The basis of mod- 
ern game theory is an outgrowth of several books that 
deal with related subjects such as economics and proba- 
bility. These include Augustin Cournot’s Researches into 
the Mathematical Principles of the Theory of Wealth (1838), 
which gives an intuitive explanation of what would 
eventually be formalized by John Nash as Nash equilib- 
rium; Francis Edgeworth’s Mathematical Psychics, which 
explored the notion of competitive equilibria in a two- 
type (or two-person) economy; and Emile Borel’s Alge- 
bre et calcul des probabilites (1927), which gave the first 
insight into so-called mixed strategies.'?! Game theory 
finally came of age through the efforts of two European 
immigrants to the United States working at the Institute 
of Advanced Studies in Princeton. Around 1940, the 
idea of the utility function was taken up by John von 
Neumann, who had been forced to flee his native Hun- 
gary when the Nazis invaded, and the economist Oskar 
Morgenstern (1902-1976), who had left Austria because 
he loathed the National Socialists. In Princeton the 


two immigrants worked together on what they initially 
thought would be a short paper on the theory of games, 
but that kept growing until it finally appeared in 1944 as 
an opus of 600 pages with the title Theory of Games and 
Economic Behavior." 


GLOSSARY OF GAME THEORY 
categorical game A game in which a tie is impossi- 
ble. 


finite game A game in which each player has a 
finite number of moves and a 
finite number of choices at each 
move. 

futile game A game that allows a tie when 


played properly by both players. 

A game in which the possible 
moves are the same for each 
player in any position. 

A collection of moves together 
with a corresponding set of 
weights which are followed proba- 
bilistically in the playing of a game. 
A game for which each player has 
a different set of moves in any 
position. 

An m x n matrix that gives the pos- 
sible outcome of a two-person 
zero-sum game when player A has 
m possible moves and player B 
has n moves. 

A set of moves that a player plans 
to follow while playing a game. 

A game in which players make 
payments only to each other. One 
player's loss is the other player's 
gain, so the total amount of 
“money” available is constant. 


impartial game 


mixed strategy 


partisan game 


payoff matrix 


strategy 


zero-sum game 


gamma 
See Euler-Mascheroni constant. 


gamma function 
A generalization of the factorial function to the real line 
and to the complex plane. It is defined by: 


x" e* dx 


Tn+1)=| 


0 


If 2 is an integer, then T(z + 1) =! See also beta function. 


Gardner, Martin (1914-) 
An American recreational mathematician best known for 
his “Mathematical Games” column, which ran in Scien- 
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tific American for 25 years. Through this column he intro- 
duced many subjects, including flexagons, polyominos, 
Piet Hein’s Soma Cube, and John Conway's Game of 
Life, to a wider audience. He is also an accomplished 
amateur magician and an active member of the skeptical 
movement associated with James Randi. Gardner is the 
author of more than 60 books, including various collec- 
tions of his Scientific American columns, The Ambidextrous 
Universe, and The Annotated Alice. 3") 


gauge theory 

A force field in nature, or an analogous vector field in 
mathematics with an enormous amount of symmetry that 
expresses the redundancy or ambiguity of many param- 
eters. The simplest example is the electromagnetic field. 


Gauss, Carl Friedrich (1777-1855) 

A German mathematician, often called the “Prince of 
Mathematics,” whose stature and range of interests rivaled 
those of Aristotle and Isaac Newton. Some inkling of 
what was in store came when, as a 3-year-old, he corrected 
a mistake in one of his father’s lengthy payroll calcula- 
tions. In school, at age 10, when his teacher gave the class 
the task of adding all the integers from 1 to 100, Gauss 
immediately wrote down the correct answer, 5050, on his 
slate. He had spotted that the numbers can be paired off 
as (100 + 1), (99 +2), (98 +3),..., (51 + 50) so that the 
problem reduces to multiplying 101 by 50. At age 19, 
Gauss found a way to construct a heptadecagon (a regular 
polygon with 17 sides) using only a straightedge and com- 
pass—a feat that had eluded the Greeks. Then Gauss 
entered the mathematical stratosphere of his time by 
proving what is now called the fundamental theorem of alge- 
bra, namely, that every polynomial has at last one root 
that is a complex number; in fact, he gave four different 
proofs, the first of which appeared in his dissertation. In 
1801, he proved the fundamental theorem of arithmetic (that 
every natural number can be represented as the product of 
prime numbers in only one way); published a brilliant 
tour de force on the properties of integers in his Disquisi- 
tiones Arithmeticae, which systematized the study of num- 
ber theory; and showed that every number is the sum of 
at most three triangular numbers. In the same year, he 
also developed the method of least squares fitting and, 
though he didn’t publish it, used it to calculate the orbit 
of the asteroid Ceres, that had recently been discovered 
by Piazzi, from only three observations. Gauss published 
his monumental treatise on celestial mechanics Theoria 
Motus in 1806. He became interested in the compass 
through surveying, and developed the magnetometer, an 
instrument with which, together with Wilhelm Weber, he 
measured the intensity of magnetic forces. With Weber, 
he also built the first successful telegraph. 


Unfortunately for mathematics, Gauss reworked and 
improved papers incessantly, and, in keeping with his 
motto “pauca sed matura” (few but ripe), he published 
only a fraction of his work. Many of his results were 
subsequently repeated by and attributed to others, since 
his terse diary remained unpublished for years after his 
death. Only 19 pages long, this diary later confirmed his 
priority on many breakthroughs, including work on an 
alternative to the parallel postulate, which really makes 
him the earliest pioneer of non-Euclidean geometry 
despite the fact that Janos Bólyai and Nikolai Loba- 
chevsky are normally given this accolade. Gauss did, 
however, publish his seminal treatment on differen- 
tial geometry in Disquisitiones circa superticies curvas, and 
Gaussian curvature is named for him. Gauss wanted a 
heptadecagon placed on his gravestone, but the carver 
refused, saying it would be indistinguishable from a cir- 
cle. The heptadecagon appears in the shape of a pedestal 
with a statue erected in his honor in his hometown of 
Braunschweig. 


Gaussian 

Normally distributed (with a bell-shaped curve) and hav- 
ing a mean at the center of the curve with tail widths pro- 
portional to the standard deviation of the data about the 
mean. 


Gelfond's theorem 

Also known as the Gelfond-Schneider theorem: a’ is a tran- 
scendental number if (1) a is an algebraic number and 
not equal to either 0 or 1, and (2) b is algebraic and 
also an irrational number. Gelfond’s theorem enables 
the seventh of David Hilbert’s famous problems to be 
solved. 


general relativity 
See relativity theory. 


general topology 
See point-set topology. 


genetic algorithm 

A type of evolving computer program, developed by the 
computer scientist John Holland, whose strategy of ar- 
riving at solutions is based on principles taken from 
genetics. Basically, the genetic algorithm utilizes the 
mixing of genetic information in sexual reproduction, 
random mutations, and natural selection at arriving at 
solutions. 


genus 
In topology, roughly speaking, the number of holes in a 
surface. Spheres, bowling balls (the finger holes aren’t 
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true holes because they don't go all the way through), 
and wine glasses have a genus of 0 and can be represented 
by quadratic equations. Bagels, inner tubes, and teacups 
have a genus of 1 and can be described by cubic equa- 
tions. Humans are more difficult to specify. However, 
you will certainly increase your genus by one if you have 
your ear pierced! Different definitions of genus apply to 
other types of mathematical objects such as a curve, a 
knot, or a set. 


geoboard 

A device commonly used in elementary schools to aid in 
the teaching of basic geometric concepts. A simple geo- 
board can be made from a square piece of wood and 25 
nails arranged in an evenly spaced grid of 5 vertical lines 
and 5 horizontal lines. These nails represent the lattice 
points in the plane. Figures are made on the geoboard by 
stretching rubber bands from one nail to another until the 
desired shape is formed. 


geodesic 

A path on a given surface that is as straight as possible; in 
other words, a path that doesn’t deviate either to the left 
or to the right, and only bends when forced to do so by 
the curvature (if any) of the surface. If the surface is an 
ordinary plane, the geodesics are straight lines; on a 
sphere the geodesics are great circles. 


geometric magic square 

A square array of n x n cells each occupied by a distinct 
geometrical figure (or piece or tile), such that the x 
pieces contained in every row, column, and diagonal 
can be fitted together to produce (i.e., tile or pack) a 
constant shape known as the target. The figures may be 
of any dimension, but are normally planar (topological 
disks). In tessellating the target, which may be of any 
shape, planar pieces are allowed to be flipped. Pieces of 
three or more dimensions are considered distinct from 
their mirror images. Geometric magic squares using 
one-dimensional entries have been known for centuries; 
they are the traditional magic squares in which straight 
lines pave a constant length, as usually represented by 
numbers adding to a constant total. The properties of 
generalized geometric magic squares were first investi- 
gated by Lee Sallows. 


geometric mean 
The geometric mean of n numbers is the wth root of the 
product of the numbers. 


geometric sequence 
Also known as a geometric progression, a finite sequence of 
at least three numbers, or an infinite sequence, whose 


terms differ by a constant multiple, known as the common 
ratio. For example, starting with 3 and using a common 
ratio of 2 leads to the finite geometric sequence: 3, 6, 12, 
24, 48, and also to the infinite sequence 3, 6, 12, 24, 
48,..., (3 x 2”).... In general, the terms of a geometric 
sequence have the form a, = ar" (n=0, 1, 2, . . .) for fixed 
numbers a and 7. If the terms of a geometric sequence are 
added together the result is a geometric series. If it is a 
finite series, then we add its terms to get the series sum, 
S,=a+artar+...+ar =(a-ar'**)/(1 — r). In the case 
of an infinite series, if |r| < 1, the sum is a/(1 — 7). If 
lr] 2 1, however, the series diverges and thus has no sum. 
See also arithmetic sequence. 


geometry 
The study of the properties of shapes and of spaces. See 
also Euclidean geometry and non-Euclidean geometry. 


geometry puzzles 

One of the attractions of puzzles involving shapes, espe- 
cially dissection problems, is that they appeal to the eye 
and very often don’t call for much ability in solving equa- 
tions and the like. Anyone can try to assemble the pieces 
of a jigsaw, whether it be of a picture or of a geometric 
shape, so a mathematical game such as tangrams or the 
Soma cube is within everyone’s reach. On the other 
hand, some geometric puzzles call for a basic knowledge 
of more abstract fields such as algebra and calculus. They 
may also exploit our sometimes faulty intuition about 
how different quantities vary in one, two, and three 
dimensions and about how much information is needed 
to solve a problem. 

As an example of faulty intuition, imagine that Earth, 
taken to be a perfect sphere with a radius r of 6,378 km, is 
completely covered by a thin membrane. Now suppose 
that 1 square meter is added to the area of this membrane 
to form a larger sphere. By how much does the radius and 
the volume of this membrane increase? This can be 
worked out from the formulae for the volume of a sphere 
(V= (4/3)nr’) and the area of a sphere (A = 4m’), respec- 
tively. It turns out that if the area of the cover is increased 
by 1 square meter, then the volume it contains 1s 
increased by about 3.25 million cubic meters. This seems 
like a huge amount. However, the new cover wouldn’t be 
very high above the surface of the planet—only about 6 
nanometers! As an example of a problem that is both 
counterintuitive and seems to lack sufficient data for its 
solution see hole-through-a-sphere problem. 


Gergonne point 

In a triangle, the point at which the lines from the ver- 
tices (see vertex) to the points of contact of the opposite 
sides with the inscribed circle meet. 


1.4 Problems which use arithmetic 


In Exercise 1.4, you have to decide which arithmetic operation to 
use. If you are not sure, it can sometimes be helpful to think of a 
similar question with smaller numbers. 


Example 1.4.1 


An egg box holds six eggs. How many eggs boxes are needed to pack 
500 eggs, and how many eggs are there in the last box? 


You need to find how many sixes there are in 500. If you use a 
calculator you get 500 + 6 = 83.333 333 3. 


This means that 84 boxes are needed. 83 full boxes hold 83 x 6 
eggs, which is 498 eggs. So there are 2 eggs in the last box. 


Insight 
Whether you need to round up or down depends on the context 
of the question. In the last example, you rounded up as you 
needed 84 boxes altogether. The answer to the question: “How 
many pens costing £6 each can be bought for £500?’ is 83, as 
83 x £6 = £498. So there is not enough money to buy 84 pens. 


1 In a school, 457 of the pupils are boys and 536 are girls. Work out 
the number of pupils in the school. 

2 How many hours are there in 7 days? 

3 The sum of two numbers is 3472. One of the numbers is 1968. 
Find the other number. 

4 The product of two numbers is 161. One of the numbers is 7. 
Find the other number. 

5 Acar travels 34 miles on one gallon of petrol. How far will it travel 
on 18 gallons? 

(Contd) 
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Germain, Sophie (1776-1831) 

A French mathematician who made notable contributions 
to number theory and to mathematical physics despite a 
lack of formal training and the social prejudices of her day. 
She taught herself, against her parents” wishes, often at 
night, during the Reign of Terror following the French Rev- 
olution, with books from her father's library. When 
deprived of heat and light, she would wrap herself in quilts 
and use candles. Finally her parents acquiesced to her 
“incurable” passion for mathematics and let her study. 
Through Joseph Lagrange, to whom she had originally 
submitted work under a pseudonym, she gained access to 
a circle of distinguished mathematicians, including Carl 
Gauss. Among her most important work was an analysis 
of Ernst Chladni's studies of vibrating surfaces, and her 
proof that if x, y, and z are integers and if x° + y? =z’ then 
at least one of x, y, or z must be divisible by 5 (a result now 
known as Germain's theorem); this was an important early 
step towards proving Fermat's last theorem. 


Get Off the Earth 

A famous vanishment puzzle by Sam Loyd. The picture 
is made from a rectangular background topped with a cir- 
cular card, representing the world, that can be rotated. 
Parts of a number of Chinese men are on each piece. With 
the world orientated so that the large arrow on it points to 


THE DISAPPEARING BICYCLIST! 


Turn the disc so the arrow points to A — and count 13 boys. 


Then move arrow to B — and there are only 12 boys in view. 
Which boy has vanished? Where does he go? 


Get Off the Earth An unusual variant of Loyd's Get Off the 
Earth puzzle called “The Disappearing Bicyclist.” From the collec- 
tion of William Waite 


the N.E. point on the background, 13 Chinamen can be 
counted. But when the earth is turned slightly, so that the 
arrow points N.W., there are only 12 characters. Where 
did the thirteenth Chinaman go? The cleverness of the 
puzzle is that there are many bits of Chinamen—arms, 
legs, bodies, heads, and swords—and each has tiny slivers 
missing. When the earth is turned, these pieces get slightly 
rearranged. In particular, each of the 12 Chinamen gains a 
sliver of a Chinaman from his neighbor. 


Gettier problem 

A thought experiment in philosophy that throws into 
question the long-held supposition that to know some- 
thing is equivalent to holding a belief about something 
that is both true and for which there is justification. Con- 
sider a case in which a lecturer has two students in her class 
called Mr. Havenot and Mr. Havegot. Mr. Havenot claims 
to own a Ferrari, drives one around, and has papers that 
state that the car is his. But in fact he does not actually own 
the car. Mr. Havegot, on the other hand, who shows no 
sign of Ferrari ownership, secretly has one of these rare 
cars. On the basis of the evidence, the teacher concludes 
that one of her students owns a Ferrari—and is correct in 
this belief. However, there is something wrong. Despite 
the combination of truth, justification, and belief, it seems 
that there is no real knowledge. The first examples of such 
problems were published in 1963 by the American 
philosopher Edmund Gettier (1927-). 


Giant's Causeway 

A natural structure that occurs on the coast in County 
Antrim, Ireland; it is one of the few places in the world 
where volcanic basalt has cooled in a columnar forma- 
tion. The columns approximately form a hexagonal tes- 
sellation (see tiling) and tend to break off to produce a 
pavement with this pattern. The full length of the 
columns can’t be seen, but it is estimated that they may 
be 20 feet (about 6 meters) high before merging into the 
underlying irregular basaltic mass. About 99% of the 
columns are believed to be hexagonal and only one tri- 
angular column is known. Though many of the hexa- 
gons are fairly regular, some have a side twice as long as 
their smallest side. Side lengths vary from 8 to 18 inches 
(20 to 46 cm) and the pillars break up into sections 6 to 
36 inches (15 to 90 cm) long, with a concavo-convex 
junction rather than a plane junction. Other examples of 
such formations occur at Kirkjubaejarklaustri, in Iceland, 
and the Devil’s Postpile, in California. 


Gilbreath’s conjecture 

A strange hypothesis concerning prime numbers that was 
first suggested in 1958 by the American mathematician 
and amateur magician Norman L. Gilbreath following 


134 glissette 


Giant's causeway Hexagonal paving on the Giant's Causeway. Martin Melaugh, University of Ulster 


some doodlings on a napkin. Gilbreath started by writing 
down the first few primes: 


r Le AT 2 2 ET 
Under these he put their differences: 
AAA E Ty Ae! NA 


Under these he put the unsigned difference of the differ- 
ences: 


0 222, 2 Ll 204. aah 


And he continued this process of finding iterated differ- 
ences: 


1, 2, 0, 0, 0, 0, 0, 2,... 
Ln 2 0 OO O Loco 
250,00, 2 sr 
ZOOL ce 

Ll Ue 
AS 

¡UA 

ie 


Gilbreath’s conjecture is that, after the initial two rows, 
the numbers in the first column are all one. No exception 
has been found to date, despite searches out to several 
hundred billion rows, and the conjecture is generally 
assumed to be true. However, it may have nothing to do 
with primes as such. The English mathematician Hallard 
Croft has suggested the conjecture may apply to any 
sequence that begins with 2 and is followed by odd num- 
bers that increase at a “reasonable” rate and with gaps of 
“reasonable” size. If this is the case, Gilbreath’s conjec- 
ture may not be as mysterious as it first seems, though it 
may be very difficult to prove. 


glissette 

If there are two fixed curves, and a curve S of fixed shape 
and length that slides with its ends on the fixed curves, 
then the locus of a point moving with S is called a glis- 
sette. An example is the locus of the midpoint of a line 
segment sliding with its ends on two perpendicular lines; 
this locus is a circle. 


gnomon magic square 
A 3 x 3 array in which the elements in each 2 x 2 corner 
have the same sum. See also magic square. 
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Go 

A two-player board game that originated in China in 
about 2000 B.c. It is often compared and contrasted with 
chess. Go is played on a board marked with 19 x 19 lines. 
Round, lens-shaped pieces called stones are placed, one 
per move, on the intersections of this grid, of which there 
are 361. As in chess, the pieces are colored black and 
white, but in Go black plays first. The board starts blank 
and pieces once played are not thereafter moved except 
to be taken off as prisoners. Pieces are captured singly or 
en masse by being surrounded so that they are not con- 
nected to any adjacent open intersection. The player with 
highest score at the end of the game, or following resig- 
nation or time expiry, wins. Go is considered to be a 
deeply strategic game, unlike chess, which is largely tacti- 
cal. There are 32,940 opening moves, after symmetry is 
taken into account, 992 of which are deemed strong. Esti- 
mates of the number of possible board configurations 
vary but are typically on the order of 10*”. 


God 


Pm still an atheist, thank God. 
—Luis Buñuel (Spanish film director, 1900-1983) 


Mathematicians, logicians, and scientists have long de- 
bated the nature, existence, and dice-playing ability of a 
Higher Power. The pre-Renaissance French philosopher 
Jean Buridan (c. 1295-1358) used a version of the Lar 
paradox to “prove” the existence of God. He wrote these 
two sentences: 


God exists. 


None of the sentences in this pair is true. 


The only consistent way to have these two sentences be 
either true or false is for “God exists” to be true. (How- 
ever, there is nothing to say that such consistency 1s 
necessary.) Blaise Pascal gave a more persuasive argu- 
ment, not for the existence of God but for why we 
should believe in that existence: “If I believe in God 
and life after death and you do not, and if there is 
no God, we both lose when we die. However, if there 
is a God, you still lose and I gain everything.” Pierre 
Laplace, on the other hand, replying to Napoleon 
Bonaparte, who had asked why his celestial mechanics 
made no mention of God, said: “Sir, I have no need of 
this hypothesis.” The German mathematician Leopold 
Kronecker thought that “God made the Integers, all the 
rest is the work of man.” In The City of God, however, 
Saint Augustine seems to imply that the integers were 
independent of God. He wrote: “Six is a number perfect 
in itself, and not because God created the world in six 
days; rather the contrary is true. God created the world 


in six days because this number is perfect, and it would 
remain perfect, even if the work of the six days did not 
exist.” Augustine’s statement can be taken to suggest 
that six would be a perfect number not only if the uni- 
verse didn’t exist, but even if God didn’t exist. As to 
God’s mathematical specialty, Plato said, “God ever 
geometrizes” while Charles Jacobi insisted that “God 
ever arithmetizes.” James Jeans thought, “The Great 
Architect of the Universe now begins to appear as a pure 
mathematician,” and Einstein (“God does not play 
dice”) was sure He wasn’t a probabilist. 


Gödel, Kurt (1906-1978) 

An Austrian-American mathematician and logician who, 
in 1931, proved that within a formal system questions 
exist that are neither provable nor disprovable on the 
basis of the axioms that define the system. This is known 
as Gödels undecidability theorem. He also showed that 
in a sufficiently rich formal system in which decidability 
of all questions is required, there will be contradictory 
statements. This is called Gédel’s incompleteness theo- 
rem. In establishing these theorems Gödel showed that 
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there are problems that can't be solved by any set of rules 
or procedures; instead, for these problems one must 
always extend the set of axioms. This disproved a com- 
mon belief at the time that the different branches of 
mathematics could be integrated and placed on a single 
logical foundation. Gödel was a close friend of Albert 
Einstein at Princeton and contributed to his general rela- 
tivity theory and cosmology. The so-called Gédel universe 
is a rotating model of the universe in which it is theoreti- 
cally possible to travel into the past (see time travel). 


Gódel's incompleteness theorem 
In a nutshell: All consistent axiomatic systems contain 
undecidable propositions. What does this mean? An 
axiomatic system consists of some undefined terms, a 
number of axioms that refer to those terms and partially 
describe their properties, and a rule or rules for deriving 
new propositions from already existing propositions. 
Axiomatic systems are powerful because they reduce 
large bodies of math to a simple description. Also, 
because they’re very abstract, they allow all, and only, 
the results that follow from things having the formal 
properties specified by the axioms to be derived. An 
axiomatic system is consistent if, given the axioms and the 
derivation rules, it doesn’t lead to any contradictions. 
One of the first modern axiomatic systems was a formal- 
ization of simple arithmetic (adding and multiplying 
whole numbers) by Giuseppe Peano and now known as 
Peano arithmetic. Kurt Gödel showed that every syntacti- 
cally correct proposition in Peano arithmetic can be rep- 
resented by a unique integer, called its Gódel number. The 
trick is to replace each symbol in the proposition, includ- 
ing numerals, by a different string of digits. If we represent 
“1” by 01, “2” by 02, “+” by 10, and “=” by 11, then the 
Gödel number of “1 + 1 = 2” is 0110011102. This al- 
lowed Gódel to write down, unambiguously, proposi- 
tions about propositions. In particular, he was able to 
write down self-referential (see self-referential sentence) 
propositions—ones that include their own Gödel num- 
ber. Gödel was then able to prove that, either the system 
of Peano arithmetic is inconsistent, or there are true 
propositions that can’t be reached from the axioms by 
applying the derivation rules. The system is thus zzcom- 
plete, and the truth of those propositions is undecidable 
(within that system). Such undecidable propositions are 
known as Gédel propositions or Gédel sentences. Nobody 
knows what the Gödel sentences for Peano arithmetic 
are, though people have their suspicions about the 
Goldbach conjecture (every even number is the sum of 
two prime numbers). 

The results of an axiomatic system pertain to more 
than just Peano arithmetic, they apply to all kinds of 


things that satisfy the axioms. There are an immense 
number of other axiomatic systems, which either include 
Peano numbers among their basic entities or can be con- 
structed from them. It follows that these systems, too, 
contain undecidable propositions, and are incomplete. 

A common misconception is that Gódel's theorem 
imposes some profound limitation on knowledge, sci- 
ence, and mathematics. In the case of science, this ig- 
nores that Gédel’s theorem applies to deduction from 
axioms, which is only one source of knowledge and not 
even a very common mode of reasoning in science. More 
generally, Gódel's incompleteness result doesn’t touch 
directly on the most important sense of completeness 
and incompleteness, namely, descriptive completeness 
and incompleteness—the sense in which an axiom system 
describes a given field. In particular, the result represents 
no threat to the notion of truth. 


Goldbach conjecture 

One of the oldest and easiest-to-understand hypotheses 
in mathematics that remains unproven. In its original 
form, now known as the weak Goldbach conjecture, it was 
put forward by the Prussian amateur mathematician and 
historian Christian Goldbach (1690-1764) in a letter 
dated June 7, 1742, to Leonhard Euler. In this guise it 
says that every whole number greater than five is the sum 
of three prime numbers. Euler restated this, in an equiv- 
alent form, as what is now called the strong Goldbach con- 
jecture or, simply, the Goldbach conjecture: every even 
number greater than two is the sum of two primes. 
Thus, 4=2+2,6=3+3,8=3+5,10=3+7..., 
100 = 53 + 47,.... In fact René Descartes knew about 
the two-prime version of Goldbach’s conjecture before 
either Goldbach or Euler did. So, is it misnamed? Paul 
Erdos said, “It is better that the conjecture be named 
after Goldbach because, mathematically speaking, Des- 
cartes was infinitely rich and Goldbach was very poor.” In 
any event, there is a much more important question, 
namely, is the conjecture true? The general assumption 1s 
that it is, but no one knows for sure. The most significant 
step toward a proof came in 1966 when the Chinese 
mathematician Chen Jing-Run showed that every suffi- 
ciently large even integer is the sum of a prime and a 
number that has at most two prime factors. Using power- 
ful computers, the Goldbach conjecture has been checked 
out to about 400 trillion. But there is no great optimism 
among mathematicians that a final breakthrough is on 
the horizon. Even a reward of $1 million dollars for a 
proof offered by the publishing house Faber & Faber in 
2000, to help publicize the novel Uncle Petros and Gold- 
bach’s Conjecture by the Greek mathematician and author 
Apostolos Doxiadis, went unclaimed." 
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golden ratio A golden rectangle and a logarithmic spiral 
emerge from a whirling pattern of squares built up from two 
small squares of equal size at the spiral's center. 


golden ratio (phi, +) 

A remarkable number that, like pi and e, pops up all over 
the place in mathematics but, in some ways, has a more 
“human” connection, in that it seems to be linked to aes- 
thetics. Its name, which is also given as the golden mean, 
the golden section, the golden number, and the divine propor- 
tion, reflects this sense of a harmonious or pleasing ideal. 
The golden ratio is an irrational number of the type 
known as an algebraic number (in contrast with 7 and e, 
which are transcendental) and is represented by the 
Greek letter (phi). It can be defined in various ways. For 
example, it is the only number equal to its own recipro- 
cal plus 1, that is, y = (1/0) + 1, so that ¢ = p + 1. From 
this comes the quadratic equation ° — p — 1 = 0 of which 
the golden ratio is the positive solution, (1 + V5) / 2 = 
1.6180339887 .... The golden ratio is also approximated 
by the ratio of successive terms in the Fibonacci se- 
quence; in fact, F(z + 1) / F(z) gets closer and closer to q 
as n tends to infinity. Because 1/(1 — ») = p, the contin- 
ued fraction representation of 1s 


p=1+1/(1+1/(01+1/(1+1/(1+1/... 
ld 


Two quantities are said to be in the golden ratio, if the 
ratio of the larger one, a, to the smaller one, b, is the same 
as the ratio of the smaller one to their difference, that is, 
a/b = b/ (a — b). The so-called golden rectangle is one whose 
sides a and BJ stand in the golden ratio. It is famously said 
to have great aesthetic appeal and is closely approxi- 
mated by the dimensions of the front of the Parthenon in 
Rome. Leonardo da Vinci’s masterpiece the Mona Lisa is 
said to have a face that is framed by a golden rectangle; 
what is certain is that Leonardo was a close personal 
friend of Luca Pacioli, who published a three-volume 


golden ratio The corners of an icosahedron meet the 
corners of three orthogonal golden rectangles. 


treatise on the golden ratio, Divina Proportione, in 1509. 
The Swiss-French architect and painter Le Corbusier 
designed an entire proportional system called the “Mod- 
ulor,” that was based on the golden ratio. The Modulor 
was supposed to provide a standardized system that 
would automatically confer harmonious proportions to 
everything, from door handles to high-rise buildings. 
Another artist who deliberately used the golden ratio is 
the surrealist Salvador Dali. The ratio of the dimensions 
of Dali’s Sacrament of the Last Supper is equal to the golden 
ratio. Dali also incorporated in the painting a huge 
dodecahedron (a twelve-faced Platonic solid in which 
each side is a pentagon) engulfing the supper table. The 
dodecahedron, which according to Plato is the solid 
“which the god used for embroidering the constellations 
on the whole heaven,” is intimately related to the golden 
ratio—both the surface area and the volume of a dodeca- 
hedron of unit edge length are simple functions of the 
golden ratio. In fact, $ turns up frequently in figures 
that have pentagonal symmetry. For instance the ratio 
of a regular pentagon’s side and diagonal is equal to 
, and the vertices of a regular icosahedron are located 
on three orthogonal golden rectangles. The golden 
ratio is also related to Penrose tiling and to the plastic 
number.” 
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Golomb, Solomon W. (1932-) 

A mathematician and electrical engineer at the Univer- 
sity of Southern California who is best known for his 
seminal studies of polyominos. His article “Checker 
Boards and Polyominos,” published in the American 
Mathematical Monthly in 1954 when Golomb was a 22- 
year-old graduate student at Harvard, defined a poly- 
omino as a simply connected set of squares (i.e., a set of 
squares joined along their edges). Golomb also originated 
the idea of graceful graphs.” 


golygon 

A series of straight-line segments that have lengths of 
one, two, three, and so on, up to some finite number of 
units, with the property that every segment connects at a 
right angle to the segment that is one unit larger, except 
the longest segment, which meets the shortest segment at 
a right angle. The name “golygon” was invented by Lee 
Sallows. Golygons have inspired some interesting puz- 
zles as well as some intriguing research problems. 


googol 

A named coined in 1938 by Milton Sirotta, the 9-year- 
old nephew of the mathematician Edward Kasner, when 
the child was asked by his uncle to come up with a name 
for a very large number; at the same time, googolplex was 
suggested for a still larger number. Kasner defined these 
numbers as follows: 


1 googol = 10'™ (1.e., 1 followed by 100 zeros); 
1 googolplex = 10%! = 101%” (i.e., 1 followed by a 


googol number of zeros) 


A googol is very roughly the number of years thought to 
be needed for all the black holes in the universe to evap- 
orate by a process known as Hawking radiation. It is 
much larger than the number of protons and neutrons in 
the known universe (about 10%), but much smaller than 
the number of protons and neutrons needed to pack 
every cubic centimeter of the known universe (about 
10'%). The googolplex is the largest number with a proper 
name of which many people have heard. It is dwarfed, 
however, by such esoterica as Graham’s number. 


Gordian knot 

The earliest reference to a string puzzle. In Greek 
mythology, a Phrygian peasant called Gordius, the father 
of Minos (see maze), became king because he was first to 
arrive in town after an oracle commanded the Phrygians 
to select as ruler the first person to drive into the public 
square in a wagon. In gratitude, Gordius dedicated his 
wagon to Zeus and placed it in the temple grove, tying 
the wagon pole to the yoke with a rope of bark. The knot 
was so intricately entwined that no one could undo it. A 


saying developed that whoever succeeded in untying the 
knot would become ruler of all Asia. Many tried, but all 
failed. According to legend, even Alexander the Great 
was unable to untie the Gordian knot, so he drew his 
sword and cut it through with a stroke. The expression 
“to cut the Gordian knot” is used to refer to a situation in 
which a difficult problem is solved by a quick and deci- 
sive action. 


graceful graph 

A graph of points and connecting lines that can be num- 
bered in a certain way. Say the graph has p points and e 
lines (“e” for edges) connecting them. Each of the points 
is assigned an integer; the lowest integer (by convention) 
is taken to be 0, and no two integers may be alike. Each 
of the lines is labeled with the difference between the two 
integers of the points that it connects. Then, if the num- 
bers corresponding with the lines run from 0 through e, 
the graph is said to be graceful. Graceful graphs were orig- 
inally defined and developed by Solomon Golomb. 


gradient 

A vector of partial derivatives of a function that oper- 
ates on vectors. Intuitively, the gradient represents the 
slope of a high-dimensional surface. 


Graham, Ronald L. (1936-) 

An American mathematician and leading combinatorialist 
after whom Graham’s number is named. Graham is also 
one of the country’s best jugglers and former president of 
the International Juggler’s Association. In his youth, he and 
two friends were professional trampolinists who performed 
with a circus as the Bouncing Baers. His office ceiling is 
covered with a large net that he can lower and attach to his 
waist so that when he practices juggling with six or seven 
balls, any that are dropped will roll back to him. Graham is 
a professor in the department of computer science and 
engineering at the University of California at San Diego. 


Graham's number 

A stupendously large number that found its way in to the 
Guinness Book of Records as the biggest number ever ob- 
tained as part of a mathematical proof; it is named after 
its discoverer, Ronald Graham. Graham’s number is the 
upper bound solution to a very exotic problem in Ramsey 
theory, namely: What is the smallest dimension 7 of a 
hypercube such that if the lines joining all pairs of corners 
are two-colored, a planar complete graph K, of one color 
will be forced? This is exactly equivalent to a problem that 
can be stated in plain language: Take any number of peo- 
ple, list every possible committee that can be formed from 
them, and consider every possible pair of committees. 
How many people must be in the original group so that no 
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matter how the assignments are made, there will be four 
committees in which all the pairs fall in the same group, 
and all the people belong to an even number of commit- 
tees. Graham’s number is the greatest value that the answer 
could take. It is so large that 1t can only be written using 
special big-number notation, such as Knuth’s up-arrow 
notation. Even then, it must be built up in stages. First, 
construct the number G, = 3TT... 113, where there are 
3TTTT3 up-arrows. This, in itself, is a number far, far 
beyond anyone’s ability to even remotely comprehend. 
Next, construct G, = 311 ... 113, where there are G, up- 
arrows; then construct G; = 317... T13, where there are 
G, up-arrows; then continue this pattern until the number 
Gs has been made. Graham’s number G = 377... TT3, 
where there are Ge up-arrows. While the unthinkably large 
upper boundary to the problem described earlier is given 
by Graham’s number, nobody, including Graham himself, 
believes the solution is nearly so large. In fact, it is thought 
that the actual answer is probably 6!" 


grandfather paradox 

One of the most powerful and commonly used arguments 
against time travel. It points out that if you were able to 
travel into the past you could (if you were so inclined) kill 
your grandfather when he was very young and thus render 
your own birth impossible. A simpler version is that you 
could kill a younger version of yourself so that you would 
not be alive in the future to travel back in time. The grand- 
father paradox shows how one form of time travel could 
violate causality by eliminating the cause of a phenome- 
non that has already taken place in the present. 

The most bizarre adaptation of the grandfather para- 
dox is found in Robert Heinlein’s classic short story “All 
You Zombies.” A baby girl is mysteriously left at an 
orphanage in Cleveland in 1945. “Jane” grows up lonely 
and dejected, not knowing who her parents are, until one 
day in 1963 she is strangely attracted to a drifter. She falls 
in love with him. But just when things are finally looking 
up for Jane, a series of disasters strike. First, she becomes 
pregnant by the drifter, who then disappears. Second, 
during the complicated delivery, doctors find that Jane 
has both sets of sex organs, and to save her life, they are 
forced to surgically convert “her” to a “him.” Finally, a 
mysterious stranger kidnaps her baby from the delivery 
room. Reeling from these disasters, rejected by society, 
scorned by fate, “he” becomes a drunkard and drifter. 
Not only has Jane lost her parents and her lover, but he 
has lost his only child as well. Years later, in 1970, he 
stumbles into a lonely bar, called Pop’s Place, and spills 
out his pathetic story to an elderly bartender. The bar- 
tender offers the drifter the chance to avenge the stranger 
who left her pregnant and abandoned, on the condition 
that he (Jane) join the “time travelers corps.” Both of 


them enter a time machine, and the bartender drops 
off the drifter in 1963. The drifter is strangely attracted to 
a young orphan woman, who subsequently becomes 
pregnant. The bartender then goes forward nine months, 
kidnaps the baby girl from the hospital, and drops off the 
baby in an orphanage back in 1945. Then the bartender 
drops off the thoroughly confused drifter in 1985, to 
enlist in the time travelers corps. The drifter eventually 
gets his life together, becomes a respected and elderly 
member of the time travelers corps, and then disguises 
himself as a bartender and has his most difficult mission: 
a date with destiny, meeting a certain drifter at Pop’s 
Place in 1970. The question is: who is Jane's mother, 
father, grandfather, grandmother, son, daughter, grand- 
daughter, and grandson? The girl, the drifter, and the bar- 
tender, of course, are all the same person. As an exercise 
(on the road to insanity) try drawing Jane’s family tree. 
You will find that not only is she her own mother and 
father, she is an entire family tree unto herself! 


graph 


I'l do algebra, I'll do trig, and I'll even do statistics, 
but graphing 1s where I draw the line! 
—Anonymous 


(1) In common usage, a plot of x values (the domain) 
against y values (the codomain) for a given function, y = 
Ax). Such a graph is also known as a function graph or the 
graph of a function. (2) In strict mathematical usage, any 
set of dots, known as nodes or vertices, in which at least 
some pairs are joined by lines known as edges or arcs. 
What follows applies only to this second definition. 
Often the lines on a graph are used to represent rela- 
tionships between objects (represented by dots). Depend- 
ing on the application, edges may or may not have a 
direction, as indicated by an arrow (see directed graph); 
edges joining a node to itself may or may not be allowed, 
and nodes and/or edges may be assigned weights. A path 
is a series of nodes such that each node is adjacent to 
both the preceding and succeeding node. A path is con- 
sidered simple if none of the nodes in the path is repeated. 
The length of a path is the number of edges that the path 
uses, counting multiple edges multiple times. If it’s possi- 
ble to establish a path from any node to any other node 
of a graph, the graph is said to be a connected graph. A 
circuit or cycle is a path that begins and ends with the same 
node and has a length of at least two. A tree is a connected 
acyclic graph, that is, a graph without any circuits. A 
complete graph is one in which every node is adjacent to 
every other node. An Euler path in a graph is a path that 
uses each edge precisely once. If such a path exists, the 
graph is said to be traversable. An Euler circuit is a path 
that traverses each edge precisely once. A Hamilton path 
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Great Monad 


in a graph is a path that visits each node once and only 
once; a Hamilton circuit is a circuit that visits each node 
once and only once. Well known problems whose solu- 
tion involves graphs and graph theory include the four- 
color problem and the traveling salesman problem. 


graph theory 

The study of graphs, either for their own sake, or as mod- 
els of such diverse things as groups (in pure mathematics) 
or computer networks. 


great circle 
A circle that goes all the way around a sphere and is cen- 
tered at the center of the sphere. The shortest route 
between two points on a sphere, such as Earth, is along 
the great circle that connects these points. A great circle 
is a geodesic. 


Great Monad 

Also known as 7°a-Chi, an important and ubiquitous 
symbol in traditional Chinese philosophy and cosmol- 
ogy. It represents the underlying harmony of the universe 
when its opposites or dualities-male and female (yang 
and yin), hard and soft, sun and moon, and so forth—are 
in balance. It occurs everywhere in Chinese art: in books, 
on walls, porcelain, tablets, and stitched into brocade. 


greatest common divisor 
The largest integer that divides each of a sequence of inte- 
gers exactly. Also called the greatest common factor. 


greatest lower bound 
The largest real number that is smaller than each of the 
numbers in a set of real numbers. 


Green, George (1793-1841) 

An English mathematician who published work in the 
fields of hydrodynamics, electricity, and magnetism, but 
is best known for his theorem (see Green’s theorem), 
which is the basis of potential theory. Green took over a 
bakery and adjoining windmill after the death of his 
father, but studied mathematics in his spare time. In 
1828, he wrote his most important paper, “An Essay on 
the Application of Mathematical Analysis to the Theo- 
ries of Electricity and Magnetism,” which, though gener- 
ally overlooked at the time, is now regarded as the 
beginning of mathematical physics in England. 


Green’s theorem 

A connection between path integrals over a well-connected 
region in the plane and the area of the region bounded in 
the plane. Green’s theorem is a form of the fundamental the- 
orem of calculus, and is used today in almost all computer 
codes that solve partial differential equations. 


Grelling’s paradox 

An equivalent, from the world of words and grammar, of 
Russell’s paradox. Grelling’s paradox involves dividing 
all adjectives into two sets: selfapplicable and not self 
applicable. Words like “English,” “written,” and “short” 
are self-applicable, while “Russian,” “spoken,” and “long” 
are not self-applicable. Now, define the adjective heterolog- 
ical to mean “not self-applicable.” To which set of adjec- 
tives does “heterological” belong? This strange quandry 
was devised by the logician and philosopher Kurt Grelling 
(1886-1941/2), who was persecuted by the Nazis; it is not 
certain whether he died with his wife in the Auschwitz 
concentration camp in 1942, or whether he was killed in 
1941 in the Pyrenees while trying to escape into Spain. 


gross 

A group of 144 items. The word comes from the Latin 
grossus, for “thick” or “large,” via the Old French gross 
douzaine or “large dozen” (12 dozen), though this group- 
ing may have started out in Germany. “Grocer” has the 
same origins as “gross” because a grocer is someone who 
deals in large quantities of food. A great gross, or a dozen 
gross, is 1728. See also twelve. 


group 


Wherever groups disclosed themselves, or could be 
introduced, simplicity crystallized out of compara- 
tive chaos. 

—Eric Temple Bell 
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An abstract and crucially important way of representing 
symmetry and one of the most fundamental concepts in 
modern algebra. Groups were brought into mathematics 
in the early nineteenth century by the radical young 
French student Evariste Galois as a tool to help solve 
one of the outstanding problems of his day: to find a 
formula for solving polynomial equations of order five— 
quintics—and higher. Galois showed, in notes scribbled 
down the night before he died in a duel, that no such 
formula exists. The reason for this is that the possible 
symmetries, or permutations, of the roots of fifth-degree 
polynomial equations are more complex than are the 
symmetries that can be represented by arithmetical for- 
mulas. This fact emerged from the development of the 
idea of a permutation group by Galois and, independently 
at about the same time, by Niels Abel. Half a century 
later, another Norwegian, Sophus Lie, showed how 
important groups are to the whole of mathematics. The 
theory of what became known as Lie groups links the 
discrete structure of permutations with the continuous 
variation of differential equations. Not surprisingly, 
because group theory forms a common underpinning to 
algebra and to geometric features such as rotation, reflec- 
tion, and symmetry, it crops up routinely in modern 
physics, from the classification of elementary particles to 
crystallography. 

A group is a set whose elements are defined by a single 
operation. The group is called additive if the symbol for 
the operation is “+” and is called multiplicative if the sym- 
bol is “-” for multiplication. But any other symbol can be 
substituted for these. There is always a unique element 
(1, for multiplicative, and 0, for additive, groups) that 
leaves elements unchanged under the defined operation, 
like a + 0 = a. Also, for every element a there exists a 
unique inverse bh such that, for example, in the case of the 
additive symbol, a+ b=0 and )+a=0. Most often, how- 
ever, the inverse is denoted as 4”. Lastly, the group oper- 
ation must be associative asina: (b*c)=(a:b)-c. A 
group is commutative or Abelian if its operation is sym- 
metric, as in a+ b=b+a. 

Groups come in two types: finite and infinite. The sym- 
metry group of the roots of a polynomial equation is a 


finite group, because there is only a limited number of 
permutations possible among the roots of a given poly- 
nomial. In contrast, the Lie groups that represent symme- 
tries of solutions of differential equations are infinite 
because they represent continuous transformations, and 
continuity carries the potential of an infinite number of 
changes. Finite groups can be built up from combinations 
of smaller groups by a process analogous to multiplica- 
tion. In the same way that a whole number can be written 
as a product of prime numbers, a finite group can be 
expressed as a combination of certain factors known as 
simple groups. Most simple groups belong to one of three 
families: the cyclic groups, the alternating groups, or the 
groups of Lie type. Cyclic groups consist of cyclic permuta- 
tions of a prime number of objects. Alternating groups 
consist of even permutations—those formed by inter- 
changing the positions of two objects an even number of 
times. Sixteen subfamilies make up the simple groups of 
Lie type, each associated with a family of infinite Lie 
groups. (Confusingly, a Lie group is not a group of Lie 
type, since the former is infinite and the latter is finite!) 
Altogether, there are 18 specific families of finite simple 
groups. There are also 26 simple groups, known as sporadic 
groups, that are highly irregular and fall outside these fam- 
ilies. Five sporadic groups were found in the nineteenth 
century by Emile Mathieu. Then came a hiatus until the 
1960s, when suddenly a rush of new sporadics came to 
light. The most remarkable of these is the so-called mon- 
ster group, which appears to be intimately related to the 
structure of the universe at the subatomic level. 


Grundy's game 
See Nim. 


Guy, Richard Kenneth (1916-) 

A British-born mathematician who is professor emeritus 
of mathematics at the University of Calgary, Canada, 
and an expert in combinatorics and in number theory. 
Guy is the author of more than 250 papers and 10 books, 
including (as a coauthor) the game theory classic Win- 
ning Ways. He has been an editor of the “Problems” sec- 
tion of the American Mathematical Monthly since 1971. 


Haberdasher's puzzle 

The greatest mathematical discovery of Henry Dudeney, 
it was first published in the Weekly Dispatch in 1902 and 
then as problem no. 26 in his The Canterbury Puzzles 
(1907). One must decide how to cut an equilateral tri- 
angle into four pieces that can be rearranged to make a 
square. The accompanying diagram shows the solution, 
which Dudeney describes as follows: 


Bisect AB in D and BC in E; produce the line AE to 
F making EF equal to EB; bisect AF in G and 
describe arc AHF; produce EB to H, and EH is the 
length of the side of the required square; from E 
with distance EH, describe the arc HJ, and make JK 
equal to BE; now from the points D and K drop per- 
pendiculars on EJ at L and M. 


A remarkable feature of the solution 1s that each of the 
pieces can be hinged at one vertex, forming a chain that 
can be folded into the square or the original triangle. Two 
of the hinges bisect sides of the triangle, while the third 
hinge and the corner of the large piece on the base cut 


Haberdasher's puzzle The puzzle and its solution as 
illustrated by Henry Dudeney. 


the base in the approximate ratio 0.982:2:1.018. Dude- 
ney showed just such a model of the solution, made of 
polished mahogany with brass hinges, at a meeting of the 
Royal Society on May 17, 1905. 


Hadwiger problem 

In ddimensions, define L(d) to be the largest integer n for 
which a cube cannot be cut into cubes (not necessarily 
different). The Hadwiger problem is to find L(d). Defi- 
nite solutions are only known in two and three dimen- 
sions: L(2) = 5 and L(3) = 47. However, it is known that 
L(4) < 853 and L(5) < 1,890, and it is considered likely 
that L(d) is odd for all values of d. See also dissection. 


hailstone sequence 

A sequence of numbers produced by the rules of the Col- 
latz problem; in other words, a sequence formed in the 
following way: Start with any positive integer n. (1) If z is 
even, divide it by 2; if n is odd, multiply it by 3 and add 
1. (2) If the result is not 1, repeat step (1) with the new 
number. For z = 5, this produces the sequence 5, 16, 8, 4, 
2,1,4,2,1,.... Forn= 11, the resulting sequence is 11, 
34, 17, 52, 26, 13, 40, 20, 10, 5, 16,8,4,2,1,4,2,1,.... 
The name “hailstone” comes from the fact that the num- 
bers in these sequences rise and fall like hailstones in a 
cloud before finally falling to Earth. It seems from exper- 
iment that such a sequence will always eventually end in 
the repeating cycle 4, 2, 1, 4, 2, 1,..., but some values 
for n generate many values before the repeating cycle 
begins. An unsolved mystery is whether all such 
sequences eventually hit 1 (and then 4, 2, 1, 4, 2, 1,...) 
or whether there are some sequences that never settle 
down to a repeating cycle. 


hairy ball theorem 

If a sphere is covered with hair or fur, like a tennis ball, the 
hair cannot be brushed so that it lies flat at every point. In 
mathematical terms: any continuous tangent vector field 
on the sphere must have a point where the vector is zero. 
This theorem also means that somewhere on Earth’s sur- 
face there has to be a point where the horizontal wind 
speed is zero, even if it’s windy everywhere else. Does the 
same apply to a torus? Is there a hairy donut theorem? 
No! The number of “problem points,” where the hair 
would stick up on a surface, is related to a quantity called 
the Euler characteristic of that surface. Basically, every 
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6 How many pieces of metal 6 cm long can be cut from a bar 117 cm 
long? What length of metal is left over? 

7 A box holds 24 jars of coffee. How many boxes will be needed to 
hold 768 jars? 

8 Atthe start of a journey, a car's milometer read 34 652. After the 
journey, it read 34 841. How long was the journey? 

9 There are 365 days in a year. How many days are there in 28 years? 

10 A coach can carry 48 passengers. How many coaches are needed 

to carry 1100 passengers? How many seats will be unoccupied? 


1.5 Special numbers 
The numbers 0, 1, 2, 3, 4, . . . are called whole numbers. 


The numbers 1, 2, 3, 4, . . . are called natural numbers. They are 
also called counting numbers or positive whole numbers. 


The numbers... , —3, —2, -1, 0, 1, 2, 3, . . . are called integers. 
These are the positive and negative whole numbers, together with 0. 


The natural numbers can be split into even and odd numbers. 


An even number is one into which 2 divides exactly. The first six 
even numbers are 2, 4, 6, 8, 10 and 12. You can tell whether a 
number is even by looking at its last digit. If the last digit is 2, 4, 
6, 8 or 0, then the number is even. The last digit in the number 
784 is 4, so 784 is even. 


An odd number is one into which 2 does not divide exactly; that is, 
it is a natural number which is not even. The first six odd numbers 
are 1, 3, 5, 7, 9 and 11. You can tell whether a number is odd by 
looking at its last digit. If the last digit is 1, 3, 5, 7 or 9, then the 
number is odd. In other words, if the last digit is odd, then the 
number is odd. The last digit in the number 837 is odd, so 837 

is odd. 
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point on a surface has an index that describes how many 
times the vector field rotates in a neighborhood of the 
problem point. The sum of the indices of all the vector 
fields is the Euler characteristic. Since the torus has Euler 
number 0, it is possible to have a covering of hair—a vec- 
tor field—on it that lies flat at every point. 


half-line 
A ray. 


half-plane 


The part of a plane that lies on one side of a given line. 


halting problem 

Given a program and inputs for it, decide whether it will 
run forever or will eventually stop. This is not the same 
thing as actually running a given program and seeing 
what happens. The halting problem asks whether there is 
any general prescription for deciding how long to run an 
arbitrary program so that its halting or non-halting will 
be revealed. In a celebrated 1936 paper,*”” Alan Turing 
proved that the halting problem is undecidable: there’s 
no way to construct an algorithm that is always able to 
determine whether another algorithm halts or not. From 
this it follows that there can’t be an algorithm that de- 
cides whether a given statement about natural numbers 
is true or not. The undecidability of the halting problem 
provides an alternative proof of Gédel’s incompleteness 
theorem. This is because if there were a complete and 
consistent axiomatization of all true statements about 
natural numbers, then we would be able to create a set of 
rules that decides whether such a statement is true or not. 
Another amazing consequence of the undecidability of 
the halting problem is Rice’s theorem, which states that the 
truth of any nontrivial statement about the function that 
is defined by an algorithm is undecidable. So, for exam- 
ple, the decision problem “will this algorithm halt for the 
empty string” is already undecidable. Note that this the- 
orem holds for the function defined by the algorithm and not 
the algorithm itself. It is, for example, quite possible to 
decide if an algorithm will halt within 100 steps, but this 
isn’t a statement about the function that is defined by the 
algorithm. Many problems can be shown to be undecid- 
able by reducing them to the halting problem. However, 
Gregory Chaitin has given an undecidable problem in 
algorithmic information theory that doesn’t depend on 
the halting problem. 

While Turing’s proof shows that there can be no gen- 
eral method or algorithm to determine whether algo- 
rithms halt, individual instances of that problem may very 
well be susceptible to attack. Given a specific algorithm, 
one can often show that it must halt, and in fact computer 
scientists often do just that as part of a correctness proof. 


But every such proof requires new arguments: there is no 
mechanical, general way to determine whether algorithms 
halt. And there’s another caveat. The undecidability of 
the halting problem relies on the fact that computers are 
assumed to have a memory of potentially infinite size. If 
the memory and external storage of a machine is limited, 
as it is for any real computer, then the halting problem for 
programs running on that machine can be solved with a 
general algorithm (albeit an extremely inefficient one). 


ham sandwich theorem 

Given a sandwich in which bread, ham, and cheese (three 
finite volumes) are mixed up, in any way at all, there is 
always a flat slice of a knife (a plane) that bisects each of 
the ham, bread, and cheese. In other words, however 
messed up the sandwich—even if it’s been in a blender— 
you can always slice through it in such a way that the two 
halves have exactly equal amounts, by volume, of the 
three ingredients. This theorem generalizes to higher- 
dimensional ham sandwiches, when it essentially becomes 
the Borsuk-Ulam theorem: in n-dimensional space in 
which there are n globs of positive volume, there is always 
a hyperplane that cuts all the globs exactly in half. 


Hamilton, William Rowan (1805-1865) 
An Irish mathematician who, among other things, in- 
vented quaternions and a new theory of dynamics. Hav- 
ing excelled in Greek and mathematical physics at Trinity 
College, Cambridge, Hamilton was appointed Astron- 
omer Royal of Ireland; in this position he served from 
1827 to his death and, during all that time, lived in Dun- 
sink Observatory, Dunsink Lane, to the northwest of 
Dublin. However, he quickly lost interest in staying up at 
nights to make observations—he hired three of his sisters 
to help run the place—and preferred instead to write 
poetry (badly). He was friends with Samuel Coleridge, 
who introduced him to the philosophy of Kant, which 
had a great influence on him, and with William Words- 
worth, who advised him against writing any more poems. 
Hamilton did early work on caustic curves and was led 
from this to his discovery of the law of least action, which 
enabled many physical problems to be expressed more ele- 
gantly. One of his greatest triumphs was his treatment of 
complex numbers as pairs of real numbers, an approach 
that finally exorcised long-standing suspicions about the 
reality of imaginary numbers, and helped clear the way 
for other algebras. From this he was led to consider 
ordered quartets of numbers, which he called quaternions. 
The idea for quaternions came to Hamilton suddenly on 
October 16, 1843, while he was standing on Brougham 
(“Broom”) Bridge, where Broombridge Street crosses the 
Royal Canal, Dublin. A commemorative plaque under the 
bridge, on the towpath, was unveiled by the Taoiseach 
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(head of the Irish parliament), Eamon De Valera, on No- 
vember 13, 1958. Of his invention, Hamilton wrote: 


The quaternion was born, as a curious offspring of a 
quaternion of parents, say of geometry, algebra, 
metaphysics, and poetry. .. . I have never been able 
to give a clearer statement of their nature and their 
aim than I have done in two lines of a sonnet 
addressed to Sir John Herschel: 

“And how the One of Time, of Space the Three 

Might in the Chain of Symbols girdled be.” 


Hamilton’s interest in complex numbers was stimulated 
by his friend and compatriot John Graves, who pointed 
Hamilton in the direction of John Warren’s A Treatise on 
the Geometrical Representation of the Square Root of Negative 
Quantities. This book explained the concept of the com- 
plex plane, which Hamilton turned from geometry into 
algebra. One of Hamilton’s last inventions was a curios- 
ity called the zcostan calculus, which was another outcome 
of his friendship with Graves. After a visit to the latter’s 
house, Hamilton wrote: “Conceive me shut up and rev- 
elling for a fortnight in John Graves’ Paradise of Books! 
of which he has really an astonishingly extensive collec- 
tion, especially in the curious and mathematical kinds. 
Such new works from the Continent he has picked up! 
and such rare old ones too!” Graves posed some puzzles 
to Hamilton, and either Graves or his books got Hamil- 
ton to thinking about regular polyhedra. When Hamil- 
ton returned to Dublin he thought about the symmetry 
group of the icosahedron, and used it to invent an alge- 
bra he called the “icosians” and also a game called the 
Icosian game. The only complete example of this game, 
inscribed to Graves, is now in the keeping of the Royal 
Irish Academy, of which Hamilton was the president 
from 1837 to 1847. (In early 1996, a second example of 
the Icosian game came to light but only included the 
board.) 

In some ways, Hamilton was too far ahead of his 
time. The operator now referred to as the Hamiltonian 
and the so-called Hamilton-Jacobi equation that relates 
waves and particles only became important when quan- 
tum mechanics came along, and Felix Klein introduced 
Wernher Schrödinger, the father of wave mechanics, to 
Hamilton’s work. 

Hamilton’s personal life was not always happy. He fell 
deeply in love with a woman named Catherine Disney, 
who was forced by her parents to marry a wealthy man 15 
years older than her. Hamilton remained hopelessly in 
love with her the rest of his life, though he eventually 
married someone else. He became an alcoholic, then 
foreswore drink, then relapsed. Many years after their 
early romance, Catherine began a secret correspondence 
with Hamilton. Her husband became suspicious, and she 


attempted suicide by taking laudanum. Five years later, 
she became seriously ill. Hamilton visited her and gave 
her a copy of his Lectures on Onaternions. They kissed at 
last, and she died two weeks later. He carried her picture 
with him ever afterward and talked about her to anyone 
who would listen.!'*” 


Hamilton circuit 
A Hamilton path that starts and ends at the same vertex. 
See also traveling salesman problem. 


Hamilton path 

Named after William Hamilton, a path that traverses 
every vertex of a connected graph once and only once. 
The problem of the knight's tour is equivalent to finding 
a Hamilton path (or, in the case of a reentrant tour, a 
Hamilton circuit) that corresponds to the legal moves of 
the knight. Compare with Euler path. 


Hankel matrix 
A matrix in which all the elements are the same along 
any diagonal that slopes from northeast to southwest. 


happy number 

If you iterate the process of summing the squares of the 
decimal digits of a number and if this process terminates 
in 1, then the original number is called a happy number. 
For example 7 — (7°) 49 > (44 + 9) 97 => (9° + 7°) 130 
> (1? + 3°) 10 > 1. See also amicable number. 


Hardy, Godfrey Harold (1877-1947) 

One of the most prominent English mathematicians of 
the twentieth century; his legendary collaboration with 
John Littlewood lasted 35 years and produced nearly 100 
papers. Hardy was a precocious child, whose tricks in- 
cluded factorizing hymn numbers during sermons. In 
1919, he became Savilian Professor of Geometry at 
Oxford but returned to Cambridge in 1931 as professor 
of pure mathematics. His work was mainly in analysis 
and number theory. 

Hardy had only one other passion in his life—the game 
of cricket. His daily routine would begin with reading The 
Times and studying the cricket scores over breakfast. Then 
he would do mathematical research from 9 o’clock till 1 
o’clock. After a light lunch, he would walk down to the 
university cricket ground to watch a game. In the late 
afternoon he would walk slowly back to his rooms at the 
college, and take dinner followed by a glass of wine. 
Hardy was known for his eccentricities. He couldn’t 
stand having his photo taken and only five snapshots of 
him are known to exist. He also hated mirrors and his 
first action on entering any hotel room was to cover any 
mirror with a towel. 
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Hardy's book A Mathematician’s Apology (1940)!*"! is 
one of the most vivid descriptions of how a mathemati- 
cian thinks and the pleasure of mathematics. But the 
book is more, as C. P. Snow writes: 


A Mathematician’s Apology is . . . a book of haunting 
sadness. Yes, it is witty and sharp with intellectual 
high spirits: yes, the crystalline clarity and candor are 
still there: yes, it is the testament of a creative artist. 
But it is also, in an understated stoical fashion, a pas- 
sionate lament for creative powers that used to be 
and that will never come again. I know nothing like 
it in the language: partly because most people with 
the literary gift to express such a lament don’t come 
to feel it: it is very rare for a writer to realise, with the 
finality of truth, that he is absolutely finished. 


See also Ramanujan. 


harmonic analysis 
The method of expressing periodic functions as sums of 
sines and cosines. 


harmonic division 
The division of a line segment by two points such that it 
is divided externally and internally in the same ratio. 


harmonic mean 
The harmonic mean of two numbers a and J is 2ab/ (a+ b). 


harmonic sequence 

The sequence: 1, 12, 1%, 1⁄4, 5 .... Added together, these 
become the terms of the harmonic series: 1 + 12 + 13 + 1⁄4 + 
1/5 +... . This series diverges (has no finite sum), though 
very slowly—a result first proved by the French philoso- 
pher and theologian, Nichole d’ Oresme (c. 1325-1382). 
In fact, it still diverges if you take away every other term, 
and even if you take away nine out of every ten terms. 
However, if you take the sum of reciprocals of all natural 
numbers that do not contain the number nine (when 
written in decimal expansion) the series converges! To 
show this, group the terms based on the number of digits 
in their denominator. There are eight terms in (⁄ +... + 
1/8), each of which is no larger than 1. Consider the next 
group (0 +... + 188). The number of terms is at most the 
number of ways to choose two ordered digits out of the 
digits 0... 8, and each such term is clearly no larger than 
l/10. So this group’s sum is no larger than 97/10. Similarly, 
the sum of the terms in (100 +...+ Y999) is at most 
9°/10’, etc. So the entire sum is no larger than 


9x1+9x (%0) +9 x (92/10) +...+9x (9/10) +... 


This is a geometric series that converges. Thus by the 
comparison test, the original sum (which is smaller term- 
by-term) must converge. 


Harshad number 

A number that is divisible by the sum of its own digits; 
also known as a Niven number. For example, 1,729 is a 
Harshad number because 1+ 7+ 2+ 9= 19 and 1,729 = 
19 x 91. A Harshad amicable pair is an amicable pair (m, n) 
such that both m and n are Harshad numbers (see amica- 
ble numbers). For example, 2,620 and 2,924 are a Har- 
shad amicable pair because 2,620 is divisible by 2 + 6 + 
2+ 0 = 10 and 2,924 is divisible by2+9+2+4=17 
(2,924/17 = 172). There are 192 Harshad amicable pairs 
in the first 5,000 amicable pairs. 


hat problem 

A team of three contestants, Alice, Bob, and Cedric, 
enter a room and a hat is placed on each one’s head so 
that he or she can’t see it. The color of each hat is based 
on a coin toss—blue (B) for heads, red (R) for tails. After 
all the contestants enter the room, they look at the colors 
of one anothers’ hats and, based on this information, 
they guess the color of their own hat. Each can guess red 
or blue, or, if she can’t make up her mind, she can pass. 
No communication is allowed during the competition, 
but the players are allowed to agree on a strategy before 
play begins. The team wins if at least one of them guesses 
correctly, and none of them guesses incorrectly. What is 
the team’s best strategy? At first sight, it may seem as if 
no effective strategy is possible beyond each contestant 
guessing his or her own hat color. In fact, this is the very 
worst approach since, to succeed, it requires that every- 
one guess correctly and the probability of this is only 
12 x 12 x 12 = 8. A far better plan is for the contestants to 
agree that two of them will pass while the third takes a 
stab at the color of his own hat. Then the odds improve 
to one in two. Beyond this it’s hard to see any way that 
the probability of success could be increased. Yet there is 
an even better strategy. The key is to realize that there are 
only two cases (RRR and BBB) where everyone’s hat is 
the same color but szx cases where two hats are the same 
color and the other hat is a different color (RRB, RBR, 
BRR, BBR, BRB, and RBB). This suggests the following 
strategy for members of the team: zf you see two hats of 
opposite colors, pass. If you see two hats of one color, guess that 
your hat is the other color. If everyone’s hat is the same 
color, all players on the team will guess wrong and the 
team will lose. But the chance of this happening is only 
1 (= 14). In every other possible case, the odd person out 
will guess correctly and their teammates will pass, so the 
team will win. This strategy wins % (= 3⁄4) of the time, and 
can’t be improved upon. Since half of each player’s 
guesses will be wrong, it’s impossible to do better than a 
strategy in which each player in turn guesses correctly 
alone three times out of four, and the fourth time all 
guess wrong. 
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What if there are more players in the team? Say the 
number of players is z. By the reasoning described previ- 
ously, it’s clear that the team can’t hope to win more than 
n/(n + 1) of the time. Yet it isn't obvious that it can do 
this well. Having more people, it seems, might make it 
harder for them to synchronize their wrong guesses. 
However, it turns out that, if the number of people in the 
team is one less than a power of 2, this best-possible value 
can be achieved. For example, with a team of 7, the team 
can win ’& of the time, and with a team of 15, they can 
win 16 of the time. The strategy involved is complicated 
but is closely linked to Hamming codes (see coding the- 
ory), which are a method of encoding and transmitting 
information so that even if a small number of errors 
occur during transmission, the original information can 
be entirely recovered. For teams of other sizes, such as 9, 
10, or 13, mathematicians have yet to find an optimal 
strategy or establish what proportion of the time the 
team can be expected to win. 


Hausdorff, Felix (1868-1942) 

A German mathematician who is considered to be one of 
the founders of modern topology and who also did sig- 
nificant work in set theory and functional analysis. 
Among several concepts named after him is the Haus- 
dorff dimension, which gives a way of assigning a frac- 
tional dimension to a curve or shape. Hausdorff also 
published philosophical and literary works under the 
pseudonym “Paul Mongré.” He studied at Leipzig and 
taught mathematics there until 1910, when he became 
professor of mathematics at Bonn. When the Nazis came 
to power, Hausdorff, a Jew, felt that as a respected uni- 
versity professor he would be safe from persecution. 
However, his abstract mathematics was denounced as 
useless and “un-German” and he lost his position in 
1935. He sent his daughter to Britain but stayed with his 
wife in Germany. In 1942, when he could no longer 
avoid being sent to a concentration camp, he committed 
suicide together with his wife and sister-in-law. 


Hausdorff dimension 

A way to accurately measure the dimension of compli- 
cated sets such as fractals. The Hausdorff dimension, 
named after Felix Hausdorff, coincides with the more 
familiar notion of dimension in the case of well-behaved 
sets. For example, a straight line or an ordinary curve, 
such as a circle, has a Hausdorff dimension of 1; any 
countable set has a Hausdorff dimension of 0; and an 
n-dimensional Euclidean space has a Hausdorff dimen- 
sion of n. But a Hausdorff dimension is not always a nat- 
ural number. Think about a line that twists in such a 
complicated way that it starts to fill up the plane. Its 
Hausdorff dimension increases beyond 1 and takes on 


values that get closer and closer to 2. The same idea of 
ascribing a fractional dimension applies to a plane that 
contorts more and more in the third dimension: its 
Hausdorff dimension gets closer and closer to 3. As a spe- 
cific example, the fractal known as the Sierpinski carpet 
has a Hausdorff dimension of just over 1.89. 


Heesch number 

The maximum number of times that a closed plane 
figure—a tile—can be completely surrounded by copies of 
itself. The Heesch number of a triangle, quadrilateral, reg- 
ular hexagon, or any other single shape that can com- 
pletely tile the plane (see tiling), is infinity. Heesch’s 
problem is to find the largest possible finite Heesch num- 
ber, or, more generally, what values other than zero and 
infinity can Heesch numbers take. In considering this 
problem, it’s helpful to define the Heesch number more 
precisely. In a tiling, the first corona of a tile is the set of all 
tiles that have a common boundary point with the tile, 
including the original tile itself. The second corona is the 
set of tiles that share a point with anything in the first 
corona; and so on. The Heesch number is the maximum 
value of coronas (k) that can surround a shape. For a long 
time the record holder for the largest finite value of k 
was a shape found by the American computer scientist 


Heesch number A tiling in which copies of the same shape 
are used out to the fourth surrounding layer, or corona. David 
Eppstein 
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Robert Ammann, which consists of a regular hexagon 
with small bumps on two sides and matching notches on 
three sides. This was thought to have a Heesch number of 
three; however, in 2000, Alex Day argued that the 
Ammann hexagon actually has a Heesch number of four, 
though it isn't clear whether the difference has to do with 
a definition of tiling. In any event, it has since been 
shown by Casey Mann, of the University of Arkansas 
that there exists an infinite family of tiles (consisting of 
indented and outdented pentahex) with Heesch number 
five (or six by Day’s reckoning)—the largest finite value 
currently known. Are there any polygons that have 
higher Heesch numbers? The answer is unknown but 
Mann thinks that more rounded polyominos than the 
long skinny ones he’s been using may have a better 
chance of giving unbounded Heesch numbers. 

The Heesch number question is connected to two 
other famous unsolved tiling problems: the domino 
problem and the Einstein problem. Aperiodic tiling 
seems to act as a barrier to the existence of tiling algo- 
rithms, so it isn’t expected that both of these problems 
have the same answer. On the other hand, if there’s a 
maximum finite Heesch number & then it seems that 
this could be used as the basis of an algorithm to test 
whether a shape tiles: simply attempt to fill out a tiling 
to the (k + 1)st corona; if successful, the shape must tile 
the plane, and if not, the shape will not tile. Similar 
questions can be asked about Heesch numbers for tilings 
in higher dimensions. 


Hein, Piet (1905-1996) 

An extraordinarily creative Danish mathematician, scien- 
tist, inventor, and poet who often wrote under the Old 
Norse pseudonym Kumbel, meaning “tombstone.” A 
direct descendant of the Dutch naval hero of the six- 
teenth century who had the same name, Piet Hein was 
born in Copenhagen and studied at the Institute for The- 
oretical Physics of the University of Copenhagen (later 
the Niels Bohr Institute), the Technical University of 
Denmark, and the Royal Swedish Academy of Fine Art. 
He was later awarded an honorary doctorate by Yale Uni- 
versity. A good friend of Albert Einstein, he is famed for 
his many mathematical games, including Hex, Tang- 
loids, Polytaire, TacTix, and the Soma cube. These 
games were featured in numerous columns of Martin 
Gardner’s “Mathematical Recreations” column in Scien- 
tific American and often achieved worldwide attention in 
this way. As an artist and constructor, Hein gave form, in 
the 1950s and 1960s, to elegant pieces of furniture that 
helped “Scandinavian design” attract international recog- 
nition. These pieces, including a dining-room table cre- 
ated in cooperation with the Swedish designer Bruno 
Mathsson, were based on the superellipse curve—a shape 


that Hein also brought to bear in applications as varied as 
city planning (it’s the basis for Sergel’s Square in the cen- 
ter of Stockholm) and toy making (see superegg). Hein 
was a prolific and excellent writer of light verse, produc- 
ing thousands of short, aphoristic poems known as 
Grooks. For him there was no unbridgeable gap between 
the subjectivity of fine art and the objective world of sci- 
ence. “Art,” he said, “is a solution to problems which can- 
not be formulated clearly before they have been solved.” 
His philosophy of life was summed up by his aphorism 
“co-existence or no existence.” 


helicoid 


The second oldest known minimal surface; it was dis- 
covered by Jean-Baptiste Meusnier in 1776, thirty years 
after the catenoid. It is the only minimal surface, apart 
from the simple plane, that is also a ruled surface. The 
helicoid is the surface swept out by a line that always 
intersects a fixed axis at right angles and that rotates uni- 
formly as its point of intersection moves uniformly along 
the axis. This line intersects any cylinder concentric with 
the axis in a helix. The helicoid has a wide variety of 
shapes and is a familiar sight in everyday life, taking the 
form of many things from spiraling parking ramps to 
screw threads. 


helix 

A curve in three dimensions, the tangent to which makes 
a constant angle with a fixed line. A circular helix is 
formed by winding a line around a cylinder so the radius 
is always the same. A conical helix is formed by winding a 
line around a cone, so that, consequently, its radius con- 
stantly changes. Springs often take the form of various 
kinds of helices. In nature, the DNA molecule is in the 
shape of a double helix. 


helicoid Richard Palais 
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Henon, Michele 

An astronomer at the Nice Observatory in southern 
France. For a number of years, particularly during the 
1960s, he studied the dynamics of stars moving within 
galaxies, using computers as a way to understand the 
stability of their motions. His work was very much in 
the spirit of Henri Poincaré’s approach to the classical 
three-body problem: What important geometric struc- 
tures govern their behavior? The main property of these 
systems is that the energy of their motion is constant to a 
very good approximation. Consequently, their chaotic 
dynamics are not described by simple attractors, but 
by objects that are markedly more difficult to analyze 
and visualize, existing on energy “surfaces” in three and 
higher dimensions. During the 1970s, Henon discovered 
a very simple iterated mapping that showed a chaotic 
attractor, now called Henon’s attractor, that allowed him 
to make a direct connection between deterministic data 
and fractals. The Henon attractor is self-similar (see self- 
similarity): if you zoom in on the attractor in its state 
space you find more and more layers, much like filo 
dough or a croissant. 


Henstock integration 
See integration. 


heptagon 
A polygon with 7 sides. 


Hermann grid illusion 

An illusion first described by the German physiologist 
Ludimar Hermann (1838-1914) in 1870. While reading a 
book on sound by the Irish physicist John Tyndall, Her- 
mann saw gray spots in the intersections of spaces among 
the figures that Tyndall had arranged in a matrix. Despite 
the fact that the same intensity of light is reflected all the 
way along the white spaces in the Hermann Grid, the 
intersections appear gray. To explain this, consider two 
regions of the retina. One region views an intersection of 
a white horizontal and vertical band, while the other 
views a white band between two intersections (the region 
going away from the intersection). Although the two 
regions themselves receive the same amount of light, the 
situation in their neighboring regions is different. At 
the intersection, light comes in from all four sides, but 
the white band that lies between the two intersections is 
surrounded by two dark sides. This leads to an effect 
called lateral inhibition, which causes a bright surround to 
an area appear darker and, conversely, a dark surround to 
an area appear lighter. A similar but more powerful illu- 
sion, known as the Lingelbach illusion or the Scintillating 
grid illusion, was discovered in 1994 by Elke Lingelbach, 
the wife of a German mathematics professor, and has not 


Hermann grid illusion The original illusion, in which the 
viewer sees gray spots at the intersections. 


Hermann grid illusion The more striking and recently dis- 
covered “scintillating” version of the illusion. 
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yet been fully explained.“ Curiously, the effect of the 
scintillation is lessened by tilting the head through 45°! 


Hermite, Charles (1822-1901) 

A French mathematician whose work in the theory of 
functions includes the application of elliptic functions 
to provide the first solution to the general equation of 
the fifth degree, the quintic equation. He also showed 
that e is a transcendental number, studied a class of dif- 
ferential equations now known as Hermite polynomials, 
which later proved to be of importance in some applica- 
tions of quantum mechanics, and discovered the proper- 
ties of Hermitian matrices. 


Heron of Alexandria (c. A.D. 60) 

Also called Hero, a Greek geometer and inventor whose 
writings have helped preserve a knowledge of the mathe- 
matics and engineering of Babylonia, ancient Egypt, and 
the Greco-Roman world. His most important geometric 
work, Metrica, was lost until a fragment was discovered in 
1894, followed by a complete copy in 1896. It is a com- 
pendium, in three books, of geometric rules and formu- 
las, the best known of which is Proposition 1.8, now 
known as Heron’s formula. He invented many devices 
operated by water, steam, or compressed air, including a 
fountain, a fire engine, siphons, and an engine in which 
the recoil of steam revolves a ball or a wheel. 


Heron's formula 

An important formula in plane geometry that allows the 
area of any triangle to be calculated without knowing the 
altitude (perpendicular height) of any of its sides. Let a, J, 
and c be the side lengths of a triangle and A its area. 
Heron’s formula states that 


A’ = s(s— a)(s— b)(s — 0), 


where s = (a + b + c)/2. The origin of this formula is his- 
torically obscure. A medieval Arab source, for example, 
ascribes 1t to Archimedes. However, the first definite ref- 
erence we have to it is by Heron of Alexandria. His 
proof is extremely convoluted, and it seems clear that it 
must have been determined by an entirely different 
thought process, and then dressed up in the usual syn- 
thetic form that the classical Greeks preferred for their 
presentations. Heron’s formula contains Pythagoras’s 
theorem as a degenerate case. A Heronian triangle is one 
with integer sides and integer area. 


Herring illusion 

A distortion illusion first published in 1861 by the Ger- 
man psychologist Ewald Herring (1834-1918), and now 
named after him. As in the case of the Zóllner illusion 
and others, it shows how geometrical relationships can 


AOS 


Herring illusion 


seem to be distorted by their background (a lined back- 
ground can make circles, squares, and triangles seem 
distorted, too). The straight horizontal lines in the illu- 
sion appear to bow out in the center. This can be 
explained if the brain interprets the radiating lines in 
terms of depth, making the central spot in the Herring 
diagram, and thus also the heavy black lines near the 
center of the diagram, appear to be farther away than 
the edges. Because the heavy black lines are the same 
thickness at the center as at the edges but are assumed to 
be farther away, the brain thinks they must be more 
widely spaced at the center. 


heuristic argument 
An educated guess: something that helps in finding the 
solution to a problem but is otherwise unjustified or inca- 
pable of justification. 


Hex 

A board game played by two players on a hexagonal grid, 
usually in the shape of an 11 x 11 rhombus. It was 
invented by Piet Hein in 1942 and independently by John 
Nash in 1948. Hein said that the game occurred to him 
while contemplating the four-color problem and it soon 
became popular in Denmark under the name Polygon. 
Nash's version was played by math students at Princeton 
and a number of other American campuses. Players use 
differently colored pieces—say, red and blue. They take 
alternate turns placing a piece of their color inside a hexa- 
gon, filling in that hexagon with their color. Red’s goal is 
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Hex A position in a game of Hex. 


to form a red path connecting the top and bottom sides of 
the parallelogram; Blue’s goal is to form a path connect- 
ing the left and right sides. The game can never end in a 
tie, a fact found by Nash. The only way to prevent your 
opponent from forming a connecting path is to form a 
path yourself. When the sides of the grid are equal, the 
game favors the first player and the first player has a win- 
ning strategy. There are two ways to make the game fairer. 
One is to make the second player’s sides closer together, 
playing on a parallelogram rather than a rhombus; how- 
ever, this has been proven to result in a win for the second 
player, so it theoretically doesn’t improve matters. A bet- 
ter way is to allow the second player to choose his color 
after the first player makes the first move or to make the 
first three moves, which encourages the first player to 
intentionally even out the game. 


hexa- 

The Greek prefix meaning “six.” A hexagon is a six-sided 
polygon. A hexahedron is a six-sided polyhedron, other- 
wise known as a cube if it is regular. Hexadecimal is the 
number system with base 16 (i.e., six more than the dec- 
imal system) and is used mostly in computing (because 


four binary digits can represent 16 different numbers). 
Hexagonal numbers are figurate numbers (numbers that 
can be represented by a regular geometric arrangement 
of equally spaced points) of the form 2(2z — 1); the first 


few are 1, 6, 15, 28, 45,.... For hexaflexagon see 
flexagon. For hexomino see polyomino. See also Giant’s 
Causeway. 


higher dimensions 

Dimensions beyond the familiar three spatial dimensions 
(up-down, left-right, back-forth) of which we are aware in 
every-day life. Intense speculation, both scientific and fic- 
tional, has naturally been directed toward the possibility of 
a fourth dimension. One way to think of points in four- 
dimensional space is as ordered sets of four numbers. 
Clearly, this algebraic representation can be extended to 
many arbitrary dimensions: n-dimensional space is defined 
as the set of the set of points (4, @,..., 4,) where a; to a, 
can take any real number value. There has been much 
conjecture that the universe in which we live contains 
many more than three spatial dimensions. This specula- 
tion began with the Kaluza-Klein theory but is now 


firmly embedded in modern string theory.” 3 
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Hilbert, David (1862-1943) 


One can measure the importance of a scientific work 
by the number of earlier publications rendered super- 
fluous by it. 


A great German mathematician who was one of the colossi 
in the field in the twentieth century. His most important 
discovery was of what is now called Hilbert space. He was 
also a master of mathematical organization. During the 
early phase of his career, Hilbert reorganized number the- 
ory, crystallizing his conclusions in the classic book Der 
Zahlbericht (The theory of algebraic number fields, 1897). 
He then moved into geometry and performed a similar ser- 
vice by setting forth the first rigorous set of geometrical 
axioms in his Grundlagen der Geometrie (Foundations of 
geometry, 1899). He invented a simple space-filling curve 
now known as the Hilbert curve and also proved Waring’s 
conjecture. At the Paris International Congress of 1900, 
Hilbert proposed 23 outstanding problems in mathemat- 
ics to whose solutions he believed twentieth-century math- 
ematicians should devote themselves. These problems 
have come to be known as Hilbert’s problems, and a number 
still remain unsolved today. Hilbert’s mathematical phi- 
losophy is partly re-vealed by a couple of remarks, one of 
which he made after learning that a student in his class had 
dropped the subject in order to become a poet. “Good,” 
he said. “He did not have enough imagination to become 
a mathematician.” Whether he really believed the second 
is open to question: “Mathematics is a game played 
according to certain simple rules with meaningless marks 
on paper.” 


Hilbert space 

A space of infinite dimensions, named after David Hil- 
bert, in which distance is preserved by making the sum of 
squares of coordinates a convergent sequence; it is of cru- 
cial importance in the mathematical formulation of 
quantum mechanics. See also Fredholm, Erik Ivar. 


Hinton, Charles Howard (1853-1907) 

An English-born mathematician best known for his writ- 
ings and inventions aimed at helping to visualize the 
fourth dimension; he may also have coined the name 
tesseract for the four-dimensional analogue of a cube. Hin- 
ton matriculated at Oxford and continued to study there, 
earning a B.A. (1877) and an M.A. (1886), while he also 
taught, first at Cheltenham Ladies’ School and then, from 
1880 to 1886, at Uppingham School. At this time, another 
teacher at Uppingham was Howard Candler, who was a 
friend of Edwin Abbott and thus provides a possible link 
between these two explorers of other dimensions. In the 
early 1880s, Hinton published a series of pamphlets start- 


ing with “What Is the Fourth Dimension?” and “A Plane 
World” (a contemporary of Abbott’s Flatland: A Romance 
of Many Dimensions), which were reprinted in the two- 
volume Scientific Romances (1884). Hinton’s descriptions 
owed much to the mathematical models of William Clif- 
ford, whose theories about four-dimensional spaces were 
then in vogue. But Hinton went much further in his 
attempts to break free of three-dimensional thought. He 
devised an elaborate set of small colored cubes to represent 
the various cross sections of a tesseract and then memo- 
rized the cubes and their many possible orientations in 
order to gain a window on the fourth dimension. 

At the time he was teaching in England, Hinton mar- 
ried Mary Everest Boole, the eldest daughter of George 
Boole, the founder of mathematical logic. Regrettably, 
he also married a Maud Wheldon and was tried at the 
Old Bailey in London for bigamy. After serving a day in 
prison for the offence, he fled with his (first) family to 
Japan, where he taught for some years, before taking up a 
post at Princeton University. There, in 1897, he designed 
a species of baseball gun which, with the help of gun- 
powder charges, would shoot out balls at speeds of 40 to 
70 miles per hour. It was used by the Princeton team for 
several seasons before being abandoned by the players in 
fear of their lives. 

After a brief spell at the University of Minnesota, Hin- 
ton joined the Naval Observatory in Washington, D.C. 
At the same time, he more rigorously developed his 
ideas on the fourth dimension and presented his results 
before the Washington Philosophical Society in 1902. 
Hinton asked: What would prove the existence of a real 
fourth spatial dimension? He offered three possibilities, 
two of which involved a specific molecular structure and 
a particular case of electrical induction, and have since 
been explained by science in more mundane ways. How- 
ever, Hinton’s other case, pertaining to right- and left- 
handedness remains open because there are instances of 
right- and left-handedness in nature, such as the spin of 
elementary particles, to which his example could be 
applied. In any event, Hinton’s final assessment that we 
can only regard a four-dimensional space as possible if 
three-dimensional mechanics fails to explain known 
physical phenomena still rings true today. See 
also Boole (Stott), Alicia. 


Hippias of Elis (c. 5th century B.c.) 

An itinerant Greek philosopher who contributed signifi- 
cantly to mathematics by discovering the quadratrix, a 
special curve he may have used to trisect an angle (see 
quadratrix of Hippias). Hippias is one of the first mathe- 
maticians about whom a good deal is known. He came 
from a state in the northwest corner of Peloponnesia that 
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was the home of the Olympic games. According to Plato, 
Hippias boasted, during one of his visits to the Olympics, 
that everything he wore—his clothing, sandals, ring, and 
oil flask—he’d made himself. Later, in Athens, Hippias 
became one of the first to teach for money, a practice for- 
bidden by the Pythagoreans and scorned by Plato. He and 
other paid teachers became known as “sophists,” which 
was a derogatory term at the time but has since come to 
mean “wise man.” 


hippopede 


A quartic curve described by the equation 
(x? +y F + 4b(b— a(x? + y? — 4b%x*=0, 


where a and J are positive constants. Hippopede means 
“foot of a horse.” It is often known as the hppopede of Pro- 
clus, after Proclus who was the first to study it (together 
with Eudoxus, who used itin his theory of how the planets 
move), and also the horse fetter and the curve of Booth because 
of work done on it by J. Booth (1810-1878). Any hip- 
popede is the intersection of a torus (donut) with one of its 
tangent planes—that is, a plane parallel to its axis of rota- 
tional symmetry. The curve takes any of a variety of forms 
depending on where the donut is sliced. It may be a simple 
oval; an indented oval or elliptical lemniscate of Booth (0 < b< 
a); two isolated circles; a figure-eight curve or lemniscate 
of Bernoulli (the only hippopede that is also a Cassinian 
oval); or a hyperbolic lemniscate of Booth (0 < a< b). 


Hi-Q 


See peg solitaire. 


Hnefa-Tafl 

The Viking equivalent of chess and a particular form of a 
Tafl game. It effectively models the kind of internal con- 
flict familiar to the Vikings and recounted in Njal’s Saga, 
the best known of the Icelandic sagas. The king or chief- 
tain sits in his hall, surrounded by his thanes. His enemies 
gather in secret, and in numbers sufficient to overwhelm 
the king’s standing forces in a lightning raid. They gather 
around the king’s hall and set it alight, forcing the defend- 
ers to fight in the open or burn in the hall. If the king can, 
by some desperate stratagem, break free and escape the 
trap, he can rally his people and strike back at his enemies. 
If not, he dies. Hnefa-Tafl reflects this mode of contest. 
The board has 19 x 19 grid lines (though sometimes has 
as few as 7 x 7 grid lines), and the pieces are placed at the 
points of the intersections (curiously analogous to the ori- 
ental game of Go, which also uses 19 x 19 lines and where 
play occurs at the intersections). The opposing forces are 
unequal in size, and have different objectives: the attack- 
ers attempt to trap the king in his hall, while the defend- 
ers try to open an escape route for him. 


Hoffmann, Louis “Professor” (1839-1919) 

The pseudonym of Angelo John Lewis, an English barris- 
ter who was the leading writer on magic, cards, and “par- 
lor amusements” at the turn of the twentieth century. His 
Puzzles Old and New'”" (1893) is a major source of infor- 
mation about mathematical recreations. 


Hofstadter, Douglas R. (1945-) 

A physicist and philosopher best known for his 1980 
Pulitzer Prize-winning book Gédel, Escher, Bach: An Eternal 
Golden Braid."”! He is currently a professor of cognitive 
science and computer science at Indiana University, Bloom- 
ington, and has particular interests in themes of the mind, 
consciousness, self-reference, translation, and mathemati- 
cal games. He is the son of the Nobel Prize-winning physi- 
cist Robert Hofstadter. 


Hofstadter's law 
It always takes longer than you think, even when you take 
Hofstadter’s law into account. 


Hogben, Lancelot Thomas (1895-1975) 

An English zoologist and geneticist famed for his best- 
selling Mathematics for the Million (1933)"”! of which 
Albert Einstein said, “It makes alive the contents of the 
elements of mathematics” and H. G. Wells said, “A great 
book, a book of first class importance.” Hogben was born 
in Southsea, Hampshire, and studied at Cambridge and 
London. Imprisoned in 1916 as a conscientious objector 
during World War I, he was released only when his health 
went into serious decline. He held various academic 
posts in Britain, Canada, and South Africa, becoming 
professor of social biology at London University in 1930. 
During World War II he was put in charge of the medical 
statistics records for the British Army. After the war he 
became professor of medical statistics at the University of 
Birmingham, where he remained until his retirement in 
1961. Hogben first began to apply mathematical princi- 
ples to the study of genetics in the 1930s, focusing on the 
study of generations of the fruit fly Drosophila and how it 
related to research on heredity in humans. In addition to 
Mathematics for the Million, he authored half a dozen 
other books, including the popular Science for the Citizen. 
Though trained as a scientist, Hogben was passionately 
interested in linguistics. In The Loom of Language, which 
he edited, he set out the principles of his own invented 
language, “Interglossa,” based on Greek and Latin roots 
but with a syntax resembling that of Chinese. 


hole 

A topological structure (see topology) that prevents any 
object in which it occurs from being continuously shrunk 
to a point. A sphere has no holes; a torus and a teacup 
each have one hole. See also genus. 


A square number is a natural number multiplied by itself. It is 


sometimes called a perfect square cece 
or simply a square, and can be oe 7 
shown as a square of dots. The first , 3 es aa 
four square numbers are 1x1=1, 4 9 16 
2x2=4,3x3=9and4x4=16 Figure 1.1 
(Figure 1.1). 
To get a square number you multiply a whole number by itself. 
So the fifth square number is 5 x 5 = 25. 
A triangle number can be ° 
illustrated as a triangle of dots 6 = 
(Figure 1.2). The first fourtriangle , a ae 
numbers are 1, 3, 6 and 10. 1 

ULA TS SF 
Each triangle number is obtained +2 +3 +4 
from the previous one by adding Figure 1.2 
one more row of dots down the 
diagonal. The fifth triangle number is found by adding 5 to the 
fourth triangle number, so the fifth triangle number is 15. 
A rectangle number can be shown as a c...... qe 
rectangle of dots. A single dot or a line SA soea 
of dots is not regarded as a rectangle. k i 
Figure 1.3 shows the rectangle number 12 Figure 1.3 


illustrated in two ways. 


A cube number can be shown as a cube of dots (Figure 1.4). 
The first three cube numbers are 1, 
8 and 27 which can be written 


1=1x1x1,8=2x2x2äñd AS 
27=3x3x3.Togetacubenumber , ee 

you multiply a whole number by 1 8 

itself, and then by itself again. Figure 1.4 
So the fourth cube number is 

4x4x4=64. 


1. Number 
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hole-in-a-postcard problem Photocopy the diagram, cut 
along the lines, and step through the postcard! 


hole-in-a-postcard problem 

With a pair of scissors, make cuts in a regular-sized post- 
card to create a hole large enough for a person to step 
through it. The solution is shown in the diagram. The 
number of lines determines the size of the resulting aper- 
ture. With enough cuts you could literally drive a horse 
and cart through the card! 


hole-through-a-sphere problem 

A number of geometry puzzles hinge on a surprising 
fact about spheres that have had holes bored through 
them. Imagine you have a round bead that is 1 inch 
(about 2.5 cm) in diameter and that you drill a hole 
exactly through the middle of this so that the remaining 
part of the sphere is only half an inch thick. Now imagine 
that an enormously large drill has been used to bore a 
hole though Earth so large that the part of Earth that is 
left behind is only half an inch thick. Amazingly, the 
residual volumes of these two holey spheres, the drilled 
bead and the drilled Earth, are exactly the same! It just 
happens that even though Earth is vastly larger than the 
bead, the drill has to take out proportionately more in 
order to make the thickness of the hole the same, so that 
the volume left doesn’t depend separately on the initial 
size of the sphere or of the hole, but only on their rela- 
tion, which is forced by requiring the hole to be half an 
inch long. This fact enables the following poem-problem 
to have a solution even though its seems as if not enough 
information has been provided: 


Old Boniface he took his cheer, 

Then he bored a hole through a solid sphere, 
Clear through the center, straight and strong, 
And the hole was just six inches long. 

Now tell me, when the end was gained, 
What volume in the sphere remained? 


Sounds like I haven’t told enough, 
But I have, and the answer isn’t tough. 


Having already learned the secret that the volume that 
remains of a drilled sphere doesn’t depend on the initial 
size of the sphere, we can cheat and give a kind of meta- 
argument that is much shorter than the geometric proof. 
The volume left behind of any sphere with a 6-inch-long 
hole through it must be the same as the volume left 
behind of a 6-inch-diameter sphere with a hole of 0 diam- 
eter drilled through it. This is equal to 44(6°), or approx- 
imately 905 cubic inches. 


hole-through-the-earth problem 


I wonder if I shall fall right through the earth! 
—Alice in Alice in Wonderland 


Imagine there is a hole going from one point on Earth’s 
surface, all the way through the center of Earth, to the 
exact opposite (antipodal) point on the other side. What 
would happen if you dropped something into this hole? 
The Greek historian Plutarch considered the problem 
some 2,000 years ago. In 1624, van Etten argued that a 
millstone dropped down such a hole at 1 mile per minute 
would take more than 21⁄2 days to reach the center, where 
“it would hang in the air.” The first correct answer was 
given by Galileo is his Dialogue Concerning the Two Chief 
World Systems (1632). Galileo realized a dropped object 
would accelerate until it reached the center of Earth, travel 
through to the other side, then oscillate back and forth. 


holism 

The idea that the whole is greater than the sum of the 
parts. Holism is credible on the basis of emergence alone, 
since reductionism and bottom-up descriptions of nature 
often fail to predict complex higher-level patterns. 


homeomorphic 

In topology, two objects are said to be homeomorphic if 
they can be smoothly deformed into each other. See also 
homeomorphism. 


homeomorphism 
A one-to-one continuous transformation that preserves 
open and closed sets. 


homology 

A way of attaching Abelian groups, or more elaborate 
algebraic objects, to a topological space so as to obtain 
algebraic invariants. In a sense, it detects the presence of 
“holes” of various dimensions in the space. The methods 
developed to handle this led to what is now called homo- 
logical algebra, a subject in which homological invariants 
are calculated for many purely algebraic structures. 
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homomorphism 
A function that preserves the operators associated with 
the specified structure. 


homotopy 

A continuous transformation from one path in a topo- 
logical space to another, or more generally, of one func- 
tion to another (see continuity). Paths connected by a 
homotopy are called homotopic and are said to be in the 
same homotopy class. Properties left unchanged by such 
homotopies are known as homotopy invariants. Homotopy 
classes of paths can be composed to form the fundamen- 
tal group, or first homotopy group. Other maps can be used 
to form higher homotopy groups. 


Hordern, L. Edward (d. 2000) 
An English puzzlist and leading authority and writer on 
sliding-piece puzzles.!'” 


hundred 

The smallest three-digit number in the decimal system 
and the smallest square of a two-digit number (10). A 
hundred today means 100 but, over the years and in dif- 
ferent places, it has stood for different values including 
112, 120, 124, and 132. The remnants of these old mea- 
sures still persist in the hundredweight of some countries 
representing 112 or 120 pounds. A hundred is also a mea- 
sure of land area, frequently used in colonial America 
and in England to signify a division of a county or a shire 
having its own court. A strange custom is invoked if a 
member of the English Parliament’s lower house, the 
House of Commons, wishes to resign his seat (something 
that is technically illegal). That member accepts steward- 
ship of the “Chiltern Hundreds,” an area of chalk hills 
near Oxford and Buckingham, which effects his release 
from Parliament. The “Hundred Years’ War” between the 
English and the French actually lasted 116 years. 


hundred fowls problem 

A Chinese puzzle found in the sixth-century work of the 
mathematician Zhang Qiujian. Similar problems involv- 
ing two constraints and three unknowns are found in 
early European and Arabic mathematics from about the 
eighth century A.D. on. 


PUZZLE 

If a rooster is worth five coins, a hen three coins, and 
three chicks together are worth one coin, how many 
roosters, hens, and chicks totaling 100 can be bought 
for 100 coins? It turns out that there are three different 
solutions. These can be found the long way, by trial 
and error, or by using algebra. Call the number of 
roosters R, the number of hens H, and the number of 


chicks C. The problem gives two constraints. First, the 
total number of fowl must be 100, so R +H + C= 100. 
Second, the total cost of the fowl must be 100. The 
cost of roosters is 5R, the cost of hens is 3H, and the 
cost of chicks is (15)C, so 5R + 3H + ('4)C = 100. These 
two equations can be used to get rid of one of the 
unknowns; then it's a question of guess and check. 
Solutions begin on page 369. 


Hunter, James Alston Hope 

An American mathematician and puzzlist who has writ- 
ten numerous articles and several books on recreational 
mathematics (two in partnership with Joseph Madachy), 
and was the author of a syndicated puzzle column read 
throughout the United States and Canada. In 1955, he 
coined the name “alphametic” and is probably the most 
prolific producer of cryptarithms. 


Huygens, Christiaan (1629-1695) 

A Dutch scientist and mathematician who solved the tau- 
tochrone problem, proposed a new wave theory of light, 
designed a new pendulum clock, discovered Saturn’s 
largest moon (Titan), and sketched the first feature on the 
surface of another planet (Syrtis Major on Mars). In his 
final years Huygens composed one of the earliest discus- 
sions of extraterrestrial life, published after his death as 
the Cosmotheoros (1698). 


Hypatia of Alexandria (c. A.D. 370-417) 

The first woman known to have made a significant con- 
tribution to mathematics. Although there is no evidence 
that Hypatia did any original research, she assisted her 
father, Theon of Alexandria, in writing his 11-part com- 
mentary on Ptolemy's great work on astronomy and 
mathematics, the Almagest. It’s thought that she also 
helped in producing a new version of Euclid’s Elements, 
which formed the basis for all later editions of Euclid. 
Hypatia became head of the Platonist school at Alexan- 
dria in about A.D. 400 and, as a pagan, represented a men- 
ace to some Christian sects who felt threatened by her 
learning and depth of scientific knowledge. In the end, 
although the exact circumstances are unclear, she was 
murdered by a mob. The event served as a trigger for the 
departure of many scholars and the beginning of the 
decline of Alexandria as a major academic center. 


hyperbola 

One of the conic section family of curves, which also 
includes the circle, the ellipse, and the parabola; it is 
obtained if a double cone is cut by a plane inclined to the 
axis of the cone such that it meets both branches of the 
cone. Of the four conic curves, the hyperbola is the one 
least encountered in everyday life. A rare chance to see 
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the complete shape is when a lamp with a cylindrical or 
conical shade throws shadows on a nearby wall. Part of a 
hyperbola is produced by the liquid that climbs by capil- 
lary action between two microscope slides held vertically 
and almost touching. 

A hyperbola is the path followed by a smaller object 
that is traveling fast enough to escape completely from 
the gravitational pull of a larger object. Some comets, for 
example, have hyperbolic or “open” orbits so that, after 
one swing around the Sun, they head off into interstellar 
space never to return. It can be difficult to tell, in some 
cases, whether a comet’s orbit is hyperbolic or is highly 
elliptical and, therefore, closed. In fact, one way to think 
of a hyperbola is as a kind of ellipse that is split in half by 
infinity. Not surprisingly, the hyperbola and the ellipse 
share many inverse relationships. For example, whereas 
the eclipse is the locus of all points whose distances from 
two fixed points, called foc, have a constant sum, the 
hyperbola is the locus of all points whose distances, 7, and 
n, from two fixed points, F, and F,, is a constant differ- 
ence, 1, — 7, =k. If a is the distance from the origin to 
either of the x intercepts of the hyperbola, then k = 2a. 
Also, let the distance between the foci, F, — F, = 2c. Then 
the eccentricity, a measure of the flatness of the hyperbola, 
is given by e = c/a. For all hyperbolas, e > 1; the larger the 
value of e, the more the hyperbola resembles two parallel 
lines. Just as the circle (for which e = 0) is the limiting case 
of the ellipse (for which 0 < e < 1), so the parabola (e = 1) 
is the limiting case of both the ellipse and the hyperbola. 

A hyperbola has two asymptotes: the never-quite- 
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attainable limits of the curve’s branches as they run away 
to infinity. The transverse axis of the hyperbola is the line 
on which both foci lie and that also intersects both ver- 
tices (turning points); the conjugate axis goes through the 
center and is perpendicular to the transverse axis. 

A rectangular hyperbola has an eccentricity of V2; 
asymptotes that are mutually perpendicular, and the 
property that when stretched along one or both of its 
asymptotes remains unchanged. This special case of the 
hyperbola was first studied by Menaechmus. Euclid and 
Aristaeus wrote about the general hyperbola but only 
studied one branch of it, while Apollonius was the first 
to study the two branches of the curve of the hyperbola 
and is generally thought to have given it its present name. 

The pedal curve of a hyperbola with one focus as the 
pedal point is a circle. The pedal of a rectangular hyper- 
bola with its center as pedal point is a lemniscate of 
Bernoulli. The evolute of a hyperbola is a Lamé curve. If 
the center of a rectangular hyperbola is taken as the center 
of inversion, the rectangular hyperbola inverts to a lem- 
niscate. If the vertex is used as the center of inversion, the 
rectangular hyperbola inverts to a right strophoid. If the 
focus of a hyperbola is taken as the center of inversion, 
the hyperbola inverts to a limaçon (see limaçon of Pas- 
cal). In this last case if the asymptotes of the hyperbola 
make an angle of 7/3 with the axis that cuts the hyper- 
bola, then it inverts to the Maclaurin trisectrix. See also 
hyperboloid. 


hyperbolic geometry 

One of the two main types of non-Euclidean geometry 
and the first to be discovered. It is concerned with saddle- 
surfaces, which have negative curvature and on which 
the geodesics are hyperbolas. In hyperbolic geometry, 
contrary to the parallel postulate, there exists a line m 
and a point p not on m such that at least two distinct lines 
parallel to m pass through p. As a result, the sum of the 
angles of a triangle is less than 180° and, for a right trian- 
gle, the square of the hypotenuse is greater than the sum 
of the squares of the other two sides. See also elliptical 
geometry. 


hyperbolic spiral 


The curve whose equation in polar coordinates is 78 = a. 


hyperboloid 

A quadratic surface of which there are two basic forms: a 
hyperboloid of one sheet, generated by spinning a hyperbola 
around its conjugate axis, and a hyperboloid of two sheets 
produced by rotating a hyperbola about its transverse 
axis. The hyperboloid of one sheet, first described by 
Archimedes, has some particularly remarkable proper- 
ties. In 1669 Christopher Wren, the architect who de- 
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hyperboloid The McDonnell Planetarium in St. Louis is an 
example of a hyperboloid. Courtesy of the St Louis Science Center 


signed St. Paul's Cathedral in London, showed that this 
kind if hyperboloid is what mathematicians now call a 
ruled surface—a surface composed of infinitely many 
straight lines. This fact enables a close approximation to 
a hyperboloid to be made in the form of a string model. 
Two circular disks, of the same size, are held parallel, one 
exactly above the other, by a framework. Strings are then 
run through holes near the circumference of one circle to 
corresponding holes in the other circle that are a fixed 
distance farther around the circumference. Each string is 
perfectly straight but the surface that emerges takes the 
curved form of a hyperboloid. For the same reason, a 
cube spun rapidly on one of its corners will appear to 
describe a hyperbolic curve when viewed side-on. 

Prominent examples of hyperboloids can be seen in 
the form of cooling towers at power stations and, most 
strikingly, in the shape of the McDonnell Planetarium in 
St. Louis, Missouri. The designer of this building, Gyo 
Obata, chose the design because the hyperbolic paths of 
some comets suggest “the drama and excitement of space 
exploration.” 


hypercube 
A higher dimensional analog of a cube. A four- 
dimensional hypercube is known as a tesseract. 


hyperellipse 


See superellipse. 


hyperfactorial 
A number such as 108, which is equal to 3° x 2? x 1'. In 
general, the nth hyperfactorial H(z) is given by 


H(n) = n" (an= 171...353 2 1. 


The first eight hyperfactorials are 1, 4, 108, 27,648, 
86,400,000, 4,03 1,078,400,000, 3,319,766,398,771,200,000, 
and 55,696,437,941,726,556,979,200,000. See also large 
numbers and superfactorials. 


hypergeometric function 
The sum of the hypergeometric series: 
ab ala + 1)b(b + 1) 


F(a; b;cx)=1+-—x+ 
(45 Bs Gx) ie VO EE Y 
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Many common functions can be written as hypergeo- 
metric functions. 


hyperreal number 
Any of a colossal set of numbers, also known as nonstan- 
dard reals, that includes not only all the real numbers but 
also certain classes of infinitely large (see infinity) and 
infinitesimal numbers as well. Hyperreals emerged in the 
1960s from the work of Abraham Robinson who showed 
how infinitely large and infinitesimal numbers can be rig- 
orously defined and developed in what is called nonstan- 
dard analysis. Because hyperreals represent an extension 
of the real numbers, R, they are usually denoted by *R. 
Hyperreals include all the reals (in the technical sense 
that they form an ordered field containing the reals as a 
subfield) and they also contain infinitely many other 
numbers that are either infinitely large (numbers whose 
absolute value is greater than any positive real number) 
or infinitely small (numbers whose absolute value is less 
than any positive real number). No infinitely large num- 
ber exists in the real number system and the only real 
infinitesimal is zero. But in the hyperreal system, it turns 
out that each real number is surrounded by a cloud of 
hyperreals that are infinitely close to it; the cloud around 
zero consists of the infinitesimals themselves. Con- 
versely, every (finite) hyperreal number x is infinitely 
close to exactly one real number, which is called its stan- 
dard part, st(x). In other words, there exists one and only 
one real number st(x) such that x — st(x) is infinitesimal. 


hypersphere 

A four-dimensional analog of a sphere; also known as a 
4-sphere. Just as the shadow cast by a sphere is a circle, the 
shadow cast by a hypersphere is a sphere, and just as the 
intersection of a sphere with a plane is a circle, the inter- 
section of a hypersphere with a hyperplane is a sphere. 
These analogies are reflected in the underlying mathe- 
matics. 


x’ + y? = r° is the Cartesian equation of a circle of 
radius 7; 

x’ + y? + z’ = r is the corresponding equation of a 
sphere; 
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hyperboloid A hyperboloidal sculpture at the Fermi National Accelerator Laboratory. FNAL 
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x’ +y’ +z’ +w =r’ is the equation of a hypersphere, 
where w is measured along a fourth dimension at 
right angles to the x-, y-, and z-axes. 


The hypersphere has a hypervolume (analogous to the vol- 
ume of a sphere) of m’r*/2, and a surface volume (analo- 
gous to the sphere’s surface area) of 2717”. A solid angle 
of a hypersphere is measured in hypersteradians, of which 
the hypersphere contains a total of 21”. The apparent 
pattern of 2m radians in a circle and 4r steradians in a 
sphere does not continue with 8x hypersteradians be- 
cause the n-volume, n-area, and number of n-radians of an 
n-sphere are all related to the gamma function and the 
way it can cancel out powers of 7 halfway between inte- 
gers. In general, the term “hypersphere” may be used to 
refer to any v-sphere. 


hypocycloid 

A curve formed by the path of a point attached to a cir- 
cle of radius 4 that rolls around the inside of a larger 
circle of radius a. The parametric equations for a hypo- 
cycloid can be written as: 


x = (a— b) cos(t) + b cos((a/b — 1)1) 
y = (a-b) sin(d — b sin((a/b — 1)1) 


The type of hypocloid depends on where the point 
whose path is being traced is located on the rolling circle. 
If it lies on the circumference of the circle, the curve gen- 
erated is an ordinary hypocycloid. If it lies elsewhere the 
result is a hypotrochoid. A hypocycloid has a closed 
form—that is, the moving point eventually retraces its 
steps—when the ratio of the rolling circle and the larger 
circle, fixed, is equal to a rational number. When this 
ratio is in its simplest form, the numerator is the number 


of revolutions covered inside the fixed circle before the 
curve closes. In the same family of curves as the hypocy- 
cloid (and hypotrochoid) are the epicycloid and epitro- 
choid. 


hypoellipse 


See superellipse. 


hypotenuse 

The longest side of a right triangle—the one opposite the 
right angle. The word comes from the Greek roots hypo 
meaning “under” (which also appears, for example, in 
hypodermic, “under the skin”) and tein or ten, for stretch. 
Thus hypotenuse is the line segment “stretched under” 
the right angle. 


hypothesis 


See conjecture. 


hypotrochoid 

A curve formed by the path of a point attached to a point 
c, which is not on the circumference, of a circle of radius 
b that rolls around the inside of a larger circle of radius a. 
The parametric equations for a hypotrochoid can be writ- 
ten as: 


x = (a— b) cos(t) + c cos((a/b — 1)1) 
y= (a-b) sin(d — c sin ((a/b — 1)1) 


The hypotrochoid is a generalized hypocycloid and comes 
in two varieties: a prolate hypocycloid if the starting point 
is outside the circumference of the rolling circle and a cur- 
tate hypocycloid if the starting point is inside the rolling 
circle. In the same family of curves as the hypotrochoid 
(and hypocycloid) are the epicycloid and epitrochoid. 


I 

The square root of minus one; 7 is also known as the 
imaginary unit number, V-=1. The product of 7 and a real 
number is known as an imaginary number. For details, see 
complex number. 


I-Ching 

A system of Chinese divination based on 64 hexagrams, 
each consisting of six horizontal lines each of which may 
be solid (representing the male principle, or yang) or 
have a break in the middle (representing the female prin- 
ciple, or yin). The first three lines of the hexagram, from 
the bottom up, constitute the lower trigram and symbol- 
ize the inner world. The fourth, fifth, and sixth lines con- 
stitute the upper trigram and symbolize the outer world. 
One of the first Europeans to see the hexagram structure 
when 1t was brought out of China in the early 1700s was 
Gottfried Leibniz, the first mathematician to work with 
base two, or binary, arithmetic. 


icosahedron 

A polyhedron with 20 faces. A regular icosahedron has 
faces that are all equilateral triangles, and is one of the 
five Platonic solids. The length from vertex to opposing 
vertex of a regular icosahedron is 5 x q"? x d where q is 
the golden ratio and d is the length of the side of one of 
the triangular faces. Chopping off each vertex (corner) of 
a regular icosahedron reveals the 12 pentagonal and 20 
hexagonal faces of the truncated icosahedron, which is one 
of the 13 Archimedean solids (shapes made from trun- 
cating Platonic solids in certain ways). See also bucky- 


ball. 


Icosian game 

A game devised by William Hamilton and first described 
by him in 1857 at a meeting of the British Association for 
the Advancement of Science in Dublin. The object of the 
game is to find a way around the edges of a dodecahe- 
dron so that every vertex (corner) is visited once and only 
once. A path such as this became known as a Hamilton 
circuit, though the task of finding a circuit that passes 
just once through every vertex of a shape seems to have 
arisen first in connection with Leonhard Euler’s study of 
the knight’s tour. Two years before Hamilton introduced 
his game, Thomas Kirkman posed the problem explicitly 
in a paper that he submitted to the Royal Society: Given 


a graph of a polyhedron, does there exist a cycle passing 
through every vertex? 

The Icosian game stemmed from Hamilton’s inven- 
tion of a curious kind of algebra that he called zcoszans, 
based on the symmetry properties of the icosahedron. 
Hamilton connected the mathematics of his icosians 
with the problem of traveling along the edges of a dodec- 
ahedron, hitting each vertex just once, and coming back 
to the starting point. His friend and fellow Irishman John 
Graves (1806-1870) suggested turning the problem into a 
commercial game and put Hamilton in contact with the 
London company of John Jacques and Sons, toy-makers 
and manufacturer of high quality chess sets. Jacques 
bought the rights to the game for £25 and marketed two 
versions of it, under the name Around the World. One 
version, for the parlor, was played on a flat board; 
another, for the “traveler,” consisted of an actual dodeca- 
hedron. In both cases, nails at each vertex stood for a 
major city of the world and the player wrapped a piece of 
string around these nails as they went. The game was a 


icosahedron The most multifaceted of the Platonic solids. 
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complete sales flop, mainly because it was too easy, even 
for children—but not for Hamilton himself who always 
used the icosian calculus to figure out his moves, instead 
of just trying different paths like everyone else! See also 
traveling salesman problem. 


idempotent 
The element x in some algebraic structures is called idem- 
potent if x X x= x. 


identity 
A statement that two expressions are always equal, for 
any values of their variables. 


imaginary number 

A number whose square is negative. Every imaginary 
number can be written in the form zb where J is a real 
number and i the imaginary unit with the property that 
1? = —1. Imaginary numbers are complex numbers in 
which the real part is zero. The term “imaginary” is unfor- 
tunate because it suggests something that has less reality 


than a “real” number, which isn’t the case. 


impossibilities in mathematics 


Alice laughed: “There’s no use trying,” she said; 
“one can’t believe impossible things.” “I daresay you 
haven't had much practice,” said the Queen. “When 
I was younger, I always did it for half an hour a 
day. Why, sometimes I’ve believed as many as six 
impossible things before breakfast.” 

—Lewis Carroll, Alice in Wonderland 


Mathematicians are used to believing things that most 
people would consider impossible or, at least, too outra- 
geous to contemplate, such as the Banach-Tarski para- 
dox. However, there are some genuine impossibilities, 
even in mathematics, including trisecting an angle, 
duplicating the cube, and squaring the circle using only 
a straightedge and compass; finding the center of a given 
circle with a straightedge alone; deriving Euclid’s parallel 
postulate from the other four; and representing the 
square root of 2 as a rational fraction a/b. Less well 
known is this little gem from Gustave Flaubert 
(1821-1880), who sounds as if he had seen too much of 
this type of problem in school: 


Since you are now studying geometry and 
trigonometry, I will give you a problem. A ship sails 
the ocean. It left Boston with a cargo of wool. It 
grosses 200 tons. It is bound for Le Havre. The 
mainmast is broken, the cabin boy is on deck, there 
are 12 passengers aboard, the wind is blowing East- 
North-East, the clock points to a quarter past three 


in the afternoon. It is the month of May. How old is 
the captain? 


impossible figure 

An image in two dimensions of an object that, because of 
spatial inconsistencies, is impossible to realize fully in 
three dimensions. Among the best known impossible fig- 
ures are the Penrose triangle, the Penrose stairway, the 
Impossible trident, and the Freemish crate. Notable pio- 
neers of this peculiar form of representation have been 
Ocar Reutersvard, Roger Penrose (and his father), and 
M. C. Escher. See also optical illusion. 


impossible tribar 
See Penrose triangle. 


impossible trident 
One of the most notorious impossible figures. It was 
first seen by many when it appeared on the cover of the 
March 1965 issue of Mad magazine. The two halves of 
the figure seem perfectly reasonable in themselves. When 
the top part is covered, the bottom part is taken to be 
three separate cylinders or tubes. With the bottom part 
hidden, the foreground figure is interpreted as being built 
of flat faces making two rectangular prongs. The trouble 
is that these two aspects of the figure are totally incom- 
patible. Somewhere in the middle, the foreground and 
background swap places and give rise to an irreconcilable 
paradox. Over the years, countless adaptations of the tri- 
dent have appeared with names such as the devil’s fork, 
the three-stick clevis, the blivit, the impossible colum- 
nade, the trichotometric indicator support, and, most 
extravagantly, the triple encabulator tuned manifold. 
Swedish artist Oscar Reutersvard’s mastery of such fig- 
ures has led him to draw thousands of variations on the 
theme. When the figure is drawn long, it is easy to 
perceive locally as a three-dimensional object and to 
overlook its inherent inconsistency, because the contra- 
dictory clues are too well separated. When the figure is of 
medium length, the figure is easily interpreted as a three- 
dimensional object, and its impossibility is quickly per- 
ceived. If the prongs are very short, the two different 
interpretations vie for acceptance within the same local 
area; thus there is no consistent interpretation and the 
illusion breaks down. Some early writers commented that 
the impossible trident couldn’t be built in any form in 
three dimensions. However, this has been shown to be 
false. In 1985, the Japanese artist Shigeo Fukuda made a 
three-dimensional model of the trident in the form of 
classical columns in which the illusion works—from one 
critical angle. 

The origins of the figure are uncertain. It turns out that 
Mad magazine bought the illustration rights from a con- 


infinite dimensions 161 


impossible figure “The Rollercoaster,” a rendering in two 
dimensions of a structure impossible to build in three dimen- 
sions. Jos Leys, wwwjosleys.com 


impossible trident 


tributor who claimed that it was original; however, the 
magazine’s management soon found out to their embar- 
rassment that the figure had been previously published. It 
began to surface in several popular engineering, aviation, 
and science-fiction periodicals in May and June of 1964. 
D. H. Schuster published an article that same year in the 
American Journal of Psychology, which first brought the fig- 
ure to the attention of the psychological community. 


incircle 
The inscribed circle of a triangle. 


incomputable number 

A real number with an infinite decimal (or binary) 
expansion that cannot be enumerated by any universal 
computer. 


induction 

A method of reasoning by which one infers a generaliza- 
tion from a series of instances. Say there is a hypothesis 
H that contains the variable n, which is a whole number. 
To prove by induction that H is true for every value of n 
is a two-step process: (1) prove that His true for n = 1; (2) 
prove that H being true for n= k implies that H is true for 
n= k + 1. This is sufficient because (1) and (2) together 
imply that A is true for 1 = 2, which, from (2), then 
implies H is true for n = 3, which implies H is true for 
n = 4, and so on. His called an inductive hypothesis. Some 
philosophers don’t accept this kind of proof, because it 
may take infinitely many steps to prove something; how- 
ever, most mathematicians are happy to use it. 


inequality 
The statement that one quantity is less than or greater 
than another. 


infinite dimensions 

In mathematics, the concept of an infinite-dimensional 
space considered literally. It is a vector space with an 
infinite basis or a space with infinitely many coordinates. 
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infinite series 
An infinite sum of the form 


APA AAA Aj. 
k=1 


Such series crop up in many areas of modern mathemat- 
ics. Their development began in the seventeenth century 
and was continued by Leonhard Euler, who, in the 
process, solved many important problems. 


infinitesimal 

A number that is greater than zero yet smaller than any 
positive real number. In a sense, infinitesimals are to 
small what infinity is to large. They were first introduced 
by Isaac Newton and Gottfried Leibniz in their early ver- 
sions of calculus; however, the lack of a rigorous defini- 
tion for them stood in the way of calculus being fully 
accepted. As Bertrand Russell later put it: “Calculus 
required continuity, and continuity was supposed to 
require the infinitely little; but nobody could discover 
what the infinitely little might be.” In the 1800s, calculus 
was put on a firmer footing by Augustin Cauchy, Karl 
Weierstrass, and others, who clarified and redefined the 
notion of a limit without reference to infinitesimals. 
When a function f(x) can be made as close as desired to 
L by taking x close enough to a, then L is the limit of f(x) 
as x approaches a. This is the classical or epsilon-delta for- 
mulation of calculus, named for the common use of 8 for 
|x — al and e for | f(x) — L|. For a long time, this was the 
only rigorous foundation for calculus, and it is still the 
one taught in most calculus classes. But in 1960, Abra- 
ham Robinson discovered nonstandard analysis, which 
provides a rigorous formulation of infinitesimals, confers 
on them a new significance, and brings them closer to the 
vision of Newton and Leibniz. 


infinity 
Mystery has its own mysteries, and there are gods 
above gods. We have ours, they have theirs. That ts 
what's known as infinity. 


—Jean Cocteau (1889-1963), 
French author and filmmaker 


A concept that has always fascinated philosophers and 
theologians, linked as it is to the notions of unending dis- 
tance or space, eternity, and God, but that was avoided or 
met with open hostility throughout most of the history 
of mathematics. Only within the past century or so have 
mathematicians dealt with it head on and accepted infin- 
ity as a number-—albeit the strangest one we know. 

An early glimpse of the perils of the infinite came to 
Zeno of Elae through his paradoxes, the best known of 
which pits Achilles in a race against a tortoise (see Zeno’s 


paradoxes). Confident of victory, Achilles gives the tor- 
toise a head start. But then how can he ever overtake the 
sluggish reptile? First he must catch up to the point where 
it began, by which time the tortoise will have moved on. 
When he makes up the new distance that separated them, 
he finds his adversary has advanced again. And so it goes 
on, indefinitely. No matter how many times Achilles 
reaches the point where his competitor was, the tortoise 
has progressed a bit farther. So perplexed was Zeno by 
this problem that he decided not only was it best to avoid 
thinking about the infinite but also that motion was 
impossible! 

A similar shock lay in store for Pythagoras and his fol- 
lowers who were convinced that everything in the uni- 
verse could ultimately be understood in terms of whole 
numbers (even common fractions being just one whole 
number divided by another). The square root of 2—the 
length of the diagonal of a right-angled triangle whose 
shorter sides are both one unit long—refused to fit into 
this neat cosmic scheme. It was an irrational number, 
inexpressible as the ratio of two integers. Put another 
way, its decimal expansion goes on forever without ever 
settling into a recurring pattern. 

These two examples highlight the basic problem in 
coming to grips with infinity. Our imaginations can cope 
with something that hasn’t yet reached an end: we can 
always picture taking another step, adding one more to a 
total, or visualizing another term in a long series. But 
infinity, taken as a whole, boggles the mind. For mathe- 
maticians this was a particularly serious problem because 
mathematics deals with precise quantities and meticu- 
lously well-defined concepts. How could they work with 
things that clearly existed and went on indefinitely—a 
number like V2 or a curve that approached a line ever 
more closely—while avoiding a confrontation with infin- 
ity itself? Aristotle provided the key by arguing that there 
were two kinds of infinity. Actual infinity, or completed infin- 
ity, which he believed could not exist, is endlessness fully 
realized at some point in time. Potential infinity, which 
Aristotle insisted was manifest in nature—for example, in 
the unending cycle of the seasons or the indefinite divisi- 
bility of a piece of gold—is infinitude spread over unlim- 
ited time. This fundamental distinction persisted in 
mathematics for more than 2,000 years. In 1831, no less a 
figure than Karl Gauss expressed his “horror of the actual 
infinitude,” saying: “I protest against the use of infinite 
magnitude as something completed, which is never per- 
missible in mathematics. Infinity is merely a way of speak- 
ing, the true meaning being a limit which certain ratios 
approach indefinitely close, while others are permitted to 
increase without restriction.” 

By confining their attention to potential infinity, 
mathematicians were able to address and develop crucial 
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From the list 34, 67, 112, 568, 741 and 4366, write down 

(a) all the even numbers, 

(b) all the odd numbers. 

Write down the first ten square numbers. 

Write down the first ten triangle numbers. 

Write down the first ten rectangle numbers. 

Write down the first ten cube numbers. 

From the list of numbers 20, 25, 28, 33, 36 and 37, write down 

(a) all the square numbers, 

(b) all the triangle numbers, 

(c) all the rectangle numbers. 

The difference between consecutive square numbers is always the 

same type of number. What type of number is it? 

The sum of the first two triangle numbers is 4 (=1 + 3). 

(a) Find the sums of three more pairs of consecutive triangle 
numbers. 

(b) What do you notice about your answers? 

Find the sums of the first two, three, four and five cube numbers. 

What do you notice about your answers? 

(a) Write down a rectangle number, other than 12, for which there 
are two different patterns of dots. Draw the patterns. 

(b) Write down a rectangle number for which there are three 
different patterns of dots. 

(c) Write down a rectangle number for which there are four 
different patterns of dots. 


1.6 Multiples, factors and primes 


Figure 1.5 shows the first five numbers 1958 
in the 8 times table. The numbers on the : ; : _ 
right, 8, 16, 24, 32 and 40, are called 4 X 8 = 32 
multiples of 8. Notice that 8 itself, which 5x8=40 
is 1 x 8 or 8 x 1, is a multiple of 8. Figure 1.5 
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concepts such as those of infinite series, limit, and infin- 
itesimals, and so arrive at calculus, without having to 
grant that infinity itself was a mathematical object. Yet as 
early as the Middle Ages certain paradoxes and puzzles 
arose, which suggested that actual infinity was not an 
issue to be easily dismissed. These puzzles stem from the 
principle that it is possible to pair off, or put in one-to-one 
correspondence, all the members of one collection of 
objects with all those of another of equal size. Applied to 
indefinitely large collections, however, this principle 
seemed to flout a commonsense idea first expressed by 
Euclid: the whole is always greater than any of its parts. 
For instance, it appeared possible to pair off all the posi- 
tive integers with only those that are even: 1 with 2, 2 with 
4, 3 with 6, and so on, despite the fact that positive inte- 
gers also include odd numbers. Galileo, in considering 
such a problem, was the first to show a more enlightened 
attitude toward the infinite when he proposed that 
“infinity should obey a different arithmetic than finite 
numbers.” Much later, David Hilbert offered a striking 
illustration of how weird the arithmetic of the endless 
can get. 

Imagine, said Hilbert, a hotel with an infinite number 
of rooms. In the usual kind of hotel, with finite accom- 
modation, no more guests can be squeezed in once all 
the rooms are full. But “Hilbert’s Grand Hotel” is dra- 
matically different. If the guest occupying room 1 moves 
to room 2, the occupant of room 2 moves to room 3, and 
so on, all the way down the line, a newcomer can be 
placed in room 1. In fact, space can be made for an infi- 
nite number of new clients by moving the occupants of 
rooms 1, 2, 3, etc, to rooms 2, 4, 6, etc, thus freeing up all 
the odd-numbered rooms. Even if an infinite number of 
coaches were to arrive each carrying an infinite number 
of passengers, no one would have to be turned away: first 
the odd-numbered rooms would be emptied as above, 
then the first coach’s load would be put in rooms 3 for 
n=1,2,3,..., the second coach’s load in rooms 57 for 
n=1,2,..., and so on; in general, the people aboard 
coach number z would empty into rooms p, where p is the 
(¿+ 1)th prime number. 

Such is the looking-glass world that opens up once the 
reality of sets of numbers with infinitely many elements 
is accepted. That was a crucial issue facing mathemati- 
cians in the late nineteenth century: Were they prepared 
to embrace actual infinity as a number? Most were still 
aligned with Aristotle and Gauss in opposing the idea. 
But a few, including Richard Dedekind and, above all, 
Georg Cantor, realized that the time had come to put the 
concept of infinite sets on a firm logical foundation. 

Cantor accepted that the well-known pairing-off prin- 
ciple, used to determine if two finite sets are equal, is just 
as applicable to infinite sets. It followed that there really 


are just as many even positive integers as there are posi- 
tive integers altogether. This was no paradox, he realized, 
but the defining property of infinite sets: the whole is no 
bigger than some of its parts. He went on to show that 
the set of all positive integers, 1, 2, 3,..., contains pre- 
cisely as many members—that is, has the same cardinal 
number or cardinality—as the set of all rational numbers 
(numbers that can be written in the form p/g, where p 
and q are integers). He called this infinite cardinal num- 
ber aleph-null, $, (“aleph” being the first letter of the 
Hebrew alphabet). He then demonstrated, using what has 
become known as Cantor’s theorem, that there is a hierar- 
chy of infinities of which 8, is the smallest. Essentially, 
he proved that the cardinal number of all the subsets—the 
different ways of arranging the elements—of a set of size 
So is a bigger form of infinity, which he called 8,. Simi- 
larly, the cardinality of the set of subsets of N; is a still 
bigger infinity, known as N,. And so on, indefinitely, 
leading to an infinite number of different infinities. 

Cantor believed that 8, was identical with the total 
number of mathematical points on a line, which, aston- 
ishingly, he found was the same as the number of points 
on a plane or in any higher n-dimensional space. This 
infinity of spatial points, known as the power of the contin- 
uum, c, is the set of all real numbers (all rational numbers 
plus all irrational numbers). Cantor's continuum 
hypothesis asserts that c = 8,, which is equivalent to say- 
ing that there is no infinite set with a cardinality between 
that of the integers and the reals. Yet, despite much effort, 
Cantor was never able to prove or disprove his contin- 
uum hypothesis. We now know why—and it strikes to the 
very foundations of mathematics. 

In the 1930s, Kurt Gödel showed that it is impossible 
to disprove the continuum hypothesis from the standard 
axioms of set theory. Three decades later, Paul Cohen 
showed that it cannot be proven from those same axioms 
either. Such a situation had been in the cards ever since 
the emergence of Gédel’s incompleteness theorem. But 
the independence of the continuum hypothesis was still 
unsettling because it was the first concrete example of an 
important question that could not be proven either way 
from the universally accepted system of axioms on which 
most of mathematics is built. 

Currently, the preference among mathematicians is to 
regard the continuum hypothesis as being false, simply 
because of the usefulness of the results that can be 
derived this way. As for the nature of the various types of 
infinities and the very existence of infinite sets, these 
depend crucially on what number theory is being used. 
Different axioms and rules lead to different answers 
to the question what lies beyond all the integers? This can 
make it difficult or even meaningless to compare the var- 
ious types of infinities that arise and to determine their 
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relative size, although within any given number system 
the infinities can usually be put into a clear order. Certain 
extended number systems, such as the surreal numbers, 
incorporate both the ordinary (finite) numbers and a 
diversity of infinite numbers. However, whatever number 
system is chosen, there will inevitably be inaccessible 
infinities—infinities that are larger than any of those the 
system is capable of producing. 2223 


inflection 

A point of inflection of a plane curve is a point where the 
curve has a stationary tangent, at which the tangent is 
changing from rotating in one direction to rotating in the 
opposite direction. 


information theory 

A mathematical theory of information born in 1948 with 
the publication of Claude Shannon’s landmark paper, “A 
Mathematical Theory of Communication.” Its main goal 
is to discover the laws governing systems designed to 
communicate or manipulate information, and to set up 
quantitative measures of information and of the capacity 
of various systems to transmit, store, and otherwise 
process information. Among the problems it treats are 
finding the best methods of using various communica- 
tion systems and the best methods for separating the 
wanted information, or signal, from the noise. Another 
of its concerns is setting upper bounds on what it is pos- 
sible to achieve with a given information-carrying 
medium (often called an information channel). The the- 
ory overlaps heavily with communication theory but is 
more oriented toward the fundamental limitations on 
the processing and communication of information and 
less oriented toward the detailed operation of the devices 
used. 


injection 
A one-to-one mapping. 


inscribed angle 
The angle formed by two chords of a curve that meet at 
the same point on the curve. 


inscribed circle 

A circle inside a triangle or other polygon whose edges 
are tangents to the circle. Such a polygon is said to be cir- 
cumscribed to the circle. The (unique) circle inscribed to a 
triangle is called the zzcircle. 


instability 
The condition of a system when it is easily disturbed by 
internal or external forces or events, in contrast to a stable 


system, which will return to its previous condition when 
disturbed. A pencil resting vertically on its eraser or a 
coin standing on edge are examples of systems that have 
the property of instability since they easily fall over at the 
slightest breeze or movement of the surface they are rest- 
ing on. An unstable system is one whose attractors can 
change; thus, instability is a characteristic of a system that 
is far from equilibrium or at bifurcation. 


integer 
Any positive or negative whole number or zero: .. ., —3, 
—2, -1, 0, 1, 2, 3,.... Integer is Latin for “whole” or 


“intact.” The set of all integers is denoted by Z, which 
stands for zahlen (German for “numbers”). The integers 
are an extension of the natural numbers to include neg- 
ative numbers and so make possible the solution of all 
equations of the form a + x= b, where a and b are natural 
numbers. Integers can be added and subtracted, multi- 
plied, and compared. Like the natural numbers, the inte- 
gers form a countably infinite set. However, the integers 
don’t form a field since, for instance, there is no integer 
x such that 2x = 1; the smallest field containing the inte- 
gers is that of the rational numbers. An important 
property of the integers is division with remainder: given 
two integers a and b with hb # 0, it is always possible to 
find integers q and r such that a= bq + r, and such that 
0 <r<|b|. q is called the quotient and r is called the remain- 
der resulting from division of a by b. The numbers q and 
r are uniquely determined by a and b. From this follows 
the fundamental theorem of arithmetic, which states that 
integers can be written as products of prime numbers in 
an essentially unique way. 


integral 

The area, or a generalization of area, under any section of 
a graph that is described by a function; in other words, 
the continuous cumulative sum of a function (see conti- 
nuity). Not all functions have an exact formula that 
allows an integral to be found. In such cases, numerical 
integration has to be used, in which the area is found using 
approximate numerical techniques. Integrals, together 
with derivatives, are the fundamental objects of calcu- 
lus. 


integral equation 
An equation that involves an integral of the function 
which is to be solved for. 


integration 

An operation that corresponds to the informal idea of 
finding the area under the graph of a function. The first 
theory of integration was developed by Archimedes with 
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his method of guadratures, but this could be applied only 
in circumstances where there was a high degree of geo- 
metric symmetry. In the seventeenth century, Isaac New- 
ton and Gottfried Leibniz independently discovered the 
idea that integration was a sort of opposite of differenti- 
ation (which they had just invented); this allowed math- 
ematicians to calculate a broad class of integrals for the 
first time. However, unlike Archimedes’s method, which 
was based on Euclidean geometry, Newton’s and Leib- 
niz’s integral calculus lacked a secure foundation. 

In the nineteenth century, Augustin Cauchy finally 
developed a rigorous theory of limits, and Bernhard Rie- 
mann followed this up by formalizing what is now called 
the Riemann integral. To define this integral, one fills the 
area under the graph with smaller and smaller rectangles 
and takes the limit of the sums of the areas of the rectan- 
gles at each stage. Unfortunately, some functions don’t 
have well-defined limits to these sums, so they have no 
Riemann integral. Henri Lesbesgue invented another 
method of integration to solve this problem. He first pre- 
sented his ideas in Intégrale, Longueur, Aire (Integral, length, 
area) in 1902. Instead of using the areas of rectangles, a 
method that puts the focus on the domain of the func- 
tion, Lebesgue turned to the codomain of the function for 
his fundamental unit of area. Lesbesgue’s idea was to build 
first the integral for what he called simple functions— 
functions that take only finitely many values. Then he 
defined it for more complicated functions as the upper 
bound of all the integrals of simple functions smaller than 
the function in question. Lesbesgue integration has the beau- 
tiful property that every function with a Riemann integral 
also has a Lebesgue integral, and the two integrals agree. 
But there are many functions with a Lebesgue integral that 
don’t have a Riemann integral. As part of the development 
of Lebesgue integration, Lebesgue introduced the concept 
of Lebesgue measure, which measures lengths rather than 
areas. Lebesgue’s technique for turning a measure into an 
integral generalizes easily to many other situations, leading 
to the modern field of measure theory. 

The Lebesgue integral was deficient in one respect. The 
Riemann integral had been generalized to the zmproper 
Riemann integral to measure functions whose domain of 
definition was not a closed interval. The Lebesgue inte- 
gral integrated many of these functions (always repro- 
ducing the same answer when it did), but not all of them. 
The Henstock integral is an even more general notion of 
integral (based on Riemann’s theory rather than 
Lebesgue’s) that subsumes both Lebesgue integration and 
improper Riemann integration. However, the Henstock 
integral depends on specific features of the real number 
line and so doesn’t generalize as well as the Lebesgue 
integral does. 


interesting numbers 

Clearly some numbers are of greater interest (at least to 
mathematicians) than are others. The number pi, for 
instance, is far more interesting than 1.283—or virtually 
any other number for that matter. Confining our atten- 
tion to integers, can there be such a thing as an uninter- 
esting number? It is easy to show that the answer must be 
“no.” Suppose there were a set U of uninteresting inte- 
gers. Then it must contain a least member, u. But the 
property of being the smallest uninteresting integer 
makes x interesting! As soon as u is removed from U, 
there is a new smallest uninteresting integer, which must 
then also be excluded. And so the argument could be 
continued until U was empty. Given that all integers are 
interesting, can they be ranked from least to most inter- 
esting? Again, no. To be ranked as “least interesting” is an 
extremely interesting property, and thus leads to another 
logical contradiction! 

When Srinivasa Ramanujan, the great Indian mathe- 
matician, was ill with tuberculosis in a London hospital, 
his colleague G. H. Hardy went to visit him. Hardy 
opened the conversation with: “I came here in taxicab 
number 1729. That number seems dull to me which I 
hope isn’t a bad omen.” Ramanujan replied, without hes- 
itation: “Nonsense, the number isn’t dull at all. It’s quite 
interesting. It’s the smallest number that can be expressed 
as the sum of two cubes in two different ways.” (1729 = 
1° + 12’ and 9 + 10°.) 


International Date Line 

Is it possible to assign a time to every longitude on Earth, 
so that each longitude has a different time but the times at 
nearby longitudes are always close? The answer is no, 
which is mathematically equivalent to saying that there’s 
no way to continuously map points on a real number 
line onto a circle. This explains why an International 
Date Line is needed. It allows most regions on Earth to 
have times similar to their neighbors, though, by con- 
vention, time changes are (usually) made in chunks of 
one hour between adjacent time zones. Then it takes care 
of the inevitable discontinuity by having it happen all at 
once, as a jump by one whole day, on a longitude that 
passes mostly through open water in the Pacific. The 
fact that there doesn’t exist any continuous one-to-one 
function from the circle onto the line follows from the 
Borsuk-Ulam theorem in one dimension. 


interpolate 

To estimate the value of a point that lies between two 
known values of a function. This is often done by 
approximating a line or a smooth curve between the val- 
ues, which is the literal meaning of the word. Inter is the 
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Latin prefix for “between,” polire translates as “to adorn 
or polish,” so together they mean “to smooth between.” 
Extrapolate was created as an extension of interpolate to 
suggest the smoothing of a line outside the known points. 
This operation is often done in statistics when patterns 
are studied over time to predict future events. 


intersection 

A place where two or more things meet or overlap. Two 
lines intersect at a point, two planes can intersect in a 
line, and so forth. The intersection of two or more sets, 
represented by the symbol N, is the set of elements that 
all the sets have in common; in other words, all the ele- 
ments contained in every one of the sets. 


invariant 

(1) Something that stays the same when a particular 
transformation is carried out. (2) A value that is 
unchanged when a particular function is applied. (3) In 
topology, a number, polynomial, or other quantity asso- 
ciated with a topological object such as a knot or 
3-manifold, which depends only on the underlying 
object and not on its specific description or presentation. 


invariant theory 

The study of quantities that are associated with polyno- 
mial equations and that are left invariant under transfor- 
mations of the variables. For example, the discriminant 
b’? — 4ac is an invariant of the quadratic form ax? + bxy + 


oy. 


inverse 

(1) The inverse of a number, or a reciprocal, is 1 divided 
by the number; for example, the inverse of 8 is Ys and the 
inverse of % is %. (2) The inverse of a function or a trans- 
formation is the function or transformation that reverses 
the effect of the function or transformation. For example, 
the inverse of addition is subtraction, and of clockwise 
rotation is anticlockwise rotation. (3) The inverse of an 
element of a set, or a number, with respect to a particular 
operation, is what has to be combined with the element 
or number in order to obtain that operation’s identity 
element. 


involute 

Attach a string to a point on a curve. Extend the string so 
that it is tangent to the curve at the point of attachment. 
Then wind the string up, always keeping it taut. The 
locus of points traced out by the end of the string is 
called the involute of the original curve, and the original 
curve is called the evolute of its involute. Although a 
curve has a unique evolute, it has infinitely many invo- 
lutes corresponding to different choices of initial point. 


irradiation illusion Despite appearances, the inner squares 
are the same size. 


An involute can also be thought of as any curve orthog- 
onal to all the tangents to a given curve. See also circle 
involute. 


irradiation illusion 

A distortion illusion discovered by Hermann von 
Helmholtz in the nineteenth century. Despite the fact 
that the two figures are identical in size, the white hole 
looks bigger than the black one. 


irrational number 

A real number that can’t be written as one whole num- 
ber divided by another; in other words, a real number 
that isn’t a rational number. The decimal expansion of 
an irrational number doesn’t come to an end or repeat 
itself (in equal length blocks), though it may have a pat- 
tern such as 0.101001000100001000001 .... The vast 
majority of real numbers are irrational, so that if you were 
to pick a single point on the real number line at random 
the chances are overwhelmingly high that it would be 
irrational. Put another way, whereas the set of all rationals 
is countable, the irrationals form an uncountable set and 
therefore represent a larger kind of infinity. Indeed, as 
the Harvard logician Willard Van Orman Quine pointed 
out: “The irrationals exist in such variety... that no 
notation whatever is capable of providing a separate 
name for each of them.” 

There are two types of irrational number: algebraic 
numbers, such as the square root of 2, which are the 
roots of algebraic equations, and the transcendental 
numbers, such as pi and e, which aren’t. In some cases it 
isn’t known if a number is irrational or not; undecided 
cases include 2’, n’, m, and the Euler-Mascheroni con- 
stant, y. An irrational number raised to a rational power 
can be rational; for instance, V2 to the power 2 is 2. 
Also, an irrational number to an irrational power can be 
rational. What kind of number is W2"?? The answer is 
irrational. This follows from Gelfond’s theorem, which 
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says that if a and b are roots of polynomials, and a is not 
0 or 1 and ¿ is irrational, then a’ must be irrational (in 
fact, transcendental). 


irreptile 
See rep-tile. 


Ishango bone 

A bone tool handle discovered around 1960 in the 
African area of Ishango, near Lake Edward. It has been 
dated to about 9000 B.c. and was at first thought to have 
been a tally stick. At one end of the bone is a piece of 
quartz for writing, and the bone has a series of notches 
carved in groups on three rows running the length of the 
bone. The markings on two of these rows each add to 60. 
The first row is consistent with a number system based on 
10, since the notches are grouped as 20 + 1, 20 — 1, 10 + 
1, and 10 — 1, while the second row contains the prime 
numbers between 10 and 20! A third seems to show a 
method for multiplying by 2 that was used in later times 
by the Egyptians. Additional markings suggest that the 
bone was also used as a lunar phase counter. The Ishango 
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Bone is kept at the Royal Institute for Natural Sciences of 
Belgium in Brussels. See also Lebombo bone." '" 


isochrone 

A set of points with the property that a given process or 
trajectory will take the same length of time to complete 
starting from any of the points. The curve formed by 
such a set of points is called an isochronous curve. See also 
tautochrone problem. 


isogonal conjugate 

Isogonal lines of a triangle are cevians (see Ceva, Giovanni) 
that are symmetric with respect to the angle bisector. Two 
points are isogonal conjugates if the corresponding lines 
to the vertices are isogonal (see vertex). 


isometry 

A symmetry operation, which may involve translation, 
rotation, and reflection, that preserves the distance of 
any two points. Each isometry of a wallpaper group, for 
example, can be represented by a 3 x 3 matrix. 
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Ishango bone The marks on this 11,000-year-old bone speak of a surprisingly sophisticated mathematical knowledge. Museum of 


Natural Sciences (Brussels) 
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isomorphism 

In geometry, a transformation that doesn’t alter the 
side lengths and the angle sizes of the figure involved. 
Examples of such transformations include reflections, 
rotations, translations, or transformations by a glide. In 
set theory, an isomorphism is a one-to-one correspon- 
dence between the elements of two sets such that the 
result of an operation on elements of one set corresponds 
to the result of the analogous operation on their images 
in the other set. 


isoperimetric inequality 
For any closed, three-dimensional body with volume V 
and surface area A, the following inequality always holds: 


36TV?< 4? 


isoperimetric problem 

Among all shapes of a given perimeter, which encloses 
the greatest area? This ancient conundrum is alluded to 
in the tale of Queen Dido in Virgil’s Aeneid. Threatened 
by her brother, who had already murdered her father, the 
queen was obliged to hastily gather her valuables and flee 
her native city of Tyria in ancient Phoenicia. In due 
course, her ship landed in North Africa, where she made 
the following offer to a local chieftain: in return for her 
fortune he would give as much land as she could isolate 
with the skin of an ox. This was readily agreed to, where- 
upon the crafty queen sliced the skin into very fine 
threads, which she tied together and made into a giant 
semicircle. Combined with the natural boundary pro- 
vided by the sea, this enclosed such a large area that a 
city-Carthage—was eventually built upon it. Two millen- 
nia later, Karl Weierstrass was the first to prove rigor- 
ously, using analysis and calculus, that the solution to the 
isoperimetric problem is a circle (something the Greeks 
suspected but were not able to prove geometrically). 
When the same question is asked in one dimension 
higher it becomes the isovolume problem. 


isosceles 

Having two sides of the same length, as in the case of an 
isosceles triangle. An isosceles trapezoid in the United 
States is the equivalent of a trapezium in Britain. /sosceles 
comes from the Greek zso (“same or equal”) and skelos 


(“legs”). 


isotomic conjugate 

Two points on the side of a triangle are 2sotomic if they are 
equidistant from the midpoint of that side. Two points 
inside a triangle are isotomic conjugates if the corre- 
sponding cevians (see Ceva, Giovanni) through these 
points meet the opposite sides in isotomic points. 


isovolume problem 
What surface encloses the maximum volume per unit 
surface? The answer is a sphere, for which 


volume/surface area = (Y10r?)/(410r?) = Hr, 


where r is the sphere’s radius. Proof of the solution to the 
isovolume problem came as recently as 1882 from Her- 
mann Schwarz. See also bubbles and isoperimetric prob- 
lem. 


iterate 
Do something repeatedly. Do something repeatedly. . . . 


iteration 


If at first you don’t succeed, try, try, again. Then 
quit. There’s no use being a damn fool about it. 
—W. C. Fields 


A feedback process that repeats n number of times. Iter- 
ation refers to the act of performing the calculation of a 
certain function and then picking the result, or output, 
as the starting value, or input, for the next calculation of 
the same function. The operation repeats on and on— 
even infinitely, despite Fields’s comment! 


Jacobi, Karl Gustav Jacob (1804-1851) 

A German mathematician who did important work on 
elliptic functions, partial differential equations, and 
mechanics. Although he was preceded in many of his 
discoveries about elliptic functions by Carl Gauss (who 
didn’t publish) and Niels Abel, Jacobi is nevertheless 
considered one of the founders of the subject. His name 
is probably best known from the Jacobian, an n x n 
determinant formed from a set of n functions in 2 
unknowns. He wasn’t the first to use it—the “Jacobian” 
appears in an 1815 paper of Agustin Cauchy—but 
Jacobi did write a long memoir about it in 1841, and 
proved that the Jacobian of n functions vanishes if and 
only if the functions are related (Cauchy had proved 
the “if” part). He also did important work on partial dif- 
ferential equations and their application to physics. 
Along with William Hamilton, he developed an ap- 
proach to mechanics based on generalized coordinates. 
In this method, the total energy of a mechanical system 
is represented as a function of generalized coordinates 
and corresponding generalized momenta; for example, 
in a double pendulum the two generalized coordinates 
could be two angles. Hamilton-Jacobi theory is the tech- 
nique of solving the system by transforming coordi- 
nates so that the transformed coordinates and momenta 
are constants. 

Jacobi was appointed to a position at the University of 
Konigsberg in 1826. He gained a reputation as a gifted 
teacher and is credited with introducing the seminar 
method (giving lectures on his own ongoing research) 
into the university. After a collapse from overwork in 
1843, Jacobi was allowed to stay in Berlin with a gener- 
ous allowance from the king of Prussia. Five years later, 
revolution swept Europe and Jacobi was persuaded to 
run for parliament. This proved a disaster; not only did 
he loose the election, but his foray into politics annoyed 
his royal patron, who cut off his pension. Jacobi, with a 
large family to support, was faced with destitution. Only 
his reputation as the greatest German mathematician 
besides Gauss saved him; faced with the prospect of los- 
ing Jacobi to the University of Vienna, the king was pre- 
vailed upon to restore the pension. Jacobi was a 
notoriously hard worker (indeed, he had several break- 
downs due to overwork), but his death in 1851 was the 
result of smallpox. 
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Johnson solid 

Any convex polyhedron with regular faces that is not a 
Platonic solid, an Archimedean solid, or a prism (or an 
antiprism). There are 92 Johnson solids, which are named 
after Norman W. Johnson who was the first to catalog 
them in 1966. They include equilateral deltahedra and 
dipyramids (two pyramids placed symmetrically base to 
base) and any irregular convex solid that can be made by 
sticking together triangles, squares, pentagons, and so on, 
in a way that happens to close. Some of the simpler John- 
son solids are assemblages of pyramids, prisms, and 
antiprisms; for example, a gyrobifastigium 1s two triangu- 
lar prisms glued together with a twist. Others are frag- 
ments of Archimedean solids; for example, a pentagonal 
rotunda is half an icosidodecahedron. When stretched 
out with a prism this makes the marvelously named elon- 
gated pentagonal orthocupolarotunda. 


Johnson's theorem 

If three congruent circles all intersect in a single point, 
then the other three points of intersection will lie on 
another circle of the same radius. This simple little theo- 
rem was discovered by Roger Johnson in 1916. 


Jordan, (Marie-Ennemond) Camille (1838-1922) 
A French mathematician who made important contribu- 
tions to group theory. He was the first to draw attention 
to the work of Evariste Galois, which had until then been 
almost entirely ignored. He built on Galois’s study by 
grasping the intimate connection between groups of per- 
mutations and the solvability of polynomial equations. 
Jordan also introduced the idea of an infinite group. He 
passed on his interest in group theory to two of his most 
outstanding pupils, Felix Klein and Sophus Lie, both of 
whom went on to develop the subject in new and impor- 
tant ways. 


Jordan curve 
A simple, closed curve. 


Jordan matrix 

A matrix whose diagonal elements are all equal (and 
nonzero) and whose elements above the principal diago- 
nal are equal to 1, but all other elements are 0. 
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Johnson solid Two of the 92 Johnson solids: the bilunabirotunda (J91, right) and the snub disphenoid (J84, left). Robert Webb, 


www.software3d.com, created using Webb's Stella program 


Journal of Recreational Mathematics 
The only international journal devoted to the lighter side 
of mathematics. It was started in 1968 and is currently 


edited by Charles Ashbacher. 


Julia set 

Any of any infinite number of fractal sets of points on 
an Argand diagram (the complex plane) defined by a 
simple rule. Given two complex numbers z and c, and 
the recursion z,,, =z, + c, the Julia set for any given 
value of c, consists of all values of z for which z, when 
iterated in the equation above, does not “blow up” or 
tend to infinity. Julia sets are closely related to the 
Mandelbrot set, which is, in a way, an index of all Julia 
sets. For any point on the complex plane (which repre- 
sents a value of c) a corresponding Julia set can be 
drawn. We can imagine a movie of a point moving 
about the complex plane with its corresponding Julia 
set. When the point lies inside the Mandelbrot set the 
corresponding Julia set is topologically unified or con- 
nected. As the point crosses the boundary of the Man- 
delbrot set, the Julia set explodes into a cloud of 
disconnected points called Fatou dust. If c is on the 
boundary of the Mandelbrot set, but not a waist point 
(where two large regions of the Mandelbrot set are con- 
nected by a narrow bridge), the Julia set of c looks like 
the Mandelbrot set in sufficiently small neighborhoods 
of c. 


Julia set A fractal image based on a Julia set. Jos Leys, 
wwwJosleys.com 
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Julia sets are named after the French mathematician 
Gaston Julia (1893-1978), whose most famous work, 
Memoire sur Viteration des fonctions rationnelles, provides the 
theory for Julia sets before computers were available. In 
1918, at the age of 25 Julia was severely wounded in 
World War I and lost his nose. He wrote his greatest trea- 


tise in a hospital between the painful operations necessi- 
tated by his wounds. 


jump discontinuity 
A discontinuity in a function where the left- and right- 
hand limits exist but are not equal to each other. 


Kaczynski, Theodore John (1942-) 

Known as the Unabomber before his true identity was 
discovered, a Harvard graduate with a genius IQ who 
abandoned a promising career as a mathematician for a 
life of social isolation and intermittent terrorist attacks. 
Kaczynski eluded the FBI for 17 years, during which time 
he orchestrated 16 explosions that killed 3 people and 
injured 23 others. He avoided execution following his 
arrest in 1996 through a plea bargain and was given 
instead 4 life sentences plus 30 years in prison. During his 
mathematical career in the late 1960s, Kaczynski pub- 
lished a doctoral dissertation and several papers in acade- 
mic journals and served as an assistant math professor at 
the University of California, Berkeley (1967-1969). 


Kakeya needle problem 

A famous problem named after the Japanese mathemati- 
cian Sóichi Kakeya, who first posed it in 1917. It asks: 
What is the smallest-area plane figure inside which a unit 
straight-line segment can be rotated through 180%? For 
some years, the answer was thought to be a deltoid. How- 
ever, in 1928, the Russian mathematician Abram Besico- 
vitch shocked the mathematical world by showing that 
the problem had no answer or, to be more precise, that 
there was no minimum area.” In 1917 Besicovitch had 
been working on a problem in Riemann integration, and 
had reduced it to the question of existence of planar sets 
of measure 0, which contain a line segment in each direc- 
tion. He then constructed such a set, and published his 
construction in a Russian journal in 1920. Due to the civil 
war and the blockade, there was hardly any communica- 
tion between Russia and the rest of the world at the time, 
so Besicovitch hadn’t heard about the challenge posed by 
Kakeya. Several years later, after he left Russia and learned 
about the needle problem, Besicovitch modified his orig- 
inal construction and was able to give the startling an- 
swer that the area in question may be made arbitrarily 
small. 


Kaluza-Klein theory 

A model that seeks to unite classical gravity and electro- 
magnetism by resorting to higher dimensions. In 1919 
the German mathematician Theodor Kaluza (1885-1954) 
pointed out that if general relativity theory is extended to 
a five-dimensional space-time, the equations can be sepa- 
rated out into ordinary four-dimensional gravitation plus 


an extra set (which is equivalent to Maxwell's equations 
for the electromagnetic field) plus an extra field known as 
the dilaton). Thus, electromagnetism is explained as a 
manifestation of curvature in a fourth dimension of 
physical space, in the same way that gravitation is ex- 
plained in Einstein’s theory as a manifestation of curva- 
ture in the first three. In 1926 the Swedish physicist Oskar 
Klein (1894-1977) proposed that the reason the extra spa- 
tial dimension goes unseen is that it is compact—curled up 
like a ball with a fantastically small radius. In the 1980s 
and 1990s, Kaluza-Klein theory experienced a big revival 
and can now be seen as a precursor of string theory. 


Kampyle of Eudoxus 

An hourglass-shaped curve that was first studied by 
Eudoxus in an attempt to solve the classical problem of 
duplicating the cube. It is described by the Cartesian 
equation 


ax" = bx? +y’). 


It is also the radial curve of the catenary. 


Kampyle of Eudoxus © Jan Wassenaar, www.2dcurves.com 
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The factors of a number are the numbers which divide exactly into 
it. So, the factors of 18 are 1, 2, 3, 6, 9 and 18. Notice that 1 is a 
factor of every number and that every number is a factor of itself. 


: Example 1.6.1 
Write down all the factors of (a) 12, (b) 11. 


(a) The factors of 12 are 1, 2, 3, 4, 6 and 12. 
(b) The factors of 11 are 1 and 11. 


Insight 
It is easy to find all the factors of a number by looking 
for pairs of numbers that multiply to give that number. For 
example, 1 x 18 = 18, 2 x 9 = 18, 3 x 6 = 18, so the factors 
of 18 are 1, 2, 3, 6, 9 and 18. 
The number 11 has only two factors and is an example of a prime 
number. A prime number, sometimes simply called a prime, is a 
number greater than 1 which has exactly two factors, itself and 1. 


Thus, the first eight prime numbers are 2, 3, 5, 7, 11, 13, 17 and 19. 
Insight 


2 is the only even prime number. 


Is 1 a prime number? The number 1 has only one factor 
(itself), and so it is not a prime number since the definition 
states that a prime number must have two factors. 


1 Write down the first five multiples of 7. 
2 (a) Write down the first ten multiples of 5. 
(b) How can you tell that 675 is also a multiple of 5? 
(Contd) 


1. Number 11 
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kappa curve 

Also known as Gutschoven’s curve, named after Gérard van 
Gutschoven (1615-1668), who first studied it around 
1662. The kappa curve, which resembles the Greek letter 
K, was also investigated by Isaac Newton and, some years 
later, by Johann Bernoulli (see Bernoulli family). It is 
given by the Cartesian equation 


y (x? + y?) == ax’. 


Kaprekar constant 

Take any four-digit number whose digits are not all 
identical. Rearrange the digits to make the largest and 
smallest 4-digit numbers possible. Subtract the smaller 
number from the larger. Use the resulting number and 
repeat the process. For example, starting with 4,731: 
7,431 — 1,347 = 6,084; 8,640 — 468 = 8,172; 8,721 — 
1,278 = 7,443; 7,443 — 3,447 = 3,996; 9,963 — 3,699 = 
6,264; 6,642 — 2,466 = 4,176; 7,641 — 1,467 = 6,174. 
After this, the result is always 6174. Remarkably, every 
four-digit number whose digits are not all the same will 
eventually reach 6,174, in at most seven steps, and then 
stay there. This is called the Kaprekar constant for four- 
digit numbers, after the Indian mathematician Dat- 
tathreya Ramachandra Kaprekar who made the discovery 
in 1949. The Kaprekar constant for three-digit numbers is 
495, which is arrived at for any three-digit number in no 
more than six iterations. The same process, or algorithm, 
can be applied to numbers of n-digits, where n is any 
whole number. Depending on the value of n, the algo- 
rithm will result in a nonzero constant, zero (the degen- 
erate case), or a cycle. 


Kaprekar number 

Take a positive whole number z that has d number of dig- 
its. Take the square of n and separate the result into two 
pieces: a right-hand piece that has d digits and a left-hand 
piece that has either d or d — 1 digits. Add these two 
pieces together. If the result is n, then is a Kaprekar 
number. Examples are 9 (9 = 81, 8 + 1 = 9), 45 (45° = 
2,025; 20 + 25 = 45), and 297 (297? = 88,209; 88 + 209 = 
297). The first 10 Kaprekar numbers according to this 
definition are 1; 9; 45; 55; 99; 297; 703; 999; 2,223; and 
2,728. Kaprekar numbers can also be defined by higher 
powers. For example, 45° = 91,125; and 9 + 11 + 25 = 45. 
The first 10 numbers with this property are: 1; 8; 10; 45; 
297; 2,322; 2,728; 4,445; 4,544; and 4,949. For fourth 
powers, the sequence begins 1; 7; 45; 55; 67; 100; 433; 
4,950; 5,050; 38,212. Notice that 45 is a Kaprekar num- 
ber for second, third, and fourth powers (45* = 
4,100,625; and 4 + 10 + 06 + 25 = 45)—the only number 
in all three Kaprekar sequences, up to at least 400,000. 
See also unique number. 


Kasner, Edward (1876-1955) 

An American mathematician at Columbia University 
best remembered for introducing the words googol and 
googolplex into the popular mathematical lexicon. He is 
also well known as the coauthor, with James Newman, 
of Mathematics and the Imagination, first published in 
1940." In a later edition (1967), he spoke about the 
term mathescope, which was coined by the science reporter 
Wilson Davis after listening to one of Kasner’s public lec- 
tures. In Kasner’s words: “It is not a physical instrument; 
it is a purely intellectual instrument, the ever-increasing 
insight which mathematics gives into the fairyland which 
lies beyond intuition and beyond imagination.” His 
main field of research was differential geometry, which 
he studied in its applications to mechanics, cartography, 
and stereographic projections, though he also wrote 
papers on circle packing and on the horn angle and stud- 
ied an extension of right triangles to the complex plane. 


Kepler, Johannes (1571-1630) 

A German astronomer and mathematician best remem- 
bered for his three laws of planetary motion. He also did 
important work in optics, discovered two new regular 
polyhedra (1619), gave the first mathematical treatment 
of close packing of equal spheres (in 1611, leading to an 
explanation of the shape of the cells of a honeycomb), 
gave the first proof of how logarithms work (1624), and 
devised a method of finding the volumes of solids of rev- 
olution that (with hindsight) can be seen as contributing 
to the development of calculus (1615-1616). Although 
his work eventually led to our modern view of the solar 
system, he himself held beliefs about the arrangement of 
the planets that smack of Pythagorean mysticism, though 
ultimately they stemmed from his belief that mathemati- 
cal harmony was a reflection of God’s perfection. In his 
first cosmological model (Mysterium cosmographicum, 
1596) he suggested that if a sphere were drawn to touch 
the inside of the path of Saturn, and a cube were in- 
scribed in the sphere, then the sphere inscribed in that 
cube would be the sphere circumscribing the path of 
Jupiter. Then if a regular tetrahedron were drawn in the 
sphere inscribing the path of Jupiter, the insphere of the 
tetrahedron would be the sphere circumscribing the path 
of Mars, and so inward, putting the regular dodecahe- 
dron between Mars and Earth, the regular icosahedron 
between Earth and Venus, and the regular octahedron 
between Venus and Mercury. Thus the number of (then- 
known) planets is explained perfectly in terms of the five 
convex regular solids—the Platonic solids. 

Kepler’s second work on cosmology (Harmonices mundi 
[Harmony of the world], book V, 1619) offers a more elab- 
orate mathematical model but still with the polyhedra in 
place. The mathematics in this work includes the first 
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systematic treatment of tessellations, a proof that there are 
only 13 convex uniform polyhedra (the Archimedean 
solids) and the first account of two non-convex regular 
polyhedra (see Kepler-Poinsot solids). 

Kepler's mathematical work was full time and contin- 
ued even during the wedding to his second wife in 1613. 
The dedicatory letter to a book he wrote shortly after 
explains that at the wedding celebration he noticed that 
the volumes of wine barrels were estimated by means of 
a rod slipped in diagonally through the bunghole, which 
prompted him to wonder how that could work. The 
result was a study of the volumes of solids of revolution, 
Nova Stereometria Doliorum (New stereometry of wine 
barrels, 1615). 


Kepler-Poinsot solids 

The four regular nonconvex polyhedra that exist in addi- 
tion to the five regular convex polyhedra known as the 
Platonic solids. As with the Platonic solids, the Kepler- 


Poinsot solids have identical regular polygons for all their 
faces, and the same number of faces meet at each vertex. 
What is new is that we allow for a notion of “going around 
twice,” which results in faces that intersect each other. In 
the great stellated dodecahedron and the small stellated dodeca- 
hedron, the faces are pentagrams (five-pointed stars). The 
center of each pentagram is hidden inside the polyhedron. 
These two polyhedra were described by Johannes Kepler 
in 1619, and he deserves credit for first understanding 
them mathematically, though a sixteenth-century drawing 
by the Nuremberg goldsmith Wentzel Jamnitzer (1508- 
1585) is very similar to the former and a fifteenth-century 
mosaic attributed to the Florentine artist Paolo Uccello 
(1397-1475) illustrates the latter. The great icosahedron and 
great dodecahedron were described by Louis Poinsot in 
1809, though Jamnitzer made a picture of the great dodec- 
ahedron in 1568. In these two, the faces (20 triangles and 
12 pentagons, respectively) that meet at each vertex “go 
around twice” and intersect each other, in a manner that is 


Kepler-Poinsot solids From left to right: the small stellated dodecahedron, great stellated dodecahedron, great icosahedron, 
and great dodecahedron. Robert Webb, www.software3d.com; created using Webb's Stella program 
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the three-dimensional analog to what happens in two 
dimensions with a pentagram. Together, the Platonic sol- 
ids and the Kepler-Poinsot polyhedra form the set of nine 
regular polyhedra. Augustin Cauchy first proved that no 
other polyhedra can exist with identical regular faces and 
identical regular vertices. 


Kepler's conjecture 

No packing of spheres of the same radius in three dimen- 
sions has a density greater than the face-centered (hexago- 
nal) cubic packing. This claim was first published by 
Johannes Kepler in his monograph The Six-Cornered 
Snowflake (1611), a treatise inspired by his correspondence 
with Thomas Harriot (see cannonball problem). In his 
slender essay, Kepler asserted that face-centered cubic 
packing—the kind greengrocers use to stack oranges—is 
“the tightest possible, so that in no other arrangement 
could more pellets be stuffed into the same container.” 
The question of whether Kepler’s conjecture is right or 
not has became known, not surprisingly, as Kepler’s prob- 
lem. In the nineteenth century, Carl Gauss proved that 
face-centered cubic packing is the densest arrangement in 
which the centers of the spheres form a regular lattice, but 
he left open the question of whether an irregular stacking 
of spheres might be still denser. In 1953, László Toth 
reduced the Kepler conjecture to an enormous calculation 
that involved specific cases, and later suggested that com- 
puters might be helpful for solving the problem. This was 
the approach taken by Thomas Hales, a mathematician at 
the University of Michigan at Ann Arbor, and which led 
him, in 1998, to claim that he had proved Kepler was right 
all along. Hales’s proof of Kepler’s conjecture remains 
controversial simply because of the length of the com- 
puter calculations involved and the difficulty of verifying 
them. The casebook on this mystery remains open. See 
also monster group. 


Khayyam, Omar (1044-1123) 

An outstanding Persian mathematician and astronomer, 
whose full name was Abu al-Fath Omar ben Ibrahim al- 
Khayyam, or “tent-maker”—possibly his father’s profes- 
sion. His work on algebra was known throughout Europe 
in the Middle Ages. He made several important contribu- 
tions: he discovered a geometrical method to solve cubic 
equations by intersecting a parabola with a circle, dis- 
cussed what would become known as Pascal’s triangle, 
and asked if a ratio could be regarded as a number. He is 
best known, however, as a poet. In 1859, Edward Fitzger- 
ald (1809-1883) translated Khayyam’s Rubaiyat—a popu- 
lar collection 600 short four-line poems. Rosehips from 
Khayyam’s tomb were germinated at Kew Gardens, Lon- 
don, and planted on Fitzgerald’s tomb in St. Michael’s 


Churchyard, Boulge, Suffolk, in 1893; the original plant 
has died, but its descendents continue to bloom. 


Khintchine's constant 

One of the most remarkable, yet poorly understood, 
constants in mathematics, which captures, in a fascinat- 
ing way, the behavior of almost all real numbers. Pick a 
real number at random and write it down as a continued 
fraction. Almost certainly, the geometric mean of the 
terms in this continued fraction will be Khintchine's 
constant, which has the value 2.685452 .... It is impor- 
tant to say “almost certainly” because there are some real 
numbers including all rational numbers, roots of third- 
order polynomials, and certain other classes of number, 
whose continued fractions would give a different result. 
These exceptions, however, form a tiny minority of all 
real numbers. 


kings problem 

The problem of determining how many nonattacking 
kings, K(z), can be placed on an n x n chessboard. For 
n = 8, the solution is 16. The general solution is K(z) = 
Yan? if n is even and K(n) = Ya(n + 1) if n is odd. The min- 
imum number of kings needed to attack or occupy all 
squares on an 8 x 8 chessboard is nine. 


kinship puzzles 

Like age puzzles and tricks, problems to do with how 
family members are related go back many centuries. 
Some of these can be fiendishly convoluted, especially 1f 
incestual pairings are allowed (in the puzzle!). Sketching 
a genealogical tree is sometimes helpful. The following 
all involve legitimate ties. 


PUZZLES 
1. Brothers and sisters have | none, but that man’s 
father is my father’s son. Who is that man? (This is 
one of the oldest problems of the kinship variety.) 
2. What is the simplest way in which two people can 
be an uncle to each other? (From Dudeney's A 
Puzzle-Mine.) 

. A certain family party consisted of 1 grandfather, 1 
grandmother, 2 fathers, 2 mothers, 4 children, 3 
grandchildren, 1 brother, 2 sisters, 2 sons, 2 
daughters, 1 father-in-law, 1 mother-in-law, and 1 
daughter-in-law. Twenty-three people, you will 
say. No; there were only seven people present. 
Can you show how this might be? (From Amuse- 
ments ín Mathematics.) 

Solutions begin on page 369. 


WN 
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Kirkman, Thomas Penyngton (1806-1895) 

An English rector and mathematician who did important 
work in combinatorics. His schoolgirls problem, which 
he posed in 1850, led to a more general study of certain 
ways of combining objects. He also explored the possi- 
bility of finding a route around the edges of a given poly- 
hedron that passes through each vertex (corner) of the 
shape once and only once. His rather complex and ulti- 
mately unprovable ideas were later picked up and refined 
successfully by William Hamilton, but not be-fore Kirk- 
man had managed to supply a general proof of the fact 
that “if a polyhedron has an odd number of vertices and 
each face has an even number of edges, then there is no 
circuit which passes through all the vertices.” This result 
introduces the concept of a bipartite graph—a graph that 
can be divided into two separate sets of vertices such that 
every edge in one set joins a vertex. 


kite 

A quadrilateral, with two pairs of congruent adjacent 
sides, that is named after one of the traditional forms of 
toy kite. The toy itself probably draws its name from the 
bird commonly called a kite, or kyte, in England. The old 
English form of the word, cyte, may in turn derive from 
an early German name for an owl. A nonconvex kite is 
often called a dart, a term used by Roger Penrose in his 
proof on a nonperiodic tiling of the plane (see also Pen- 
rose tiling). Proclus referred to this shape as a “four- 
sided triangle” and spoke of it as a geometric paradox. 
John Conway pointed out that there is no special name 
for a quadrilateral that has two pairs of equal sides that, 
unlike in the case of a kite, are not parallel sides. He pro- 
posed the name strombus for such a figure, from the 
Greek for a spinning top. 


Klein, Christian Felix (1849-1925) 

A German mathematician noted for his work on non- 
Euclidean geometry, the connections between geometry 
and group theory, and the theory of functions. His Er- 
langen Programm (1872) for unifying the diverse forms 
of geometry through the study of equivalence in trans- 
formation groups was profoundly influential, especially 
in the United States, for over 50 years. In his Lectures on 
the Icosahedron and the Solution of Equations of the Fifth 
Degree (1884, tr. 1888) he showed how the rotation 
groups of regular solids could be applied to the solution 
of difficult algebraic problems. Klein was a professor of 
mathematics successively at the University of Erlangen, 
the Technical Institute in Munich, and the universities of 
Leipzig and Göttingen, and was a prolific writer and lec- 
turer on the theory, history, and teaching of mathemat- 
ics. See also Klein bottle. 


Klein bottle The famous container, with zero volume, ren- 
dered in the improbable form of a soap bubble. © John M. Sulli- 
van, University of Illinois and TU Berlin 


Klein bottle 


A mathematician named Klein, 
Thought the Mobius band was divine, 
He said, “If you glue, 
The edges of two, 
You'll get a weird bottle like mine.” 
—Leo Moser 


Take a rectangle and join one pair of opposite sides to 
make a cylinder. Now join the other pair with a half-twist. 
The result is a Klein bottle. Sound easy? It is if you have 
access to a fourth dimension because that’s what is 
needed to carry out the second step and to allow the sur- 
face to pass through itself without a hole. A true Klein 
bottle is a four-dimensional object. It was discovered in 
1882 by Felix Klein when he imagined, as in the limerick, 
joining two Möbius bands together to create a single- 
sided bottle with no boundary. 

An ordinary (three-dimensional) bottle has a crease or 
fold around the opening where the inside and outside of 
the bottle meet. A sphere doesn’t have this crease or fold, 
but it has no opening. A Klein bottle has an opening but 
no crease: like a Mobius band, it is a continuous one- 
sided structure. Because it has no crease or fold, there’s 
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no verifiable definition of where its inside and outside 
begin. Therefore, the volume of a Klein bottle is consid- 
ered to be zero, and the bottle has no real contents— 
except itself! As the joke goes: “In topological hell the 
beer is packed in Klein bottles.” Take a coin, slide it 
across the surface of a Klein bottle until 1t returns to its 
starting point, and the coin, as if by magic, will be flipped 
over. This is because, unlike a sphere or a regular bottle, a 
Klein bottle is nonorientable. 

Although a Klein bottle can't be “embedded” (that is, 
fully realized) in three dimensions, it can be “immersed” 
in three dimensions. Immersion is what happens when a 
higher dimensional object cuts through a lower dimen- 
sional one, producing a cross section. When a sphere is 
immersed in a plane, for example, it produces a circle. 
The computer-generated soap bubble structure shown 
here could be created by stretching the neck of a bottle 
through its side and joining its end to a hole in the base. 
Except at the side-connection (the nexus), this properly 
shows the shape of a four-dimensional Klein bottle. Just 
as the picture here is of a three- dimensional Klein bottle 
immersion, so an immersion in real life is like a drawing 
of the true four-dimensional bottle. 


knights problem 

To find the maximum number of knights that can be 
placed on an 2 x n chessboard in such a way that no two 
pieces are attacking each other. For a standard 8 x 8 chess- 
board, the answer is 32 (all on white squares or all on 
black). In the general, the solution is Y n’ if n is even and 
l/ (n? + 1) if n is odd, giving the sequence 1, 4, 5, 8, 13, 
1 oo 


knight's tour 
A classic chess puzzle: to find a sequence of moves by 
which a knight can visit each square of a chessboard 
exactly once. If the final position is a knight's move away 
from the first position, the tour is said to be closed or reen- 
trant. The earliest recorded solution for a standard 8 x 8 
chessboard was given by Abraham de Moivre; the earliest 
known reentrant solution came from the French mathe- 
matician Adrien-Marie Legendre (1752-1833). Not to be 
outdone Leonhard Euler found a reentrant tour that visits 
two halves of the board in turn. The problem can be gen- 
eralized to an 1 x n board, with some surprising results; for 
example, a reentrant tour is not possible on a 4 x 4 board. 
A knight’s tour is called a magic tour if the resulting 
arrangement of numbers forms a magic square, and a 
semimagic tour if the resulting arrangement of numbers is 
a semi-magic square. It has long been known that magic 
knight’s tours aren't possible on n x n boards if n is odd. 
It was also known that such tours are possible for all 
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knight's tour After visiting every square of the chessboard 
exactly once, the knight returns to its starting point. 


boards of size 4k x 4k for k > 2. However, while a number 
of semi-magic knights tours were known on the usual 
8 x 8 chessboard, it was not known if any fully magic 
tours existed on the 8 x 8 board. This longstanding open 
problem was finally settled in the negative by an exhaus- 
tive computer enumeration of all possibilities. The soft- 
ware for the computation was written by J. C. Meyrignac, 
and a Web site was established by Guenter Stertenbrink 
to distribute and collect results for all possible tours. 
After 61.40 CPU-days, corresponding to 138.25 days of 
computation at 1 GHz, the project was completed on 
August 5, 2003. As well as netting a total of 140 distinct 
semi-magic knight's tours, the computation showed for 
the first time that no 8 x 8 magic knight’s tour is possible. 

More magical and mysterious tours can be conducted 
on boards on the surfaces of cubes, cylinders, toruses, 
and multidimensional shapes, such as hypercubes. See 
also Hamilton path. 


knot 


Never cut what you can untie. 
—Joseph Joubert 


A closed curve in three dimensions. The two simplest non- 
trivial knots are the trefoil knot, whose picture has three 
crossings, and the figure-eight knot, whose picture has four. 
To date, more than 1.7 million nonequivalent knots with 
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pictures of 16 or fewer crossings have been identified. The 
mathematical theory of knots was born out of attempts to 
model the atom. Near the end of the nineteenth century, 
William Thomson (Lord Kelvin) suggested that different 
atoms were actually different knots tied in the ether that 
was believed to permeate all of space. Physicists and math- 
ematicians set to work making a table of distinct knots, 
believing they were making a table of the elements. A pio- 
neer in this effort, alongside Thomson, was Peter Tait. By 
the time the theory of the ether vanished into thin air, knot 
theory was firmly tied into mainstream mathematics. It blos- 
somed with the development of topology and eventually 
led to important applications in DNA research and molec- 
ular biology. Today it is one of the most active areas of 
mathematical research. See also tie knot, loop, and braid. 


Knuth's up-arrow notation 

A notation for large numbers developed by the Ameri- 
can mathematician Donald Knuth in 1976. A single up- 
arrow (1) is the same as exponentiation: 


n 


mT n=mxmx...Xm (n terms) = m". 


Two up-arrows together represent a power tower: 
m TT n= m” : 

(a tower of height z), which is the same as the operation 

known as hyper4 or tetration. This can very rapidly gener- 

ate huge numbers. For example: 


27TT2=27T2=4 

oT 321 A TAS 16 

277 4=2T27T2T2=27T 16 = 65,536 

3 TT 2=373=27 

3 TT 3=3 1373 =3 T 27 = 7,625,597,484,987 
31T4=3 IES T3 3 T 3 T 27 = 3762559784987 


Three up-arrows together represent a still more vastly 
powerful operator, equivalent to hyper5 or pentation, or a 
power tower of power towers: 


mV UT n=m T mW... TT m (n terms) 


For example: 


27TTT2=27TT2=4 

2 TTT 3=27TT2 TT 2=2 TT 4 = 65,536 

2 TTT 4=2 TT 2 TT 2 TT 2=2 TT 65,536=2 T 2 
T... 12 (65,536 terms) 

3 TTT 2 =3 TT 3 = 7,625,597,484,987 

3 TTT 3 =3 TT3 TT 3 =3 TT 7625,597,484,987 = 3 
TaT 3 (a power tower 7,625,597,484,987 
layers high) 

3 TTT 4=3 TTS 13 tt seo 113 TT 
7,625,597,484,987 =3 TT 3 T... T 3 (a tower 

3 TT 7,625,597,484,987 layers high) 


Similarly, 
m TITT n=m TTT m TTT... TTT m (n terms) 


so that, for example: 


27TTTT2=2TTT2=4 

MAA E ce 
2 (65,536 terms) 

2 A 2h ll AM A A T2 
T... T 2 (65,536 terms) 

3 TTTT2=3 TTT3=3T3T...T3 
(7,625,597,484,987 terms) 

3 TTTT3=3 TTT3 i Vt es aD dV fd J 
(7,625,597,484,987 terms) 

=3 i es ES T. T3 Go acs AO ES 
(7,625,597,484,987 terms) 


Even up-arrow notation becomes cumbersome, how- 
ever, when one is faced with staggeringly large numbers 
such as Graham’s number. For such cases, more exten- 
sive systems such as Conway’s chained arrow notation 
or Steinhaus-Moser notation are better suited. See also the 
Ackermann function, to which up-arrow notation 1s 
closely related. 


Koch snowflake 

One of the most symmetric and easy to understand frac- 
tals; it is named after the Swedish mathematician Helge 
von Koch (1870-1924), who first described it in 1906. To 
make the snowflake, start with a straight line and split it 
into three equal parts. Replace the middle part with two 
lines, both of the same length as the first three, creating an 


Koch snowflake This fractal shape emerges from continually 
sprouting equilateral triangles. Xah Lee, www.xahlee.org 


Kronecker, Leopold 179 


equilateral triangle missing the bottom line. The shape now 
consists of four straight lines with the same length. For 
each of these lines, repeat this process, then continue the 
transformation indefinitely. The Koch snowflake has infi- 
nite length because each iteration increases the length of a 
line segment one-third, and the iterations go on forever. 

The same kind of process can be applied to a tetrahe- 
dron. Take a regular tetrahedron (all side lengths the 
same) and glue to each of its faces a smaller regular tetra- 
hedron. (Each smaller tetrahedron is scaled down by a 
factor of 12 from the larger one, and placed on each face 
in an inverted fashion, so that it divides the face into four 
equilateral triangles and covers the center one.) Then iter- 
ate this process. Intuition suggests that the end product 
might be a very strange-looking jagged object. But in fact, 
in the limit, as the number of iterations tends to infinity, 
the result is a perfect cube! The cube has side length 
t/\2, where t is the length of one of the edges of the reg- 
ular tetrahedron you started with. Variations on the flat 
Koch snowflake include the exterior snowflake, the Koch 
antisnowflake, and the flowsnake curves. 


Kolmogorov, Andrei Nikolaievich (1903-1987) 

A Russian mathematician and physicist who advanced 
the foundations of probability theory, the algorithmic 
theory of randomness, and made crucial contributions 
to the foundations of statistical mechanics, stochastic 
processes, information theory, fluid mechanics, and 
nonlinear dynamics. All of these areas, and their interre- 
lationships, underlie complex systems as they are stud- 
ied today. His work on reformulating probability started 
with a 1933 paper in which he built up probability theory 
in a rigorous way from fundamental axioms, similar to 
Euclid’s treatment of geometry. Kolmogorov went on to 
study the motion of the planets and turbulent fluid 


flows, publishing two papers in 1941 on turbulence that 
even today are of fundamental importance. 

In 1954 he developed his work on dynamical systems 
in relation to planetary motion, thus demonstrating the 
vital role of probability theory in physics and reopening 
the study of apparent randomness in deterministic sys- 
tems, along the lines originally conceived by Henri Poin- 
caré. In 1965 he introduced the algorithmic theory of 
randomness via a measure of complexity, now referred to 
as Kolmogorov complexity. According to Kolmogorov, the 
complexity of an object is the length of the shortest com- 
puter program that can reproduce the object. Random 
objects, in his view, were their own shortest description, 
whereas periodic sequences have low Kolmogorov com- 
plexity, given by the length of the smallest repeating 
“template” sequence they contain. Kolmogorov’s notion 
of complexity is a measure of randomness, one that is 
closely related to Claude Shannon’s entropy rate of an 
information source. 


Kónigsberg bridge problem 
See bridges of Königsberg. 


Kronecker, Leopold (1823-1891) 

A German mathematician and pioneer in the field of alge- 
braic numbers who formulated the relationship between 
the theory of numbers, the theory of equations, and ellip- 
tic functions. He acquired a passion for number theory 
from Ernst Kummer, his instructor at the Liegnitz Gymna- 
sium. Kronecker, who made a fortune in business before 
returning to his academic studies, claimed that mathemat- 
ical argumentation should be based only on integers and 
finite procedures. He was one of Georg Cantor’s sternest 
critics and refused to accept the validity of Weierstrass’s 
nondifferentiable function. 


labyrinth 


See maze. 


Lagrange, Joseph Louis (1736-1813) 

An Italian-born French mathematician who made impor- 
tant contributions to number theory and to classical and 
celestial mechanics. By his mid-twenties he was recog- 
nized as one of the greatest living mathematicians 
because of his papers on wave propagation and the max- 
ima and minima of curves. His prodigious output in- 
cluded his textbook Mécanique Analytique (Analytical 
mechanics, 1788), the basis for all later work in this field. 
His remarkable discoveries include the Lagrangian, a dif- 
ferential operator characterizing a system’s physical state, 
and the Lagrangian points, points in space where a small 
body in the gravitational fields of two large ones remains 
relatively stable. Under Napoleon, Lagrange was made 
both a senator and a count; he is buried in the Panthéon. 


lambda calculus 

A model of computation that is capable of universal 
computation. The Lisp programming language was in- 
spired by lambda calculus. 


Lamé curve 

Any of a family of curves related to the ellipse and that 
was first recognized and studied in 1818 by the French 
physicist and mathematician Gabriel Lamé (1795-1870). 
The formula for the Lamé curve family is a generalization 
of the equation for an ellipse (|x/a/? + | y/b]?= 1), namely: 


lx/al” + | y/bl" = 1, 


where n is any real number. When z = 0, the curve 
reduces to a pair of crossed lines. As increases, the curve 
changes from a curved star shape to a rectangle, with 
diagonals a and b, when n = 1. The special case when 
n=" corresponds to the astroid. Between n= 1 and n= 
2 the curve turns from a curved rectangle to an ellipse (or 
a circle when both a and / are 1). For values of n greater 
than 2, Lamé curves are known as superellipses. 


lamination 

A decoration of a manifold in which some subset is par- 
titioned into sheets of some lower dimension, and the 
sheets are locally parallel. It may or may not be possible 
to fill the gaps in a lamination to make a foliation. 
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Langley's adventitious angles 

A seemingly simple problem first posed in 1922 by E. M. 
Langley”! in connection with an isosceles triangle. In its 
original form, it is stated as follows: ABC is an isosceles 
triangle. B = C = 80°. CF at 30° to AC cuts AB in F. BE 
at 20° to AB cuts AC in E. Prove angle BEF = 30°. (No 
mention is made of D. Perhaps it is at the intersection of 
BE and CF.) A number of solutions appeared shortly 
after, including this one given by J. W. Mercer: Draw BG 
at 20° to BC, cutting CA in G. Then angle GBF = 60° 
and angles BGC and BCG are 80°. So BC = BG. Also 
angle BCF = angle BFC = 50°, so BF = BG and triangle 
BFG is equilateral. But angle GBE = 40° = angle BEG, so 
BG = GE = GF. And angle FGE = 40°, hence GEF = 70° 
and BEF = 30°. 


Langton's ant 

A type of cellular automaton, or a simple form of artifi- 
cial life, named after its designer, Christopher Langton. 
The ant lives on an infinitely large chessboard, each 
square of which can be either black or white. Two pieces 
of information are associated with this digital insect: the 


Lamé curve One example from the family of Lamé curves. O 
Jan Wassenaar, www.2dcurves.com 
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Langton's ant After 368 steps, a symmetrical pattern 
emerges. 


direction that it's facing, and the state of the square that 
it currently occupies. Three simple rules govern the ant's 
behavior: (1) If it’s on a black square, it turns left. (2) If 
it’s on a white square, it turns right. (3) As it moves to the 
next square, the one it was on reverses color. Interest in 
Langton’s ant stems from the fact that despite being a 
completely determined system governed by extremely 
simple rules, the patterns it produces are fantastically rich 
and complex. For the first 10,000 moves or so, the ant 
meanders around, building and then unbuilding struc- 
tures with little pattern to them. Then, near the end of 


Langton’s ant After 10,647 steps the “highway” is under 
construction. 


this chaotic phase, the ant begins to construct a diagonal 
highway off toward one edge of the board. In fact, this 
pattern stems from a sequence of 104 moves that, once 
started, will go on forever. In the language of chaos the- 
ory, the pattern is a stable attractor for the system. Remark- 
ably, no matter what the initial arrangement of squares— 
even if the white and black squares are set up randomly— 
the ant will end up building a highway. The ant can be 
allowed to wrap around the edges of a finite board, thus 
allowing it to intersect its own path, and it will still end up 
building the highway. Are there any initial states that 
don’t lead to the diagonal-road-building loop? No excep- 
tions have been found from experiments—but proving it 
is another matter. Most mathematicians believe there is 
no general analytical method of predicting the position 
of the ant, or of any such chaotic system, after any given 
number of moves. Its behavior can’t be reduced to the 
rules that govern it. In this sense, Langton’s ant is a sim- 
ple demonstration of the undecidability of the halting 
problem. The British mathematician Ian Stewart and 
biologist Jack Cohen, in their book Figments of Reality," 
go a step further and use Langton’s ant as an analog of an 
essential stage in the evolution of complex systems such 
as life: a stage in which the existence of chaotic behavior 
contains the potential for the spontaneous emergence of 
unpredictable forms of order. 


Laplace, Pierre Simon (1749-1827) 

A French mathematician and astronomer who was heav- 
ily involved with the development of celestial mechanics. 
He made an early impact by solving a complex problem 
of mutual gravitation that had eluded both Leonhard 
Euler and Joseph Lagrange. Laplace was among the most 
influential scientists of his time and was called the New- 
ton of France for his study of and contributions to the 
understanding of the stability of the solar system. Laplace 
generalized the laws of mechanics for their application to 
the motion and properties of the heavenly bodies. He is 
also famous for his great treatises Mécanique céleste (Celes- 
tial mechanics, 1799-1825) and Théorie analytique des prob- 
abilités (Analytical theory of probabilities, 1812) which 
were advanced in large part by the mathematical tech- 
niques that Laplace developed early in his life. 


large number 


Bigger than the biggest thing ever and then some. 
Much bigger than that in fact, really amazingly 
immense, a totally stunning size, real “wow, that’s 
big!” time... . Gigantic multiplied by colossal mul- 
tiplied by staggeringly huge is the sort of concept 
we're trying to get across here. 

—Douglas Adams, The Restaurant at the End of the Universe 
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Making, naming, and representing very large numbers is 
itself a big problem. A simple way to start is by adding 
zeros: 10; 100; 1,000; 10,000;..., 1,000,000;.... But 
this quickly gets tedious and exponentiation becomes a 
more attractive option: 10', 10’, 10°,..., 10°,.... Nam- 
ing the various powers of 10 follows a regular pattern of 
prefixes. In the United States, 10° is one thousand, 10° is 
one million, 10? is one billion, 10” is one trillion, 10” is 
one quadrillion, and so on. The “-illion” root kicks in at 
the sixth power of 10 prefixed by “m” for “mono”; then, 
every jump of three powers (factor of a thousand) comes 
the next prefix. Put another way, the U.S. name for 10” 
uses the Latinized prefix for n — 1. One centillion, which 
is the largest number with a single-word name in English, 
is 10°”. Elsewhere in the world, “billion,” “trillion,” and 
so on, can mean things other than they do in the U.S. 
system. A British billion, for example, is one million mil- 
lion, or 10’’, while the now largely obsolete term milliard 
was used for a thousand million. However, the American 
forms have become fairly standard internationally and 
are used without qualification in this book. It's also 
worth noting that, while “quadrillion,” “quintillion,” and 
so forth, are perfectly valid terms, “one thousand tril- 
lion,” “one million trillion,” and so forth, are generally 
preferred. 

Exponentiating quite small numbers seems at first to 
be a pretty economical way of making and writing large 
numbers: 10%, for example, is a highly effective short- 
hand for 1,000,000,000,000,000,000,000,000,000,000. 
But this method runs out of steam as the numbers get 
bigger and bigger. Take, for instance, the googol and the 
googolplex. One googol is the unofficial name for 10', 
or 1 followed by 100 zeros. This innocuous-looking 
number is larger than the number of atoms in the uni- 
verse. What happens, therefore, if we want to represent 
the number that is 1 followed by a googol number of zeros? 
One way would be to write “1 followed by a googol 
number of zeroes”! But this is cheating because it 
couldn't be generalized without first giving a proper 
name to a fantastically large number of numbers. A bet- 
ter solution is to exponentiate using large numbers. 
Thus, 1 googolplex = 10% = 101%”. This is the begin- 
ning of a power tower. 

Are numbers as large as the googol, not to mention the 
googolplex, of any practical importance? Science has 
given us such colossi as the Avogadro constant (the num- 
ber of molecules in a sample whose weight in grams 
equals its molecular weight) = 6.023 x 10”, the Eddington 
number (astrophysicist Arthur Eddington’s best estimate 
of the number of protons in the universe) = 1.575 x 10”, 
and the Supermassive Black Hole Evaporation Time = 
10' years (or thereabouts)—which brings us to the level of 


the googol. But there’s nothing known or that can be rea- 
sonably conjectured in the “real” world of physics that 
goes much beyond this. 

Science fiction can carry us a bit further. In The Hitch- 
hiker’s Guide to the Galaxy" by Douglas Adams appears 
one of the largest numbers ever used in a work of fiction: 
27 These are the odds quoted against the characters 
Arthur Dent and Ford Prefect being rescued by a passing 
spaceship just after having been thrown out of an airlock. 
As it happens, they are rescued by a spaceship powered 
by the “infinite improbability drive.” By contrast, some 
special numbers in mathematics make even the googol- 
plex look tiny. Skewes’ number, 10'%”, was long held 
up as an example of a googolplex-dwarfing number that 
nevertheless served a bonafide purpose in mathematics. 
However, even this seemingly immense integer is made 
to look ridiculously small by the likes of more recently 
described numbers, such as Graham’s number, the 
Mega, and the Moser, which are so utterly vast that it takes 
a page or two simply to describe the various special nota- 
tions used to represent them. 

Just as writing out a number in full, or in place-value 
notation, becomes unwieldy with numbers as big as a 
googol, so exponentiation, in turn, endangers the world’s 
forests if it tries to take on seriously large numbers. 
A more effective shorthand is tetration—tetra (from the 
Greek meaning “four”) because it is the fourth dyadic 
operation in the series: addition, multiplication, ex- 
ponentiation, tetration. Dyadic means that two num- 
bers, or arguments, are involved in the operation. 
Multiplication is repeated addition (e.g.,2x3=2+2+ 
2), exponentiation is repeated multiplication (e.g., 2? = 
2 x 2 x 2), and tetration is repeated exponentiation. For 
example, 2 tetrated to 3, represented as °2, is 2” = 2* = 
16; 2 tetrated to 4, or 42, is 2” = 21% = 65,536; and 2 
tetrated to 5, or °2, is 2” = 26% = something too big 
to write out in full. Tetration goes by various other 
names including superpower, superdegree, and, the one 
used most commonly in mathematical circles and also 
here, hyper4. 

Just as the exponentiation of two numbers, a and J, is 
represented as a’ and defined as ax ax... x a(b terms), 
the hyper4 of a and bis represented as ab and defined 
as a” (a power tower with J levels). Alternatively, the 
hyper4 operator can be represented in Knuth’s up-arrow 
notation as a TT b. Continuing this pattern: 


hyper5 of a and b= a% b= a%a® ...a® =a TTT b 
hyper6 of a and b= a%b=a%a® ...a =a TITT b 
hyper7 of a and b= ab =a%a® ...a% =a TTTTT b 


To get some idea of the potency of this kind of represen- 
tation, consider the sequence 


12 


12 
13 


Write down all the factors of 20. 

(a) Find the sum of the factors of 28, apart from 28 itself. 

(b) Comment on your answer. 

Write down all the factors of 23. 

(a) The number 4 has three factors (1, 2 and 4). Find five more 
numbers, each of which has an odd number of factors. 

(b) What do you notice about your answers to part (a)? 

Write down the four prime numbers between 20 and 40. 

2 is the only even prime number. Explain why there cannot be any 

others. 

Write down the largest number which is a factor of 20 and is also 

a factor of 30. 

Write down the smallest number which is a multiple of 6 and is 

also a multiple of 8. 

Write down the factors of 30 which are also prime numbers. 

(These are called the prime factors of 30.) 

Write down the prime factors of 35. 

The prime factors of 6 are 2 and 3. Find another number which has 

2 and 3 as its only prime factors. 
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1 
10 
10,000,000,000 


10,000,000,000,000,000,000,000,000,000,000,000,000, 
000,000,000,000,000,000,000,000,000,000,000,000, 
000,000,000,000,000,000,000,000,000 (100 zeroes) 


Notice how big even the fourth term is? The seemingly 
innocuous-looking number 5 TTTTT 5 (or 505) is so huge 
that it would be around the 100,000,000,000,000,000th 
(one hundred thousand trillionth) term of this sequence! 
Since the dyadic operators discussed previously form a 
pattern, they can be telescoped into a single triadic oper- 
ator that has three arguments. This can be defined as: 


l+bforn=0 

a+bforn=1 

axbforn=2 

a Y bforn=3 

aT hy(a, 4,b- 1) forn=4 

hy(a, n— 1, hy(a, n, b — 1) forn > 4 
aforn>1,b=1 


hy(a, n, b) = 


Beyond hyper are other triadic operators capable of gen- 
erating large numbers even faster. The Ackermann func- 
tion and the Steinhaus-Moser notation are both equivalent 
to a triadic operator that is somewhat more powerful 
than hy(a, n, b). Similarly, Conway’s chained-arrow 
notation marks an evolution of Knuth's symbolism. 
These various techniques and notations can produce 
immense finite numbers. But beyond any of these lie the 
many different kinds of infinity. 


lateral inhibition illusion 
See Hermann grid illusion. 


Latin square 

An n xn square grid, or matrix, whose entries consist of 2 
symbols such that each symbol appears exactly once in 
each row and each column. The following are some 
examples: 


12 123 1234 1234 MA GI C 
21 231 2341 2143 GI CMA 
312 3412 3412 CMA Gl] 
4123 4321 A GI CM 

I CMAG 


Latin squares have a long history, stretching back at least 
as far as medieval Islam (c. 1200), when they were used 
on amulets. Abu l’Abbas al Buni wrote about them and 
constructed, for example, 4 x 4 Latin squares using let- 


ters from a name of God. In his famous etching Melan- 
cholia, the fifteenth-century artist Albrecht Diirer por- 
trays a4 x 4 magic square, a relative of Latin squares, in 
the background. Other early references to them concern 
the problem of placing the 16 face cards of an ordinary 
deck of cards in the form of a square so that no row, col- 
umn, or diagonal contains more than one card of each 
suit and each rank. Leonhard Euler began the systematic 
treatment of Latin squares in 1779 and posed a problem 
connected with them, known as the thirty-six officers 
problem, that wasn’t solved until the beginning of the 
twentieth century. Arthur Cayley continued work on 
Latin squares, and in the 1930s the concept arose again 
in the guise of multiplication tables when the theory of 
quasigroups and loops began to be developed as a gen- 
eralization of the group concept. Latin squares played 
an important role in the foundations of finite geome- 
tries, a subject that was also in development at that time. 
Also in the 1930s, a large application area for Latin 
squares was opened by R. A. Fisher who used them and 
other combinatorial structures in the design of statistical 
experiments. 


lattice 

A periodic arrangement of points such as the vertices (see 
vertex) of a tiling of space by cubes or the positions of 
atoms in a crystal. More technically, a discrete Abelian 
subgroup (see Abelian group) of an n-dimensional vec- 
tor space that is not contained in an (n — 1)-dimensional 
vector space. Lattices play a central role in the theory of 
Lie groups, in number theory, in error-correcting codes, 
and many other areas of mathematics. See also geo- 


board. 


lattice path 

A sequence of points in a lattice such that each point dif- 
fers from its predecessor by a finite list of allowed steps. 
Random lattice paths are an interesting model for the 
random motion of a particle and lattice paths are also 
important in enumerative combinatorics. 


lattice point 
A point with integer coordinates. 


latus rectum 

A chord of an ellipse that passes through a focus and is 
perpendicular to the major axis of the ellipse. Its plural is 
latera recta. 


league 
An archaic unit of traveling distance. The precise value 
varied, but was usually around 3 miles (4.8 kilometers). 
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least common multiple 
The smallest integer that is an exact multiple of every 
number in a set of integers. 


least upper bound 
The smallest number that is larger than every member of 
a set of numbers. 


Lebesgue, Henri Leon (1875-1941) 

A French mathematician who introduced the modern 
definition of an integral. Lebesgue graduated from the 
Ecole Normale Supériere and, from 1921, taught at 
the College de France. He and Emile Borel founded the 
modern theory of functions of a real variable, Lebesgue’s 
great contribution being his new general definition of an 
integral (1902), which became known as the Lebesgue inte- 
gral (see integration). This led to important advances in 
calculus, curve rectification, and trigonometric series, 
and, in Borel’s hands, marked the start of measure the- 
ory. Although the Lebesgue integral was an example of 
the power of generalization, Lebesgue himself wasn’t a 
fan of generalization and spent the rest of his life working 
on very specific problems, mostly in analysis. 


Lebombo bone 

One of the oldest mathematical artifacts known, a small 
piece of the fibula of a baboon, found near Border Cave 
in the Lebombo Mountains between South Africa and 
Swaziland. Discovered in the 1970s during excavations of 
Border Cave and dated about 35,000 B.c., the Lebombo 
bone is marked with 29 clearly defined notches. This sug- 
gests it may have been used as a lunar phase counter, in 
which case African women may have been the first math- 
ematicians, because keeping track of menstrual cycles 
requires a lunar calendar. Certainly, the Lebombo bone 
resembles calendar sticks still used by Bushmen in 
Namibia. See also Ishango bone. 


left-right reversal 
See mirror reversal problem. 


Leibniz, Gottfried Wilhelm (1646-1716) 

A German philosopher, mathematician, and statesman 
who developed differential and integral calculus inde- 
pendently of Isaac Newton. He also invented a calculat- 
ing machine, is considered a pioneer in mathematical 
logic, and proposed the metaphysical theory that we live 
in “the best of all possible worlds.” In Leibniz’s philo- 
sophical view, the universe is composed of countless 
conscious centers of spiritual force or energy known as 
monads. Leibniz talks about the “compossible” elements 
of any possible world—elements that allow a logically 


consistent structure. Though one of the finest minds 
of his age, Leibniz was not immune to blunders: he 
thought it just as easy to throw 12 with a pair of dice as 
to throw 11. 


Leibniz harmonic triangle 

A triangle of fractions that is related to the more famous 
Pascal triangle in a very simple way. Each row of the 
Leibniz harmonic triangle starts with the reciprocal of 
the row number (or the row number plus one depending 
on whether one starts counting from 1 or 0). Every entry 
is the sum of the two numbers just below it. The entries 
can thus be computed sequentially left to right and top 
to bottom using subtraction instead of addition. 


1/1 
1/2 1/2 
1/3 1/6 1/3 


1/4 1/12 1/12 1/4 
1/5 1/20 1/30 1/20 1/5 


lemma 
A short auxiliary proposition used in the proof of a larger 
theorem. 


lemniscate of Bernoulli 

A curve “shaped like a figure 8, or a knot, or the bow of a 
ribbon” in the words of Jacob Bernoulli (see Bernoulli 
family) in an article published in 1694. Bernoulli named 
the curve “lemniscate” after the Greek lemniskus for a pen- 
dant ribbon (the type fastened to a victor's garland). It 
has the Cartesian equation 

(2? +97)? = a(x? y) 

At the time he wrote his article, Bernoulli wasn’t aware 
that the curve he was talking about was a special case of a 
Cassinian oval, which had been described by Cassini in 
1680. The general properties of the lemniscate were 
established by Giovanni Fagnano (1715-1797) in 1750; 
Leonhard Euler’s investigations of the length of arc of 
the curve (1751) led to later work on elliptic functions. 
There is a relationship between the lemniscate and the 
rectangular hyperbola. If a tangent is drawn to the 
hyperbola and the perpendicular to the tangent is drawn 
through the origin, the point where the perpendicular 
meets the tangent is on the lemniscate. See also hip- 
popede. 


Leurechon, Jean (c. 1591-1670) 

A French Jesuit priest and mathematician who wrote 
Recreations mathématiques (1624) under the pseudonym 
Henrik van Etten. Much of the mathematical content 
centers around Claude Bachet's problems and may have 
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been copied from it or some common source. The book 
also gives the earliest known description of the operation 
of an ear trumpet. 


liar paradox 

“This statement is false.” What do we make of this state- 
ment (call it S)? If S is true, then S is false. On the other 
hand, if S is false, then it is true to say S is false; but, 
because the liar sentence is saying precisely that (namely 
that it is false), S is true. So S is true if and only if it is 
false. Since S is one or the other, it is both! Debate about 
sentences like S has been going on among philosophers 
and logicians for more than 2,000 years without any clear 
resolution. 

The roots of the liar paradox stretch back to the 
philosopher Epimenides in the sixth century B.c. He 
said: “All Cretans are liars.... One of their own poets 
has said so.” Another version of this can be found in the 
Bible, Titus 1:12-13, “Even one of their own prophets 
has said, ‘Cretans are always liars, evil brutes, lazy glut- 
tons.’ This testimony is true.” The poet’s (or prophet’s) 
statement is sometimes wrongly considered to be para- 
doxical because he himself is a Cretan. But actually 
there’s no paradox here. A “liar,” in everyday language, 
is someone who on occasion knowingly gives false 
answers. This isn’t problematic: the poet, while lying 
occasionally, this time spoke the truth. However, most 
formulations of logic define a “liar” as an entity that 
always produces the negation of the true answer, that is, 
someone who does nothing but lie. Thus, the poet’s 
statement can’t be true: if it were, then he himself 
would be a liar who just spoke the truth, but liars don’t 
do that. However, no contradiction arises if the poet’s 
statement is taken to be false: the negation of “All Cre- 
tans are liars” is “Some Cretans aren’t liars,” in other 
words: some Cretans sometimes speak the truth. This 
doesn’t contradict the fact that our Cretan poet just 
lied. Therefore, the statement “All Cretans are liars,” if 
uttered by a Cretan, is necessarily false, but not para- 
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doxical. Even the statement “I am a liar” is not para- 
doxical; depending on the definition of “liar” it may be 
true or false. However, the statement “I am lying now,” 
first attributed to Eubulides of Miletus in the fourth 
century B.C., definitely is paradoxical. It is exactly 
equivalent to the sentence, we started with: “This state- 
ment is false.” 

Various elaborations of the basic Eubulides liar para- 
dox have appeared over the ages. In the fourteenth cen- 
tury, the French philosopher Jean Buridan applied it in 
his argument for the existence of God. In 1913, the Eng- 
lish mathematician Philip Jourdain (1879-1921) offered a 
version that is sometimes referred to as “Jourdain's card 
paradox.” On one side of a card is written: 


The sentence on the other side of this card is true. 
On the other side is written: 
The sentence on the other side of this card is false. 


Yet another popular version of the liar paradox, guaran- 
teed to perplex, is given by the following three sentences 
written on a card: 


1. This sentence contains five words. 
2. This sentence contains eight words. 


3. Exactly one sentence on this card is true. 


Lie, Marius Sophus (1842-1899) 

A Norwegian mathematician who, along with his close 
friend Felix Klein, introduced group theory into geome- 
try and used it to classify geometries. Lie discovered the 
contact transformation, which maps curves into surfaces 
(1870), and Lie groups, which use continuous or infini- 
tesimal transformations. He used these groups to classify 
partial differential equations, making the traditional 
methods of solution all reduce to a single principle. Lie 
groups also provided a basis for the growth of modern 
topology. See also Lie algebra. 
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Life, Conway's game of A “glider” advances one cell down and one cell to the right. 


Lie algebra 

An algebra, named after M. Sophus Lie, in which multi- 
plication satisfies properties similar to the bracket operation 
on matrices given by [4, B] = AB — BA, where the oper- 
ation on the right-hand side involves ordinary multipli- 
cation and subtraction of matrices. The operation is not 
associative. 


Lie group 

A group, named after M. Sophus Lie, that is also a man- 
ifold. Groups of a real matrix, such as occur in quantum 
field theory, give naturally occurring examples of Lie 
groups. The tangent space at the identity element of a Lie 
group forms a Lie algebra in a natural way. 


Life, Conway's game of 

The best known example of a cellular automaton; it was 
invented by John Conway and first brought to public 
attention in Martin Gardner’s Scientific American column 
in October 1970." Conway’s goal in creating Life was to 
devise a universal Turing machine—a sort of infinitely 
programmable computer. John von Neumann had de- 
scribed such a system in the 1950s, but it had very com- 
plex rules; Conway wanted to find one that was much 
simpler to describe and to operate. Life is played on a 
grid of squares on which each cell is either alive (occu- 
pied) or dead (empty). The game starts from an arbitrary 
initial configuration of live cells, and then progresses 
through generations as the life and death rules are 
applied. These rules are very simple: (1) A live cell sur- 
vives to the next generation if it has two or three neigh- 
bors. (2) A live cell dies if it has four or more neighbors 
(overcrowding) or if it has only one neighbor or none 
(isolation). (3) A dead cell becomes a live cell in the next 
generation if it has exactly three neighbors (birth). The 
rules of Life were developed over a two-year-period dur- 
ing tea and coffee breaks by Conway and a group of grad- 
uate students and colleagues. Because Go boards and 
counters were used at this stage, instead of computers, it 
was important to have a death rule so that populations 
didn’t tend to explode and quickly race off the board. On 


the other hand, to enable sufficiently interesting behav- 
ior so the game had a chance of being a universal system, 
it was equally important to have a birth rule that pre- 
vented populations from dying out. The rules eventually 
chosen provided a balance between birth and death so 
that the system tended to be fairly stable yet interesting 
enough to study. An early sign of success was the discov- 
ery of patterns, known as “gliders,” that kept their shape 
while drifting across the plane. This was a hopeful step 
toward proving universality because it showed that the 
system had a way to transmit information from one place 
to another. Conway and his group went on to build 
nearly all the necessary configurations for arbitrary com- 
putations: AND gates, OR gates, and so on, just like the 
components of an ordinary computer. What they needed 
next was a way of producing gliders at will—a “glider 
gun.” At this point, Conway sent a letter describing Life 
and the early findings to Martin Gardner, offering a prize 
of $50 for a configuration whose population tended 
toward infinity. The resulting Scientific American column 
sparked the public’s imagination and very quickly a glider 
gun was discovered by a group at the Massachusetts Insti- 
tute of Technology led by R. W. Gosper. Within two 
weeks of the discovery of the glider gun, both Conway’s 
group and the group at MIT had shown that the system 
was indeed universal. 


limacon of Pascal 

A snail-shaped curve (limaçon is French for “snail”) named 
by the French mathematician Gilles Roberval after Eti- 
enne Pascal, the father of Blaise Pascal. It had been dis- 
covered earlier, however; Albrecht Diirer gave a method 
for drawing it as early as 1525 in his Underweysung der Mes- 
sung. The limacon of Pascal is a special case of an epitro- 
choid in which the rolling circle and the rolled circle have 
the same radius, and is also the catacaustic and the pedal 


curve of the circle. It has the quartic Cartesian equation 
(x? + y? — 2rx) = k’ (x? + y, 


where r is the radius of the rolling circle or the rolled cir- 
cle and & is a constant. 
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Sometimes the term ordinary limacon is used to de- 
scribe the curve when the value of k is greater than 0 and 
less than 1. When & = 0 the curve is a circle and when 
k= 1 the curve is a cardioid, so the ordinary limaçon is a 
transitional form between these two. The ordinary lima- 
con is also the inverse of the ellipse. For values of k > 1, 
a loop or noose appears in the curve. The inverse of a 
limacon with a noose is a hyperbola. In fact, the con- 
stant k is the same as the eccentricity for a conic section. 
When k = 2, the limacon is also called a trisectrix. 


limerick 
Why is this a limerick?: 


((12 + 144 + 20) +3V/4/7) +5x11=9 +0 
Because, as its inventor, Jon Saxton, has pointed out: 


A dozen, a gross, and a score, 

Plus three times the square root of four, 
Divided by seven, 

Plus five times eleven, 

Is nine squared and not a bit more. 


limit 

The target value that terms in a sequence of numbers get 
closer and closer to. This limit is not necessarily ever 
reached but can be approached arbitrarily close if the 
sequence is taken far enough. 


limping triangle 

A right triangle with two shorter sides (1.e., those other 
than the hypotenuse) that differ in length by one unit. 
An example is the 20-21-29 triangle (20° + 21” = 29°). 


line 

The shortest distance between any two points in Euclid- 
ean space. A line is implicitly a straight line; the alterna- 
tive is a curve. Mathematically, a line may be determined 
by the presence of any two points in an n-dimensional 
space (where z is two or more). A line segment is a piece of 
a line with definite endpoints. 


linear 
Having only a multiplicative factor. Iff (x) is a linear func- 
tion, then f( a+b) = f(a) +f( 0) and c f(x) = f( cx) must 


both be true for all values of a, b, c, and x. 


linear algebra 

The study of vectors and vector spaces. Linear algebra 
has a central place in modern mathematics, is used 
widely in both abstract algebra and functional analysis, 
and finds a concrete representation in the form of ana- 
lytical geometry. Linear algebra began as the study of 
vectors in two- and three-dimensions but has now been 
extended to a generalized n-space. 


linear group 
A group of matrices under matrix multiplication. 


linear programming 

The problem, and associated area of mathematics, of max- 
imizing or minimizing a linear function on a convex set, 
especially a polytope. Equivalently, maximizing a linear 
expression in some number of variables subject to linear 
equalities and inequalities. 


linear system 

Any system whose change of values of its variables can be 
represented as a series of points suggesting a straight line 
on a coordinate; hence, linear for “line.” More generally, 
a linear system is one in which small changes result in 
small effects, and large changes in large effects. In a linear 
system, the components are isolated and noninteractive. 
Real linear systems are rare in nature since living organ- 
isms and their components are not isolated and do inter- 
act. Compare with nonlinear system. 


Liouville number 

A transcendental number that can be approximated 
very closely by a rational number. Normally, proving 
that any given number is transcendental is difficult. 
However, the French mathematician Joseph Liouville 
(1809-1882) showed the existence of a large (in fact, 
infinitely large) class of transcendentals whose nature is 
easy to ascertain. An example of a Liouville number is 
0.10100100000010000000000000000000000001 . . . in 
which the successive groups of zeros are of length 1!, 2!, 
3!, 4!, and so on. 
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Lissajous figure 

A figure or graph of the type most often seen on an oscil- 
loscope. The simplest Lissajous figures are circles or 
ellipses, but they can also take the form of lemniscates 
and other, more complex shapes. They are named for the 
French scientist Jules Antoine Lissajous (1822-1880), 
who experimented with them in the 1850s, and are also 
known as Bowditch curves, because they had been written 
about earlier by the American astronomer and mathe- 
matician Nathanial Bowditch (1773-1838). 


lituus 

A spiral curve that was discovered by the English mathe- 
matician Roger Cotes (1682-1716) and named by the 
Scottish mathematician Colin Maclaurin (1698-1746) in 
1722. The Latin lituus refers to a staff shaped like a 
bishop’s crosier. The lituus is the locus of a point that 
moves in such a manner that the area of a circular sector 
remains constant; it has the polar equation 


r’ = q?/0. 


See polar coordinates. 


Lobachevsky, Nikolai Ivanovich (1793-1856) 

A Russian mathematician who was one of the pioneers of 
non-Euclidean geometry. He developed, independently 
of János Bólyai, the self-consistent system of hyperbolic 
geometry in which Euclid’s parallel postulate is replaced 
by one allowing more than one parallel through the fixed 
point. Lobachevsky first announced his system in 1826 
and subsequently wrote several expositions of it, in- 
cluding Geometrical Researches on the Theory of Parallels 
(originally published in 1840 in German). Lobachevsky 
studied and taught at the University of Kazan and even- 
tually became rector of this institution in 1826. However, 
for some reason, despite serving his country and univer- 
sity well, he fell from favor and in 1846 was relieved by 
the government of his posts as professor and rector. 


localized solution 

A solution of a differential equation, or a similar math- 
ematical object, that is confined to a small region even 
though it has the freedom to spread out. 


loculus of Archimedes 

A dissection game, similar to tangrams, which consists 
of 14 polygonal shapes that fit together to make a square. 
These pieces can be rearranged to make pictures of peo- 
ple, animals, and objects, or reassembled into their origi- 
nal form. There are many references to the game in 
ancient literature, including a description by the Roman 
poet and statesman Magnus Ausonius (A.D. 310-395). 


Only two fragmentary manuscripts, one an Arabic trans- 
lation and the other a Greek manuscript dating from the 
tenth century discovered in Constantinople in 1899, 
connect the puzzle to Archimedes by calling it loculus 
Archimedius (“Archimedes’s box”). More generally, but 
for unclear reasons, it is known as the ostomachion (Greek 
for “stomach”), or, in Latin texts, as the syntemachion. In 
2003, William Cutler used a computer program to enu- 
merate all 536 distinct ways (barring rotations and reflec- 
tions) in which the pieces can be arranged into a square. 


locus 

The set of all points (usually forming a curve or surface) 
that satisfy some condition. For example, the locus of 
points in the plane equidistant from a given point is a cir- 
cle. The Latin word locus simply means “place.” (The 
Greek equivalent is topos, which crops up in “topology”.) 


logarithm 

The logarithm of a number or variable x to base b, log ,x, 
is the exponent of b needed to give x. The bases most 
commonly used in mathematics are e and 10. A loga- 
rithm to base e, written as log x or In x, is known as a nat- 
ural logarithm. A logarithm to base 10 is written as logiox 
and is known as a common logarithm. 


logarithmic spiral 
A type of spiral, also known as an equiangular spiral, that 
is very common in the natural world. Wonderful exam- 
ples are found in the shells of some mollusks, such as that 
of the nautilus, and in spider webs. The angle any tan- 
gent to the curve makes with a tangent to a circle at the 
same radius, known as the pitch angle, is constant and 
results in a logarithmic spiral being self-similar: in other 
words, any part of it looks like any other part (though 
possibly rotated). Hawks approach their prey in the form 
of a logarithmic spiral and their sharpest view is at an 
angle to their flight direction that is the same as the spi- 
ral’s pitch. On an altogether different scale, the arms of 
spiral galaxies are roughly logarithmic spirals. Our own 
galaxy, the Milky Way, is believed to have four major 
arms, each of which is a logarithmic spiral with pitch of 
about 12°. Approximate logarithmic spirals with a pitch 
of about 17° can be generated using the Fibonacci 
sequence or the golden ratio. 

In polar coordinates (7, 0) the equation of the loga- 
rithmic spiral is 


r=ab’, 


with positive real numbers a and b. Changing a rotates 
the spiral while b controls how tightly and in which direc- 
tion it is wrapped. It can be distinguished from the 
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Archimedean spiral by the fact that the distance be- 
tween the arms of a logarithmic spiral increase in a geo- 
metric sequence while in an Archimedean spiral this 
distance is constant. Starting at a point P and moving 
inward along the spiral, one has to circle the origin infi- 
nitely often before reaching it; yet, the total distance 
covered is finite. This was first realized by the Italian 
physicist Evangelista Torricelli (1608-1647) even before 
calculus had been invented. The total distance covered is 
r/sin 8 where 9 is the pitch angle and r is the straight-line 
distance from Pto the origin. 

The logarithmic spiral was first described by René 
Descartes and later studied in depth by Jakob Bernoulli 
(see Bernoulli family), who called it Spiralis mirabilis (the 
wonderful spiral) and wanted one engraved on his tomb- 
stone. He did get a spiral, but unfortunately it was a 
rather crudely cut Archimedean type. 


logic 
The branch of mathematics concerned with how one 
statement can imply others, or how sets of statements can 


logarithmic spiral © Jan Wassenaar, www.2dcurves.com 


loculus of Archimedes The loculus of Archimedes is one of the most ancient dissection puzzles. Kadon Enterprises, Inc, 
www.gamepuzzles.com 


190 logical depth 


be connected by chains of implication. Such relation- 
ships can be written down using special symbols, and dif- 
ferent sets of rules can be studied to see how they give 
rise to different sorts of structures. 


logical depth 

A measure of the complexity of a system, developed in 
1988 by the American computer scientist and mathe- 
matician Charles Bennett. It contrasts with another such 
measure, algorithmic complexity, but, like it, is a mea- 
sure of the algorithms needed to generate the data from a 
system. 


loop 

(1) A knot or hitch that holds its form. (2) A degenerate 
edge of a graph that joins a vertex to itself. (3) A se- 
quence of instructions that is repeated either a specified 
number of times or until a particular condition prevails. 
Loops lie at the heart of most computer programs. The 
most common type is the zterative loop, signified by key- 
words such as for, while, do, and repeat, or their equivalent, 
in which a given set of instructions is repeated a specified 
number of times. The recursive loop is a more powerful 
construct that carries out a given set of instructions, typ- 
ically including recursive calls with modified parameters 
back to the instruction set itself, until a terminating con- 
dition is met. Recursive algorithms solve problems by 
reducing them to smaller and smaller subproblems until 
a solution is found, reusing the same set of instructions as 
often as needed. 


Lorenz, Edward Norton (1917-) 

A research meteorologist at the Massachusetts Institute of 
Technology who, in the early 1960s, using a simple sys- 
tem of equations to model convection in the atmos- 
phere, ran headlong into the phenomenon of “sensitivity 
to initial conditions.” In the process he sketched the out- 
lines of one of the first recognized chaotic attractors. In 
Lorenz’s meteorological computer modeling, he discov- 
ered the underlying mechanism of deterministic chaos: 
simply formulated systems with only a few variables can 
display highly complicated behavior that is unpredict- 
able. Using his digital computer, culling through reams 
of printed numbers and simple strip chart plots of the 
variables, he saw that slight differences in one variable 
had profound effects on the outcome of the whole sys- 
tem. This was one of the first clear demonstrations of 
sensitive dependence on initial conditions. Equally im- 
portant, Lorenz showed that this occurred in a simple, 
but physically relevant model. He also appreciated that 
in real weather situations, this sensitivity could mean the 
development of a front or pressure-system where there 


never would have been one in previous models. In his 
famous 1963 paper, Lorenz picturesquely explained that 
a butterfly flapping its wings in Beijing could affect the 
weather thousands of miles away some days later. This 
sensitivity is now called the butterfly effect. 


Lorenz system 

A system of three differential equations, named after its 
discoverer Edward Lorenz, that was the first concrete 
example of chaos and a chaotic attractor. 


Lovelace, Lady 
See Byron, Ada. 


loxodrome 

A path on Earth’s surface that is followed when a compass 
is kept pointing in the same direction. It is a straight line 
on a Mercator projection of the globe precisely because 
such a projection is designed to have the property that all 
paths along Earth’s surface that preserve the same direc- 
tional bearing appear as straight lines. The loxodrome 
isn’t the shortest distance between two points on a sphere. 
The shortest distance is an arc of a great circle. But, in the 
past, it was hard for a ship’s navigator to follow a great cir- 
cle because this required constant changes of compass 
heading. The solution was to follow a loxodrome (from 


loxodrome Following a constant-compass heading between 
Earth's poles produces the winding path shown. 
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the Greek loxos for “slanted” and drome for “course”), also 
known as a rhumb line, by navigating along a constant 
direction. In middle latitudes, at least, this didn’t lengthen 
the journey unduly. If a loxodrome is continued indefi- 
nitely around a sphere it will produce a spherical spiral, or 
a logarithmic spiral on a polar projection. 


Loyd, Sam (1841-1911) 

A great American inventor of puzzles among whose best- 
known creations are the Hoop-Snake Puzzle, Get Off the 
Earth, the Pony Puzzle, and, most famous of all, the Fif- 
teen Puzzle. By age 17 he was already hailed as one of 
the world’s leading writers of chess problems and had 
also just invented his deceptively simple-looking trick 
mules puzzle. The object of this is to cut apart three 
pieces that show two mules and two jockeys and then 
reassemble the pieces so that the jockeys are riding the 
mules. Loyd sold the puzzle to the showman Phineas T. 
Barnum (of Barnum & Bailey Circus fame) for some 
$10,000. This was to become his forte: devising puzzles 
that looked so simple to solve that people felt compelled 
to try them, only to find, hours later, that they were still 
trying to figure them out. Loyd became a full-time pro- 
fessional puzzlemaker only in the 1890s. He corre- 
sponded with his English counterpart Henry Dudeney 
and worked alongside his son Sam Loyd Jr. After the 
death of his father, Sam Loyd Jr. continued publishing 
puzzles that were mainly compilations of his father’s 
work and in 1914 issued a now out-of-print and much 
sought-after mammoth collection of his father’s puz- 
zles called Cyclopedia of 5,000 Puzzles, Tricks, and Conun- 
drums, 120 208] 


lozenge 
A rhombus with a 60° angle. 


L-system 

A method of constructing a fractal that is also a model 
for plant growth. L-systems use an axiom as a starting 
string and iteratively apply a set of parallel string substi- 
tution rules to yield one long string that can be used as 
instructions for drawing the fractal. Many fractals, in- 
cluding Cantor dust, the Koch snowflake, and the 
Peano curve, can be expressed as an L-system. 


Lucas, (Francois) Edouard (Anatole) (1842-1891) 

A French mathematician well known for his study of the 
Fibonacci sequence and the related Lucas sequences 
named after him. He devised methods of testing for 
prime numbers—work that was later refined by D. H. 
Lehmer to yield the Lucas-Lehmer test for checking 
Mersenne numbers to see if they are prime. Lucas was 


also interested in recreational mathematics, the Tower of 
Hanoi being his best known puzzle game. He worked at 
the Paris Observatory and later became a professor of 
mathematics in Paris. 


Lucas sequences 

Generalizations of the Fibonacci sequence first investi- 
gated by Edouard Lucas. One kind can be defined as fol- 
lows: L(0) = 0, L(1) = 1, L(n + 2) = PL(n + 1) + OL(n), 
where the normal Fibonacci sequence is the special case 
of P= Q=1. Another kind of Lucas sequence begins with 
L(0) = 2, L(1) = P Such sequences are used in number 
theory and in testing for prime numbers. 


lucky number 
A number in a sequence, first identified and named 
around 1955 by Stanislaw Ulam, that evades a particular 
type of number “sieve” (similar to the famous sieve of 
Eratosthenes), which works as follows. Start with a list of 
integers, including 1, and cross out every second num- 
ber: 2, 4, 6, 8,.... The second surviving integer is 3. 
Cross out every third number not yet eliminated. This 
removes 5, 11, 17, 23,.... The third surviving number 
from the left is 7; cross out every seventh integer not yet 
eliminated: 19, 39,.... Repeat this process indefinitely 
and the numbers that survive are the “lucky” ones: 1, 3, 7, 
9, 13, 15, 21, 25, 31, 33, 37, 43, 49, 51, 63, 67.... 
Amazingly, though produced by a sieve based solely 
on a number’s position in an ordered list, the luckies 
have many properties in common with prime numbers. 
For example, there are 25 primes less than 100 and 23 
luckies less than 100. In fact, primes and luckies crop up 
about equally often between any two given integers. 
Also, the gaps between successive primes and the gaps 
between successive luckies widen at roughly the same rate 
as the numbers increase, and the number of twin primes 
(primes that differ by 2) is close to the number of twin 
luckies. The luckies even have their own equivalent of the 
famous (still unsolved) Goldbach conjecture, which 
states that every even number greater than 2 is the sum of 
two primes. In the case of luckies, it’s conjectured that 
every even number is the sum of two luckies; no excep- 
tion has yet been found. Another unresolved problem is 
whether there are an infinite number of lucky primes. See 
also Ulam spiral. 


Ludolph’s number 

Also known as Ludolphine, a name by which the number 
pi was known in Germany for many years following its 
evaluation to 35 digits by Ludolph von Ceulen (1540- 
1610). 
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Lyapunov fractal A computer-generated image using Lyapunov exponents. Radek Novak/Infojet 


lune cal model of population growth in which the degree of 
The portion of a sphere between two great semicircles the growth of the population can periodically alter be- 
(see great circle) having common endpoints (including tween two values a and b. 

the semicircles). 


Lyapunov fractal 
A particularly photogenic type of fractal that is popular 
with computer artists. It also represents a simple biologi- 


THINGS TO REMEMBER 
The decimal system uses the digits 0, 1, 2, 3, 4, 5, 6, 7, 8, 9. 


Sum means the result of adding two or more numbers 
together. 


Difference means the result of subtracting a smaller number 
from a larger number. 


Product means the result of multiplying two or more numbers 
together. 


Quotient means the whole number resulting from the division 
of two numbers i.e. when 14 is divided by 3, the quotient is 4 
and the remainder is 2. 


The order operations should be performed in can be 
remembered using the mnemonic BiDMAS, which stands for: 
> Brackets } Work out any brackets first... 


> Divide then any division or multiplication 
> Multiply | `” y P o 
a ... lastly, any addition or subtraction. 

> Subtract 


Natural numbers or counting numbers or positive whole 
numbers are the numbers 1, 2, 3, 4,... 


Integers are the numbers... , —3, -2, -1, 0, 1, 2, 3,... 


Even numbers are exactly divisible by 2, and are the numbers 
2,4, 6, 8,... 


Odd numbers are not exactly divisible by 2, and are the 
numbers 1, 3, 5, 7,.. 


Square numbers are the result of multiplying a natural number 
by itself. They include the numbers 1, 4, 9, 16,... 


1. Number 


13 


Maclaurin, Colin (1698-1746) 

A Scottish mathematician who developed and extended 
Isaac Newton’s work on calculus and gravitation, and 
did notable work on higher plane curves (see Maclaurin 
trisectrix). In his Treatise of Fluxions (1742), he gave the 
first systematic formulation of Newton’s methods and set 
out a method for expanding functions about the origin in 
terms of series now known as Maclaurin series. Maclaurin 
also invented several devices, made astronomical obser- 
vations, wrote on the structure of bees’ honeycombs, and 
improved maps of the Scottish isles. 


Maclaurin trisectrix 


A curve first studied by Colin Maclaurin in 1742 with a 
view to solving one of the great geometric problems of 


Maclaurin trisectrix Jan Wassenaar, www 2dcurves.com 
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antiquity: trisecting an angle. The Maclaurin trisectrix 
results from the Cartesian equation 


y (a+ x)= x Ba- x). 


It is an anallagmatic curve that intersects itself at the 
origin. 


MacMahon, Percy Alexander (1854-1929) 

A British mathematician, physicist, and naval officer, born 
into a military family, whose leanings were evident early 
on when as a young child he showed a fascination with the 
way artillery was stacked. MacMahon later did work on 
missile trajectories, taking resistance into account, and on 
symmetric functions in the field of combinatorics, build- 
ing on the results of James Sylvester and Arthur Cayley. 
His studies in symmetry led him to investigate partitions 
and to become a world authority on Latin squares. He 
wrote a two-volume treatise Combinatory Analysis (1915- 
1916), which became a classic, and a book on mathemati- 
cal recreations called New Mathematical Pastimes (1921).P™! 
The latter shows another of the topics that intrigued 
MacMahon: the construction of patterns that can be 
repeated to fill the plane. However, much to his regret, as 
he wrote in the preface, “It has not been found possible to 
produce the book in colour.” See also MacMahon 
squares and thirty colored cubes puzzle. 


MacMahon squares 

The concept of color-matching tiles based on all the per- 
mutations of colors on their edges dates from 1926, when 
Percy MacMahon invented and introduced three-color 
squares and four-color triangles as mathematical pas- 
times. MacMahon divided squares and triangles into tri- 
angles to give each edge of a piece its own color, in all 
possible combinations. Each set contains 24 different 
tiles, and MacMahon discovered that they could form a 
single figure with all adjacent edges matching and just 
one color all around the outside border. The most exten- 
sive research into these sets, over three decades, was done 
by the American engineer Wade Philpott (1918-1985), of 
Lima, Ohio, who identified all the possible symmetrical 
shapes that MacMahon squares and triangles could solve 
with both matching edge colors and uniform border 
color, and who calculated all the numbers of solutions 
for the MacMahon squares’ 4 x 6 rectangle. See also 
thirty colored cubes puzzle. 
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Madachy, Joseph S. 
An American mathematician, founder of Recreational 
Mathematics Magazine, editor of the Journal of Recre- 
ational Mathematics for nearly 30 years (now editor emer- 
itus), the author of articles and books on the subject, and 
a well-known puzzlist. 


magic cube 

Similar to a magic square but having three dimensions 
instead of two. It contains the integers from 1 to n? and 
has 3n? + 4 lines that sum correctly. All rows, columns, 
pillars, and the four triagonals (three-dimensional diago- 
nals) must sum to the constant ‘2n(m? + 1). A cross sec- 
tion through a magic cube is a magic square. 


magic square 

An n xn square of the distinct whole numbers 1, 2,..., 2’, 
such that the sum of the numbers along any row, column, 
or main diagonal is the same. This sum is known as the 


magic constant and is equal to 12 n(n? + 1). There is only one 
3 x 3 magic square (not counting reflections and rota- 
tions), which was known to the Chinese as long ago as 650 
B.C. as lo-shu and is bound up with a variety of myths. 
Associations between magic squares and the supernatural 
are also evident in early Indian and Arabian mathematics. 
The 3 x 3 square can be written as: 


816 
357 
492 


Each row, column, and main diagonal sums to 15. If the 
rows are read as three-digit numbers, forward and back- 
ward, and then squared, we find the interesting relation 


816° + 357? + 492’ = 618° + 753? + 294”. 


The reader may wish to see if the same rule holds for the 
columns and main diagonals. 


AL ; 
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magic square A 4 x 4 magic square carved on the side of the Sagrada Familia cathedral in Barcelona. 
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magic square A replica of a cast iron 6 x 6 magic square 
(vertical, horizontal, and main diagonal lines add to 111) from 
the Chinese Yuan dynasty (1271-1368), used as a sacred 
object to ward off evil spirits. Sue & Brian Young/Mr. Puzzle Australia, 
www.mrpuzzle.com.au 


In the early sixteenth century Cornelius Agrippa con- 
structed squares for n= 3, 4, 5, 6, 7, 8, and 9, which he 
associated with the seven “planets” then known (includ- 
ing the Sun and the Moon). Albrecht Diirer’s famous 
engraving of Melancholia (1514) includes a picture of an 
order-4 (4 x 4) magic square. There are 880 distinct 
squares of order-4 and 275,305,224 squares of order-5, 
but the number of larger squares is unknown. A square 
that fails to be magic only because one or both of the 
main diagonal sums don't equal the magic constant is 
called a semi-magic square. If all diagonals (including those 
obtained by wrapping around) of a magic square sum to 
the magic constant, the square is said to be a pandiagonal 
square (also known as a panmagic or diabolical square). Pan- 
diagonal squares exist for all orders except 6, 10, 14,..., 
2(27 + 1). There are 48 pandiagonal 4 x 4 squares. If 
replacing each number n; by its square nf produces 
another magic square, the square is said to be a bimagic or 
doubly magic square. If a square is magic for n, n/, and n;, 
it is known as a trebly magic square. 

A little trial and improvement is all it takes to con- 
struct the 3 x 3 magic square, but for building 4 x 4 
squares and larger, a systematic method, or algorithm, is 
important. Interestingly, different algorithms are needed 
depending on whether the square is of an even order or 
an odd order. Odd order squares are the easier variety to 
make and there are several standard techniques, includ- 


ing the Siamese (sometimes called de la Loubere’s or the 
Staircase), the Lozenge, and de Meziriac’s methods. Here 
is yet another approach, known as the Pyramid or ex- 
tended diagonals method: (1) Draw a pyramid of same 
size squares as the magic square’s squares, on each side of 
the magic square; the number of squares on the pyra- 
mid’s base should be two less than the number of squares 
on the side of the magic square. (2) Sequentially place 
the numbers 1 to n? of the nx n magic square in the diag- 
onals. (3) Relocate any number not in the n x n square to 
the opposite hole inside the square. 

An antimagic square is an n X n array of integers from 1 
to n? in which each row, column, and main diagonal gives 
a different sum such that these sums form a sequence of 
consecutive integers. A 4 x 4 antimagic square is a square 
arrangement of the numbers 1 to 16 so that the totals of 
the four rows, four columns, and two main diagonals 
form a sequence of 10 consecutive integers, for example: 


IT a2 3 12 
15 9 4 10 
7 2 16 8 
14 6 11 5 


The principle of magic squares can be extrapolated from 
two dimensions to any number of higher dimensions, 
including magic cubes and magic tesseracts, whose cross 
sections consist of magic cubes, and so forth.'” 1% See 
also Latin squares and magic tour. 


magic tour 

A tour by a chess piece on an n x n chessboard, whose 
squares are numbered from 1 to n? along the path of the 
piece, such that the resulting arrangement of numbers is 
a magic square. The tour is a semi-magic tour if the result- 
ing arrangement of numbers is a semi-magic square. 
Magic knight’s tours aren't possible on 2 x n boards if n 
is odd. They are possible for all boards of size 4k x 4k for 
k > 3, but are believed to be impossible for = 8. 


main diagonal 
In the n x n matrix [4;], the elements 411, dy, . . 
also diagonal. 


<, Any See 


major axis 
The longest chord of an ellipse. 


Malfatti circles 

In 1803 the Italian mathematician Giovanni Malfatti 
(1731-1807) posed the following problem: Given a trian- 
gle, find three nonoverlapping circles inside it such that 
the sum of their areas is maximal. Malfatti and many 
other mathematicians thought that the solution is given 
by the three circles, each of which is tangent to the other 
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two and also to two sides of the triangle. Malfatti com- 
puted the radii of these circles, and they are now known 
as Malfatti’s circles. Later it became clear that Malfatti’s 
conjecture isn’t true. In particular, Goldberg proved, in 
1969, that the Malfatti circles never give a solution of the 
Malfatti problem! In other words, for any triangle there 
are three nonintersecting circles inside it, whose areas are 
bigger than the area of the Malfatti circles. So far as is 
known, the Malfatti problem hasn’t been solved yet in 
the general case although it seems reasonable to suppose 
that the solution is given by what is called the greedy algo- 
rithm: First inscribe a circle in the given triangle; then 
inscribe a circle in the smallest angle of the triangle that 
is tangent to the first circle. The third circle is inscribed 
either in the same angle or in the middle angle of the tri- 
angle, depending on which of them has the bigger area. 


Mancala 

What is today almost universally called Mancala is, cor- 
rectly speaking, the game of Wari. Mancala refers to a 
type of counting game of which Wari is a specific exam- 
ple, dating back to ancient times, known in Egypt and 
throughout Africa and Asia, and probably brought to 
Europe by sailors returning from those lands. Wari is 
played with a board and 48 markers or playing pieces, 
which are usually small colored stones or shells. The 
board consists of a piece of wood with two rows of six 
hollowed-out circular spaces, called cups, on each side, 
and one larger oval space at each end called a reservoir. 
The game is set up by placing four markers in each of the 
twelve cups. The first player picks up the markers in one 
of the cups on his side, then distributes the markers by 
placing one (and only one) in the other cups, going 
counterclockwise around the board. Markers are not 
placed in the reservoirs, which are for holding captured 
pieces only. Should there be enough markers that a com- 
plete circle of the board is made, the cup just emptied is 
skipped over. If the last marker put down goes into a cup 
on the opponent’s side, and ends there with a total of two 
or three markers in that cup, then the markers in that cup 
are captured, and go into the reservoir at the player’s 
right. Also, if the next cup clockwise from the captured 
cup has only two or three markers in it, that cup 1s like- 
wise captured and the markers taken. This continues so 
long as the cup is clockwise to the last captured cup, has 
only two or three markers in it, and is an opponent’s cup. 
However, a player can’t capture all of an opponent’s 
remaining pieces in a move, leaving him nothing to play. 
In capturing cups, if there’s only one opponent cup left 
with markers in it, it can’t be captured. Also, you cannot 
leave your opponent with all empty cups if you have a 
move that would put some pieces in one or more of his 


cups. When one side of the board is empty, play is ended. 
This happens when a player has to move his last markers 
onto his opponent’s side. At the end of play each player 
takes any markers left on his side of the board and adds 
them to his reservoir. The winner is the person with the 
most markers in his reservoir. 


Mandelbrot, Benoit B. (1924-) 

A Polish-born French mathematician, largely responsible 
for the present interest in fractal geometry. A native of 
Warsaw, he spent most of his early life in France. Man- 
delbrot was born into a family with a strong academic tra- 
dition: his mother was a doctor and his uncle Szolem 
Mandelbrot was a famous Parisian mathematician. His 
family left Poland for Paris in the 1930s to escape Hitler’s 
regime. There, Mandelbrot was introduced to mathemat- 
ics by his two uncles. Educated in France, he developed 
the mathematics of Gaston Julia, and began the (now 
common) graphing of equations on a computer. Mandel- 
brot originated what became known as fractal geometry 
and the object known as the Mandelbrot set is named 
after him. His work on fractals as a mathematician at 
IBM earned him an emeritus fellowship at the Thomas J. 
Watson Research Laboratories. In addition to his study of 
fractals in mathematics, he showed that fractals can be 
found in many places in nature, leading to entire new 
fields of exploration in chaos theory. He joined the fac- 
ulty of Yale in 1987. 


Mandelbrot set 

The best known fractal and one of the most complex and 
beautiful mathematical objects known. It was discovered 
by Benoit Mandelbrot in 1980 and named after him by 
Adrien Douady and J. Hubbard in 1982. The set is pro- 
duced by the incredibly simple iteration formula 


ey, 
Zn+1 = Zn + 6, 


where z and c are complex numbers and z = 0. This can 
be written without complex numbers as 


X1 =X; — Y; + a, and 
JYa+1 =2x,),+ b, 


where z = (x, y) and c= (a, b). The Mandelbrot set consists 
of all the points on the Argand diagram for which the 
function z* + c doesn’t diverge under iteration. A com- 
puter is essential for carrying out the necessary calcula- 
tions and for producing pictures of this remarkable 
structure. For the purposes of computation, the Argand 
diagram is broken down into pixels (picture elements), 
and the coordinates of each supply the constant c in z? + 
c. For each pixel (value of c) the function is iterated. If the 
function either rapidly diverges (blows up) or rapidly 
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Mandelbrot set A general view of the Mandelbrot set. 


converges (collapses), the pixel is left black. If the func- 
tion is more indecisive about which way it is heading, it 
is allowed to iterate longer. In some cases the iterations 
could go on for a very long time before it became clear 
that the function would ultimately diverge, so a limit is 
established, known as the depth, beyond which iterations 
are stopped. If the depth is reached without divergence, 
the corresponding pixel is left black as though it were in 


A zoom view of the Mandelbrot set reveals 
some of the infinite variety of remarkable patterns that inhabit it. 


Mandelbrot set 


the set. At locations where divergence becomes clear 
prior to hitting the limit, the pixel is displayed according 
to a scale that represents how many iterations are needed 
to show divergence. The whole Mandelbrot set lies 
within a circle of radius 2.5 centered at the origin of the 
Argand diagram. Although finite in area, the set has a 
boundary that is infinitely long and has a Hausdorff 
dimension of 2. 

The overall appearance of the Mandelbrot set is that of 
a series of disks. These disks have irregular borders and 
decrease in size heading out along the negative real axis; 
moreover, the ratio of the diameter of one disk to the next 
approaches a constant. More complex shapes branch out 
from the disks. One region of the Mandelbrot set con- 
taining spiral shapes is known as Seahorse Valley because it 
resembles a seahorse’s tail. A computer can be used, like a 
microscope, to zoom in on different parts of the set. This 
reveals that, although the shape is infinitely complex, it 
also displays self-similarity with regions that look like the 
outline of the entire set. The Mandelbrot set also reveals 
symmetry on different levels. It is identically symmetrical 
about the real axis, and almost symmetrical at smaller 
scales. This kind of “near-but-not-quite” symmetry is one 
of the most unexpected properties to find in an object 
generated from such a simple formula and process. The 
Mandelbrot set was created by Mandelbrot as an index to 
the Julia sets. Each point in the Argand diagram corre- 
sponds to a different Julia set, and those points within the 
Mandelbrot set correspond precisely to the connected 
Julia sets. 


manifold 

A mathematical object that, in geometrical terms, is nearly 
“flat” on a small scale (though on a larger scale it may 
bend and twist into exotic and intricate forms). More pre- 
cisely, a manifold is a topological space that looks locally 
like ordinary Euclidean space. Every manifold has a 
dimension, which is the number of coordinates needed to 
specify it in the local coordinate system. A circle, al- 
though curved through two dimensions, is an example of 
a one-dimensional manifold, or one-manifold. A close-up 
view reveals that any small segment of the circle is 
practically indistinguishable from a straight line. Simi- 
larly, a sphere’s two-dimensional surface, even though it 
curves through three dimensions, is an example of a two- 
manifold. Seen locally, the surface, like that of a small 
portion of Earth, appears flat. A manifold that is smooth 
enough to have locally well-defined directions is said 
to be differentiable. If it has enough structure to enable 
lengths and angles to be measured, then it is called a Rze- 
mannian manifold. Differentiable manifolds are used in 
mathematics to describe geometrical objects, and are also 
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the most natural and general settings in which to study 
differentiability. In physics, differentiable manifolds serve 
as the phase space in classical mechanics, while four- 
dimensional pseudo-Riemannian manifolds are used to 
model space-time in general relativity. 


mantissa 

The positive fractional part of the representation of a log- 
arithm. For example, in the expression log 3,300 = 
3.5185 ..., 0.5185 is the mantissa. 


many worlds hypothesis 


Do you not think it a matter worthy of lamentation 

that when there 1s such a vast multitude of them 

[worlds], we have not yet conquered one? 
—Alexander the Great 


An interpretation of quantum mechanics, first proposed 
by the American physicist Hugh Everett III in 1957, 
according to which, whenever numerous viable possibili- 
ties exist, the world splits into many worlds, one world for 
each different possibility (in this context, the term worlds 
refers to what most people call “universes”). In each of 
these worlds, everything starts out identical, except for the 
one initial difference; but from this point on, they develop 
independently. No communication is possible between 
the separate universes, so the people living in them (and 
splitting along with them) would have no idea what was 
really going on. Thus, according to this view, the world 
branches endlessly. What is “the present” to us, lies in the 
pasts of an uncountably huge number of different futures. 
Everything that can happen does happen, somewhere. 
Until the many worlds interpretation, the generally ac- 
cepted interpretation of quantum mechanics was (and per- 
haps still is) the Copenhagen interpretation. The Copenhagen 
interpretation makes a distinction between the observer 
and the observed; when no one is watching, a system 
evolves deterministically according to a wave equation, 
but when someone 7s watching, the wave function of the 
system “collapses” to the observed state, which is why the 
act of observing changes the system. The Copenhagen 
interpretation gives the observer special status, not ac- 
corded to any other object in quantum theory, and cannot 
explain the observer itself, while the many worlds hypoth- 
esis models the entire observer-observee system. 


map 

(1) A synonym for function, in which context it is also 
known as a mapping. More generally, the correspondence of 
elements in one set to elements in the same set or another 
set. (2) A representation, usually on a plane surface, of geo- 
graphical regions. See four-color map problem. 


Markov chain 

A sequence of random variables in which the future vari- 
able is determined by the present variable but is indepen- 
dent of the way in which the present state arose from its 
predecessors. In other words, a Markov chain describes 
a chance process in which the future state can be pre- 
dicted from its present state as accurately as if its entire 
earlier history was known. Markov chains are named after 
the Russian mathematician Andrei Andrevich Markov 
(1856-1922) who first studied them in a literary context, 
applying the idea to an analysis of vowels and consonants 
in a text by Pushkin. But his work launched the theory of 
stochastic processes and has since been applied in quan- 
tum theory, particle physics, and genetics. 


Martingale system 

A simple, popular, and ultimately disastrous gambling 
system that, on the face of it, seems like a dream come 
true. In the short run the player has a good chance of 
making a few dollars using this method. But, in the long 
run, two things conspire to defeat him—the table betting 
limits and the player’s available funds. The Martingale 
system calls for an initial bet of, say, $2. If the player 
loses, he doubles his bet to $4. Another loss puts the net 
loss at $6 and requires a doubling of the bet to $8 to 
recoup the losses and show a profit. Assume the player 
loses five hands in a row. The sixth bet requires $64. Let’s 
say this wins—the gambler has now won $128 but has lost 
$124—a net win of $4. Of course, any win, however small, 
if repeated over and over, could produce a fortune. The 
trouble is that many losing streaks run longer than 6 or 8 
or 10 in a row. The Martingale quickly runs into the table 
limits. For example, if the player is at a $2 blackjack table 
with a $500 upper limit, he has to retire after 9 losses in a 
row and is down over $1,000. It would take another 500 
winning hands to make up this loss! Basically, one losing 
streak will put the Martingale gambler in a hole he is 
unlikely ever to climb back out of. 


Mascheroni construction 

A construction done using a moveable compass alone, 
named after the Italian geometer Lorenzo Mascheroni 
(1750-1800), who, in his Geometria del compasso (1797), 
astonished the mathematical world by showing how every 
compass-and-straightedge construction can be done in this 
minimalist way. (Since straight lines can’t be drawn with 
just a compass, it’s assumed that two points, obtained by 
arc intersections, define a straight line.) It is now known 
that Georg Mohr (1640-1697) proved the same results ear- 
lier in his obscure Euclides danicus (1672). Mascheroni, or 
Mohr-Mascheroni, constructions are today primarily of 
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interest to puzzle enthusiasts who try to improve on the 
older solutions by finding ones with fewer steps. 


matchstick puzzle 

A form of mechanical puzzle that involves rearranging a 
pattern of ordinary matches, according to a given instruc- 
tion, to make a new shape or solve some other mathe- 
matical problem. 


mathematical lifespan 

“The mathematical life of a mathematician is short. Work 
rarely improves after the age of twenty-five or thirty. If lit- 
tle has been accomplished by then, little will ever be 
accomplished.” Thus wrote Alfred Adler in an article 
titled “Mathematics and Creativity” in the New Yorker 
magazine (1972), echoing a common belief that mathe- 
maticians tend to do their best work before the age of 30, 
physicists before the age of 40, and biologists before the 
age of 50 (though there are exceptions!). The mathemati- 
cal physicist Freeman Dyson put it more succinctly: 
“Young men should prove theorems, old men should 
write books.” On the other hand, there are compensa- 
tions for early burnout, as G. H. Hardy pointed out (in 
A Mathematician’s Apology): “Archimedes will be remem- 
bered when Aeschylus is forgotten, because languages die 
and mathematical ideas do not. ‘Immortality’ may be a 
silly word, but probably a mathematician has the best 
chance of whatever it may mean.” 


mathematics 


Pure mathematics consists entirely of assertions to 
the effect that if such and such a proposition is true 
of anything, then such and such another proposition 
is true of that thing. It is essential not to discuss 
whether the first proposition 1s really true, and not to 
mention what the anything 1s of which it is supposed 
to be true... . Thus mathematics may be defined as 
the subject in which we never know what we are 
talking about, nor whether what we are saying ts 
true. 

—Bertrand Russell 


The science of patterns, real or imagined; mathematics 
comes from the Greek mathema for “knowledge” or “that 
which is learned.” Its roots lie in the practical need to 
carry out commercial calculations, to measure land, and 
to forecast astronomical events. These activities corre- 
spond roughly to the mathematics of structure, space, 
and change. The investigation of structure begins with 
numbers—initially the natural numbers and integers. 
The rules governing arithmetical operations are dealt 
with in elementary algebra, while the deeper properties 


of whole numbers are the province of number theory. 
The study of methods to solve equations leads to 
abstract algebra, which deals with structures that gener- 
alize the properties of familiar numbers. The physically 
important concept of vector, generalized to vector 
spaces and studied in linear algebra, embraces both 
structure and space. The mathematics of space stems 
from geometry, first the Euclidean geometry and 
trigonometry of the everyday world, and later the vari- 
ous forms of non-Euclidean geometry. The modern 
fields of differential geometry and algebraic geometry 
generalize geometry in different ways. Differential geom- 
etry builds upon the concepts of coordinate system, 
smoothness, and direction, while algebraic geometry 
treats geometrical objects as sets of solutions to polyno- 
mial equations. Group theory places the concept of sym- 
metry on an abstract footing and provides a bridge 
between space and structure. Topology links space and 
change through its emphasis on continuity. Analyzing 
and describing change in the physical world is a perennial 
theme of the natural sciences, and calculus was devel- 
oped as a tool for doing this. The central concept used to 
describe a changing variable is that of a function. Many 
problems lead to relations between a quantity and its rate 
of change, and the methods to solve these are studied in 
the field of differential equations. The numbers used to 
represent continuous quantities are real numbers, and 
the study of their properties and the properties of real- 
valued functions is known as real analysis. For various 
reasons, it’s convenient to generalize to complex num- 
bers, which are dealt with in complex analysis. Func- 
tional analysis focuses attention on (typically infinite- 
dimensional) spaces of functions, laying the groundwork 
for quantum mechanics among many other things. In 
order to probe the foundations of mathematics, the fields 
of set theory, mathematical logic, and model theory were 
developed. 

Since the time of the ancient Greeks, thought has been 
given to the ultimate nature of mathematics. What is its 
role and status in reality? Most crucially, is it invented or 
discovered? Leopold Kronecker was on the side of inven- 
tion: “God made the integers; all the rest is the work of 
Man.” Charles Hermite, by contrast, was clearly a Platon- 
ist: “There exists... an entire world, which is the totality 
of mathematical truths, to which we have access only with 
our mind, just as a world of physical reality exists, the one 
like the other independent of ourselves, both of divine 
creation.” The German physicist Heinrich Hertz went 
even further: “One cannot escape the feeling that these 
mathematical formulas have an independent existence 
and an intelligence of their own, that they are wiser than 
we are, wiser even than their discoverers, that we get more 


200 matrix 


out of them than was originally put into them.” G. H. 
Hardy summed up what many mathematicians today 
have a tendency to believe:!"! “that mathematical reality 
lies outside us, that our function is to discover or observe 
it, and that the theorems which we prove, and which we 
describe grandiloquently as our ‘creations,’ are simply the 
notes of our observations.” In another passage, he made 
this point more precisely: “317 is a prime, not because we 
think so, or because our minds are shaped in one way 
rather than another, but because it is so, because mathe- 
matical reality is built that way.” We are struck by how 
well mathematics describes the behavior of the world in 
which we live. The universe, in fact, appears to have a 
deep mathematical infrastructure. Martin Gardner makes 
the bold claim that: “Mathematics is not only real, but it 
is the only reality. [The]... entire universe is made of 
matter. ... And matter is made of particles. . .. Now what 
are the particles made out of? They’re not made out of 
anything. The only thing you can say about the reality of 
an electron is to cite its mathematical properties. So 
there’s a sense in which matter has completely dissolved 
and what is left is just a mathematical structure.” 


matrix 
A square or rectangular array of numbers, usually written 
enclosed in a large pair of parentheses. Matrices, which 
are added and multiplied using a special set of rules, are 
extremely useful for representing quantities, particularly 
in some branches of physics. A matrix can be thought of 
as a linear operator on vectors. Matrix-vector multiplica- 
tion can be used to carry out geometric transformations 
such as scaling, rotation, reflection, and translation. 
Matrix comes from the same Latin root that gives us 
mother, and was used to refer to the womb and to pregnant 
animals. It became generalized to mean any situation or 
substance that contributes to the origin of something. The 
first mathematical use of the word matrix was around 1850 
by James Sylvester who saw a matrix as a way of obtaining 
determinants, but didn’t fully appreciate its potential. 
Within a year of his first mention of the term, he intro- 
duced the idea to Arthur Cayley who was the first to pub- 
lish the inverse of a matrix and to treat matrices as purely 
abstract mathematical forms. The use of mathematical 
arrays to solve problems predates the application of the 
name by about 2,000 years. Around 200 B.c. in the Chi- 
nese text Juizhang Suanshu (Nine Chapters on the Mathe- 
matical Arts) the author solves a system of three equations 
in three unknowns by placing the coefficients on a count- 
ing board and solving by a process that today would be 
called Gaussian elimination. 


maximum 
The largest of a set of values. 


maze 
A network of winding and interconnected passageways 
that a traveler must negotiate in order to reach some goal. 
The terms maze and labyrinth are often used interchange- 
ably, though sometimes a distinction is made based on 
the layout. A labyrinth is then defined as a construction 
that leads from a starting point to a goal by a single path, 
with no branches or dead ends. No matter how long and 
twisting the route, it is predetermined by the builder: a 
labyrinth, according to this definition, is unicursal. A 
maze, by contrast, is multicursal and calls for the traveler 
to make a series of decisions that affect how quickly the 
goal is reached. In this book, maze and labyrinth mean the 
same thing, and refer to unicursal and multicursal mazes. 
The most famous of legendary mazes was the lair (or 
prison) of the Minotaur at Knossos on Crete. According 
to Greek mythology, King Minos of Crete had his chief 
engineer, Daedalus, build the labyrinth in order to keep 
the half-human half-bovine offspring of his wife Pasiphae 
and a bull out of the public eye. King Aegeus of Athens 
was forced to pay a periodic tribute to Minos (the Athe- 
nians having earlier murdered Minos's son) in the form 
of seven young men and seven maidens. These unfortu- 
nates were forced to enter the maze below Minos’s palace 
where they would get hopelessly lost and eventually be 
eaten by the monster. King Aegeus’ son, Theseus, 
decided to put a stop to this and offered to take the place 
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maze Possibly the world's oldest surviving labyrinth: a seven- 
ring labyrinth rock carving inside the Tomba del Labirinto, a 


Neolithic tomb at Luzzanas, Sardinia, dating somewhere 
between 2500 and 2000 B.c. National University of Singapore 
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maze A plan of the maze in Chartres Cathedral as drawn by 
Henry Dudeney. 


of one of the sacrificial virgins. He fell in love with Ari- 
adne, one of Minos's daughters, who gave him a clew, or 
ball of yarn, to unravel as he entered the labyrinth so that 
he would be able to find his way back out. (Originally, 
clue and clew were alternative spellings of the same word. 
The modern sense of clue as a guide to solving a problem 
comes from the legend of the Minotaur, while clew 
retains its ancient meaning.) In true heroic style, Theseus 
slew the Minotaur but then spoiled the fairytale ending 
by abandoning Ariadne on the voyage home. Did this 
labyrinth really exist? In Roman times some writers sug- 
gested that a set of winding caves at Gortyan, in southern 
Crete, might have formed the basis for the tale. Although 
this complex of natural passages sounds similar to the 
maze in the myth, the story definitely places the 
labyrinth at the ancient Cretan capital. Archaeologists 
have found no evidence of a labyrinth structure at Knos- 
sos, but it has been suggested that the palace was so com- 
plicated, with its many levels, stairs, and rooms, that it 
may itself have inspired the story. 

Minoan coins from about 300 B.C. bear a round, wind- 
ing design, thought to be a representation of the lab- 
yrinth. A very similar geometric pattern recurs across 
many different cultures and times—scratched into caves 
in Cornwall (possibly by visiting Phoenician seafarers), 
on Roman coins, and in pictures drawn by native Ameri- 
can Indians. Almost all these designs, including the one 
on the Minoan coins, are unicursal. Quite why Theseus 
would have needed a clew to navigate a maze that had 


only one way in and out is anybody’s guess. But the 
underlying reason for the early unicursal design isn’t hard 
to find. These mazes were intended not as intellectual 
puzzles but as symbolic representations of destiny as a 
matter of fate, beyond personal control. The world’s old- 
est known maze-like designs, dating back about 3,500 
years, have been found carved on rocks in northwest 
Spain and around the shores of the Mediterranean, and 
according to legend, were walked by fishermen before 
setting sail to ensure favorable winds and a good catch. In 
medieval times, mazes started to appear in churches, as 
art painted on walls or inlaid as “pavement mazes” on the 
floor. Some of the larger floor versions were traversed by 
people on their knees as a form of repentance or tra- 
versed as a substitute for an actual pilgrimage to the holy 
city, earning them the name “Chemin de Jerusalem,” or 
Road of Jerusalem. The oldest-known church labyrinth, 
at the Basilica of Reparatus at Orleansville, Algeria, dates 
from the fourth century A.D. and measures about 8 feet in 
diameter. One of the largest, built in 1288, formed part of 
the floor in the nave of Amiens Cathedral in France and 
spanned about 42 feet, but was destroyed in 1825. A 
splendid surviving example, however, is in Chartres 
Cathedral near Paris. Laid down in about 1200, this is an 
11-circuit design (11 concentric windings) divided into 
quadrants, of the type often found in Gothic cathedrals. 
The only cathedral maze in Britain is at Ely, 16 miles 
north of Cambridge; when the Cathedral was restored 
around 1870, the architect, Gilbert Scott, installed a pave- 
ment maze of his own design under the west tower. 

Mazes built primarily as puzzles or for recreation repre- 
sent a different type of structure. For one thing, they are 
multicursal, offering those who enter a series of choices 
about which way to proceed. In his Natural History, the 
Roman historian Pliny comments that the classical type of 
labyrinth is quite distinct from “the mazes formed in the 
fields for the entertainment of children,” suggesting that 
these diversions may have a long history. But it was in Eng- 
land that they really came of age. Church mazes never 
caught on in England, but turf mazes became tremen- 
dously popular. Ranging from 25 feet to over 80 feet 
across, they were constructed in or just outside villages 
across the countryside and were given names such as “Miz- 
maze,” “Troy Town,” “Shepherd’s Race,” and “Julian’s 
Bower.” A Welsh history book Drych y Prif Oesoedd (Mirror 
of the first age) published in 1740 notes the curious cus- 
tom shepherds had of cutting the turf in the form of a 
labyrinth, which would seem to account for the origin of 
“Shepherd’s Race.” “Troy Town” probably refers to a leg- 
end that the city of Troy had seven exterior walls arranged 
as a maze to frustrate an attacking force. 

From the turf maze it was no great leap to perhaps the 
most famous form of full-size maze—the topiary or hedge 
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maze. While the use of hedges in gardens dates back to 
Roman times, the earliest references to a topiary maze 
appears in thirteenth-century Belgium. By the sixteenth 
century the hedge maze had spread to England, as a land- 
scape painting by Tintoretto attests. In the later part of 
the seventeenth century, Louis XIV had a labyrinth built 
as a part of the gardens at Versailles, which included 39 
groups of hydraulic statuary representing the fables of 
Aesop. The most famous surviving historic hedge maze 
is that on the grounds of Hampton Court Palace in 
England, designed by George London and Henry Wise 
for William of Orange, planted between 1689 and 1694, 
and occupying about a third of an acre. The finest turf 
maze in England may be that at Bridge End Gardens in 
Saffron Walden, Essex, which was replanted with yew in 
1838-1840, abandoned and lost by 1949, then restored 
in 1983. A second maze, an imitation of that at Hampton 
Court, is on the Common. 

In August 1997, Adrian Fisher opened the “World’s 
Largest Maze” at Millets Farm Centre, Frilford, Oxford- 
shire, England, cut from about six acres of grain. How- 
ever, his 1995 effort in Shippensburg, Pennsylvania, was 


in a 30-acre field and the 1997 maze in Reignac sur Indre 
covers 37 acres. °" 

When faced with a maze, what is the best way of 
reaching the goal, whether this is a point in the middle 
of the maze or an exit that forms a second opening to 
the structure? A unicursal maze calls for no brainwork, 
only footwork, since it consists of a single winding pas- 
sage with no offshoots. Multicursal mazes are a differ- 
ent story. The easiest solution is to place a hand on one 
wall at the outset and follow that wall, come what may. 
Each blind alley will be traversed one time in and out 
until the whole maze is completed, or the goal is found. 
This simple method isn’t the most efficient and it will 
fail altogether if the goal lies within an island in the 
maze—that is, a section detached from any of the exte- 
rior walls. A classic general method of “threading a 
maze” is: (1) never traverse a path more than twice; (2) 
when arriving at a new branch point or node, select 
either path; (3) when arriving at an old node or at a 
dead end by a new path, return by the same path; and 
(4) when arriving at an old node by an old path, select 
a new path, if possible; otherwise, an old path. An 
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maze A handheld maze, the object of 
which is to get the silver ball from the 
starting rectangle on the left to the fin- 
ishing rectangle on the right. Crafted 
from Tasmanian blackheart sassafrass 
by Kym Anderson. Mr. Puzzle Australia, 
www.mrpuzzle.com.au 
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Triangle numbers can be shown as a triangle of dots. They 
include the numbers 1, 3, 6, 10,... 


Rectangle numbers are any number that can be shown as a 
rectangle of dots. 


Cube numbers can be shown as a cube of dots. The first three 
cube numbers are 1, 8 and 27. 


The multiples of a number are the answers to that number’s 
times table. So the multiples of 4 are 4, 8, 12, 16, 20,... 


A factor of a number is any number which divides exactly into 
that number. Every number has 1 and itself as factors. The 
factors of 10 are 1, 2, 5 and 10. 


Prime numbers are numbers with exactly two factors. The first 
five prime numbers are 2, 3, 5, 7 and 11. 
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explorer who follows these rules, using marks on the 
ground, as a record, can be assured of visiting every part 
of the maze [48, 219, 240, 294] 


See also Rosamund's bower. 


mean 


When she told me I was average, she was just being 
mean. 
—Anonymous 


A precisely calculated “typical” value of a group of num- 
bers. There are several kinds of means. The arithmetic 
mean, which is usually what is meant when people talk 
about an average, is the sum of a set of values divided 
by the number of values. For example, the arithmetic 
mean of 3, 4, 7, and 10 is (3 +4 +7 + 10)/4 = 6. The geo- 
metric mean of n values is the nth root of the product ofthe 
values. For example, the geometric mean of 3, 8, and 10 is 
(3 x 8 x 10)” or the cube root of 240. The harmonic mean 
is the reciprocal of, or one over, the mean of the recipro- 
cals of the values. For example, the harmonic mean of 3, 
8, and 10 is 1/[(4 + l + l40)/3]. A different kind of aver- 
age is median, which is generally the center term when a 
group of numbers are ordered by size. If there are an even 
number of values then the arithmetic mean of the center 
two is the median. The words mean and median both come 
from the Indo-European root medhyo meaning “middle.” 


measure 

A way of gauging how big something is in terms of length, 
volume, or some other quality. One of the strangest facts 
in mathematics is that some objects exist that can’t be 
measured. In the language of sets, the basic rules (some- 
what simplified) of mathematical measures are as follows: 
(1) the measure of any set is a real number; (2) the empty 
set has measure zero; (3) if A and B are two sets with no 
elements in common then the measure of A U B (the 
union of A and B) is equal to the measure of A plus the 
measure of B. The second of these rules can be very use- 
ful, for example, when integrating a function, since it 
allows us to ignore any points where the function jumps 
around, provided that such points are isolated. A slightly 
jittery function is one thing; a nonmeasurable set is a very 
different animal. Imagine a three-dimensional shape so 
fantastically intricate, so jagged and crinkled, that it is 
impossible to measure its volume and this gives some idea 
of the concept of nonmeasurability. From it flow such 
bizarre conclusions as the Banach-Tarski paradox. 


measure theory 
The part of mathematics that investigates the conditions 
under which integration can be carried out. It focuses 


mainly on the various ways in which the size, or mea- 
sure, of a set can be estimated. 


measuring and weighing puzzles 

Problems that involve measuring a given quantity of liquid 
by pouring from one vessel into others of known capacity 
go back to medieval times. One of the earliest to appear in 
print was given by Niccoló Tartaglia and asks for 24 
ounces of balsam to be divided into three equal portions 
using vessels that hold 5, 11, and 13 ounces, respectively. 
A similar problem was posed by a fellow traveler to the 
young Siméon Poisson while on a journey. Poisson’s fam- 
ily had tried to steer him into careers ranging from a sur- 
geon to a lawyer, the last on the theory that he was fit for 
nothing better. He seemed inept at everything he did. 
However, he saw the solution to the measuring problem 
immediately and realized his true calling. Thereafter, he 
threw himself into mathematics and became one of the 
greatest mathematicians of the nineteenth century. 

The classic weighing problem was proposed by 
Claude-Gaspar Bachet and entails finding the least num- 
ber of weights needed to weigh any integral number of 
pounds from 1 to 40 pounds inclusive, when no weights 
are allowed in either of the two pans. The answer is 1, 3, 
9, and 27 pounds. Tartaglia had previously stated the 
same puzzle with the condition that the weights may 
only be placed in one pan, in which case the solution is 
1, 2, 4, 8, 16, and 32 pounds. 


PUZZLE 
The following is a measuring problem from Henry 
Dudeney's Canterbury Puzzles, which Dudeney 
claimed was the most popular of the whole collection 
and which the reader may like to try: 
Here be a cask of fine London ale, and in my hands 
do | hold two measures—one of five pints, and the 
other of three pints. Pray show how it is possible for 
me to put a true pint into each of the measures. 
Solutions begin on page 369. 


mechanical puzzle 

A puzzle, involving several objects or a single object 
composed of one or more movable parts, whose solu- 
tion requires moving from an initial state to a predefined 
final state. Mechanical puzzles were first classified by 
Louis Hoffmann in Puzzles Old and New"”! (1893). A 
modified form of his scheme is shown in the table “Me- 
chanical Puzzles” on the following page. 


medial triangle 
The triangle whose vertices are the midpoints of the sides 
of a given triangle (see vertex). 


204 median 


Mechanical Puzzles 


Type Subtype Examples 

Assembly 2-dimensional assembly Tangrams, T-puzzle, jigsaw 
3-dimensional assembly (noninterlocking) Soma cube 
Matchstick puzzles 


Miscellaneous 


Puzzle rings 


Disassembly Trick or secret opening 


Miscellaneous 


Puzzle jug 
Trick locks, keys, etc. 


Interlocking solid Burr puzzle 


3-dimensional jigsaws 


Miscellaneous 


Cubes, other objects 


Disentanglement and entanglement Wire puzzles 
String puzzles 
Miscellaneous 


Chinese rings 
Cat's cradle 


Sequential movement 


Peg solitaire (peg removal) 
Other counter (peg rearrangement) 


Sliding-piece puzzles 


Miscellaneous 


Fifteen Puzzle 
Tower of Hanoi 


Puzzle vessels Puzzle jug 
Miscellaneous 


Bottom-fill teapots, pitchers 


Vanishment puzzle 


Get Off the Earth 


Folding Origami 
Flexagon 


Impossible figure 


median 
1. The line from a vertex of a triangle to the midpoint of 
the opposite side. 2. See mean. 


Menaechmus (c. 380-c. 320 B.C.) 

A Greek mathematician, thought to have been a pupil of 
Eudoxus, who is famed for his discovery of the conic 
sections and for being the first to show that ellipses, 
parabolas, and hyperbolas are formed by cutting a cone 
in a plane that is not parallel to the base. Menaechmus 
made his discoveries on conic sections while attempting, 
unsuccessfully, to solve the problem of duplicating the 
cube. It has also been suggested that he served as a tutor 
to Alexander the Great. 


Menger sponge 
A famous fractal solid that is the three-dimensional 
equivalent of the Sierpinski carpet (which, in turn, is the 
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Menger sponge 


Penrose stairway 
Penrose triangle 
Impossible trident 
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two-dimensional equivalent of Cantor dust). To make a 
Menger sponge, take a cube, divide it into 27 (=3 x 3 x 3) 
smaller cubes of the same size and remove the cube in the 
center and the six cubes that share faces with it. What's 
left are the eight small corner cubes and twelve small edge 
cubes holding them together. Now, imagine repeating this 
process on each of the remaining 20 cubes. Repeat it 
again. And again...ad infinitum. The Menger sponge 
was invented in 1926 by the Austrian mathematician Karl 
Menger (1902-1985). 


Mersenne, Marin (1588-1648) 

A French monk, philosopher, and mathematician best 
remembered for his work to find a formula to generate 
prime numbers based on what are now known as 
Mersenne numbers. However, in addition to being a 
mathematician, he wrote about music theory and other 
subjects; edited works of Euclid, Archimedes, and other 
Greek mathematicians; but most importantly, corre- 
sponded extensively with mathematicians and other sci- 
entists in many countries. At a time before scientific 
journals existed, Mersenne was at the heart of a network 
for information exchange. 


Mersenne number 

A number of the form 2” — 1 (one less than a power of 
2), where z is a positive integer. Mersenne numbers are 
named after Marin Mersenne who wrote about them 
in his Cogita Physico-Mathematica (Physical Mathemat- 
ics Knowledge 1644) and wrongly conjectured that 
they were prime for n = 2, 3, 5, 7, 13, 17, 19, 31, 67, and 
257, and composite for n < 257. See also Mersenne 
prime. 


Mersenne prime 

A prime number of the form 2’ — 1, where p is prime. A 
prime exponent is necessary for a Mersenne number to 
be prime but is not sufficient; for example, 2" — 1 = 2,047 
= 23 x 89. In fact, after an early clustering of Mersenne 
primes for fairly small values of p, further occurrences 
become increasingly rare. At the time of writing there 
are 40 known Mersenne primes, corresponding to values 
fOr POF 25365779. 13-175 198 3 61789: 107: 1272521, 
607; 1,279; 2,203; 2,281; 3,217; 4,253; 4,423; 9,689; 
9,941; 11,213; 19,937; 21,701; 23,209; 44,497; 86,243; 
110,503; 132,049; 216,091; 756,839; 859,433; 1,257,787; 
1,398,269; 2,976,221; 3,021,377; 6,972,593; 13,466,917; 
and 20,996,011. However, it isn’t known if the current 
largest Mersenne prime is the fortieth in order of size 
because not all lower exponents have been checked. 
Mersenne primes rank among the largest of all known 


primes because they have a particularly simple test for pri- 
mality, called the Lucas-Lehmer test. 

The search for Mersenne primes has been going on for 
centuries. They are named after Marin Mersenne who, in 
1644, helped the search gain wide recognition by writing 
to many mathematicians of his conjecture about which 
small exponents yield primes. Around the time that 
Mersenne’s conjecture was finally settled, in 1947, digital 
computers gave a new impetus to the hunt for Mersenne 
primes. As time went on, larger and larger computers 
found many more Mersennes and, for a while the search 
belonged exclusively to those with the fastest computers. 
This changed in 1995 when the American computer sci- 
entist George Woltman began the Great Internet Mersenne 
Prime Search (GIMPS) by providing a database of what 
exponents had been checked, an efficient program based 
on the Lucas-Lehmer test that could check these numbers, 
and a way of reserving exponents to minimize the dupli- 
cation of effort. Today GIMPS pools the combined 
efforts of dozens of experts and thousands of amateurs. 
This coordination has yielded several important results, 
including the discovery of the Mersennes M3o913775 M297%221, 
and Moo: and the proof that Mas Mgso433, and 
M3 021377 are the thirty-second, thirty-third, and thirty- 
fourth Mersennes. 


meter 

The basic unit of length adopted under the System Inter- 
national d’Unites (SI units). Over the years the definition 
of the meter has changed several times. Throughout all 
these definition changes the length of the meter hasn’t 
changed, but the precision by which it is measured was 
improved. In 1793, the meter was defined to be 
1/10,000,000 of the distance from the pole to the equa- 
tor. During the nineteenth century, the definition was in 
terms of the length of standard bars of platinum kept 
under controlled conditions. In 1983, the current defini- 
tion was adopted of the distance traveled by light in a 
vacuum in 1/299,792,458 of a second. 


method of exhaustion 

Finding an area by approximating it by the areas of a 
sequence of polygons; for example, filling up the interior 
of a circle by inscribing polygons with more and more 
sides. 


metric 

Any function d(x, y) that describes the distance between 
two points. Distance is formally defined as a single num- 
ber with the following properties: (1) d(x, y) =0 if and only 
if x=y; (2) d(x, y) =d(y, x); (3) d(x, y) + dí), z) > d(x, z) (the 
triangle inequality). 
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metric space 

A set that has a metric; in other words, a kind of space in 
which the concept of distance has meaning. Compare 
with topological space. 


metrizable 

For a topological space, the property that there exists a 
metric compatible with the topology. To say that a topo- 
logical space is metrizable is to treat it as a metric space, 
but without distinguishing any specific or preferred dis- 
tance function. 


Michell, John (1724-1793) 

An English natural philosopher and clergyman, educated 
at Queen’s College, Cambridge, who discovered that the 
force between magnetic poles varies as 1/77. In 1767, 
Michell became rector of Thornhill, now a suburb of 
Dewsbury, Yorkshire. Sometime in the early 1770s, he 
played music with the great astronomer William Her- 
schel and gave Herschel his first telescope. In 1784, 
Michell deduced the existence of what are now called 
black holes from Newton’s corpuscular theory of light, 
and suggested that some stars might have dark compan- 
ions. He also devised and built the torsion balance for 
determining the universal gravitational constant G, but 
died before having the chance to use it. The balance was 
passed to the Cambridge physicist F. J. H. Wollaston, and 
from him to Henry Cavendish, who used it at his house 
in London and is often, mistakenly, identified as its 
inventor. 


midpoint 
The point M is the midpoint of line segment AB if AM= 
MB. That is, M is halfway between A and B. 


mile 

A measure of distance, the name of which is an abbre- 
viation of the Latin mille passes or “one thousand 
paces.” Since the paces (one step with each foot) of the 
Roman Army were supposed to be two steps, each 2.5 
feet long, 1,000 paces is very close to the length now 
called a statute mile (5,280 feet). A nautical mile was 
developed to be a distance equal to 1 minute of arc (1/60 


of a degree) distance along a great circle and is equal to 
6,076 feet. 


million 

A thousand thousand, 1,000,000, or 10°. The word comes 
from the Latin mille for “thousand” (which is also the root 
for mile and millennium) and the suffix zon that implies 
“large” or “great;” thus a million is literally a “great thou- 
sand.” Although million seems to have come into use as early 
as the middle of the fourteenth century, most mathemati- 


cians would use the phrase “thousand thousands” to avoid 
confusion and it was not until the 1700s that “million” 
caught on. It appears in the King James Version of the Bible 
(Genesis 24:60) and in Shakespeare (Hamlet act II scene II)— 
“for the play, I remember, pleased not the million.” 


minimal prime 

A prime number that is a substring of another prime 
when written in base 10. A string a is a substring of 
another string b, if a can be obtained from $ by deleting 
zero or more of the characters in b. For example, 392 is a 
substring of 639,802. The minimal primes are: 


2; 3; 5; 7; 11; 19; 41; 61; 89; 409; 449; 499; 881; 991; 
6,469; 6,949; 9,001; 9,049; 9,649; 9,949; 60,649; 
666,649; 946,669; 60,000,049; 66,000,049; 66,600,049 


minimal surface 

A surface that, bounded by a given closed curve or curves, 
has the smallest possible area. A minimal surface has a 
mean curvature of zero. Finding and classifying minimal 
surfaces and proving that certain surfaces are minimal have 
been major mathematical problems for over 200 years. If 
the closed curve is planar then the solution is trivial; for 
example, the minimal surface bounded by a circle is just a 
disk. But the problem becomes much more difficult if the 
bounding curve is nonplanar—in other words, is allowed to 
move up and down in the third dimension. The first non- 
trivial examples of minimal surfaces, the catenoid and the 
helicoid, were discovered by the French geometer and 
engineer Jean Meusnier (1754-1793) in 1776, but there was 
then a gap of almost 60 years before the German Heinrich 
Scherk found some more. In 1873 the Belgian physicist 
Joseph Plateau carried out experiments that led him to con- 
jecture that soap bubbles and soap films always form min- 
imal surfaces. Proving mathematically this was true became 
known as the Plateau problem. Most minimal surfaces are 
extremely hard to construct and visualize, in part because 
the majority of them are self-intersecting. However, the 
development of high-performance computer graphics has 
provided mathematicians with a powerful tool and the last 
couple of decades have seen a huge increase in the number 
of such surfaces that have been defined and investigated. 


minimax theorem 

A theorem that says there is always a rational solution to 
a precisely defined conflict between two people whose 
interests are completely opposite. It is rational in that 
both parties can convince themselves that they can’t 
expect to do any better, given the nature of the conflict. 


minimum 
The smallest of a set of values. 
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Minkowski, Hermann (1864-1909) 

A German mathematician, born in Lithuania, who 
played an important part in the early development of rel- 
ativity theory. Minkowski was the first to realize that the 
work of Hendrik Lorentz and Albert Einstein could be 
best understood if space and time, formerly thought to 
be separate entities, were treated as part of a four- 
dimensional space-time with a non-Euclidean geome- 
try. The concept of the space-time continuum, which 
provided a framework for all later mathematical work in 
relativity, appeared in Minkowski's book Raum und Zeit 
(Space and Time 1907). From 1896 to 1902, Minkowski 
taught at the Zurich Federal Institute of Technology when 
Einstein was a student. In fact, Einstein attended several 
of the courses he gave but didn't create a good impres- 
sion at the time. Minkowski described him as a “lazy 
dog” who “never bothered about mathematics at all.” In 
1902, Minkowski accepted a chair at the University of 
Gottingen, where he stayed for the rest of his life. His 
main interest was in pure mathematics, including num- 
ber theory and geometry, and it was through his under- 
standing of the more abstract side of mathematics and 
geometry in more than three dimensions that he devel- 
oped the idea of four-dimensional space-time. 


Minkowski space 

A finite-dimensional vector space, especially a four- 
dimensional one, together with an indefinite inner product 
with one positive or timelike direction and many negative 
or spacelike directions. In particular, Minkowski space is 
ordinary space-time in the special relativity theory. 


minimal surface A Scherk Surface—a type 
of minimal surface—portrayed as a mem- 
brane. Anders Sandberg 


minor axis 
The smallest chord of an ellipse. 


minute 

(1) One sixtieth of an hour or of a degree of arc or angle. 
(2) One sixtieth of an hour. As a measure of both time 
and angle, it equals 60 seconds. 


mirror reversal problem 

Why does a mirror reverse right and left, but not up and 
down? This question crops up perennially in the letter 
and query columns of magazines and newspapers. It was 
the inspiration for Lewis Carroll’s Alice through the Look- 
ing Glass. Alice Raikes (not to be confused with Alice Lid- 
dell, after whom the fictional Alice was modeled) was 
another of Carroll’s young friends. On one occasion, in 
1868, Carroll put an orange in her right hand and then 
asked her to stand in front of a mirror and say which 
hand showed the reflection of the orange. She said the 
left hand and Carroll asked her to explain. She finally 
replied “If I was on the other side of the glass, wouldn’t 
the orange still be in my right hand?” Carroll said this 
was the best answer he’d had and later said it gave him 
the idea for his book. 

Others have struggled harder but not always convinc- 
ingly to explain the phenomenon, appealing variously to 
gravity, the psychology of perception, and philosophy. 
Why does a mirror reverse right and left, but not up and 
down? A frequently given answer is that a mirror doesn’t 
reverse right and left. It reverses front and back. This is cer- 
tainly true: the looking glass you is facing in the opposite 
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mirror reversal problem A looking-glass world beckons the 
curious Alice in Lewis Carroll's book Alice through the Looking 
Glass. 


direction to the “real” you. But this short, crisp explanation 
doesn’t completely dispel the mystery. If you imagine that 
the mirror is not there and that instead you are looking at a 
flesh-and-blood twin of yourself, that twin is differently 
handed. If you have a watch on your left wrist, the person 
you are facing has his/her watch on the right wrist. The mir- 
ror has done a left-right swap, surely! At any rate, some- 
thing has happened to left and right that hasn’t happened 
to up and down. To be more convinced of this, hold this 
book up to the mirror and try to read it. Ifno left-right swap 
has happened, why is the reflected writing so hard to read? 
First, remember that you are only looking at an image! The 
mirror hasn't (Carrollian fantasies aside) created something 
of opposite handedness. Secondly, appreciate how the 
writing appears in the mirror's frame of reference. This 1s 
easy to do by looking at the writing from the other side of 
the page (i.e., back to front, thus undoing the back to front 
reversal caused by the reflection). From the mirror’s point 
of view the writing looks perfectly normal. 


missing dollar problem 

A version of this problem first appeared in R. M. Abra- 
ham’s Diversions and Pastimes in 1933.% See also nine 
nooms paradox. 


PUZZLE 
Three people dine at a restaurant and receive a total bill 
for $30. They agree to split the amount equally and pay 
$10 each. The waiter hands the bill and the $30 to the 
manager, who realizes there has been a mistake and 
the correct charge should be only $25. He gives the 
waiter five $1 bills to return to the customers, with the 
restaurant's apologies. However, the waiter is dishonest. 
He pockets $2, and gives back only $3 to the customers. 
So, each of the three customers has paid $9 and the 
waiter has stolen $2 making a total of $29. But the origi- 
nal bill was for $30. Where has the missing dollar gone? 
Solutions begin on page 369. 


Mittag-Leffler, (Magnus) Gósta (1846-1927) 

A Swedish mathematician who, in 1882, founded the 
international journal Acta Mathematica, and was its chief 
editor for 45 years. He studied in Paris under Charles 
Hermite and in Berlin under Karl Weierstrass, and made 
significant contributions to analysis. His best known 
work concerned the analytic representation of a one- 
valued functions and culminated in the Mittag-Leffler the- 
orem. Since he took a special interest in Georg Cantor’s 
discoveries, much of Cantor’s work was published in 
Acta Mathematica. Inscribed on the mantlepiece of 
Mittag-Leffler’s home—now a research institute—in Djur- 
sholm is the epitaph: “Number is the beginning and end 
of thought. Thought gave birth to number but reaches 
not beyond. ML 1903” 


mixed strategy 

In game theory, a strategy that uses randomness by em- 
ploying different actions in identical circumstances with 
different probabilities. 


Mobius band 

A simple and wonderfully entertaining two-dimensional 
object, also known as the Mobius strip, that has only one 
surface and one edge. It is named after the German math- 
ematician and theoretical astronomer August Ferdinand 
Mobius (1790-1868), who discovered it in September 
1858, although his compatriot and fellow mathematician 
Johann Benedict Listing (1808-1882) independently 
devised the same object in July 1858. Making a Mobius 
band is simple: take an ordinary sheet of typing paper, cut 
an 11” x 1” rectangle, bring the two long ends together, 
twist one of the ends 180°, and tape the two ends together. 
To prove that the band is single-sided, take a pen and start 
drawing a line around the band’s circumference. When 
drawing the line, never take the pen off the paper; just 
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Möbius band A sculpture of a Möbius band outside the Fermi National Accelerator Laboratory. FNAL 
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keep drawing the line until the starting point is reached. 
Once you are finished, look at both sides: there should be 
a line on both sides, thus proving that it is all the same side 
because you never took the pen off the paper. 

The Mobius band has a lot of curious properties. If 
you cut down the middle of the band, instead of getting 
two separate strips, it becomes one long strip with two 
half-twists in it. If you cut this one down the middle, you 
get two strips wound around each other. Alternatively, if 
you cut along the band, about a third of the way in from 
the edge, you will get two strips; one is a thinner Möbius 
band, the other is a long strip with two half-twists in it. 
Other interesting combinations of strips can be obtained 
by making Möbius bands with two or more flips in them 
instead of one. Cutting a Mobius band, giving it extra 
twists, and reconnecting the ends produces unexpected 
figures called paradromic rings. 

The Mobius band has provided inspiration both for 
sculptures and for graphical art. M. C. Escher was espe- 
cially fond of it and based many of his lithographs on it. 
It is also a recurrent feature in science fiction stories, such 
as Arthur C. Clarke’s The Wall of Darkness. A common fic- 
tional theme is that our universe might be some kind of 
generalized Mobius band. There have been technical 
applications; giant Mobius bands have been used as con- 
veyor belts (to make them last longer, since “each side” 
gets the same amount of wear) and as continuous-loop 
recording tapes (to double the playing time). 

A closely related strange geometrical object is the Klein 
bottle, which can be produced by gluing two Möbius 
bands together along their edges; however, this can’t be 
done in ordinary three-dimensional Euclidean space with- 
out creating self-intersections.!"""! 


mode 
The most frequently occurring value in a sequence of 
numbers. 


model of computation 

An idealized version of a computing device that usually 
has some simplifications such as infinite memory. A Tur- 
ing machine and the lambda calculus are models of 
computation. 


model theory 
The study of mathematical structures that satisfy a partic- 
ular set of axioms, especially in the field of logic. 


modulo 
The integers a and b are said to be congruent modulo m 
if a— bis divisible by m. 


Moiré pattern 

A radiating curved pattern created when two repetitive 
patterns overlap and interfere with one another. A Moiré 
pattern is seen, for example, when someone on TV wears 
a herringbone jacket. Mozré is the French word for “silk”, 
and silk motré, introduced from China to France in 1754, 
is the fabric that shows the familiar shifting patterns. 


Moivre, Abraham de 
See de Moivre, Abraham. 


monad 

A central concept in the Pythagorean worldview (see 
Pythagoras of Samos), in which it is regarded as the 
first thing that came into existence. Following the mo- 
nad came, in order: the dyad, numbers, lines, two- 
dimensional entities, three-dimensional entities, bodies, 
the four elements (earth, air, fire, and water), and the rest 
of the world. The monad plays a similarly fundamental 
role in the metaphysics of Leibnitz as an indivisible, 
impenetrable unit of mental experience. It also has sev- 
eral different technical meanings in modern mathemat- 
ics. For example, in nonstandard analysis, a monad 
consists of all those numbers infinitesimally closer to a 
given number. The word comes from the Latin monas 
(single) and Greek monos (unit). 


Monge, Gaspard (1746-1818) 

A French mathematician and physicist who put descrip- 
tive geometry, introduced by Albrecht Diirer, on a firm 
mathematical footing. He became professor of mathe- 
matics at Méziéres (1768) and of hydraulics at the Lycée 
in Paris (1780), and published his groundbreaking treatise 
on the application of geometry to the arts of construc- 
tion in 1795. 


monkeys and typewriters 

Six monkeys pounding away on typewriters would, by 
pure chance, if given enough time, be bound to write out 
all the works held in the British Library (or in all other 
libraries, for that matter). This idea was first suggested by 
the biologist Julian Huxley (1887-1975); it was discussed 
by the physicist James Jeans (1877-1946) in his Mysterious 
Universe (1930); and it has been restated in various forms 
over the years, in terms of chimpanzees, Shakespeare’s 
sonnets, and the like. It was also the subject of Russell 
Maloney’s short story “Inflexible Logic,” first published 
in the New Yorker magazine (1940) and reprinted in 
Clifton Fadiman's Fantasia Mathematica,” which tells 
the tragic tale of what happens when the fantastically 
improbable comes true. See also Universal Library. 
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monochromatic triangle 
A triangle whose vertices are all colored the same (see 
vertex). 


monomial 
An algebraic expression that consists of just one term. 


monotonic 
The property of a function that is always strictly increas- 
ing or strictly decreasing, but never both. 


Monster curve 
See Peano curve. 


Monster group 

The largest, most fascinating, and most mysterious of the 
so-called sporadic groups; it was constructed by Robert 
Griess at Princeton in 1982, having been predicted to 
exist by him and Bernd Fischer in 1973, and was named 
the Monster by John Conway. Think of the Monster 
group as a preposterous snowflake with more than 1,050 
symmetries that exists in a space of 196,883 dimensions. 
It contains the following number of elements: 


ER MOOT TI XS? x17xX19x23x29x31 
x 41 x 47 x 59x 71 
= 808,017,424,794,512,875,886,459,904,961,710,757, 
005,754,368,000,000,000 
= 8 x 10” (more than the number of quarks in the Sun). 


Despite these impressive credentials, however, it is still 
classified as a simple group, meaning that it doesn’t have 
any normal subgroups other than the identity element 
and itself. All 26 simple groups have now been classified 
and the Monster is far and away the biggest. At first, it 
seemed that the Monster was just a curiosity—a Guinness 
Book record of pure math. Its only “useful” application 
seemed to be to give the best way for packing spheres in 
24 dimensions! In ordinary three-dimensional space (and 
also four and five dimensions), the grocer’s way of stack- 
ing oranges in a hexagonal lattice is thought to be the 
tightest possible (see Kepler’s conjecture). But as the 
number of dimensions increases, the optimal packing 
method changes. A 24-dimensional grocer would get 
the most efficient arrangement of his 24-dimensional 
oranges by using the same symmetry as that of the Mon- 
ster. This is unlikely to be immediately useful. Much 
more interesting, however, is the connection that has 
been found between the symmetry of the Monster and 
one of the most promising unifying theories in physics— 
string theory—which has been revealed by the Mon- 
strous Moonshine conjecture.'”! 


Monstrous Moonshine conjecture 

An outrageous idea that stemmed from an observation 
made by John McKay of Concordia University in 1978. 
McKay was leafing through a table of abstruse mathemati- 
cal data, giving possible values for coefficients of the 
yfunction of certain elliptic curves, when he noticed the 
number 196,884 in the expression ¡(4) = q — 1 + 1968844 + 
21493760q* + .... In a moment of inspiration, he recog- 
nized this number as being one more than the number of 
dimensions in which the Monster group can be most sim- 
ply represented. Looking into this “coincidence” more 
closely, he found that it was no coincidence at all. In fact, 
all the coefficients of the 7-function were simple combina- 
tions of the degrees of possible representations of the 
Monster. This pointed to some deep connection between 
two seemingly unrelated areas of mathematics. On the one 
hand were the coefficients of what is called an elliptic 
modular function—exactly the kind of function that would 
play a key role in the proof of Fermat’s last theorem. On 
the other was the number of dimensions, and combina- 
tions of degrees, of a crystal lattice whose symmetry rota- 
tions and reflections formed the Monster. Subsequently, 
McKay and a few other mathematicians, including John 
Conway and Simon Norton, drew out the link between 
elliptic modular functions and the Monster in a proposi- 
tion christened, because of its fantastic nature, the Mon- 
strous Moonshine. In 1998, this conjecture was proved 
by Richard Borcherds (a former student of Conway’s) at 
the University of California at Berkeley. Astonishingly, 
Borcherds’s proof reveals a deep relationship between 
elliptic curves, the Monster Group, and string theory— 
the most promising theory on offer to unify our under- 
standing of nature at the subatomic level. Borcherds 
showed that the Monster is the group of symmetries of 
26-dimensional strings expressed in a form known as vertex 
algebra. Some people believe the connection may run even 
deeper and that Monstrous Moonshine may hold clues to 
the very existence of the reality in which we live.'*” 


Monte Carlo method 

A method of estimating the true value of a quantity by car- 
rying out a lot of random samples. For example, suppose 
we want to know the probability of getting a double six 
when we roll two dice. We could roll a pair of dice a thou- 
sand times, and count how many times, n, a double six 
came up; the estimated probability would then be 2/1,000. 
A famous example of using the Monte Carlo method is to 
calculate pi. Get a computer to generate two random num- 
bers x and y, each in the range —1 to 1, so that the point 
(x, y) lies somewhere randomly inside a square of side 2 
units. Do this thousands of times, and count up what pro- 
portion of the points also lie inside the circle that inscribes 
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Morley's miracle The trisectors of the angles of triangle ABC meet the corners of a inner equilateral 


triangle FED known as Morley's triangle. 


the square (you can tell whether a point does or not by 
working out whether x* + y? < 1). The proportion inside 
the circle is an approximation to 7/4 (because the circle 
has area TT but the square has area 4); millions of points are 
needed to obtain a good estimate. 

This method was developed by researchers working on 
the Manhattan Project during World War II. To answer 
some of their scientific questions, they would repeatedly 
sample from their best estimates of the partial results, 
then apply the math they knew to the interactions and 
study the range of results. This process, which they 
named after the famous Monaco casino town of Monte 
Carlo, was created by John von Neumann and Stanislaw 
Ulam. The term and a description of the method seems 
not to have been published until some time after the war. 


Montucla, Jean Etienne (1725-1799) 

A French writer, mathematician, and scientist, who wrote 
several important early works on the history of mathe- 
matics. His Histoire des mathématiques (1758) was pub- 
lished in two volumes, the first of which covers the 
subject from ancient times to 1700, while the second is 
entirely devoted to seventeenth-century mathematics. It 
is considered the first attempt at a history of mathemati- 
cal ideas and problems, in contrast to earlier works that 
were mostly lists of names, titles, and dates. Montucla 
had intended to produce a third volume covering the 
first half of the eighteenth century but the amount of 
new developments that had appeared during this time, 


and the difficulties of putting recent work into its histor- 
ical context, led him to abandon this aim. A few years 
later he published another text for which he is famed—a 
new, greatly expanded and improved edition of Jacques 
Ozanam’s Récréations mathématiques et physiques (1778). 
Montucla’s edition was particularly influential in popu- 
larizing geometric dissection problems. Charles Hutton 
translated it into English in 1803 and Riddle’s edition 
was published in 1844, called Recreations in science and nat- 


ural philosophy. 


Monty Hall problem 
A puzzle in probability that was inspired by the American 
game show Let’s Make a Deal, hosted by Monty Hall. In its 
original form it goes like this: at the end of the show, you, 
the player, are shown three doors. Behind one of them is a 
new car, behind the other two are goats. Monty knows 
where the car is, but you don’t. You choose a door. Before 
that door is opened however, Monty opens one of the two 
other doors with a goat behind it. He then gives you the 
option of switching to the other closed door. Should you 
switch or stick? At first glance, it seems as if it shouldn’t 
make any difference. But the answer is surprising. 
Suppose you stick. Your original choice made when all 
three doors were equally likely gives you a probability of 
winning the car of Y. Now suppose you switch. In other 
words, you choose a door, wait for Monty to expose a 
goat, then switch to the other remaining door. This 
means that you win if the door you chose to begin with 


In this chapter you will learn: 

e about different types of angles 

e howto measure and draw angles 
e angle facts and how to use them 
e about parallel lines 

e about bearings. 


2.1 Introduction 


The study of angles is one branch of geometry, which is concerned 
also with points, lines, surfaces and solids. Geometry probably 
originated in Ancient Egypt, where it was applied, for example, 

to land surveying and navigation. Indeed, the name ‘geometry’ is 
derived from the Greek for ‘earth measure’. 


It was Greek mathematicians, notably Euclid, who developed a 
theoretical foundation for geometry. He began his classic treatise 
Elements with definitions of basic geometrical concepts including 
angles, the subject of this chapter. 


2. Angles 


15 
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had a goat behind it. The odds that your initial choice 
had a goat is two thirds, so you are twice as likely to win 
the car if you switch! This can be hard to grasp. To make 
it easier, suppose there are 100 doors to choose from, but 
still only one car. You pick a door, Monty opens 98 that 
have goats behind them, then he gives you the option of 
switching to the other remaining closed door. Should 
you? Of course—it's almost certain that the car is behind 
the other door, and very unlikely that it’s behind your 
original choice. 

In a generalization of the original problem there are x 
doors. In the first step, you choose a door. Monty then 
opens some other door that’s a loser. If you want, you 
may then switch your choice to another door. Monty will 
then open an as yet unopened losing door, different from 
your current preference. Then you may switch again, and 
so on. This carries on until there are only two unopened 
doors left: your current choice and another one. How 
many times should you switch, and when, if at all? The 
answer is: stick all the way through with your first choice 
but then switch at the very end. 

In another variation of the problem, consider that in 
the actual game show there were two contestants. Both of 
them were allowed to pick a door but not the same one. 
Monty then eliminated a player with a goat behind his 
door (if both players had a goat, one was eliminated ran- 
domly, without letting either player know about it), 
opened the loser’s door, and then offered the remaining 
player a chance to switch. Should the remaining player 
switch? The answer is zo. The reason: a switcher in this 
game will lose if and only if either of two initial choices 
of the two contestants was correct. How likely is that? 
Two-thirds. A sticker will win in those % of the cases. So 
stickers will win twice as often as switchers. 


Morley's miracle 

A remarkable theorem, discovered in 1899, by Frank 
Morley, then professor of Mathematics at Haverford Col- 
lege. Take any triangle. Mark the three points that are the 
intersections of adjacent angle trisectors. Then, no matter 
what triangle you start with, these three points will form 
an equilateral triangle. That such a simple and elegant 
result was not known to the ancient Greeks may be 
because it is quite hard to prove. 

One of the interesting auxiliary results of some of the 
proofs is that the side of the equilateral triangle is equal 
to 8r sin(A/3) sin(B/3) sin(C/3), where A, B, and C are 
the angles of the larger triangle, and r is the radius of the 
circumcircle. A surprise awaits anyone who takes the 
intersections of the exterior, as well as the interior, angle 
trisectors. In addition to the interior equilateral triangle, 
four exterior equilateral triangles appear, three of which 
have sides that are extensions of a central triangle. 


Moscow papyrus 
See Rhind papyrus. 


mousetrap 
See Cayley’s mousetrap. 


moving sofa problem 

In Douglas Adams’s book Dirk Gently’s Holistic Detective 
Agency, the character Richard MacDuff says at one point, 
“It would be really useful to know before you buy a piece 
of furniture whether it’s actually going to fit up the stairs 
or around the corner.” Mathematicians call this the mov- 
ing sofa problem and it has been tackled in various forms 
over the past few decades. One version of it, formulated 
by Leo Moser in 1966, asks: What is the largest sofa (in 
terms of area) that can be moved around a right-angled 
corner in a hallway of unit width? The sofa can be any 
shape and doesn’t even have to resemble a piece of fur- 
niture! The question simply asks for the biggest, unbend- 
able area that can be maneuvered around the corner. 
Several different approaches suggest that the answer is 
about 2.21 square units. Variations on the problem in- 
volve negotiating pianos and other items around differ- 
ent types of bends and passageways.!'*”! 


Mrs. Perkins’s quilt 
A square dissection problem first posed by Henry 
Dudeney in his Amusements in Mathematics (1917):'**! 


PUZZLE 
It will be seen that in this case the square patchwork 
quilt is built up of 169 pieces. The puzzle is to find the 
smallest possible number of square portions of which 
the quilt could be composed and show how they 
might be joined together. Or, to put it the reverse way, 
divide the quilt into as few square portions as possible 
by merely cutting the stitches. 

Solutions begin on page 369. 


Dudeney’s problem can be generalized to the dissec- 
tion of a square of side 1 into a number S, of smaller 
squares. Unlike a perfect squaring the square problem, 
the smaller squares needn’t be all different sizes. In addi- 
tion, only prime dissections are considered so that pat- 
terns that can be dissected on lower order squares aren’t 
allowed. The smallest number of relatively prime dissec- 
tions of an n x n quilt for n =1,2,..., are 1, 4, 6, 7, 8, 9, 
9, 10, 10, 11, 11, 11, 11,12,....'4 


Miiller-Lyer illusion 
A distortion illusion in which the orientation of arrow- 
heads makes one line segment look longer than another. 
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Mrs. Perkins's quilt Dudeney's drawing of one of 
his most famous puzzles. 


multigrade 

A set of equations in which the sums of powers of two 
different sets of numbers are the same for several differ- 
ent exponents. The simplest example is: 


14+64+8=2+4+9 
114648 =2%4+ 44 9 


Another multigrade is: 


1+8+10+17=36=2+5+13+16 
1?+ 8? +10 +17 = 454 = 2 + 5 + 1374+ 16’ 
1 + 8* + 10° + 17? = 6426 =2* + 5 + 13? + 16 


Remarkably, if any integer is added to all the terms of 
a multigrade it will still hold. Adding 1 to the example 
above, gives the multigrade (2, 9, 11, 18); (3, 6, 14, 17) 
(n = 1, 2, 3). Some high-order multigrades include: (1, 50, 
57, 15, 22, 71); (2, 45, 61, 11, 27, 70); (5, 37, 66, 6, 35, 67) 
(n = 1, 2, 3, 4, 5), and (1, 9, 25, 51, 75, 79, 107, 129, 131, 
157, 159, 173); (3, 15, 19, 43, 89, 93, 97, 137, 139, 141, 167, 
171). (1, 355,791 16 13): 
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Müller-Lyer illusion Which of the horizontal lines is longer? 


multiple 
The integer b is a multiple of the integer a if there is an 
integer d such that b= da. 


multiplication 
A binary operation that is the equivalent of repeated 
addition and the inverse of division. 
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Mydorge, Claude (1585-1647) 

A French mathematician who trained as a lawyer but was 
wealthy enough that he didn't have to work for a living. 
He was interested in mathematical puzzles and his book 
Examen du livre des récréations mathématiques (Study of the 
book of recreational mathematics, 1630) formed the basis 
for later works such as that by Denis Henrion (1659). 
Mydorge edited Récréations mathématique and left an un- 
published manuscript of over 1,000 geometric problems 
and their solutions. He was also interested in optics and 
made a large number of instruments for his close friend 
René Descartes; the two shared a strong interest in 


explaining vision and the instruments and lenses were 
designed to help test their theories. 


myriad 

A term which today is normally synonymous with “very 
large number.” Its origins go back to the Greek word 
murious, meaning “uncountable”. The plural of this, 
murioz, evolved into the Latin myriad, which the Romans 
used to represent ten thousand. Myriapod is a general 
name for any many-legged anthropod, such as a milli- 
pede or a centipede 


Nagel point 

A point in a triangle where the lines from the vertices (see 
vertex) to the points of contact of the opposite sides with 
the excircles to those sides meet. (An excircle touches 
one side of a triangle and also touches the lines extended 
from the other two sides.) 


nano- 
Prefix for billionth (10°), from the Greek nanos, meaning 


“dwarf.” 


Napier, John (1550-1617) 

A Scottish mathematician and theological writer who 
invented logarithms and wrote Murifici logarithmorum 
canonis descriptio (The description of the wonderful canon 
of logarithms, 1614), which contains the first logarithmic 
table and the first use of the word logarithm. He also 
introduced the decimal point in writing numbers. His 
Rabdologiae (1617) describes various shortcuts for carry- 
ing out arithmetical calculations. One method of multi- 
plication uses a system of numbered rods called Napier’s 
rods, or Napier’s bones—a major improvement on the 
ancient system of counters then in use. In 1619, after 
Napier’s death, his Mirifici logarithmorum canonis construc- 
tio, which gave the method of construction of his loga- 
rithms, was published by his son Robert and edited by 
Henry Briggs. 


Napoleon Bonaparte (1769-1821) 


The advancement and perfection of mathematics are 
intimately connected with the prosperity of the state. 


Emperor of France and a very good amateur mathe- 
matician, having excelled in this subject as a student at 
school and at military college. Even after becoming first 
consul he was proud of his membership in the Institute 
de France (the nation’s leading scientific society), and 
was close friends with several mathematicians and sci- 
entists, including Joseph Fourier, Gaspard Monge, 
Pierre Simon Laplace, Chaptal, and Berthollet. Indeed, 
in his grand expedition to Egypt in 1798 Napoleon 
brought along (in addition to 35,000 troops) over 150 
experts in various fields, among them Monge, Fourier, 
and Berthollet, not to mention a complete encyclopedie 
vivante with libraries and instruments. One result of the 
expedition was that Fourier served for a time as the gov- 
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ernor of lower Egypt. Likewise Laplace (who inter- 
viewed the young Napoleon for admission to the 
artillery) received titles and high office as a result of 
his friendship with Bonaparte. However, Laplace was 
relieved of his duties as the minister of the interior after 
only six weeks, and Napoleon later commented that 
Laplace had “sought subtleties everywhere, had only 
doubtful ideas, and carried the spirit of the infinitely 
small into administration.” The most famous exchange 
between these two men occurred after Laplace had 
given Napoleon a copy of his great work, Mecanique 
Celeste. Napoleon looked it over, and remarked that in 
this massive volume about the universe there was not a 
single mention of God. Laplace replied “Sire, I had 
no need of that hypothesis.” Regarding the idea that 
Napoleon might have discovered what is now called 
Napoleon’s theorem (if equilateral triangles are con- 
structed on the sides of any triangle (all outward or all 
inward), the centers of these equilateral triangles them- 
selves form an equilateral triangle), Harold Coxeter 
and Samuel Greitzer have said that “The possibility of 
[Napoleon] knowing enough geometry for this feat is as 
questionable as the possibility of his knowing enough 
English to compose the famous palindrome, ABLE 
WAS I ERE I SAW ELBA.” 


nappe 

Either of the two parts into which a cone is divided by 
the vertex. “Nappe” is the French for “tablecloth,” which 
in turn comes from the Latin mappa (napkin). 


narcissistic number 

Also known as an Armstrong number or a plus perfect 
number, an n-digit number equal to the sum of its dig- 
its raised to the nth power. For instance, 371 is narcis- 
sistic because 3° + 7° + 1° = 371, and 9474 is narcissistic 
because 9% + 4f + 7f + 4* = 9474. The smallest nar- 
cissistic number of more than one digit is 153 = 1° + 
5° + 3°. The largest narcissistic number (in base 10) is 
115,132,219,018,763,992,565,095,597,973,971,522,401, 
which is the sum of the thirty-ninth powers of its digits. 
The reason there are no larger numbers is related to the 
fact that, as the number of digits increases, more and 
more nines are required to get a sum that has » digits. 
For example, 10” — 1 is a number consisting of 70 nines 
in a row, and the sum of the seventieth powers of its 
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digits is 70 x 9% = 4.386051 x 10%, which is only 69 
digits long. So there is no way any 70-digit number can 
be equal to the sum of the seventieth powers of its dig- 
its. The reason we see the last number occur at 39 dig- 
its is because, as the limit is approached, the number of 
big digits like eights and nines has to increase to make 
sure the sum will be big enough, but this means that 
there are a lot fewer combinations of digits to choose 
from. 


Nash, John Forbes Jr. (1928-) 

An American mathematician not very accurately por- 
trayed in the Oscar-winning film A Beautiful Mind 
(2001), loosely based on the biography of the same name 
by Sylvia Nasar (1998). Nash, who worked in game 
theory and differential geometry, shared the 1994 
Nobel prize for economics with two other game theo- 
rists, Reinhard Selten and John Harsanyi. After a promis- 
ing start to his mathematical career, Nash began to suffer 
from schizophrenia around the age of 30 and battled 
with the illness for the next quarter of a century. His 
Ph.D. dissertation, entitled “Non-cooperative Games,” 
contained the definition and properties of what would 
later be called Nash equilibrium and the basis of the 
work that, 44 years later, would make him a Nobelist. 
Between 1966 and 1996, Nash published nothing. How- 
ever, as his mental health slowly began to improve in the 
mid-1990s, his ability to tackle mathematical problems 
returned, and he also became interested in computer pro- 
gramming. 


Nash equilibrium 

In game theory, a pair of strategies (see strategy) for a 
game such that neither player can improve his outcome 
by changing his strategy. A Nash equilibrium sometimes 
takes the form of a saddle structure. In other cases, when 
a strategy is at a Nash equilibrium with itself, the strategy 
resembles an evolutionary stable strategy. 


natural logarithm 

Also called a Naperian logarith, a logarithm to base e. For 
example, log,10 (also written as 12 10) is approximately 
2.30258. 


natural number 

A number used for counting: 1, 2, 3,.... The debate 
about whether zero should also be included as a natural 
number has been going on for hundreds of years, and 
there’s no general agreement even today. To avoid confu- 
sion, 0, 1, 2, 3,..., are often referred to as nonnegative 
integers or whole numbers, while 1, 2,3,..., are called pos- 
itive integers. Adding or multiplying natural numbers 
always produces other natural numbers. However, sub- 


Necker cube Is the circle on the front face of the cube or 


the back? 


tracting them can produce zero or negative integers, 
while dividing them produces rational numbers. An 
important property of the natural numbers is that they 
are well-ordered, in other words, every set of natural num- 
bers has a smallest element. The deeper properties of the 
natural numbers, such as the distribution of prime num- 
bers, are studied in number theory. Natural numbers 
can be used for two purposes: to describe the position of 
an element in an ordered sequence, which is generalized 
by the concept of ordinal number, and to specify the 
size of a finite set, which is generalized by the concept of 
cardinal number. In the finite world, these two concepts 
coincide; however, they differ when it comes to infinite 
sets (see infinity). 


Necker cube 

A classic example of an ambiguous figure. In 1832, the 
Swiss crystallographer Louis Necker noticed, while exam- 
ining crystals, that three-dimensional objects can fluctu- 
ate in appearance. He published pictures of an unusual 
cube that appeared to assume different orientations as 
one looked at it. The effect works because the drawing of 
the cube (an orthographic projection) carefully elimi- 
nates all depth cues. In attempting to fit the expected 
model of a cube to the picture, our brain must resolve the 
ambiguity as to which corner of the cube is closer. 


negative base 
The use of a negative base to represent numbers gives rise 
to some intriguing possibilities. Consider “negadecimal,” 
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for example, in which the base is minus 10 instead of the 
familiar positive 10. In this system, the number 365 is 
equivalent to the decimal number 5 + (6 x —10) + (3 x 
—10 x —10), = 245, while 35 in negadecimal is equivalent 
to 5 + (3 x —10), = 25, in ordinary decimal. This points 
to an interesting fact: the negadecimal equivalent of any 
positive or negative decimal number is always positive 
and therefore doesn’t need to be accompanied by a sign. 
The Polish UMC-1, of which a few dozen were built in 
the late 1950s and earlier 1960s, is the only computer 
ever to use “negabinary” (base 2 arithmetic). 


negative number 

Long denied legitimacy in mathematics, negative num- 
bers are nowhere to be found in the writings of the Baby- 
lonians, Greeks, or other ancient cultures. On the 
contrary, because Greek mathematics was grounded in 
geometry, and the concept of a negative distance is mean- 
ingless, negative numbers seemed to make no sense. They 
surface for the first time in bookkeeping records in 
seventh-century India and in a chapter of a work by the 
Hindu astronomer Brahmagupta. Their earliest docu- 
mented use in Europe is in 1545 in the Ars magna of 
Girolamo Cardano. By the early seventeenth century, 
Renaissance mathematicians were explicitly using nega- 
tive numbers but also meeting with heavy opposition. 
René Descartes called negative roots “false roots,” and 
Blaise Pascal was convinced that numbers “less than 
zero” couldn’t exist. Gottfried Leibniz admitted that 
they could lead to some absurd conclusions, but de- 
fended them as useful aids in calculation. By the eigh- 
teenth century, negative numbers had become an 
indispensable part of algebra. 


Neile’s parabola 

Also known as the semi-cubical parabola, a curve discov- 
ered by the English mathematician William Neile (1637- 
1670) in 1657; it is the first algebraic curve to have its arc 
length calculated. (Before this, only the arc lengths of 
transcendental curves such as the cycloid and the loga- 
rithmic spiral had been calculated.) Neile’s parabola is 
described in Cartesian coordinates by the formula 


Christiaan Huygens showed that this curve satisfies the 
requirement requested by Gottfried Leibniz in 1687, 
namely, the curve along which a particle may descend 
under gravity so that it moves equal vertical distances in 
equal times. Neile’s parabola is the evolute of a parabola. 


nephroid 
A type of curve often seen on the surface of a cup of cof- 
fee in the sunshine—a crescent of light formed by sun- 
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nephroid A nephroid curve spun by thread on a computer 
loom. Jos Leys, wwwosleys.com 


light reflecting off the inside of the cup onto the surface 
of the drink. More generally, it is the shape made by par- 
allel rays of light reflecting from the inside of any semi- 
circle. In mathematical terms, this means that the 
nephroid is the catacaustic of a circle when the light 
source is at infinity, a fact first demonstrated by Christi- 
aan Huygens in 1678 and published by him in his Traité 
de la Lumiére (Treatise on light, 1690). A physical expla- 
nation wasn't forthcoming, however, until 1838 when 
George Airy gave a proof in terms of the wave theory of 
light. The name nephroid (from the Latin for “kidney- 
shaped”) was introduced in 1878 by the English mathe- 
matician Richard Proctor in his book The Geometry of 
Cycloids. Prior to that it was known as a two-cusped epicy- 
cloid. Specifically, the nephroid is the epicycloid formed 
by a circle of radius a rolling around the outside on a 
fixed circle of radius 2a. It has a length of 24a, an area of 
12n’, and is given by the parametric equations: 


x = a(3cos(t) — 3cos(31)) 
y =a(3sin(t) — sin (32). 


The nephroid is the involute of Cayley’s sextic and is 
also the envelope of circles with their centers on a given 
circle, touching a given diameter of that circle. The 
nephroid has been described as the perfect shape for a 
multiseat dining table. Freeth’s nephroid, not to be mis- 
taken for the ordinary nephroid just described, is named 
after the English mathematician T. J. Freeth (1819-1904) 
who first wrote about it in a paper published by the Lon- 
don Mathematical Society in 1879. Freeth’s nephroid is 
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the strophoid of a circle and has the polar equation r= 
a(1 + 2sin(8/2)). Freeth’s nephroid is also the name of a 
group of mathematicians, mostly from Royal Holloway 
College, London, who gather weekly in a pub called the 
Beehive and compete in games of trivial pursuit. 


net 

A drawing of a polyhedron unfolded along its edges, so 
as to lie flat in a plane. The earliest known examples of 
nets to represent polyhedra are by Albrecht Dürer. 


neural network 

An electronic automaton, similar in some ways to a cellu- 
lar automaton, that offers a highly simplified model of a 
brain. As such, a neural network is a device for machine 
learning that is based on associative theories of human 
cognition. Using various algorithms and weightings of dif- 
ferent connections between “neurons,” neural networks 
are set up to learn how to recognize a pattern in applica- 
tions such as voice recognition, visual pattern recognition, 
robotic control, symbol manipulation, and decision mak- 
ing. Generally, they consist of three layers: input neurons, 
output neurons, and a layer in between where information 
from input to output is processed. Initially the network 
is loaded with a random program, then the output is 
measured against a desired output which prompts an 
adjustment in the weights assigned to the connections in 
response to the discrepancy between the actual and 
desired output. This is repeated many times so that the 
network effectively learns as a child does: in a sense, the 
net discovers its own rules. Changing the rules of interac- 
tion between the “neurons” in the net can lead to inter- 
esting emergent behavior, so that neural networks have 
become another tool for investigating emergence and 
self-organization. 


Neusis construction 

A geometric construction that breaks the strict rules of 
classical Greek straightedge-and-compass construction 
(see constructible) by allowing a marked ruler to be slid 
into different positions. Neusis construction makes pos- 
sible duplicating the cube and trisecting an angle. John 
Conway and Richard Guy have also shown how Neusis 
constructions, based on angle trisection, can be used to 
draw regular polygons with 7, 9, and 13 sides. 


Newcomb's paradox 

One of the most simply stated but astonishing of the so- 
called prediction paradoxes that bear on the problem of 
free will. It was devised in 1960 by William Newcomb, a 
theoretical physicist at the Lawrence Livermore Labora- 
tory, while contemplating the prisoner’s dilemma. A 
superior being, with super-predictive powers that have 


never been known to fail, has put $1,000 in box 4 and 
either nothing or $1 million in box B. The being presents 
you with a choice: (1) open box B only, or (2) open both 
box A and B. The being has put money in box B only if 
it predicted you will choose option (1). The being put 
nothing in box B if it predicted you will do anything 
other than choose option (1) (including choosing option 
(2), flipping a coin, etc.). The question is, what should 
you do to maximize your winnings? You might argue that 
since your choice now can’t alter the contents of the 
boxes you may as well open them both and take what- 
ever’s there. This seems reasonable until you bear in 
mind that the being has never been known to have made 
an incorrect prediction. In other words, in some peculiar 
way, your mental state is highly correlated with the con- 
tents of the box: your choice is linked to the probability 
that there’s money in box B. These arguments and many 
others have been put forward in favor of either choice. 
The fact is there is no known “right” answer, despite the 
concerted attentions of many philosophers and mathe- 
maticians over several decades." 


Newton, Isaac (1642-1727) 

One of the great intellectual giants in human history; an 
English mathematician, physicist, and sometime head of 
the Royal Mint, Newton was one of the chief architects of 
calculus (though not in its modern form), discovered the 
binomial theorem, established the principles of univer- 
sal gravitation, and saw through numerous other devel- 
opments, any one of which would have brought a lesser 
person fame. Interestingly, his most productive period 
was 1665-1666, his so-called “miraculous year,” when 
Cambridge University was closed because of the plague 
and Newton had to work at home. He was born in the 
same year that Galileo died. After publishing his Principia 
(1687), the most important and influential scientific 
book ever written, his interests drifted toward theology, 
politics, and, for a while, alchemy. His last two decades 
were largely spent in acrimonious debate with Gottfried 
Leibniz, over priority in the discovery of calculus, and 
with the astronomer John Flamsteed. 


Newton’s method 
An iterative method for finding the zeros of a function. 


n-gon 
A polygon with z sides. 


Nim 

A game, of which there are many different versions, that 
involves two players alternately removing at least one 
item from one of two or more piles or rows. The person 
who picks up the last item wins. In one form of the game, 
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five rows of matches are laid out in such a way that there 
is one match in the first row, two matches in the second, 
and so on, down to five matches in the bottom row. Play- 
ers take turns to remove any nonzero number of matches 
from any one row. The game may have originated in 
China. The name “Nim” was coined by Charles Bouton, 
an associate professor of mathematics at Harvard at the 
turn of the twentieth century, who took it from an 
archaic English word meaning to steal or to take away. In 
1901 he published a full analysis of Nim and proof of a 
winning strategy." The first Nim-playing computer, the 
Nimatron, a 1-ton behemoth, was built in 1940 by the 
Westinghouse Electrical Corporation and was exhibited 
at the New York World’s Fair. It played 100,000 games 
against spectators and attendants, and won an impressive 
90% of the time; most of its losses came at the hands of 
attendants who were instructed to reassure incredulous 
onlookers that the machine could be beaten! In 1951 a 
Nim-playing robot, the Nimrod, was shown at the Festi- 
val of Britain, and later at the Berlin trade fair. It was so 
popular that spectators entirely ignored a bar at the other 
end of the room where free drinks were being offered. 
Eventually the local police had to be called in to control 
the crowds, !""”! 


nine 

A number long considered to have strange, mystic prop- 
erties. A phrase in a book written during the Dark Ages 
gave rise to the superstition that cats have nine lives. Eng- 
lish author and satirist William Baldwin wrote in his 
Beware the Cat, “It is permitted for a witch to take her cat’s 
body nine times.” There were nine Muses, nine rivers of 
Hades, and nine heads on the Hydra. It took nine days 
for Vulcan to fall from the heavens. The phrase “nine 
days’ wonder” comes from the proverb “a wonder lasts 
nine days and then the puppy’s eyes are open.” A cat-o’- 
nine-tails is a whip, usually made of nine knotted lines or 
cords fastened to a handle that produces scars like the 
scratches of a cat. Being on “cloud nine” may have its ori- 
gin in Dante’s ninth heaven of Paradise, whose inhabi- 
tants are blissful because they are closest to God. 

The term “the whole 9 yards” came from World War II 
fighter pilots in the Pacific. When arming their planes on 
the ground, the .50-caliber machine gun ammo belts mea- 
sured exactly 27 feet, before being loaded into the fuse- 
lage. If the pilots fired all their ammo at a target, it got “the 
whole 9 yards.” Less certain—though there is no shortage 
of theories—is the source of the expression “dressed to the 
nines.” 

Nine is the largest single-digit number and the one that 
occurs least frequently in most situations; an exception is 
the tendency of businesses to set prices that end with one 
or more nines. Because nine is one less than the base of 


nine men's morris A modern version of the playing board. 
Kadon Enterprises, Inc., www.puzzlegames.com 


our number system, it is easy to see if a number is divisi- 
ble by 9 by adding the digits (and repeating on the result 
if necessary: the result should be nine). This process is 
sometimes called casting out nines. Similar processes 
can be developed for divisibility by 99, 999, etc. or any 
number that divides one of these numbers. Nine has 
many other interesting properties. For example, write 
down a number containing as many digits as you like, 
add these digits together, and deduct the sum from the 
first number. The sum of the digits of this new number 
will always be a multiple of nine. 


nine holes 
See three men's morris. 


nine men’s morris 


The nine-men’s morris ts filled up with mud; 
And the quaint mazes in the wanton green, 
For lack of tread, are indistinguishable. 
—Midsummer Night’s Dream (Act 2, scene 1), 
Shakespeare 


One of the oldest of board games, known by different 
names and played with variations of rules in different 
places and periods. In France it is Marelle, in Austria it 
is Muhle, and in England it was known as Peg Meryll, 
Meg Marrylegs, and other names, all referring to a 
“mill” because that is the name of a run of three coun- 
ters in the game. Versions of it have been found etched 
into the roof of the Temple of Kurna in Egypt (dated to 
about 1400 B.c.), cut into the oak planks that form the 
deck of the great Viking ship discovered at Gokstad in 
1880, and carved in the choir stalls of several English 
cathedrals. A typical board layout is shown in the 
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accompanying figure; diagonal lines may or may not 
be included. Joseph Strutt in The Sports and Pastimes of 
the People of England (1801) described the rules in this 
way: 


Two persons, having each of them nine pieces, or 
men, lay them down alternately, one by one upon 
the spots; and the business of either party is to pre- 
vent his antagonist from placing three of his pieces 
so as to form a row of three, without the interven- 
tion of an opponent piece. If a row be formed, he 
that made it is at liberty to take up one of his com- 
petitor’s pieces from any part he thinks most to his 
advantage; excepting he has made a row, which must 
not be touched if he have another piece upon the 
board that is not a component part of that row. 
When all the pieces are laid down, they are played 
backwards and forwards, in any direction that the 
lines run, but only can move from one spot to 
another (next to it) at one time. He that takes off all 
his antagonist’s pieces is the conqueror. 


In 1996, the German mathematician Ralph Gasser 
used a computer to prove that nine men’s morris is a 
guaranteed draw if both players make optimal moves 
from the outset. He programmed the computer to fig- 
ure out and tabulate 10 billion positions that were 
known to be a win for one side or the other, then 
worked forward 18 moves from the beginning of the 
game until his opening analysis met his endgame analy- 
sis. As a result he showed that every potentially winning 
position could be countered by the opponent in the 
early stages of the game. See also three men’s mor- 
ris.02 


nine rooms paradox 

A puzzle that was first published in Current Literature vol. 
2, April 1889. It takes the form of a poem and is similar 
to that of the missing dollar. 


PUZZLE 
Ten weary, footsore travellers, 
All in a woeful plight, 
Sought shelter at a wayside inn 
One dark and stormy night. 


‘Nine rooms, no more,’ the landlord said 
‘Have | to offer you. 

To each of eight a single bed, 

But the ninth must serve for two. 


A din arose. The troubled host 
Could only scratch his head, 
For of those tired men not two 
Would occupy one bed. 


The puzzled host was soon at ease— 
He was a clever man— 

And so to please his guests devised 
This most ingenious plan. 


In a room marked A two men were placed, 
The third was lodged in B, 

The fourth to C was then assigned, 

The fifth retired to D. 


In E the sixth he tucked away, 

In Fthe seventh man. 

The eighth and ninth in G and H, 
And then to A he ran, 


Wherein the host, as | have said, 

Had laid two travellers by; 

Then taking one—the tenth and last— 
He logged him safe in 1. 


Nine single rooms—a room for each— 
Were made to serve for ten; 

And this it is that puzzles me 

And many wiser men. 


How has the host managed to bamboozle his patrons? 
Solutions begin on page 369. 


nine-point circle 

Draw a triangle, any triangle (although it may be best to 
start with an acute triangle). Mark the midpoints of each 
side. Drop an altitude from each vertex to the opposite 
side, and mark the points where the altitudes intersect the 
opposite side. (If the triangle is obtuse, an altitude will be 
outside the triangle, so extend the opposite side until it 
intersects.) Notice that the altitudes intersect at a com- 
mon point. Mark the midpoint between each vertex and 
this common point. No matter what triangle you start 
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with, these nine points all lie on a perfect circle! This 
result was known to Leonhard Euler in 1765, but was 
rediscovered by the German mathematician Karl Feuer- 
bach (1800-1834) in 1822. 


node 
See crunode. 


Noether, Emmy (Amalie) (1882-1935) 

A German mathematician, one of the most talented of 
the early twentieth century. The crucial result now known 
as Noether's theorem, which is important in other symme- 
tries in natural systems, is of great importance in physics. 
She received her doctorate in 1907 and rapidly built an 
international reputation, but the University of Gottingen 
refused to let her teach, and her colleague David Hilbert 
had to advertise her courses in the university’s catalog 
under his own name. A long controversy ensued, with 
her opponents asking what the country’s soldiers would 
think when they returned home and were expected to 
learn at the feet of a woman. Allowing her on the faculty 
would also mean letting her vote in the academic senate. 
Said Hilbert, “I do not see that the sex of the candidate is 
against her admission as a privatdozent. After all, the uni- 
versity senate is not a bathhouse.” She was finally admit- 
ted to the faculty in 1919. A Jew, Noether was forced to 
flee Nazi Germany in 1933 and joined the faculty at Bryn 
Mawr in the United States. 


non-Abelian 

Noncommutative or order-dependent. For example, the 
group of manipulations of Rubik’s cube is non-Abelian 
because the state of the cube depends greatly on the order 
of the moves performed on it. See also Abelian group. 


nonagon 


A polygon with nine sides. A nonagonal number is a num- 
ber of the form (7m — 5)/2. 


nonconvex uniform polyhedron 

A uniform polyhedron of a type obtained by relaxing 
the conditions used to produce the Archimedean solids 
(which have regular convex faces and identical convex 
vertices) to allow both nonconvex faces and vertex types, 
as in the case of the Kepler-Poinsot solids. The con- 
dition that every vertex must be identical, but the 
faces need not be, gives rise to 53 nonconvex uniform 
polyhedra. An example is the great truncated dodecahedron, 
obtained by truncating the corners of the great dodeca- 
hedron at a depth which gives regular decagons. 


non-Euclidean geometry 

Any geometry in which Euclid’s parallel postulate 
doesn’t hold. (One way to state the parallel postulate is: 
given a straight line and a point A not on that line, there 
is only one exactly straight line through A that never 
intersects the original line.) The two most important 
types of non-Euclidean geometry are hyperbolic geome- 
try and elliptical geometry. The different models of 
non-Euclidean geometry can have positive or negative 
curvature. The sign of curvature of a surface is indicated 
by drawing a straight line on the surface and then draw- 
ing another straight line perpendicular to it: both these 
lines are geodesics. If the two lines curve in the same 
direction, the surface has a positive curvature; if they 
curve in opposite directions, the surface has negative cur- 
vature. Elliptical (and spherical) geometry has positive 
curvature whereas hyperbolic geometry has negative cur- 
vature. 

The discovery of non-Euclidean geometry had immense 
consequences. For more than 2,000 years, people had 
thought that Euclidean geometry was the only geometric 
system possible. Non-Euclidean geometry showed that 
there are other conceivable descriptions of space—a real- 
ization that transforms mathematics into an altogether 
more abstract science. Thereafter, it was clear that in math- 
ematics, one could start out with any set of self-consistent 


Types of Geometry 


Euclidean Elliptical Hyperbolic 
Curvature Zero Positive Negative 
Given a line m and a point P not on m, 1 0 Many 
the number of lines passing through P 
and parallel to m 
Sum of interior angles of a triangle 180° > 180° < 180° 
Square of hypotenuse of a right triangle a? +b? < a? + b? >a? +b? 
with sides a and b 
Circumference of a circle with diameter 1 T <T >T 


16 


2.2 Angles 


Figure 2.1 Figure 2.2 


An angle is formed when two straight lines meet, as in Figure 2.1. 
The point where the lines meet is called the vertex of the angle. 
The size of the angle is the amount of turn from one line to the 
other, and is not affected by the lengths of the lines. The angles 
in Figure 2.2 are all equal. 


If you begin by facing in a certain 

direction and then turn round until 

you are facing in the original direction Ca 
again, as in Figure 2.3, you will have 

made a complete turn (or revolution). Figure 2.3 


One complete turn is divided into 
360 degrees, which is written as 360°. 


In a half turn, Figure 2.4, therefore, there are 180°. In a quarter 
turn there are 90°, which is called a right angle. It is often marked 
on diagrams with a small square, as shown in Figure 2.5. If the 
angle between two lines is a right angle, the lines are said to be 
perpendicular. 


fs 


Figure 2.4 Figure 2.5 


Apart from angles of 90° and 180°, all other sizes of angles fall into 
one of three categories, shown in Figure 2.6. 
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postulates and follow through their ramifications. The dis- 
covery of non-Euclidean geometry has been compared 
with Copernicus’s theory and Einstein’s relativity theory, 
the analogy being that each freed people from long-held 
models of thought. In fact, Einstein said about non- 
Euclidean geometry: “To this interpretation of geometry, 
I attach great importance, for should I have not been 
acquainted with it, I never would have been able to de- 
velop the theory of relativity.” 

It’s important to realize that both Euclidean and 
non-Euclidean geometry are consistent in that the as- 
sumptions on which they rest don’t involve any contra- 
dictions. In response to a question as to which geometry 
is true, Henri Poincaré said: “One geometry cannot be 
more true than the other; it can only be more conve- 
nient.” Which geometry is valid in the physical space in 
which we live? On a small scale, and for all practical pur- 
poses on Earth, Euclidean geometry works just fine. But 
on larger scales this is no longer true. Einstein’s general 
theory of relativity uses non-Euclidean geometry as a 
description of space-time. According to this idea, space- 
time has a positive curvature near gravitating matter and 
the geometry is non-Euclidean. When a body revolves 
around another body, it appears to move in a curved path 
due to some force exerted by the central body, but it is 
actually moving along a geodesic, without any force act- 
ing on it. Whether all of space-time contains enough 
matter to give itself an overall positive curvature is one of 
the many unanswered question in physics today, but it is 
generally accepted that the geometry of space-time is 
more non-Euclidean than Euclidean. It is proposed that 
if space-time does happen to have an overall positive 
curvature, then the universe will stop expanding after a 
fixed amount of time and start to shrink resulting in a 
“big crunch,” as opposed to the “big bang” that resulted 
in its creation. At the moment, astronomical observa- 
tions seem to favor a universe that is “open” and has a 
hyperbolic geometry. Another consequence of non- 
Euclidean geometry is the possibility of the existence of a 
fourth dimension. Just as the surface of the sphere 
curves in the direction of the third dimension, i.e., per- 
pendicular to its surface, it is believed that space-time 
curves in the direction of the fourth dimension. Non- 
Euclidean geometry has applications in other areas of 
mathematics, including the theory of elliptic curves, 
which was important in the proof of Fermat’s last theo- 
rem.” “°! (See table, “Types of Geometry.”) 


nonlinear system 

Any system in which the data points coming from the 
measurement of the values of its variables can be repre- 
sented as a curvilinear pattern on a coordinate plane; 


hence, “nonlinear” for “not-a-line.” More generally, a sys- 
tem in which small changes can result in large effects, and 
large changes in small effects. Thus, sensitive dependence 
on initial conditions (see butterfly effect) in chaotic sys- 
tems illustrates the extreme nonlinearity of these systems. 
In a nonlinear system the components are interactive, 
interdependent, and exhibit feedback effects. 


nonstandard analysis 

In a broad sense, the study of the infinitely small; more 
specifically, the study of hyperreal numbers, their func- 
tions and properties. Nonstandard analysis, which was 
pioneered by Abraham Robinson in the 1960s, puts the 
concept of infinitesimals on a firm mathematical footing 
and is, for many mathematicians, more intuitive than 
real analysis. 


normal 
A line that is perpendicular to a given line or plane. 


normal number 

A number in which digit sequences of the same length 
occur with the same frequency. A constant is considered 
normal to base 10 if any single digit in its decimal expan- 
sion appears one-tenth of the time, any two-digit combi- 
nation one-hundredth of the time, any three-digit 
combination one-thousandth of the time, and so on. In 
the case of pi, the digit 7 is expected to appear 1 million 
times among the first 10 million digits of its decimal 
expansion. It actually occurs 1,000,207 times—very close 
to the expected value. Each of the other digits also turns 
up with approximately the same frequency, showing no 
significant departure from predictions. A number is said 
to be absolutely normal if its digits are normal not only to 
base 10 but also to every integer base greater than or 
equal to 2. In base 2, for example, the digits 1 and 0 
would appear equally often. Emile Borel introduced the 
concept of normal numbers in 1909 as a way to charac- 
terize the resemblance between the digits of a mathemat- 
ical constant such as TT and a sequence of random 
numbers. He quickly established that there are lots of 
normal numbers, though finding a specific example of 
one proved to be a major challenge. The first to be found 
was Champernowne’s number, which is normal to base 
10. Analogous normal numbers can be created for other 
bases. To date, no specific “naturally occurring” real 
number has been proved to be absolutely normal, even 
though it is known that almost all real numbers are 
absolutely normal! However, in 2001, Greg Martin of the 
University of Toronto found some examples of the op- 
posite extreme—real numbers that are normal to no 
base whatsoever. To start with, he noted that every 
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rational number is absolutely abnormal. For example, 
the fraction Y7 can be written in decimal form as 
0.1428571428571 .... The digits 142857 just repeat 
themselves. Indeed, an expansion of a rational number to 
any base b or hb! eventually repeats. Martin then focused 
on constructing a specific zrrational absolutely abnormal 
number. He nominated the following candidate, ex- 
pressed in decimal form, for the honor: 


o. =0.6562499999956991999999 . . . 9999998528404201690728 . .. 


The middle portion (underlined) of the given fragment 
of & consists of 23,747,291,559 nines. Martin's formula- 
tion of this number and proof of its absolute abnormal- 
ity involved so-called Liouville numbers.”*” 


nothing 

The absence of anything; nonexistence. Nothing is not 
the same as the empty set, which exists as the set that 
mathematically denotes nothing, nor is it the same as 
zero, which exists as the number that denotes how 
many members the empty set contains. In physics, 
nothing is not a vacuum, because a vacuum not only 
contains energy but exists in space and time; nor is it a 
singularity, which contains a great deal of concentrated 
matter and energy. So, can there be nothing? No. “To 
be” implies existence of some sort: the one thing we can 
be absolutely sure has never existed, or will exist, is 
nothing. 


noughts and crosses 
See tic-tac-toe. 


NP-hard problem 

A mathematical problem for which, even in theory, no 
shortcut or smart algorithm is possible that would lead 
to a simple or rapid solution. Instead, the only way to 
find an optimal solution is a computationally intensive, 
exhaustive analysis in which all possible outcomes are 
tested. Examples of NP-hard problems include the trav- 
eling salesman problem and the popular game Tetris. 
NP stands for “non-deterministic polynomial-time.” 


nucleation 

A process in a physical system, or a mathematical model 
such as a cellular automaton or a statistical model, 
whereby a bubble or other structure appears sponta- 
neously at a random or unpredictable spot. 


null hypothesis 
The hypothesis that is being tested in a hypothesis- 
testing situation. 


null set 
See empty set. 


number 
An abstract measure of quantity. The most familiar 
numbers are the natural numbers, 0, 1, 2,..., used for 


counting. If negative numbers are included, the result is 
the integers. Ratios of integers are called rational num- 
bers, which can be expressed as terminating or repeating 
decimals. If all infinite and nonrepeating decimal 
expansions are thrown in as well, the scope of numbers 
extends to all real numbers, which can be extended to 
the complex numbers in order to include all possible 
solutions to algebraic equations. More recent develop- 
ments are the hyperreal numbers and the surreal num- 
bers, which extend the real numbers by adding 
infinitesimal and infinitely large numbers. For measur- 
ing the size of infinite sets, the natural numbers have 
been generalized to the ordinal numbers and to the 
cardinal numbers. See also numeral and number sys- 
tem. 


number line 
A way of representing numbers by thinking of them as 
the positions of points on a line. 


number system 

A way of counting using a particular base. The familiar 
decimal number system is a base 10 system, because it 
uses 10 different digits, 0, 1, 2, 3, 4, 5, 6, 7, 8, 9, and com- 
binations of these. Other number systems, used for spe- 
cial purposes or by certain cultures, are the binary (base 
2), trinary (base 3), hexadecimal (base 16), vigesimal 
(base 20), and sexagesimal (base 60). In a positional num- 
ber system of base b, b basic symbols (or digits) corre- 
sponding to the first b natural numbers, including zero, 
are used. To generate the rest of the numbers, the posi- 
tion of the symbol in the figure is used. The symbol in 
the last position has its own value, and as it moves to the 
left its value is multiplied by J. In this way, with only 
finitely many different symbols, every number can be 
expressed. This is unlike systems, such as that of Roman 
numerals, which use different symbols for different 
orders of magnitude. 


number theory 

The study of the whole numbers and their properties and 
relationships. Often, a problem in number theory can be 
restated in terms of finding the solution, or showing that 
there is no solution, to a Diophantine equation. A Dio- 
phantine equation is one where the coefficients are 
whole numbers and where the solution is also con- 
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strained to be a whole number. Sometimes, what appears 
to be a simple Diophantine equation can lead to an ellip- 
tic curve.” 


numeral 
A symbol, or combination of symbols, that describes a 
number. See Arabic numeral and Roman numeral. 


numerator 
The number above the fraction bar that indicates the num- 
ber of parts of the whole there are in a rational number. 


numerical analysis 

The study of methods for approximating the solutions of 
various classes of mathematical problems including error 
analysis. 


obelus 

The name of the symbol “+”, used as a sign for division. It 
comes from the Greek obelos meaning a pointed stick (a 
spit) used for cooking. This root word also gave rise to 
obelisk for a pointed stone pillar. The “+” symbol was origi- 
nally used as an editing mark in early manuscripts, some- 
times only as a line without the two dots, to point out 
material that the editor thought needed cutting. It was also 
used occasionally as a symbol for subtraction. As a division 
symbol it was first employed by the Swiss mathematician 
Johann Rahn (1622-1676) in his Teutsche Algebra in 1659. 
By a misunderstanding of a credit to John Pell about other 
material in the book, many English writers started using the 
symbol and calling it “Pell’s notation.” Although it appears 
regularly in literature produced in Britain and the United 
States, it is virtually unknown in the rest of the world. 


oblate spheroid 
An ellipsoid produced by rotating an ellipse through 
360° about its minor axis. 


oblique 

Slanted or not perpendicular. Oblique coordinates are mea- 
sured on a plane coordinate system whose axes are not per- 
pendicular. An oblique angle is any angle except a right angle 
and an oblique triangle is any triangle that doesn’t contain a 
right angle. The first reference to “oblique angled triangles” 
may have been by Thomas Blundevil in his Exercises in 1594. 


oblong 

An alternate name for any rectangle that is not a square. 
The word comes from the Latin ob (“excessive”) and 
longus (“long”). 


oblong number 
Any positive integer that is not a perfect square. 


obtuse 

An obtuse angle is an angle greater than 90° but less than 
180°. An obtuse triangle is a triangle that contains an 
obtuse angle. The word comes from the Latin ob 
(“against”) and tundere (“to beat”) and thus refers to 
things that are blunt, dull, or rounded. 


octa- 
The Greek prefix meaning “eight.” 


226 


octa- An aerial view of Castel del Monte in Italy's Apulien 
region. 


octagon 

An eight-sided polygon. One of the most remarkable 
examples of octagonal design in architecture is the Castel 
del Monte, in southern Italy, which consists of a central 
octagonal core containing an inner octagonal courtyard 
that is surrounded by eight tall, perfectly octagonal towers. 
Another famous octagon is Oxford University’s Radcliffe 
Observatory tower, built from 1772 to 1794, vaguely based 
on the Tower of the Winds in Athens, and considered 
architecturally the finest observatory in Europe.” 


octahedron 

A polyhedron with eight faces, each of which is an equi- 
lateral triangle. A regular octahedron, whose sides are all 
equilateral triangles, is one of the Platonic solids; it looks 
like two square pyramids with their square bases stuck 
together. See also octa-. 


octant 
Any one of the eight portions of space determined by the 
three coordinate planes. 
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octahedron One of the Platonic solids. 


octonion 

Also known as a Cayley number. Octonions are a nonasso- 
ciative generalization of the quaternions and the complex 
numbers involving numbers with one real coefficient and 
seven imaginary coefficients. 


odd 

Not divisible by two. An odd function is a function f(x) 
with the property that f(—x) = $ (x) for any value of x; an 
example is sin(x). 


officer problem 
See thirty-six officers problem. 


omega 
See Chaitin’s constant. 


one 

The first positive integer and the first odd number; it is 
also known as unity. From the time of Euclid to the late 
1500s, one wasn’t generally considered to be a number 
but instead was thought of as the unit of which bonafide 
numbers were composed. The Old English (c. 550- 
c. 1100) ane served both for counting and as the indefi- 
nite article. Toward the end of the Old English period 
and the beginning of Middle English (c. 1100-c. 1500), 
ane developed two pronunciations, the first being used 
for 1 and the other for the indefinite article an, a. The 


existence of different words for the number one and the 
indefinite article seems to be unique to the English lan- 
guage. “One” can be traced back to the Latin unus and 
the Greek oine but probably came into English from the 
German etne. 


153 

A number with some very curious properties. It is the 
smallest number that can be expressed as the sum of 
the cubes of its digits: 153 = 1° + 5° + 3°. It is equal to 
the sum of the factorials of 1 to 5: 153 = 1!+2!4+3!+ 
4! + 5! The sum of the digits of 153 is a perfect square: 
1 + 5+3 = 9 = 3°. The sum of the aliquot parts of 153 
is also a perfect square: 1 + 3 +9 + 17 + 51 = 81 = 9°. 
On adding the number 153 to its reverse (351), the 
result is 504 whose square is the smallest square that 
can be expressed as the product of two different num- 
bers that are the reverse of one another: 153 + 351 = 
504; 504° = 288 x 882. It can be expressed as the sum of 
all integers from 1 to 17. In other words, 153 is the sev- 
enteenth triangular number; its reverse is also a triangu- 
lar number. In addition, 153 and its reverse are 
Harshad numbers. It can be expressed as the product 
of two numbers formed from its own digits: 153 = 3 x 
51. A reference to 153 occurs in the New Testament: 
the net that Simon Peter drew from the Sea of Tiberias 


held 153 fishes. 


one-to-one 
A function or map that for every possible output has 
only one input that yields that particular output; if f (a) = 


f(b), then a=b. 


open 
An open interval is a piece of a straight line that doesn’t 
contain its endpoints; a half-open interval contains one 
endpoint. An open set is one in which every point in the 
set has a neighborhood lying in the set. 


operator 
Something that acts on a function to give another func- 
tion. 


optical illusion 

A picture or figure that deceives or confuses the eye 
and/or brain. Categorization of optical illusions is diffi- 
cult because several underlying mechanisms may con- 
tribute to an effect, or the cause of the illusions may not 
be completely understood. For the purposes of this book 
illusions are grouped as shown in the table “Some Types 
and Examples of Optical Illusions.” See individual 
entries for details. See also anamorphosis. 
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Some Types and Examples of Optical Illusions 


Type 


Examples 


Distortion illusion 


Fraser spiral 
Muúller-Lyer illusion 
Orbison’s illusion 
Poggendorff illusion 
Titchener illusion 
Zollner illusion 


Impossible figures 
and objects 


Freemish crate 
Penrose triangle 
Penrose stairway 
Tribar illusion 


Ambiguous figure 


Ames room 

Necker cube 

Schróder's reversible staircase 
Thiery figure 


Lateral inhibition 
illusion 


Hermann grid illusion 


Antigravity houses and 
hills 


Orbison’s illusion 


Is the square really a square? 


Orbison’s illusion 

A distortion illusion in which a background of radiating 
lines appears to distort the shape of a superimposed fig- 
ure, such as a square or circle. 


orbit 

(1) The path, in the form of a conic section, that an 
object takes when under the gravitational influence of 
another body. (2) More generally, the trajectory of a dif- 
ferential equation. 


order 

A word with many different meanings in mathematics. 
Among these are: (1) the sequence in which a set of objects 
or numbers is placed; (2) the number of elements in a set; 
(3) the number of times a shape can be fitted back onto its 
own outline during a complete turn (order of symmetry); (4) 
the highest order power in a one-variable polynomial 
(order of a polynomial, also known as its degree); (5) the type 
of curve described by such a polynomial (order of a curve). 
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ordered pair 

A collection of two objects such that one can be distin- 
guished as the first element and the other as the second ele- 
ment. An ordered pair with first element a and second 
element bh is usually written as (a, b). Two such ordered 
pairs (4, b,) and (a), b,) are equal if and only if a, = a, and 
b, = b,. Ordered triples and ordered n-tuples (ordered lists of n 
terms) are defined in the same way. An ordered triple (a, 
b, c) can be defined as (a, (b, c)), that is, as two nested pairs. 


ordinal number 

A number used to give the position in an ordered 
sequence: first, second, third, fourth, .. . Ordinal num- 
bers are distinct from cardinal numbers (one, two, three, 
four, ...), which describe the size of a collection. The 
mathematician Georg Cantor showed in 1897 how to 
extend the concept of ordinals beyond the natural num- 
bers to the infinite and how to do arithmetic with the 
resulting transfinite ordinals (see infinity). 


ordinary differential equation 
Any equation relating a function of one variable to its 
derivatives. Compare with partial differential equation. 


ordinate 

The y-coordinate, or vertical distance from the x-axis, in 
a system of Cartesian coordinates. Compare with ab- 
scissa. 


origami 
The Japanese art of the paper-folding, without cutting 
and joining, to form definite objects. 


origin 
The point (0, 0) on the coordinate axes. 


orthic triangle 
The triangle whose vertices (see vertex) are the feet of the 
altitudes of a given triangle. 


orthocenter 
The point of intersection of the altitudes of a triangle. 


orthogonal 
At right angles to; independent of. Orthogonal curves are 
two families of curves with the property that each mem- 
ber of one family meets members of the other family at 
right angles. 


osculating 

To share the same tangent and curvature and at a given 
point, as in the case of two osculating curves. For example 
the curve y =x and the x-axis osculate at the origin. 


Oughtred, William (1574-1660) 

An English clergyman and mathematician who invented 
the slide rule and who, in the first English edition of his 
Clavis Mathematicae in 1647, first used the name “pi” for 
the number 3.141 .... He wrote it 7.6, where T stood for 
the English word periphery (what we would call circum- 
ference), the dot was his symbol for division, and ò stood 
for the English word diameter. The use of T to represent 
words starting with the letter p, like periphery, was not 
uncommon. Before m = 3.14...caught on, T was vari- 
ously used to indicate a point, a polygon, a positive 
number, a power, a proportion, the number of primes in 
a series, and a factorial (which is a product). Oughtred 
used the same notation in all later English and Latin edi- 
tions of his book, but not in the earlier first Latin edition. 
He was a prodigious inventor of mathematical symbols, 
though most of them have not survived. He did, how- 
ever, introduce a couple of other symbols we still use: x 
for multiplication (as distinct from the letter x, which he 
also used for this purpose) and + for “plus or minus.” 
Oughtred served as rector of Albury from 1608 or 1610 
until his death. There he tutored many young mathe- 
maticians of the time, including John Wallis, Seth Ward, 
Charles Scarburgh, and Christopher Wren. Moreover, all 
English mathematicians for the next century, including 
Isaac Newton, learned algebra from Clavis Mathematicae 
(first published in 1631). 


oval 

A curve that looks like a squashed circle but, in contrast 
with the ellipse, doesn’t have a precise mathematical def- 
inition. The word oval comes from the Latin ovus for 
“egg.” Unlike ellipses, ovals sometimes have only a single 
axis of reflection symmetry (instead of two). 


Ovid's game 

A board game, described by the Roman poet Ovid in 
Book III of his Art of Love, that was popular in ancient 
Greece, Rome, and China. Each player has three coun- 
ters, which they place alternately on to nine points laid 
out in a 3 x 3 grid, with the object of getting three in a 
line and so winning. This may sound like tic-tac-toe, and 
there is no doubt that both Ovid’s game and nine men’s 
morris are antecedents of the familiar noughts and 
crosses. But in Ovid’s game play continues after the six 
counters are down, if no one has yet won, by moving a 
single counter on each turn, though not diagonally, to 
any adjacent square. As in the case of tic-tac-toe, two 
experts (i.e., “rational” players) will always draw. Because 
the first player is ensured a win by covering the center 
square, this move is usually not allowed. Ovid advised 
women to master the game in order to gain the attention 
of men! 
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Ozanam, Jacques (1640-1717) 

A French mathematician, scientist, and writer best remem- 
bered for his book on mathematical and scientific puzzles 
Récréations Mathématiques et Physiques (four volumes, 1694), 
which later went through 10 editions. Based on earlier 
works by Claude Bachet, Claude Mydorge, Jean Leure- 
chon, and Daniel Schwenter (1585-1636), it was later 
revised and enlarged by Jean Montucla, then translated 
into English by Charles Hutton (1803, 1814). Edward Rid- 


dle edited a new edition, which was published in 1844, 
removing some old material and adding new material so 
that “[T]he work might continue to be to the present gen- 
eration a useful manual of scientific recreation, as its pre- 
decessors have been to the generation which has passed.” 
Ozanam's original edition contained an early example of a 
problem about orthogonal Latin squares: “Arrange the 16 
court cards so that each row and each column contains 
one of each suit and one of each value.” 


Pacioli, Luca (1445-1517) 

An Italian mathematician and Franciscan monk who 
wrote several influential books. His encyclopedic Summa 
de Arithmetica, Geometria, Proportioni et Proportionalita 
(Summary of arithmetic, geometry, proportion and pro- 
portionality, 1494) summarized what was known about 
contemporary arithmetic, algebra, geometry, and trigo- 
nometry and gave a basis for the major progress in math- 
ematics which subsequently took place in Europe. Divina 
proportione (1509), with drawings by none other than 
Leonardo da Vinci (surely no mathematical text was 
more impressively illustrated!), deals with the golden 
ratio, a subject that Pacioli treats from an architectural 
standpoint in a second volume. At his death, he left a 
major book unpublished, De Viribus Amanuensis, on 
recreational problems, geometrical problems, and prov- 
erbs. It makes frequent reference to Leonardo, who 
assisted him with the project: many of the problems in 
this treatise are also in Leonardo’s notebooks. Again it is 
a work for which Pacioli claimed no originality, describ- 
ing it as a compendium. 


packing 

A way to place objects of the same kind so that they 
touch in some specified way, often inside a container 
with specified properties. The objects to be packed 
may be polyhedra, polygons, spheres, ellipsoids, hyper- 
spheres, or any other type of shape, and the number 
of dimensions involved may range upward from two. 
The fraction of a space filled by a given collection of 
objects is called the packing density. The densest pack- 
ing of circles in the plane is the hexagonal lattice of 
the bee’s honeycomb, which has a packing density 
of 0.9069.... In 1611, Johannes Kepler proposed 
that hexagonal, or face-centered cubic, packing is also 
the densest possible way to arrange spheres in three 
dimensions—an assertion known as Kepler’s conjec- 
ture. Currently, the worst known convex packer in 
two-dimensions is the smoothed octagon, with a pack- 
ing density of about 0.902. Stanislaw Ulam conjectured 
that the sphere was the worst packing object in three- 
dimensional space. 


Padovan sequence 
See plastic number. 
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palindrome 

A word, verse, sentence, or passage that reads the same 
forward or backward; the term comes from the Greek 
palindromos for “running back again.” Well-known exam- 
ples include: “Madam, I’m Adam;” “A man, a plan, a 
canal—Panama!;” and “Able was I ere I saw Elba.” A 
slightly longer one, devised by Peter Hilton, a code- 
breaker on the British team that cracked the German 
Enigma, is “Doc, note. I dissent. A fast never prevents a 
fatness. I diet on cod.” Credit for inventing the palin- 
drome is often given to Sotades the Obscene of Maronea 
(third century B.C.). Though only eleven lines of his work 
have survived, he is thought to have recast the entire Iliad 
in palindromic verse. Sotades also wrote lines (now 
sometimes called Sotadic verses) that, when read back- 
ward, had the opposite meaning. His acid tongue even- 
tually landed him in jail by order of Ptolemy II, though 
worse was to follow. Sotades escaped but was captured by 
Ptolemy’s admiral Patroclus, who sealed him in a leaden 
chest and tossed him into the sea. A musical palindrome 
is formed by Haydn’s Symphony No. 47 in G, sometimes 
referred to as The Palindrome, because in both the minuet 
and the trio the orchestra plays the music twice forward 
and then twice backward to arrive at the beginning. See 
also palindromic number. 


palindromic number 

A number such as 1,234,321 that reads the same forward 
and backward; more generally, a symmetrical number 
written in some base a as a, 4, 43...|... az a, a. In the 
familiar base 10 system, there are nine two-digit palin- 
dromic numbers: 11, 22, 33, 44, 55, 66, 77, 88, 99; there 
are 90 palindromics with three digits: 101, 111, 121, 131, 
141,..., 959, 969, 979, 989, 999; and there are 90 
palindromics with four digits: 1,001; 1,111; 1,221; 
1,331; 1,441; ..., 9,559; 9,669; 9,779; 9,889; 9,999, giv- 
ing a total of 199 palindromic numbers below 10*. 
Below 10° there are 1,099 palindromics and for other 
exponents of 10” there are 1,999; 10,999; 19,999; 
109,999; 199,999; 1,099,999; .... It is conjectured, but 
has not been proven, that there are an infinite number 
of palindromic prime numbers. With the exception of 
11, palindromic primes must have an odd number of 
digits. A normally quick way to produce a palindromic 
number is to pick a positive integer of two or more 
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digits, reverse the digits, and add to the original, then 
repeat this process with the new number, and so on. For 
example, 3,462 gives the sequence 3,462; 6,105; 11,121; 
23,232. Does the series formed by adding a number to 
its reverse always end in a palindrome? It used to be 
thought so. However, this conjecture has been proven 
false for bases 2, 4, 8, and other powers of 2, and seems 
to be false for base 10 as well. Among the first 100,000 
numbers, 5,996 numbers are known that have not pro- 
duced palindromic numbers by the add-and-reverse 
method in calculations carried out to date. The first few 
of these are 196; 887; 1,675; 7,436; 13,783; 52,514; .... 
A proof that these numbers never produce palindromes, 
however, has yet to be found. The largest known palin- 
dromic prime, containing 30,913 digits, was found by 
David Broadhurst in 2003. 


pandiagonal magic square 
A magic square in which all the broken diagonals as well 
as the main diagonals add up to the magic constant. 


pandigital number 

An integer that contains each of the digits from zero to 
nine exactly once and whose leading digit is nonzero. 
The smallest pandigital numbers are 1,023,456,789; 
1,023,456,798;  1,023,456,879;  1,023,456,897; and 
1,023,456,978. Like all pandigitals these are divisible by 
nine. The first few “zeroless” pandigitals are 123,456,789; 
123,456,798; 123,456,879; 123,456,897; 123,456,978; and 
123,456,987; and the first few zeroless pandigital 
primes are 1,123,465,789; 1,123,465,879; 1,123,468,597; 
1,123,469,587; and 1,123,478,659. The sum of the first 
32,423 (a palindromic number) consecutive primes is 
5,897,230,146, which is pandigital. No other palindromic 
number shares this property. Examples of palindromic 
numbers that are the product of pandigital numbers 
are 2,970,408,257,528,040,792 (= 1,023,687,954 x 
2,901,673,548) and 5,550,518,471,748,150,555 
(= 1,023,746,895 x 5,421,768,309), both found in 2001. 
See also pandigital product. 


pandigital product 

A product in which the digits of the multiplicand, multi- 
plier, and product, taken together, form a pandigital 
number. 


pangram 

A phrase or sentence that contains every letter of the 
alphabet at least once. The best known example in Eng- 
lish and a familiar typing test is “The quick brown fox 
jumps over the lazy dog.” One of the shortest known that 
still makes some kind of sense is “The five boxing wizards 
jump quickly.” 


Pappus of Alexandria (c. A.D. 300) 

The last of the great Greek geometers whose eight- 
volume Mathematical Collection sammarized the bulk of 
mathematics known at that time. In this compendium, 
Pappus added a considerable number of his own expla- 
nations and amplifications of the earlier work of Euclid, 
Archimedes, Apollonius, and others. 


parabola 
One of the conic sections and one of the most studied 
curves in the history of mathematics. A parabola is the 
outline of the figure obtained if a right circular cone is 
cut by a plane that is exactly parallel to the cone’s side. 
Just as the circle is a limiting case of the ellipse when the 
two foci coincide, the parabola is a limiting case of the 
ellipse when one of the foci is moved to infinity. As 
the French mathematician Henri Fabre eloquently put it, 
the parabola is an ellipse that “seeks in vain for its sec- 
ond, lost center.” Johannes Kepler drew this further con- 
nection between the parabola and other conic sections: 
“Because of its intermediate nature the parabola occupies 
a middle position [between the ellipse and the hyper- 
bola]. As it is produced it does not spread out its arms 
like the hyperbola but contracts them and brings them 
nearer to parallel, always encompassing more, yet always 
striving for less—-whereas the hyperbola, the more it 
encompasses, the more it tries to obtain.” 

A parabola is the locus of all points in a plane that are 
equidistant from a given line, known as the directric, and 
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Obtuse Reflex 
Acute 


Figure 2.6 


An angle which is less than 90° is called an acute angle. 
An angle which is between 90° and 180° is called an obtuse angle. 
An angle which is greater than 180° is called a reflex angle. 
Insight 
A useful memory aid is “a-cute little angle” to remind you that 
angles less than 90° are acute. 


There are three ways of naming angles. 


One way is to use a letter inside f 
the angle, as with the angle marked 

x in Figure 2.7. Usually, a small = 

letter, rather than a capital, is used. Figure 2.7 


In Figure 2.8, the angle could be called angle B, but you should do 
this only if there is no risk of confusion. The symbols 4 and ^ are 
both used to represent “angle”, so angle B could be shortened to 
ZB or B. It could be argued that there are two angles at B, one of 
them acute and one of them reflex, but you should assume that the 
acute angle is intended unless you are told otherwise. 


Alternatively, the angle in Figure 2.8 could be called angle ABC (or 
angle CBA). You could shorten this to ZABC or ABC. The middle 
letter is always the vertex of the angle. 


A 


AL. 


Figure 2.8 
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a given point not on the line, known as the focus. The 
Cartesian equation of a parabola that opens upward and 
has its vertex (turning point) at the origin is y = 4ax”, 
where a is the distance from the vertex to the focus, and 
the quantity 4a is known as the latus rectum. More gener- 
ally, any quadratic equation of the form y = ax’ + bx + c, 
where a is not zero, graphs a parabola. The simplest form 
of this, when a = 1, and both band c are zero, is y =x’. 
Like the circle, but unlike the ellipse and the hyperbola, 
the parabola has only one distinct shape. In other words, 
any parabola can be superimposed exactly on any other 
parabola simply by rotating, translating (sliding), and/or 
enlarging or shrinking it. 

Euclid dealt with the parabola in his Comic Sections, and, 
although this treatise was lost, it provided a foundation 
for the first four books by Apollonius of the same name. 
Galileo (1564-1642) discovered that a cannonball, or any 
other projectile launched at an angle to ground, follows a 
parabolic path: a result that immediately grabbed the 
attention of not only scientists but of monarchs and mili- 
tary leaders. René Descartes, in writing La Géométrie 
(1637), chose the parabola to illustrate his innovative ana- 
lytical geometry. In 1992, Rudolph Marcus of the Cali- 
fornia Institute of Technology won the Nobel Prize in 
Chemistry for his work showing that parabolic reaction 
surfaces can be used to calculate how fast electrons travel 
in molecules. His most famous theoretical result, an 
inverted rate-energy parabola, predicts electron transfer 
will slow down at very high-reaction free energies. 


paraboloid 
The surface of revolution of the parabola. It is a qua- 
dratic surface described by the equation z= a(x’ + y’). 


paradox 


Please accept my resignation. I don’t want to belong 
to any club that will accept me as a member. 
—Groucho Marx (1895-1977) 


A statement that seems to lead to a logical self- 
contradiction, or to a situation that contradicts common 
intuition. The word paradox comes from the Greek para 
(“beyond”) and doxa (“opinion” or “belief”). The identi- 
fication of a paradox based on seemingly simple and rea- 
sonable concepts has often led to significant advances in 
science, philosophy, and mathematics. See Allais para- 
dox, Arrow paradox, Banach-Tarski paradox, Berry’s 
Paradox, birthday paradox, Burali-Forti paradox, coin 
paradox, grandfather paradox, Grelling’s paradox, 
liar paradox, Newcomb’s paradox, nine rooms para- 
dox, Parrondo’s paradox, raven paradox, Russell’s 
paradox, St. Petersburg paradox, Siegel’s paradox, 
unexpected hanging, and Zeno’s paradoxes. 


parallel 
Said of two or more things, such as lines or planes, that 
are equally distant from one another at all points. 


parallel postulate 

The fifth and most controversial of Euclid’s postulates 
set forth in the Greek geometer’s great work, Elements. To 
later mathematicians, the parallel postulate seemed less 
obvious than the other four and many attempts were 
made to derive it from them, but without success. In 
1823, Janos Bólyai and Nikolai Lobachevsky indepen- 
dently realized that entirely self-consistent types of non- 
Euclidean geometry could be created in which the 
parallel postulate doesn’t hold. Carl Gauss had made the 
same discovery earlier but kept the fact secret. 


parallelepiped 

A polyhedron with six faces bounded by three pairs of 
parallel planes, so that all its faces are parallelograms. It 
is also a prism with a parallelogram for a base. A rectan- 
gular parallelepiped has the shape of a shoebox. The word 
comes from the Greek parallelepipedon for the same shape, 
which in turn comes from the roots para (“beside”), allel 
(“other”), epi (“on”), and pedon (“ground”). Paral- 
lelepipedon may have been first used in English by 
Billingsley in his 1570 translation of Euclid. It seems to 
have then given way to parallelepiped in the last quarter of 
the nineteenth century. 


parallelogram 

A quadrilateral (four-sided figure) whose opposite sides 
are parallel, and whose opposite angles, therefore, are 
equal. The diagonals of a parallelogram bisect each other. 
A parallelogram of base b and height / has an area 


bh = ab sinA = absinB. 


The height of a parallelogram is )= a sinA =a sinB. The 
sides a, b, c, and d and diagonals p and q of a parallelo- 
gram satisfy the equality 


Pt+Paaeat+Wrer+a’. 


parallelogram The two lines drawn inside this parallelogram 
have the same length. 
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Special cases of a parallelogram are a rhombus, which 
has sides of equal length; a rectangle, which has two sets 
of parallel sides that are perpendicular to each other; and 
a square, which meets the conditions of both a rectangle 
and a rhombus. 

In the parallelogram illusion shown, despite appearances 
to the contrary, the interior diagonal lines are of equal 
length. 


parameter 

An independent variable; one of the inputs for a func- 
tion. Parametric equations are equations in which the vari- 
ables of interest are given in terms of another variable. 


parity 

(1) The sum of the digits in a binary representation of a 
number. (2) An indication of whether two numbers are 
both even or both odd (same parity), or are such that one 
is even and one is odd (opposite parity). This concept, of 
same or opposite parity, can be applied to any things that 
can have two different states—the sense in which a knot is 
tied, the color of a chessboard square, and so on. 


Parrondo’s paradox 

Two losing gambling games can be set up so that when 
they are played one after the other, they become win- 
ning. This paradox is named after the Spanish physicist 
Juan Parrondo who, in the late 1990s, discovered how 
to construct such a scenario. The simplest way is to use 
three biased coins. Imagine you are standing on stair 
zero, in the middle of a long staircase with 1001 stairs 
numbered from —500 to 500. You win if you can get to 
the top of the staircase, and the way you move depends 
on the outcome of flipping one of two coins. Heads you 
move up a stair, tails you move down a stair. In game 1, 
you use coin A, which is slightly biased and comes up 
heads 49.5% of the time and tails 50.5%. Obviously, 
these are losing odds. In game 2, you use two coins, B 
and C. Coin B comes up heads only 9.5% of the time, 
tails 90.5%. Coin C comes up heads 74.5% of the time, 
tails 25.5%. In game 2 if the number of the stair you are 
on at the time is a multiple of 3 (that is,..., —9, -6, 
—3, 0, 3, 6, 9, 12,...), then you flip coin B; otherwise 
you flip coin C. Game 2, it turns out, is also a losing 
game and would eventually take you to the bottom of 
the stairs. What Parrondo found, however, is that if you 
play these two games in succession in random order, 
keeping your place on the staircase as you switch 
between games, you will steadily rise to the top of the 
staircase! This kind of process has been called a Brown- 
ian motion. V> 


partial differential equation 

An equation that involves derivatives with respect to 
more than one variable. Many of the equations used to 
model the physics of the real world are partial differential 
equations. 


partition number 

A number that gives the number of ways of placing z 
indistinguishable balls into v indistinguishable urns. For 
example: 
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The sequence runs: 1, 2, 3, 5, 7, 11, 15, 22, 30, 42, 56, 77, 
101, 135, 176, 231, 297, 385,.... If the urns are distin- 
guishable, the number of ways is 2”. If the balls are dis- 
tinguishable, the number of ways is given by the th Bell 
number. 


Pascal, Blaise (1623-1662) 

A French mathematician, philosopher, and pioneer of 
probability theory whose short life was rich with mathe- 
matical invention but whose name, ironically, is most 
familiar from its association with an array of numbers 
known as Pascal’s triangle (which he didn’t discover, 
though he did important work on it). Educated by his 
father (after whom the limacon of Pascal is named), Pas- 
cal showed his intellectual prowess early on by proving 
one of the most important theorems in projective geom- 
etry at the age of 16. Three years later he devised the 
world’s second mechanical calculating machine (the first 
was made by Wilhelm Schickard in 1623) to help with his 
father’s business; he sold about 50 of these “Pascalines,” 
several of which survive. In 1654, he and Pierre de Fer- 
mat, in an exchange of correspondence, laid the founda- 
tion for probability theory. They considered the dice 
problem, already studied by Girolamo Cardano, and the 
problem of points also considered by Cardano and, 
around the same time, by Luca Pacioli and Niccoló 
Tartaglia. The dice problem asks how many times one 
can expect to throw a pair of dice before getting a double 
six; the problem of points asks how to divide the stakes if 
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a game of dice is incomplete. Pascal and Fermat solved 
the problem of points for a two-player game but didn't 
develop powerful enough methods to solve 1t for three or 
more players. In the same year, Pascal was almost killed 
in an incident in which the horses pulling his carriage 
bolted and the carriage was left hanging over a bridge 
above the river Seine. Though rescued unharmed, he 
shortly after converted to the rigorous Jansenist sect of 
the Catholic Church. His philosophical work Pensées, 
written between 1656 and 1658 contains his famous argu- 
ment, often called Pascal’s wager, for belief in God. Hav- 
ing suffered poor health for most of his adult life, he died 
in great pain of cancer at the age of 39. 


Pascal's mystic hexagon 

If a hexagon ADBFCE (not necessarily convex) 1s 
inscribed in a conic section (in particular a circle), then 
the points of intersections of opposite sides (4D with 
FC, DB with CE and BF with EA) are collinear. This line 
is called the Pascal line of the hexagon. A special case is 
when the conic degenerates into two lines; the theorem 
still holds but is then usually called Pappus’s theorem. 


Pascal's triangle 

A triangular pattern of numbers in which each number is 
equal to the sum of the two numbers immediately above 
1t: 


1 6 15 20 15 6 1 
t F210 35 353 2L Pod 
1 8 28 56 70 56 28 8 1 


Although named after Blaise Pascal, who studied it, this 
arithmetic triangle has been recognized since the twelfth 
century and has a variety of other names. In Italy it is 
called Tartaglia’s triangle and in many parts of Asia it is 
referred to as Yang Hut's triangle. Yang Hui was a minor 
Chinese official who wrote two books, dated 1261 and 
1275, that use decimal fractions (long before they 
appeared in the West) and contain one of the earliest 
accounts of the triangle. At about the same time, Omar 
Khayyam also wrote about it. The Chinese triangle 
appears again in 1303 on the front of Chu Shi-Chieh’s 
Ssu Yuan Yü Chien (Precious mirror of the four elements), 
a book in which Chu says the triangle was known in 
China more than two centuries before his time. 


The numbers in Pascal’s triangle give the number of 
ways of picking r unordered outcomes from z possibilities. 
This is equivalent to saying that the numbers in each row 
are the binomial coefficients in the expansion of (x+ y)”: 


(x+y) = 1 

(x+y) = lx + ly 

(x+y) = Lx? + 2xy + ly’ 

(x+y) = Lx? + 3x%y + 3xy* + ly’ 
(x+y)! = 1x* + 4x%y + 6x7y? + 4xy + 1y* 


and so on. In addition, the shallow diagonals of the tri- 
angle sum to give the Fibonacci sequence. 


path 


See trajectory. 


pathological curve 

A curve often specifically devised to show the falseness of 
certain intuitive concepts. In particular, the image of con- 
tinuity as a smooth curve in our mind’s eye severely 
misrepresents the situation and is the result of a bias 
stemming from an overexposure to the much smaller 
class of differentiable functions (see differentiation). A 
chief lesson of pathological curves is that continuity is a 
weaker notion than differentiability. Many pathological 
curves are fractals, such as Cantor dust, including space- 
filling curves, such as the Peano curve. The earliest 
known example is the graph of Weierstrass’ nondiffer- 
entiable function. 


payoff 
In game theory, the amount that a player wins, given the 
player’s and his opponent’s actions. 


Peano, Guiseppe (1858-1932) 

An Italian pioneer of mathematical logic and the axi- 
omatization of mathematics. In 1889, he published his 
first version of a system of mathematical logic in Arith- 
metics Principia, which included his famous axioms of nat- 
ural numbers, now known as Peano’s axioms. Two years 
later, he established a journal, the Rivista, in which he pro- 
posed the symbolizing of all mathematical propositions 
into his system. The project, which became known as the 
Formulario, was his chief focus for the next fifteen years. 


Peano curve 

The first known example of a space-filling curve. Discov- 
ered by Guiseppe Peano in 1890, its effect was like that of 
an earthquake on the traditional structure of mathemat- 
ics. Commenting in 1965 on the impact of the curve in 
Peano’s day, N. Ya Vilenkin said: “Everything has come 
unstrung! It’s difficult to put into words the effect that 
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Peano curve A simple iterative process produces a remark- 
able space-filling shape. 


Peano’s result had on the mathematical world. It seemed 
that everything was in ruins, that all the basic mathemati- 
cal concepts had lost their meaning.” Today, the Peano 
curve is recognized as just one of an infinite class of fa- 
miliar objects known as fractals. But at the end of the 
nineteenth century it was an extravagant, completely 
counterintuitive thing; indeed, it was something that had 
been believed impossible. Writing of Peano’s result in 
Grundzüge der Mengenlehre (Basic features of set theory) in 
1914, Felix Hausdorff said: “This is one of the most 
remarkable facts of set theory.” Originally, the Peano 
curve was derived purely analytically, without any kind of 
drawing or attempt at visualization. But the first few steps 
in drawing it, as shown in the diagrams, are easy enough, 
even though the finished product is unattainable in this 
way—and totally unimaginable. To fill the unit square, as 
the Peano curve does, without leaving any holes, the 
curve has to be both continuous and self-intersecting. 


pearls of Sluze 
Curves that are generated by the Cartesian equation 


y =kla-x)? x", 


pearls of Sluze Jan Wassenaar, www 2dcurves.com 


where z, m, and p are integers. They were first studied by 
the French mathematician René de Sluze (1622-1685) 
and named the pearls of Sluze by Blaise Pascal. 


pedal curve 

The locus of the feet of the perpendiculars from a given 
point to the tangents to the given figure. The “given 
point” is known as the pedal point. 


pedal triangle 

The pedal triangle of a point P with respect to a triangle 
ABC is the triangle whose vertices (see vertex) are the 
feet of the perpendiculars dropped from Pto the sides of 
triangle ABC. 


peg solitaire 

Also known as Hi-Q, a game that, in its commonest 
form, is played with 32 pegs or marbles on a rectangular 
grid, the middle position of which starts out empty. A 
peg may jump horizontally or vertically, but not diago- 
nally, over a peg in an adjacent hole into a vacant hole 
immediately beyond. The peg that was jumped over is 
then removed. The object is to be left with a single peg in 
the center position. 

The quickest solution of peg solitaire was found by 
Ernest Bergholt in 1912 and was proved to be minimal 
by John Beasley in 1964. Suppose the rows and columns 
of the board are each labeled 1 to 7 so that, for example, 
a peg on the fourth row and the third column is in posi- 
tion 43. The quickest solution is: (1) 46-344. (2) 6545. 
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4 LEFT, — Derter 


1 LEFT - Jakea 


3 LEFT - Really Clever 
2 LEFT -A Pat on the 
back 


PERFECT SCORE 


| LEFT ¿n centre 
hole 


peg solitaire A version of peg solitaire made of tin with marbles by the British firm MAR Toys in the 1950s. Sue & Brian Young/Mr. 


Puzzle Australia, www.mrpuzzle. com.au 


(3) 57-355. (4) 54-356. (5) 52-354. (6) 73353. (7) 
43-363. (8) 7557353. (9) 35-355. (10) 1535. (11) 
23343-363-365-345-325. (12) 37-357-355-353. (13) 
31-333. (14) 34-332. (15) 51231233. (16) 13>15=35. 
(17) 36—>34—32—52—54—34. (18) 24-344," 


Pell equation 

An equation of the form y? = ax’ + 1, where a is any pos- 
itive whole number except a square number. The name 
comes from the English mathematician John Pell 
(1611-1685); however, he was wrongly credited. In writ- 
ing about some of the work done on this type of equa- 
tion, Leonhard Euler gave priority to Pell whereas, in 
fact, Pell had done no more than copy it in his papers 
from some of Pierre de Fermat’s letters. Fermat had been 
the first to state that an equation of this form always has 
an unlimited number of integer solutions. For example, 
the equation y? = 92x’ + 1, has the solutions x = 0, y = 1; 
x = 120, y = 1,151; x = 276,240, y = 2,649,601; and so on. 
Each successive solution is about 2,300 times the previ- 
ous solution. In fact, the solutions are every eighth partial 
fraction (where x is the numerator and y is the denomi- 
nator) of the continued fraction for 192. A Pell equa- 
tion was used in finding the solution to Archimedes’s 
cattle problem. 


Pell numbers 

Numbers, named after John Pell (1611-1685), that are 
similar to the Fibonacci sequence and are generated by 
the formula 4, =2 4,-1+A,-2 The sequence runs: 1; 2; 


5; 12; 29; 70; 169; 408; 985; 2,378; 5,741; 13,860; 33,461; 
80,782; 195,025;.... The ratio of successive terms 
approaches 1 plus the square root of 2. 


Penrose, Roger (1931-) 

An English mathematical physicist famous for his impor- 
tant contributions to cosmology and the physics of black 
holes, for his controversial views on the nature of human 
consciousness and its relationship to quantum mechan- 
ics, and for his work in the field of recreational mathemat- 
ics. The Penrose tiling and the Penrose triangle are 
named after him (but not the Penrose stairway, which is 
named after his father). In his book The Emperor's New 
Mind he argues that there must be errors in the known laws 
of physics, notably in quantum mechanics, and that true 
artificial intelligence is impossible.” The latter claim is 
based on his assertion that humans can do things outside 
the power of formal logic systems, such as knowing the 
truth of unprovable statements, or solving the halting 
problem (claims that were originally made by the philoso- 
pher John Lucas of Merton College, Oxford). These are 
controversial views, with which most of the mathematical 
and computer science communities disagree. 


Penrose stairway 

An impossible figure named after the British geneticist 
Lionel Penrose (1898-1972), father of Roger Penrose. It 
served as an inspiration for the staircase im M. C. 
Escher's famous print “Ascending and Descending,” 
Although the Penrose stairway cannot be realized in 
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Penrose stairway Steps that ascend and descend simulta- 
neously. Jos Leys, wwwjosleys.com 


three dimensions, this impossibility is not immediately 
perceived and, in fact, the paradox is not even apparent 
to many people at a quick glance. Although Escher and 
the Penroses made the Stairway famous, it was, unbe- 
knownst to them, independently discovered and refined 
years before by the Swedish artist Oscar Reutersvard. In 
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the 1960s the Stanford psychologist Roger Shepard cre- 
ated an auditory analogue of the Stairway. See also Pen- 
rose triangle. 


Penrose tiling 

A kind of aperiodic tiling discovered by Roger Penrose. 
In 1973 he announced a tiling made from a set of six tiles 
and then, by slicing and re-gluing, was able to reduce the 
number of tiles to just two. The most elegant of Penrose 
tilings use two rhombi (see rhombus), a thick one called 
a “kite” and a thin one called a “dart,” which are fitted 
together so that no two tiles are aligned to form a single 
parallelogram (otherwise, a single rhombus could be used 
to make a periodic tiling). All angles are multiples of 7/5 
radians (36°, or one-tenth of a circle). Each tile has four 
sides with a length of one unit. One tile has four corners 
with the angles 72°, 72°, 108°, and 108° (2, 2, 3, and 3 
multiples of 36°); the other has angles of 36°, 36°, 144°, 
and 144° (1, 1, 4, and 4 multiples of 36°). On each tile 
one of the vertices (corners) is colored black and two of 
the sides are marked with arrows. The only rules for 
assembling the tiles to ensure an aperiodic tiling are that 
two adjacent vertices must be of the same color, and two 
adjacent edges must have arrows pointing in the same 
direction or have no arrows at all. These rules ensure that, 
taken over a large enough area of the plane, the pattern of 
tiles doesn’t repeat. In a correct Penrose tiling, the ratio 
of kites to darts is always the same and is equal to the 
golden ratio. Although Penrose tilings started out as 
nothing more than an interesting mathematical diver- 


Penrose tiling Two of an infinite variety of nonperiodic patterns possible using Penrose tiles. Jos Leys, wwwjosleys.com 
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sion, they have turned out to mimic the arrangements of 
atoms in some newly discovered materials, known as 
quasicrystals.!'”” 


Penrose triangle 

The most famous and one of the simplest impossible fig- 
ures. Its roots go back to 1934 when Oscar Reutersvárd 
made the first recognizable impossible triangle out of a 
strange two-dimensional representation of cubes; this art- 
work appeared on a Swedish postage stamp issued in 
1982. In 1954, Roger Penrose, after attending a lecture by 
the artist M. C. Escher, rediscovered the impossible trian- 
gle and drew it in its most familiar form, which he pub- 
lished in a 1958 article in the British Journal of Psychology, 
coauthored with his father Lionel. Penrose was unfa- 
miliar with the work of Reutersvárd, Giovanni Piranesi, 
and others who had previously created impossible figures. 
Penrose’s impossible triangle, unlike Reutersvard’s earlier 
version, was drawn in perspective, which added an addi- 
tional size paradox to the object. In 1961, Escher, inspired 
by Penrose’s version of the impossible triangle (he was 
sent a copy of the article by the Penroses), incorporated it 
into his famous lithograph Waterfall. 


penta- 

The Greek prefix meaning “five.” A pentagon is a five- 
sided polygon and a pentahedron, such as the Great Pyra- 
mid of Gisa, is a five-sided polyhedron. A pentagram, or 
pentacle, is a five-pointed star formed by the pairwise 
extension of the sides of a regular polygon so that each 
side meets not with the next side but with the one after 
that. The Pythagoreans (see Pythagoras of Samos) used 
the pentagram as a secret identification emblem; later it 
became a trademark of alchemists and, perhaps because 


of its repeating properties, a sign of the occult. According 
to legend, a pentagram was used by Doctor Faustus to 
exorcise Mephistopheles. Pentagonal numbers are figurate 
numbers (numbers that can be represented by a regular 
geometric arrangement of equally spaced points) of the 
form 2(3n — 1)/2; the first few are 1, 5, 12, 22,.... 


pentomino 
A five-square polyomino. 


Perelman, Yakov Isidorovitch (1882-1942) 

A Russian scientist and exponent of recreational mathe- 
matics whose stature in his own country was, and 
remains, similar to that of Martin Gardner in the United 
States. Between 1913 and his death, Perelman authored a 
dozen books and scores of articles covering many differ- 
ent aspects of popular mathematics, physics, and astron- 
omy. His books have been republished so often in Russia 
that Perelman is universally known among both amateur 
and professional mathematicians across several genera- 
tions. He was also a leading proponent of the ideas of the 
spaceflight visionary Konstantin Tsiolkovsky. 


perfect cube 
An integer of the form 2° where z is an integer. 


perfect cuboid problem 
See cuboid. 


perfect number 

A whole number that is equal to the sum of all its factors 
except itself. For example, 6 is a perfect number because 
its factors, 1, 2, and 3 add to give 6. The next smallest is 
28 (the sum of 1+2+4+7+ 14). Augustine (354-430) 
argued that God could have created the world in an 
instant but chose to do it in a perfect number of days, 6. 
Early Jewish commentators saw the perfection of the 
universe in the Moon's period of 28 days. The next in 
line are 496, 8,128, and 33,550,336. As René Descartes 
pointed out: “Perfect numbers like perfect men are very 
rare.” All end in six or eight, though what seems to be an 
alternating pattern of sixes and eights for the first few 
perfect numbers doesn't continue. All are of the form 
2"7*(2" — 1), where 2” — 1 is a Mersenne prime, so 
that the search for perfect numbers is the search 
for Mersenne primes. The largest one found is 22" 
(2037 — 1). Tt isn’t known if there are infinitely many 
perfect numbers or if there are any odd perfect numbers. 
A pseudoperfect number or semi-perfect number is a number 
equal to the sum of some of its divisors, for example, 12 = 
2+4+6,20=1+4+5+10. An irreducible semt-perfect 
number is a semi-perfect number, none of whose factors 
is semi-perfect, for example, 104. A quasi-perfect number 
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would be a number n whose divisors (excluding itself) 
sum to 2 + 1, but it isn’t known if such a number exists. 
A multiply perfect number is a number n whose divisors 
sum to a multiple of n. An example is 120, whose divi- 
sors (including itself) sum to 360 = 3 x 120. If the divi- 
sors sum to 37, n is called multiply perfect of order 3, or 
tri-perfect. Ordinary perfect numbers are multiply perfect 
of order 2. Multiply perfect numbers are known of order 
up to 8. See also abundant number. 


perfect power 
An integer of the form m” where m and n are integers and 
n> 1. 


perfect square 

A number that is the product of two equal whole num- 
bers; for example, 1 = 1 x 1, 4 =2 x 2, 9 = 3 x 3, 16 = 
4x4. 


Perigal, Henry (1801-1898) 

An English amateur mathematician best known for his 
elegant dissection proof of Pythagoras’s theorem, a dia- 
gram of which is carved on his gravestone. Perigal also 
discovered a number of other interesting geometrical dis- 
sections and, though employed modestly for much of his 
life as a stockbroker’s clerk, was well known in British sci- 
entific society. 


perimeter 
The distance around a two-dimensional shape. 


period, of a decimal expansion 

The length of the smallest block of repeating digits in the 
decimal expansion of a rational number that does not 
terminate. For example: 


13 = 0.333333333333 ... 

repeating block = 3, period = 1 
%7 = 0.71428571428571 ... 

repeating block = 714285, period = 6 
826 = 3.4230769230769 .... 

repeating block = 230769, period = 6 


periodic 

Refers to motion or to an entity that goes through a finite 
number of regions, returns to a previous state, and 
repeats the same fixed pattern forever. 


periodic attractor 

Also called a limit cycle attractor, an attractor that consists 
of a periodic movement back and forth between two or 
more values. The periodic attractor represents more pos- 
sibilities for system behavior than does the fixed-point 


attractor. An example of a period two attractor is the 
oscillating movement of a metronome or, in psychiatry, a 
bipolar disorder that causes a person’s mood to shift back 
and forth from elation to depression. 


periodic tiling 

A tiling in which a region can be outlined that tiles the 
plane by translation, that is, by shifting the position of 
the region without rotating or reflecting it. M. C. Escher 
is famous for his many pictures of periodic tilings with 
shapes that resemble living things. An infinity of shapes— 
for instance, the regular hexagon—tile only periodically, 
though all these fall into 17 distinct wallpaper groups. 
An infinity of other shapes tile both periodically and ape- 
riodically. But it was only quite recently that the first 
aperiodic tilings were discovered. 


periphery 


A curved perimeter. 


permutable prime 

Also known as an absolute prime, a prime number with at 
least two distinct digits, which remains prime on every 
rearrangement (permutation) of the digits. For example, 
337 is a permutable prime because 337, 373, and 733 are 
all prime. Most likely, in base 10, the only permutable 
primes are 13, 17, 37, 79, 113, 199, 337, and their permu- 
tations. Permutable primes can't have any of the digits 2, 
4, 6, 8 or 5, nor can they have all four of the digits 1, 3, 7, 
and 9 simultaneously. 


permutation 

A particular ordering of a collection of objects. For exam- 
ple, if an athlete has won three medals, a bronze one (B), 
a silver one (S), and a gold one (G), there are six ways 
they can be permuted or lined up: BSG, BGS, SBG, 
SGB, GBS, and GSB. If six people want to sit on the 
same park bench, there are 720 ways in which they can 
organize themselves. In general, 1 things can be per- 
muted in 2 x (n — 1) x (n-2)x...x2x1 = nm! ways 
(where €!” is the symbol for factorial). How about if 
there are distinct objects but we want to permute them 
in groups of k (where k < n): how many ways can that be 
done? The first member of the group can be picked in x 
ways because there are 2 objects to pick from. The second 
member can be filled in (z — 1) ways since one of the x 
elements has already been taken. The third member can 
be filled in (n — 2) ways since 2 elements have already 
been used, and so on. This pattern continues until k 
things have been chosen. This means that the last mem- 
ber can be filled in (n — k + 1) ways. Therefore a total of n 
(n-— 1)(n—2)...(n—k+ 1) different permutations of k 
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objects, taken from a pool of z objects, exist. If we denote 
this number by P(z, k), we can write P(n, k) = 1! / (n— k)! 


perpendicular 
At right angles. Two lines, planes, etc., are said to be per- 
pendicular if they are 90° apart. 


Perrin sequence 

The sequence of integers defined by the recurrence rela- 
tion P(n) = P(n — 2) + P(n — 3), with the initial conditions 
P(0) = 3, P(1) = 0, PQ) = 2. Although the sequence is 
named after R. Perrin who studied it in 1899, it had been 
explored earlier, in 1876, by Edouard Lucas. As in the 
case of the similar Padovan sequence, the ratio of consecu- 
tive Perrin numbers tends toward the plastic number. 
More importantly, it appears that 2 divides P(n) exactly if 
and only if n is a prime number. For example, 19 is 
prime, P(19) = 209 and 7°%9 = 11; on the other hand, 18 
is composite, P(18) = 158 and 13 = 8.777, which is not 
a whole number. Lucas conjectured that this is true for all 
values of z so that the Perrin sequence can be used as a 
test for non-primality: any number z that does not divide 
P(n) is composite. Whether this conjecture is correct 
remains an open question. No one has ever found a com- 
posite 2 that divides A(z), nor has anyone been able to 
prove that such numbers, known as Perrin pseudoprimes, 
don’t exist. In 1991 Steven Arno of the Supercomputing 
Research Center in Bowie, Maryland, proved that Perrin 
pseudoprimes must have at least 15 digits.'*! The conjec- 
ture that no Perrin pseudoprimes exist is important, 
because the remainder on dividing P(n) by n can be cal- 
culated very rapidly. 


perturbation 
A slight nudge that, temporarily or permanently, dis- 
places an object or system out of equilibrium. 


peta- 
Prefix for 10”, from the Greek pentakis, meaning “five 
times.” 


phase space 

The mathematical space of all possibilities in a given sit- 
uation. A motion is then described by a path, trajectory, or 
orbit in this space. This is not the usual kind of path laid 
out on the ground, but a series of locations in phase 
space, describing motion or change over a period of time. 
The terms do, however, recall the origins of qualitative 
dynamics in Henri Poincaré’s study of planetary motion. 
The dimension of the phase space is the number of initial 
conditions needed to uniquely specify a path and is equal 
to the number of variables in the dynamical system. The 
temporal behavior of the system is viewed as the succes- 
sion of states in the system’s state space. In the case of a 


simple pendulum, for example, the instantaneous config- 
uration is given by just two numbers—the position of the 
pendulum bob and its velocity-which completely 
describe the system’s state. For more complex systems, 
such as a chain of n pendulums coupled together, the 
state of the system is much larger. It requires, in this case, 
2n numbers to specify the state of the entire system. This 
collection of all possible configurations is the phase 
space. 


phase transition 

In physics, a change from one state of matter to another. 
In dynamical systems theory, a change from one mode 
of behavior to another. 


phi 


See golden ratio. 


Phillips, Hubert (1891-1964) 

An English compiler of crosswords and word puzzles 
who wrote under the pseudonyms “Dogberry” in the 
News Chronicle magazine and “Caliban” in the New States- 
man. He was also a prolific writer of epigrams, parodies, 
and satirical verse, and appeared on many radio quizzes. 
Phillips earned a first class degree in history at Oxford, 
served in the army throughout World War I, taught eco- 
nomics at Bristol University, and was active in the British 
Liberal Party. He was an accomplished player of contract 
bridge, captaining England in 1937 and 1938. Among his 
many publications are Caliban’s Problem Book, The Com- 
plete Book of Card Games, Brush Up Your Wits, My Best Puz- 
zles in Mathematics, over a hundred crime-problem stories, 
and a novel, Charteris Royal.2 24928 


Phutball 

Also known as philosopher’s football, a two-player board 
game first described by Elwyn Berlekamp, John Conway, 
and Richard Guy, in their book Winning Ways for your 
Mathematical Plays. Phutball is played on the intersec- 
tions of a 19 x 15 grid using one white piece and as many 
black pieces as necessary. The objective is to score goals 
by using the men (black pieces) to move the football 
(white piece) onto or over the opponent’s goal line, that 
is, either rows 1 or 0 or rows 19 and 20 (rows 0 and 20 
being off the board). At the start of the game the football 
is placed on the central point, although a handicapping 
scheme exists where the ball can start nearer to the 
stronger player’s goal line. Players alternate making 
moves, which consist either of adding a man to any 
vacant point on the board or of moving the ball. There is 
no difference between men played by the two oppo- 
nents. The football is moved by a series of jumps over 
adjacent men. One jump is from the football’s current 
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point to the first vacant point in a straight line orthogo- 
nally or diagonally over one or more men. The jumped 
men are then removed from the board (before any sub- 
sequent jump occurs). Jumping is optional and can be 
repeated for as long as there are men available to be 
jumped and the player desires to do so. In contrast to 
checkers, multiple men in a row are jumped and removed 
as a group. If the football ends the move on or over the 
opponent's goal line then a goal has been scored. If the 
football passes through a goal line, but ends up elsewhere 
due to further jumps, the game continues. The game is 
sufficiently complex that, although theoretically one of 
the players has a winning strategy, this strategy is not 
known. 


pi (7) 

The ratio of the circumference to the diameter of a circle. 
Pi, sometimes known as Archimedes’ constant, is one of the 
most important and ubiquitous numbers in mathemat- 
ics, popping up in all kinds of seemingly unrelated areas. 
Its approximate value is 3.1419 but, being an irrational 
number, it can’t be written as a terminating or recurring 
decimal. The fact that 7 can’t be expressed as the ratio of 
two integers was proved by Johann Lambert in 1761. 
Then, in 1881, Ferdinand Lindemann showed that it is a 
transcendental number, meaning that there is no poly- 
nomial with integer or rational coefficients of which T is 
a root. Because of this, it’s impossible to write m in terms 
of any finite number of integers or fractions or their 
roots. From the outset, this dooms any attempt at squar- 
ing the circle, that is, constructing a square whose area is 
equal to the area of a given circle, using straightedge and 
compass alone. 

The association of the Greek letter m with the number 
3.141... started with William Oughtred in 1647 who 
used 7.5 as a stand-in for “periphery-diameter” in his 
Clavis mathematicae. The Welsh mathematician William 
Jones was the first to use T as a symbol on its own in his 
1706 Synopsis palmariorum matheseos. But it fell to the 
great Leonhard Euler to popularize the notation 30 years 
later. 

Calculating m with greater and greater precision be- 
came a popular pursuit. Around 1600, Ludolph van 
Ceulen computed the first 35 decimals and was so proud 
of his accomplishment that he had the number inscribed 
on his tombstone. In 1789, the Slovene mathematician 
Jurij Vega extended known r to 140 places (of which only 
137 were correct), while, in 1873, William Shanks pushed 
back the frontier to 707 places—a record that stood until 
1949 when the first electronic computers appeared on 
the scene. In September 2002, Yasumasa Kanada and his 
colleagues at Tokyo University used 400 hours of super- 
computer time to calculate 7 to 1.24 trillion places, beat- 


ing their previous best, set in 1999, of 206 billion places. 
Although such an exercise may seem pointless, it serves 
as a benchmark for new high-speed computers and algo- 
rithms, and also to test the long-standing, but still 
unproven assertion that the distribution of digits in T is 
completely random. 

For the record, the first 100 digits of m are: 
3.1415926535 8979323846 2643383279 5028841971 
6939937510 5820974944 5923078164 0628620899 
8628034825 3421170679. The wonderfully pointless pas- 
time of “piphilology” is concerned with devising mne- 
monics for remembering some of these: the number of 
letters in each word of the mnemonic gives the corre- 
sponding digit. A famous example is Isaac Asimov’s 
“How I want a drink, alcoholic of course, after the heavy 
lectures involving quantum mechanics!” For the more 
ambitious, there is Michael Keith’s 1995 poem that sup- 
plies the first 42 digits: 


Poe, E. Near A Raven 

Midnights so dreary, tired and weary, 

Silently pondering volumes extolling all by-now 
obsolete lore. 

During my rather long nap, the weirdest tap! 

An ominous vibrating sound disturbing my cham- 
ber’s antedoor. 

“This,” I whispered quietly, “I ignore.” 


There are some reasonably good approximations to TT in 
the form of ordinary (rational) fractions. The best known 
is 27, but this is only accurate to two decimal places. A 
fraction with a larger denominator offers a better chance of 
getting a more refined estimate. There is also 33406, which 
is good to 5 places. But an outstanding approximation is 
33313 which is accurate to 6 places; in fact, there is no bet- 
ter approximation among all fractions with denominators 
less than 30,000. See also continued fraction. 

In 1897 the General Assembly of the state of Indiana 
tried to pass legislation to the effect that the exact value 
of m is 3.2. The bill was referred, for some bizarre reason, 
to the House Committee on Canals. But then the true 
motive for the attempted change to the law became clear. 
By chance a professor of mathematics happened to be 
present during a debate and heard an ex-teacher saying 
“The case is perfectly simple. If we pass this bill, which 
establishes a new and correct value for m, the author 
offers to our state without cost the use of his discovery 
and its free publication in our school textbooks, while 
everyone else must pay him a royalty.” Fortunately, the 
professor was able to teach the senators a little math and 
the bill was stopped in its tracks. 

Any formulas to do with circles or spheres, not sur- 
prisingly, have r in them. For example, the circumference 
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1 How many degrees does the hour hand of a clock turn in 20 minutes? 

2 Work out the size of the angle the second hand of a clock turns 
through in 1 second. 

3 Work out the size of the angle the hour hand of a clock turns 
through in 35 minutes. 

4 Work out the size of the angle the second hand of a clock turns 
through in 55 seconds. 

5 Work out the size of the angle between South and West when it is 
measured (a) clockwise, (b) anticlockwise. 

6 Work out the size of the angle between West and North West 
when it is measured (a) clockwise, (b) anticlockwise. 

7 State whether each angle drawn below is acute, obtuse or reflex. 


(a) (b) (c) (d) (e) 


8 State whether each of the following angles is acute, obtuse or 
reflex. 
(a) 1722 (b) 203° (c) 302° (d) 23° 

9 Use capital letters to name the angles x, y, z and t in the figure. 


M 5 5 


2.3 Measuring and drawing angles 


It is a good idea to estimate the size of an angle before you try to 
measure it, as this will prevent you from giving answers which are 
not sensible. For this purpose, it is really only necessary to decide 
whether an angle is less than 90°, between 90° and 180°, between 
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of a circle of radius r is 277, the area of a circle is mr’, the 
volume of a sphere is (byrr, and the surface area of a 
sphere is 427’. But T also has a strange habit of appearing 
in the most unexpected places. In the eighteenth century, 
the French naturalist Comte de Buffon showed that you 
could estimate 7 by experiment using the unlikely appa- 
ratus of a repeatedly dropped needle and a shove- 
halfpenny board (see Buffon’s needle). Two of the most 
important, but (as far as is known) unrelated, equations 
in modern physics, Heisenberg’s uncertainty principle 
(Ax Ap = 4/4x) in quantum mechanics and Einstein’s 
field equation (Ry — Y gy R + A ge = 87.G/c* Ti) in gen- 
eral relativity theory include n. The ever-present con- 
stant also emerges as a result of various remarkable 
infinite series. These include: 


Yet W + tt... = 0/6 
(found by Leonhard Euler) 

l4 — h + t5 — 17 + 19... = 7/4 
(found by Gottfried Leibniz) 


MxBx x 5 x 5 x 7x B87 x YX... = 1/2 
(found by John Wallis) 


Among many other formulas that give rise to or contain 
T are 
the integral 
| e? dx= Vr, 
Stirling’s formula, a! ~ V2 T n (n/e)’ and, the most 
intriguing equation in mathematics, e* + 1 = 0. 

In number theory, the probability that two randomly 
chosen integers have no common divisors (in other 
words, that they're relatively prime) is 6/1 or 1 in 
1.644934 ..., and the average number of ways to write a 
positive integer as the sum of two perfect squares is 7/4. 
Both of these facts are astonishing because it is hard to 
see how a basically geometric constant to do with circles 
has any bearing at all on how various types of numbers 
are distributed. Deep truths are buried here! 

In 1995, David Bailey, Peter Borwein, and Simon 
Plouffe of the University of Quebec at Montreal discov- 
ered a new formula for 7 as an infinite series:!"" 


oe ee 4 2 A 
E 16t | 8k+1 8k+4 8%k+5 8k+6 


What is so remarkable about this is that it enables the cal- 
culation of isolated digits of m—say, the trillionth digit— 
without computing and keeping track of all the preceding 
digits. How such a formula could possibly arise consti- 
tutes a mystery in itself. The only catch is that the for- 
mula works for base 2 (binary) and 16 (hexadecimal) but 
not base 10. So, it’s possible to use the formula to deter- 


mine, for example, that the five-trillionth binary digit of 
T is 0, but there’s no way to convert the result into its 
decimal equivalent without knowing all the binary digits 
that come before the one of interest. The new formula 
allows the calculation of the nth base 2 or base 16 digit of 
T in a time that is essentially linear in n, with memory 
requirements that grow logarithmically (very slowly) in z. 
One possible use of the Bailey-Borwein-Plouffe formula 
is to help shed light on whether the distribution of T's 
digits are truly random, as most mathematicians sup- 
pose.” 12681141 See also pyramid. 


Pick’s theorem 

First published in 1899, a theorem that was brought to 
broad attention as recently as 1969 through Hugo Stein- 
haus’s popular book Mathematical Snapshots.”'*! Pick’s 
theorem gives an elegant formula for the area of lattice 
polygons—polygons that have vertices located at the inte- 
gral nodes of a square grid or lattice that are spaced a unit 
distance from their immediate neighbors. Pick’s theorem 
says that the area of such a polygon can be found simply 
by counting the lattice points on the interior and bound- 
ary of the polygon. The area is given by 


i+ (b/2) — 1, 


where 7 is the number of interior lattice points and b is 
the number of boundary lattice points. The Austrian 
mathematician Georg Pick (1859-1942) after whom the 
result is named, was born in Vienna and perished during 
World War II in the Theresienstadt concentration camp. 
Over the past few decades, beginning with a paper by 
J. E. Reeve in 1957, various generalizations of Pick’s 
theorem have been made to more general polygons, to 
higher-dimensional polyhedra, and to lattices other than 
square lattices. Most recently, mathematicians have 
become interested in the theorem because it provides a 
link between traditional Euclidean geometry and the 
modern subject of digital (discrete) geometry. 


pico- 
Prefix meaning a trillionth (107), from the Italian piccolo, 
meaning “small.” 


pitch drop experiment 

The world’s longest running experiment. It started in 
1927 when Thomas Parnell, the first professor of physics 
at the University of Queensland in Brisbane, Australia, 
heated a sample of pitch (a derivative of tar) and poured 
it into a glass funnel with a sealed stem. Three years were 
allowed for the pitch to settle, then, in 1930, the sealed 
stem was cut. From that date on the pitch has slowly 
dripped out of the funnel—so slowly that, up to the pre- 
sent time, only eight drops have fallen! The experiment 
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pitch drop experiment Professor John Mainstone alongside 
the world's longest-running experiment. John Mainstone, University 
of Queensland 


stands in a display cabinet in the foyer of the Department 
of Physics at the University of Queensland demonstrat- 
ing for all to see the fact that pitch, though it feels like a 
solid and is brittle enough to smash with a hammer, is 
really a fluid of very high viscosity (about 100 billion 
times as viscous as water).”" 


pizza 

Order a pizza, pick an arbitrary point in it, and cut the 
pizza into eight slices by slicing at 45° angles through 
the chosen point. Color the alternate pieces red, with 
ketchup, and yellow, with mustard. Measure the area of 
the red slices and the yellow slices. Surprisingly, it will be 
found that these areas are the same! This fact holds true 
for any multiple of four slices cut by using equal angles 
through a fixed arbitrary point in the pizza. See also tau- 
tology. 


place-value system 

A number system in which the value of a number sym- 
bol depends not only on the symbol itself but also on the 
position where it occurs. 


Planck time 

In quantum mechanics, the shortest meaningful period 
of time; any two events that are separated by less than 
this amount of time can be considered simultaneous. It 


has the value 5.390 x 10 second. Related to this is the 
Planck length of 6.160 x 10™ meters, which is the distance 
that light can travel in the Planck time. 


plane 
A flat surface such that a straight line joining any two 
points on it will also lie entirely on the surface. 


plane partition 

A stack of unit cubes in a rectangular box or in the posi- 
tive octant in space such that to the left, behind, and 
below every cube lies either another cube or a wall. A 
plane partition in a box is equivalent to a lozenge tiling 
of a hexagon in the plane. 


plastic number 

A little-known number that has much in common with 
the golden ratio in that it is closely linked to architecture 
and to aesthetics. The concept of the plastic number was 
first described by the Dutchman Hans van der Laan 
(1904-1991) in 1928, shortly after he had abandoned his 


plastic number Spiraling systems illustrate the Fibonacci 
numbers (top) and the Padovan sequence. 
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architectural studies and become a novice monk, and has 
subsequently been explored by the English architect 
Richard Padovan (1935-). It is derived from a cubic 
equation, rather than a quadratic in the case of the 
golden ratio, and is intimately linked to two ratios, 
approximately 3:4 and 1:7, which van der Laan consid- 
ered fundamental in the relationship between human 
perception and shape and form. These ratios, he 
believed, express the lower and upper limits of our nor- 
mal ability to perceive differences of size among three- 
dimensional objects. The lower limit is that at which 
things differ just enough to be of distinct types of size. 
The upper limit is that beyond which they differ too 
much to relate to each other; they then belong to differ- 
ent orders of size. According to van der Laan, these lim- 
its are precisely definable. The mutual proportion of 
three-dimensional things first becomes perceptible when 
the largest dimension of one thing equals the sum of the 
two smaller dimensions of the other. This initial propor- 
tion determines, in turn, the limit beyond which things 
cease to have any perceptible mutual relation. 

In mathematical terms, the plastic number is the 
unique real number solution to the equation x° — x — 
1 = 0 and has the approximate value 1.324718... . Just as 
the golden ratio is approximated better and better by suc- 
cessive terms of the Fibonacci sequence, F(z + 1) = 
F(n) + F(a — 1), where F(0) = F(1) = 1, so the plastic num- 
ber arises as the limit of the ratio of successive numbers 
in the sequence P(n + 1) = P(n — 1) + P(n — 2) where 
P(0) = P(1) = P(2) = 1. This sequence has been called the 
Padovan sequence, and its members the Padovan numbers. 
The Padovan sequence increases much more slowly than 
does the Fibonacci sequence. Some numbers, such as 3, 
5, and 21, are common to both sequences; however, it is 
not known if there are finitely many or infinitely many 
such pairs. Some Padovan numbers, such as 9, 16, and 
49, are perfect squares; the square roots of these (3, 4, 
and 7) are also Padovan numbers, but it is not known if 
this is a coincidence or a general rule. Another way to 
generate the Padovan numbers is to mimic the use of 
squares for Fibonacci numbers, but with cuboid struc- 
tures—boxes with rectangular faces. A kind of three- 
dimensional spiral of boxes emerges. Start with a cube of 
side 1 and place another adjacent to it: the result is a 1 x 
1 x2 cuboid. On the 1 x2 face, add another 1 x 1 x 2 box 
to produce a 1 x 2 x 2 cuboid. Then on a 2 x 2 face, add 
a 2x2 x2 cube to form a 2 x 2 x 3 cuboid overall. To a 
2 x 3 face, add a2 x2 x 3 to get a2 x 3 x 4 box overall, 
and so on. Continue this process, always adding cuboids 
in the sequence east, south, down, west, north, and up. 
At each stage the new cuboid formed will have three con- 
secutive Padovan numbers as its sides. Moreover, if suc- 
cessive square faces of the added cuboids are connected 


by straight lines, the result is a spiral that lies in a plane. 
The Padovan sequence is very similar to the Perrin 
sequence.!””! 


Plateau, Joseph Antoine Ferdinand (1801-1883) 
A Belgian physicist who did pioneering experimental 
work on soap bubbles and soap films, which stimulated 
the mathematical study of bubbles as minimal surfaces. 
In 1829 Plateau carried out an optical experiment that 
involved looking at the Sun for 25 seconds: this damaged 
his eyes, and he eventually became blind. 


Plateau curves 
A set of curves, named after Joseph Plateau, that are 
described by the parametric equations: 


x=asin(m+n)t/ sin(m—n)t 
y = 2a sin (mt) sin(nt) / sin (m — n)t 


If m= 2n the Plateau curves become a circle with a center 
at (1, 0) and a radius of 2. 


Plateau problem 

The general problem of determining the shape of the 
minimal surface constrained by a given boundary. It is 
named after Joseph Plateau who noticed that a handful 
of simple patterns seemed to completely describe the 
geometry of how soap bubbles fit together. Plateau 
claimed that soap bubble surfaces always make contact 
in one of two ways: either three surfaces meet at 120° 
angles along a curve; or six surfaces meet at a vertex, 
forming angles of about 109°. For instance, in a cluster 
of bubbles, two intersecting bubbles (of possibly differ- 
ent sizes) will have a common dividing wall (the third 
surface) that meets the outer surfaces of the bubbles in 
120° angles. On the other hand, the edges of the six 
soap-film faces that emerge within a tetrahedral wire 
frame, when dipped in a soapy solution, form angles of 
roughly 109° at a central vertex. Until the American 
mathematician Jean Taylor came along in the mid-1970s, 
Plateau’s patterns were just a set of empirical rules. How- 
ever, as a follow-up to her doctoral thesis, Taylor was 
able to prove that Plateau’s rules were a necessary conse- 
quence of the energy-minimizing principle—no other yet 
unobserved configurations were possible—thus settling a 
question that had been open for more than a century. 
The forces acting along the surface of a soap bubble all 
have the same magnitude in all directions. In crystals 
this is not the case (magnitudes of surface forces differ in 
different directions, though they may exhibit a grain, 
analogous to that in a piece of wood), but they still 
require the least energy to enclose a given volume. Min- 
imal surfaces that model these conditions, like a cube 
with its corners chopped off or the bottom half of a cone 
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Platonic solid Clockwise from the extreme right: the cube, tetrahedron, octahedron, icosahedron, and dodecahedron. Robert 
Webb, www.software3d.com; created using Webb's Stella program 


mounted on a cylinder, are known as Wullf Shapes, and 
provide fertile ground for mathematical study today.*”! 


Platonic solid 

Any of the five regular polyhedrons—solids with regular 
polygon faces and the same number of faces meeting at 
each corner—that are possible in three dimensions. They 
are the tetrahedron (a pyramid with triangular faces), the 
octahedron (an eight-sided figure with triangular faces), 


the dodecahedron (a 12-sided figure with pentagonal 
faces), the icosahedron (a 20-sided figure with triangular 
faces), and the cube (see table, “The Platonic Solids”). 
They are named after Plato who described them in one of 
his books, though it was Euclid who proved that there 
are only five regular polyhedra. A regular solid with 
hexagonal faces cannot exist because if it did, the sum of 
the angles of any three hexagonal corners that meet 
would already equal 360°, so such an object would be 


The Platonic Solids 


Number of 
Name Faces Edges Vertices Schláfi Symbol 
Tetrahedron 4 6 4 (3,3) 
Cube 6 12 8 {4,3} 
Octagon 8 12 6 {3,4} 
Dodecahedron 12 30 20 {5,3} 
Icosahedron 20 30 12 {3,5} 
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planar. See also Archimedean solid, Catalan solid, and 
Johnson solid. 


Platonism 

The belief that mathematical objects exist independent 
of physical models. It is, at the very least, a useful pre- 
tense in mathematics, especially in geometry. 


pleated surface 

A surface in Euclidean space or hyperbolic space (see 
hyperbolic geometry) that resembles a polyhedron in 
the sense that it has flat faces that meet along edges. 
Unlike a polyhedron, a pleated surface has no corners, 
but it may have infinitely many edges that form a lami- 
nation. 


Poggendorff illusion 

A distortion illusion in which the two ends of a straight 
line passing behind a rectangle appear offset when, in 
fact, they are aligned. It was discovered in 1860 by the 
physicist J. C. Poggendorff, editor of Annalen der Physik 
und Chemie (Annals of physics and chemistry), after 
receiving a letter from the astronomer Friedrich Zöllner. 
In this letter, Zöllner described an illusion (see Zöllner 
illusion) he had noticed on a fabric design in which par- 
allel lines intersected by a pattern of short diagonal lines 
appear to diverge." 


Poincaré, (Jules) Henri (1854-1912) 

A French theoretical physicist and mathematician who 
almost discovered relativity theory before Einstein and 
who 1s most famous in mathematics because of his 
hypothesis known as the Poincaré conjecture. Poincaré, 
who taught for most of his life at the University of Paris, 
was sometimes referred to as “the last universalist,” 
because of his huge published output on a wide variety of 
mathematics and mathematical physics. Strangely, he 
was also clumsy, absent-minded, and inept at simple 


Poggendorff illusion 


arithmetic. In order to translate problems in topology 
into questions in algebra, he devised (or discovered) 
homotopy groups—quantities that capture the essence of 
multidimensional spaces in algebraic terms, and have the 
power to reveal similarities between them. 


Poincaré conjecture 

A proposition in topology put forward by Henri Poin- 
caré in 1904. Poincaré was led to make his conjecture 
during his pioneering work in topology, the mathemati- 
cal study of the properties of objects that stay unchanged 
when the objects are stretched or bent. In loose terms, the 
conjecture is that every three-dimensional object that has 
a set of spherelike properties (i.e., is topologically equiv- 
alent to a sphere) can be stretched or squeezed until it is 
a three-dimensional sphere (a 3-sphere) without tearing 
(i.e., making a hole in) it. Strictly speaking, the conjec- 
ture says that every closed, simply connected three- 
manifold is homeomorphic to the 3-sphere. 

Poincaré proved the two-dimensional case and he 
guessed that the principle would hold in three dimen- 
sions. Determining if the Poincaré conjecture is correct 
has been widely judged the most important outstanding 
problem in topology—so important that, in 2000, the Clay 
Mathematics Institute in Boston named it as one of seven 
Millennium Prize Problems and offered a $1 million prize 
for its solution. Since the 1960s, mathematicians have 
shown by various means that the generalized conjecture is 
true for all dimensions higher than three—the four- 
dimensional case finally falling in 1982. But none of these 
strategies work in three dimensions. On April 7, 2002, 
came reports that the Poincaré conjecture might have 
been proved by Martin Dunwoody of Southampton Uni- 
versity, but within a few days a fatal flaw was found in his 
proof. Then, in April 2003, what appears to be a genuine 
breakthrough emerged during a series of lectures delivered 
at the Massachusetts Institute of Technology by the Russ- 
ian mathematician Grigori Perelman of the Steklov Insti- 
tute of Mathematics (part of the Russian Academy of 
Sciences in St. Petersburg). His lectures, entitled “Ricci 
Flow and Geometrization of Three-Manifolds,” consti- 
tuted Perelman’s first public discussion of important 
results contained in two earlier preprints. Mathematicians 
will now scrutinize the validity of Perelman’s work (which 
does not actually mention the Poincaré conjecture by 
name). In any event, the Clay Institute requires a two-year 
cooling-off period before the prize can be awarded. 


Poincaré disk 

The region inside (but not including) a bounding circle, 
where straight lines are defined to be either diameters of 
the bounding circle, or arcs of circles that are perpendic- 
ular to the bounding circle. The Poincaré disk is a model 
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Poincaré disk A pattern on a hyperbolic surface. Jos Leys, 
www josleys.com 


of hyperbolic geometry. The great flexibility it allows in 
specifying the angles of a triangle leads to an infinite 
variety of ways in which the disk can be tiled. 


Poinsot, Louis (1777-1859) 

A French mathematician who invented geometrical me- 
chanics while investigating how a system of forces acting 
on a rigid body can be resolved into a single force and a 
couple (a pair of equal and oppositely directed forces, as 
when you try to unscrew a bottle cap). Together with Gas- 
pard Monge, he helped geometry regain its leading role 
in mathematical research in France in the eighteenth cen- 
tury. He wrote an important work on polyhedra in 1809, 
discovering four new regular polyhedra, which are now 
known as the Kepler-Poinsot solids. Two of these had 
been found by Johannes Kepler in 1619 but Poinsot was 
unaware of this; the two additional ones that Poinsot dis- 
covered were the great dodecahedron and the great icosahe- 
dron. In 1810 Augustin Cauchy proved that, with this 
definition of regular, the enumeration of regular polyhe- 
dra is complete (although a mistake was discovered in 
Poinsot’s, and hence Cauchy’s, definition in 1990 when 
an internal inconsistency became apparent). Poinsot also 
worked in number theory, studying Diophantine equa- 
tions with a view to expressing numbers as the difference 
of two squares and primitive roots. 


point 

A dimensionless geometric object having no properties 
other than location or place. More generally, an element 
in a geometrically described set. 


point-set topology 

Also known as general topology, a branch of topology con- 
cerned with how to put a structure on a set in such a way 
as to generalize the idea of continuity for maps from the 
real numbers to itself. A topology on a set X is a certain 
set of open subsets of the set X which satisfy various 
axioms. The set X together with this topology is called a 
topological space. 


Poisson, Siméon Denis (1781-1840) 

A French mathematician whose main interest lay in the 
application of mathematics to physics, especially in elec- 
trostatics and magnetism. He developed a two-fluid the- 
ory of electricity and provided theoretical support for the 
experimental results of others, notably Charles de 
Coulomb. Poisson also made important contributions to 
mechanics, especially the theory of elasticity; optics; cal- 
culus, especially definite integrals; differential geometry; 
and probability theory. In all, he wrote more than 300 
papers on mathematics, physics, and astronomy, and his 
Traité de Mécanique (1811) was long a standard work. 


polar coordinates 

A coordinate system in which distances are measured 
from a fixed reference point (the pole) and angles from a 
fixed reference line. A polar equation is one that uses polar 
coordinates. 


pole 

(1) The origin of a system of polar coordinates. (2) In 
complex analysis, a function of a certain simple type of 
singularity. (3) One of the two points, where the axis of 
rotation of a rotating body, such as Earth, passes through 
the surface. (4) An old unit of length, also called a rod, 
equal to 5.5 yards. 


Polya’s conjecture 

A hypothesis put forward by the Hungarian mathemati- 
cian George Pólya (1887-1985) in 1919. A positive integer 
is said to be of even type if it factorizes into an even number 
of prime numbers; otherwise it is said to be of odd type. 
For example, 4, = 2 x 2, is of even type, whereas 18, = 2 x 
3 x 3, is of odd type. Let O(n) be the number of odd type 
and E(z) be the number of even type integers in the first 
n integers. Polya’s conjecture says that O(n) > E(x) for all 
n = 2. After the conjecture had been checked for all values 
of n up to 1 million, many mathematicians assumed it was 
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probably true. However, in 1942 A. E. Ingham came up 
with an ingenious method to show how a counterexample 
could be constructed, even though there wasn't enough 
computing power around at the time to do the necessary 
calculations.!"”! Twenty years later, R. S. Lehman ran Ing- 
ham’s method on a computer to find a counterexample to 
Pólya's conjecture at n = 906180359. 


polychoron 

An unofficial name (from the Greek poly meaning 
“many” and choros meaning “room” or “space”) for a 
four-dimensional polytope; it was first advocated by 
George Olshevsky. 


polycube 

A polyhedron formed by joining unit cubes by their 
faces. Examples of puzzles that involve polycubes are the 
Soma cube and Rubik’s cube. 


polygon 

A plane closed figure whose sides are straight lines. The 
term polygon (from the Greek poly for “many” and gunos 
for “angle”) sometimes also refers to the interior of the 
polygon (the open area that this path encloses) or to the 
union of both. A polygon is simple if it is described by a 
single, nonintersecting boundary; otherwise it is said to be 
complex. A simple polygon is called convex if it has no inter- 
nal angles greater than 180°; otherwise it is called concave. 
A polygon is called regular if all its sides are of equal length 
and all its angles are equal (see table, “Regular Polygons”). 
Any polygon, regular or irregular, has as many angles as it 
has sides. See constructible (for constructible polygons). 


Regular Polygons 


Angle 
Name Sides (= 180°-360°/sides) 
Equilateral triangle 3 60° 
Square 4 90° 
Regular pentagon 5 108° 
Regular hexagon 6 120° 
Regular heptagon 7 128.57° (approx.) 
Regular octagon 8 135° 
Regular nonagon 9 140° 
Regular decagon 10 144° 
Regular hectagon 100 176.4° 
Regular megagon 10° 179.99964° 
Regular googolgon 101% 180° (approx.) 


polygonal number 

The number of equally spaced dots needed to draw a 
polygon. Polygonal numbers, which are a type of figu- 
rate number, include square numbers, triangular num- 
bers, and hexagonal numbers. 


polyhedron 

A three-dimensional object whose faces are all polygons 
and whose edges are shared by exactly two polygons. 
Polyhedron comes from the Greek poly for “many” and - 
hedron meaning “base,” “seat,” or “face.” Every polyhe- 
dron in three-dimensional space consists of 
(two-dimensional) faces, (one-dimensional) edges, and 
(zero-dimensional) vertices. Sometimes the term polyhe- 
dron is used to apply to figures in more than three 
dimensions; however, analogs of polyhedra in the 
fourth dimension or higher are also referred to as poly- 
topes. Polyhedrons, like polygons, may be convex or 
nonconvex. If a line that connects any two points on the 
surface of a polyhedron is completely inside or on the 
polyhedron, the figure is convex. Otherwise, it is non- 
convex or concave. A polygon is regular 1f all of 1ts faces 
are exactly the same size and shape and if the same 
number of faces meet at each vertex. There are only five 
regular convex polyhedra—the Platonic solids. Another 
four regular nonconvex polyhedra are called Kepler- 
Poinsot solids. However, the term regular polyhedra 1s 
sometimes used to describe only the Platonic solids. A 
convex polyhedron is said to be semi-regular if its faces 
have a similar arrangement of nonintersecting regular 
plane convex polygons of two or more different types 
about each vertex. These solids, of which there are 13 
different kinds, are commonly called the Archimedean 
solids. A dual of a polyhedron is another polyhedron in 
which faces and vertices occupy complementary loca- 
tions. The duals of the Archimedean solids are known as 
the Catalan solids. A quasi-regular polyhedron is the 
solid region interior to two dual regular polyhedra; only 
two exist: the cuboctahedron and the icoidodecahe- 
dron. There are also infinite families of prisms and 
antiprisms. In total there are 92 convex polyhedra with 
regular polygonal faces (and not necessarily equivalent 
vertices); these are the Johnson solids. 

The oldest known examples of man-made polyhedra 
were found on the islands of northeastern Scotland and 
date back to Neolithic times, between 2000 and 3000 B.c. 
These stone figures are about 2 inches in diameter and 
many are carved into rounded forms of regular polyhe- 
dra. Examples including cubical, tetrahedral, octahedral, 
and dodecahedral forms, one which is the dual of the 
pentagonal prism, are on display in the Museum of Scot- 
land and in Oxford’s Ashmolean Museum. 
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polyiamond 
A shape made from identical equilateral triangles that 
have been joined at their edges. 


polynomial 

An expression in which whole-numbered powers of a 
variable multiplied by numerical coefficients are added 
together. The powers of the variable must be positive 
integers, or zero. An example of a polynomial is 3x* + 
7x — 2. A polynomial equation has a polynomial expres- 
sion, or zero, on each side of the equal sign: for example, 
4a’ — 5.6a+ 1.7 = 0 or 5x* — 1 = 8x + 2x*. The type of 
polynomial expression or equation is determined by the 
highest power present of the variable. A quadratic, for 
example, has nothing higher than a squared term. 
Cubics, quartics, and quintics have maximum powers of 
three, four, and five, respectively. Mathematicians who 
have done pioneering work on each of these higher types 
of polynomial equations tended, for some reason, to 
have had colorful and star-crossed lives. Niccolo Tar- 
taglia, who first solved the cubic, failed miserably as a 
mathematician for the rest of his life, largely because he 
spent it trying to discredit Girolamo Cardano. Tartaglia 


told Cardano his method of solution and swore him to 
secrecy but Cardano went ahead and published the solu- 
tion anyway. Cardono himself lived a long unhappy life 
and his only son was executed for murder. Lodovico Fer- 
rara, Cardano’s student, who solved the general quartic, 
was poisoned, probably by his sister, over an inheritance 
dispute. Finally, Evariste Galois, who showed that the 
general quintic was unsolvable, died in a duel at the age 
of 20. 


polyomino 

A two-dimensional shape made by connecting n squares 
of the same size along their edges. The polyomino is a 
generalization of the domino, which can be thought of 
as a polyomino with z = 2. Several puzzles involving 
polyominoes made from three or more squares stuck 
together became popular around the beginning of 
the twentieth century. The best-known of these is the 
Broken Chessboard, presented as problem no. 74 in 
Henry Dudeney’s book The Canterbury Puzzles (1907). 
Dudeney gives an amusing introduction to the problem, 
first quoting from Hayward’s Life of William the Con- 
queror (1613) about an incident in which Prince Henry, 


polyomino A complete set of 12 solid pentominos, also known as planar pentacubes. Kadon Enterprises, Inc, www.gamepuzzles.com 
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one of William’s sons, smashes a chessboard over the 
head of his brother, Prince Robert, and then adding his 
own mathematical appendix. By a curious quirk, 
Dudeney reveals, the board breaks into 13 pieces, 12 of 
which are the different possible ways in which five 
squares can be arranged and one square 2 x 2 piece. 
The puzzle is to reconstitute the board from these 
fragments. This is the earliest example of a mathemati- 
cal recreation that involves pentominoes, a name that 
wasn’t coined until 1953 when Solomon Golomb first 
used it in a talk to the Harvard Math Club. Golomb not 
only invented the nomenclature for polyominoes but 
did much of the pioneering research on them; his work 
was brought to a wide audience and popularized by 
Martin Gardner in his Scientific American column, be- 
ginning in 1957.01% 136 1371 

Golomb was particularly interested in the pentomino, 
for a reason that becomes clear (see table, “Types of 
Polyomino”). The familiar domino comes in just one 
configuration as, obviously, does the trivial monomino. 
A triomino can have two different shapes—three squares 
in a line or in an L shape. The tetromino (or tetramino) 
has five distinct arrangements and is used in the popular 
video game Tetris. Thus for n < 4 the number of distinct 
pieces is < 5, which restricts the variety of combinations 
possible. On the other hand, for n > 5, the number of 
different pieces is large, making analysis of problems dif- 
ficult and games based on such polyominoes difficult 
and unwieldy. However, pentominoes, for which z = 5, 
come in 12 unique configurations, which is just about an 
ideal balance between tractability and combinatorial 
richness, hence the high level of interest in this particu- 
lar type of polyomino. The problem of tiling an 8 x 8 
chessboard with a square hole in the center using pen- 
tominoes was first solved in 1935 and found, by com- 
puter in 1958, to have exactly 65 solutions. Another 
standard pentomino puzzle is to arrange the set of 
12 possible shapes into rectangles without holes: 3 x 20, 
4 x 15, 5 x 12, and 6 x 10. Pentominoes are prominently 
featured in a subplot of the novel Imperial Earth by 
Arthur C. Clarke. 

Hexominoes and heptominoes come in 35 and 108 
unique arrangements, respectively. One of the 108 hep- 
tomino configurations, however, has a hole—a region that 
is not tiled with squares but that is unconnected to the 
exterior of the polyomino—and may or may not be 
counted as a valid piece depending on the rules of a par- 
ticular game. All polyominoes made of seven or more 
squares may contain holes. There is no known algorithm 
or formula for calculating how many distinct polyomi- 
noes of each order there are. 

Related to polyominoes are polyiamonds (formed 
from equilateral triangles) and polyhexes (formed from 


regular hexagons). The three-dimensional analog of poly- 
ominoes uses cubes instead of squares; an example is the 
Soma cube. 


Types of Polyomino 


Number of Number of Distinct 
Name Unit Squares Configurations 
Monomino 1 1 
Domino 2 1 
Triomino 3 2 
Tetromino 4 5 
Pentomino 5 12 
Hexomino 6 35 
Heptomino 7 108 
polytope 


A higher-dimensional analogue of a polygon or polyhe- 
dron. The number of possible regular polytopes depends 
on the number of dimensions. In two dimensions there 


polytope In descending order: a straight line, a square, a 
cube, a tesseract (four-dimensional cube), and a regular, 
multidimensional polytope. 
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are infinitely many possible regular polygons; in three 
dimensions there are five possible regular polyhedra; in 
four dimensions there are six possible regular polytopes; 
and in each number of dimensions higher than four, 
there are just three possible regular polytopes, analogous 
to the three-dimensional tetrahedron, cube, and octahe- 
dron. A four-dimensional polytope is also sometimes 
called a polyhedroid or a polychoron. Just as a polygon 
has vertices and edges, and a polyhedron has vertices, 
edges, and faces, a four-dimensional polytope has vertices, 
edges, faces, and cells, where a cell is a three-dimensional 
figure.” See also Boole (Stott), Alicia. 


Poncelet, Jean Victor (1788-1867) 

A French mathematician who substantially advanced 
projective geometry. With Brianchon, he proved Feuer- 
bach’s theorem on the nine-point circle in 1820-1821, and 
also suggested the theorem proved by Jakob Steiner and 
now called the Poncelot-Steiner theorem that Euclidean con- 
structions (see constructible) can be done with a straight- 
edge alone. As a soldier in Napoleon’s army, he was 
captured and imprisoned in Russia. While in prison from 
1813-1814, he organized and wrote down his discover- 
ies, and the result was published as Traité des Propriétés Pro- 
jectives des Figures (Treatise on the properties of the 
projections of shapes, 1822). To serve as an introduction 
to this work, he also wrote Applications D’analyse et de 
Géométrie (Applications of analysis and geometry, 2 vols., 
1862-1864). 


Poncelet's theorem 

Given an ellipse, and a smaller ellipse entirely inside it, 
start at a point on the outer ellipse, and, moving clock- 
wise, follow a line that is tangent to the inner ellipse until 
you hit the outer ellipse again. Repeat this over and over 
again. It may be that this path will never hit the same 
points on the outer ellipse twice. However, if it does close 
up in a certain number of steps, then something amazing 
is true: all such paths, starting at any point on the outer 
ellipse, close up in the same number of steps. This fact is 
Poncelet’s theorem, also known as Poncelet’s closure theo- 
rem, and is named after the Jean Poncelet. 


Pony Puzzle 

One of Sam Loyd’s best known and commercially suc- 
cessful puzzles. It consists of just six pieces of the silhou- 
ette of a horse that have to be assembled in the most 
sensible way. Loyd got the idea for the puzzle from the 
governor of Philadelphia, Andrew Curtin, when the two 
were on a steamer returning from Europe and talking 
about the White Horse of Uffington—a famous chalk fig- 
ure carved on a hillside in Berkshire, England. 
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Pony Puzzle One of Sam Loyd's best known brain-teasers. 


postage stamp problems 

Mathematical puzzles that involve postage stamps have 
been around almost as long as postage stamps them- 
selves, the first of which, the Penny Black, was issued by 
Great Britain on May 6, 1840. Some such puzzles ask 
what postage amounts can or can’t be made with stamps 
of certain values. Others are based on the ways that a 
block of stamps can be folded or torn along the perfora- 
tions. 


PUZZLE 
One of this type appears as problem no. 285 in Henry 
Dudeney’s Amusements in Mathematics (1917). It 
starts by saying you have just bought 12 stamps in a rec- 
tangular block of three rows with four stamps in each. 
(In Dudeney's diagram, they are labeled 1, 2, 3, 4 across 
the top row, and so on.) He goes on: “[A] friend asks you 
to oblige him with four stamps, all joined together—no 
stamp hanging on by a mere corner. In how many differ- 
ent ways is it possible for you to tear off those four 
stamps? You see, you can give him 1, 2, 3, 4, or 2, 3, 6, 
7, ..., and so on. Can you count the number of different 
ways in which those four stamps might be delivered?” 
This can be thought of as a problem involving tetromi- 
noes, which are a type of polyomino. 

Solutions begin on page 369. 


The postage stamp problem, also known as the Frobe- 
nius problem, is a long-standing challenge in number the- 
ory and in computer science. Suppose a country issues 7 
different denominations of stamps but allows no more 
than m stamps to be put on a single letter. The postage 
stamp problem is to write and implement an algorithm (a 
stepwise set of rules) that, for any given values of m and 


180° and 270°, or greater than 270°. With practice, you will 
probably be able to estimate an angle to within about 20°. 


To estimate the size of the angle in Figure 2.9, notice that it is less 
than 90°. It is also more than half a right angle (45°), but nearer to 
45° than 90°. A reasonable estimate is, therefore, 50° or 60°. 
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Figure 2.9 Figure 2.10 


The reflex angle at O in Figure 2.10 is between 270° and 360°. It is 
easier to estimate the size of the acute angle and then to subtract it 
from 360°. 


The acute angle at O is about a quarter of a right angle, about 20° 
or 30°, so an estimate for the reflex angle at O is 330° or 340°. 


To measure or draw an angle accurately, you use a protractor. The 
outer scale goes clockwise from 0° to 180° and the inner scale goes 
anticlockwise from 0° to 180°. 


Figure 2.11 


To measure the angle ABC in Figure 2.11, place the base line of the 
protractor on the line BC with the centre of the protractor over the 
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n, computes the greatest consecutive range of postage val- 
ues, from one on up, and all possible sets of denomina- 
tions that realize that range. For example, for n = 4 and 
m = 5, the stamps with values (1, 4, 12, 21) allow the 
postage values 1 through 71. If the values of the stamps 
are constant and not part of the input, algorithms can be, 
and have been, devised that give a short-cut solution. 
However, in the general case where the number of stamp 
values zs part of the input, the postage stamp problem has 
been shown to be an NP-hard problem, and thus not 
susceptible to an efficient algorithmic approach. 


potato paradox 

Fred brings home 100 pounds of potatoes, which (being 
purely mathematical potatoes) consist of 99 percent 
water. He then leaves them outside overnight so that they 
consist of 98 percent water. What is their new weight? 
The surprising answer is 50 pounds! 


potential theory 

The study of harmonic functions. These functions satisfy 
Laplace’s equation, a certain type of partial differential 
equation that commonly arises in physics in problems to 
do with gravity and electromagnetism. 


power 

A word that is almost never used in its correct, original 
sense any more. Strictly speaking, if we write 8 = 2°, then 
2 is the base, 3 is the exponent, and 8 is the power. But 
almost everyone, including most mathematicians, would 
say that 3 is the power, and that “power” and “exponent” 
mean the same thing. The misuse has probably come 
about from a misunderstanding of statements such “eight 
is the third power of two.” 


power law 

A type of mathematical pattern in which the frequency of 
an occurrence of a given size is inversely proportional to 
some power (or exponent) of its size. For example, in the 
case of avalanches or earthquakes, large ones are fairly 
rare, smaller ones are much more frequent, and in be- 
tween are cascades of different sizes and frequencies. 
Power laws define the distribution of catastrophic events 
in self-organized critical systems (see self-organization). 


power series 
An infinite sum of the form 
Apt axt ax’ +axit+..., 


where a is a number of any type and x is the variable. 
Power series are commonly used to define functions. For 
example, the sine function can be written 


sin x= x— 2/3! 42°/51-—xV/7I4+..., 
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where stands for factorial. Although the series has 
infinitely many terms, these get small so quickly that 
only the first few terms make much of a contribution. 


power set 

The set of all subsets of a given set, including the empty 
set and the original set. For example, if the original set is 
[a, b, c} then the power set is [(4, {a}, {b}, {c}, [a, b}, (a, 
c}, [b, c}, La, b, cy). 


power tower 
A way of representing very large numbers in terms of 
stacks of exponents. For example: 


33 37 2541865828329 
10” =10* =10° = enormous 


In general, and especially if the number at the top of the 
tower is fairly large, adding another exponent to the bot- 
tom of a tower will make the value of the tower much 
larger than will increasing the size of the bottom expo- 
nent. This leads to the (somewhat counterintuitive) result 
that to know which of two towers is the larger, you can 
look at how many exponents are in the tower and know 
right away which is larger. For example: 


1.111 is much larger than 1,000100% 


In the case of an infinite power tower of the form 


aes 


X , 


the maximum value that x can take and still cause the 
tower to converge to a finite value is e? = 1.444667 .... 
The minimum value of x that will produce convergence 
is 1/£=0.065988 .... 


powerful number 

Also known as a squarefull number, a positive whole num- 
ber 2 such that for every prime number p dividing 7, p 
also divides 7. Every powerful number can be written as 
a’b’, where a and b are positive integers. The first few 
powerful numbers are 1, 4, 8, 9, 16, 25, 27, 32, 36, 49, 64, 
72, 81, 100, and 108. Pairs of consecutive powerful num- 
bers exist, such as (8,9), (288,289), and (675,676). How- 
ever, no three consecutive powerful numbers are known 
and, in 1978, Paul Erdés conjectured that none exist. 


practical number 

A number z such that every positive integer less than z is 
either a divisor or a sum of distinct divisors of n. The first 
few practical numbers are 1, 2, 4, 6, 8, 12, 16, 18, 20, and 
24. All perfect numbers are practical. 
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prime number 


[U]pon looking at prime numbers one has the feeling 
of being in the presence of one of the inexplicable 
secrets of creation. 

—Don Zagier 


An integer greater than 1 that is divisible only by 1 and 
itself. Prime numbers have fascinated mathematicians for 
centuries, in large part because of how they are distrib- 
uted. At first sight, their occurrence looks random; yet, 
on closer inspection, they reveal a subtle order or pattern, 
that seems to hold deep truths about the nature of math- 
ematics and of the world in which we live. The German- 
born American mathematician Don Zagier (1951-), in 
his inaugural lecture at Bonn University, put it this way: 


There are two facts about the distribution of prime 
numbers which I hope to convince you. . . . The first 
is that despite their simple definition and role as the 
building blocks of the natural numbers, the prime 
numbers... grow like weeds among the natural 
numbers, seeming to obey no other law than that of 
chance, and nobody can predict where the next one 
will sprout. The second fact is even more astonish- 
ing, for it states just the opposite: that the prime 
numbers exhibit stunning regularity, that there are 
laws governing their behavior, and that they obey 
these laws with almost military precision. 


prime number A remarkable pattern generated by the distri- 
bution of the first few billion primes. Jean-Francois Colonna/Ecole 
Polytechnique 


The prime numbers are 2, 3, 5, 7, 11, 13, 17, 19, 23, 29, 
31, 37, 41, 43, 47, 53, 59,.... The fundamental theorem of 
arithmetic declares that the primes are the building blocks 
of the positive integers: every positive integer is a product 
of prime numbers in one and only one way, except for the 
order of the factors. This is the key to their importance: 
the prime factors of an integer determine its properties. 
The ancient Greeks proved (c. 300 B.C.) that there are infi- 
nitely many primes and that they are irregularly spaced; in 
fact, there can be arbitrarily large gaps between successive 
primes. On the other hand, in the nineteenth century it 
was shown that the number of primes less than or equal to 
n approaches n/log n, as n gets very large (a result known as 
the prime number theorem), so that a rough estimate for the 
mth prime is n log n. In his Disquisitiones Arithmeticae 
(1801), Carl Gauss wrote: “The problem of distinguishing 
prime numbers from composite numbers and of resolving 
the latter into their prime factors is known to be one of the 
most important and useful in arithmetic. It has engaged 
the industry and wisdom of ancient and modern geome- 
ters to such an extent that it would be superfluous to dis- 
cuss the problem at length... . Further, the dignity of the 
science itself seems to require that every possible means be 
explored for the solution of a problem so elegant and so 
celebrated.” The earliest known primality test is the sieve 
of Eratosthenes, which dates from around 240 B.c. How- 
ever, high-speed computers and fast algorithms are needed 
to identify large primes. New record-breaking primes tend 
to be of the variety known as Mersenne primes, since 
these are the easiest to find. About 6,000 prime numbers 
are known of which the largest is 22%! — 1. 

Much remains unknown about the primes. As Martin 
Gardner said:'""*! “No branch of number theory is more 
saturated with mystery....Some problems concerning 
primes are so simple that a child can understand them 
and yet so deep and far from solved that many mathe- 
maticians now suspect they have no solution. Perhaps 
they are “undecideable.” Perhaps number theory, like 
quantum mechanics, has its own uncertainty principle 
that makes it necessary, in certain areas, to abandon 
exactness for probabilistic formulations.” One of the 
greatest unsolved problems in mathematics is the Rie- 
mann hypothesis concerning the distribution of prime 
numbers. See also Goldbach’s conjecture, twin primes, 
Ulam spiral, and Ishango bone. 


primitive root 

A primitive root for a prime number p is one whose pow- 
ers generate all the nonzero integers modulo (or mod) p. 
For example, 3 is a primitive root modulo 7 since 3 = 3”, 
2 = 3’ mod 7, 6 = 3° mod 7, 4 = 3’ mod 7, 5 = 3° mod 7, 
1 = 3° mod 7. 
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prism A pentagonal prism. Robert Webb, www.software3d.com; created using Webb's Stella program 


primitive root of unity 
The complex number z such that z” = 1 but z is not 
equal to 1 for any positive integer k less than z. 


primorial 

Also known as a prime factorial, the product of all prime 
numbers that are less than or equal to a given prime p; it 
is denoted p#. For example 3# = 2 x 3 =6,54#=2 x3 x 
5 = 30, and 13#=2x3x5x7x 11x 13 = 30,030. 


Prince Rupert's problem 

The problem of pushing a cube through a hole in another 
cube of equal or less size; it is named after Prince Rupert 
(1619-1682), a nephew of England’s King Charles I, who 
won a wager that a hole could be made in one of two equal 
cubes large enough for the other cube to slide through. 
The mathematics of cubes passing through cubes was con- 
sidered by John Wallis. Later, in 1816, a solution was pub- 
lished posthumously by the Dutch mathematician Pieter 
Nieuwland (1764-1794) to the question: What is the 
largest cube that can be passed through a unit cube (a cube 
of which each side is one unit long)? Nieuwland answered 
this by finding the largest square that fits inside a unit 


cube. When viewed from directly above one apex, a unit 
cube has the outline of a regular hexagon of side V3/V 2. 
The largest square that will go into a cube has a face that 
can be inscribed within this hexagon; the length of its edge 
is V6 — V2 = 1.03527618. 


prism 

A semi-regular polyhedron constructed from two con- 
gruent 7-sided polygons and n parallelograms. The word 
comes from the Greek prizma, which relates to cutting 
or sawing. A prismoid resembles a prism but has bases 
that are similar rather than congruent, and sides that are 
trapezoids rather than parallelograms. An example of a 
prismoid is the frustum of a pyramid. A prismatoid is a 
polyhedron with all its vertices lying in two parallel planes. 


prisoner's dilemma 

A problem in game theory first described by the 
Canadian-born Princeton mathematician Albert Tucker 
(1905-1995) in 1950, while addressing an audience of 
psychologists at Stanford University, where he was a vis- 
iting professor. It runs along these lines: Al and Bob have 
been arrested for holding up the Anyapolis State Bank 
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and have been put in separate cells. Each cares a lot more 
about his personal freedom than he does about his 
accomplice’s welfare. A clever prosecutor makes the fol- 
lowing offer to each. “You may choose to confess or 
remain silent. If you confess and your accomplice 
remains silent, PII drop all charges against you and use 
your testimony to ensure that your accomplice does seri- 
ous time. Likewise, if your accomplice confesses while 
you remain silent, he’ll go free while you do the time. If 
you both confess I get two convictions, but Pll see to it 
that you both get early parole. If you both remain silent, 
Pll have to settle for token sentences on firearms posses- 
sion charges. If you wish to confess, you must leave a 
note with the jailer before I come back tomorrow morn- 
ing.” The dilemma faced by the prisoners is that, what- 
ever the other does, each is better off confessing than 
remaining silent. But the outcome when both confess is 
worse for each than the outcome if both stay silent! 

Tucker’s paradox was based on puzzles with a similar 
structure that had been devised in 1950 by Merrill Flood 
and Melvin Dresher as part of the Rand Corporation’s 
investigations into game theory (which Rand pursued 
because of possible applications to global nuclear strat- 
egy). Flood and Dresher hadn’t published much about 
their work, but the prisoner’s dilemma attracted an enor- 
mous amount of attention in subjects as diverse philoso- 
phy, biology, sociology, political science, and economics, 
as well as game theory itself. A common view is that the 
puzzle illustrates a conflict between individual and group 
rationality. A group whose members pursue rational self- 
interest may all end up worse off than a group whose 
members act contrary to rational self-interest. More gen- 
erally, if the payoffs aren’t assumed to represent self- 
interest, a group whose members rationally pursue any 
goals may all meet less success than if they hadn’t ratio- 
nally pursued their goals individually. 


probability 

A measure of how likely it is that some event will occur, 
given as a number between 0 (impossible) and 1 (certain). 
Usually, probability is expressed as a ratio: the number of 
experimental results that would produce the event 
divided by the number of experimental results consid- 
ered possible. For example, the probability of drawing 
the five of hearts from an ordinary deck of cards is one in 


fifty-two (1:52). 


probability theory 

The branch of mathematics that deals with the possi- 
ble outcomes of events and their relative likelihoods. 
While mathematicians agree on how to calculate the 
probability of certain events and how to use those 


calculations in certain ways, there’s plenty of disagree- 
ment as to what the numbers actually mean. Probabil- 
ity divides into two main concepts: aleatory probability, 
which represents the likelihood of future events whose 
occurrence is governed by some random physical phe- 
nomenon like tossing dice or spinning a wheel; and 
epistemic probability, which represents our uncertainty 
of belief about past events that either did or didn’t 
occur, or uncertainty about the causes of future events. 
An example of the latter is when we say that it’s “prob- 
able” that a certain suspect committed a crime based 
on the available evidence. It is an open question 
whether aleatory probability is reducible to epistemic 
probability based on our inability to precisely pre- 
dict every force that might affect the roll of a die, 
or whether such uncertainties exist in the nature of 
reality itself, particularly at the level of quantum 
mechanics. One of the earliest mathematical studies on 
probability was written by Girolamo Cardano. Among 
other important contributions to the development of the 
subject were those by Blaise Pascal, Pierre de Fermat, 
Jakob Bernouilli (see Bernouilli family), Joseph 
Lagrange, Pierre Laplace, Carl Gauss, Siméon Poisson, 
Abraham de Moivre, Pafnuty Chebyshev, Andrei 
Markov (see Markov chain), and Andrei Kolmogorov. 


PUZZLES 

The following are two problems in probability. Both are 
easier to solve if the various possible outcomes are 
written down in the form of a table. 

1. You meet a stranger on the street, and ask how 
many children he has. He truthfully says two. You 
ask “Is the older one a girl?” He truthfully says yes. 
What is the probability that both children are girls? 
What would the probability be if your second 
question had been “Is at least one of them a girl?”, 
with the other conditions unchanged? 

2. You are in a game of Russian roulette, but this 
time the gun (a six-shooter revolver) has three 
bullets in a row in three of the chambers. The bar- 
rel is spun only once. Each player then points the 
gun at his head and pulls the trigger. If he is still 
alive, the gun is passed to the other player who 
then points it at his own head and pulls the trig- 
ger. The game stops when one player dies. Would 
you stand a better chance of surviving if you shoot 
first or second, or does it make any difference? 

Solutions begin on page 369. 


See also Buffon’s needle, birthday problem, Monty 
Hall problem, and St. Petersburg paradox. 
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Proclus Diadochus (c. A.D. 410-485) 

The last major Greek philosopher; his Commentary on 
Euclid is the main original source we have on the early 
history of Greek geometry. He also wrote Hypotyposis, 
which gives a detailed account of the Earth-centered 
astronomical theories of Hipparchus and Ptolemy. 


product 
The result of one or more multiplications. 


projectile 

An object, such as a baseball, spear, or cannonball, that is 
thrown, fired, or otherwise propelled but that can’t pro- 
pel itself. For centuries, philosophers and mathemati- 
cians debated what path a projectile follows under 
gravity. Galilei Galileo was the first to establish that (in 
the absence of air resistance) this path is a parabola. 


projective geometry 

The branch of geometry that deals with properties of 
geometric figures that remain unchanged under projec- 
tion. A mathematical theory of perspective grew out of 
the studies of Renaissance architects and painters 
who asked themselves how to best represent a three- 
dimensional object on a two-dimensional surface. The 
Greeks had done some early work on perspective, and the 
great geometer Pappus of Alexandria is credited with 
the first theorem in projective geometry. However, the 
subject reached mathematical maturity through the 
efforts first of Girard Desargues, and then, much later 
through the work of Jean Poncelet and by Karl von 
Staudt (1798-1867). 

The basic elements of projective geometry are points, 
lines, and planes. These elements retain their characteris- 
tics under projection; for example, the projection of a 
line is another line, and the point of intersection of two 
lines is projected into another point that is the intersec- 
tion of the projections of the two original lines. However, 
lengths and ratios of lengths are not invariant under pro- 
jection, nor are angles or the shapes of figures. The con- 
cept of parallelism doesn’t appear at all in projective 
geometry; any pair of distinct lines intersects in a point, 
and if these lines are parallel in the sense of Euclidean 
geometry, then their point of intersection is at infinity. 
The plane that includes the ideal line, or line at infinity, 
consisting of all such ideal points, is called the projective 
plane. Two properties that are invariant under projection 
are the order of three or more points on a line and the 
harmonic relationship, or cross-ratio, among four points, 
A, B, C, D, that is, AC/BC : AD/BD. The most remark- 
able concept in projective geometry is that of duality. In 
the plane, the terms point and line are dual and can be 


interchanged in any valid statement to yield another 
valid statement; in space, the terms plane, line, and point 
are interchanged with poznt, line, and plane, respectively, 
to yield dual statements. Entire theorems also occur in 
dual pairs, so that one can be instantly transformed into 
the other. For example, Pascal’s theorem (given a hexagon 
inscribed in a conic section, the three pairs of the con- 
tinuations of opposite sides meet on a straight line) is the 
dual of Brianchon’s theorem (given a hexagon circum- 
scribed on a conic section, the lines joining opposite 
diagonals meet in a single point). In fact, all the proposi- 
tions in projective geometry occur in dual pairs. 


projective plane 

The surface you would get if you glued the edge of a disk 
to the edge of a Móbius band. This sounds easy to do, 
since a disk and a Mobius band each have one edge. But 
the process becomes hopelessly tangled and is, in fact, 
impossible. The projective plane needs a fourth dimen- 
sion, in addition to the three we live in (up-down, left- 
right, and back-forth), to be fully realized. The idea of 
the projective plane arose from the study of perspec- 
tive by mathematicians and painters in the Renaissance. 
In trying to represent parallel lines in space on the two- 
dimensional surface of a painting, it was found useful to 
introduce the notion of a line at infinity on which parallel 
lines met. The study of the geometry that adds this extra 
line of ideal points to the ordinary familiar plane came to 
be known as projective geometry, because of its use in 
studying projections of figures onto different lines. This 
idea was even more important in three dimensions, since 
projections are used for representing three-dimensional 
figures on planes. An interesting property of the projec- 
tive plane is that any “straight” line on it, followed far 
enough, comes back to the starting point. (The old arcade 
version of the game of Asteroids was played on a virtual 
projective plane: the screen was a disk, and when an aster- 
oid went off one edge of the screen it emerged on the 
opposite side.) The projective plane is also nonorientable, as 
a result of which any two-dimensional object pushed 
along a path back to its starting point would be reversed. 


prolate 
(1) Rounded like an egg. (2) Having a polar diameter 
greater than the equatorial diameter. See also spheroid. 


pronic number 

Also known as a rectangular or oblong number, a number 
that is the product of two consecutive integers: 2 (1 x 2), 
6 (2 x 3), 12 (3 x 4), 20 (4x 5),.... The pronic numbers 
are twice the triangular numbers, and represent the 
lengths that produce the musical intervals: octave (1:2), 
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fifth (2:3), fourth (3:4), major third (4:5).... Pronic 
seems to be a misspelling of promic, from the Greek 
promekes, for “rectangular” or “oblong”; however, the “n” 
form goes back at least as far as Leonhard Euler who used 


it in series one, volume fifteen of his Opera. 


proof 

A sequence of statements in which each subsequent state- 
ment is derivable from one of the previous statements or 
from an axiom of a formal system. The final statement of 
a proof is usually the theorem that one has set out to prove. 


proper divisor 
See aliquot part. 


proportional 

A variable a is said to be directly proportional to b if a/b is 
a constant. The relationship is written a « b, which 
implies that a = kb, where k is a constant. If a is inversely 
proportional to b, this is written a œ 1/0. 


pseudoprime 

A number that passes the test of Fermat’s little theorem 
(FLT) for prime numbers but actually isn’t a prime. FLT 
says that if p is prime and a is coprime to p, then a’ '— 1 
is divisible by p. If a number x is not prime, a is coprime 
to x, and x divides a*~'— 1, then x is called a pseudoprime 
to base a. A number x that is a pseudoprime for all values 
of a that are coprime to x is called a Carmichael num- 
ber. The smallest pseudoprime in base 2 is 341. This isn’t 
prime because 341 = 11 x 31; however, it satisfies FLT: 
2°” — 1 is divisible by 341. 


pseudosphere 

A saddle-shaped surface that is produced by rotating a 
tractrix about its asymptote. The name pseudosphere, 
which means “false sphere,” is misleading because it sug- 
gests something that is spherelike; however, a pseudo- 
sphere is almost exactly the opposite of a sphere. Whereas 
a sphere has a constant positive curvature (equal to +//, 
where r is the radius) at every point on its surface, a pseu- 
dosphere has a constant negative curvature (equal to —//) 
everywhere. As a result, a sphere has a closed surface and 
a finite area, while a pseudosphere has an open surface 
and an infinite area. In fact, although both the two- 
dimensional plane and a pseudosphere are infinite, the 
pseudosphere manages to have more room! One way to 
think of this is that a pseudosphere is more intensely infi- 
nite than the plane. Another result of the pseudosphere’s 
negative curvature is that the angles of a triangle drawn on 
its surface add up to less than 180°. The geometry on the 
surfaces of both the sphere and the pseudosphere is a two- 


pseudosphere 


dimensional non-Euclidean geometry—-spherical (or 
elliptical) geometry in the case of the sphere and hyper- 
bolic geometry in the case of the pseudosphere. Astron- 
omers currently suspect that the universe we live in may 
have a hyperbolic geometry and thus have properties 
analogous to those of a pseudosphere. 


Ptolemy's theorem 

The sum of the products of the two pairs of opposite 
sides of a convex cyclic quadrilateral (see cyclic poly- 
gon) is equal to the product of the lengths of the diago- 
nals. The theorem is named after the mathematician, 
astronomer, and geographer Ptolemy of Alexandria. 


pure mathematics 
Mathematics for the sake of its internal beauty or logical 
strength. Compare with applied mathematics. 


pursuit curve 

The path an object takes when chasing after another 
object in the most effective way. Pursuit curves can arise 
in a variety of situations, for example when a lion is chas- 
ing after a gazelle or a heat-seeking missile is homing in 
on a moving target. Suppose that four ants are at the cor- 
ners of a square. They start to crawl clockwise at a constant 
rate, each moving toward its neighbor. At any instant, 
they mark the corners of a square. As the ants get closer to 


pyramid 259 


pursuit curve A set of superimposed snapshots shows the 
lines of sight at regular intervals of four bugs chasing one 
another, all moving at the same speed after starting at the cor- 
ners of a square. John Sharp 


the original square’s center, the new square they define 
rotates and diminishes in size. In reaching the center, each 
ant travels on a logarithmic spiral with a length equal to 
the side of the original square. Superimposed snapshots 
of the ants’ progress give rise to an intriguing pattern. 


puzzle jug 

A practical joke in the form of a drinking vessel that, 
unless the trick is known, spills all over the user when he 
tries to take a sip. As the jug is tilted, liquid pours out 
from the pierced decoration surrounding the pot. The 
puzzle is to learn the secret of how to successfully drink 
without getting wet. Puzzle jugs are the oldest known 
mechanical puzzles. Several Phoenician examples are in 
New York’s Metropolitan Museum of Art, and in ninth- 
century Turkey they were especially popular. Puzzle jugs 
have been manufactured in Germany, Holland, France, 
and several other European countries since the end of the 
thirteenth century. The Exeter puzzle jug, on display in 
the Royal Albert Museum in Exeter, Devon, was probably 
made in the Saintonge region of western France, around 
1300, and is one of the finest examples of medieval pot- 
tery imported to England. Puzzle jugs came back into 
vogue in the eighteenth and nineteenth centuries and are 
still manufactured by ceramicists in France, Germany, and 
Britain. And the secret? That is really quite open, and can 
be handled by anyone prepared to get to the bottom of it. 


puzzle rings 

A mechanical puzzle consisting of a group of interlock- 
ing rings that fit together to form an intricate design; 
when apart, the rings remain interconnected and pose a 
challenging puzzle. The puzzle itself has ancient origins 
in Egypt, though many stories have been told of its use 
throughout the Middle East. According to one, a person 
would give the ring to their lover telling them of the 
magical qualities of the ring. If the ring was ever worn 
while being amorous to another, it would tell the giver 
of the ring about the unfaithfulness of the ring wearer. 
The wearer, wishing to avoid the watchfulness of the 
ring, might remove it from their finger so that it 
wouldn’t witness an unfaithful act. But once removed, 
the ring would fall into its separate pieces and so the 
giver would know their lover had been cheating. 


pyramid 
A polyhedron whose base is a polygon and whose other 
faces are triangles that meet at a common vertex, some- 
times called the apex. A right pyramid has its apex directly 
above the center of its base. A square-based pyramid, like 
the pyramids in Egypt, has a square base and four trian- 
gular sides. A triangular pyramid, or tetrahedron, is made 
from four triangular sides; if regular, it is one of the Pla- 
tonic solids. The volume of a pyramid is /34,h, where A, 
is the area of the base and » is the perpendicular height of 
the apex above the base; the surface area is ps, where p is 
the base perimeter and s is the slant height. 
Pyramidology, which (in its original form) claims links 
between biblical prophesy and the construction of the 
Egyptian pyramids, stemmed from the publication in 1859 
of The Great Pyramid: Why Was It Built? And Who Built It? by 


pyramid The Great Pyramid of Cheops at Giza. 
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John Taylor, a British amateur mathematician and 
astronomer who was editor of the London Observer. Taylor 
became convinced that the Great Pyramid of Cheops, in its 
architectural proportions, embodied various remarkable 
and deeply meaningful geometric and mathematical prop- 
erties. Chief among these, Taylor noted, was that the ratio 
of the perimeter of the pyramid’s base to twice its height 
closely approximates the universal constant pi. The said 
ratio of the Great Pyramid gives a better value for pi than 
any found in written Egyptian records. The Rhind papyrus 
contains several problems that involve a multistep method 
for finding the area of a circle from its diameter. This 
method implies a value of 7 equal to 21, or 3.1605, which 
is less than 1% larger than the true value of 3.14159.... 
The values Taylor used for the Great Pyramid’s base and 
height gave him a value of Tr correct to two decimal places. 
Further analysis of the pyramid’s dimensions and various 
manipulations of numbers led him to conclude that the 
builders of the edifice had used a unit that he called “pyra- 
mid inch” (equal to about 1.01 times a standard inch). 
Twenty-five pyramid inches made a “pyramid cubit,” and 
10 million pyramid cubits, Taylor pointed out, approxi- 
mate the length of Earth’s polar radius. These and a series 
of similar calculations provided what Taylor considered to 
be adequate evidence that the Great Pyramid had been 
built as a model of Earth. Taylor’s fantastic claims may 
never have become popular had not Charles Piazzi Smyth, 
the Astronomer Royal of Scotland taken up the cause of 
pyramidology. He popularized it in Britain, the rest of 
Europe, and the United States, through a number of books 
including Our Inheritance in the Great Pyramid (1864) and 
Life and Work at the Great Pyramid (1867). (In the churchyard 
in Sharow, North Yorkshire, Smyth has a pyramidal grave 
marker.) Others who espoused pyramid numerology have 
included Helena Blavatsky, the theosophist; Charles Taze 
Russell, founder of the Watchtower Bible and Tract Soci- 
ety; and Edgar Cayce, the American psychic; not to men- 
tion a variety of more recent pseudohistorians who have 
linked the Great Pyramid to everything from lost civiliza- 
tions to UFOs. Yet Taylor himself was well aware of other, 
less dramatic explanations for the pyramid’s dimensions, 
including the possibility that the pyramid had been con- 
structed so that the area of one of its faces would equal the 
square of its height. The mathematical sophistication 
required to achieve this is not great and would have 
resulted in a ratio of the perimeter of the base to twice the 
height of 3.145—about as close as the approximation of pi 
used by Smyth in his studies. So, the ratio could have 
occurred as a completely coincidental byproduct of a 
design that had nothing to do with the ratio of the circum- 
ference of a circle to its diameter. The pyramid is a rich 
source of the kind of data that Taylor and Smyth worked 


with, and it would be surprising if they’d been unable to 
come up with some interesting number combinations 
given the extent of their efforts. 


pyramidal number 
The number of dots that may be arranged in a pyramid 
with a regular polygon as a base. 


Pythagoras of Samos (c. 580-500 B.c.) 

A Greek philosopher and mathematician, a native of 
the Aegean island of Samos, and the founder of a se- 
cretive pseudoreligious community in Croton, southern 
Italy. Pythagoras left no writings and virtually nothing is 
known about him as an individual, so it is almost im- 
possible to disentangle the beliefs and discoveries of 
the “Pythagoreans” from those of their leader. To the 
Pythagoreans, “everything is number” and every number 
was supposed to be a quantity that could be expressed as 
the ratio of two integers. We now call such a number a 
rational number. The Pythagoreans used music as an 
example of the perfection and harmony of numbers that 
can be expressed as ratios. They showed that pitch could 
be represented as a simple ratio that came from the 
length of equally tight strings that could be plucked. Per- 
haps the most famous of the Pythagoreans’ mathematical 
results is Pythagoras’s theorem. Then the sky fell in on 
the Pythagoreans’ worldview. Using their very own theo- 
rems they showed that not all numbers are rational. Their 
discovery that the square root of 2 (the length of the 
hypotenuse of a triangle with sides 1 and 1) can’t be 
expressed as ratio of two whole numbers was to have 
been kept a closely guarded a secret, but was later re- 
vealed by one of the cult’s members. 


Pythagoras's lute 

The kite-shaped figure that forms the enclosing shape for 
a progression of diminishing pentagons and pentagrams, 
linking the vertices together. The resulting diagram is 
replete with lines in the golden ratio. 


Pythagoras's theorem 

The square of the length of the hypotenuse of a right tri- 
angle is the sum of the squares of the lengths of the two 
sides. This is usually expressed as a? + b’? = c’. See also 
Pythagorean triplet. 


Pythagorean square puzzle 

A deceptively hard assembly puzzle in which a small 
square piece must be combined with four pieces forming 
a larger square to make an even larger square. 
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PUZZLE 


Rearrange the pieces in the Pythagorean square puzzle, 
including the small square, to make a single larger square. 


Solutions begin on page 369. 


Pythagorean triangle 
A right triangle whose sides are integers. A primitive 
Pythagorean triangle is one whose sides are coprime. 


Pythagorean triplet 

Also called a Pythagorean triple, a set of three whole num- 
bers that satisfies Pythagoras’s theorem, that is, the 
squares of two of the numbers add up to the square of the 
third number. Examples include (3, 4, 5), (5, 12, 13), and 
(7, 24, 25). These are called primitive triplets because they 
have no common divisors. If the members of a primitive 
triplet are multiplied by the same integer, the result is a new 
(but not primitive) triplet. In any primitive Pythagorean 
triplet, one, and only one, of the three numbers must be 
even (but can’t equal 2); the other two numbers are 
coprime. There are infinitely many such triplets, and they 
are easy to generate using a classic formula, known since 
ancient times. If the numbers in the triplet are a, b, and c, 
then: a= n — m’, b=2mn, c= m? + n?, where m and n are 
two integers and m is less than z. Because the square root 
of 2 is irrational, there can’t be any Pythagorean triplets (a, 
a, c). However, there are an infinite number of triplets (a, a 
+ 1, c), the first three of which (apart from the trivial (0, 1, 
1)) are (3, 4, 5), (20, 21, 29), and (119, 120, 169). 

There are also an infinite number of Pythagorean quar- 
tets (a, b, c, d) such that a° + b? + c° = d’. This is simply the 
three-dimensional form of Pythagoras’s theorem and can 
be interpreted as the fact that the point in three- 
dimensions with Cartesian coordinates (a, b, c) lies an 
integer distance d from the origin. A formula that gener- 
ates Pythagorean quartets is: a= m7’, b = 2mn, c = 2n’, d= 
(m + 2n*)=a+c. Also note that b’ = 2ac. When m= 1 and 
n= 1, we get the quartet (1, 2, 2, 3)—the simplest example. 

Although there are an infinite number of Pythagorean 
triplets, Fermat’s last theorem, which is now know to be 
true, ensures that there are no triplets for higher powers. 
See also Euler’s conjecture and multigrade. 


QED 
Abbreviation for quod erat demonstrandum (“that which 
was to be shown”), used to denote the end of a proof. 


quadrangle 

A plane figure consisting of four points, each of which is 
joined to two other points by a line segment. A quadran- 
gle may be concave or convex depending on whether 
the line segments do or don’t intersect. A convex quad- 
rangle is a quadrilateral. The word is from the Latin 
quadrangulum for “four-cornered” and is also used to 
describe a rectangular area surrounded on all four sides 
by buildings, or to such buildings themselves. 


quadrant 
Any one of the four portions of the plane into which the 
plane is divided by the Cartesian coordinate axes. 


quadratic 

An expression or an equation that contains the variable 
squared, but not raised to any higher power. For 
instance a quadratic equation in x contains x° but not x’. 
Similarly a quadratic expression, or a quadratic form, con- 
tains its variable(s) squared but not raised to any higher 
power. If there is more than one variable (say, x and y), 
quadratic can mean that they are multiplied together in 
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quadrangle The sixteenth-century quadrangle of Oxford Uni- 
versity's Oriel College. Oriel College, Oxford 
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pairs (xy) but not in threes (such as xy). The graph of a 
quadratic equation is known as a quadratic curve; the 
curve of the general quadratic equation y = ax’ + bx +c 
is a parabola. 


quadratrix of Hippias 

The first curve in recorded history that was not part of a 
line or a circle, and the first curve known that is not 
constructible in the classical sense; in other words, it 
can’t be drawn using a straightedge and a compass 
alone, but instead has to be plotted point by point. The 
quadratrix can be thought of as the intersection of two 
lines moving with constant velocity: the first line 
rotates (e.g., counterclockwise) while the second line 
moves along (say, in the direction of the positive y-axis). 
It has the Cartesian equation y = x cot(mx/2a). The 
quadratrix was discovered by Hippias of Elis in about 
430 B.c. and was used by him in his work on trisecting 
an angle and squaring the circle. In fact, its name refers 
to its use in turning curvilinear space into a rectangular 
area. 


quadrature 
The determination of the area of a geometric figure. 


quadric 

A surface in three dimensions that is described by equa- 
tions containing the squares of x, y, and z, but no higher 
powers of them. Examples of such surfaces include the 
sphere, ellipsoid, cone, and cylinder. 


quadrifolium 
See rose curve. 


quadrilateral 

A polygon that has four sides and four vertices (cor- 
ners). Quadrilaterals, and polygons in general, may be 
convex or concave. A convex quadrilateral may be fur- 
ther classified as a trapezoid or a British trapezium 
(one pair of opposite sides are parallel), a trapezium (no 
sides parallel); an isosceles trapezoid (United States) or 
an isosceles trapezium (United Kingdom) (two of the 
opposite sides parallel, the two other sides equal, and 
the two ends of each parallel side of equal angles); a par- 
allelogram (opposite sides are parallel); a kite (two 


vertex B. Read from the scale which has its zero on BC, that is, 
the outer scale. The size of angle ABC is 45°. 


Always estimate the angle first. So if you mistakenly use the 
inner scale and give 135° as your measurement, you should see 
that this is not sensible, as angle ABC is acute. 


1 Estimate the size of each of the angles and then measure them. 
Trace the angles and extend the lines so that you can use your 
protractor to measure the angles as accurately as possible. 


y SPS 


(a) (b) (c) (e) 


2 Draw angles with each of the following sizes. 
(a) 73° (b) 246° (c) 109° (d) 281° (e) 172° 


2.4 Using angle facts 


You should be able to measure and draw angles to within one or 
two degrees. Note, however, that many of the diagrams in the rest 
of this chapter are not drawn accurately but they are still helpful, 
even when you find solutions by carrying out a calculation. 


This section deals with situations which use angle facts, most of 
which you met in Section 2.2. 


X 
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Figure 2.12 Figure 2.13 
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adjacent sides of equal length, the other two sides of 
equal length); a rhombus (four sides of equal length); a 
rectangle (each angle is a right angle); or a square (four 
sides of equal length, each angle a right angle). Quad- 
rangular prisms and quadrangular pyramids are ones 
whose bases are quadrilateral. 


quantifier 

In symbolic logic, the universal quantifier Y indicates “for 
every” or “for all.” For example, Y x A, p(x) means for all 
x belonging to A, the proposition p(x) is valid. The exis- 
tential quantifier 3 indicates “there exists.” So, for 
instance, 3 x A, p(x) means there exists at least one x, 
belonging in 4, for which the proposition p(x) is valid. 


quantum field theory 

The study of force fields such as the electromagnetic field 
in the context of quantum mechanics, and often special 
relativity theory. The mainstay of modern high-energy 
physics. 


quantum mechanics 

The science and mathematics that describe the behav- 
ior of nature at the atomic and subatomic level. At the 
heart of quantum mechanics are two basic concepts: 
(1) that every small bit of matter or energy can behave 
as if it were either a particle or a wave; and (2) that cer- 
tain combinations of properties such as position and 
velocity, and energy and time, can’t be known with 
arbitrary precision. The latter idea is encapsulated in 
Heisenberg’s uncertainty principle. See also many worlds 
hypothesis. 


quartic 

A polynomial or polynomial equation that contains the 
fourth power of the variable, but no higher power. Many 
famous curves are described by such equations, including 
the bicorn, Cartesian oval, conchoid, deltoid, devil’s 
curve, folium, kampyle of Eudoxus, and limacon of 
Pascal. 


quartile 

The first quartile of a sequence of numbers is the num- 
ber such that one quarter of the numbers in the sequence 
are less than this number. 


quasicrystal 

A strange type of solid whose atomic structure is very reg- 
ular but never quite repeats. Quasicrystalline structures 
don’t have a simple unit cell that can be repeated period- 
ically in all directions to fill space, although they do have 
local patterns that repeat almost periodically. They also 


have local rotational symmetries, such as those of a pen- 
tagon, that can’t exist in ordinary crystals. Prior to the 
discovery of quasicrystals, it was thought that five-fold 
crystal symmetry was impossible, because there are no 
space-filling periodic tilings of this kind. The best known 
examples of quasicrystals resemble Penrose tilings, which 
use repeated copies of two different rhombi to cover an 
infinite plane in intricate, interlocking patterns. In fact, 
some quasicrystals can be sliced in such a way that the 
atoms on the surface follow the exact pattern of the Pen- 
rose tiling.” 


quasiperiodic 

Refers to a form of motion that is regular but never 
exactly repeating. Quasiperiodic motion is always com- 
posed of multiple but simpler periodic motions. In the 
general case for motion that is the sum of simpler peri- 
odic motions, if there exists a length of time that evenly 
divides the frequencies of the underlying motions, then 
the composite motion will also be periodic; however, if 
no such length of time exists, then the motion will be 
quasiperiodic. 


quasiregular polyhedron 

A polyhedron that consists of two sets of regular poly- 
gons, m-sided and n-sided respectively, and is constructed 
so that each polygon in one set is surrounded by mem- 
bers of the other set. There are three convex quasiregular 
solids: the cuboctahedron (m = 3, n = 4), the icosidodecahe- 
dron (m = 3, n = 5), and the octahedron (m =n = 3). In 
each case four faces meet at each vertex in the cyclic order 
(m, n, m, n). Because of this, these polyhedra have some 
special properties, one of which is that their edges form a 
system of great circles. The edges of the octahedron form 
three squares; the edges of the cuboctahedron form four 
hexagons, and the edges of the icosidodecahedron form 
six decagons. Among the nonconvex polyhedra are two 
examples of type (m, n, m, n): the dodecadodecahedron (m = 
5, n =) and the great icosidodecahedron (m = 3, n =), 
which can be made by truncating the Kepler-Poinsot 
polyhedra at their edge midpoints. There are also three 
nonconvex examples of type (m, n, m, n, m, n): the small 
triambic icosidodecahedron (m = 3, n = 72), the triambic 
dodecadodecahedron (m = Y, n = 5), and the great triambic 
1cosidodecabedron (m = 3, n = 5). Finally, there is a group of 
nine hemibedra, in which some faces pass through the 
polyhedron’s center. These hemifaces each cut a sphere 
into two hemispheres. 


quaternion 
An ordered set of four numbers. Quaternions, first intro- 
duced by William Hamilton, can also be written in the 
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quaternion An Irish stamp showing the quaternion equa- 
tions in Hamilton's own hand. 


form a+ bi + cj + dk, where a, b, c, and d are real numbers 
and z, j, and k are imaginary numbers, which is similar to 
that of complex numbers. Whereas complex numbers 
can be represented by points of a two-dimensional plane, 
quaternions can be viewed as points in the fourth 
dimension. For a while, quaternions were very influen- 
tial: they were taught in many mathematics departments 
in the United States in the late 1800s, and were a manda- 
tory topic of study at Dublin, where Hamilton ran the 
observatory. But then they were driven out by the vector 
notation of William Gibbs and Oliver Heaviside. Had 
quaternions come along later, when theoretical physicists 
were trying to understand patterns among subatomic par- 
ticles, they may have found a place in modern science; 
after all, the unit quaternions form the group SU(2), 
which is perfect for studying spin-'2 particles. But the 
way things turned out, quaternions had fallen from favor 
by the twentieth century and Wolfgang Pauli used 2 x 2 
complex matrices instead to describe the generators of 


SU(2). 


queens puzzle 

A famous chess problem that asks in how many ways 
eight queens can be placed on a chessboard so that no 
two attack each other. The generalized problem, to find 
how many ways n queens can be placed on an 2 x n board 
so that no two attack each other, was first posed by Franz 
Nauck in 1850. In 1874 Gúnther and Glaisher described 
methods for solving this problem based on determi- 
nants. The number of distinct solutions, not counting 
rotations and reflections, for board sizes ranging from 
1x 1to10x 10is 1,0, 0,1, 2,1, 6, 12, 46, and 92, respec- 
tively. The 6 x 6 puzzle, for which there is a solitary 


unique solution, was sold for one penny in Victorian 
London in the form of a wooden board with 36 holes 
into which pins were placed. 


quine 


Before we put the motion “that the motion be now 

put,” should we not first put the motion “that the 

motion “that the motion be now put be now put?” 
—Chairman of the meeting of the Society of Logicians 


A term named by Douglas Hofstadter after the Harvard 
logician Willard van Orman Quine. It can be used either 
as a noun or a verb. (1) Quine (noun). A computer pro- 
gram that produces an exact copy of itself (or, alterna- 
tively, that prints its own listing.) This means that when 
the program is run, it must duplicate (or print out) pre- 
cisely those instructions that the programmer wrote as 
part of the program, including the instructions that do 
the copying (or printing) and the data used in the copy- 
ing (or printing.) A respectable quine—one that doesn’t 
cheat—is not allowed to do anything as underhand or 
trivial as seeking the source file on the disk, opening it, 
and copying (or printing) its contents. Although writing 
a quine is not always easy, and in fact may seem impossi- 
ble, it can always be done in any programming language 
that is Turing complete (see Turing machine), which 
includes every programming language actually in use. (2) 
Quine (verb). To write a sentence fragment a first time, 
and then to write it a second time, but with quotation 
marks around it. For example, if we quine “say,” we get 
“say “say” ”). Thus, if we quine “quine”, we get “quine 
‘quine, ” so that the sentence “quine ‘quine’ ” is a quine. 
In this linguistic analogy, the verb “to quine,” plays the 
role of the code, and “quine” in quotation marks plays 
the role of the data. 
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quintic 

A polynomial or polynomial equation that contains the 
fifth power of the variable, but no higher power. Niels 
Abel and Evariste Galois independently proved that 
although there exist formulas for the general solution of 
quadratic, cubic, and quartic equations, no such formula 
exists for quintic equations. 


quipu 

A recording device generally associated with the Incas, 
who ruled Peru before the Spanish conquest. Quipu 
consisted of a number of color-coded cords; knots of 
various kinds were tied on these cords to represent a vari- 
ety of information. An important use of quipu was to 
record numbers for use in trade, keeping accounts, and 
calendars, but the knotted strings might also have served 
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as mnemonics for important historical events, astro- 
nomical data, and mythology (the Incas had no written 
language). Some evidence supports the idea that the 
knots and cords followed in a decimal system. Similar 
devices were used by several other Indian tribes and also 
described in Chinese and Persian documents from the 


fifth and sixth centuries B.C., and are still used by shep- 
herds in the Andes for keeping accounts of their herds. 


quotient 
The number of times that one number can be divided 
exactly into another. 


radian 

A unit of angular measurement such that there are 27 
radians in a complete circle. One radian = 180/n degrees. 
One radian is approximately 57,3". 


radical 

The symbol that indicates a root, "Y. It seems to have 
been first used in 1525 by Christoff Rudolff (1499-1545) 
in his Die Coss. 


radical axis 

The locus of points of equal power with respect to two 
circles. The radical center of three circles is the common 
point of intersection of the radical axes of each pair of 
circles. 


radius 

The distance from the center of a circle to its circumfer- 
ence, or from the center of a regular polygon to any one 
of its vertices. The radius of curvature, r, at any point of a 
curve is r= 1/«, where x is the curvature. 


radix 
See base. 


railroad problems 
See shunting puzzles. 


Ramanujan, Srinivasa Aaiyangar (1887-1920) 

An extraordinary, largely self-taught, Indian mathemati- 
cian who, in the most unorthodox way, made significant 
contributions to number theory, including the subject 
of elliptic functions, continued fractions, and infinite 
series. During much of his early work, he was unaware 
that he was rediscovering results that had taken other 
mathematicians centuries to achieve. But even in cases 
where he arrived at conclusions already known, he’d often 
travel an original route, and, in many cases, almost purely 
by intuition. Ramanujan was employed in a lowly clerk’s 
position in Madras, when, in 1913, he wrote letters to 
three eminent mathematicians in England describing 
some of his results. Two of the three letters were returned 
unopened. However, G. H. Hardy recognized Ramanu- 
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jan’s abilities and arranged for him to come to Cam- 
bridge. Because of his lack of formal training, Ramanujan 
sometimes failed to distinguish between formal proof and 
apparent truth based on intuition or numerical evidence. 
His extraordinary innate familiarity with numbers was 
revealed by an incident recalled by Hardy:!'" “I remem- 
ber once going to see him when he was lying ill at Putney. 
I had ridden in taxi cab number 1729 and remarked that 
the number seemed to me rather a dull one, and that I 
hoped it was not an unfavorable omen. ‘No,’ he replied, 
‘it is a very interesting number; it is the smallest number 
expressible as the sum of two cubes in two different ways 
[1729 =P +412 = 9 IC” 

Unfortunately, Ramanujan’s health deteriorated rap- 
idly in England, perhaps due to the unfamiliar climate 
and food, and to the isolation which Ramanujan felt as 
the sole Indian and a devout Hindu in a culture which 
was alien to him. Ramanujan was sent home to recuper- 
ate in 1919, but tragically died the following year at the 
age of only 32. Although he published some of his results 
in journals, much of his work and conclusions have only 
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Ramanujan, Srinivasa Aaiyangar The enigmatic mathemati- 
cian on an Indian commemorative stamp. 
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come to light more recently, from a scrutiny of his disor- 
ganized but fascinating notebooks.!''**! 


Ramsey theory 

A branch of mathematics that asks questions such as: 
Can order always be found in what appears to be disor- 
der? If so, how much can be found and how big a chunk 
of disorder is needed to find a particular amount of order 
in 1t? Ramsey theory is named after the English mathe- 
matician Frank P. Ramsey (1904-1930) who started the 
field in 1928 while wrestling with a problem in logic. 
(Frank’s one-year-younger brother, Arthur, served as 
Archbishop of Canterbury from 1961 to 1974.) His life 
was cut short at the age of 26, following a bout of jaun- 
dice. Ramsey suspected that if a system was big enough, 
even if it seemed to be disorderly to an arbitrary degree, 
it was bound to contain pockets of order from which 
information about the system could be gleaned. 


random 
Without cause; not compressible; obeying the statistics 
of a fair coin toss. 


random number 

A number generated by a process that is fundamentally 
nondeterministic and unpredictable. Computer-generated 
“random numbers,” which are calculated through a deter- 
ministic process, cannot, by definition, be random. Given 
knowledge of the algorithm used to create the numbers 
and its internal state, it’s possible to predict all of the num- 
bers returned by subsequent calls to the algorithm. For this 
reason the numbers produced by computer-based “ran- 
dom number generators” are often referred to as pseudo- 
random numbers. In the case of genuinely random numbers, 
knowledge of one number or an arbitrarily long sequence 
of numbers offers no clue of the next number to be gener- 
ated. Humans are among the worst random number gen- 
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ranunculoid A ranunculoid curve spun by thread on a computer loom. Jos Leys, wwwjosleys.com 
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erators. Ask someone to pick a number “at random” 
between 1 and 20, and the number they're most likely to 
choose is 17. Psychologically random numbers, such as 17, are 
usually odd and don't end in 5, so that they frequently 
tend to be prime numbers. See also Chaitin’s constant. 


random walk 

A process in which the position of a particle changes by 
discrete steps of fixed length, and the direction of each 
step is chosen randomly. Random walks have interesting 
mathematical properties that vary greatly depending on 
the number of dimensions in which the walk takes place 
and whether it is confined to a lattice. For a random 
walk in one dimension there are only two directions to 
choose from. Imagine a drunken person wandering on 
the number line who starts at 0, and then moves left or 
right (+/-1) with probability 12. The probability that the 
walker will eventually return to his starting point is 1; in 
other words, it is certain to happen. The same is true for 
a random walk in the plane, moving on the integer lat- 
tice points, with probability ‘4 in each of the coordinate 
directions: the probability of ending up back at the start- 
ing point is 1. However, the situation changes in three 
dimensions. Suppose a drunken fly moves randomly 
from one point to another in a three-dimensional lattice 
with a probability of 1 in 6 of arriving at any of the six 
adjacent lattice points on each move. No matter how 
long the fly roams, it has only a 0.34054 .. . probability 
of ever getting back to where it started. Probabilists say 
that random walks on the line and plane are recurrent, 
whereas random walks in three dimensions or more are 
transient. Effectively, this is because there is so much 
more “space” in three or more dimensions. The numbers 
giving the probability of eventually returning to the 
starting point are known as random walk constants. The 
random thermal perturbations in a liquid are responsible 
for a random walk phenomenon known as Brownian 
motion, and the collisions of molecules in a gas are a ran- 
dom walk responsible for diffusion. 


range 

(1) The set of possible values in which a function’s out- 
put can be. See also codomain. (2) The set of all points 
on a line segment. 


rank 

(1) Any of the rows of squares running crosswise to the 
files on a playing board in chess or checkers. (2) The rank 
of a matrix is equal to the dimension of the largest sub- 
matrix that can be obtained by deleting rows and 
columns of the parent matrix and that has a nonzero 
determinant. See also tensor. 


ranunculoid 
An epicycloid with five cusps (n = 5), named after the 
buttercup genus Ranunculus. 


ratio 

A rational number of the form a/b where a is called the 
numerator and b is called the denominator. It may be writ- 
ten with a colon (:), as a fraction, or with the word (to. 


rational number 

A number that can be written as an ordinary fraction—a 
ratio, a/b, of two integers, a and b, where J isn’t zero—or 
as a decimal expansion that either stops (like 4.58) or is 
periodic (like 1.315315...). Other examples include 1, 
1.2, 385.66, and '4. Rational numbers are countable, 
which means that, although there are infinitely many of 
them, they can always be put in a definite order, from 
smallest to largest, and can thus be counted. They also 
form what’s called a densely ordered set; in other words, 
between any two rationals there always sits another one— 
in fact infinitely many others. The rational numbers are 
a subset of the real numbers; real numbers that aren’t 
rational are called, rationally enough, irrational num- 
bers. Although rationals are dense on the real number 
line, in the sense that any open set contains a rational, 
they’re pretty sparse in comparison with the irrationals. 
One way to think of this is that the infinity of rationals 
(which, strangely enough, is exactly the same size as the 
infinity of whole numbers) is smaller than the infinity of 
irrational numbers. Another way to grasp the scarcity 
versus density issue, is to realize that the rationals can be 
covered by a set whose “length” is arbitrarily small. In 
other words, given a string of any positive length, no 
matter how short, it will still be long enough to cover all 
the rationals. In mathematical parlance, the rationals are 
a measure zero set. The irrationals, by contrast, are a 
measure one set. This difference in measure means that 
the rationals and irrationals are quite different even 
though a rational can always be found between any two 
irrationals, and an irrational exists between any two 
rationals. 


raven paradox 

A paradox put forward by the German logician Carl 
Hempel (1905-1997) in the 1940s to highlight a situation 
where the logic of induction seems to fly in the face of 
intuition. According to the principle of induction, the more 
that a theory is supported by observation, the greater 
the probability that the theory is true. Consider, said 
Hempel, the theory that all ravens are black. After each 
observation of a black raven, our belief in the theory “all 
ravens are black” increases. But here’s the rub. The state- 
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ment “all ravens are black” is logically equivalent to the 
statement “all nonblack things are nonravens.” The 
observation of a white swan is consistent with this state- 
ment. A white swan is a nonblack thing, and when we 
examine it, we observe that it is a nonraven. So by the 
principle of induction, observing a white swan should 
increase our belief that all ravens are black! 

Many solutions have been offered to this enigma. The 
American logician Nelson Goodman (1906-1998) sug- 
gested imposing restrictions to our reasoning, such as 
never considering an instance as support for “All P are 
Q” if it would also support “No P are Q.” Others have 
questioned the principle of equivalence. Perhaps seeing a 
white swan should strengthen our belief in the theory 
“all nonblack things are nonravens,” without increasing 
our conviction that “all ravens are black.” Yet others 
have argued that our intuition is flawed. Observing a 
white swan really does increase the probability that all 
ravens are black! After all, if you were shown all the non- 
black things in existence, and you noticed that none was 
a raven, then you could properly conclude that all 
ravens were black. The example only seems counterintu- 
itive because the set of nonblack things is vastly larger 
than the set of ravens. Thus observing one more non- 
black thing that is not a raven should make a tiny differ- 
ence to our degree of belief in the proposition compared 
to the difference made by observing one more raven that 
is black. 

A way to sidestep the paradox is by using Bayes’s the- 
orem. According to this the probability of a hypothesis 
H must be multiplied by the ratio: 


probability of observing X if H is true 
probability of observing X 


If a swan is picked at random, the probability of it being 
white is independent of the colors of ravens. The numer- 
ator in the above ratio will equal the denominator, the 
ratio will equal one, and the probability will remain 
unchanged. Seeing a white swan doesn’t affect our belief 
about whether all ravens are black. If a nonblack thing is 
chosen at random, and a white swan is shown, then the 
numerator will be bigger than the denominator by a tiny 
amount. Seeing the white swan will only slightly increase 
our belief that all ravens are black. We’d have to see 
almost every nonblack thing in the universe (and see that 
they’re all nonravens) before our belief in “all ravens are 
black” would increase appreciably. In both cases, these 
results are in line with intuition. 


ray 
A straight path of points that begins at one point and 
continues in one direction. 


real number 

Any number that can be represented as a decimal, possi- 
bly infinitely long and nonrepeating. Real numbers stand 
in One-to-one correspondence with the points on a con- 
tinuous line, known as the real number line, that stretches 
from zero to infinity in both directions. The set of real 
numbers contains the set of all rational numbers and the 
set of all irrational numbers. The name “real number” is 
a retronym, coined by René Descartes in response to the 
concept of imaginary numbers. Number systems that 
are even more general than the real numbers include the 
complex numbers and, of much more recent discovery, 
hyperreal numbers and surreal numbers. 


realm 
A term advocated for a three-dimensional version of the 
two-dimensional plane. 


reciprocal 
One over a given number; for example, the reciprocal of 
4 is Ya, 


Recorde, Robert (c. 1510-1558) 

A Welsh physician and mathematician, born in Tenby, 
Pembrokeshire, and trained at Oxford and Cambridge, 
who held various positions, including master of the mint in 
Bristol and later in Ireland, and wrote a number of influen- 
tial math textbooks. These books formed a complete course 
and were written in English, rather than the usual Latin or 
Greek, so that they could be read by anyone. In one of 
them Recorde introduces the “=” sign for “equals.” 


rectangle 

A quadrilateral whose interior angles are all 90°. If all of 
its sides are the same length, it is a square. The smallest 
square that can be cut into m x n rectangles, such that all 
m and n are different integers, is the 11 x 11 square, and 
the tiling uses five rectangles. The smallest rectangle that 
can be cut into m x n rectangles, such that all m and z are 
different integers, is the 9 x 13 rectangle; this tiling also 
uses five rectangles. 


rectangular coordinates 
See Cartesian coordinates. 


rectangular hyperbola 
See hyperbola. 


recursion 

See recursion. 

No, seriously. Recursion is a process that wraps back on 
itself and feeds the output of a process or function back 
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in as the input. Using some sort of recurrence relation, an 
entire class of objects can be built up from a few initial 
values and a small number of rules. The Fibonacci 
sequence, for example, is defined recursively, as are 
many fractal figures. Selfrecurston, of which the first two 
lines of this entry are an example, leads to an endless 
feedback loop. One, somewhat disturbing, notion of 
reality is that we live in a recursive universe in which nature 
resembles an infinite nest of Russian dolls. One day, we 
will simulate the big bang in one of our supercomputers. 
Inside this artificial universe (rather like an immense Star 
Trek “holodeck” simulation) will evolve new star systems 
and new life forms. They too will evolve intelligence one 
day and invent computers. And they too may one day 
simulate the big bang inside one of their supercomput- 
ers. This chain of existence will continue as long as we 
continue to run our simulation. Our universe will con- 
tinue to exist as long as our parent universes’ continue to 
run their simulations. And therein lies madness. 


recursive function 

Strictly speaking, a function that is computable; however, 
in the usual sense of the word, a function is said to be 
recursive if its definition makes reference to itself (see 
recursion). For example, factorial can be defined as x! = 
x(x — 1)! with the base case of 1! equal to 1. See also self- 
referential sentence. 


recursively enumerable set 

A potentially infinite set whose members can be enu- 
merated by a universal computer; however, a universal 
computer may not be able to determine that something 
is not a member of a recursively enumerable set. The halt- 
ing set, a concept related to the halting problem, is recur- 
sively enumerable but not recursive. 


reductio ad absurdum 

“Reduction to the absurd”; the process of demonstrat- 
ing that an idea is probably false by first assuming its 
truth, and then showing how that truth leads to conclu- 
sions that can’t possibly be true. In A Mathematician's 
Apology (1941),""" G. H. Hardy said: “Reductio ad 
absurdum, which Euclid loved so much, is one of a 
mathematician’s finest weapons. It is a far finer gambit 
than any chess play: a chess player may offer the sacri- 
fice of a pawn or even a piece, but a mathematician 
offers the game.” 


reductionism 

The idea that nature can be understood by taking it apart. 
In other words, knowing the lowest-level details of how 
things work (at, say, the level of subatomic physics) 


reveals how higher-level phenomena come about. This is 
a bottom-up way of looking at the universe, and is the 
exact opposite of holism. 


redundancy 

The existence of repetitive patterns or structures. In an 
important sense, redundancy refers to order in a complex 
system since order is defined as the existence of struc- 
tures that maintain themselves over time. In information 
theory, redundancy refers to repetition in patterns of 
messages in a communication channel. If the message 
contains these redundancies, they can be compressed fur- 
ther; for example, a message containing a series of 250 
ones, could be compressed into a command that effec- 
tively says “and then repeat one 250 times,” instead of 
writing out all 250 ones. 


reentrant angle 
An inward-pointing angle of a concave polygon. 


reflection 

A way of transforming a shape in the same way that a 
mirror does. The reflection of a shape in a mirror line is 
an identical shape that has been flipped over. When an 
object is placed a certain distance in front of a mirror, its 
image in the mirror appears the same distance away from 
the edge of the mirror. Likewise, all the points on a shape 
and all the points on its image are the same distance away 
from the mirror line. 


reflex angle 
An angle between 180° and 360°. 


reflexible 
Having a plane of mirror symmetry. Compare with chiral. 


regular polygon 
A polygon in which all the sides are equal and all the 
angles are equal. 


regular polyhedron 

A polyhedron in which every face and vertex figure is reg- 
ular. There are nine regular polyhedra: the five Platonic 
solids and the four Kepler-Poinsot solids. However, oth- 
ers are sometimes allowed, depending on the definition of 
polyhedron. 


relativity theory 

The physical and mathematical theory due to Albert 
Einstein (1879-1955) that revolutionized our under- 
standing of space, time, and gravity. In it, space and 
time are seen as a unified and inseparable whole—the 
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four-dimensional continuum of space-time. The curva- 
ture of space-time due to the presence of matter 
becomes the extraordinary new explanation and inter- 
pretation of gravity. Einstein’s theory of relativity was 
published by him in two great parts. Special relativity, 
published in 1905, deals exclusively with zvertial frames 
of reference, that is, reference frames that don’t acceler- 
ate with respect to one another. Its two central premises 
are that the laws of physics are the same in all reference 
frames and that the speed of light (in a vacuum) is con- 
stant in all reference frames. General relativity, pub- 
lished in 1915, centers on the equivalence principle, the 
idea that acceleration and gravity are equivalent. See 
also non-Euclidean space. 


renormalization 
A mathematical technique for looking at a physical sys- 
tem at different levels of magnification. 


repdigit 

A number composed of repetition of a single digit in a 
given base, generally taken as base 10 unless otherwise 
specified. For example, the beast number 666 is a (base- 
10) repdigit. 


representation theory 
A theory that seeks to understand an abstract algebraic 
system such as a group by obtaining it in a more concrete 


Reuleaux triangle O Jan Wassenaar, www.2dcurves.com 


way as a permutation group or as a group of matrixes (see 
matrix). 


rep-tile 

A repetitive tiling: a shape with the property that it tiles 
a larger version of itself, using identical copies of itself. A 
simple example is a square because four copies of any 
square tile a larger square. Any triangle also is a rep-tile, 
because four copies of it tile a larger version of this trian- 
gle. Rep-tiles that require tiles to build a larger version 
of themselves are said to be rep-n; thus a square is rep-4. 
Since any of these larger replicas can be combined to give 
an even larger, second-generation copy, a rep-z tile is also 
rep-n’, rep-?, and so on. Often tiles have several rep- 
numbers. If a tile is rep-z and rep-m, it is also rep-mn, 
since replicas can be built with » tiles, then combined, m 
at a time, to give a yet larger version. 

The set of rep-tiles is a subset of the set of zrreptiles. An 
irreptile is any shape that tiles a larger version of itself 
using either differently sized or identical copies of itself. 
The problem to find all irreptiles in the Euclidean plane 
has been studied but not yet completely solved. A 
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Reutersvärd, Oscar A Swedish stamp depicting one of 
Reutersvárd's impossible figures. 
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re-lated set of problems is to find for each irreptile the 
minimum number of smaller copies needed to tile the 
original shape; in many cases it is difficult to prove such 
a minimality. The name “rep-tile” was coined by Simon 


Golomb. 


rep-unit 

A number whose digits are all units; the rep-unit 
(repeated unit) with z digits is denoted R,. For example, 
R = 1, R, = 11, R = 111, and R, = (10” — 1)/9. R, divides 
R,, whenever n divides m. No rep-unit can be a square, 
but it is not known if one can be a cube. Rep-unit primes 
are rep-units that are prime numbers. The only known 
rep-unit primes are R, (11), Ri, Rz, R3i7, and Rio 
though Roos; and Rss4s3 are suspected primes. 


resultant 
A vector that is the sum of a given set of vectors. 


Reuleaux polytope 


A convex body in the plane or in higher dimensions 
that, like the Reuleaux triangle, consists of pieces of 
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Rhind papyrus British Museum 


round spheres, each centered at one of the corners of the 
convex body. 


Reuleaux triangle 

The simplest noncircular curve of constant width; also 
known as the Reuleaux wheel, it is named after the German 
engineer and mathematician Franz Reuleaux (1829-1905). 
Although it was known to earlier mathematicians, Reu- 
leaux was the first to show its constant-width properties. To 
form a Reuleaux triangle, take the three points at the cor- 
ners of an equilateral triangle and connect each pair of 
points by a circular arc centered at the remaining point. 
The ratio of the circumference to the width of the triangle 
is, remarkably, pi. By rotating the centroid of a Reuleaux 
triangle appropriately, the figure can be made to trace out 
a square, perfect except for slightly rounded corners. This 
idea has formed the basis of a drill that will carve out 
squares, first patented by Harry Watts in 1914. Bits for 
square, pentagonal, hexagonal, and octagonal holes are 
still sold by the Watts Brothers Tool Works in Wilmerding, 
Pennsylvania. The actual drill bit for the square is a 
Reuleaux triangle made concave in three spots to allow for 
unobstructed corner-cutting and the discharge of shavings. 
The Reuleaux triangle may also form the shape of the pis- 
ton in a rotary, or Wankel, engine, in which gasoline burns 
in crescent-shaped chambers, turning a rotating piston that 
drives an axle through its center. 


Reutersvárd, Oscar (1915-) 

A Swedish artist who pioneered the creation and design of 
impossible figures. His work in this area goes back to one 
day in 1934 when, as a young student in Stockholm, he 
started doodling in the margins of a textbook during a long 
lecture. Reutersvard’s doodle began with an outline of a 
perfect six-pointed star. Once the star was complete he 
added cubes around the star, nestled into the spaces 
between the points. He soon realized that what he’d drawn 
was paradoxical: something that couldn’t be built in the 
real world. A different version of this figure, independently 
created by Roger Penrose, would later be called the Pen- 
rose triangle. Thus began a lifelong fascination with such 
objects, which later included work on the impossible stair- 
case (a design he sketched in 1950 while on a cross-country 
train ride), which is known as the Penrose stairway, and 
the discovery of the tribar illusion. In the early 1980s the 
Swedish government honored Reutersvard’s achievements 
by issuing a set of three stamps depicting impossible fig- 
ures, including a version of his 1934 weird cubes design. 


Rhind papyrus 

A papyrus scroll, 33 cm high and 565 cm wide, found in 
a tomb in Thebes, that is the most valuable source of 
information we have about Egyptian mathematics. The 


There are 90° in a right angle. In Figure 2.12, ZX YZ = 90°, so 
a + 71° = 90° giving a = 90° — 71° = 19°. Two angles whose sum 
is 90° are complementary. 


The angle made on a straight line is 180°. If there are two or 

more angles on a straight line, then their sum must also be 180°. 
This fact is usually stated as angles on a straight line add up 

to 180°. In Figure 2.13, PO is a straight line, so c and 78° add up 
to 180°. Thus, c = 180° — 78° = 102°. Two angles which add up to 
180° are called supplementary, so 78° and 102° are supplementary 
angles. 


There are 360° in a complete turn. The angles in Figure 2.14, when 
added together, make a complete turn. They are called angles at a 
point. So the angles at a point add up to 360°. 


Therefore 117°, 122° and e add to 360°. 117° + 122° = 239°, 
e=360"=239 = 121”, 


When two straight lines cross, as in Figure 2.15, four angles, a, b, c 
and d, are formed. Since a added to b makes 180°, and c added to 
b also makes 180°, it follows that a = c. Similarly, b = d. 


122° 


117° 


Figure 2.14 Figure 2.15 


The angles a and c are called vertically opposite. The angles b 
and d are also vertically opposite. The argument in the previous 
paragraph shows that vertically opposite angles are equal. 


Insight 
You can think of a pair of scissors: as the angle between the 
handles increases, so does the angle between the blades. 


2. Angles 
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scroll was bought at a market in Luxor in 1858 by a 25- 
year-old Scotsman, Henry Rhind, who went to Egypt for 
health reasons and became interested in archeology. After 
his early death at the age of 30, the scroll found its way to 
the British Museum in London in 1864 and has remained 
there ever since. It is often referred to as the Rhind mathe- 
matical papyrus, or RMP for short. The hieroglyphs on the 
papyrus were deciphered in 1842, while the Babylonian 
clay-tablet cuneiform writing was deciphered later in the 
nineteenth century. The text begins by stating that the 
scribe “Ahmes” is writing it (in about 1600 B.C., and he is 
thus the earliest named individual in the history of math- 
ematics) but that he has copied it from “ancient writings,” 
which probably go back to at least 2000 B.c. Although 
there is some strictly practical mathematics on the papy- 
rus, including calculations needed for surveying, building, 
and accounting, some of which involve Egyptian frac- 
tions, many of the problems in the RMP take the form of 
arithmetic puzzles. One of these is: Seven houses contain 
seven cats. Each cat kills seven mice. Each mouse had 
eaten seven ears of grain. Each ear of grain would have 
produced seven hekats of wheat. What is the total of all of 
these? This is very similar to the St. Ives problem. 

There are also four lesser documents preserving Egyp- 
tian arithmetic: the Moscow papyrus and the Berlin 
papyrus (named for the places they are kept), the Kahun 
papyrus (named for where it was found), and the Leather 
Roll (named for its composition). The Moscow papyrus 
is sometimes called the Golenischev papyrus after the 
Russian V. S. Golenischev, who purchased it in 1893 from 
two Egyptian brothers who found it in a tomb at Deir el- 
Bahri. It measures 8 cm high and 540 cm wide and con- 
tains 25 problems and their solutions. The most unusual 
are the tenth, which seems to give the area of the surface 
of a hemisphere or perhaps a cylinder, and the four- 
teenth, which gives the formula for the volume of the 
frustum of a pyramid. 


rhombus 

A quadrilateral in which both pairs of opposite sides are 
parallel and all sides are the same length, that is, an equi- 
lateral parallelogram. A rhombus is also sometimes 
called a rhomb or a diamond. A rhombus whose acute 
angles are 45° is called a lozenge. The diagonals p and q of 
a rhombus are perpendicular and satisfy the relationship 
p?+q?=4a?. The area of a rhombus is given by A = 12 pq. 


Richard's paradox 
See Berry’s paradox. 


Riemann, (Georg Friedrich) Bernhard (1826-1866) 
A German mathematician who was the first person to 
provide a thorough treatment of non-Euclidean geome- 


try and to see how it might be applied in physics; he thus 
helped pave the way for the general relativity theory. 
Among several profound aspects of mathematics now 
named after him are the Riemann hypothesis and the 
related Riemann zeta function. His father, a Lutheran 
pastor, encouraged him to study theology at Göttingen. 
But even as a child Riemann had shown a tremendous 
aptitude for mathematics and, in 1847, he persuaded his 
father to let him go to Berlin to learn mathematics from 
the likes of Karl Jacobi, Peter Dirichlet, and Jakob 
Steiner. Two years later, he returned to Gottingen to 
study for his Ph.D. and begin his climb up the professor- 
ial ladder. In 1854, his inaugural lecture, “Concerning the 
hypotheses which underlie geometry,” covered a breath- 
taking array of topics, including a workable definition of 
the curvature of space and how it could be measured, the 
first description of elliptical geometry, and, most impor- 
tant of all, the extension of geometry into more than 
three dimensions with the aid of algebra. 


Riemann hypothesis 


IfI were to awaken after having slept for a thousand 
years, my first question would be: Has the Riemann 
Hypothesis been proven? 

—David Hilbert 


The most important open question in number theory 
and, possibly, in the whole of mathematics. A $1 million 
prize has been offered by the Clay Mathematics Institute 
for a proof. The hypothesis was first formulated by Bern- 
hard Riemann in 1859, was included in David Hilbert’s 
list of challenging problems for twentieth-century mathe- 
maticians, and is widely believed to be true. Yet a proof 
remains tantalizingly out of reach. What the Riemann 
hypothesis says is that the nontrivial zeros of the Riemann 
zeta function all have real parts equal to '2. In plain lan- 
guage, the hypothesis asserts that there is an underlying 
order, akin to musical harmonics, in the way prime num- 
bers are distributed. It’s known that for any given number 
n there are approximately 2/log n prime numbers that are 
less than n. The formula is not exact: sometimes it is a lit- 
tle high and sometimes it is a little low. Riemann looked at 
these deviations and found that they contain periodicities. 
His hypothesis quantifies and formalizes this discovery, 
positing that the zeros of the zeta function can be regarded 
as the harmonic frequencies in the distribution of primes. 
If the Riemann hypothesis turns out to be true, what do 
these harmonics in the “music” of the primes mean? 
Remarkably, it is been found by the English physicist 
Michael Berry and his colleagues that there is a deep con- 
nection between the harmonics—the Riemann zeros—and 
the allowable energy states of physical systems that are on 
the border between the quantum world (see quantum 
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mechanics) and the everyday world of classical physics. 
The Riemann harmonics, or “magic numbers,” behave 
exactly like the energy levels in quantum systems that clas- 
sically would be chaotic. This deep connection between 
number theory and the physics of the real universe, if 
upheld, is utterly astonishing. If the Riemann hypothesis is 
proved true, it could open an entirely new window on the 
nature of reality and the relationship between the abstract 
world of mathematics and the behavior of matter and 
energy. On the other hand, if it is disproven, there will be 
an even deeper mystery to explore: How can the Riemann 
zeta function so convincingly mimic a quantum system 
without actually being one?" 


Riemann integral 

The kind of integral familiar from calculus texts and nor- 
mally used by scientists and engineers, in which the pro- 
cess of integration of function on an interval amounts to 
finding the area under the curve. 


Riemann sphere 
A topological sphere consisting of the complex plane and 
the point at infinity; an example of a Riemann surface. 


Riemann surface 

Also known as a complex curve, a complex manifold with 
one complex dimension. The Riemann surface is a con- 
formal structure (see conformal mapping). 


Riemann zeta function ¿(s) 


We may—paraphrasing the famous sentence of 
George Orwell—say that “all mathematics is beautt- 
ful, yet some is more beautiful than the other.” But 
the most beautiful in all mathematics is the zeta 
function. There is no doubt about it. 
—Krzysztof Maslanka, Polish cosmologist 


One of the most profound and mysterious objects in 
modern mathematics; from it has sprung the Riemann 
hypothesis and all that this conjecture seems to imply. 
The Riemann zeta function is closely tied to the distribu- 
tion of prime numbers. It is an extension of the Euler zeta 
function, first studied by Leonhard Euler, which is the sum 


C(s)=14 1/24 1/3 +1/44+...= > 1/7, 
n=1 


Euler found that this function is linked to the occurrence 
of prime numbers by the following fundamental rela- 
tionship: 

C(s) =1 + 1/2 + 1/3+ 1/4 +...=2"/(2"—1) 

x 3”/(3” — 1) x 5”/(5" — 1) x 7”/(7” — 1)x... 

= II 1/(1-p> 


The Riemann zeta function extends the definition of 
Euler’s zeta function to all complex numbers. 


Riemannian geometry 
See elliptical geometry. 


right 
A right angle is an angle of 90°. A right triangle is a triangle 
that contains a right angle. 


ring 

(1) Another name for an annulus. (2) A number system 
in which addition, subtraction, and multiplication are 
always defined and the associative and distributive laws 
are valid. Compare with field. 


Rithmomachia 

A medieval, chesslike board game for two players that is 
based on the number theories of Pythagoras and 
Boethius. Rithmomachia or “battle of numbers” (rzthmo, 
“arithmetic, numbers”; machia “battle”) dates back to 
about A.D. 1150 although the earliest publication of the 
rules was by Jean de Boissiere in the sixteenth century. 
Used as an educational tool (the only game allowed in 
medieval schools and universities) and as an intellectual 
exercise, it enjoyed a last wave of popularity during the 
Renaissance before the early Scientific Revolution led to 
its disappearance. 

The game is played on an 8 x 16 board. Each player 
starts with either 24 black or white pieces: 8 circles, 8 tri- 
angles, 7 squares, and 1 pyramid. Each of these has a 
number, which is how many places it can move. A square 
can move 4 spaces, a triangle 3, a circle 1, and the pyra- 
mid as many spaces as the player chooses. Opponent 
pieces can be captured in a variety of ways: szege capture 
(surrounding the opponent piece on all four sides; meet- 
ing capture (attacking a piece with the same type of 
piece); assault capture (achieved if the piece’s number 
times the number of spaces it moved lands it next to an 
opposing piece that equals the product); ambuscade 
(achieved if two pieces of a player that are on either 
sides of a piece sum to equal the opponent’s piece). 
There are also a number of different ways to win, 
including: de corpore (players agree on a number of 
pieces to be captured); de bonis (players agree on a num- 
ber value target); de lite (the winner is determined by the 
sum of the pieces as well as the number of digits on all 
those pieces); victoria magna (if there is a common dif- 
ference between the pieces a player has captured, or the 
squares of three consecutive integers are captured; or 
there is a difference of 2, 4, and 6 in even pieces, or 3, 5, 
and 7 in odd pieces). 
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river-crossing problem 

A puzzle in which a variety of objects and living things, 
some of them mutually incompatible, must be conveyed 
in small groups from one side of a river to another with- 
out any loss along the way. The earliest known examples 
are in Propositiones ad Acuendos Juvenes (Propositions for 
sharpening youths), which is generally attributed to 
Abbott Alcuin. They are: the problem of three jealous 
husbands (each of whom won't let another man be 
alone with his wife), the problem of the two adults and 
two children where the children weigh half as much as 
the adults (and the boat has a limited weight capacity), 
and the problem of the wolf, the goat, and the cabbage. 
In the last case, the difficulty is that only one item can 
be ferried across at once but, if left unattended, the 
sheep will eat the cabbage and the wolf will eat the 
sheep. The solution, which involves a stratagem com- 
mon to all these types of problems, is to bring back to 
the starting bank of the river an item that has already 
been taken across. In this case, the sheep must be taken 
across first, followed by either the cabbage or the wolf, 
but then the sheep must be brought back before the next 
item is taken across to avoid the sheep becoming either 
a diner or a dinner. 

These medieval puzzles were considered and elabo- 
rated on by Niccoló Tartaglia, Luca Pacioli, and 
Claude-Gaspar Bachet, and even more so by later math- 
ematicians such as Edouard Lucas and Gaston Tarry. 
Ways of complicating river-crossing problems include 
adding more people and objects, using a bigger boat, 
and inserting an island in the river. The reader may care 
to try the problem of the missionaries and the canni- 


bals. 


PUZZLE 
Three missionaries and three cannibals must cross a 
river in a boat that holds a maximum of two people. If 
the cannibals outnumber the missionaries, on either 
side of the river, the missionaries are in trouble. Each 
missionary and each cannibal is capable of rowing the 
boat. How can all six get across the river safely? 
Solutions begin on page 369. 


Robinson, Abraham (1918-1974) 

A German-born mathematician who founded nonstan- 
dard analysis and did important work in a wide diversity 
of fields from aerodynamics to mathematical logic. A 
modern counterpart to Gottfried Leibniz in his range of 
interests and the significance of his research on infinites- 
imals, Robinson (he changed his name from Robinsohn) 
taught at various universities in Israel, England, Canada, 
and the United States. 


Rolle’s theorem 

Suppose a continuous function (see continuity) crosses 
the x-axis at two points a and band is differentiable at all 
points between a and J; that is, it has a tangent at all 
points on the curve between a and b. Then there’s at least 
one point between a and hb where the derivative is 0, and 
the tangent is parallel to the x-axis. 


Roman numerals 

A number system in which each symbol represents a 
fixed value regardless of its position; this differs from 
the place-value system of Arabic numerals. The earliest 
form of the Roman system was, however, decimal. In 
this primitive version a series of I’s represented any 
number from 1 to 9, and a new symbol was introduced 
for each higher power of 10: X for 10, C for 100, and M 
for 1,000. The symbols V, L, and D, which stand for 5, 
50, and 500, are thought to have been introduced by 
the Etruscans. A common remark is that multiplication 
and division using Roman numerals is so awkward that 
it is totally impractical. However, an article by James G. 
Kennedy in The American Mathematical Monthly in 1980 
gives algorithms for these operations that are actually 
more straightforward in the Roman system than in the 
Arabic. In multiplication the first step is to rewrite the 
numbers in a simple place-value notation. Seven 
columns are set up, headed by the symbols M, D, C, L, 
X, V, and I, and tallies are marked in each column cor- 
responding to the number of times that symbol appears 
in the multiplicand. For example, if the multiplicand is 
XIII (13), one tally is marked in the X column and three 
tallies are marked in the I column. The multiplier is 
written in the same way. The multiplication itself is 
done by forming partial products according to two sim- 
ple rules. In most cases the partial product given by any 
one tally in the multiplier is simply the set of tallies that 
represents the multiplicand, shifted to the left an appro- 
priate number of columns. If the multiplier digit is I, 
the multiplicand is not shifted at all; the multiplicand is 
shifted one place to the left for V, two places for X, three 
places for L, and so on. The second rule is applied only 
when one Etruscan character is multiplied by another. 
In such cases the tallies representing the multiplicand 
digit are written twice in the appropriately shifted col- 
umn and an additional tally is written one column to 
the right. Once a partial product has been formed for 
every tally in the multiplier, the tallies in each column 
are accumulated and replaced by the Roman symbol at 
the head of the column, giving the final answer. Only a 
slight change in the method is needed for Roman 
numerals in “subtractive notation,” where 10 is written 
as IX, and so on. If all this sounds not quite so simple, 
the method for multiplying Arabic numbers is just as 
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involved if they are written in explicit form. Further- 
more, Arabic operations require a multiplication table 
giving the 100 products of all the possible pairs of Ara- 
bic digits. No comparable table is needed with Roman 
numerals, where all arithmetical operations can be 
defined in terms of shifting rules, addition, and subtrac- 
tion. 


rooks problem 
To find the maximum number of rooks that can be 
placed on an n x n chessboard such that no rook attacks 


another. Since each rook attacks all squares in the rank 
and file upon which it rests, this number is n: the rooks 
may be placed along the main diagonal. The total num- 
ber of ways of placing n nonattacking rooks is 1 factor- 


ial (x!). 


root 

(1) A number used to build up another number by 
repeated multiplication. For example, since 2 x 2 x 2 = 8, 
two is said to be the third root or cube root of eight. (2) A 
solution of an equation. For example, 3 is a root of the 
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Rubik's cube Peter Knoppers, www.buttonius.com 


equation x° = 9. A root is also called a zero of a function 
because it is a value that will make the function zero (x= 3 
will make the function f(x) = x? — 9 zero. The word comes 
from the Indo-European werad, which originally meant the 
roots of a plant but was later generalized to mean the ori- 
gins or beginnings of something, whether it was physical 
or mental. 


root of unity 
A solution of the equation x” = 1, where z is a positive 
integer. 


rope around the earth puzzle 

Imagine a rope that fits snugly all the way around Earth 
like a ring on a person’s finger. Now imagine the rope is 
made just 1 meter longer and lifted uniformly off the sur- 
face until it is once again taught. What will its height be 
above the surface? This puzzle, or one very like it, 
appeared in a students’ book on Euclid written in 1702 by 


the English clergyman, mathematician, and natural 
philosopher William Whiston (1667-1752). The answer 
in the form just given is remarkable: about 16 cm. It 
comes simply from the formula for the circumference of 
a circle. If the extra radius of the rope is r and Earth’s 
radius is R, then 


2n(R +7) =2nR + 100 
so that r= 100/27 = 15.9. 


Rosamund’s bower 

A legendary maze, located in Woodstock Park, Oxford- 
shire, whose purported site is marked today by a well 
and fountain. It was supposedly intended to conceal 
Rosamund Clifford, the mistress of King Henry II 
(1133-1189), from the queen, Eleanor of Aquitaine. 
Legend has it that about 1176, Eleanor managed to solve 
the maze and confronted Rosamund with the choice of 
a dagger or poison; she drank the poison and Henry 
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never smiled again. Historically, Henry had imprisoned 
Eleanor for fomenting rebellion by her sons, and Rosa- 
mund was his acknowledged mistress. Rosamund proba- 
bly spent her last days at a nunnery in Godstow, near 
Oxford. The legend of the bower dates from the four- 
teenth century and her murder is a later addition. In the 
nineteenth century, many puzzle collections had a maze 
called Rosamund’s bower. 


rose curve 

A curve that has the shape of a flower with petals; it was 
named rhodonea (“rose”) by the Italian mathematician 
Guido Grandi in the 1720s. It is given by the polar 
equation 


r=a sin (nð). 


If 2 is odd the rose has x petals, if 2 is even the rose has 
2n petals, and if n = 2 the rose becomes the quadri- 
folium. If z is an irrational number, then there are an 
infinite number of petals. 


rotation 

A transformation in which a figure turns through a spe- 
cific angle about a fixed point, called the center of rota- 
tion. The center of rotation may be inside or outside the 
figure that is being transformed. If the figure is turned 
anticlockwise, the rotation is considered positive, while a 
negative rotation turns the figure clockwise. 


rotor 

A convex figure that can be rotated inside a polygon (or 
polyhedron) while always touching every side (or face). 
The least area rotor in a square is the Reuleaux triangle. 
The least area rotor in an equilateral triangle is a lens 
with two 60° arcs of circles and a radius equal to the tri- 
angle’s altitude. There exist nonspherical rotors for the 
tetrahedron, octahedron, and cube, but not for the 
dodecahedron and icosahedron. See also curve of con- 
stant width. 


roulette 

(1) The curve traced by a fixed point on a closed convex 
curve as that curve rolls without slipping along a second 
curve. (2) A gambling game in which players bet on 
which slot of a rotating disk a small ball will come to rest 
in. On August 18, 1913, on an unbiased roulette wheel at 
Monte Carlo, evens came up 26 times in a row. The prob- 
ability of this occurring is 1 in 136,823,184. 


round 
In topology, the terms circle and sphere refer to topologi- 
cal objects and not geometric ones, so that the surface of 


an egg shape is a sphere. A round sphere is, topologically 
speaking, not a tautology, but a sphere with constant cur- 
vature; that is, a sphere in the sense of geometry. 


rounding 

Replacing a number by another number having fewer sig- 
nificant digits or, for integer numbers, fewer value- 
carrying (nonzero digits). For example, 386.804 may be 
rounded successively to 386.80, 386.8, 387, 390, and 400. 
Rounding may be carried out in two ways: by rounding 
down, which is equivalent to truncation, and by rounding 
up the last digit to be retained by one unit. See also 
banker’s rounding. 


round-off error 
The error accumulated during a calculation due to round- 
ing intermediate results. See also banker’s rounding. 


Rubik's cube 

A 3 x 3 x 3 cube in which the 26 subcubes on the out- 
side are internally hinged in such a way that rotation (by 
a quarter turn in either direction or a half turn) is possi- 
ble in any plane of cubes. Each of the six sides is painted 
a distinct color, and the goal of the puzzle is to return 
the cube to a state in which each side has a single color 
after it has been randomized by repeated rotations. 
Invented in 1974 by the Hungarian Ernö Rubik, 
patented in 1975, and put on the market in Hungary in 
1977, it went on to sell some 100 million copies world- 
wide over the next decade. Since there are over 43 mil- 
lion trillion different arrangements of the small cubes, 
only one of which corresponds to the desired goal, to 
solve Rubik’s cube in a time significantly less than the 
current age of the universe (let alone the world record, 
which stands at around 20 seconds) calls for some kind 
of methodical approach. Algorithms exist for solving a 
cube from an arbitrary initial position, but they are not 
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Rucker, Rudy (Rudolf von Bitter) (1946-) 

An American mathematician best known for his enter- 
taining popular mathematics, science, and science fiction 
books, including Infinity and the Mind,””! The Fourth 
Dimension, and Mind Tools." Rucker has a doctorate 
in mathematical logic from Rutgers and teaches at San 
José State University. His great-great-great-grandfather 
was the famous German philosopher Georg Hegel. 


ruled surface 
A surface that is built up from an infinite number of per- 
fectly straight lines. A cylinder, for example, is a ruled 
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surface of parallel straight lines. A cone is a ruled surface 
of straight lines that meet at the apex of the cone. Also 
known as scrolls, ruled surfaces have been studied for cen- 
turies by geometers such as the Jesuits Roger Boscovich 
and Andre Tacquet as well as by their famous students, 
including Gaspar Monge and Phillippe de Lahire. Exam- 
ples that stand out because of both their striking shape 
and their relative ease of construction include hy- 
perboloids, helicoids and Móbius bands. Most ruled 
surfaces, however, are so complicated that, before the com- 
puter age, they were almost impossible to construct. 


ruler-and-compass construction 
See Mascheroni construction. 


Russell, Bertrand Arthur William (1872-1970) 

A British philosopher, mathematician, and logician who 
rose to prominence with his first major work, The Princi- 
ples of Mathematics (1902), in which he attempted to 
remove mathematics from the realm of abstract philo- 
sophical notions and to give it a precise scientific frame- 
work. Russell then collaborated for eight years with the 
British philosopher and mathematician Alfred North 
Whitehead (1861-1947) to produce the monumental 
work Principia Mathematica (3 volumes, 1910-1913). This 
work showed that mathematics can be stated in terms of 
the concepts of general logic, such as class and member- 
ship in a class. It became a masterpiece of rational 
thought. Russell and Whitehead proved that numbers 
can be defined as classes of a certain type, and in the 
process they developed logic concepts and a logic nota- 
tion that established symbolic logic as an important spe- 
cialization within the field of philosophy. In his next 
major work, The Problems of Philosophy (1912), Russell bor- 
rowed from the fields of sociology, psychology, physics, 
and mathematics to refute the tenets of idealism, the 
dominant philosophical school of the period, which held 
that all objects and experiences are the product of the 
intellect. Russell, a realist, believed that objects perceived 
by the senses have an inherent reality independent of the 
mind. 

Russell condemned both sides in World War I, and for 
his uncompromising stand he was fined, imprisoned, and 
deprived of his teaching post at Cambridge. In prison he 
wrote Introduction to Mathematical Philosophy (1919). After 
the war he visited the Soviet Union, and in his book Prac- 
tice and Theory of Bolshevism (1920) he expressed his disap- 
pointment with the form of socialism practiced there. He 
felt that the methods used to achieve a Communist sys- 
tem were intolerable and that the results obtained were 
not worth the price paid. Russell taught at Beijing Uni- 
versity during 1921 and 1922, and in the United States 


from 1938 to 1944, though he was barred from teaching 
at the College of the City of New York (now City College 
of the City University of New York) by the state supreme 
court because of his attacks on religion and his advo- 
cacy of sexual freedom. Russell returned to England in 
1944 and was reinstated as a fellow of Trinity College. 
Although he abandoned pacifism to support the Allied 
cause in World War II, he became an ardent opponent of 
nuclear weapons. Russell received the 1950 Nobel Prize 
for Literature and was cited as “the champion of human- 
ity and freedom of thought.” He led a movement in the 
late 1950s advocating unilateral nuclear disarmament by 
Britain, and at the age of 89 he was imprisoned after an 
antinuclear demonstration.” 


Russell’s paradox 

A paradox uncovered by Bertrand Russell in 1901 that 
forced a reformulation of set theory. One version of Rus- 
sell’s paradox, known as the barber paradox, considers a 
town with a male barber who, every day, shaves every 
man who doesn’t shave himself, and no one else. Does 
the barber shave himself? The scenario as described 
requires that the barber shave himself if and only if he 
does not! Russell’s paradox, in its original form considers 
the set of all sets that aren’t members of themselves. Most 
sets, it would seem, aren’t members of themselves—for 
example, the set of elephants is not an elephant—and so 
could be said to be “run-of-the-mill.” However, some 
“self-swallowing” sets do contain themselves as members, 
such as the set of all sets, or the set of all things except 
Julius Caesar, and so on. Clearly, every set is either run- 
of-the-mill or self-swallowing, and no set can be both. 
But then, asked Russell, what about the set S of all sets 
that aren’t members of themselves? Somehow, S is nei- 
ther a member of itself nor not a member of itself. Rus- 
sell discovered this strange situation while studying a 
foundational work in symbolic logic by Gottlob Frege. 
After he described it, set theory had to be reformulated 
axiomatically in a way that avoided such problems. Rus- 
sell himself, together with Alfred North Whitehead 
(1861-1947), developed a comprehensive system of types 
in Principia Mathematica. Although this system does 
avoid troublesome paradoxes and allows for the con- 
struction of all of mathematics, it never became widely 
accepted. Instead, the most common version of axio- 
matic set theory in use today is the Zermelo-Fraenkel set the- 
ory, which avoids the notion of types and restricts the 
universe of sets to those that can be built up from given 
sets using certain axioms. Russell’s paradox underlies the 
proof of Gédel’s incompleteness theorem as well as 
Alan Turing’s proof of the undecidability of the halting 
problem. 
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Russian multiplication 

Multiplication by repeated doubling, also known as 
peasant multiplication. For example to multiply 17 by 13, 
double the 17 and halve the 13 rounding down to the 
next whole number where necessary; then add the dou- 
bles that correspond to an odd number in the other 
column. 


So 17 x 13 
doubled and halved 34x 6 
doubled and halved 68 x 3 


doubled and halved 136 x 1 

adding up the numbers in the first column that 
correspond to an odd number in the second 
(17 + 68 + 136) = 221 = 17 x 13. 


Saccheri, Giovanni Girolamo (1667-1733) 

A Jesuit priest, philosopher, and mathematician who did 
early work on non-Euclidean geometry, although he 
didn’t see it as such. His Euclides ab Omni Naevo Vindica- 
tus (1733) was actually an attempt to prove Euclid’s par- 
allel postulate but ended up laying the groundwork for 
both hyperbolic geometry and elliptical geometry. 


saddle 

A type of surface that is neither a peak nor a valley but 
still has a zero gradient. Saddle points are situated such 
that moving in one direction takes one uphill, while 
moving in another direction would be downhill. A saddle 
function is a function f(x, y) of two vectors x and y (which 
typically lie in different vector spaces) that is concave up 
in x and concave down in y. See also pseudosphere. 


St. Ives problem 
A well-known and simple puzzle in arithmetic set by 
Mother Goose in the rhyme “As I Was Going to St. Ives”: 


As I was going to St. Ives, I met a man with seven 
wives. Every wife had seven sacks, and every sack 
had seven cats, every cat had seven kittens. Kittens, 
cats, sacks, and wives, how many were going to 
St. Ives? 


The various individuals and items make up a geometric 
sequence: 7 wives + 7? sacks + 7° cats + 7* kittens = 7 + 
49 + 343 + 2,401. This gives a total of 2,800 (or 2,801 if 
the narrator also happens to be a wife). It’s been said that 
the real answer to this rhyme is 1, since “I met a man with 
seven wives” means the 2,800 were going in the opposite 
direction! 

A similar problem, and solution, is contained in the 
Rhind papyrus by Ahmose, written about 1650 B.C. 
(some of which is copied from an older document of 
about 1800 B.c.). Here the geometric series has one more 
power of 7: 7 houses + 49 cats + 343 mice + 2,401 ears of 
grain + 16,807 hekats (a measure) of grains, giving a total 
of 19,607. 


St. Petersburg paradox 

A strange state of affairs that arises from a game proposed 
by Nikolaus (I) Bernoulli (see Bernoulli family) in 1713. 
It is named after the fact that a treatise on the paradox 
was written by Nikolaus’ cousin, Daniel, and published 
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(1738) in the Commentaries of the Imperial Academy of Sci- 
ence of St. Petersburg. The game goes as follows. You toss a 
coin. If it shows heads, you win whatever is in the pot 
and the game is over. If it shows tails, the pot is doubled 
and you get to toss the coin again. If the coin shows 
heads on the first toss you win $2; if it shows tails, you 
toss again. If the coin now shows heads you win $4, and 
so on. After n tosses you get $2” if heads appear for the 
first time. The only catch is you have to pay to play the 
game. How much should you be willing to pay? Classical 
decision theory says that you should be willing to pay 
any amount up to the expected prize, the value of which 
is obtained by multiplying all the possible prizes by the 
probability that they are obtained and adding the result- 
ing numbers. The chance of winning $2 is 12 (heads on 
the first toss); the chance of winning $4 is 1⁄4 (tails fol- 
lowed by heads); the chance of winning $8 is ‘4 (tails fol- 
lowed by tails followed by heads); and so on. Since the 
expected payoff of each possible consequence is $1 ($2 x 
1%, $4 x Ya, etc.) and there are an infinite number of them, 
the total expected payoff is an infinite sum of money. A 
rational gambler would enter a game if and only if the 
price of entry was less than the expected value. In the St. 
Petersburg game, any finite price of entry is smaller than 
the expected value of the game. Thus, the rational gam- 
bler would play no matter how large the entry price was! 
But there’s clearly something wrong with this. Most peo- 
ple would offer between $5 and $20 on the grounds that 
the chance of winning more than $4 is only 25% and the 
odds of winning a fortune are very small. And therein lies 
the paradox: If the expected payoff is infinite, why is no 
one willing to pay a huge amount to play? 

The classical solution to this mystery, provided by 
Daniel Bernoulli and another Swiss mathematician, 
Gabriel Cremer, goes beyond probability theory to 
touch areas of psychology and economics. Bernoulli and 
Cremer pointed out that a given amount of money isn’t 
always of the same use to its owner. For example, to a 
millionaire $1 is nothing, whereas to a beggar it can 
mean not going hungry. In a similar way, the utility of $2 
million is not twice the utility of $1 million. Thus, the 
important quantity in the St. Petersburg game is the 
expected utility of the game (the utility of the prize multi- 
plied by its probability) which is far less than the expected 
prize. This explanation forms the theoretical basis of the 
insurance business. The existence of a utility function 
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means that most people prefer, for example, having $98 
in cash to gambling in a lottery where they could win 
$70 or $130 each with a chance of 50%, even though the 
lottery has the higher expected prize of $100. The differ- 
ence of $2 is the premium most of us would be willing 
to pay for insurance. That many people pay for insur- 
ance to avoid any risk, yet at the same time spend 
money on lottery tickets in order to take a risk of a dif- 
ferent kind, is another paradox, which is still waiting to 
be explained. 


salient 

At a salient point, two branches of a curve meet and stop, 
and have different tangents. A salient angle is an outward- 
pointing angle of a polygon; compare with reentrant 
angle. 


salinon 

A figure formed from four connected semicircles. The 
word salinon is Greek for “salt cellar,” which the figure 
resembles. In his Book of Lemmas, Archimedes proved 
that the salinon has an area equal to the circle having the 
line segment joining the top and bottom points as its 
diameter. See also arbelos. 


salinon © Jan Wassenaar, www.2dcurves.com 


Sallows, Lee C. F. (1944-) 

A British electronics engineer and puzzle enthusiast at the 
University of Nijmegen in the Netherlands. Among his 
many accomplishments in recreational mathematics, he 
devised the first self-enumerating sentence (published in 
1982), introduced alphamagic squares in 1986, coined 
the word golygon in 1990, invented reflexicons (minimal 
self-enumerating phrases) in 1992, demonstrated the par- 
allelogram theorem for 3 x 3 magic squares in 1997, and 
discovered geometric magic squares in 2001. 


scalar 

A quantity specified by a single number or value (as 
opposed to a vector, matrix, or array) that contains mul- 
tiple values. Examples of scalars include mass, volume, 
and temperature. A scalar field is an arrangement of scalar 
values distributed in a space. 


scalene triangle 
A triangle whose sides are all unequal. 


schizophrenic number 
An informal name for an irrational number that displays 
such persistent patterns in its decimal expansion, that it 


1 Find the size of each angle marked with a letter. Where they occur, 
AB and CD are straight lines. 


35° 
` S C 69° 
es 32 A B 
(a) (b) (c) 
o 136° 
d 72 
59° 63° 
A B e 
(d) (e) 
C B 
68° 
63° g 
h 
A D 
(g) (h) (i) 
e . . . B C 
2 Inthe diagram, is ZAOD a straight line? 97° 
Give a reason for your answer. 370 45° 
A D 


2.5 Parallel lines 


The word ‘parallel’, derived from the Greek, means ‘alongside 
one another’. Straight lines are parallel if they are always the 
same distance apart. Parallel lines never meet, no matter how 
far they are extended. Straight railway lines, for example, 

are parallel. 
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Figure 2.16 Figure 2.17 
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has the appearance of a rational number. A schizo- 
phrenic number can be obtained as follows. For any pos- 
itive integer 2 let f(n) denote the integer given by the 
recurrence f(n) = 10 f(z — 1) + n with the initial value 
F(0)=0. Thus, f( 1) = 1, f(2) = 12, f(3) = 123, and so on. 
The square roots of f ( n) for odd integers x give rise to a 
curious mixture appearing to be rational for periods, and 
then disintegrating into irrationality. This is illustrated by 
the first 500 digits of Vf(49): 


1111111111111111111111111.1111111111111111111111 0860 
555555555555555555555555555555555555555555555 2730541 
66666666666666666666666666666666666666666 0296260347 
2222222222222222222222222222222222222 0426563940928819 
4444444444444444444444444444444 38775551250401171874 
9999999999999999999999999999 808249687711486305338541 
66666666666666666666666 5987185738621440638655598958 


33333333333333333333 0843460407627608206940277099609374 
99999999999999 064222758755598306663943032 1587456597 
222222222 1863492016791180833081844 .... 


The repeating strings become progressively shorter and 
the scrabbled strings become larger until eventually the 
repeating strings disappear. However, by increasing n we 
can forestall the disappearance of the repeating strings as 
long as we like. The repeating digits are always 1, 5, 6, 2, 
AO 35 Dy Detect gh 


Schlafli, Ludwig (1814-1895) 

A German mathematician whose work centered on 
geometry, arithmetic, and the theory of functions. He 
made an important contribution to non-Euclidean 
geometry when he proposed that spherical three- 
dimensional space could be thought of as the surface of a 
hypersphere in Euclidean four-dimensional space. 
Schläfli started out as a schoolteacher and amateur math- 
ematician. He was also an expert linguist and spoke many 
languages, including Sanskrit. In 1843 he served as a 
translator for the great mathematicians Jakob Steiner, 
Karl Jacobi, and Peter Dirichlet during their visit to 
Rome and learned a great deal from them. Ten years later 
he became professor of mathematics at Bern. However, 
his true importance was only appreciated following the 


publication of his magnum opus Theory of Continuous 
Manifolds in 1901, several years after his death. 


Schlafli symbol 

A notation, devised by Ludwig Schläfli, which describes 
the number of edges of each polygon meeting at a vertex 
of a regular or semi-regular tessellation or solid. For a 
Platonic solid, it is written (p, q), where p is the number 
of sides each face has, and q is the number of faces that 
touch at each vertex. 


schoolgirls problem 

A problem in combinatorics posed by the Rev. Thomas 
Kirkman in a letter in 1850 following a paper he wrote 
on the same subject in 1847:''**! A school mistress has fif- 
teen girl pupils and she wishes to take them on a daily 
walk. The girls are to walk in five rows of three girls each. 
It is required that no two girls should walk in the same 
row more than once per week. Can this be done? 

In fact, provided z is divisible by 3, we can ask the 
more general question about n schoolgirls walking for 
(n — 1)/2 days so that no girl walks with any other girl in 
the same triplet more than once. Solutions for z = 9, 15, 
and 27 were given in 1850 and much work was done on 
the problem thereafter. The general problem of how 
many triads can be made out of n symbols, so that no 
pair of symbols is comprised more than once among 
them gave rise to the study of Steiner triple systems. 
However, Jakob Steiner had little to do with them and 
they should rightfully be named after Kirkman. They are 
important in the modern theory of combinatorics. 


Schróder's reversible staircase 
A classic example of an ambiguous figure, first drawn by 


Schröder in 1858. Not to be confused with the Penrose 
stairway. 


Schubert, Hermann Cásar Hannibal (1848-1911) 


A German mathematician who worked mainly in enu- 
merative geometry—the parts of algebraic geometry that 


Schróder's reversible staircase 
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involve a finite number of solutions. He also wrote exten- 
sively on recreational math. 


Schuh, Frederick (1875-1966) 

A Dutch mathematician who wrote many textbooks and 
a number of books on recreational mathematics, includ- 
ing The Master Book of Mathematical Recreations (1943), the 
English edition of which appeared in 1968 (Dover Publi- 
cations).’”"! Schuh was professor of mathematics at the 
Technische Hoogeschool at Delft (1907-1909 and 
1916-1945) and professor of mathematics at Groningen 
(1909-1916). 


scientific notation 

A number of the form a x 10”, where z is an integer, pos- 
itive or negative, and a is a real number larger than or 
equal to 1, but less than 10. Scientific notation provides 
a compact way of writing large numbers. 


scintillating grid illusion 
See Hermann grid illusion. 


score 

A group of 20 items. The word comes from the Old 
Norse skor for a heavy mark used to indicate a string of 20 
smaller marks; skor, in turn, is descended from the Indo- 
European sker, for “cutting” or “slicing.” From about 
1400, score was also the word for a record or an amount 
due—the total of the score marks on a tally. It became 
a common word for the total of a tradesman’s or inn- 
keeper’s account. So, to settle the score originally meant just 
to pay one’s bill. But it acquired the figurative sense of 
taking revenge on somebody, and that’s usually what is 
meant by the expression now. The more general meaning 
of score, as a tally, is used daily when the results of sports 
competitions are reported. 


search space 
A characterization of every possible solution to a prob- 
lem instance. 


secant 
A straight line that meets a curve in two or more points. 


second 

One-sixtieth of a minute in both time and angle. Liter- 
ally, the second division of the hour or the circle, the 
minute being the first; from the Latin secundus. In the 
System International d'Unites (SI units) one second is 
defined as the duration of 9,192,631,770 periods of radi- 
ation corresponding to the transition between two hyper- 
fine levels of cesium-133 in a ground state at a 
temperature of 0°K (Kelvin). 


secretary problem 
See sultan’s dowry. 


sector 
Part of a circle bounded by two radii and the included 
arc. 


segment 
Part of a circle bounded by a chord and the arc subtend- 
ing the chord. 


self-enumerating sentence 

Also known as an autogram, a self-referential sentence 
whose text consists solely of the enumeration of its letter 
content. The answer to the question whether such a sen- 
tence exists in English was given by Lee Sallows, and was 
first published in Scientific American in January 1982: 


Only the fool would take trouble to verify that his 
sentence was composed of ten a’s, three b’s, four 
c’s, four d's, forty-six e’s, sixteen f’s, four g's, thir- 
teen h’s, fifteen s, two k’s, nine Ps, four m’s, 
twenty-five n’s, twenty-four o's, five p’s, sixteen r’s, 
forty-one s’s, thirty-seven t’s, ten u’s, eight v’s, eight 
w’s, four x’s, eleven y’s, twenty-seven commas, 
twenty-three apostrophes, seven hyphens and, last 
but not least, a single ! 


This remarkable sentence counts not only its own let- 
ters, but also its punctuation marks, although it fails to 
enumerate three letters of the alphabet (j, q, and z). Sal- 
lows went on to devise a “pangram machine”—a com- 
puter purposely built to search for sentences of this type. 
Among its many successes 1s: 


This pangram lists four a’s, one b, one c, two d’s, 
twenty-nine e’s, eight f’s, three g’s, five h’s, eleven 
i’s, one j, one k, three |’s, two m’s, twenty-two n’s, 
fifteen o’s, two p’s, one q, seven r’s, twenty-six s’s, 
nineteen t’s, four u’s, five v’s, nine w’s, two x’s, four 
y's, and one z. 


self-intersecting 

A self-intersecting polygon is a polygon with edges that cross 
other edges. A selfintersecting polyhedron is a polyhedron 
with faces that cross other faces. 


self-organization 

A process in a complex system whereby new emergent 
structures, patterns, and properties arise without being 
externally imposed on the system. Not controlled by a 
centralized, hierarchical “command and control” center, 
self-organization is usually distributed throughout a sys- 
tem. It requires a complex, nonlinear system under 
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appropriate conditions, variously described as “far-from- 
equilibrium,” critical values of control parameters lead- 
ing to “bifurcation,” or the “edge of chaos.” First 
investigated in the 1960s in physical systems by Ilya Pri- 
gogine and his followers, as well as the Synergetics 
School founded by Hermann Haken, self-organization is 
now studied mainly through computer simulations (see 
cellular automaton), Boolean networks, and other phe- 
nomena of artificial life. However, self-organization is 
now recognized as a crucial way of understanding emer- 
gent, collective behavior in a large variety of systems 
including the economy, the brain and nervous system, 
the immune system, and ecosystems. The buildup of sys- 
tem order via self-organization is now conceived as a pri- 
mary tendency of complex systems in contrast to the 
past emphasis on the degrading of order in association 
with the principle of entropy (Second Law of Thermo- 
dynamics). However, rather than denying entropy, self- 
organization can be understood as a way that entropy 
increases in complex, nonlinear systems. 


self-organized criticality 

A mathematical theory that describes how systems com- 
posed of many interacting parts can tune themselves 
toward dynamical behavior that is critical in the sense 
that it is neither stable nor unstable but at a region near 
a phase transition. See also edge of chaos and self- 
organization. 


self-referential sentence 
A sentence that refers to itself and nothing else. Here are 
some examples: 


This statement is short. 

This sentence has five words. 

The last word of this sentence is “wrong.” 
“Pentasyllabic” is pentasyllabic. 


How long is the answer to this question? Ten letters. 


Some self-referential statements take the form of jokes. 
For example: 


The two rules for success are: Never tell them every- 
thing you know. 


There are three kinds of people in the world: those 
who can count and those who can’t. 


Finally, some take the form of maxims, as in this case by 
Thomas Macaulay (1800-1859): 


Nothing is so useless as a general maxim. 


See also Hofstadter’s law. 


self-similarity 

The property an object has when a part of itself looks the 
same or similar to the whole. Many objects in the real 
world, such as coastlines, are statistically self-similar: 
parts of them show the same statistical properties at 
many scales. Self-similarity is a defining characteristic of 
fractals. 


semigroup 

A set together with a method of combining elements, 
such as addition or multiplication, to get new ones, 
which satisfies only some of the properties required to get 
a group. In particular, a semigroup need not have an 
identity element and elements need not have inverses. 


semi-magic square 

A square array of n numbers such that sum of the 1 num- 
bers in any row or column is a constant (known as the 
magic sum). See also magic square. 


semi-regular polyhedron 

A polyhedron that consists of two or more types of reg- 
ular polygons, all of whose vertices are identical. This 
category includes the Archimedean solids, prisms and 
antiprisms, and the nonconvex uniform polyhedra (see 
nonconvex uniform polyhedron). 


Senet 

A popular two-player board game in ancient Egypt, 
enjoyed by both commoners and nobility, that may be 
an ancestor of modern backgammon. The rules are not 
known, though about 40 sets have been found in tombs, 
some in very good condition, together with paintings of 
games on tomb walls, dating back to the reign of Hesy 
(c. 2686-2613 B.c.). Senet, or the “game of passing,” was 
played on a rectangular board consisting of three rows of 
10 squares called “houses” that represented good or bad 
fortune. The board could be a grid drawn on a smooth 
surface or an elaborate box of wood and other precious 
materials. A perfectly preserved traveling version of Senet 
was found in Tutankhamen’s tomb. The pieces, called 
ibau (“dancers” in Egyptian), varied in number from five 
to ten per player—five and seven being commonest. 
Cone-shaped pieces were pitted against reel-shaped 
pieces. The object was to get one’s pieces on the board, 
then around the board in an S-shaped pattern, and finally 
off again at the far end. Strategy was mixed with chance 
(as it is in backgammon), introduced by the throw of 
four, two-sided sticks (as depicted in the Hesy painting) 
or, in later times, of knucklebones. Later depictions of 
the game, in the New Kingdom period, often showed just 
one player in competition—the opponent being a spirit 
from the afterlife. This has been interpreted as a change 
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Senet A modern version of the ancient Egyptian board game. Fundex Games Ltd. 


in the significance of Senet, from a simple amusement to 
a symbolic representation of the deceased’s journey 
through the underworld. See also nine men’s morris. 


sensitivity 
The tendency of a system, which may be chaotic (see chaos) 
to change dramatically with only small perturbations. 


sequence 

An ordered list of values that may be finite or infinite in 
length. Among the different types of sequence are arith- 
metic sequences, geometric sequences, and the har- 
monic sequence. 


series 

A sum of all or some of the terms of a sequence. A series 
may or may not converge to a particular value as more and 
more terms are included. A series is said to be absolutely 
convergent if the sum of the absolute values of the terms 
converges; in this case the series converges no matter 
how the terms of the sum are arranged. Series that are 
conditionally convergent only converge for some arrange- 
ments of the terms and, even then, converge to different 
values for different arrangements. 


serpentine 

A curve named and studied by Isaac Newton in 1701 and 
contained in his classification of cubic curves. It had 
been studied earlier by de LHépital and Christiaan 


Huygens in 1692. The curve is given by the Cartesian 
equation 


y(x) = abx/ (x? — a’). 


set 

A finite or infinite collection of objects known as ele- 
ments. Sets are one of the most basic and important con- 
cepts in mathematics. An example of a finite set is the set 
of whole numbers from 1 to 58; an example of an infinite 
set is the set of all the rational numbers. Two sets are 
equal if, and only if, they contain the same objects. Stan- 
dard notation uses braces around the list of elements, as 
in: (red, green, blue}. If Æ and B are two sets and every x 
in A is also contained in B, then A is said to be a subset of 
B. Every set has as subsets itself, known as the improper 
subset, and the empty set. The union of a collection of sets 
S= {S\, S,, S;,...} is the set of all elements contained in 
at least one of the sets S,, S,, S3,.... The intersection of a 
collection of sets T= {7,, D, 73, ...} is the set of all ele- 
ments contained in all of the sets. The union and inter- 
section of sets, say A, and A,, is denoted A, U A, and 
A; A), respectively. The set of all subsets of X is called 
its power set and is denoted 2* or P(X). See also set the- 
ory, Venn diagram, and Russell’s paradox. 


set of all sets 
See Russell’s paradox. 
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serpentine The serpentine curve. O Jan Wassenaar, www. 2dcurves.com 


set theory 

A branch of mathematics created by Georg Cantor at 
the end of the nineteenth century. Initially controver- 
sial, set theory has come to play a foundational role in 
modern mathematics, in that it is used to justify assump- 
tions made concerning the existence of mathematical 
objects (such as numbers or functions) and their proper- 
ties. Formal versions of set theory also figure centrally in 
specifying a theoretical ideal of mathematical rigor in 
proofs. Cantor’s basic discovery was that if we define 
two sets A and B to have the same number of members 
(the same cardinality), then there is a way of pairing off 
members of A exhaustively with members of B. The 
appearance around the turn of the century of set- 
theoretical paradoxes, such as Russell’s paradox, 
prompted the formulation in 1908 by Ernst Zermelo of 
an axiomatic theory of sets. The axioms for set theory 
now most often studied and used are those called the 
Zermelo-Fraenkel axioms, usually together with the axiom 
of choice. The Zermelo-Fraenkel axioms are commonly 
abbreviated to ZF, or ZFC if the axiom of choice is 
included. An important feature of ZFC is that every 
object that it deals with is a set. In particular, every ele- 
ment of a set is itself a set. Other familiar mathematical 
objects, such as numbers, must be subsequently defined 
in terms of sets. 


seven 

A lucky number in the eyes of many people and one that 
has been given much spiritual significance. The early reli- 
gious and cultural use of the seven-day week almost cer- 
tainly stems from the fact that the Moon goes through its 
four phases in a bit over 28 days, which divides nicely 
into seven days per phase. There are seven moving 
objects in the sky visible to the naked eye (the Sun, 
Moon, Mercury, Venus, Mars, Jupiter, and Saturn), seven 
seas, seven orders of architecture, seven deadly sins, seven 
liberal arts and sciences, and seven dwarfs. The seventh 
son of a seventh son is supposed to be born gifted 
(Donny Osmond was such a person). In the Bible, there 
were seven years of famine and seven years of plenty, and 
seven years were taken to construct King Solomon’s Tem- 
ple. The Pythagoreans were especially intrigued by the 
number as it is the sum of three and four, which are the 
number of sides of a triangle and a square—shapes of 
enormous importance to the sect. These links with 
Solomon’s Temple and the Pythagoreans help explain the 
importance of seven in freemasonry. Seven is the smallest 
positive integer whose reciprocal has a pattern of more 
than one repeating digit: /7 = 0.142857142857 ... and is 
the smallest number for which the digit sequence of 1/z 
is of length z — 1 (the longest such a sequence can be). 
The next such numbers are 17, 19, 23, 29, 47, 59, 61, 97, 
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109, 113,.... Other curios: the citrus soda 7-UP, created 
in 1929, was so called because the original containers 
were 7 ounces and “up” was the direction of the bubbles, 
and seven is the maximum number of times you can fold 
any sheet of paper (try it!). 


seventeen 

The number most often picked in response to the request 
“Pick a random number from 1 to 20.” Seventeen is a Fer- 
mat prime (a prime number of the form 2” + 1, where x 
is a positive integer), the exponent of a Mersenne prime (a 
prime p for which 2’ — 1 is prime), and the only prime 
that is the sum of four consecutive primes (2 +3 +5 +7). 
Seventeen is also the smallest number for which the sum 
of the digits of its cube is equal to the number: 17* = 
4913,4+9+1+3=17 and the smallest number that can 
be written as a? + b’ in two different ways: 17 = 3° + 2° = 
4? + 1°. The pair (8, 9), whose sum is 17, is the only pair 
of consecutive numbers where one is a square and the 
other is a cube (a result proved by Leonhard Euler.) 
There are 17 planar crystallographic groups, called wall- 
paper groups. The minimum number of faces on a con- 
vex polyhedron that has only one stable face is 17. (A 
stable face is one that the figure can rest on without 
falling over; most polygons have more than one such 
face.) Seventeen is also the answer to the following prob- 
lem: At a party where any two people have previously 
met each other in one of three other places, what is the 
least number of people who must be at the party to guar- 
antee that there is at least one group of three people who 
have met each other before in the same place? 


sexagesimal 

Of, relating to, or based on the number 60. Sexagesimal 
refers especially to the number system with base 60. The 
Babylonians began using such a scheme around the 
beginning of the second millennium B.C. in what was the 
first example of a place-value system. Our degree of 60 
minutes, minute of 60 seconds (in both time and angle 
measure), and hour of 60 minutes hark back to this 
ancient method of numeration. Why the Babylonians 
counted using sexagesimal isn’t known, but 60 certainly 
has more factors than any other number of comparable 
size. 


Shannon, Claude Elwood (1916-2001) 

An American mathematician and a pioneer of informa- 
tion theory. Shannon was the first to realize that any sort 
of message can be transmitted as a series of 0’s and 1’s, 
regardless of whether it consists of words, numbers, pic- 
tures, or sound. In his master’s thesis, he explained how 
electrical switches could represent binary digits—a 1 
when the switch is on and 0 when it is off. He also used 


Boolean algebra to show that complex operations could 
be carried out automatically on these electrical circuits, 
thus manipulating the data they were storing. It was in 
one of his papers, “A Mathematical Theory of Commu- 
nication” published in 1948, that the word “bit” (short 
for binary digit) was used for the first time. In fact the 
framework and terminology for information theory he 
developed remains standard today. Shannon was driven 
by curiosity, and in his own words he “just wondered 
how things were put together.” Among his inventions 
were rocket-powered Frisbees, motorized Pogo sticks, a 
device that could solve the Rubik’s cube puzzle, and a 
juggling machine. (He could ride a unicycle while jug- 
gling three balls.) He was involved in pioneering artificial 
intelligence research, which included building the 
electromechanical mouse called “Theseus” that could 
navigate a metal maze using magnetic signals. Shannon 
also built a chess-playing computer, many years before 
IBM’s Deep Blue, that played well against the world 
champion of the time, Mikhail Botvinnik (the computer 
lost only after 42 moves). 


shell curve 
See Diirer’s shell curve. 


shuffle 

How many shuffles does it take to randomize a deck of 
cards—in other words, to mix up the cards about as thor- 
oughly as dropping them all on the table and stirring 
them around for several minutes (the author’s usual 
method). The answer depends on the kind of shuffle used. 
The beginner’s overhand shuffle, for example, is a really bad 
way to mix cards: about 2,500 such shuffles are need to 
randomize a deck of 52 cards. A magician’s perfect shuffle, 
on the other hand, in which the cards are cut exactly in 
half and then perfectly interlaced, never produces ran- 
domization (see below). One of the most effective ways to 
get a random deck is the riffle shuffle in which the deck is 
cut in half and imperfectly interlaced by dropping cards 
one by one from either half of the deck with a probability 
proportional to the current sizes of the deck splits. In 
1992 Persi Diaconis (then at Harvard) and David Bayer 
demonstrated that, starting with a completely ordered 
deck, it takes seven riffle shuffles to produce randomiza- 
tion." Any more than this and there's no significant 
increase in the randomness; any less and the shuffle is far 
from random. In fact, not only are five or six riffles not 
enough to randomize, there are some configurations of 
cards that are impossible to reach in this number of shuf- 
fles! To understand this, suppose the starting order of the 
cards is marked 1 to 52, top to bottom. After one shuffle, 
only configurations with two or fewer rising sequences are 
possible. A rising sequence is a maximal increasing 
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sequential ordering of cards that appear in the deck (with 
other cards possibly interspersed) as it is run through from 
top to bottom. For instance, in an eight-card deck, 
12345678 is the ordered deck and it has one rising 
sequence. After one shuffle, 16237845 is a possible con- 
figuration, and there are two rising sequences (the under- 
lined numerals form one, the nonunderlined numerals 
form the other). Clearly the rising sequences are formed 
when the deck is cut before the cards are interleaved in the 
shuffle. After two shuffles, there can be at most four rising 
sequences, since each of the two rising sequences from the 
first shuffle has a chance of being cut in the second. This 
pattern continues: the number of rising sequences can at 
most double during each shuffle. After five shuffles, there 
are at most 32 rising sequences. But the reversed deck, 
numbered 52 down to 1, has 52 rising sequences. Thus, 
this is one (of many) arrangements that are unattainable 
in five riffle shuffles. Interestingly, Diaconis and other 
researchers have also found that decks can undergo sud- 
den changes in their degree of randomness; after six riffle 
shuffles, a deck is still visibly ordered, but this order van- 
ishes one shuffle later. 

Perfect shuffles do the exact opposite of randomizing: 
they preserve order at every stage. There are two kinds of 
perfect shuffles. The owt-shuffle is one in which the top 
card stays on top; the zv-shuffle is one in which the top 
card moves to the second position of the deck. Amaz- 
ingly, eight perfect out-shuffles restore the deck to its 
original order! Magicians use combinations of out and in 
shuffles to perform a variety of baffling tricks and to con- 
trol the position of any given card in a deck. How could 
you make the top card (call it position 0) go to position 
n? Easy: write n in binary (base 2), read the 0’s and 1’s 
from left to right, perform an out-shuffle for a 0 and an 
in-shuffle for a 1, and, as if by magic, the top card will 
have materialized at position z. 


shunting puzzles 

Railroad modelers, especially those with limited space 
available for their layouts, often enjoy setting up track 
that allows interesting shunting problems to be tried out 
and solved. The most famous mathematical puzzle of 
this type, called the railroad shunting puzzle, comes in a 


number of variations, but basically the problem is that 
there are two trains (4 and B in the diagram) facing each 
other on a single line with just one short siding, which 
will only hold one item of rolling stock at a time. In order 
to enable the two trains to pass each other and to con- 
tinue their journey, a series of movements using the sid- 
ing is required. First time around it’s quite a brain-teaser, 
which probably explains why railroad companies all over 
the world took the more costly but easier way out and 
built passing sidings! 


Siegel’s paradox 

If a fixed fraction x of a given amount of money P is lost, 
and then the same fraction x of the remaining amount is 
gained, the result is less than the original and equal to the 
final amount if a fraction x is first gained, then lost. 


Sierpinski, Waclaw Franciszek (1882-1969) 

A Polish mathematician who made outstanding contri- 
butions to set theory, which included research on the 
axiom of choice and the continuum hypothesis, num- 
ber theory, and topology. Two well-known fractals, the 
Sierpinski carpet and the Sierpinski gasket, are named 
after him. 


Sierpinski carpet 

A fractal, named after Waclaw Sierpinski, that is derived 
from a square by cutting it into nine equal squares with a 
3 x 3 grid, removing the central piece, and then applying 
the same procedure ad infinitum to the remaining eight 
squares. It is one of two generalizations of the Cantor set 
to two dimensions; the other is the Cantor dust. The 
carpet’s Hausdorff dimension is log 8/log 3 = 
18928 vag 


Sierpinski gasket 

A fractal, also known as the Szerpinski triangle or Sierpinski 
sieve after its inventor Waclaw Sierpinski. It is produced 
by the following set of rules: (1) start with any triangle in 
a plane; (2) shrink the triangle by 12, make three copies, 
and translate them so that each triangle touches the two 
other triangles at a corner; (3) repeat step 2 ad infinitum. 
The gasket can also be made by starting with Pascal’s 


shunting puzzles How can two trains, traveling in opposite directions on a single track, get past each other by using a siding 
that can only accommodate a single item of rolling stock at a time? 
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Sierpinski carpet 


triangle, then coloring the even numbers white and the 
odd numbers black. Most curiously, it can be generated 
by a game of chance. Begin with three points, labeled 1, 
2, and 3, and any starting point, S. Then select randomly 
1, 2, or 3, using a die or some other method. Each ran- 
dom number defines a new point halfway between the 
latest point and the labeled point that the random num- 
ber indicates. When the game has gone on long enough 


the pattern produced is the Sierpinski gasket. The gasket 
has a Hausdorff dimension of log 3/log 2 = 1.585..., 
which follows from the fact that it is a union of three 
copies of itself, each scaled by a factor of 12. Adding 
rounded corners to the defining curve gives a noninter- 
secting curve that traverses the gasket from one corner to 
another and which Benoit Mandelbrot called the Szer- 
pinski arrowhead. 
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Sierpinski number 

A positive, odd integer k such that k times 2” + 1 is never 
a prime number for any value of n. In 1960 Waclaw Sier- 
pinski showed that there were infinitely many such num- 
bers (though he didn’t give a specific example). This is a 
strange result. Why should it be that while the vast major- 
ity of expressions of the form m times 2” + 1 eventually 
produce a prime, some don’t? For now, mathematicians 
are focused on a more manageable problem posed by 
Sierpinski: What is the smallest Sierpinski number? In 
1962, John Selfridge discovered the smallest known Sier- 
pinski number, k = 78,557. The next largest is 271,129. Is 
there a smaller Sierpinski number? No one yet knows. 
However, to establish that 78,557 is really the smallest, it 
would be sufficient to find a prime of the form k(2” + 1) 
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for every value of k less than 78,557. In early 2001, there 
were only 17 candidate values of k left to check: 4,847; 
5,359; 10,223; 19,249; 21,181; 22,699; 24,737; 27,653; 
28,433; 33,661; 44,131; 46,157; 54,767; 55,459; 65,567; 
67,607; and 69,109. In March 2002, Louis Helm of the 
University of Michigan and David Norris of the Univer- 
sity of Illinois started a project called “Seventeen or 
Bust,” the goal of which is to harness the computing 
power of a worldwide network of hundreds of personal 
computers to check for primes among the remaining can- 
didates. The team’s effort have so far eliminated six can- 
didates—5,359; 44,131; 46,157; 54,767; 65,567; and 
69,109. Despite this encouraging start, it may take as long 
as a decade, with many additional participants, to check 
the eleven remaining candidates. 
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sieve of Eratosthenes 

The most efficient way to find all of the smallest prime 
numbers. First described by Eratosthenes of Cyrene, it 
involves making a list of all the integers less than or equal 
to n (and greater than one), then striking out the multi- 
ples of all primes less than or equal to the square root of 
1. The numbers that are left are the primes. For example, 
to find all the primes less than or equal to 30, we list the 
numbers from 2 to 30: 


2,3,4, 5,6,7,8, 9, 10, 11, 12, 13, 14, 15, 16, 17, 18, 19, 
20, 21, 22, 23, 24, 25, 26, 27, 28, 29, 30 


The first number, 2, is prime, so we keep it and strike out 
all of its multiples, leaving 


2 ds Pa a15 17192232 2 29 


The next number left, 3, is prime, so again we retain it 
and delete all of its multiples, leaving 


2599.05 a Ads Ly LI, AP 2329529 
Now we do the same thing for 5, another prime, to give 
25-9605 Te be Le 17, 19523529 


The next number, 7, is larger than the square root of 30, 
so all of the numbers left are primes. 


Significant digits 

The digits that define a numerical value. The significant 
digits of a given number begin with the first nonzero 
integer digit or, if this number is less than unity, with the 
first (zero or nonzero) decimal digit. They end with the 
final (zero or nonzero) decimal digit; the final zero or 
zeros of an integer may or may not be significant. 


similar 

Having the same shape but not necessarily the same size. 
Two triangles are similar if they have equal angles and 
their corresponding sides, say, a,, b,, c, and a), b,, ©, have 
a common ratio, r: a/a = b,/b, = c,/c,. In general, a simi- 
larity is a transformation under which the distance 
between any corresponding pair of points changes by the 
same factor. 


simple group 

A group that has no nontrivial proper normal sub- 
groups. Simple groups are important because they can be 
thought of as the blocks out of which other groups can be 
built. Much activity has been expended in the classifica- 
tion of all finite simple groups. 


simplex 

The n-dimensional generalization of the triangle and the 
tetrahedron; in other words, a polytope in 7 dimensions 
with n + 1 vertices. 


simply connected 

The condition of a geometrical object if it consists of 
one piece and doesn’t have any holes or “handles.” For 
example, a line, disk, and sphere are simply connected, 
but a torus (doughnut) and teapot are not. See also 
connected. 


simulation 

Experimentation in the space of theories, or a combi- 
nation of experimentation and theorization. Some 
numerical simulations are programs that represent a 
model for how nature works. Usually, the outcome of 
a simulation is as much a surprise as the outcome of a 
natural event, due to the richness and uncertainty of 
computation. 


sine 

The trigonometric function of an angle of a right-angled 
triangle other than the right angle that is equal to the 
length of the side adjacent to the angle divided by the 
length of the hypotenuse. The curve of y = sin x is called 
the sine curve, or sinusoid. 


Singmaster, David 

A professor at the school of computing, information sys- 
tems, and mathematics at South Bank University, Lon- 
don, who is one of the world’s leading compilers and 
historians of mathematical puzzles. 


singularity 

(1) A point at which the derivative does not exist for a 
given function but every neighborhood of which con- 
tains points for which the derivative exists. (2) A point in 
space-time at which gravitational forces cause matter to 
have infinite density and infinitesimal volume, and space 
and time to become infinitely distorted. 


SIX 

The smallest perfect number, the number of faces of a 
cube, and the number of sides of a hexagon. There are 
six players on a volleyball team, six kinds of chessmen, 
and six types of quark (not including antiquarks). A 
touchdown in American football earns six points and a 
hit across the boundary rope of a cricket field without 
bouncing scores six runs. Long ago people indicated a 
number by pointing to a part of their body; this is echoed 
in the New Guinea word for six, which is the same as that 
for “wrist.” 


six circles theorem 

Given a triangle and a circle inside it that touches two of 
the triangle’s sides, draw a second circle touching another 
two sides and touching the first circle. Draw a third circle 


In diagrams, arrows are often used to show that lines are parallel. 
(See Figure 2.16.) A straight line which crosses two or more parallel 
lines is called a transversal. Figure 2.17 shows a transversal. 


Figure 2.18 Figure 2.19 


In Figure 2.18, a transversal cuts a pair of parallel lines. The pair 

of shaded angles are called corresponding angles and are equal to 

each other. 

Insight 
You will see from Figure 2.19 that the corresponding angles 
form an ‘F-shape’. Looking for such a shape may help you to 
find pairs of corresponding angles. 

Other pairs of corresponding angles have been shaded in 

Figure 2.20. 


+ ++ 


Figure 2.20 


In Figure 2.21, a transversal cuts a pair of parallel lines. The pair of 
shaded angles are alternate angles, and are equal to each other. 


+ ++ 


Figure 2.21 Figure 2.22 Figure 2.23 


Insight 
The characteristic “Z-shape” in Figure 2.22 can help you spot 
alternate angles. 
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touching two sides and the second circle, and so on. This 
chain ends with the sixth circle, which will touch the first. 


sixty 


See sexagesimal. 


skeletal division 

A long division in which most or all of the digits are 
replaced by symbols (usually asterisks) to form a 
cryptarithm. 


skew lines 
Also known as crossing lines, lines that lie in different 
planes and do not intersect one another. 


Skewes’ number 

A famous large number, commonly given as 10'””, that 
was first derived in 1933 by the South African mathe- 
matician Samuel Skewes in a proof involving prime 
numbers.” G. H. Hardy once described Skewes’ num- 
ber as “the largest number which has ever served any def- 
inite purpose in mathematics,” though it has long since 
lost that distinction. Skewes’ numbers—there are actually 
two of them—came about from a study of the frequency 
with which prime numbers occur. Gauss’s well-known 
estimate of the number of prime numbers less than or 
equal to , pi(z), is the integral from u = 0 to u =n of 
1/(log u); this integral is called Li(z). In 1914 the English 
mathematician John Littlewood proved that pi(x) — Li(x) 
assumes both positive and negative values infinitely 
often. For all values of z up to 10”, which is as far as com- 
putations have gone so far, Li() has turned out to be an 
overestimate. But Littlewood’s result showed that above 
some value of n it becomes an underestimate, then at an 
even higher value of n it becomes an overestimate again, 
and so on. This is where Skewes’ number comes in. 
Skewes showed that, if the Riemann hypothesis is true, 
the first crossing can’t be greater than e”. This is called 
the first or Riemann true Skewes’ number. Converted to 
base 10, the value can be approximated as 10'””, or more 
accurately as E a or OA nce aac In 
1987, the Dutch mathematician Herman te Riele?” 
reduced dramatically the upper bound of the first cross- 
ing to e”, or approximately 8.185 x 10%, while John 
Conway and Richard Guy!“ have made the contradic- 
tory claim that the lower bound is 10'”. In any event, 
Skewes’ number is now only of historical interest. Skewes 
also defined the limit if the Riemann hypothesis is false: 
101%”. This is known as the second Skewes’ number. 


slide rule 
A calculating device consisting of two sliding logarithmic 
scales. 


sliding-piece puzzle 

A type of sequential-movement puzzle, within the larger cat- 
egory of mechanical puzzles, that involves sliding one 
piece at a time into a single vacant opening in order to 
advance toward the solution—a certain orderly arrange- 
ment of the pieces. The best known is Loyd’s Fifteen 
Puzzle. 


Slocum, Jerry 
An American historian of and writer on mechanical puz- 
zles. 


slope 

“Rise over run.” For a straight line in the plane, the slope 
is the tangent of the angle it forms with the positive x- 
axis. For a curve, the slope is, by definition, the slope of 
the tangent line. Therefore, if the slope is constant, a line 
is straight. 


Slothouber-Graatsma puzzle 

A packing puzzle in which six 1 x 2 x 2 blocks and three 
1 x 1 x 1 blocks must be fitted together to make a 3 x 3 x 
3 cube. There is only one solution. A similar but much 
more difficult puzzle, named after its inventor, John 
Conway, calls for packing three 1 x 1 x 3 blocks, one 1 x 
2 x 2 block, one 2 x 2 x 2 block, and thirteen 1 x 2 x 4 
blocks into a5 x 5 x 5 box. 


Smith number 

A composite number, the sum of whose digits equals 
the sum of the digits of its prime factors (its factors that 
are prime numbers). The name stems from a phone call 
in 1984 by the mathematician Albert Wilansky to his 
brother-in-law Smith, during which Wilansky noticed 
that the phone number, 493-7775, obeyed the condition 
just mentioned. Specifically: 


4,937,775 = 3 x 5 x 5 x 65,837 
4+9+3+7+47+7+5=3+5+5+6+5+8+3+7 


Trivially, all prime numbers have this property, so they 
are excluded. The first few Smith numbers are: 4, 22, 27, 
58, 85, 94, 121, 166, 202, 265, 274, 319, 346, . . . . In 1987, 
Wayne McDaniel proved that there are infinitely many 
Smiths. 


smooth 

(1) Infinitely differentiable; possessing infinitely many 
derivatives. For example, sin(x) is a smooth function, 
while |x|’ is not. More complicated mathematical objects 
such as manifolds are called smooth if they are defined 
or described by smooth functions. (2) Continuously dif- 
ferentiable (see continuity); possessing a continuous tan- 
gent or derivative. 


294 Smullyan, Raymond 


Smullyan, Raymond (1919-) 

An American mathematical logician, puzzle-maker, and 
magician, who has taught in various colleges but is best 
known for his books on recreational mathematics. 
Among these are What Is the Name of This Book?, The Lady 
or the Tiger, The Tao is Silent, and This Book Needs No Title: 
A Budget of Living Paradoxes.?“°"! Smullyan is an inven- 
tive maker of logic paradoxes and a pioneer of chess 
problems that involve “retrograde analysis,” in which the 
object is to deduce the past history of a game from some 
given present position. 


snow 

It is often said that no two snowflakes are alike. While 
this is hard to prove, individual samples can be captured 
on a chilled glass microscope slide and preserved with 
artist’s spray fixative. All are six-sided and the more 
ornate kind, called dendritic snowflakes, form when the air 
temperature is between —12°C and —16°C (10°F and 
3°F). Typical snowflakes fall at a rate of a meter or two per 
second; assuming 1.5 m/s and a cloud base of 3,000 m 
(roughly the height of nimbostratus clouds) gives a 
descent time of 20 minutes. One of the great urban leg- 
ends is that the Inuit have n words for “snow,” where n is 
a large number. This story may have started in 1911 when 
anthropologist Franz Boaz casually mentioned that the 
Inuit—he called them “Eskimos,” using the derogatory 
term of a tribe to the south of them for eaters of raw 
meat—had four different words for snow. With each suc- 
ceeding reference in textbooks and the popular press the 
number grew to as many as 400 words. A problem with 
trying to pin down exactly how many Inuit words there 
are for snow and/or ice, or for anything else, is that the 
various dialects of Inuit are polysynthetic, which means 
that words can effectively be made up on the spot by 
concatenating various particles to the root word. For 
example, the suffix -tluk, for “bad,” might be added to 
kaniktshaq, for “snow,” to give kantktshartluk, “bad snow.” 
This can give rise to any number of snow terms, from 
akelrorak (“newly drifting snow”) to mitailak (“soft snow 
over an opening in an ice floe”). 


snowball prime 

Also known as a right-truncatable prime, a prime number 
whose digits can be chopped off, one by one, from the 
right-hand side, yet still leave a prime number. This 
means that even if you stop writing before you finish the 
number, you will still have written a prime. The largest 
snowball prime is 73,939,133 (7, 73, 739, ..., 73,939,133 
are all prime). 


snowflake curve 
See Koch snowflake. 


soap film 
See bubbles. 


Soddy circle 

A solution to the three-circle form of the Apollonius 
problem in which each of the given circles is tangent to 
(just touches) the other two.**” There are two Soddy cir- 
cles: the outer Soddy circle, which surrounds the three 
given circles, and the inner Soddy circle, which is interior to 
them. The inner Soddy circle is the solution to the four 
coins problem. 


Soddy’s formula 

If four circles 4, B, C, and D, of radii 7,, 7», 73, and 7, are 
drawn so that they do not overlap but each touches the 
other three, and if we let J, = 1/r,, etc., then 


(b, + b, + b; + bay = 2(b, + by + b? + ba). 


solid 
Of or relating to three-dimensional geometric figures or 


bodies. 


solid angle 
An angle formed by three or more planes intersecting at a 
common point. Solid angles are measured in steradians. 


solid geometry 
The geometry of three-dimensional space. 


solidus 
The slanted line in a fraction such as a/b dividing the 
numerator from the denominator. 


solitaire 
See peg solitaire. 


solitary number 

A number that is not one of a pair of amicable numbers. 
Examples include all prime numbers, all integer powers 
or primes, and other numbers such as 9, 16, 18, 52, and 
160. 


soliton 

A solitary wave that can travel for long distances without 
changing its shape or losing energy. Mathematically, a 
soliton is a solution to a partial differential equation 
that is localized in some directions but not localized in 
time, and which does not change its shape. The first soli- 
ton to be described was a water wave seen by the engineer 
and shipbuilder John Scott Russell (1808-1882) in 1834 
when he was riding by the Grand Union Canal at Her- 
miston, Glasgow. He observed that when a canal boat 
stopped, its bow wave continued onward as a well- 
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defined elevation of the water at constant speed. 
(Another account says Scott Russell observed it on the 
Glasgow and Ardrossan Canal when a horse bolted with 
a light canal boat in tow.) The phenomenon was largely 
forgotten until the 1960s, when the American physicist 
Martin Kruskal rediscovered it and called it a soliton 
wave. On July 12, 1995, a viaduct at Hermiston was 
renamed the John Scott Russell viaduct, with Kruskal 
unveiling plaques and attempting to re-create a soliton 
wave. A classic soliton occurs on the River Severn in En- 
gland, which starts at the head of the triangular Bristol 
Channel and narrows rapidly upstream. When the tide 
comes in, it is greatly compressed and produces the Sev- 
ern Bore, a tidal wave up to 6 feet (2 m) high which 
rushes about 20 miles (32 km) up the river to Gloucester 
at a speed of up to 10 mph (16 km/hr). It is strongest at 
the spring tides, i.e. at full and new moons, and is now 
popular with surfers and canoeists. 


solution 
A value that satisfies the requirements of an equation. 
See also lost solutions. 


Soma cube 

A mathematical puzzle devised by Piet Hein in 1936 dur- 
ing a lecture on quantum mechanics by Werner Heisen- 
berg in which the great German physicist was describing 
a space sliced into cubes. In a moment of genius, Hein 
grasped that the result of combining all seven of the irreg- 
ular shapes that can be made from no more than four 
unit cubes joined at their faces is a single larger (3 x 3 x 
3) cube. The Soma cube was first brought to popular 
attention by Martin Gardner in his “Mathematical 
Games” column in Scientific American in 1958. All 240 
possible solutions were first identified by John Conway 
and Mickael Guy in 1961. The pieces can also be used to 
make a variety of other interesting three-dimensional 


Soma cube How the pieces of the cube fit together. Mr. Puzzle Australia, www.mrpuzzle.com.au 
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Soma cube One of many animals into which the cube pieces can be arranged. Mr. Puzzle Australia, www.mrpuzzle.com.au 


shapes so that the Soma cube is often regarded as a three- 
dimensional analog of tangrams. It is possible that the 
puzzle is named after the fictitious drug “soma” in 
Aldous Huxley’s novel Brave New World. See also poly- 
omino." 


Sophie Germain prime 

Any prime number p such that 2p + 1 is also prime; the 
smallest examples are 2, 3, 5, 11, 23, 29, 41, 53, 83, 89, 
113, and 131. Around 1825 Sophie Germain proved that 
the first case of Fermat's last theorem (FLT) is true for 
such primes. Soon after, Adrien-Marie Legendre began to 
generalize this by showing the first case of FLT also holds 
for odd primes p such that kp + 1 is prime, k = 4, 8, 10, 14, 
and 16. In 1991 Fee and Granville extended this to k < 
100, where & is not a multiple of three. Many similar 
results were also shown, but now that FLT has been 
proven correct, they are of less interest. 


soroban 
See abacus. 


space 
(1) The three-dimensional theater in which things as we 
know them can exist or in which events can take place. In 
the Einsteinian worldview, space and time are united 
inextricably in a space-time continuum and there is also 
the possibility of higher dimensions. (See also fourth 
dimension.) (2) In mathematics, there are additionally 
many other types of space, most of them too abstract to 
imagine or to describe accurately in a few sentences. 
Generally, a mathematical space is a set of points with 
additional features. In a topological space (see topology) 
every point has a collection of neighborhoods to which it 
belongs. In an affine space, which is a generalization of the 
familiar concepts of a straight line, a plane, and ordinary 
three-dimensional space, a defining feature is the ability 
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to fix a point and a set of coordinate axes through it so 
that every point in the space can be represented as a 
“tuple,” or ordered set, of coordinates. Other examples of 
mathematical spaces include vector spaces, measure spaces, 
and metric spaces. 


space-filling curve 

A curve that passes through every point of a finite region 
(such as a unit square or unit cube) of an n-dimensional 
space, where = 2. A well-known example is the Peano 
curve. 


space-time 

The inseparable four-dimensional manifold, or combina- 
tion, which space and time are considered to form in the 
special and general theories of relativity (see relativity 
theory). A point in space-time is known as an event. Each 
event has four coordinates (x, y, z, £). Just as the x, y, z 
coordinates of a point depend on the axes being used, so 
distances and time intervals, (which are invariant in New- 
tonian physics) may depend (in relativistic physics) on 
the reference frame of an observer; this can lead to 
bizarre effects such as length contraction and time dilation. A 
space-time interval between two events is the invariant 
quantity analogous to distance in Euclidean space. The 


space-time interval s along a curve is defined by the 
quantity 


ds? = dx’ + dy? + dz’ — c’d?’, 


where c is the speed of light. A basic assumption of rela- 
tivity theory is that coordinate transformations leave 
intervals invariant. However, note that whereas distances 
are always positive, intervals may be positive, zero, or 
negative. Events with a space-time interval of zero are 
separated by the propagation of a light signal. Events 
with a positive space-time interval are in each other's 
future or past, and the value of the interval defines the 
proper time measured by an observer traveling between 
them. 


special function 

A function, often named after the person who intro- 
duced it, that has a particular use in physics or some 
branch of mathematics. Examples include Bessel functions, 
Lagrange polynomials, beta functions, gamma functions, 
and hypergeometric functions. 


special relativity 
See relativity theory. 


Space-time Gravity seen as a curvature of the fabric of space and time. 
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Sperner's lemma A triangular lattice that can be used for demonstrating Sperner's 
lemma. To understand how, see the accompanying entry. 


spectrum 

(1) In quantum mechanics, the set of allowable energy 
levels of a particle or system. It is directly related to bright 
or dark lines in a spectrum of light produced by a prism. 
(2) In mathematics, the set of eigenvalues of a linear 
transformation. By historical coincidence, it is equivalent 
to the notion of a spectrum in quantum mechanics. 


Sperner’s lemma 

Take a triangle ABC, labeled counterclockwise, and sub- 
divide it into lots of smaller triangles in any arbitrary way. 
Then label all the new vertices as follows: (1) vertices 
along AB may be labeled either 4 or B, but not C; (2) 
vertices along BC may be labeled either B or C, but not 
A; (3) vertices along CA may be labeled either C or A, 
but not B; (4) vertices inside triangle ABC may be 
labeled A or B or C. Now shade in every small triangle 
that has three different labels. Use two different shadings 
to distinguish the triangles that have been labeled coun- 
terclockwise (i.e., in the same sense as triangle ABC) 
from the triangles that have been labeled clockwise (i.e., 
in the sense opposite to that of triangle ABC). Then 


there will be exactly one more counterclockwise triangle 
than clockwise triangles. In particular, the number of 
shaded triangles will be odd. This is Sperner’s lemma, 
named after its discoverer, the German mathematician 
Emanuel Sperner (1905-1980). Sperner’s lemma is equiv- 
alent to the Brouwer fixed-point theorem; a version of it 
holds in all dimensions. 


sphere 

Roughly speaking, a ball-shaped object. In everyday 
usage a sphere is often considered to be solid; mathe- 
maticians call this the znterior of the sphere. In mathe- 
matics, a sphere is a quadric consisting only of a surface 
and is therefore hollow. More precisely, a sphere is the set 
of all points in three-dimensional Euclidean space that 
lie at distance 7, the radius, from a fixed point. In analyt- 
ical geometry a sphere with center (xo, Yo, Zo) and radius r 
is the set of all points (x, y, z) such that 


(x — Xo)’ + (yy) + (2-2) =r’. 


A sphere can also be defined as the surface of revolution 
formed by rotating a circle about its diameter. If the cir- 
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cle is replaced by an ellipse, the shape becomes a spher- 
oid. The surface area of a sphere is 477? and its volume is 
4rr*/3. The sphere has the smallest surface area among 
all surfaces enclosing a given volume and it encloses the 
largest volume among all closed surfaces with a given sur- 
face area. In nature, bubbles and water drops tend to 
form spheres because surface tension always tries to min- 
imize surface area. The circumscribed cylinder for a given 
sphere has a volume which is 3/2 times the volume of the 
sphere. If a spherical egg were cut up by an egg-slicer with 
evenly spaced wires, the bands between the cuts (on the 
surface of the sphere) would have exactly the same area. 
Spheres can be generalized to other dimensions. For any 
natural number n, an n-sphere is the set of points in 
(n + 1)-dimensional Euclidean space that lie at distance 
r from a fixed point of that space. A 2-sphere is therefore 
an ordinary sphere, while a 1-sphere is a circle and a 
O-sphere is a pair of points. An z-sphere for which z = 3 
or more is often called a hypersphere. 


sphere packing 
See packing, Kepler’s conjecture, and cannonball prob- 
lem. 


spherical geometry 
See elliptical geometry. 


sphericon 

A curious and mathematically delightful three- 
dimensional object made from a right double-cone—two 
identical, 90° cones joined base to base—and an added 
twist. To create a sphericon, a right double-cone is sliced 
along a plane that includes both vertices. The resulting 
cross section is a square, which enables one of the halves to 
be rotated through a right angle and the two halves to be 
glued back together without any overlap. This final twist 
enables the sphericon to roll in an unusual way. An ordi- 
nary cone placed on a flat surface rolls around in circles. A 
double-cone can roll in a clockwise circle or a counter- 
clockwise one. A sphericon, in contrast, performs a con- 
trolled wiggle, with first one conical sector in contact with 
the flat surface, then the other. Two sphericons placed next 
to each other can roll on each other’s surfaces. Four spheri- 
cons arranged in a square block can all roll around one 
another simultaneously. And eight sphericons can fit on 
the surface of one sphericon so that any one of the outer 
solids can roll on the surface of the central one. The spheri- 
con was first found by the En-glishman Colin Roberts in 
1969, while he was still in school. In 1999 he brought his 
discovery to the attention of lan Stewart who subse- 
quently wrote about the new object in his “Mathematical 
Recreations” column in Scientific American.P 2 


sphericon A model in oak of this remarkable shape. Paul and 
Colin Roberts 


spheroid 

A surface in three dimensions obtained by rotating an 
ellipse about one of its principal axes. If the ellipse is 
rotated about its major axis, the surface is called a prolate 
spheroid (similar to the shape of a rugby ball). If the minor 
axis is chosen, the surface is called an oblate spheroid (sim- 
ilar to the shape of Earth). The sphere is a special case of 
the spheroid in which the generating ellipse is a circle. A 
spheroid is a special case of an ellipsoid where two of the 
three major axes are equal. 


Sphinx riddle 

In Greek mythology, the Sphinx sat outside Thebes and 
asked this riddle of all travelers who passed by. If the trav- 
eler failed to solve the riddle, then the Sphinx killed 
him/her. And if the traveler answered the riddle correctly, 
then the Sphinx would destroy herself. The riddle: what 
goes on four legs in the morning, on two legs at noon, 
and on three legs in the evening? Oedipus solved the rid- 
dle, and the Sphinx destroyed herself. The solution: a 
man, who crawls on all fours as a baby, walks on two legs 
as an adult, and walks with a cane in old age. Of course 
morning, noon, and night are metaphors for the times in 
a person’s life. Such metaphors are common in riddles. 
There were two Thebes; apparently the Thebes in this 
myth was the one in Greece, and the Sphinx was differ- 
ent from the one that stands at Giza, in Egypt. 
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spider-and-fly problem 

A puzzle that was originally posed in the Weekly Dispatch, 
an English newspaper, on June 14, 1903, by Henry 
Dudeney, and that appears as one of the problems in The 
Canterbury Puzzles (1907).'*! A simple but elegant exercise 
in geodesics, it is Dudeney’s best-known brain-teaser. In 
a cuboidal (shoebox-shaped) room measuring 30’ x 12’ x 
12’, a spider is in the middle of one 12’ x 12’ wall, 1 foot 
away from the ceiling. A fly is in the middle of the oppo- 
site wall 1 foot away from the floor. If the fly remains sta- 
tionary, what is the shortest total distance (the geodesic) 
the spider must crawl along the walls, ceiling, and floor in 
order to get to the fly? The answer, 40’, can be obtained 
by flattening out the walls. Note that this distance is 
shorter than the 42’ the spider would have to travel if it 
first crawled along the wall to the floor, then across the 
floor, then up 1' to get to the fly. A twist to the problem 
can be obtained by a spider that suspends himself from a 
strand of cobweb and thus takes a shortcut by not being 
forced to remain glued to a surface of the room. If the 
spider attaches a strand of cobweb to the wall at his start- 
ing position and lowers himself down to the floor (thus 
not crawling a single inch), he can then walk across the 
length of the room (30% and ascend a single foot, thus 
reaching his prey after a total crawl of 31’ (although the 
total distance traveled is of course 42’). If the spider is not 
proficient with fastening strands to vertical walls, he must 
first ascend 1’ to the ceiling, from where it can lower him- 
self to the floor, traverse the length of the room, and 
climb one foot to get to the fly, for a total distance 
crawled of 32*. 


Dudeney and Sam Loyd offered several versions of 
the problem in a rectangular room. In 1926 Dudeney 
gave a version on a cylindrical glass with the source and 
the target on opposite sides. 


spinor 

A mathematical object similar to a vector, but which 
changes sign when rotated through 360%. Spinors were 
invented by Wolfgang Pauli and Paul Dirac (they were 
named by Paul Ehrenfest) to represent the spin of a sub- 
atomic particle. In the early 1930s, Dirac, Piet Hein, and 
others at the Niels Bohr Institute created games such as 
Tangloids to teach and model the calculus of spinors. 


spiral 

A curve that turns around some central point, getting 
progressively closer to 1t or progressively farther from it, 
depending on which way the curve is followed. Among 
the best known types are the Archimedean spiral, the 
logarithmic spiral, the circle involute, and the lituus. 
Like their space-curve cousin the helix, all spirals are 
asymmetric and each come in two forms that are mirror 
reflections of one another. 


spirograph curve 
See roulette. 


Sprague-Grundy theory 

A theory of certain classes of games called impartial 
games, discovered independently by Roland Percival 
Sprague (in 1936) and Patrick Michael Grundy (in 1939) 


Spider-and-fly problem What is the shortest route for the spider to catch its prey? 
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and originally applied to Nim. In simple terms, they 
showed that one could take any impartial game and ana- 
lyze it in terms of Nim heaps that could grow or decrease 
in size. The theory was developed further by E. R. 
Berlekamp, John Conway, and others, and presented 
comprehensively in the books Winning Ways for Your 
Mathematical Plays and On Numbers. Sprague-Grundy the- 
ory has been applied to other combinatorial games, 
including kayles. 


Sprouts 

A pencil-and-paper game invented by John Conway and 
Michael S. Paterson at Cambridge University in 1967. 
Sprouts is played by two players, starting with a few dots 
(called spots) drawn on a sheet of paper. To make a move, 
a player draws a curve between two spots or a loop from 
a spot to itself; the curve may not cross any other curve. 
The player marks a new spot on the curve, dividing it in 
two. Each spot can have at most three curves connected 
to 1t. The player who makes the last move wins. Sprouts 
has been studied from the perspectives of graph theory 
and of topology. It can be proven that a game started 
with x spots will last at least 22 moves and at most 3n — 1 
moves. By enumerating all possible moves, one can show 
that the first player is guaranteed a win in games involv- 
ing three, four, or five spots, while the second player can 
always win a game that starts with one, two, or six spots. 
Following a 1990 computer analysis of the game at Bell 
Labs out to 11 spots, David Applegate, Guy Jacobsen, 
and Daniel Sleator conjectured that the first player has a 
winning strategy when the number of spots divided by 
six leaves a remainder of three, four, or five. Sprouts was 
featured in the plot of the first part of the science fiction 
novel Macroscope by Piers Anthony. 


square 
(1) A quadrilateral with four equal sides that meet at 
right angles. (2) To square something is to multiply it by 
itself. To take the square root is the reverse process. A 
square number is the square of a whole number (see also 
figurate number). A well-known formula for the differ- 
ence of squares is a? — b? = (a + b)(a — b). This formula 
enables some otherwise difficult calculations to be done 
easily in the head. For example, 43 x 37 = (40 + 3)(40 — 
3) = 40? — 3° = 1600 — 9 = 1591. 


square free 
An integer that is not divisible by a perfect square, n’, for 
n>. 


square pyramid problem 
See cannonball problem. 


square root of 2 (V2) 

The first number shown to be what is now known as an 
irrational number (a number that can’t be written in the 
form a/b, where both a and b are integers). This discovery 
was made by Pythagoras or, at any rate, by the Pytha- 
gorean group that he founded. The square root of 2 is the 
length of the hypotenuse (longest side) of a right triangle 
whose other two sides are each one unit long. A reductio 
ad absurdum proof that \/2 is irrational is straightfor- 
ward. Suppose that V2 is rational, in other words that 

2 = a/b, where a and b are coprime integers (that is, 
they have no common factors other than 1) and J > 0. It 
follows that a*/b* = 2, so that a? = 2b’. Since a? is even 
(because it has a factor of 2), a must be even, so that a= 
2c, say. Therefore, (2c) = 2b’, or 2c? = b?, so b must also 
be even. Thus, in a/b, both a and bh are even. But we 
started out by assuming that we*d reduced the fraction to 
its lowest terms. So there is a contradiction and therefore 
V2 must not be irrational. This type of proof can be gen- 
eralized to show that any root of any natural number is 
either a natural number or irrational. 

As a continued fraction, V2 can be written 1 + 1/ (2+ 
1/(2 + 1/(2 +...))), which yields the series of rational 
approximations: 1/1, 3/2, 7/5, 17/12, 41/29, 99/70, 
239/169, .... Multiplying each numerator (number on 
the top) by its denominator (number on the bottom) 
gives the series 1; 6; 35; 204; 1,189; 6,930; 40,391; 
235,416; ... which follows the pattern: A, = 6A,_, — 
A, -2 Squaring each of these numbers gives 1; 36; 1,225; 
41,616; 1,413,721; 48,024,900; 1,631,432,881;... each 
of which is also a triangular number. The numbers in 
this sequence are the only numbers that are both square 
and triangular. 


squarefull number 
See powerful number. 


squaring the circle 

The problem to find a construction (see constructible), 
using only a straightedge and compass, that would give a 
square of the same area as a given circle. It is now known 
that this is impossible because, as the German mathe- 
matician Ferdinand von Lindemann showed in 1882, it 
would amount to finding a polynomial expression for pi, 
which can’t be done as T is a transcendental number. 
(All the coordinates of all points that can be constructed 
with ruler and compass are algebraic numbers.) This 
minor inconvenience, however, hasn’t prevented some 
amateur mathematicians from continuing to claim they 
have found proofs that the circle can be squared. Some 
of the most bizarre attempts have involved proposing a 
different and rational value for m. In 1897, the Indiana 
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State Legislature came within a hair’s breadth of intro- 
ducing a bill to set the value of m equal to 3.2! In fact, 
long before n was finally proved to be transcendental, 
most learned societies had conjectured that a proof was 
impossible and had stopped considering circle-squaring 
arguments sent to them. 


squaring the square 

The problem of how to tile a square with integral squares 
(squares of integral side-length). Of course squaring the 
square is a trivial task unless additional conditions are set. 
The most studied restriction is the perfect squared square: a 
square such that each of the smaller squares has a differ- 
ent size. The name was coined in humorous analogy with 
squaring the circle and is first recorded as being studied 
by R. L. Brooks, C. A. B. Smith, A. H. Stone, and W. T. 
Tutte at Cambridge University. The first perfect squared 
square was found by Roland Sprague in 1939. If such a 
tiling is enlarged so that the formerly smallest tile 
becomes as big as the original square, it becomes clear 
that the whole plane can be tiled with integral squares, 
each having a different size. It is still an unsolved prob- 
lem, however, whether the plane can be tiled with a set of 
integral square tiles such that each natural number is used 
exactly once as the size of a tile. A simple squared square is 
one where no subset of the squares forms a rectangle. The 
smallest simple perfect squared square was discovered by 
A. J. W. Duijvestin using a computer search. His tiling 
uses 21 squares, and has been proved to be minimal. 
Other possible conditions that lead to interesting results 
are nowhere-neat squared squares and no-touch squared 
squares. Developments leading to squaring the square 
can be traced back to 1902 and the first appearance of 
Henry Dudeney’s Lady Isabel’s casket, later published as 
problem #40 in The Canterbury Puzzles.'*” 


standard deviation 

A measure of the spread of a set of data. For a Gaussian 
distribution, the standard deviation hints at the width of 
the tails of the distribution function. 


Stanhope, Earl 

A line of English earls, several of whom were notable 
mathematicians and polymaths. The third earl, Charles 
Stanhope (1753-1816), invented the process of stereo- 
typing and, in 1777, devised the first mechanical logical 
calculator. The fourth earl, Philip Henry Stanhope 
(1781-1855) was a mathematician who applied his knowl- 
edge to mapmaking and maze design. From 1818 to 1830 
he planted a maze according to a basic plan laid down by 
the second earl (1714-1786) that was probably the first to 
incorporate islands that defeat the familiar “hand-on- 


wall” method. (There are islands in the famous Hampton 
Court maze, yet the hand-on-wall method solves it.) His 
designs often had a number of islands, or just isolated 
lengths of hedge. 


Star of David 
Also known as a hexagram, the six-pointed star obtained 
by extending the sides of a regular hexagon to the points 
of intersection. 


star of Lakshmi 

An eight-pointed star design often used in architecture, 
particularly as a tiling or other decoration on the floor of 
a room that has four- or eight-fold symmetry. A notable 
example is in the octagonal central lobby in the Houses 
of Parliament in London. It was used by Hindus to sym- 
bolize Ashtalakshmi, the eight forms of wealth. 


state space 
See phase space. 


stationary point 

A point on the graph of a function where the tangent to 
the graph is parallel to the x-axis or, equivalently, where 
the derivative of the function is 0. There are four kinds 
of stationary points: (1) a local minimum, where the deriv- 
ative of the function changes from negative to positive; 
(2) a local maximum, where the derivative changes from 
positive to negative; (3) a rising point of inflection, where 
the derivative is positive on both sides of the stationary 
point; and (4) a falling point of inflection, where the deriva- 
tive is negative on both sides of the stationary point. 


statistical mechanics 
The study of statistical and thermal properties of physical 
materials and their idealized mathematical models. 


statistics 

The study of ways that lots of data can be represented 
using a few numbers and the study of how such numbers 
can be chosen and used to draw reasonable conclusions 
about the data. The word statistics comes from the Latin 
statis for “political state”; one of the main tasks of the 
subject involves analyzing facts and figures about gov- 
ernments, resources, and populations. Although a power- 
ful tool, statistics is open to abuse, both intentional and 
unintentional. Benjamin Disraeli (1804-1881) may have 
gone a little over the top when he said, “There are lies, 
damned lies, and statistics,” but Scottish author Andrew 
Lang (1844-1912) could have been describing many a 
politician when he remarked, “He uses statistics as a 
drunken man uses lamp posts—for support rather than 


24 


In Figure 2.24, the angles marked a and b are 
equal because they are corresponding, and c 


a 
the angles marked b and c are equal because 
they are vertically opposite. So the alternate 
angles a and c are equal. Figure 2.24 


: Example 2.5.1 


Find, with reasons, the sizes of the angles marked a and b. 


} Angles a and 120° are vertically jeu 
opposite, so a = 120°. b 
: Angles a and b are corresponding, 


eso O b 


1 Write down the letter of the angle which is (i) corresponding to 
the shaded angle, (ii) alternate to the shaded angle. 
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illumination.” The branch of statistics most commonly 
used in recreational mathematics is probability theory. 


Steiner, Jakob (1796-1863) 

A Swiss mathematician, considered by many to be the 
greatest geometer since Apollonius of Perga. Largely self- 
taught, he became a professor at the University of Berlin, 
and was a pioneer in the field of projective geometry. He 
had an important influence on his students, including 
Bernhard Riemann. 


Steiner-Lehmus theorem 

Any triangle that has two equal angle bisectors (each 
measured from a vertex to the opposite sides) is an 
isosceles triangle. In 1840, a Berlin professor Ludolph 
Lehmus wondered if this statement is true, given that it is 
the inverse of the already proven rule: If a triangle is 
isosceles then two of its internal bisectors are equal. He 
put the problem to Jakob Steiner who was quickly able 
to show its validity. Shortly after, Lehmus himself found 
a neater proof and it is has since become a favorite pas- 


star of Lakshmi 


time of geometry hobbyists to search for still simpler 
proofs of the theorem. 


Steinhaus, Hugo Dyonizy (1887-1972) 

A Polish mathematician who was an influential member 
of the Lvov school, based at the Jan Kazimierz University 
in Lvov, which also included Stefan Banach and which 
focused on problems in functional analysis, real func- 
tions, and probability in the 1920s and 730s. Early on, 
Steinhaus’s work revolved around applications of the 
Lebesque measure and integral. In 1923 he published 
the first rigorous account of the theory of tossing coins 
based on measure theory, and in 1925 was the first to 
define and discuss the concept of strategy in game the- 
ory. During World War II, as a Jew he was compelled to 
hide from persecution by the Nazis, yet continued his 
mathematical work despite great hardship. In 1944, 
Steinhaus proposed the problem of dividing a cake into 
n pieces so that it is proportional and envy free (see cake- 
cutting). He is also well known as the author of the 
widely read Mathematical Snapshots." 
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stellation The final stellation of the icosahedron. Robert Webb, wwwsoftware3d.com; created using Webb's Stella program 


stellation 

(1) The process of constructing a new polyhedron by 
extending the face planes of a given polyhedron past 
their edges. (2) The new polyhedron thus obtained. Start- 
ing with the icosahedron, for example, there are 59 pos- 
sible stellations, including the great icosahedron, which is 
one of the Kepler-Poinsot solids. 


steradian 

The international (SI) unit in which solid angles are mea- 
sured. The steradian (sr) is a solid angle with its vertex in 
the center of a sphere and which cuts off from the spher- 
ical surface an area equal to the square of the radius of 
the sphere. The full sphere represents a spherical angle of 
An steradians. 


Stewart, lan (1945-) 
A British mathematician at Warwick University who has 
written many books and articles on recreational math 


and popular science. From 1990 to 2001 he wrote the 
“Mathematical Recreations” column in Scientific Amert- 
can. His books include Flatterland: Like Flatland Only More 
So (a modern version of Edwin Abbott’s classic Flatland: 
A Romance of Many Dimensions); Does God Play Dice: The 
New Mathematics of Chaos, and Evolving the Alien (with 
Jack Cohen).**” 318, 321, 323] 


Stewart toroid 

A polygon with a hole through it that meets some or all 
of the criteria specified by Bonnie Madison Stewart in his 
1980 book Adventures among the Toroids. These criteria are 
as follows: all faces must be regular; faces that meet 
mustn’t lie in the same plane; the polygon must be quasi- 
convex; the hole through the polygon must change its 
genus; and, the faces aren't allowed to intersect with 
themselves or each other. Stewart toroids, pierced rela- 
tives of the familiar Platonic solids, combine dazzling 
complexity with attractive symmetry. 
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stellation A stellation of the small stellated truncated dodecahedron, a uniform polyhedron. Robert Webb, www.software3d.com, cre- 
ated using Webb's Stella program 


stochastic 
Something that is random. 


stochastic process 

A dynamical system with random fluctuations at each 
iteration or that is influenced by random noise. A ran- 
dom variable that, at each stage in time, depends on its 
previous values and on further random choices. For 
example, the price of a stock is often modeled as a sto- 
chastic process. 


Stomachion 
See Loculus of Archimedes. 


straight 
Having no deviations. A straight line is usually simply 
called a line. A straight angle, or flat angle, is exactly 180°. 


strange attractor 
See chaotic attractor. 


strange loop 

A phenomenon in which, whenever movement is made 
upward or downward through the levels of some hierar- 
chical system, the system unexpectedly arrives back 
where it started. Douglas Hofstadter has used the strange 
loop as a paradigm in which to interpret paradoxes in 
logic, such as Grelling’s paradox and Russell’s paradox, 
and has called a system in which a strange loop appears a 
tangled hierarchy. 


strategy 

In game theory, a policy for playing a game. A strategy is 
a complete recipe for how a player should act in a game 
under all circumstances. A policy may employ random- 
ness, in which case it is referred to as a mixed strategy. 
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Stewart toroid 


string 
Any sequence of letters, numbers, digits, bits, or sym- 


bols. 


string puzzle 

The origins of puzzles using string, a form of disentangle- 
ment puzzle, are lost in antiquity but one of the earliest 
stories involving this type of problem is that of the Gor- 
dian knot. Today many kinds of string puzzles are avail- 
able, most of which involve removing a ring from loops 
of string that are threaded through a solid (typically 
wooden) body. See also mechanical puzzles and knot. 


string theory 

An important theory in modern physics in which the 
fundamental particles in nature are thought of as the 
“musical notes” or excitation modes of vibrating ele- 
mentary strings. These strings have the shortest mean- 


A drilled truncated dodecahedron. Robert Webb, www.software3d.com; created using Webb's Stella program 


ingful physical length, the so-called Planck length (equal 
to about 10°’ cm), and no thickness. Even more bizarre, 
for the theory to make sense, the universe must have 
nine space dimensions and one time dimension, for a 
total of 10 dimensions. This idea of a 10-dimensional 
universe first appeared in the Kaluza-Klein theory. 
We're familiar with time and three of the space dimen- 
sions: the other six together are known as Calabi-Yau 
spaces. In string theory, as in the case of a stringed 
instrument, the string must be stretched under tension 
in order to vibrate. This tension is fantastically high— 
equivalent to a weight of about 10°’ tons. String theories 
are classified according to whether or not the strings are 
required to be closed loops, and whether or not the par- 
ticle spectrum includes fermions. In order to include 
fermions in string theory, there must be a special kind of 
symmetry called supersymmetry, which means that for 
every boson (a particle, of integral spin, that transmits a 
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force) there is a corresponding fermion (a particle, of 
half-integral spin, that makes up matter). So supersym- 
metry relates the particles that transmit forces to the par- 
ticles that make up matter. Supersymmetric partners to 
currently known particles have not been observed in par- 
ticle experiments, but theorists believe this 15 because 
supersymmetric particles are too massive to be produced 
by present-day high-energy accelerators. Particle acceler- 
ators could be on the verge of finding evidence for high 
energy supersymmetry in the next decade. Evidence for 
supersymmetry at high energy would be compelling evi- 
dence that string theory was a good mathematical model 
for nature at the smallest distance scales. In string the- 
ory, all of the properties of elementary particles—charge, 
mass, spin, and so forth—come from the vibration of the 
string. The easiest of these to understand is mass. The 
more frantic the vibration, the more energy; and since 
mass and energy are the same thing, higher mass comes 
from faster vibration. 


strobogrammatic prime 

A prime number that remains unchanged when rotated 
through 180°. An example is 619, which looks the same 
when read upside-down. To be strobogrammatic, a prime 
cannot contain digits other than 0, 1, and 8, which have 
a horizontal line of symmetry (ignoring font variations), 
and 6 and 9, which are vertical reflections of each other. 
An invertible prime is one that yields a different prime 
when the digits are inverted. Of course, these definitions 
are not taken seriously by mathematicians! 


strophoid 

A looping curve, first studied in 1670 by Isaac Barrow 
(1630-1677), the first Lucasian Professor of Mathematics 
at Cambridge and the immediate predecessor of Isaac 
Newton in this job. The strophoid, which is a special case 
of the general cissoid, was named by Enrico Montucci in 
1846 from the Latin for “twisted belt shape.” The elabo- 
rate rules for drawing a strophoid are as follows. Let C be 
a curve, let O be a fixed point called the pole, and let O” 
be a second fixed point. Let P and P’ be points on a line 
through O meeting C at O such that P'O = OP= QO’. The 
locus of Pand P’ is the strophoid of C with respect to the 
pole O and fixed point O”. If the curve Cis a straight line, 
the pole P is not on C, and the second point O’ is on C, 
the resulting strophoid is called an oblique strophoid. If 
these same conditions apply except that O” is the point 
where the perpendicular from O to C cuts C, then the 
strophoid produced is called a right strophoid. On the 
other hand if C is a circle, O is the center of the circle, 
and O’ a point on its circumference, then the strophoid 
that results is known as Freeth’s nephroid. The French 
mathematician Gilles Roberval (1602-1675) found the 


strophoid in a different way—as the result of planes cut- 
ting acone. When the plane rotates (about the tangent at 
its vertex) the collection of foci of the obtained conics 
gives the strophoid. 


subgroup 
A subset of a group that is a group under the same oper- 
ation. 


sublime number 

A number such that both the sum of its divisors and the 
number of its divisors are perfect numbers. The smallest 
sublime number is 12. There are 6 divisors of 12—1, 2, 3, 
4, 6, and 12—the sum of which is 28. Both 6 and 28 are 
perfect. The second sublime number begins 60,865 ..., 
ends... 91,264, and has a total of 76 digits! It is not 
known if there are larger even sublime numbers, nor if 
there are any odd sublime numbers. 


subset 
A set whose members are members of another set; a set 
contained within another set. 


substitution cipher 

A cipher that replaces each plaintext (original message) 
symbol with a ciphertext (coded text) symbol. The 
receiver decodes using the inverse substitution. A simple 
example is the Caesar cipher. 


subtraction 
The binary operation of finding the difference between 
two quantities or numbers. 


sultan’s dowry 
A sticky problem in probability that first came to light in 
Martin Gardner’s “Mathematical Recreations” column 
in the February 1960 issue of Scientific American. Gard- 
ner’s original version has become known as the secretary 
problem. In the exactly equivalent form called the sul- 
tan’s dowry problem, a sultan has granted a commoner 
the chance to marry one of his hundred daughters. The 
commoner will be shown the daughters one at a time and 
will be told each daughter’s dowry. The commoner has 
only one chance to accept or reject each daughter; he 
can’t go back and choose one that he has previously 
rejected. The sultan’s catch is that the commoner may 
only marry the daughter with the highest dowry. What is 
the commoner’s best strategy, assuming that he knows 
nothing in advance about the way the dowries are dis- 
tributed? 

Many mathematicians have tackled this question and 
numerous papers have been written on the subject. It has 
even spawned its own area of study within the field of 
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management science. The consensus among those who 
have worked on the problem is that the commoner’s best 
strategy is to let a certain fraction of the daughters pass 
and then choose the next one who has a dowry higher 
than any of the ones seen up to that point. The exact 
number to skip is determined by the condition that the 
odds that the highest dowry has already been seen is just 
greater than the odds that it remains to be seen and that if 
it 1s seen it will be picked. This amounts to finding the small- 
est x such that: 


x/n > x/n x |[V(x+ 1)+...+ 1/(2- 1)] 


Substituting n = 100 leads to the conclusion that the 
commoner should wait until he has seen 37 of the daugh- 
ters, then pick the first daughter with a dowry that is big- 
ger than any that have already been revealed. With this 
strategy, his odds of choosing the daughter with the high- 
est dowry are surprisingly high: about 37%. 


supercomputer 

A computer that, in its day, is faster than any contempo- 
rary conventional computer. Supercomputers are typi- 
cally used for enormous number-crunching tasks such as 
weather-forecasting, simulations of fusion experiments or 
galaxy evolution, design of cars and planes, and code- 
cracking. At the start of 2004, the world’s most powerful 
computer, by a long way, is the Earth Simulator in Japan, 
which is capable of a maximum of 40,960 gigaflops, that 
is, 40.96 trillion “floating point operations” per second. 
The top 500 supercomputers are listed at the following 
Web site: http://www.top500.org. 


superegg 


The surface of revolution of a superellipse given by the 
formula |x/a|*° + | y/b| = 1, where a/b = 4/3. The super- 
egg was named by Piet Hein and singled out by him 
because of an unusual property: stood on either end it 
has a peculiar and surprising stability. Supereggs, made of 
metal, wood, and other materials, were sold as novelties 
in the 1960s; small, solid-steel ones were marketed as an 
“executive toy.” The world’s largest superegg, made of 
steel and aluminum and weighing 1 ton, was placed out- 
side Kelvin Hall in Glasgow in 1971 to honor Hein’s 
appearance there as a speaker. 


superellipse 

A Lamé curve, described by the formula |x/a|’ + | y/b|" = 
1, for which 2 > 2. Superellipses have a form partway 
between an ellipse and a rounded rectangle (or, if a= b, 
partway between a circle and a rounded square). The 
Danish poet and architect Piet Hein decided that the 
superellipse with 2 = 5/2 and a/b = 6/5 is the most pleas- 


superegg 


ing to the eye. This so-called Pret Hein ellipse was quickly 
adopted as the basic motif for planning an open space at 
the center of Stockholm and was also incorporated into 
Scandinavian designs for office tables, desks, beds, and 
even roundabouts in roads. The surface of revolution of 
a superellipse is a superellipsoid, one special form of which 
has been nicknamed the superegg. 


superfactorial 

A function based on the factorial that produces large 
numbers very quickly. It is a recent creation that has not 
yet entered the mathematical mainstream, and has been 
defined in a couple of different ways. In 1995, in his 
book Keys to Infinity, Clifford Pickover gave the superfac- 
torial as 


n$ = pri” 
A 


n! terms 


In the same year, Sloane and Plouffe offered an alterna- 
tive definition: 


n$ =111 


Pickover’s superfactorial grows with extraordinary speed. 
The first two terms are 1 and 4, but the third term 3$, 
already has more digits than could be written down on 
this page. Sloan and Plouffe’s factorial grows sedately by 
comparison—the first few values are 1, 1, 2, 12, 288, and 
345,690—and is related to Bell numbers. 
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supersymmetry 

A theory in physics that postulates a counterintuitive 
symmetric relationship between fermions, which are par- 
ticles such as electrons that obey the Pauli exclusion 
principle and thus cannot occupy the same quantum 
state, and bosons, which are particles such as photons 
that can coexist in the same state. 


supertetrahedral number 

A type of figurate number in four dimensions (see 
fourth dimension). Supertetrahedral numbers are 
obtained by piling up the tetrahedral numbers 1, 4, 10, 
20, 35, etc., as in: 


1 =1 
1 +4 =D 
1+4+10 =15 
1+4+10+20 = 305 
1+4+10+20+35 =70 
etc. 


supplementary angles 
Two angles that add up to 180°. 


surd 

A radical that expresses an irrational number. Surds 
may be quadratic (e.g., V2), cubic (e.g., 3V2), quartic (e.g., 
VD), and so on. (The term is sometimes used as a syn- 
onym for irrational number.) A pure surd, or entire surd, 
contains no rational number; that, is, all its factors or 
terms are surds (e.g., yi4 V3). A mixed surd contains at 
least one rational number (e.g., 2 + V3 or 3V2). 


surface 

In mathematics, any object that locally (if you zoom in 
close enough to it) looks like a piece of a flat plane. A 
sphere, a torus, a pseudosphere, and a Klein bottle are 
examples of different types of surfaces. 


surface of revolution 

A surface produced by rotating a line or a curve about 
some axis. For example, a sphere is the surface of revolu- 
tion generated when a circle spins about its diameter. 


surreal number 

A member of a mind-boggling vast class of numbers that 
includes all of the real numbers, all of Georg Cantor’s 
infinite ordinal numbers (different kinds of infinity), a 
set of infinitesimals (infinitely small numbers) produced 
from these ordinals, and strange numbers that previously 
lived outside the known realm of mathematics. Each real 


number, it turns out, is surrounded by a “cloud” of surre- 
als that lie closer to it than do any other real numbers. 
One of these surreal clouds occupies the curious space 
between zero and the smallest real number greater than 
zero and is made up of the infinitesimals. 

Surreal numbers were invented or discovered (depend- 
ing on your philosophy) by John Conway to help with 
his analysis of certain kinds of games. The idea came to 
him after watching the British Go champion playing in 
the mathematics department at Cambridge. Conway 
noticed that endgames in Go tend to break up into asum 
of games, and that some positions behave like numbers. 
He then found that, in the case of infinite games, some 
positions behaved like a new kind of number—the surre- 
als. The name “surreal” was introduced by Donald Knuth 
in his 1974 book Surreal Numbers: How Two Ex-Students 
Turned on to Pure Mathematics and Found Total Happt- 
ness." This novelette is notable as being the only 
instance where a major mathematical idea has been first 
presented in a work of fiction. Conway went on to 
describe the surreal numbers and their use in analyzing 
games in his 1976 book On Numbers and Games.'* The 
surreals are similar to the hyperreal numbers, but they 
are constructed in a very different way and the class of 
surreals is larger and contains the hyperreals as a subset. 


swastika 

An ancient ideogram, signs of which have been found in 
the Euphrates-Tigris Valley, and in some areas of the Indus 
Valley, dating back 3,000 years; 1t became commonly used 
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around 1000 B.c., possibly first in ancient Troy, in the 
northwest of modern Turkey. The swastika is an irregular 
icosagon (a 20-sided polygon), which in Arabic and 
Indian culture originally represented good luck. Of 
course, in more recent times, it was adopted as the sym- 
bol of the Nazi Party in Hitler’s Germany and thus came 
to stand for anti-Semitism. 


syllogism 

An argument composed of three parts—a major premise, 
a minor premise, and a conclusion. For example: All men 
are mortal (major premise). Socrates is a man (minor 
premise). Therefore, Socrates is mortal (conclusion). The 
syllogism forms the basis of Aristotle’s system of logic, 
which went unchallenged for over 2,000 years. Aristotle 
believed that by setting out any argument in syllogistic 
form, it should be possible to avoid fallacies. However, 
Bertrand Russell discovered several formal errors in the 
doctrine of syllogism. 


Sylvester, James Joseph (1814-1897) 

An English mathematician and lawyer who, in 1850, first 
used the term matrix in mathematics and gave it its pre- 
sent meaning of a rectangular array of numbers from 
which determinants may be formed. Together with 
Arthur Cayley, he founded the theory of invariants. Hot- 
headed and vociferous in opposition of anti-Semitism, 
he was thrown out of the University of London for 
threatening another student with a table knife. Later he 
studied at Cambridge, emerging as Second Wrangler but 
without a degree (though in 1871 he earned an MA) 
because, as a Jew, he refused to accept the articles of the 
Church of England. After a spell working as an actuary 
and a barrister, and also taking private pupils (one of 
whom was Flor-ence Nightingale), he met Cayley, with 
whom he forged a lifelong friendship and collaboration, 
and returned to mathematics. He became professor of 
mathematics at the Royal Military Academy at Woolwich 
(1855-1870) and at the newly established Johns Hopkins 
University at Baltimore (1877-1883), founding the Amer- 
ican Journal of Mathematics, before accepting the Savilian 
chair at Oxford (1883-1894). Remarkably, especially in 
the field of mathematics, he produced an extraordinary 
flood of ideas well into his old age. At 82, he worked out 
the theory of compound partitions. He also published on 
the roots of quintic equations and on number theory. 
His partnership with Cayley worked perfectly, since Cay- 
ley supplied the rigor which the brilliantly creative 
Sylvester lacked. 


Sylvester's problem of collinear points 
A problem posed in 1893 by James Sylvester who wrote: 
“Prove that it is not possible to arrange any finite number 


of real points so that a right line through every two of 
them shall pass through a third, unless they all lie in the 
same right line.” No correct proof was forthcoming at the 
time, but the problem was revived by Paul Erdós in 1943 
and correctly solved by T. Griinwald in 1944. 


symmedian 
Reflection of a median of a triangle about the corre- 
sponding angle bisector. 


symmetric group 

The group of all permutations of a finite set. The sym- 
metric group of a set of size zis denoted S, and has z! ele- 
ments. 


symmetry 

An intrinsic property of a mathematical object that 
allows it to remain unchanged under certain types of 
transformation, such as rotation, reflection, or more 
abstract operations. The mathematical study of symme- 
try is systematized and formalized in the extremely pow- 
erful subject known as group theory. Symmetries and 
apparent symmetries in the laws of nature have played a 
part in the construction of physical theories since the 
time of Galileo and Newton. The most familiar symme- 
tries are spatial or geometric ones. In a snowflake, for 
example, the presence of a symmetrical pattern can be 
detected at a glance. One of the most remarkable devel- 
opments of the past half century has been the emergence 
of symmetry as a central theme of subatomic physics. 
This came about through a series of subtle evolutions in 
the concept of symmetry itself. Many researchers believe 
that this evolutionary process has not come to an end, 
and that further meaning of the concept of symmetry, 
with perhaps new mathematical structures, will develop 
in the coming years. 


symmetry group 

The group formed by the set of all rigid motions (trans- 
lations, rotations, reflections, etc.) of Euclidean space 
that map all points of a subset F into E 


system 

Something that can be studied as a whole. Systems may 
consist of subsystems that are interesting in their own 
right. Or they may exist in an environment that consists 
of other similar systems. Systems are generally under- 
stood to have an internal state, inputs from an environ- 
ment, and methods for manipulating the environment or 
themselves. Since cause and effect can flow in both direc- 
tions of a system and environment, interesting systems 
often possess feedback, which is self-referential in the 
strongest case. 
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Szilassi polyhedron 

A toroidal heptahedron (seven-sided polyhedron) first 
described in 1977 by the Hungarian mathematician Lajos 
Szilassi. It has 7 faces, 14 vertices, 21 edges, and 1 hole. 
The Szilassi polyhedron is the dual of the Csaszar poly- 
hedron and, like it, shares with the tetrahedron the 


property that each of its faces touches all the other faces. 
Whereas a tetrahedron demonstrates that four colors are 
necessary for a map on a surface topologically equivalent 
to a sphere, the Szilassi and Császár polyhedra show that 
seven colors are necessary for a map on a surface topo- 
logically equivalent to a torus. 


tachyon 

A hypothetical particle that travels faster than the speed 
of light. Tachyons were first proposed in prerelativistic 
times by the physicist Arnold Sommerfeld and named in 
the 1960s by Gerald Feinberg from the Greek tachys 
meaning “swift.” By extension of this terminology, parti- 
cles that travel slower than light are called tardyons (or 
bradyons in more modern usage) and particles, such as 
photons, that travel exactly at the speed of light are called 
luxons. The existence of tachyons is allowed by the math- 
ematics of special relativity theory, one of the basic 
equations of which is 


E=m/V (1 - v?/c?) 


where E is the mass-energy of a particle, m its rest mass, 
v its velocity, and c the speed of light. This shows that 
for tardyons (particles of ordinary matter), E increases 
as v increases and becomes infinite when v=c, thus pre- 
venting an initially slower-than-light particle from being 
accelerated up to the speed of light and beyond. What 
about a particle for which v is always greater than c? In 
this case, v/c? > 1, so that the denominator in the equa- 
tion above is an imaginary number-the square root of 
a negative real number. If m has a real value, E is imagi- 
nary, which is hard for physicists to swallow because E 
is a measurable quantity. If m takes an imaginary value, 
however (because one imaginary number divided by 
another is real), then E is real. Tachyons are allowed, 
therefore, providing (a) they never cross from one side 
of the light-barrier to the other, and (b) they have an 
imaginary rest mass (which is physically more accept- 
able, since the rest mass of an object that never stops 
isn’t directly measurable). Tachyons would slow down if 
they lost energy, and accelerate if they gained energy. 
This leads to a problem in the case of charged tachyons 
because charged particles that move faster than the 
speed of light in the surrounding medium give off 
energy in the form of Cherenkov radiation. Charged 
tachyons would continuously lose energy, even in a vac- 
uum, through Cherenkov emission. This would cause 
them to gain speed, thus lose energy at an even greater 
rate, thus accelerate even more, and so on, leading to a 
runaway reaction and the release of an arbitrarily large 
amount of energy. 

More worrisome, as the physicist Gregory Benford 
and his colleagues first pointed out in their 1970 paper 
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“The Tachyonic Antitelephone,” tachyons seem to lead 
to a time travel paradox because of their ability to send 
messages into the past. Suppose Alice on Earth and 
Boole on a planet circling around Sirius can communi- 
cate using what has been called a tachyon “antitele- 
phone.” They agree in advance that when Boole receives 
a message from Alice, he will reply immediately. Alice 
promises to send a message to Boole at noon her time, if 
and only if she has not received a message from Boole 
by 10 A.M. The snag is that both messages, being super- 
luminal, travel back in time. If Alice sends her message 
at noon, Boole’s reply could reach her before 10 A.M. 
“Then,” as Benford and colleagues wrote, “the exchange 
of messages will take place if and only if it does not take 
place....” Perhaps not surprisingly, despite numerous 
searches, no tachyon detection has so far been con- 
firmed. The same is true of another hypothetical faster- 
than-light particle called a dybbuk (Hebrew for a “roving 
spirit”), which would have imaginary mass, energy, and 
momentum. Dybbuks, proposed by Raymond Fox of 
the Israel Institute of Technology, have properties even 
stranger than those of tachyons yet, interestingly, they 
avoid the causality problem that affects their superlumi- 
nal cousins. 


TacTix 

A two-player game of strategy, devised by Piet Hein, that 
is essentially a two-dimensional version of Nim. Though 
the game is nontrivial, the first player can always win, at 
least in the 5 x 5 matrix version by choosing the center 
piece and symmetrically mirroring the second player’s 
moves. On a5 x 5 grid, players alternate taking away as 
many contiguous pieces as desired from a single row or 
column. 


Tafl game 

A type of board game in which the contest is between 
two forces of unequal number or strength. The earliest 
form of Tafl (old Norse for “table”), known as Hnefa- 
Tafl (“king’s table”), originated in Scandinavia before 
A.D. 400 and was then exported by the Vikings to Green- 
land, Iceland (where it is mentioned in the Grettis Saga 
dating back to A.D. 1300), Ireland, England, Wales, and 
as far east as the Ukraine. Several boards unearthed 
in both Viking and Anglo-Saxon contexts, including 


the board found at the Gokstad ship burial, have had 


2.6 Bearings 


In some situations, compass bearings, 
based on North, East, South and 
West, are used to describe directions. 
For navigation, three-figure bearings 
are used. A three-figure bearing is the 
angle always measured clockwise 
from North. When the angle is less 
than 100°, one or two zeros are 
inserted in front of the angle, so that 
the bearing still has three figures. 
Thus, East as a bearing is 090° and 
South is 180°. The directions of the 
four bearings 032°, 143°, 227° and 
315° are shown in Figure 2.25. 


Example 2.6.1 
The bearing of B from A is 074°. Find the bearing of A from B. 
It is important to draw a rough sketch. 

Start by putting A on the paper with the line 
due North through A, and then put B on the 


diagram, together with the line due North 
through B. 


The bearing of A from B is the reflex angle at, 
B and is therefore 180° + x. But the angle x is 
alternate to the angle of 74°, so x = 74°. 


Therefore the bearing of A from B is 180° + x = 254°. 


Insight 
There are plenty of mnemonics to help you remember the order 
of the compass points. Never Eat Slimy Worms is one example. 


2. Angles 25 


tangrams 313 


Hnefa-Tafl on one side and nine men’s morris on the 
other. Later variants of Tafl include Tabula (the medi- 
eval ancestor of backgammon, introduced from the 
French as Quatre and thus Kvatru-Tafl ), fox and geese 
(Ref-Skak, “fox chess”, Hala-Tafl or Freys-Tafl), three 
men’s morris (Hre-Tafl, “Quick-Tafl”), and nine men’s 
morris. 


Tait, Peter Guthrie (1831-1901) 

A Scottish scientist and mathematician who carried out 
the world’s first systematic investigation of knot theory. 
Early in his career he formed a friendship with William 
Hamilton and became fascinated in the application of 
Hamilton’s quaternions to problems in physics. In 
1857, he also took an interest in Hermann Helmholtz’s 
theories on the behavior of vortex rings, and began 
experimenting with smoke rings and their interactions. 
These experiments greatly impressed William Thomson 
(Lord Kelvin) who saw in them a possible way (wrong, 
as we now know) to explain atomic structure and the 
buildup of different elements. This idea, in turn, led 
Tait, Thomson, and James Maxwell to do seminal work 
on knot theory, since the basic building blocks in 
Thomson’s vortex atom model were rings knotted in 
three dimensions. Without any rigorous theory, which 
would have been well beyond nineteenth-century math- 
ematics, Tait began to classify knots using his geometric 
intuition. By 1877 he had classified all knots with seven 
crossings. He then went on to consider the coloring of 
graphs and put forward a hypothesis (see Tait’s conjec- 
ture) that, if true (which it wasn’t), would have proved 
the four-color map problem. Among his many other 
accomplishments, Tait wrote a classic paper on the tra- 
jectory of golf balls (1896). This was a subject close to 
his heart because the third of his four sons was Freder- 
ick Gutherie Tait, the leading amateur golfer in 1893 
and winner of the Open Golf Championship in 1896 
and 1898. 


Tait’s conjecture 

A hypothesis put forward by Peter Tait in 1884, which 
says that every polyhedron has a Hamilton circuit 
through its vertices. In other words, it is possible to travel 
around all the edges of a polyhedron, passing through 
each vertex (corner) exactly once and arriving back at 
the starting point. If true, Tait’s conjecture would have 
provided an immediate proof of the four color map 
problem. However, in 1946, the British mathematician 
William Tutte (1917-2002), whose work at Bletchley Park 
on cracking the German FISH cipher played an important 
role in World War II, found a counterexample to the con- 
jecture in the form of a polygon with 25 faces, 69 edges, 
and 46 vertices. 


tally 

To count or keep score. In the past this was often done by 
making marks on a stick; the word comes from the Latin 
talea meaning “one who cuts,” which is also the root of 
tailor. The oldest known tally stick is thought to be the 
Lebombo bone dating back about 37,000 years. Until 
around 1828 British tax records were kept on wooden 
tally sticks. When the system was finally abandoned, the 
government was left with a mountain of wood which, in 
1834, it decided to dispose of by having a giant bonfire. 
So successful was that blaze that it also burned down the 
parliament buildings. What Guy Fawkes had failed to do 
with dynamite, the Exchequer did with tally sticks! 


tangent 

(1) A straight line that touches a given curve exactly once, 
at a given point. (2) In a right triangle, if one of the angles 
is 8, then the tangent of 6 is the ratio of lengths of the 
side opposite 9 to the side next to 8. See also trigono- 
metric function. 


tangle 
A system in which a strange loop appears. 


tangled graph 

A graph in 3-dimensional space; equivalently, a graph 
drawn in the plane so that when edges cross, one edge 
goes over the other. 


Tangloids 

A mathematical game for two players devised by Piet Hein 
to model the calculus of spinors. Two flat blocks of wood 
each pierced with three tiny holes are joined with three 
parallel strings. Each player holds one of the blocks of 
wood. The first player holds one block of wood still, while 
the other player rotates the other block of wood around 
any axis for 47 radians (two full revolutions). Then the first 
player tries to untangle the strings without rotating either 
piece of wood. Only translations (sliding the pieces) are 
allowed. Afterward, the players reverse roles; whoever can 
untangle the strings fastest is the winner. 


tangrams 

A puzzle of Chinese origin, the objective of which is to 
form given shapes using a set of seven pieces (five trian- 
gles of various sizes, one square, and one parallelogram) 
that come from slicing up a square. The produced shape 
has to contain all the pieces, which mustn’t overlap. Tan- 
grams became popular in England around the middle of 
the nineteenth century, having been brought back by 
sailors from Hong Kong. It received a further boost when 
Lewis Carroll used the pieces to create illustrations of the 
characters in the Alice books. The origin of the name 
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tangrams The seven tangrams. Kadon Enterprises, Inc, www.gamepuzzles.com 


tangrams A tangram menagerie built up from the seven simple shapes. 
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isn’t certain. One theory is that it comes from the Can- 
tonese word for chin. A second is that it stems from a 
mispronunciation of a Chinese term that the sailors used 
for the ladies of the night from whom they learned the 
game! A third suggestion is that 1t is from the archaic 
Chinese root for seven, which still persists in the Tan- 
abata festival held on July 7 in Japan. The first definitive 
appearance of tangrams in the Far East seems to be in 
Japan in the early eighteenth century; by around 1805 it 
had become a fad in both China and Europe. The locu- 
lus of Archimedes is a similar game and it has been sug- 
gested, though without evidence, that this was a direct 
precursor of tangrams, having been transmitted to the 
East via Arab sources.!* 7°! 


Tarry, Gaston (1843-1913) 

A French civil servant and amateur mathematician who 
spent the whole of his working career in Algeria. He pub- 
lished numerous articles on geometry, number theory, 
and magic squares from 1882 until his death, and is best 
known for his contribution to Euler’s thirty-six officers 
problem. He also published an algorithm for exploring 
mazes that is named after him. 


Tarski, Alfred (1902-1983) 

A Polish-American mathematician who, along with Aris- 
totle, Friedrich Frege, and Kurt Gédel is considered one 
of the greatest logicians of all time and certainly the 
most prolific: his collected works, excluding books, runs 
to 2,500 pages. Tarski made important contributions in 
many areas of mathematics, including set theory, topol- 
ogy, algebraic logic, and metamathematics. His most 
important contribution to logic is the semantic method—a 
technique that allows a more exacting study of formal 
scientific languages. 


Tartaglia, Niccoló Fontana (1499-1557) 

An Italian mathematician who, along with Girolamo 
Cardano, discovered the algebraic solution of the cubic. 
He was also a well-known inventor of mathematical 
recreations. He devised many arithmetical problems, and 
contributed especially to measuring and weighing puz- 
zles and to river-crossing problems. Although his real 
name was Niccoló Fontana, he is always referred to as 
Tartaglia, “the stammerer.” 


tautochrone problem 

Find the curve down which an object can slide from any 
point to the bottom (accelerated by gravity and ignoring 
friction), always in the same length of time. Tautochrone 
comes from the Greek tauto for “the same” (which also 
gives us fautology) and chronos for “time.” The solution, 
first found by Christiaan Huygens and published in his 


Horologium oscillatorium (1673), is a cycloid. Thus, if you 
were to upturn a cycloid, in the manner of an inverted 
arch, and then release a marble from any point on it, it 
would take exactly the same time to reach the bottom, no 
matter where on the curve you started. Huygens used his 
discovery to design a more accurate pendulum—one with 
curved jaws from the point of support that forced the 
string to follow the right curve no matter how large or 
small the swing. The cycloid’s unique property is men- 
tioned in the following passage from Herman Melville’s 
Moby Dick: “|The try-pot] is also a place for profound 
mathematical meditation. It was in the left-hand try-pot 
of the Pequod, with the soapstone diligently circling 
round me, that I was first indirectly struck by the remark- 
able fact, that in geometry all bodies gliding along a 
cycloid, my soapstone, for example, will descend from 
any point in precisely the same time.” The cycloid is also 
the curve that answers the brachistochrone problem. 


tautology 

In mathematics, a logical statement in which the conclu- 
sion is equivalent to the premise. According to the school 
of thought known as logicism, all of mathematics is 
derived from logic and is thus inherently tautological. 
Tautology is also the needless, pointless, meaningless, 
and unwarranted repetition of words and phrases that 
mean the same thing. Examples are to be found in the 
previous sentence and the next one. Have a slice of pizza 
(pizza is Italian for “slice”) and spin the roulette wheel 
(roulette is French for “little wheel”). 


ten 

The base of our familiar number system, which stems 
directly from the fact that we have 10 fingers on which to 
count. Ten is the only triangular number that is a sum of 
consecutive odd squares (10 = 1° + 3’) and the only com- 
posite integer such that all of its positive integer divisors 
other than 1 are of the form x?+1(2=1*+1,5=2*+1, 
10 = 3° + 1). Strange but true: the life span of a taste bud 
is 10 days. 


tensor 

A generalization of the concept of a vector. A scalar is a 
tensor of rank zero and a vector is a tensor of rank one. 
There are tensors of rank two, three, and so on, used 
mainly in manipulating and transforming sets of equa- 
tions within and between different coordinate systems. A 
tensor of order n has n? components and is often best 
thought of as an array of values that can be manipulated 
like a matrix. To illustrate a tensor of rank two, imagine a 
plane surface area with a force acting on it. The total effect 
depends on two things: the magnitude and direction of 
the force, and the size of the area and its orientation. In 
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fact this latter property can be represented uniquely by a 
vector of magnitude proportional to the size of the area, 
and in a direction normal to the area. So the effect of the 
force upon the surface depends on two vectors and is 
equivalent to a tensor of rank two. Tensors were used by 
Einstein in deriving his law of gravitation in general rela- 
tivity theory. 


tera- 
Prefix for 10", from the Greek pentakis for “five times.” 


terminating decimal 

A decimal fraction that comes to an end, as in 0.3 or 
0.7194. All terminating decimals are rational numbers, 
but not all rational numbers have terminating decimal 
expansions. For example, '4 is rational, but its decimal 
expansion goes on forever. 


ternary 
(1) Having the base three. (2) Involving three variables. 
From the Latin ternarius (“three each”). 


tessellation 
See tiling. 


tesseract 

The four-dimensional analogue of a cube, also known as 
a 4-space hypercube or an 8-cell. The name, possibly 
coined by Charles Hinton, comes from tesser, meaning 
“four,” and aktis, meaning “ray,” thus “four rays.” Just as 
a cube is obtained by “thickening” a square in the third 
dimension, which can be imagined as stacking infinitely 
many infinitely thin sheets of paper, a tesseract is a cube 
thickened in the fourth dimension. We can’t imagine 
this because we can’t think four dimensionally but it is 
possible to appreciate that just as perspectives of cubes 
can be drawn on a 2-d surface, so real cubes can serve as 
perspectives of tesseracts. A square drawn inside a larger 
square with the vertices connected by lines is one way to 
provide a perspective of a cube. Similarly, a hypercube is 
sometimes portrayed as a small cube within a larger cube 
with lines drawn from the vertices of the smaller cube to 
the vertices of the larger cube. This kind of representa- 
tion is a bit misleading, however, and reveals very little 
of the nature of a tesseract. It doesn’t show, for instance, 
how a tesseract can be subdivided into smaller 4-d blocks 
in the same way that a cube can be divided into smaller 
cubes, or a square into smaller squares. A more useful 
way to think of a tesseract is as a folding, in the fourth 
dimension, of a 3-d net of eight cubes, just as a cube is a 
folding in the third dimension of a 2-d net of six squares. 
Start with a stack of four cubes, with four more cubes 


arranged in a cross around the second cube from the 
top. A tesseract is made by folding (in the fourth dimen- 
sion) so that the top face of the cube at the top of the 
stack merges with the bottom face of the bottom cube, 
and so that the adjacent edges of the cubes in the cross 
join. (See table, “A Comparison of the Square, Cube, 
and Tesseract.”) 


A Comparison of the Square, Cube, and Tesseract 


Vertices Edges Squares Cubes 
Square 4 4 1 — 
Cube 8 12 6 1 
Tesseract 16 32 24 8 


A tesseract is bounded by eight hyperplanes, each of 
which intersects it to form a cube. Two cubes, and so 
three squares, intersect at each edge. There are three 
cubes meeting at every vertex, the vertex polyhedron of 
which is a regular tetrahedron, leading to the Schläfli 
symbol {4,3,3}. The distance between opposite corners 
of a hypercube is twice the length of a side—much tidier 
than the corresponding values of V2 for a square and 
V3 for a cube. 

If a cube is hung from one of its vertices and sliced 
horizontally through its center, the result is a hexagon. 
What if the same is done to a tesseract? The slice will 
yield a 3-dimensional object—but what kind? The answer 
is an octahedron. By analogy with the slice of the 3-cube, 
the slice of the 4-cube must cut every “face.” The number 
of faces of a 4-cube is eight and the only regular eight- 
sided solid is an octahedron. 

Tesseracts turn up in both art and literature. Salvador 
Dali’s Christus Hypercubus shows Christ being crucified 
on a tesseract. In Robert Heinlein’s short story “And He 
Built a Crooked House” (1940), a house built as a three- 
dimensional projection of a tesseract collapses, or folds 
up, to become a real tesseract—with unusual consequences 
for the person trapped inside. The tesseract is also men- 
tioned in Madeleine |’Engles children’s fantasy A Wrinkle 
in Time as a way of introducing the concept of higher 
dimensions. 


tetragon 
The less familiar name for what's normally called a 
quadrilateral. 


tetrahedral number 
A number that can be made by considering a tetrahedral 
pattern of beads in three dimensions. For example, if a tri- 
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tetrahedron Rosie's pyramid puzzle, a vintage game that calls for four pieces to be assembled into a tetrahedron. Sue & Brian 


Young/Mr. Puzzle Australia, www.mrpuzzle.com.au 


angle of beads is made with three beads to a side, and on 
top of this is placed a triangle with two beads to a side, 
and on top of that a triangle with one bead to a side, the 
result is a tetrahedron of beads. In this case the total num- 
ber of beads is (third triangular number) + (second trian- 
gular number) + (first triangular number) =6+3+1= 10. 
In general the th tetrahedral number is equal to the sum 
of the first n triangular numbers. This is the same as the 
fourth number from the left in the (z + 3)th row of Pas- 
cal’s triangle. We can use the binomial formula for num- 
bers in Pascal’s triangle to show that the mth tetrahedral 
number is ”**C3, or (n + 2)(n + 1)n/6. The only numbers 
that are both tetrahedral and square are 4 (= 2’ = T) and 
19,600 (= 140? = Ty). 


tetrahedron 

A four-sided polyhedron. A regular tetrahedron, one of 
the Platonic solids, is a regular three-sided pyramid in 
which the base-edges and side-edges are of equal length. 
The projection of a regular tetrahedron can be an equi- 
lateral triangle or a square. The centers of the faces of a 
tetrahedron form another tetrahedron. 


tetraktys 

The sum 1+2+3+4=10 (the fourth triangular number), 
held in reverence by the Pythagoreans (see Pythagoras of 
Samos). The tetraktus, or “holy fourfoldness,” was taken 
to represent the four elements: fire, water, air, and earth. 


Tetris 

A video and computer game, invented in 1985 by the 
Russian Alexey Pajitnov, that has become one of the most 
widely played games of all time. In 2002, computer scien- 
tists Erik Demaine, Susan Hohenberger, and David Liben- 
Nowell of the Massachusetts Institute of Technology 
(MIT) analyzed the game to determine its computational 
complexity and found it to be an NP-hard problem (one 
that is immune to simple solution and instead demands 
exhaustive analysis to work out the best way to be com- 
pleted). Many people first played Tetris on the Nintendo 
Gameboy handheld console but it has since become avail- 
able for virtually every personal computer-based device. 
The game gives the player the task of creating complete 
lines from a series of regularly shaped blocks—tetrominos, 
which are a type of polyomino—that advance steadily 
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down a narrow grid. The blocks can be spun to make them 
fit together better and complete lines. The game gets faster 
as levels are completed, making it harder to spin and fit 
blocks together fast enough to form lines. The MIT team 
found that, subject to certain conditions, Tetris has much 
in common with some of the knottiest mathematical 
conundrums, including the traveling salesman problem. 
Because Tetris is NP-hard, there is no easy way to maxi- 
mize a score for the game, even when the sequence of 
blocks is known in advance. 


tetromino 
A four-square polyomino. 


theorem 

A major mathematical proposition that has been proved 
correct. More precisely, a statement in a formal system for 
which there exists a proof. See also conjecture and lemma. 


Thiery figure 


theory of everything 

A unified theory of all fundamental forces and interac- 
tions in nature; a grand unified theory that also includes 
gravity or general relativity (see relativity theory). 


Thiery figure 
A classic ambiguous figure devised by the psychologist 
A. Thiery in the late nineteenth century. 


thirteen 

The unluckiest of numbers if you happen to be supersti- 
tious. This belief has a couple of historical roots. Accord- 
ing to biblical tradition, there were 13 people at Christ’s 
Last Supper, and Christ was crucified on a Friday the thir- 
teenth. Further back in time, Alexander the Great decided 
he wanted to be the thirteenth god alongside the 12 that 
already stood for each month of the year, so he had a thir- 
teenth statue built on the place of his capital. His death 
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shortly after gave the number a bad name. Many build- 
ings don't have a floor labeled 13 and many hotels will 
have a room numbered 12A instead of 13. There is even a 
name for a morbid fear of 13: triskaidekaphobia. 

Fresh disasters involving the number hardly help 
triskaidekaphobics overcome their affliction. The most 
notorious of these involved the Apollo 13 Moon mis- 
sion, which was launched on April 11, 1970 (the sum of 
4, 11, and 70 equals 85, the digital sum of which is 13), 
from Pad 39 (3 x 13) at 13:13 local time, and suffered an 
explosion on April 13. (The astronauts did, however, 
make it home safely, which could be considered good 
luck.) There is always at least one Friday the thirteenth in 
each year; in some years there are two, and rarely three 
(e.g., 1998 and 2009). There were 13 original U.S. 
colonies (hence the 13 stripes on the American flag) and 
13 signers of the Declaration of Independence. In Japan, 
the numbers 4 and 9 are considered unlucky, not because 
13 can be represented as sum of these two perfect squares 
but because of their pronunciation. In Japanese, four is 
shi, which is pronounced the same as the word for death; 
nine is ku, which sounds like the word for torture. And 
speaking of torture, it was not unusual in times past for 
bakers to come in for stiff punishment if they short- 
changed their customers. In ancient Egypt, someone 
found selling light loaves might end up with his ear 
nailed to a doorpost, while in medieval Britain the pun- 
ishment was likely to be a spell in the pillory. This led to 
the custom of adding a thirteenth loaf to every batch of 
12 to be on the safe side, and hence the expression “a 
baker’s dozen.” 

Mathematically, the reverse of the square of 13 is the 
same as the square of the reverse of 13: 13° = 169; the 
reverse of 169 is 961 and the reverse of 13 is 31; 317 = 
961. Thirteen is the smallest prime number that can be 
expressed as the sum of the squares of two prime num- 
bers: 13 = 2? + 3’. Also the sum of all prime numbers up 
to 13 Q+3+5+7+11 + 13) is equal to the thirteenth 
prime number (41), and this is the largest such number. 
On the anagrammatical front is this nice equation: 


ELEVEN + TWO = TWELVE + ONE 


See also dollar. 


thirty colored cubes puzzle 

A game devised in 1921 by Percy MacMahon, which 
was marketed under the name “Mayblox.” It is played 
with 30 cubes that have all possible permutations of six 
different colors on their faces. A number of different 
games can be played with the blocks. One is to choose 
a cube at random and then choose seven other cubes to 
make a 2 x 2 x 2 cube with the same arrangement of col- 
ors for its faces as the first chosen cube. Each face of the 


2 x 2 x 2 cube has to be a single color and the interior 
faces have to match in color. After building one such 
cube, only one other with the same properties can by 
made from the remaining 22 cubes—the mirror image of 
the first. 


thirty-six officers problem 

Arrange 36 officers in a 6 X 6 square so that one officer 
from each of six regiments appears in each row and one 
from each of six ranks appears in each column. This prob- 
lem, first posed by Leonhard Euler in 1779, is equivalent 
to finding two mutually orthogonal Latin squares of 
order six. Euler correctly conjectured that there was no 
solution; the search for a proof led to important devel- 
opments in combinatorics. 


Thompson, D'Arcy Wentworth (1860-1948) 

A Scottish naturalist and polymath. Thompson held a 
professorial chair at St. Andrews and Dundee, Scotland, 
for the amazing period of 64 years, a record for tenure 
unlikely ever to be broken. Although he wrote more than 
300 scientific articles and books, his reputation is based 
primarily on his efforts to reduce biological phenomena 
to mathematics in his magnum opus Oz Growth and Form 
(1917). In this book, full of marvelous sketches of 
such things as nautilus shells and honeycombs, Thomp- 
son claimed that much about animals and plants could 
be understood by the laws of physics, as mirrored in the 


Thompson, D'Arcy Wentworth An illustration from Thomp- 
son's On Growth and Form: the shell of the radiolarian 
Aulastrum triceros. 


320 thousand 


structures and patterns of mathematics. His most novel 
idea was to show how mathematical functions could be 
applied to the shape of one organism to continuously 
transform it into other, physically similar organisms. One 
memorable example is the squeezing and stretching of a 
rectangular Cartesian grid that transforms the fish species 
Scarus sp. to the species Pomacanthus. Thompson used the 
same principle to transform skulls of baboons into those 
of other primates, and to show how corresponding bones 
like the shoulder blade are related in different species. 
Doubtless, if he were alive today, he would be heavily 
into “morphing”—the digital technique that allows a 
computer to do exactly the same kind of transformation 
of one object to another, but vastly more efficiently. 
Thompson acquired a local reputation as a mild eccen- 
tric; indeed, older inhabitants of St. Andrews still recall 
seeing him strolling about town with a parrot on his 


shoulder. 


thousand 

A number that, linguistically, comes from an extension 
of “hundred” and has roots in the Germanic teue and 
hunat. Teue refers to a thickening or swelling, and bundt is 
the source of our present-day hundred. A thousand, 
then, literally means a swollen or large hundred. The root 
tene is the basis of such common words today as thigh, 
thumb, tumor, and tuber. One thousand is the answer to 
the question: If you were to spell out numbers, how far 
would you have to go until you would find the letter “A”? 
While Americans may say “Thanks a million” to express 
gratitude, Norwegians offer “Thanks a thousand” (“tusen 


takk”). 


three 


1+ 1=3, for large values of 1. 


—Anonymous 


The number of dimensions of space in which we live; three 
is also the smallest odd prime number, the second trian- 
gular number, and member of the Fibonacci sequence. 
Three is often the number of repetitions in jokes and 
children’s stories (for example, the tale of the Three Little 
Pigs and of the number of chairs, beds, and porridge- 
eating bears in Goldilocks), because it is the minimum 
number needed to establish a pattern (such as a regular 
tempo) or to convey the impression of an ongoing 
sequence or succession. In the Christian tradition, three 
plays a crucial role: Christ represents one third of the 
Trinity (the Father, Son, and Holy Spirit), was visited by 
the three wise men and, 33 years later, when Peter dis- 
owned him three times, rose on the third day after the 
crucifixion, having died at 3 P.M. Other things that come 


in threes: musketeers, primary colors, wishes, blind mice, 
bad luck, and London buses. See also Triangular Lodge 
and tinner’s rabbits. 


three-hat problem 
See hat problem. 


three men’s morris 

An old game played on a 3 x 3 board that is thought to 
be a direct ancestor of tic-tac-toe; it is known by many 
other names, including nine holes, and is related to six 
men’s morris and nine men’s morris. The game involves 
two differently colored sets of four pieces (one set for 
each player). Players take turns placing pieces on inter- 
section points, and the first person to place three along a 
line wins the game. The earliest known board for three 
men’s morris was found on the roof of the temple in 
Kurna, Egypt, dating back almost three and a half thou- 
sand years. Its earliest known appearance in literature is 
in Ovid’s Ars Amatoria. The Chinese are believed to have 
played it under the name Luk tsut K’i during the time of 
Confucius (c. 500 B.c.). Boards for three men’s morris 
dating back to the thirteenth century can be found 
carved into the cloister seats at the cathedrals at Canter- 
bury, Gloucester, Norwich, and Salisbury, and at West- 
minster Abbey. 


three-body problem 

The problem of determining the future positions and 
velocities of three gravitational bodies. The problem was 
proved unsolvable in the general case by Henri Poincaré, 
which foreshadowed the importance of chaos. Although 
no analytical solutions are possible in the worst case, a 
numerical solution is sometimes sufficient for many tasks. 


Thue-Morse constant 

Also known as the parity constant, the number defined as 
follows: Take a string of 1’s and 0’s and follow it by its 
complement (the same string with 1’s switched to 0’s and 
vice versa) to give a string twice as long. Repeat this 
process forever (starting with 0 as the initial string) to get 
the sequence 011010011001011010010110.... Make 
this a binary fraction, 0.0110100110010110...., and re- 
write it in base 10. The resulting transcendental number, 
0.41245403364 ..., is the Thue-Morse constant. 


tic-tac-toe 

Also known as noughts and crosses, and spelled in a vari- 
ety of ways (such as ticktacktoe), this well-known pas- 
time is not as ancient as popularly believed, though it 
certainly has roots in older games. The earliest clear 
description of the rules, but without a name, comes 
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from Charles Babbage around 1820. Later on, Babbage 
started to call the game tit tat to and by slight variants on 
this, gave the first detailed analysis of 1t, and designed 
the first robot to play it! He speculated that “[T]he 
machine might consist of the figures of two children 
playing against each other, accompanied by a lamb and 
a cock. That the child who won the game might clap his 
hands whilst the cock was crowing, after which, that the 
child who was beaten might cry and wring his hands 
whilst the lamb was bleating.” 

His plan was to exhibit the machine in London to raise 
money for his more serious projects, including the fabu- 
lous Analytical Engine. However, on hearing that similar 
devices, such as a mechanical composer of Latin verse, 
had flopped financially he abandoned the scheme. 

Two expert players of tic-tac-toe will always draw. In 
other words, there is no winning strategy against an oppo- 
nent who knows the game well. Nor is it difficult to 
become unbeatable. Despite the fact that there are 9 x 8 x 
7x 6x 5 (= 15,120) possible layouts of noughts and 
crosses for the first five moves alone, these reduce to just 
a few basic patterns of play and counterplay that ensure 
the canny contestant never loses. The game is only inter- 
esting when at least one novice is involved. The strongest 
opening play is in a corner because an unwary opponent 
will be trapped unless her countermove is in the center. 
By the same token, a center opening must be countered 
by a corner response or the first player has an easy win. Of 
course, a master player will not only never lose but will 
learn his opponent’s weaknesses and exploit them in the 
most devastating way. 

The game also becomes more interesting when played 
on a larger board and/or in more dimensions. An excep- 
tion to this is the 3 x 3 x 3 cube which gives an easy win 
to the first player; in fact, it cannot end in a draw because 
the first player has 14 plays and it is impossible to make 
all of these without scoring. The 4 x 4 x 4 cube is much 
more interesting and is sold commercially as the well- 
known Score Four game. For the ambitious, tic-tac-toe 
can be played in four dimensions on a tesseract by sec- 
tioning it into two-dimensional squares. Older, similar, 
and mathematically more interesting relatives of tic-tac- 
toe include nine men’s morris and Ovid’s game. 


tie knots 

How many ways can you tie a tie? For many years there 
were just three styles of knot: the Four-in-Hand, the 
Windsor, and the Half-Windsor. Then the Pratt was intro- 
duced to the world on the cover of the New York Times in 
1989. Intrigued that only one new knot had been added 
to the tie-tying repertoire in more than half a century, 
two researchers from the University of Cambridge’s 


physics department, Thomas Fink and Yong Mao, de- 
cided to see how many tie knots were actually possible. 
To this end, they applied random walk theory—a tech- 
nique useful for describing movement which, although 
unpredictable in detail, reveals large-scale patterns. Such 
patterns, the researchers realized, were essential to a suc- 
cessfully accomplished tie-knot. For example, if the end 
of the tie is moved to the right, its next move can’t be to 
the right again—it has to be either to the left or to the cen- 
ter. This means that each move made in tying a tie can 
only be followed by one of two alternatives. Fink and 
Mao found that the simplest possible knot involves just 
three moves. They went on to discover 85 possible tie- 
knots, including the four popular knots, six new knots 
that they consider aesthetically pleasing, and two com- 
plicated nine-move knots.” 


tiling 

Also called a tesselation, a collection of smaller shapes that 
precisely covers a larger shape, without any gaps or over- 
laps. Usually, the shape to be tiled is a flat plane but other 
shapes and three-dimensional objects can be tiled, too. In 
a game that involves tiling, certain conditions are applied; 
for example, all the tiles may have to be identical, or they 
may all have to be squares but every one of a different 
size. It’s been known for some time that all simple regular 
tilings in the plane belong to one of the 17 plane symme- 
try groups known as wallpaper groups. All 17 of these 
patterns are known to exist in the Alhambra palace. This 
doesn’t exhaust the apparently simple problem of tiling 
the plane: adding extra constraints or removing the 
requirement for regularity leads to a large number of inter- 
esting problems. These include alternating tilings, for exam- 
ples of squares or dominoes, such that two tiles have a 
side or a part of a side in common, or colored tilings, in 
which no two adjacent tiles have the same color. Colored 
tilings are also called colored maps. The most famous prob- 
lem relating to colored tilings is the four-color map prob- 
lem, which has been solved. Other problems involve 
n-tesselations, in which each tile has an integral area and 
for each natural number z there is exactly one tile with 
area n. See also Penrose tiling, rep-tile, rectangle, squar- 
ing the square, dissection, and packing. 


time 


Time is a great teacher. Unfortunately, it kills all its 


pupils. 
—Hector Berlioz (1803-1869) 


One of the most familiar and yet mysterious proper- 
ties of the universe. The “flow” of time is one of the 
strongest impressions we have, yet it may simply be 
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tie knots The “St. Andrew”: one of several new tie knots recently discovered. Thomas Fink 


an illusion or a product of the conscious mind. The 
very notion that time somehow moves leads to a logical 
paradox because, as the Australian philosopher J. J. C. 
Smart asked: “In what units is the rate of time flow to be 
measured? Seconds per >?” John Dunne in his clas- 
sic book An Experiment with Time, argued that the 
human mind has the ability to rove back and forth 
along the time line so that precognition is a physical 
possibility. However his theory involves an infinite 
regress of time and of the observer that is philosophi- 
cally hard to swallow. All the same, it may be that the 
apparent movement from past to present to future has 
less to do with the universe at large than it has to do 
with our individual subjective experience. In some way, 
still to be fathomed, time, consciousness, free will, and 
the individual are intimately entwined. In physics, by 
contrast, time is treated no differently (with one impor- 
tant exception, noted below) than space. It is simply 
another dimension—another axis, or extension, of phys- 
ical reality. Just as the various spatial dimensions pre- 


vent everything from happening at a single point, so 
time prevents everything from happening all at once. 
As one wag put it, “Time is just one damned thing 
after another!” In Einstein’s relativity theory, time is 
effectively “spatialized” so that, instead of speaking 
of an absolute three-dimensional space and a separate 
one-dimensional time, there is a four-dimensional 
space-time continuum. So closely related are time and 
space in relativity theory that time can be converted 
into space and vice versa. In particular, different 
observers may not agree on the distance or the duration 
between any two events in space-time, but they will 
always agree on the space-time interval. If the two points 
events occur at (4, x, y, z) and (t+ dt, x+ dx, y + dy, z+ dz), 
then the (constant) space-time interval between them is 
given by 


s? = c(t? ES t,’) a (7 = x’) a (y, = y’) 8 (z? = Z y: 


But the time of relativity, like that of classical physics, 
remains reversible. 


26 


1 Make a tracing of the figure and extend 
the lines. Then, using your protractor, find D 
the bearings of A, B, C and D from O. 


B 
2 Draw accurate diagrams to illustrate these bearings. 
(a) 083° (b) 126° (c) 229° (d) 284° 
3 Express the following directions as three-figure bearings. 
(a) West (b) North East (c) SouthWest (d) North West 
4 Express the following directions as three-figure bearings. 


(b) 


5 The bearing of B from A is 139°. Find the bearing of A from B. 
6 The bearing of D from C is 205°. Find the bearing of C from D. 


time travel 323 


APN A. JN A JN f 
tiling A computer-generated periodic tiling. Jos Leys, 
wwwjosleys.com 


time complexity 

A function that describes the amount of time required 
for a program to run on a computer to perform a partic- 
ular task. The function is parameterized by the length of 
the program’s input. 


time dilation 
See relativity theory. 


time-reversible 

A property of dynamical systems that can be run unam- 
biguously both forward and backward in time. The 
Lorenz system, for example, is time-reversible. 


time travel 

Can we travel through time? Of course, we do it all the 
time! But can we do it at a different rate than normal? 
Again, the answer is “yes” because of the phenomenon 
known as time dilation in Einstein’s relativity theory. 
However, time dilation enables, even in principle, only 
a limited kind of leap into the future—one from which 
we cannot return to the present. Genuine time travel is 


time travel The game of Chrononauts, in which players must 
resolve a series of paradoxes that threaten the time line. Looney 
Labs, www.LooneyLabs.com 


the ability to jump forward or backward through time at 
a rate other than that of the ordinary progression of 
events or that enabled by the relativistic time dilation 
effect. 

The possibility of traveling through time poses such a 
threat to causality and opens the door to so many disturb- 
ing paradoxes that many scientists feel inclined to dismiss 
it out of hand. However, it has been a favorite theme of sci- 
ence fiction since the 1880s. In The Time Machine (1895), 
H. G. Wells gives a pleasant preamble about the nature of 
the fourth dimension before whisking his hero 802,000 
years into the future. Says the Time Traveller (we never 
learn his real name), “[A]ny real body must have extension 
in four directions: it must have Length, Breadth, Thick- 
ness, and—Duration. There are really four dimensions, 
three of which we call the three planes of Space, and a 
fourth, Time. There is, however, a tendency to draw an 
unreal distinction between the former three dimensions 
and the latter, because it happens that our consciousness 
moves intermittently in one direction along the latter from 
the beginning to the end of our lives.” 

Unfortunately for would-be chrononauts (an early ver- 
sion of The Time Machine was called The Chronic Astro- 
nauts), Wells is not specific about how his time traveling 
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device works, though we know that “Parts were of nickel, 
parts of ivory, parts had certainly been filed or sawn out of 
rock crystal.” In more recent times, physicists, speculating 
on some of the more esoteric byways of relativity and 
quantum mechanics, have been a little more forthcom- 
ing about how time travel might be achieved in practice. 
These speculations have variously involved wormholes 
(shortcuts outside of normal space and time), faster-than- 
light particles known as tachyons, and unusual cosmolog- 
ical models, such as the Gédel universe, which allow 
movement to any point in the future or the past. Let us 
leave aside the practical aspects, however, and focus on 
the logic of breaking the time barrier. 

The various time travel possibilities dealt with in sci- 
ence fiction fall into two broad categories. In the first the 
timeline, from deepest past to darkest future, is frozen 
and immutable, like a filmstrip. Any time traveling that 
takes place is constrained by this preordained structure— 
effectively, already written into the narrative of the 
world (the “block universe” of Einsteinian physics)—and 
is thus prevented from leading to paradoxes. In one vari- 
ant of this scenario, the Novikov self-consistency principle 
applies. Named after Igor Novikov, an astrophysicist at 
Copenhagen University, this asserts that any attempt at 
time travel that would lead to a paradox, such as the 
grandfather paradox, is bound to fail even if the cause 
of failure is an extremely improbable event. In other 
words, try as you might to introduce a contradiction 
into the timeline, like killing yourself or one of your 
ancestors in the past, circumstances will always conspire 
to prevent you. An excellent example of this type of uni- 
verse is found in Robert L. Forward’s novel Timemaster. 
Another variant on the fixed timeline concept is that any 
event that appears to have caused a paradox has, in fact, 
created a new timeline. The old timeline remains unal- 
tered, and the time traveler becomes part of a new tem- 
poral branch line. One difficulty with this arrangement 
is that it might violate the principle of conservation of 
mass-energy, unless the mechanics of time travel 
demand that mass-energy be exchanged in precise bal- 
ance between past and future at the moment of travel. 
However, the concept of branching universes and alter- 
native histories is not outrageous in physics where the 
many worlds hypothesis and of Feynmann’s sum-over- 
histories are routinely debated. 

The second main type of time travel entertained in sci- 
ence fiction assumes that the timeline is flexible and 
changeable. This can lead to all sorts of mind-boggling 
difficulties and contradictions. A way to offset some of 
these problems is to stipulate that the timeline is very 
resistant to change. In the extreme case, as writer Larry 
Niven has argued, it may be a fundamental rule that in 


any universe where time travel is allowed, no actual time 
machine is ever invented. The English physicist and 
mathematician Stephen Hawking put this idea on a more 
formal footing with his chronology protection conjecture. On 
the other hand if the timeline is presumed to be easily 
changed, paradoxes threaten to spring up at every turn. 
One of the most remarkable of these is the closed causal 
curve paradox in which, it seems, something can be gotten 
for nothing. Samuel Mines summarized the plot of his 
1946 short story as follows: 


A scientist builds a time machine, goes 500 years 
into the future. He finds a statue of himself com- 
memorating the first time traveler. He brings it back 
to his own time and it is subsequently set up in his 
honor. You see the catch here? It had to be set up in 
his own time so that it would be there waiting for 
him when he went into the future to find it. He had 
to go into the future to bring it back so it could be 
set up in his own time. Somewhere a piece of the 
cycle is missing. When was the statue made? 


Closed loops in time can also conjure knowledge out 
of thin air. A man builds a time machine and travels into 
the past to give the plans for the device to his younger 
self who then builds the machine, travels into the past, 
and so on. Where did the plans originate? A curious 
thing about time loops is that they have no easily dis- 
cernible future or past because all the events taking place 
in them affect one another in a circular way. Time loops 
also put a question mark over free will. What happens if 
the younger man, given the time machine plans by his 
older self, decides not to build the device? Can he make 
that choice given that, in some sense, he has already built 
it? Perhaps the apparent absence of time travelers and 
time machines in the real world is a sign that we do not 
have to worry about such issues—at least, for the present. 


tinner's rabbits 

A name that has emerged recently to describe a pattern of 
three rabbits or hares that has been found in many parts 
of the world, including England and Wales, mainland 
Europe, China, and Russia. It occurs, for example, on the 
medieval roof bosses of some churches in Devon and 
Cornwall and is thought to be connected with the local 
tin-mining industry. One theory suggests the following 
link: Tin is alloyed with copper to make bronze, copper 
came from Cyprus (the words Cyprus and copper have the 
same root), Cyprus is the island of the goddess Venus or 
Aphrodite (she was born there), rabbits are symbols of 
Venus. Three intertwined fishes are a common Christian 
symbol, so the three rabbits may also have stood for the 
Trinity. 
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Tippee Top 

Also known as a Tippy Top, a type of top, patented in 
Britain in 1953, that consists of a peg with a ball-shaped 
body. If the top is spun quickly on the rounded body, 
with the peg pointing upward, it flips itself over and spins 
on its peg. Crucial to this counterintuitive behavior is the 
shape of the body, which is smooth and spheroidal with 
no sharp point. After release, the top, like tops of every 
description, begins to show precession, that is, its axis of 
rotation moves in a small circle. After a while, the contact 
point of the top with the table no longer coincides with 
the rotation axis but instead moves to other points of the 
top’s head. Due to frictional forces and precession, the 
top seeks a more stable position, which it finds by flip- 
ping on to its stalk. See also celt. 


Titchener illusion 

Also known as the Ebbinghaus size illusion, a well-known 
distortion illusion. Two circles are surrounded by either 
six big circles or six small circles. Despite appearances, 
the two center circles are exactly the same size. 


Toeplitz matrix 
A matrix in which all the elements are the same along 
any diagonal that slopes from northwest to southeast. 


topological group 

Also called a continuous group, a set that has both the 
structure of a group and of a topological space in such a 
way that the operations defining the group structure give 
continuous maps in the topological structure. Many 
groups of matrices (see matrix) give topological groups. 


topological dimension 

An integer that defines the number of coordinates 
needed to specify a given point of an object of set X. A 
single point, therefore, has a topological dimension equal 
to zero; a curve has dimension one, a surface has dimen- 
sion two, and so on. 


topological space 

A type of generalized mathematical space in which the 
idea of closeness, or limits, is described in terms of rela- 
tionships between sets rather than in terms of distance. 
Every topological space consists of: (1) a set of points; (2) 
a class of subsets defined axiomatically as open sets; and 
(3) the set operations of union and intersection. 


topology 

The study of those properties of mathematical objects 
that remain unaffected by smooth deformations, such as 
stretching and squeezing, but that don’t involve tearing. 


Titchener illusion The center circles are the same size. 


The word comes from the Greek topos for “place,” and 
was introduced into English by Solomon Lefschetz in the 
late 1920s. A topologist has been described as someone 
who doesn’t know the difference between a doughnut 
and a coffee cup. Substitute “care about” for “know” and 
this becomes more accurate. Imagine a donut made of 
soft clay. A potter can easily shape this into a cup with a 
handle without removing or creating any new holes. 
Both shapes, in topology, are said to be genus 1—objects 
with a single hole. A sphere, by contrast, is genus 0 (no 
holes), while an eyeglass frame, with the lenses removed, 
is genus 2. For more on topologically intriguing struc- 
tures, see Mobius band and Klein bottle. 
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torus 

A doughnut, bagel, or inner-tube shape; the word comes 
from the Latin for “bulge” and was first used to describe 
the molding around the base of a column. One way to 
think of a torus is as a surface of revolution obtained by 
rotating a circle around an axis that lies in the plane of 
the circle but doesn't intersect the circle. In the general 
case, where the shape being so rotated is any closed plane 
curve, the resulting surface is called a toroid. Although the 
usual torus in three-dimensional space is shaped like a 
doughnut, the concept of the torus is extremely useful in 
higher dimensional space as well. 


tour 

A sequence of moves by a chess piece on a chessboard in 
which each square of the board is visited exactly once. 
See also knight’s tour and magic tour. 


Inside the torus of an experimental nuclear fusion reactor. Joint European Torus 


Tower of Brahma 

A romantic legend manufactured by Edouard Lucas as 
an accompaniment to the popular game he invented, the 
Tower of Hanoi. According to the tale of the Tower of 
Brahma, in the Indian city of Benares, beneath a dome 
that marked the center of the world, is to be found a brass 
plate in which are set three diamond needles, “each a 
cubit high and as thick as the body of a bee.” Brahma 
placed 64 disks of pure gold on one of these needles at 
the time of Creation. Each disk is a different size, and 
each is placed so that it rests on top of another disk of 
greater size, with the largest resting on the brass plate at 
the bottom and the smallest at the top. Within the tem- 
ple are priests whose job it is to transfer all the gold disks 
from their original needle to one of the others, without 
ever moving more than one disk at a time. No priest can 
ever place any disk on top of a smaller one, or anywhere 
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Tower of Hanoi A vintage version of the game called Pyramids, manufactured by Knapp Electric, Inc., of New York. Sue & Brian 


Young/Mr. Puzzle Australia, www.mrpuzzle.com.au 


else except on one of the needles. When the task is done, 
and all 64 disks have been successfully transferred to 
another needle, “tower, temple, and Brahmins alike will 
crumble into dust, and with a thunder-clap the world will 
vanish.” The prediction (thunder-clap aside) seems fairly 
safe given that the number of steps required to transfer all 
the disks is 2° — 1, which is approximately 1.8447 x 10”. 
Assuming one second per move, this would take about 
five times longer than the current age of the universe! 
Interestingly, 2% — 1 is also the answer to the wheat and 
chessboard problem. 


Tower of Hanoi 

A game invented by Edouard Lucas and sold as a toy in 
1883. Early versions of it carried the name “Prof. Claus” 
of the College of “Li-Sou-Stain,” but these were quickly 
discovered to be anagrams for “Prof. Lucas” of the Col- 
lege of “Saint Louis.” The game, in its usual form, con- 
sists of three pegs on one of which are eight disks, stacked 
from largest to smallest. The problem is to transfer the 
tower to either of the vacant pegs in the fewest possible 
moves, by moving one disk at a time and never placing 


any disk on top of a smaller one. The minimum number 
of moves turns out to be 2” — 1, where n is the number of 
disks; this equals 255 in the case of eight disks. The orig- 
inal toy came with a description saying that it was a small 
version of the great Tower of Brahma.'”” 


T-puzzle 

A surprisingly difficult puzzle, given that there are only 
four pieces; 1t dates back to the start of the twentieth cen- 
tury. Photocopy and cut out the four pieces shown in the 
figure on the following page, and then try to arrange 
them to make the symmetric capital T. You are allowed to 
rotate the pieces as you wish and even turn them over, 
but they mustn’t overlap in the final letter. In fact two dif- 
ferent symmetric capital T letters can be made from the 
pieces. Also, two other symmetric shapes can be formed 
from the set, including an isosceles trapezoid. Can you 


find all of these? 


trace 
The sum of the terms along the main diagonal of a 
matrix. 
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T-puzzle The pieces of the T-puzzle. Kadon Enterprises, Inc, www.puzzlegames.com 


tractrix 

A curve, sometimes called the trajectory curve or equitan- 
gential curve, that is the answer to a question asked by the 
Frenchman Claude Perrault (1613-1688). Perrault is not a 
giant in the annals of mathematics; in fact, he trained as 
a doctor and gained a minor reputation as an architect 
and an anatomist before dying in unusual style as a result 
of an infection he caught while dissecting a camel. His 
greatest claim to fame, aside from his connection with 


tractrix O Jan Wassenaar, www.2dcurves.com 


the tractrix, is that he was the brother of the author of 
“Cinderella” and “Puss-in-Boots.” 

In 1676, at about the time Gottfried Leibniz was doing 
groundbreaking work on the calculus, Perrault placed his 
pocket watch on the middle of a table, pulled the end of 
its chain along the edge of the table, and asked: What is 
the shape of the curve traced by the watch? The first 
known solution was given in a letter to a friend in 1693 
by Christiaan Huygens, who also coined the name “trac- 
trix” from the Latin tractus for something that is pulled 
along. (The corresponding German name is hundkurve, or 
“hound curve,” which makes sense if you imagine the 
path a dog might follow on its leash as its master walks 
away.) The tractrix can also be found by taking the invo- 
lute of a catenary. (Imagine a horizontal bar held at the 
vertex of the catenary and the point of contact marked as 
P. When the bar is rolled against the catenary without 
slipping, the path of P is a tractrix.) It is described by the 
parametric equations: x = 1/cosh(2), y = t — tanh(2). The 
surface of revolution of the tractrix is the pseudo- 
sphere, which is the classic model for hyperbolic geom- 
etry and one possible three-dimensional analog for the 
shape of the four-dimensional space-time in which we 
live. 
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trajectory 

(1) The path of a projectile or other moving body 
through space. (2) A curve that intersects all curves of a 
given family at the same angles; if the intersection is at a 
right angle, this is an orthogonal trajectory. (3) The path 
through phase space taken by a system. 


transcendental number 

A number that can't be expressed as the root of a poly- 
nomial equation with integer coefficients. Transcenden- 
tal numbers are one of the two types of irrational 
number, the other being algebraic numbers. Their exis- 
tence was proved in 1844 by the French mathematician 
Joseph Liouville (1809-1882). Although transcenden- 
tals make up the vast majority of real numbers, it is 
often surprisingly hard, and may even be impossible, to 
tell whether a certain number is transcendental or alge- 
braic. For example it is known that both pi (7) and e are 
transcendental and also that at least one of m+ e and T 
x e must be transcendental, but it is not known which. 
It is also known that e” is transcendental. This follows 
from the Gelfond-Schneider theorem, which says that if a 
and bare algebraic, a is not 0 or 1, and bis not rational, 
then a’ is transcendental. Using Euler’s formula, e" = — 
1, and taking both sides to the power —7 gives (-1)” = 
(eY! = č. Since the theorem tells us that the left-hand 
side is transcendental, it follows that the right-hand side 
is too. (It also follows that e x m and e + T are not both 
algebraic, because if they were, then the equation x? + 
x(e+ T) + em = 0 would have roots e and rr, making both 
numbers algebraic.) But although it is known that e is 
transcendental, the status of e”, TT, and n” remains uncer- 
tain. 


transfinite number 
Any of the infinite ordinal numbers first described by 
Georg Cantor. 


transformation 

In geometry, a change to an object due to a process such 
as rotation, reflection, enlargement, or translation. In 
algebra, a transformation is the action of a function; in 
other words, what happens when there is a one-to-one 
mapping between sets of objects. 


translation 
Any transformation that takes the form of a constant 
offset with no rotation or distortion. 


transpose 
An operation that flips a matrix about the main diagonal. 


transposition cipher 

A cipher that encodes a message by reordering the 
plaintext. The receiver decodes the message using the 
inverse transposition. A simple kind of transposition 
cipher writes the message in a rectangle by rows, for 
example: 


Asimplekin 
doftranspo 
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and reads it by columns: 


Adsee tldts oirmo erbif tweab eymti rsrya cproi 
serdo lanta cosle ncegt wiuks iseas tmipp tinao 
nnohh ngnus. 


This type of cipher can be made more difficult to crack 
by permuting the rows and columns. See also substitu- 
tion cipher. 


transversal 
A line that cuts across parallel lines, intersecting each of 
them. 


trapezoid 

A quadrilateral with one pair of parallel sides; in Britain 
this shape is known as a trapezium. If the parallel sides 
are of length a and J, and / is the perpendicular distance 
between them, then the area of the trapezoid is given by 


A =tb(a + bh. 


trapezium 

The American definition of a trapezium is a quadrilat- 
eral with no parallel sides. The British definition is equiv- 
alent to that of a trapezoid. 


traveling salesman problem 

Given a number z of cities, along with the cost of travel 
between each pair of them, find the cheapest way of visit- 
ing all the cities and returning to the starting point. This is 
equivalent to finding the Hamilton circuit of minimum 
weight in a weighted complete graph. Mathematical 
problems related to the traveling salesman problem (TSP) 
were treated in the nineteenth century by William Hamil- 
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ton, for example in his Icosian game, and by Thomas 
Kirkman. The general form of the TSP appears to be have 
been first studied by mathematicians in the 1930s, 
notably by Karl Menger in Vienna and Harvard, and later 
promoted by Hassler Whitney and Merrill Flood at 
Princeton. It has become a classic challenge to computer 
scientists seeking fast algorithms to complex problems. 
An approximate solution to the TSP for 15,112 cities, 
towns, and villages in Germany was found in 2001 by 
Princeton researchers using 110 computer processors and 
the equivalent of more than five years computer time on 
a 2 GHz machine. 


tree 

A graph with the property that there is a unique path 
from any vertex to any other vertex traveling along the 
edges. 


trefoil curve 
The plane curve given by the equation 


xi + xy? + y = x(x? — y?). 


triangle 

A three-sided polygon. The sum of the interior angles of 
a triangle is always 180°, unless the triangle is drawn in a 
non-Euclidean geometry. Triangles can be classified 
either by their angles, as acute, obtuse, or right; or by 
their sides, as scalene (all different), isosceles (two the 
same), or equilateral (all equal). 


Triangular Lodge 

One of the few triangular buildings in England; it was 
built by Sir Thomas Tresham in about 1595 at Rushton, 
Northamptonshire. Tresham was a Catholic (spending 
some 15 years in prison because of this) and also a mys- 
tic numerologist. The whole design of the Lodge is 
based on the number three, which Tresham saw con- 
nected with his own surname and as an expression of 
his faith in the Christian Trinity. The Lodge’s ground 
plan is a perfect equilateral triangle, each side 33 feet 
long—by tradition, the age of Christ at his death. The 
building has three floors, each floor has three windows, 
and each window is a three-fold trefoil. There are three 
gables and three gargoyles on each side. Even the cen- 
tral chimney is three-sided. The inscriptions all have 33 
letters. Other buildings with a three-sided equilateral 
theme in Europe include a triangular castle at Grip- 
sholm in Sweden and part of the Chateau de Chantilly 
in France, which is based on an equilateral plan of 
gigantic scale. 


triangular number 

Any number that can be represented by a triangular 
array of dots: 1, 3, 6, 10,.... The wth triangular num- 
ber is a(n + 1)/2. Every integer is the sum of at most 
three triangular numbers. Every triangular number is a 
perfect number. If T is a triangular number, 87 + 1 is 
a perfect square and 97'+ 1 is another triangular num- 
ber. The square of the mth triangular number is equal to 
the sum of the first n cubes. Certain triangular numbers 
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are also squares, but no triangular number can be a 
third, fourth, or fifth power, nor can one end in 2, 4,7, 
or 9. 


triangulation 
A tiling of some object such as a manifold by simplices 
(see simplex). 


tribar illusion 
See Penrose triangle. 


tricuspoid 
See deltoid. 


trident of Newton 

A curve investigated and named “trident” by Isaac New- 
ton as part of his systematic study of cubic equations. 
René Descartes also studied 1t and it is sometimes called 
the parabola of Descartes, although it isn’t a parabola. It 
has the Cartesian equation 


xy= or + de + ex+f 


trifolium 
See rose curve. 


trigonometric curve 
Any of the curves produced when a trigonometric func- 
tion is graphed. 


trigonometric function 

Any of the functions sine (sin), cosine (cos), tangent (tan), 
secant (sec), cosecant (cosec), or cotangent (cot), or their 
inverses, sin”, etc, which deal with certain proportions in 
right triangles. For example, the sine of an angle 9, sin 9, 
in a right triangle, is equal to the side opposite the angle 
divided by the hypotenuse (the longest side). Similarly cos 
is adjacent over hypotenuse and tan is opposite over adja- 
cent. Sec, cosec, and cot are the multiplicative inverses of 
cos, sin, and tan, respectively: sec 8 = 1/cos 9, and so forth. 
These are not the same as the inverse functions cos”, sin”, 
and tan, which are also known as arccos, arcsin, and arc- 
tan. Graphs of trigonometric functions produce trigono- 
metric curves. 


trigonometry 

The branch of mathematics that deals with the relation- 
ships between the sides and the angles of triangles and 
the calculations based on them, particularly the trigono- 
metric functions. Sherlock Holmes relies on a little 
trigonometry to solve a 250-year-old mystery known as 
the Musgrave Ritual (in a short story of the same name)— 
an enigmatic series of clues that refers to the shadow of 


an elm tree when the sun is just visible at the top of a 
nearby oak to point toward buried treasure. The great 
detective recalls to Watson his conversation with Regi- 
nald Musgrave: 


“Have you any old elms?”... 

“There used to be a very old one over yonder, but 
it was struck by lightening ten years ago, and we cut 
down the stump.” 

“You can see where it used to be?” 

“Ob, YES: vs 

“I suppose it is impossible to find out how high 
the elm was?” 

“I can give it to you at once. It was sixty-four 
feet.... When my old tutor used to give me an exer- 
cise in trigonometry, it always took the shape of 
measuring heights.” ... 

I went with Musgrave to his study and whittled 
myself this peg, to which I tied this long string with 
a knot at each yard. Then I took two lengths of a 
fishing-rod, which came to just six feet... . The sun 
was just grazing the top of the oak. I fastened the rod 
on end, marked out the direction of the shadow. ... 
It was nine feet in length. Of course, the calculation 
was now a simple one. If a rod of six feet threw a 
shadow of nine, a tree of sixty-four feet would throw 
one of ninety-six.... I measured out the distance... 
and I thrust a peg into the spot. 


trillion 

In American and general usage, a million million— 
1,000,000,000,000 or 10”. A European trillion is a mil- 
lion times larger than this, or 10'*. Counting one number 
every second, 24 hours a day, it would take 31,688 years 
to reach one (American) trillion. The first trillion-dollar 
lawsuit ($116 trillion) was filed in August 2002 by 600 
family members against a company run by Osama bin 
Laden’s family, Saudi Arabian princes, and Sudan. See 
also large number. 


trimorphic number 
See automorphic number. 


trinomial 
An algebraic expression consisting of three terms. 


triomino 
Also called a tromino, a three-square polyomino. 


triple 
A multiple of three. A triple integral is one in which the 
integrand is integrated three times. See also Pythagorean 
triplet. 
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trisecting an angle 

Whereas bisecting an angle could hardly be simpler, 
splitting an angle in three equal parts with compass and 
straightedge alone is impossible, except in a few special 
cases such as when the angle happens to be 90°. Tri- 
secting an arbitrary angle can be done if you cheat by 
using a measuring ruler instead of a plain straightedge, 
or even if you draw just two marks on the straightedge, 
but not if you play by the rules and the straightedge is 
completely blank. The Greeks put a huge effort into the 
problem but couldn't crack it. In fact, the question of 
whether trisection could ever be done in the general 
case remained open until 1837, when it was finally 
shown to be impossible by Pierre Wantzel, a 23-year-old 
French mathematician. Why is it impossible? Wantzel 
showed that the two problems of trisecting an angle 
and of solving a cubic equation are equivalent. More- 
over, he showed that only a very few cubic equations 
can be solved using the straightedge-and-compass 
method. He thus deduced that most angles cannot be 
trisected. 


trisector theorem 
See Morley’s miracle. 


trisectrix 

A general name for curves that can be used in trisect- 
ing an angle. The name “trisectrix,” on its own, is often 
applied specifically to the limacon of Pascal. Other fa- 
mous trisectrix curves include the Maclaurin trisectrix 
and the conchoid of Nicomedes. 


triskaidekaphobia 


See thirteen. 


trochoid 

The curve formed by the path of a point on the extension 
of a radius of a circle as it rolls along a curve or line. It is 
also the curve formed by the path of a point on a per- 
pendicular to a straight line as the straight line rolls along 
the convex side of a base curve. By the first definition, 
the trochoid is derived from the cycloid; by the second 
definition it is derived from the involute. See also 
roulette. 


truel 

A three-cornered gunfight or its logical equivalent. Imag- 
ine a truel between Arnie, Bullseye, and Clint, who are 
standing at the corners of an equilateral triangle. All 
know that Arnie’s chance of hitting a target is 0.3 and 
Clint’s is 0.5, while Bullseye never misses. They have to 
fire at their choice of target in the order Arnie then Bulls- 


eye then Clint until only one man is left. A man who’s 
been hit is out of the fight and can no longer be shot at. 
What should Arnie’s strategy be? 

Truels, like this one, have become a significant topic in 
game theory because they’re analogs of various real-life 
situations, from rivalry among animals to competition 
between television networks. Small changes in the rules 
can lead to strikingly different, sometimes counterintu- 
itive outcomes. Different firing rules are possible: se- 
quential in fixed order (players fire one at a time in a 
predetermined, repeating sequence), sequential in ran- 
dom order (the first player to fire and each subsequent 
player is chosen at random from among the survivors), or 
simultaneous (all surviving players fire at the same time 
in every round). In certain truels, a participant is allowed 
to shoot at the ground rather than try to eliminate an 
opponent (an optimal strategy if the firing order is fixed 
and each player has only one bullet and is a perfect shot). 
If the first shooter misses on purpose, he eliminates him- 
self as a threat, and the other two fight it out, leaving two 
survivors in the end. Any other course of action would 
lead to the first shooter’s own demise, with only one sur- 
vivor. Even if the players have an unlimited supply of 
bullets, the truel may still end with more than one sur- 
vivor because no player wants to be the first to shoot. 
Indeed, under the fixed firing order rule, no player has an 
incentive to eliminate another player. Only in the case of 
simultaneous firing is there a chance that nobody will 
survive. 

Most of the mathematical research on truels con- 
cerns the relationship between a player’s marksmanship 
(probability of hitting a target) and his or her survival 
probability. It’s possible to show, for example, that bet- 
ter marksmanship can hurt in many situations. In a 
sequential truel in which contendors aren’t allowed to 
shoot in the air, a player maximizes his probability of 
survival by firing at the opponent against whom he’d 
less prefer to fight in a duel—regardless of what the other 
players do. If his shot misses, it makes no difference 
who the target was. If the shot hits the target, the 
shooter is better off because his opponent in the next 
duel is weaker. Thus, the first shooter fires at the oppo- 
nent who’s the better marksman. In general, depending 
on the marksmanship values, the survival probabilities 
of the truelists could end up in any order, including one 
that is the reverse order of shooting skill. Optimal play 
can be very sensitive to slight changes in the rules, such 
as the number of rounds of play allowed. On the other 
hand, some factors are fairly constant: the disadvantage 
of being the best marksman, the weakness of pacts, the 
possibility that an endless supply of ammunition may 
stabilize rather than undermine cooperation, and the 


THINGS TO REMEMBER 


An angle is formed when two straight lines meet. 

The vertex of an angle is the point where the lines meet. 
A right angle is a quarter turn, which is 90°. 

An acute angle is an angle which is less than 90°. 

An obtuse angle is an angle which is between 90° and 180°. 
A reflex angle is an angle which is greater than 180°. 

A protractor is used to measure angles accurately. 
Complementary angles are two angles whose sum ts 90°. 
Supplementary angles are two angles whose sum is 180°. 
Angles on a straight line add up to 180°. 

Angles at a point add up to 360°. 

Vertically opposite angles are equal. 

Perpendicular lines cross at right angles. 


Parallel lines are straight lines which are always the same 
distance apart. Parallel lines never meet. 


A transversal is a straight line which crosses two or more 
parallel lines. 


2. Angles 
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deterrent effect of an indefinite number of rounds of 
play (which can prevent players from trying to get the 
last shot). Some of these findings are counterintuitive, 
even paradoxical. An understanding of them might well 
dampen the desire of aggressive players to score quick 
but temporary wins, rendering them more cautious. In 
particular, contemplating the consequences of a long, 
drawn-out conflict, truelists may come to realize that 
their own actions, while immediately beneficial, may 
trigger forces that ultimately lead to their own destruc- 
tion. 


truncate 
To slice off a corner of a polyhedron around a vertex. 


truncatable prime 

A prime number 7 that remains a prime when digits are 
deleted from it one at a time. For example 410,256,793 
is a truncatable prime because each number created by 
the removal of the digit underlined produces a new 
prime: 410,256,793; 41,256,793; 4,125,673; 415,673; 
45,673; 4,567; 467; 67; 7. It is conjectured that there are 
infinitely many of these primes. If the digits from a 
prime can be deleted only from the right, to leave a 
prime, then z is called a right truncatable prime. If they 
can be deleted only from the left, to leave a prime, then 
n is a left truncatable prime. The list of primes from which 
any digit can be deleted at each step to leave a prime is 
very short indeed, because it demands that each digit be 
a prime and also that no digit occurs twice. Only these 
numbers satisfy this requirement: 2, 3, 5, 7, 23, 37, 53, 
and 73. 


Tschirnhaus’s cubic 
A curve with the Cartesian equation 3ay’ = x(x — a)’. 


Turing, Alan Mathison (1912-1954) 

An English mathematician considered to be one of the 
fathers of modern digital computing. At an early age, 
Turing showed signs of the genius and eccentricity that 
became hallmarks of his adult personality. He taught 
himself to read in three weeks and made a habit of stop- 
ping at street corners to read the serial numbers of traffic 
lights. Later, he became a near-Olympic-class runner and 
ran long distances with an alarm clock tied to his waist to 
time himself. 

At Cambridge, Turing studied under G. H. Hardy 
and got involved with problems that David Hilbert and 
Kurt Gödel had proposed to do with completeness and 
decidability in mathematics. In 1936, he introduced the 
idea of what became known as Turing machines—for- 
mal devices capable of solving any conceivable mathe- 
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matical problem that could be represented by an algo- 
rithm. However, the Turing machine was only a theo- 
retical possibility at that time and not a working 
implementation. It would remain for later researchers to 
solve the various practical difficulties required to make 
the computer a reality. Turing also showed that there 
were mathematical problems that a Turing machine 
could never solve. One of these is the halting problem. 
While his proof was published after that of Alonzo 
Church, Turing’s work is more accessible and intuitive. 
During World War II, Turing was a major player at 
Bletchley Park, near present-day Milton-Keynes (a town 
built after the war), in the successful efforts to crack the 
Nazi Enigma ciphers. While serving at Bletchley Park 
(1939-1944), he stayed at the Crown Inn, Shenley 
Brook End, and somewhere near here he buried two sil- 
ver bars, carefully recording the site with respect to local 
landmarks. When he returned to recover them, the area 
had been rebuilt and all his landmarks were gone. 
Despite several attempts with metal detectors, he never 
recovered them and no one else is known to have found 
them. The Crown is now a private house and the area 
where he buried the bars is a housing estate. 

Turing’s interest in computing continued after the war, 
when he worked at the National Physical Laboratory on 
the development of a stored-program computer (the 
ACE or Automatic Computing Engine). In 1948 he 
moved to the University of Manchester, where the first 
stored-program digital computer ran later that year (see 
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Babbage, Charles for a photo of this machine). In 1950, 
in the article “Computing Machinery and Intelligence,” 
Turing tackled the problem of artificial intelligence, and 
proposed an experiment now known as the Turing test. 
In 1952 his lover helped a compatriot to break into Tur- 
ing's house and commit larceny. Turing went to the police 
to report the crime. As a result of the police investigation, 
he was charged with homosexuality (formerly a crime), 
offered no defense, and was convicted. Following the well- 
publicized trial, he was given a choice between incarcera- 
tion and libido-reducing hormone injections. He chose 
the latter, which lasted for a year and had side effects 
including the development of breasts during that period. 
In 1954 he died of poisoning after eating a cyanide-laced 
apple. Most (though not his mother) believed that his 
death was intentional, and the death was ruled a suicide. 
According to one urban legend the Apple company’s logo 
is symbolic of this event: an apple with two bites (or pos- 
sibly bytes) out of it and rainbow colors that code for 
homosexuality. See also Church-Turing thesis." 


Turing machine 

An abstract model of computer execution and storage 
introduced in 1936 by Alan Turing to give a mathemat- 
ically precise definition of algorithm. A Turing machine 
can be thought of as a black box that carries out a calcu- 
lation of some kind on an input number. If the calcula- 
tion reaches a conclusion, or halts, then an output 
number is returned. Otherwise, the machine theoreti- 
cally carries on forever (see halting problem). There are 
an infinite number of Turing machines, as there are an 
infinite number of calculations that can be done with a 
finite list of rules. A Turing machine that can simulate 
any other Turing machine is called a universal Turing 
machine or a universal computer. The concept of Turing 
machines is still widely used in theoretical computer sci- 
ence, especially in complexity theory and the theory of 
computation. 


Turing test 

A proposed way of deciding if a machine has human- 
level intelligence. First described by Alan Turing in 1950, 
it goes like this: A human judge engages in a natural lan- 
guage conversation with other parties; if the judge can’t 
reliably tell whether the other party is human or ma- 
chine, then the machine is said to pass the test. It is 
assumed that both the human and the machine try to 
appear human. The origin of the test is a party game in 
which guests try to guess the gender of a person in 
another room by writing a series of questions on notes 
and reading the answers sent back. In Turing’s original 
proposal, the human participants had to pretend to be 


the other gender, and the test was limited to a 5-minute 
conversation. These features are nowadays not consid- 
ered to be essential and are generally not included in the 
specification of the Turing test. Turing proposed the test 
in order to replace the emotionally charged and, for him, 
meaningless question “Can machines think?” with a 
more well-defined one. Turing predicted that machines 
would eventually be able to pass the test. In fact, he esti- 
mated that by the year 2000, machines with 10” bits 
(about 119MB) of memory would be able to fool 30% of 
human judges during a 5-minute test. He also predicted 
that people would then no longer consider the phrase 
“thinking machine” contradictory. 

It has been argued that the Turing test can’t serve as a 
valid definition of artificial intelligence for at least two 
reasons: (1) A machine passing the Turing test might be 
able to simulate human conversational behavior, but this 
could be much weaker than true intelligence. The ma- 
chine might just follow some cleverly devised rules. (2) A 
machine might well be intelligent without being able to 
chat like a human. Simple conversational programs, such 
as ELIZA, have fooled people into believing they are 
talking to another human being; however, such limited 
successes don’t amount to passing the Turing test. Most 
obviously, the human party in the conversation has no 
reason to suspect he is talking to anything other than a 
human, whereas in a real Turing test the questioner is 
actively trying to determine the nature of the entity he is 
chatting with. The Loebner Prize is an annual competi- 
tion to determine the best Turing test competitors. See 
also Chinese room. 


twelve 

A number heavily used for grouping things (inches, 
hours, 12-packs), partly because it can be divided evenly 
in several different ways (by 2, 3, 4, and 6) and partly 
because there are roughly 12 cycles of the Moon 
for every one of the Sun. The Latin duodecim (two + 
ten) for 12 forms the root of dodecagon (originally 
duodecagon), meaning a 12-sided shape, and duode- 
num, the first part of the intestine that is about 12 
inches long. Contracted and modified over the years, 
duodecim became “dozen.” Multiples of 12 have also 
been used by many cultures for various units and mea- 
sures. A “shock” was 60 or five dozen (a dozen for each 
finger on one hand), and many cultures had a “great 
hundred” of 120 or 10 dozen (a dozen for each finger 
on both hands). The Romans used a fraction system 
based on 12 and the smallest part, an uncil, became our 
word for “ounce.” The French emperor Charlemagne 
established a monetary system that had a base of 12 and 
20, the remnants of which persist. Until 1970, the En- 
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glish pound sterling consisted of 20 shillings, and each 
shilling contained 12 pence. In 1944, The Duodecimal 
Society was formed in New York with the purpose of 
proposing a switch to base 12 for all scientific work. 
There are 12 signs of the zodiac and there were 12 
apostles of Christ. Twelve is the smallest abundant 
number, a Harshad number, and a semiperfect num- 
ber (because 12 = 1 + 2 +3 + 6; see perfect number). 
See also gross. 


twelve-color map problem 

If on a plane or sphere each country has at the most one 
colony, requiring the same color as its parent country, at 
most 12 different colors are needed to distinguish the 
political regions on a map. The problem of determining 
if this is true or not remains open. See also four-color 
map problem. 


twenty 

Many early cultures, including some in Europe; the 
Mayans of Central America; and the Ainu, the indige- 
nous people of the Japanese islands, used a base of 20 for 
counting. The base 20 system was retained until about 
1970 in the British monetary system, in which there were 
20 shillings to the pound. A group of 20 is often called a 
score. Two of the five Platonic solids involve 20: the 
icosahedron has 20 triangular faces and the dodecahe- 
dron has 20 vertices. Twenty is a Harshad number, a 
semiperfect number (see perfect number), and a practi- 
cal number. It is also a tetratrahedral number—the sum 
of consecutive triangular numbers (1 + 3 + 6 + 10). 


twin primes 

Pairs of prime numbers that differ by two, the first of 
which are 3 and 5, 5 and 7, 11 and 13, and 17 and 19. The 
largest example known, as of February 2003, is a pair of 
51,090-digit primes discovered by Yves Gallot and Daniel 
Papp, with the value 33,218,925 x 2'°°°+1. Other than 
the first, all twin primes have the form ([6n — 1, 6n + 1}; 
also, the integers n and n + 2 form twin primes if and only 
if 4[(n — 1)! + 1] = -n (mod n(x + 2)). In 1919 the Nor- 
wegian mathematician Viggo Brun (1885-1978) showed 
that the sum of the reciprocals of the twin primes con- 
verges to a sum now known as Brun’s constant: 


(1/3 + 1/5) + (1/5 + 1/7) + (1/11 + 1/13) + 
(1/17 + 1/19+... 


In 1994, by calculating the twin primes up to 10” (and 
discovering the infamous Pentium bug in the process), 
Thomas Nicely of Lynchburg College estimated Brun’s 
constant to be 1.902160578. According to the (un- 
solved) twin-prime conjecture there are infinitely many 


twin primes. The twin-prime conjecture generalizes to 
prime pairs that differ by any even number x, and 
generalizes even further to certain finite patterns of 
numbers separated by specified even differences. For ex- 
ample, the following triplets of primes all fit the pattern 
k,k+2,andk+ 6:5, 7, and 11; 11, 13, and 17; 17, 19, 
and 23; 41, 43, and 47. It is believed that for any such 
pattern not outlawed by divisibility considerations 
there are infinitely many examples. (The pattern k, k + 
2, and k+ 4 has only one solution in primes, 3, 5, and 7, 
because any larger such triplet would contain a number 
divisible by 3.) Quartets of the form k, k + 2, k + 6, and 
k + 8 (the smallest example is 5, 7, 11, and 13) are 
thought to be infinite. For some patterns no example is 
known, or only one. 


twins paradox 
See relativity theory. 


twisted cubic 

A curve in three-dimensional space or projective space 
whose points are given by (x(2), y(2), z(£)) for a parameter 
tand where x, y, z are polynomials of at most degree 3. 


two 

The first even number and the only even prime number. 
The word comes from the Greek dyo and the Latin duo 
through the Old English twa. Early languages often had 
both feminine and masculine forms for two and so there 
are a lot of diverse roots related to “two-ness.” Many 
“two” words use the Greek root bi such as biannual, 
binary, biscuit, and biceps. Others come from the Old 
English twa, such as between, twilight, twist, and twin. 
From duo we get dual, duet, dubious (of two minds), 
duplex (two layers), and double. The Latin dí gives us 
diploma (two papers) and dihedral. The earlier Greek dyo 
produces dyad, composed of two parts. Two is the only 
positive real number that gives the same result when 
added to itself as when multiplied by itself. It is conjec- 
tured that 2 is the only even integer that cannot be writ- 
ten as the sum of two primes (see Goldbach conjecture) 
and it has recently been proven that 2 is the largest value 
of n for which the equation x” + y” = z” has nonzero inte- 
ger solutions (see Fermat’s last theorem). Two is the base 
of the binary number system. 


two-dimensional world 

Life in three dimensions is familiar and there is a huge 
body of literature on the fourth dimension. But what 
would a universe of just two dimensions be like? The first 
and the most charming book on the subject is Ed- 
win Abbott’s Flatland: A Romance of Many Dimensions 
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(1884)."" This was followed by Charles Hinton’s length- 
ier An Episode of Flatland (1907)! in which the 2-d world 
is not a plane, as in Abbott’s yarn, but the rim of a large 
circular world called Astria. Hinton was the first to 
explore in some depth what science and technology 


might be like in two dimensions; in fact, an earlier pam- 
phlet of his called “A Plane World,” (reprinted in Scientific 
Romances in 1884) may have helped inspire Abbott’s 
novel. Hinton’s speculations were taken much further by 
Alexander Dewdney in Planiverse (1984).'*" 


Ulam, Stanislaw Marcin (1909-1984) 

A Polish-born American mathematician and physicist 
who solved the problem of how to initiate fusion in the 
hydrogen bomb and also devised the Monte Carlo 
method of solving mathematical problems using statisti- 
cal sampling. He first came to the United States in 1935 
following an invitation from John von Neumann. One 
morning in 1946 an event happened that changed 
Ulam’s life, as colleague Gian-Carlo Rota recalled: 


Ulam, a newly appointed professor at the University 
of Southern California, awoke to find himself 
unable to speak. A few hours later, he underwent a 
dangerous surgical operation after the diagnosis of 
encephalitis... . In time, however, some changes in 
his personality became obvious to those who knew 
him... [H]is ideas, which he spouted out at odd 
intervals, were fascinating beyond anything I have 
witnessed before or since. However, he seemed to 


studiously avoid going into details .... [H]e came 
to lean on his unimpaired imagination for his ideas, 
and on... others for technical support .... A crip- 
pling technical weakness coupled with an extraordi- 


narily creative imagination is the drama of Stan 
Ulam. 


Ulam spiral 

A remarkable geometric pattern accidentally found 
among the prime numbers by Stanislaw Ulam;'*""! it is 
also known as the Prime Spiral. During a boring meeting 
one day in 1963, Ulam drew a square, marked the num- 
ber 1 at the center, and then wrote the increasing whole 
numbers as a spiral that wound its way out to the edge of 
the paper. He then circled all the prime numbers and was 
immediately struck by how they tended to fall on diago- 
nal lines radiating from the central 1. In Ulam’s words 
the arrangement of primes “appears to exhibit a strongly 
nonrandom appearance.” Ulam rushed home and 


Ulam spiral Patterns amid the primes. 
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expanded the spiral to cover a much larger portion of the 
number sequence. The strange pattern persisted. Primes 
had a tendency to occur in clusters and all clusters tended 
to make a beautiful image that couldn't be predicted. 
With the help of computers this pattern can now be 
explored almost indefinitely and it reveals a wonderfully 
rich combination of symmetry and surprise—very remi- 
niscent of some fractals. 

The Ulam spiral should perhaps be known as the 
“Clarke spiral” in view of the fact that Arthur C. Clarke 
described the phenomenon in his novel The City and the 
Stars (1956, ch. 6, p. 54),'°! predating Ulam’s discovery 
by several years. Clarke wrote: 


Jeserac sat motionless within a whirlpool of num- 
bers. The first thousand primes. ... Jeserac was no 
mathematician, though sometimes he liked to 
believe he was. All he could do was to search among 
the infinite array of primes for special relationships 
and rules which more talented men might incorpo- 
rate in general laws. He could find how numbers 
behaved, but he could not explain why. It was his 
pleasure to hack his way through the arithmetical 
jungle, and sometimes he discovered wonders that 
more skillful explorers had missed. He set up the 
matrix of all possible integers, and started his com- 
puter stringing the primes across its surface as beads 
might be arranged at the intersections of a mesh. 


Ulam's conjecture 
See Collatz problem. 


uncountable set 

A set of numbers that can't be put in a definite order 
from smallest to largest and so can't be counted. All 
uncountable sets are infinite, but not all infinite sets are 
uncountable. The best known uncountable set is the set 
of all real numbers. By contrast the set of all natural 
numbers, which represents the “smallest” type of infin- 
ity, is countable. 


undulating number 

An integer whose digits, in a given base, alternate—that is, 
one written in the form ababab..., where a and b are 
digits. For example, 434,343 and 101,010,101 are undu- 
lating numbers. 


unduloid 

A member of a family curves that is formed by films or 
liquid drops suspended between certain boundaries. 
Examples of unduloids are seen on a spider web when 
viewed through a microscope. They consist of blobs of 
viscous liquid that make up the sticky part of the web and 


are mostly gathered into a lemon shape. The family of 
unduloids includes shapes ranging from very thin to 
almost spherical, depending on the diameter of the 
thread and the volume of liquid in the blob. The shape of 
the curve is a result of the equality of pressure through- 
out the blob, which means that the total curvature at all 
points on the surface must be the same. The total curva- 
ture is the sum as the curvatures in two planes at right 
angles, and so varies from one blob to the next. A com- 
mon property of all unduloids, however, is that they have 
a constant nonzero main curvature. 


unexpected hanging 

A remarkable logical paradox that appears to have 
begun circulating by word of mouth in the 1940s, often 
in the form of a puzzle about a man condemned to be 
hanged. A judge, with a reputation for reliability, tells a 
prisoner on Saturday that he will be hung on one of the 
next seven days but that he will not know which day 
until he is informed on the morning of the execution. 
Back in his cell, the prisoner reasons that the judge must 
be wrong. The hanging cannot be left until Saturday, 
because the prisoner would certainly know, if this day 
dawned, that it was his last. But if Saturday is eliminated, 
the hanging cannot take place on Friday either, because 
if the prisoner survived Thursday he would know that 
the hanging was scheduled for the next day. By the same 
argument, Thursday can be crossed off, then Wednes- 
day, and so forth, all the way back to Sunday. But with 
every other day ruled out for a possible unexpected 
hanging, the hangman cannot arrive on Sunday without 
the prisoner knowing in advance. Thus, the condemned 
man reasons, the sentence can’t be carried out as the 
judged decreed. But then Wednesday morning comes 
around and, with it, the hangman—unexpectedly! The 
judge was right after all and something was awry with the 
prisoner’s seemingly impeccable logic. But what? More 
than half a century of attack by numerous logicians and 
mathematicians has failed to produce a resolution that is 
universally accepted. The paradox seems to stem from 
the fact that whereas the judge knows beyond doubt that 
his words are true (the hanging will occur on a day 
unknown in advance to the prisoner), the prisoner does 
not have this same degree of certainty. Even if the pris- 
oner is alive on Saturday morning, can he be certain that 
the hangman will arrive?!” 261 


uniform polyhedron 

A polyhedron in which each face is regular and each ver- 
tex is equivalently arranged. Uniform polyhedra include 
the Platonic solids, the Archimedean solids, the prisms 
and antiprisms, and the nonconvex uniform polyhedra 
(see nonconvex uniform polyhedron). 
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uniform polyhedron The great icosicosidodecahedron, a uniform polyhedron. Robert Webb, www.software3d.com; created using Webb's 
Stella program 


unilluminable room problem 

Imagine an L-shaped room in which Amy is standing 
near one corner holding a match. If Bob stands round the 
corner, he can see light from the match because a light 
ray can bounce off the two opposite walls. This is true 
wherever Bob stands in the room: the whole room is illu- 
minated by the one match. Would this be true for a room 
of any shape, or is there at least one room that is so com- 
plicated that there’s somewhere inside it that light from 
the match never reaches. This problem was first asked by 
Ernst Strauss in the 1950s. Nobody knew the answer 
until 1995, when George Tokarsky of the University of 
Alberta showed that the answer is “yes,” there zs a room 
that is not completely illuminable. His published floor 
plan showed a room with 26 sides—the smallest such 
room currently known. But a mystery remains. The room 
Tokarsky found contains one particular place where the 
match can be held which leaves part of the room dark. 
But if the match is moved slightly, the whole room is lit 


up again. Is there a room so fiendishly complicated that 
wherever the match is held there are some places that its 


light can never reach? For the moment we remain in the 
dark 320.334 


unique number 

The constant U, that results if a number A, consisting of 
n consecutive digits, in ascending order, is subtracted 
from the number 4, obtained by reversing the digits of 
A, For example, a three-digit number 345, if subtracted 
from its reverse 543, yields a difference of 198. Any other 
three-digit number subtracted from its reverse gives the 
same difference. Thus U, = 198. Similarly for a number 
with four consecutive digits, the unique number U, = 
3,087. The first ten unique numbers are: U, = 0, U, = 9, 
U, = 198, U, = 3,087, U; = 41,976, U; = 530,865, U, = 
6,419,754, U; = 75,308,643, U; = 864,197,532, and Ui) = 
9,753,086,421. Unique numbers are related to Kaprekar 
numbers, K,, by the formula 
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unilluminable room problem No single light source can 
light up every corner of a room with this shape. 


O, + U,=K,+ K; 


For example, when z = 4, K, = 6,174, K; = 4,716, U, = 
3,087, U,'= 7,803, and 


3,087 + 7,803 = 10,890 = 6,174 + 4,716. 


unimodal sequence 
A sequence that first increases and then decreases. 


unimodular matrix 
A square matrix whose determinant is 1. 


union 
The set of all elements that belong to at least one of two 
or more given sets. It is denoted by the symbol U. 


unit circle 
A circle with radius 1. 


unit cube 
A cube with edge length 1. A unit square has a side length 
of 1. 


unit fraction 
A fraction whose numerator (number on top) is 1. 


universal approximation 

Having the ability to approximate any function to an 
arbitrary degree of accuracy. Neural networks are univer- 
sal approximators. 


universal computation 

Capable of computing anything that can in principle be 
computed; being equivalent in computing power to a 
Turing machine or the lambda calculus. 


universal computer 

A computer that is capable of universal computation, 
which means that given a description of any other com- 
puter or program and some data, it can perfectly emulate 
this second computer or program. Strictly speaking, 
home PCs are not universal computers because they have 
only a finite amount of memory. However, in practice, 
this is usually ignored. 


Universal Library 

A library that contains not just one copy of every book 
that has ever been printed but one copy of every book 
that it is possible to print. A version of such a fantastic 
place is described by Jorge Luis Borges in his melan- 
cholic short story “Library of Babel” from The Garden of 
Forking Paths (1941). It begins: “The universe (which oth- 
ers call the Library) is composed of an indefinite, perhaps 
infinite number of hexagonal galleries.” Each gallery is 
identical to all the others and contains 800 books identi- 
cal in format. “[E]ach book contains four hundred ten 
pages; each page, forty lines, each line, approximately 
eighty black letters. . . .” There are 25 symbols—22 letters, 
the comma, the period, and the space. Because the 
library contains every possible combination of these 
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Universal Library Inside the library that goes on forever. 
Joseph Formoso 


symbols it contains, in addition to vast tracts of gibber- 
ish, every truth, falsehood, idea, novel, thought, and 
description of events, past and future, that are possible. It 
contains, writes Borges, 


All-the detailed history of the future, the autobi- 
ographies of the archangels, the faithful catalog of 
the Library, thousands and thousands of false cata- 
logs, the proof of the falsity of those catalogs, a 
proof of the falsity of the true catalog, the gnostic 
gospel of Basilides, the commentary upon that 
gospel, the commentary on the commentary of 
that gospel, the true story of your death, the trans- 
lation of every book into every language, the inter- 
polations of every book into all books, the treatise 
Bede could have written (but did not) on the 
mythology of the Saxon people, the lost books of 
Tacitus. 


The name “Universal Library” was first used by the 
German philosopher and science fiction writer Kurt 
Lasswitz (1848-1910) as the title of a short story pub- 
lished in 1901. He, in turn, borrowed the concept from 
the German psychologist Theodor Fechner. But to get 
to the root of speculation about listing all possible com- 
binations of words and meanings, we have to go back 
much further, to Ramon Lully (1235-1315), a Spaniard 
who was a missionary and a mystic philosopher and who 
had an idea that later became known as Lully’s Great 
Art. His idea was simply this: if one property of a thing 
is chosen, say the color of blood, and all the possibilities 
for that property are listed—blood is green, blood is yel- 
low, etc.—then one of them must be true. One list alone 
might not be enough to point out the truth. However, 
other lists could be made that would eliminate some of 


the possible colors. Done in the right way, the one and 
only true answer should emerge. Lully even tried to 
build a device that used a series of concentric rings to 
bring different combinations of words into alignment. 
Eventually, the idea came down to Fechner who rumi- 
nated on the idea of permuting all combinations of let- 
ters to express all possible statements and concepts. 
There are, however, two barriers to this dream of ulti- 
mate truth. The first is that there isn’t enough matter or 
space in the universe to represent all the different ways 
that book-length sequences of letters can expressed. Sec- 
ond, even if there were, it would take an all-seeing, all- 
knowing intelligence to sort the rare grain of meaningful 
wheat from the vast quantities of vapid chaff. See also 
monkeys and typewriters. 


universal set 

The set that contains all elements capable of being 
accepted to the problem. Also known as the universe, as 
in the universe of discourse, it is usually denoted U. 


universe of discourse 

The part of the world under discussion; more precisely, 
the set of all objects presumed or hypothesized to exist 
for some specific purpose. Objects may be concrete (e.g., 
a specific carbon atom, Confucius, the Sun) or abstract 
(e.g., the number 2, the set of all integers, the concept of 
justice). Objects may be primitive or composite (e.g., a 
circuit that consists of many subcircuits). Objects may 
even be fictional (e.g., a unicorn, Sherlock Holmes). The 
universe of discourse is a familiar concept in logic, lin- 
guistics, and mathematics. 


unknown 
A quantity, denoted by a letter, that is to be found by 
solving one or more equations. 


untouchable number 

A number that is not the sum of the aliquot parts of any 
other number. The first few untouchable numbers are 2, 
5, 52, 88. 


up-arrow notation 
See Knuth’s up-arrow notation. 


upside-down picture 

A picture (or figure) that, when inverted, looks the same 
or changes into the picture of a different subject. Possibly 
the most remarkable examples of upside-down art were 
the cartoons drawn by Gustave Verbeek for the Sunday 
New York Herald in the early 1900s. The first part of the 
cartoon is read normally; then the newspaper is turned 
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upside-down picture An upside-down figure from China. 
Sue & Brian Young/Mr. Puzzle Australia, www.mrpuzzle.com.au 


through 180° and the second part read from the same 
boxes in reverse order. As if by magic, Little Lady 
Lovekins transforms into Old Man Muffaroo, a giant fish 


becomes a giant bird, and a pouncing tiger turns into a 
tiger buried under a pile of stones. 


Ussher, James (1581-1656) 

An Irish clergyman, born in Fishamble Street, Dublin, 
who studied at Trinity College, Dublin, and later became 
a fellow there. He entered the Church and eventually 
became Archbishop of Armagh. In 1650 he published his 
famous assertion that the Creation had taken place 
“upon the entrance of the night preceding” Sunday, 
October 23, 4004 B.c. 


utility function 

The lesson of the St. Petersburg paradox is that people 
do not play games as if they are maximizing the 
expected monetary value they receive. However, certain 
rationality assumptions about the way people behave, 
known as the von Neumann and Morganstern axioms, 
imply that people do act as though they are maximizing 
something. This “something” is often referred to as a util- 
ity function. 
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> Corresponding angles on a transversal are equal to each other. 
These are sometimes called F-angles. 


> Alternate angles on a transversal are equal to each other. 
These are sometimes called Z-angles. 


> A three-figure bearing is the angle measured clockwise from 
North. So an angle of 27° from North corresponds to a 
bearing of 027°. 


vampire number 

A natural number x that can be factorized as y x z in such 
a way that the number of occurrences of a particular digit 
in the representation of x in a given base (say 10) appears 
the same number of times in the representations in that 
same base of y and z together. For example, 2,187 is a 
vampire number since 2,187 = 21 x 87; similarly 136,948 
is a vampire because 136,948 = 146 x 938. Vampire num- 
bers are a whimsical idea that was introduced by Clifford 
Pickover in 1995, 


van der Pol, Balthazar (1889-1959) 

A Dutch electrical engineer who began the modern exper- 
imental study of dynamical systems in the 1920s and *30s. 
Van der Pol discovered that electrical circuits employing 
vacuum tubes display stable oscillations, now called limit 
cycles, but that when these circuits are driven with a signal 
whose frequency is near that of the limit cycle, the periodic 
response shifts its frequency to that of the driving signal. 
The resulting waveform, however, can be quite compli- 
cated and contain a rich structure of harmonics and sub- 
harmonics. In 1927, van der Pol and his colleague van der 
Mark reported that an “irregular noise” was heard at certain 
driving frequencies between the natural entrainment fre- 
quencies. It’s now clear that, without realizing it, they had 
described one of the first experimental instances of chaos. 


vanishment puzzle 

A mechanical puzzle in which the total area of a collec- 
tion of pieces, or the number of items in a picture, appear 
to change following some manipulation. A well-known 
puzzle, first seen in 1868, involves an 8 x 8 square that is 
divided up into two triangles and two trapezoids. The 
pieces are reassembled into an oblong shape that mea- 
sures 5 x 13. Where did the extra bit of area come from? 
The answer is that final shape is not perfectly rectangular 
but instead has a narrow gap that runs the length of one 
of the diagonals. Most famous of all vanishment puzzles 
is Get off the Earth. 


variable 
An unknown that has no fixed quantitative value. 


vector 
A quantity that is specified by a number, indicating size 
or “magnitude,” and a direction; for example, “80 kilo- 
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meters per hour, heading due south.” More generally, a 
vector is any element of a vector space and is also a type 
of tensor. A vector is usually shown in a graph or other 
diagram as an arrow whose length and direction represent 
the vectors magnitude and direction, respectively. In 
n-dimensional space, it is easy to deal with vectors alge- 
braically in the form of n-tuples, which are ordered lists 
(one-dimensional arrays) of n components. 


vector space 

Also known as a linear space, the most fundamental con- 
cept in linear algebra. It is a generalization of the set of 
all geometric vectors and is used throughout modern 
mathematics. Like the concepts of group, ring, and field, 
that of a vector space is entirely abstract. 


Venn diagram 

A simple way of representing sets and subsets, which 
makes use of overlapping circles. Venn diagrams are 
named after the Englishman John Venn (1834-1923), a 
fellow of Cambridge University. Venn was a cleric in the 
Anglican Church, an authority on what was then called 
“moral science,” the compiler of a massive index of all 
Cambridge alumni, and a rather mundane mathemati- 
cian who worked in logic and probability theory. The dia- 
grams he used for representing syllogisms appear to have 
been first called “Venn diagrams” by Clarence Irving in 
his book A Survey of Symbolic Logic in 1918. However, 
Venn was lucky to be so immortalized. Both Gottfried 
Leibniz and Leonhard Euler used very similar forms of 
representation many years earlier. 


vertex 

The point where two sides of a closed figure, or two sides 
of an angle, meet; otherwise known as a corner. A cube, 
for example, has eight vertices. 


vertex figure 

The polygon that appears if a polyhedron is truncated at 
a vertex. The vertex figure of a cube, for example, is an 
equilateral triangle. To ensure consistency, the truncation 
may be done at the midpoints of the edges. 


vertical-horizontal illusion 
Vertical lines looks considerably longer than horizontal 
ones of the same length. For centuries, it has been known 
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vertical-horizontal illusion 


that the height of trees and buildings is perceived to be 
greater than the horizontal distance between them. This 
may be because we live in gravity. Rotate the book and 
you will see that the vertical line in the diagram appears 
to shrink in relation to what was originally the horizontal 
line. See also distortion illusion. 


Vesica Piscis 

Literally “fish’s bladder,” the almond shape formed when 
two identical circles overlap so that the outside edge of 
each just touches the center of the other. The Vesica Piscis 
appears as the Christian fish symbol and also frequently 
in medieval art and architecture. Most significantly, 1t pro- 
vides the template for the pointed Gothic arch. 


Vickrey auction 

A silent auction in which the object being sold goes to 
the second-highest bidder. In a normal silent auction pro- 
spective buyers place their bids in sealed envelopes and 
the highest bid wins. This makes it risky for the seller 
because if the object is highly valuable and all buyers 
think they are the only ones who recognize this fact, they 
may offer much less than they think the object is actually 
worth. However, a Vickrey auction induces people to bid 
truthfully. Why? Because when all other bids are fixed 
and unknown to a given bidder, that bidder's optimal 
strategy is to bid what she thinks the object is worth. Sup- 
pose Alice places a bid for an antique vase. Let V be the 
amount that Alice thinks the vase is actually worth, and 


B the bid that she actually makes. Let M be the maxi- 
mum of all other bids. If M is more than V, then Alice 
should set her bid B less than or equal to V so that she 
does not get the vase for more than she thinks it is worth. 
If M is less than V, then Alice should set B= V, because if 
she bids any less, she will not get the vase any cheaper, 
and she may lose it altogether. 


vigesimal 

Of, relating to, or based on the number 20; the term 
comes from the Latin wigesimus for “twentieth.” Mayan 
arithmetic, which took account of all the toes as well as 
the fingers, used a vigesimal system. In place of the mul- 
tiples of 10 used in the decimal system: 1; 10; 100; 1,000; 
10,000, ..., the Mayans dealt in multiples of 20: 1; 20; 
400; 8,000; 160,000;.... 


vinculum 

The bar that is placed over repeating decimal fractions to 
indicate the portion of the pattern that repeats. In the 
original Latin, vinculum referred to a small cord for bind- 
ing the hands or feet. The symbol was once used in the 
same way that parentheses and brackets are now used to 
bind together a group of numbers or symbols. Originally 
the line was placed under the items to be grouped. What 
today might be written 7(3x + 4) the early users of the 
vinculum would write 3x + 4 7. Sometimes the horizon- 
tal fraction bar is called a vinculum as it binds the numer- 
ator and denominator into a single value. 


Vinogradov's theorem 

Every sufficiently large odd number can be expressed as 
the sum of three prime numbers. The theorem was 
named after the Russian mathematician Ivan Vinogradov 
(1891-1983) who proved it in 1937. This is a partial solu- 
tion of the Goldbach conjecture and is related to War- 
ing’s conjecture. 


Viviani's curve 

The space curve that marks the intersection of the cylin- 
der (x — a)’ + y? =a’ and the sphere x? + y? + z? = a°. It is 
given by the parametric equations: 


x=a(1+cos 1) 
y=asint 
z= 2a sin (%2 1) 


Viviani's theorem 

For a given point inside an equilateral triangle, the sum 
of the perpendicular distances from the point to the 
sides is equal to the height of the triangle. If the point is 
outside the triangle, the relationship still holds if one or 
more of the perpendiculars is treated as a negative value. 
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Volvox fractal Jos Leys, wwwjosleys.com 


Viviani’s theorem generalizes to a regular v-sided poly- 
gon: the sum of the perpendicular distances from an 
interior point to the z sides being z times the apothem 
of the figure. The theorem is named for Vincenzo 
Viviani (1622-1703), a pupil of Galileo and Torricelli, 
who is also remembered for a reconstruction of a book 
on the conic sections of Apollonius and for finding a 
way of trisecting an angle through the use of an equi- 
lateral hyperbola. 


volume 
The measure of space occupied by a solid body. 


Volvox fractal 

A fractal that is similar in appearance to Volvox—a uni- 
cellular life form that lives in spherical colonies with 
thousands of members. 
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von Neumann, John (1903-1957) 


Young man, in mathematics you don’t understand 
things, you just get used to them. 


A Hungarian-American mathematician who made impor- 
tant contributions to set theory, computer science, eco- 
nomics, and quantum mechanics. He received a Ph.D. in 
mathematics from the University of Budapest and later he 
worked at the Institute for Advanced Study in Princeton. 
Theory of Games and Economic Behavior, which he co- 
authored with Oskar Morgenstern in 1944, is considered 
a seminal work in the field of game theory. Von Neu- 
mann devised the von Neumann architecture used in all 
modern computers and studied cellular automata (see cel- 
lular automaton) in order to construct the first examples 
of self-replicating automata, now known as von Neu- 
mann machines. Von Neumann had a mind of great 
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ingenuity, nearly total recall of what he’d learned, immense required or generated by the computation. John von 
arrogance, and a great love of jokes and humor.” Neumann helped to create the model as an example of 

a general-purpose computing machine. By treating the 
von Neumann machine instructions in the same way as the data, the machine 
(1) A model for a computing machine that uses a single could easily change the instructions. In other words the 
storage structure to hold both the set of instructions machine was reprogrammable. (2) A selfreplicating 
on how to perform the computation and the data machine. In principle, if a machine (e.g., an industrial 
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robot) could be given enough capability, raw material, 
and instructions, then that robot could make an exact 
physical copy of itself. The copy would need to be pro- 
grammed in order to do anything. If both robots were 
reprogrammable, then the original robot could be 
instructed to copy its program to the new robot. Both 
robots would now have the capability of building copies 
of themselves. Since such a machine is capable of repro- 
duction, it could arguably qualify as a simple form of life. 


Voronoi diagram 

Also known as a Dirichlet tesselation, a partitioning of 
space into cells, each of which consists of the points 
closer to one particular object than to any others. More 
specifically, in two dimensions a Voronoi diagram con- 


sists of breaking up a plane containing n points into x 
convex polygons in such a way that each polygon con- 
tains exactly one point and every point in a given poly- 
gon is closer to its central point than to any other. 
Voronoi diagrams, their boundaries (known as medial 
axes), and their duals (called Delaunay triangulations) have 
been reinvented, given different names, generalized, 
studied, and applied many times over in many different 
fields. Voronoi diagrams tend to be involved in situations 
where a space should be partitioned into “spheres of 
influence”; examples include models of crystal and cell 
growth and protein molecule volume analysis. 


vulgar fraction 
See common fraction. 


walking in the rain problem 

The question is whether you get wetter by walking or run- 
ning a given distance through rain that is falling at a con- 
stant rate. An early appearance of this problem was in 
Bagley’s Paradox Pie (1944). A simple answer is that mov- 
ing faster is better. If the rain falls vertically and the den- 
sity of water in the air is assumed constant, then, no 
matter what your speed, you'll sweep out the same vol- 
ume and will always get the same amount of water hitting 
your front. However, running rather than walking will 
reduce the amount of water landing on your head. 


Wallis, John (1616-1703) 

The most influential English mathematician before Isaac 
Newton and an important contributor to the origins of 
calculus. He was a skilled linguist, was one of the first to 
proclaim in public Harvey’s discovery of the circulation 
of the blood, and had an extraordinary memory for 
figures. His Arithmetica Infinitorum was described as “the 
most stimulating mathematical work so far published in 
England” and introduced the symbol «> for infinity (see 
also aleph). It contained the germs of the differential cal- 
culus, and it suggested to Newton, who was delighted by 
it, the binomial theorem. 


Wallis formula 
See pi. 


wallpaper group 

Also known as a crystallographic group, a distinct way to 
tile the plane that repeats indefinitely in two dimen- 
sions; that is, a collection of two-dimensional symmetric 
patterns on a plane surface, containing two nonparal- 
lel translations (see periodic tiling). There are only 17 
kinds of these patterns, known as isometries (see isome- 
try), each uniquely identified by its translation and rota- 
tion symmetries, as discovered in the late nineteenth 
century by E. S. Fedorov and, independently, by the 
German A. M. Schoenflies and the Englishman William 
Barlow. Thirteen of the isometries include some kind of 
rotational symmetry, while four do not; twelve show rec- 
tangular symmetries, while five involve hexagonal sym- 
metries. Every two-dimensional repetitive pattern in 
wallpaper, textiles, brickwork, or the arrangement of 
atoms in a plane of a crystal is just a minor variation on 
one of these 17 patterns. 


348 


Wari 
See Mancala. 


Waring’s conjecture 

A hypothesis given, without proof, by the English math- 
ematician Edward Waring (1734-1798) in his Medita- 
tiones algebraicae (1770). It states that for every number A, 
there is another number s such that every natural number 
can be represented as the sum of s kth powers. For exam- 
ple, every natural number can be written as a sum of 4 
squares, 9 cubes and so on. Waring’s conjecture was first 
proven in full by David Hilbert in 1909. 


weak inequality 
An inequality that permits the equality case. For exam- 
ple, ais less than or equal to (<) b. 


Weierstrass, Karl Wilhelm Theodor (1815-1897) 

A German mathematician who is considered the father of 
modern analysis. Compelled by his father to study law, he 
instead spent four years at the University of Bonn, fencing, 
drinking, and reading math. He left under a cloud and 
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ended up teaching in secondary schools for many years. In 
1854 he published a paper, written 14 years earlier when 
he was fresh out of college, in Crelle’s Journal, on Abelian 
functions which completed work that Niels Abel and Karl 
Jacobi had begun. Its importance was immediately recog- 
nized and Weierstrass was appointed a professor at the 
Royal Polytechnic School and a lecturer at the University 
of Berlin. He went on to give the first rigorous definitions 
of limit, derivative, differentiability, and convergence, 
and investigated under what conditions a power series will 
converge. 


Weierstrass’s nondifferentiable function 

The earliest known example of a pathological function—a 
function that gives rise to a pathological curve. It was 
investigated by Karl Weierstrass, but had been first dis- 
covered by Bernhard Riemann, and is defined as: 


=, sin (mk’x) 
Fx) = e Tp? 
The Weierstrass function is everywhere continuous (see 
continuity) but nowhere differentiable; in other words, 
no tangent exists to its curve at any point. Constructed 
from an infinite sum of trigonometric functions, it is the 
densely nested oscillating structure that makes the defin- 
ition of a tangent line impossible. 


weighing puzzles 
See measuring and weighing puzzles. 


weird number 
See abundant number. 


Wessel, Caspar (1745-1818) 

A Norwegian surveyor whose mathematical fame rests on 
a single paper, published in 1799, that gave the first geo- 
metrical interpretation of complex numbers. His prior- 
ity in this discovery, however, went unrecognized for 
many years. Thus what should really be called a Wessel 
diagram is known instead as an Argand diagram after the 
man whose work on the same subject, published in 1806, 
first came to the attention of the mathematical world. 
Wessel’s paper, by contrast, wasn’t noticed by the mathe- 
matical community until 1895 when the Danish mathe- 
matician Sophus Juel drew attention to it and, in the 
same year, Sophus Lie republished Wessel’s paper. Aston- 
ishingly, Wessel’s remarkable work was not translated 
into English until 1999—1ts bicentenary! 


Weyl, Hermann Klaus Hugo (1885-1955) 

A German mathematician (known as “Peter” to his close 
friends) whose work involved symmetry theory, topology, 
and non-Euclidean geometry. Weyl studied under David 


Hilbert at Gottingen. Then, as a colleague of Albert Ein- 
stein at Zurich 1913, he got involved with relativity theory 
and came to believe (erroneously) that he had found a way 
to unite gravity and electromagnetism. From 1923 to 1938 
he concentrated on group theory and made some impor- 
tant contributions to quantum mechanics. As the Nazi 
tide swept over Europe, Weyl came to the United States 
and spent the rest of his career at the Institute for 
Advanced Studies at Princeton. He said: “My work always 
tried to unite the truth with the beautiful, but when I had 
to choose one or the other, I usually chose the beautiful.” 
See also beauty and mathematics. 


wff 


A well-formed formula. 


what color was the bear? 

A hunter walks one mile due south, then one mile due 
east, then one mile north and arrives back at his starting 
point. He shoots a bear. What color was it? Such a trip is 
possible if the hunter starts from one of the geographical 
poles, then circumnavigates the sides of a spherical trian- 
gle (see elliptical geometry). Since there are no bears in 
Antarctica, the trip is assumed to have taken place in the 
Arctic where there are polar bears and thus the answer is 
“white.” Versions of this problem began to appear in the 
1940s. A closer examination reveals that there are many 
more points on the globe, other than an exact pole, from 
which the hunter could have begun his trek. One exam- 
ple is any point (of which there are an infinite number) 
on a circle drawn at a distance of slightly more than 1 + 
lpr mile (about 1.16 miles) from a pole—“slightly more” 
because of Earth’s curvature. But this is not all. The 
hunter could also satisfy the conditions by starting at 
points closer to the pole, so that the walk east would 
carry him exactly twice around the pole, or three times, 
and so on. Of course, the bear would still be white 
(except that polar bears don’t live that far north!). 


wheat and chessboard problem 

According to one myth, chess was invented by Grand 
Vizier Sissa Ben Dahir and then given to King Shirham of 
India. The king was so pleased that he offered his subject 
a great reward in gold, but the wily vizier said that he 
would be happy merely to have some wheat: one grain for 
the first square of the chessboard, two grains for the sec- 
ond square, four for the third, and so on, doubling each 
time. The king thought this was a very modest request, 
granted it, and asked for a bag of wheat to be brought in. 
However the bag was emptied by the twentieth square. 
The king asked for another bag, but then realized that this 
entire bag was needed for the next square. In 20 more 
squares, as many bags would have been exhausted as there 
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were grains in the first bag! The number of grains on the 
sixty-fourth square would have been 2°, and the total for 
the whole board 2% — 1 = 18,446,744,073,709,551,615. 
This is more wheat than in the entire whole world; in fact, 
it would fill a building 40 km long, 40 km wide, and 300 
meters tall. See also Tower of Brahma. 


Whitney’s umbrella 

A strange-looking, whimsically named geometrical object 
first studied by Hassler Whitney in the 1940s. It can be 
pictured as a self-intersecting rectangle in three dimen- 
sions. A pinch point, also known as a Whitney singularity or 
a branch point occurs at the top endpoint of the segment 
of self-intersection: every neighborhood of the pinch 
point intersects itself. 


Wiener, Norbert (1894-1964) 

An American mathematician who established the sub- 
ject of cybernetics. As a precocious youngster, Wiener 
hopped from subject to subject at college, finally earn- 
ing a Ph.D. in mathematics from Harvard at 19, before 
embarking on an even more erratic early career that took 
him into a variety of activities, including journalism. 
Having settled upon mathematical research, obtaining 
a post at the Massachusetts Institute of Technology in 
1919, he nevertheless continued to range across fields, 
from random processes, including ergodic theory (con- 
cerned with the onset of chaos in a system), to integral 
equations, quantum mechanics, and potential theory. 
Wartime work that involved applying statistical methods 
to control and communication engineering, led to him 
extending these studies into control and communication 
in complex electronic systems and in animals, especially 
humans—the science of cybernetics. 


Wiles, Andrew (1953-) 

The English mathematician who, in 1994, finally proved 
Fermat’s last theorem. Wiles studied at Oxford (B.A. 
1974) and Cambridge (Ph.D. 1977) and has held posts at 
Cambridge, Oxford, and Princeton. From the mid-1980s 
his work was focused on proving a proposition known as 
the Shimura-Taniyama conjecture, since from this, it had 
been shown, Fermat’s last theorem would follow. In 1993 
he gave a series of lectures at Cambridge University end- 
ing on June 23, 1993. At the end of the final lecture he 
announced he had a proof of Fermat’s last theorem. 
However, when the results were written up for publica- 
tion, a subtle error was found. Wiles worked hard for 
about a year, helped in particular by a colleague, R. Tay- 
lor, and by September 19, 1994, having almost given up, 
he decided to have one last try. As he recalled, “suddenly, 
totally unexpectedly, I had this incredible revelation. It 
was the most important moment of my working life... . 
[I]t was so indescribably beautiful, it was so simple and 
so elegant... [that] I just stared in disbelief for twenty 
minutes, then during the day I walked round the depart- 
ment. Pd keep coming back to my desk to see it was still 
there—it was still there.” 

In 1994 Wiles was appointed Eugene Higgins Professor 
of Mathematics at Princeton. His paper that proves Fer- 
mat’s last theorem is called “Modular elliptic curves and 
Fermat's Last Theorem” and appeared in the Annals of 
Mathematics in 1995,”**! 


Wilson's theorem 

Any number p is a prime number if, and only if, (p — 1)! 
+ 1 is divisible by p. We can easily check this for some 
small numbers: (2 — 1)! + 1 = 2, which is divisible by 2; 
(5 — 1)! + 1 = 25, which is divisible by 5; (9 — 1)! + 1 = 
40,321, which is not divisible by 9. The theorem is 
named for Sir John Wilson (1741-1793), who came 
across it (but left no formal proof) while he was a student 
at Peterhouse College, Cambridge. Wilson went on to 
become a judge and seems to have done little else in 
mathematics. The theorem was first published and 
named after Wilson by Edward Waring (1734-1798) 
around 1770. However, it is now clear that the result was 
known to Gottfried Leibniz and perhaps, much earlier to 
Ibn al-Haytham (965-1040). The first known proof was 
provided by Joseph Lagrange. 


winding number 
The number of times a closed curve in the plane passes 
around a given point in the counterclockwise direction. 


wine 
The creation of a fine wine may be a complex business, but 
it is not mathematically intractable according to a Cali- 
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fornian winemaker and businessman, Leo McCloskey, 
who runs a consulting firm. McCloskey’s formula takes 
into account color, fragrance, and flavor and attempts to 
predict wine quality two to three years in advance. The for- 
mula stems from a comparison of key chemical character- 
istics for a range of wines with what experts made of the 
final product. Putting this information into a database, 
McCloskey has claimed, enables the math of wine flavor 
to be derived. More than 50,000 wines were analyzed for 
the database but, in each case, only a handful of the 400 to 
500 constituent chemicals were considered crucial flags to 
future color, taste, and bouquet. The proportion of tan- 
nins and phenols is particularly crucial in determining a 
wine’s future, thus reducing the number of essential flags 
for an accurate mathematical model to just 10 or 20. With 
this system, McCloskey believes, he can predict what a 
wine will be like before it is bottled, giving winemakers the 
opportunity to modify the flavor if necessary. However, 
whether any wine formula can effectively take into ac- 
count the subjective impressions of the end user remains 
to be seen. See also bottle sizes. 


Witch of Agnesi curve 
See Agnesi. 


word puzzles 


1. What positive integer, when spelled out, has a 
Scrabble score equal to that integer? 

2. What is the only English word that ends in “mt?” 

3. Only four words in the English language end in 
“-dous.” What are they? 

4. What is the shortest complete sentence in the 
English language? 

5. Name the only word (not including proper 
names) in the English language that has two 
together. 

6. Name a one-syllable word that becomes a three- 
syllable word by adding one letter to the end of it. 

7. What word begins and ends with “und?” 

Solutions begin on page 369. 
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word trivia 


e The hardest word to define briefly is thought to be the 
word mamiblapinatopai from the Fuegian language spo- 
ken by the natives of the Andaman Islands. Its simplest 
definition is “two people looking at each other without 
speaking hoping that the other will offer to do some- 
thing which both parties desire but neither are willing 
to do.” 


e No word in the English language rhymes with orange, 
silver, purple, or month. 


e The only 15-letter word that can be written without 
repeating a letter is uncopyrightable. 


e The combination “ough” can be pronounced in nine 
different ways. The following sentence contains them 
all: “A rough-coated, dough-faced, thoughtful plough- 
man strode through the streets of Scarborough; after 
falling into a slough, he coughed and hiccoughed.” 


e Facetious and abstemious contain all the vowels in the 
correct order, as does arsenious, meaning “containing 
arsenic.” 


e The longest word in the English language, according to 
the Oxford English Dictionary, is pneumonoultramicro- 
scopicsilicovolcanoconiosis. The only other word with the 
same amount of letters is its plural: pueumonoultramt- 
croscopicsilicovolcanoconioses. It means an infection of 
the lungs. 


e The longest English word with one vowel is strengths. 


e The “sixth sick sheik’s sixth sheep’s sick” is said to be 
the toughest tongue twister in the English language. 


e Richard Millhouse Nixon was the first U.S. president 
whose name contains all the letters from the word 
criminal. 


«In Scotland, a new game was invented. It was called 
Gentlemen Only Ladies Forbidden and thus the word 
GOLF entered the vocabulary. 


e The longest English words that don’t use any of vowels 
a, e, 1, 0, or u are “rhythm” and “syzygy.” 


e The verb cleave is one of many English words with two 
synonyms which are antonyms of each other: adhere 
and separate. 


e There is a seven letter word in the English language 
that contains ten words without rearranging any of its 
letters, therein: the, there, he, in, rein, her, here, ere, 
therein, herein. 


e The longest English word that consists entirely of con- 
sonants is crwth, which is from the fourteenth century 
and means crowd. 


e The word trivia comes from the Latin tri- + via, and 
means “three streets.” This is because in ancient times, 
at an intersection of three streets in Rome, they would 
have a type of kiosk where ancillary information was 
listed. You might be interested in it, you might not, 
hence they were bits of “trivia.” 


worldline 

The path of an object through space-time. On a Minkow- 
ski diagram, in which the three dimensions of space 
are represented by the horizontal axis and time is rep- 
resented by the vertical axis, worldlines appear as wig- 
gly curves extending from the past into the future. My 
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Worldline is the title of the autobiography of George 
Gamow, the Ukrainian-American physicist. 


Wundt illusion 

A distortion illusion devised by the German “father of 
experimental psychology,” and one-time assistant to the 
physicist Hermann von Helmholtz at Heidelberg, Wil- 
helm Wundt (1832-1920). In the figure, two horizontal 
lines are both straight, although they look as if they bow 
in at the middle. The distortion is induced by crooked 


lines on the background, as in Orbison’s illusion. The 
simplest of all distortion illusions—the vertical-horizontal 
illusion—was also discovered by Wundt. 


Wythoff's game 
A variation on the game of Nim suggested by W. A. 
Wythoff in 1907. It is played with two heaps of counters 
in which a player may take any number from either heap 
or the same number from both. The player who takes the 
last counter wins. 


Fractions 


In this chapter you will learn: 

e about equivalent fractions 

e howto compare fractions 

e howtoaddand subtract fractions 

e howto multiply and divide fractions. 


3.1 Introduction 


The word ‘fraction’ comes from the Latin fractus (broken) and 
fractions were often called ‘broken numbers’. For many centuries, 
the numbers 1, 2, 3, 4, etc. met humanity’s needs and, although the 
Babylonians developed a system of fractions in about 2000 Bc, it 
was 400 years later that the Ancient Egyptians produced the first 
thorough treatment. 


3.2 What is a fraction? 

A fraction is one or more equal parts of a whole. 

In Figure 3.1 overleaf, the left circle has been split into 4 equal 
parts (quarters) and 3 of them are shaded. The fraction of the circle 
which is shaded is +. The top number, 3, is called the numerator 


and the bottom number, 4, is called the denominator. One of 
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x X-pentomino 
The most frequently used symbol for an unknown in an A pentomino, a five-square polyomino, in the shape of 
expression or equation. the letter X. 


X-axis 


The horizontal axis of a two-dimensional plot in Carte- 
sian coordinates. 
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yard 

A unit of distance equal to 3 feet (36 inches) or 0.9144 
meters. The name originates with the old German word 
gazdaz for a staff or stick, which could be used for mea- 
surement. This changed to gzerd in Old English and even- 
tually to yard. The yard-arm of a sailing ship—a tapered 
spar used to support a square sail—harkens back to the 
earlier meaning. In France, the equivalent of the yard 
measure is called a “verge,” from the Latin virga for a stick 
or rod. 
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y-axis 
The vertical axis of a two-dimensional plot in Cartesian 
coordinates. 


yin-yang symbol 
See Great Monad. 


yocto-/yotta- 

The prefix yocto-, for 10, derives from the Greek oktakis 
(“eight times”). The prefix yotta-, for 10%, comes from 
the same source. 


Zeller's formula 

A formula invented by the German clergyman Christian 
Zeller (1824-1899) for figuring out the day of the week of 
a given date, without the need of tables. Let 


J be the century-number, 

K the last two digits in the year, 

e the residue, which remains when J is divided by 4, 
m the number of the month, 

q the day of the month, 

h the number of the day of the week. 


Then / is the remainder that results when 
h= q +26(m + 1)/10 + K + K/4 — 2e 


is divided by 7. For the formula to work, January and Feb- 
ruary have to be taken as months 13 and 14 of the pre- 
ceding year. For example, Frederick the Great was born 
on 24 January 1712, so J = 17, e = 1, K = 11 (not 12 
because of the special way of numbering the months), 
m=13, and q=24. Plugging these values into the formula, 
we get 


24 + 26(13 + 1)1/10+ 11 +11/4-2x1 
=71=70x1+1. 


The remainder / is 1, so Frederick the Great was born on 
the first day of the week, Sunday. 


Zenodorus (c. 180 B.c.) 

The Greek mathematician and philosopher who pro- 
posed in On Isometric Figures that the circle has the maxi- 
mum area of all isoperimetric figures in a plane, and that 
the sphere has the maximum volume of all bodies with 
equal surface. 


Zeno's paradoxes 

A series of paradoxes posed by the philosopher Zeno of 
Elea (c. 490-c. 425 B.c.). Little is known about Zeno’s 
life. He was born in Elea (now Lucania) in southern Italy 
and was a friend and student of Parmenides. None of his 
writings survive but he is known to have written a book, 
which Proclus says contained 40 paradoxes. Four of 
these, which all concern motion, have had a profound 
influence on the development of mathematics. They are 
described in Aristotle’s great work Physics and are called 
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the Dichotomy, Achilles (and the Tortoise), the Arrow, 
and the Stadium. 

The Dichotomy argues that “there is no motion 
because that which is moved must arrive at the middle of 
its course before it arrives at the end.” In order to traverse 
a line segment it’s necessary to reach the halfway point, 
but this requires first reaching the quarter-way point, 
which first requires reaching the eighth-way point, and so 
on without end. Hence motion can never begin. This 
problem isn’t alleviated by the well-known infinite sum 
l2 + l4 + 1⁄8 +...= 1 because Zeno is effectively insisting 
that the sum be tackled in the reverse direction. What is 
the first term in such a series? 

Zeno’s paradox of Achilles is told by Aristotle in this 
way: “The slower when running will never be overtaken 
by the quicker; for that which is pursuing must first reach 
the point from which that which is fleeing started, so that 
the slower must necessarily always be some distance 
ahead.” Thus, Achilles, however fast he runs, will never 
catch the plodding Tortoise who started first. And yet, of 
course, in the real world, faster things do overtake slower 
ones. So how is the paradox to be solved? The German 
set theorist Adolf Frankel (1891-1965) is one of many 
modern mathematicians (Bertrand Russell is another) 
who have pointed out that 2,000 years of attempted 
explanations have not cleared away the mysteries of 
Zeno’s paradoxes: “Although they have often been dis- 
missed as logical nonsense, many attempts have also 
been made to dispose of them by means of mathematical 
theorems, such as the theory of convergent series or the 
theory of sets. In the end, however, the difficulties inher- 
ent in his arguments have always come back with a ven- 
geance, for the human mind is so constructed that it can 
look at a continuum in two ways that are not quite rec- 
oncilable.” 


zepto-/zetta- 

The prefix zepto-, for 10%, derives from the Greek hep- 
takis (“seven times”). The prefix zetta-, for 10%, comes 
from the same source. 


zero 

The integer, denoted 0, which, when used as a counting 
number, indicates that no objects are present. It is the 
only integer that is neither negative nor positive. Zero is 
both a number and a numeral. The number zero is the 
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size of the empty set but it is not the empty set itself, 
nor is it the same thing as nothing. The numeral or digit 
zero is used in positional number systems, where the 
position of a digit signifies its value, with successive 
positions having higher values, and the digit zero is used 
to skip a position. The earliest roots of the numeral 
zero stretch back 5,000 years to the Sumerians in 
Mesopotamia, who inserted a slanted double wedge 
between cuneiform characters for numbers, written posi- 
tionally, to indicate a number’s absence. The symbol 
changed over time as positional notation made its way to 
India, via the Greeks (in whose own culture zero made a 
late and only occasional appearance). Our word zero 


Zöllner illusion 


derives from the Hindi sunya for “void” or “emptiness,” 
through the Arabic sifr (which also gives us cipher), and 
the Italian zevero. As a number in its own right, aside 
from its use as a position marker, zero took a much 
longer time to become established, and even now is not 
equal in status to other numbers: division by zero is not 
allowed. 


zero divisors 
Nonzero elements of a ring whose product is 0. 


zero of a function 
See root. 
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zero-sum game 
In game theory, a game in which a win for one player 
results in an equal but opposite loss for the other players. 


zeta function 

A function that has certain properties and is calculated as 
an infinite sum of negative powers. The most commonly 
encountered zeta function is the Riemann zeta function. 


zigzag 

A general word for a type of curve that consists of several 
straight lines joined at points. A zigzag usually goes alter- 
nately from side to side. 


Zöllner illusion 

A line distortion illusion first published by the as- 
tronomer Johann Zollner in 1860. The diagonal lines, 
although parallel, appear not to be. The illusion was one 
of a series specifically designed to cause errors in optical 


equipment of that time. They did cause errors, and also 
great concern among scientists over the validity of all 
human observations. See also Poggendorff illusion. 


zombie 

A hypothetical being that behaves like us and may share 
our functional organization and even, perhaps, our neu- 
rophysiological makeup, but lacks consciousness or any 
form of subjective awareness. The concept is used in dis- 
cussions of artificial intelligence. 


zone 
The portion of a sphere between two parallel planes. 


zonohedron 

A polyhedron in which the faces are all parallelograms 
or parallel-sided. The faces of a zonohedron can be 
grouped into zones—encircling bands of faces which share 
a common edge direction (and length). 
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the four parts is unshaded, so the fraction of the circle which is 
unshaded is 7. 


Figure 3.1 


If you were asked what fraction of the circle is shaded in the 
middle circle in Figure 3.1, you might give $ as your answer, as the 
circle has been split into 8 equal parts and 6 of them are shaded. 
Similarly, in the third circle, the fraction # is shaded. 


You might o that it is obvious from Figure 3.1 that the three 
fractions 4, £ and # are equal. You would be right: they are equal 
in value and they a called equivalent fractions. You can write 
You could get £ from + by multiplying both the numerator 

and the denominator of 4 by 2, that is, 5 = $. You can get + 

by een a the numerator and the denominator of 4 by 4. 
Similarly, 5, 53 and $ are three more fractions equivalent to +. 

In general, if wn ely the numerator and the enor nator 

of a fraction by the same number, you will obtain a fraction 


equivalent to the original. 


1 What fractions of these shapes are (a) shaded, (b) unshaded? 


2 If 2 of a shape is shaded, what fraction is unshaded? 
If ż ofa elope is shaded, what fraction is unshaded? 
4 on £, $, ¿ and £, write down a fraction with 

(a) a numerator of 5, (b) a denominator of 8. 
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Solutions to Puzzles 


abracadabra 

To solve this problem, redraw the diamond and replace 
every letter on the outside top half of the diamond with 
a 1 and every other point in the diamond with a dot. This 
gives 


Next, replace each of the dots, starting at the top, with 
the sum of the two numbers in the northwest and north- 
east positions, so that the pyramid now starts 


13 3 1 


After you have worked your way down to the very bot- 
tom, the bottom number in the diamond 1s the answer to 
Polya’s problem: 252. 


age puzzles and tricks 
1. 18. 
2. 162 (Mary is 271%). 


alphametic 
1. 67432 (EARTH) 
704 (AIR) 
8046 (FIRE) 
+ 97364 (WATER) 


173546 (NATURE) 
A=7, E=6, F=8,H=2,1=0,R=4,T=3, W=9 
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127503 (SATURN) 
502351 (URANUS) 
3947539 (NEPTUNE) 

+ 46578 (PLUTO) 


4623971 (PLANETS) 
9,L=6,N=3,0=8,P=4,R=0,S=1, 
5 


862903 (MARTIN) 
+ 1627342 (GARDNER) 


2490245 (RETIRES) 


6,D=7,E=4,G=1,I=0,M=83,N=3,R=2, 
dy 19 


3 


anagram 
1. Wolfgang Amadeus Mozart. 
2. Thomas Alva Edison. 
3. William Shakespeare. 


Carroll, Lewis 


1. There is as much water in the milk/water mixture as 
milk in the water/milk mixture. 


2. There are 30 ways of painting the cube. If the restric- 
tion that each face be painted a different color is 
dropped, there are 2,226 ways of painting the cube. 


3. FOUR > FOUL > FOOL > FOOT > FORT > 
FORE > FIRE > FIVE 


Alternatively: 
FOUR > POUR > POUT > ROUT >ROUE > 
ROVE > DOVE > DIVE > FIVE 
(Thanks to my editor, Stephen Power, for this one.) 


. Carroll didn't have an answer in mind when he 
wrote the riddle, though he later came up with: 
“Because it can produce a few notes, though they 
are very flat; and it is nevar put wrong end in front!” 
(Note the variant spelling of “never.”) Other authors 
have come up with: “Because Poe wrote on both” 
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(Sam Loyd); “Because it slopes with a flap” (Cyril 
Pearson); and “Because both have quills dipped in 
ink” (David Jodrey). 


clock puzzles 


1. Approximately 27 minutes and 42 seconds (exactly 
360/13 minutes) after 6. 


2. The stopped clock, because it will give the right time 
twice a day, whereas the other is only correct approx- 
imately every two years. 


3. The positions of the hands shown in the illustration 
could only indicate that the clock stopped at 44 min. 
51 1,143/1,427 sec. after eleven o’clock. The second 
hand would next be “exactly midway between the 
other two hands” at 45 min. 52 496/1,427 sec. after 
eleven o’clock. If we had been dealing with the 
points on the circle to which the three hands are 
directed, the answer would be 45 min. 22 106/1,427 
sec. after eleven; but the question applied to the 
hands, and the second hand would not be between 
the others at that time, but outside them. 


cone 
The simple rule is that the cone must be cut at one-third 
of its height. 


de Morgan, Augustus 
43 (the only number that, when squared, gives a number 
between the years of de Morgan’s birth and death). 


domino 

No! Suppose it were possible to totally cover the modi- 
fied chessboard with nonoverlapping dominos. In any 
complete tiling, every domino must cover exactly one 
white square and one black square. Thus the modified 
board must have exactly the same number of black and 
white squares. But the two removed squares, from diago- 
nally opposite corners of a chessboard, must be same 
color. Since there can’t be the same number of white 
squares and black squares on the modified board it must 
be impossible to tile the modified board with nonover- 
lapping dominos. 


hundred fowls problem 

Using the two equations to eliminate C, gives the equa- 
tion 7R + 4H=100. R must be less than 15 (since 7 x 15= 
105). Trial-and-error shows that values of R that allow 
whole number values of H are 4, 8, and 12, from which it 
follows that the three possible solutions to the problem 
are 4 roosters, 18 hens, and 78 chicks; 8 roosters, 11 hens, 
and 81 chicks; and 12 roosters, 4 hens, and 84 chicks. 


kinship puzzles 
1. Your son. 
2. Sons of two men who married each other’s mothers. 


3. The party consisted of two girls and a boy, their father 
and mother, and their father’s father and mother. 


measuring and weighing puzzles 

The innkeeper first filled the 5-pint and 3-pint measures, 
then turned the tap on the barrel and allowed the rest of 
its contents to run to waste. He closed the tap and emp- 
tied the 3-pint into the barrel; filled the 3-pint from the 5- 
pint; emptied the 3-pint into the barrel; transferred the 2 
pints from the 5-pint to the 3-pint; filled the 5-pint from 
the barrel, leaving 1 pint now in the barrel; filled the 3- 
pint from the 5-pint; allowed the company to drink the 
contents of the 3-pint; filled the 3-pint from the 5-pint, 
leaving 1 pint now in the 5-pint; drank the contents of the 
3-pint; and finally drew off 1 pint from the barrel into the 
3-pint. He now had 1 pint of ale in each measure! 


missing dollar problem 

There is no missing dollar (of course!). Adding $27 and 
$2 (to get $29) is a bogus operation. They paid $27, $2 
went to the dishonest waiter, and $25 went to the restau- 
rant. You have to subtract $27 minus $2 to get $25. There 
never was a $29; it has nothing to do with anything. 


Mrs. Perkins's quilt 
The following diagram shows how the quilt should be 
made. 


The solution of Mrs. Perkins’s quilt. 
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In Amusements in Mathematics, Dudeney writes: “There is, 
I believe, only one solution to this puzzle. The fewest 
separate squares must be eleven. The portions must be of 
the sizes given, the three largest pieces must be arranged 
as shown, and the remaining group of eight squares may 
be ‘reflected, but cannot be differently arranged.” 


nine rooms paradox 

One of the two customers who is initially placed in room 
A, whom we refer to as the “first” customer, is later trans- 
ferred to room I and treated as if he were also the tenth 
customer! 


postage stamp problems 

Dudeney gives the solution to his “The Four Postage 
Stamps” problem as follows: “[T]he four stamps may be 
given in the shape 1, 2, 3, 4, in three ways; in the shape 1, 
2, 5, 6, in six ways; in the shape 1, 2, 3, 5, or 1, 2, 3, 7, or 
1, 5, 6, 7, or 3, 5, 6, 7, in twenty-eight ways; in shape 1, 2, 
3, 6, or 2, 5, 6, 7, in fourteen ways; in shape 1, 2, 6, 7, or 
2, 3, 5, 6, or 1, 5, 6, 10, or 2, 5, 6, 9, in fourteen ways. 
Thus there are sixty-five ways in all.” 


probability theory 
1. There are four possibilities: 
Oldest Child Youngest Child 
1. Girl Girl 
2. Girl Boy 
3. Boy Girl 
4. Boy Boy 


If your friend says “My oldest child is a girl,” he has elim- 
inated cases 3 and 4, and in the remaining cases both are 
girls 12 of the time. If your friend says “At least one of my 
children is a girl,” he has eliminated case 4 only, and in 
the remaining cases both are girls 14 of the time. 


2. There are six possible bullet configurations (B = bul- 
let, E = empty): 


BBBEEE > player 1 dies 
EBBBEE > player 2 dies 
E E B B B E > player 1 dies 
E E E B BB > player 2 dies 
B E E EB B > player 1 dies 
B B E E E B > player 1 dies 


One therefore has a % probability of winning (and a 1 
probability of dying) by shooting second. 


Pythagorean square puzzle 


Pythagorean puzzle solution. 


river-crossing problem 

The missionaries (M) can avoid being eaten by the canni- 
bals (C) if the crossings of the river and the returns are 
arranged as follows. Crossing #1: 1M + 1C; return #1: 
1M; crossing #2: 2C; return #2: 1C; crossing #3: 2M; 
return #3: 1M + 1C; crossing #4: 2M; return #4: 1C; 
crossing #5: 2C; return #5: 1C; crossing #6: 2C. 


word puzzles 
(2) Dreamt. 


(3) Tremendous, horrendous, stupendous, and haz- 
ardous. 

4) lam. 

5) skiing 

6) 

) 


7) underground. 


“Are” by an adding an “a” becomes “area.” 


( 
( 
( 
( 


5 Write down five fractions which are equivalent to 
(a); (b)7 (c); se 3 


6 Complete 5 =>, and ¿= -z Is 4 larger than 3? 
P 3 24 8 8 


3.3 Which fraction is bigger? 


If two fractions have equal denominators, it is easy to see which 
fraction is the larger. For example, $ is clearly larger than ¿. 
You only have to compare their numerators and see that S is 
larger than 3. 


To find which is the larger of 4 and 4 ake lists of fractions 


2 2 2—48 10 
aes to 5 and to 2. Such lie an ¿=t=f=£4=M= 


and i= £=2=*2=L-=... In each a there is a fraction with 


== 127 16° 20 
a denote of 12: = £ and =<. So 2 is larger than 4 


A quicker method is to convert 4 and 4 to equivalent fractions with 
the same denominator, in this case 12, because 12 is the lowest 
number which is a multiple of both 3 and 4. This number, 12, 
is called the lowest common multiple of 3 and 4. 
Insight 
If the lowest common multiple of the denominator is not 
obvious, you can find a common denominator by multiplying 
Beta the two denominators. For example, to compare 
4 and 3 you can convert them to Scant as 
wh denominators of 10 x 8 = 80. Sof = 


ozs = 30 and 
5S RO 
2 = 2s => therefore 4 is greater than 


3.4 Simplifying fractions 
The fractions + and + are equivalent. To show this, start with 


+ and w both the numerator and the denominator by 4. 
Menea start with 5 and divide both its numerator and 
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Algebra 

abstract algebra 
algebra 

algebraic fallacies 
algebraic geometry 
array 

associative 
Bieberbach conjecture 
binary operation 
coefficient 
commutative 
cubic equation 
determinant 
diagonal matrix 
discriminant 
distributive 


field 


fundamental theorem of algebra 


gradient 
Hankel matrix 
hundred fowls problem 
idempotent 
invariant 
invariant theory 
Jordan matrix 
Lie algebra 
linear algebra 
linear system 
matrix 
monomial 
non-Abelian 
quadratic 
quadric 

quartic 

quintic 
resultant 

ring 

scalar 

solution 

tensor 

Toeplitz matrix 
trace 

transpose 
trinomial 
unimodular matrix 
vector 

vector space 
weak inequality 
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x 
zero divisors 


Analytical geometry 

abscissa 

algebraic curve 

analytical geometry 

Cartesian geometry. See analytical 
geometry 

Cartesian coordinates 

coordinate 

coordinate geometry. See analytical 
geometry 

octant 

ordinate 

origin 

polar coordinates 

quadrant 

rectangular coordinates. See Cartesian 
coordinates 

slope 

x-axis 

y-axis 


See also: Geometry, general terms and 
theorems and Graphs and 
graph theory 


Approximations and averages 
Banker’s rounding 
arithmetic mean 

average 

ceiling 

difference equation 
extrapolate. See interpolate 
floor function 

geometric mean 

interpolate 

iterate 

iteration 

mean 

median 

mode 

Newton’s method 

rounding numerical analysis 
round-off error 

significant digits 

universal approximation 
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Arithmetic 

arithmetic 

binary 

casting out nines 
cryptarithm 

denominator 

digimetic 

direct proportion 

division 

fly between trains problem 
four fours problem 
fundamental theorem of arithmetic 
greatest common divisor 
greatest lower bound 
harmonic mean 

least common multiple 
multiple 

negative base 

number system 

pandigital product 

period, of a decimal expansion 
place-value system 
product 

proportional 

quotient 

ratio 

reciprocal 

Russian multiplication 

St. Ives problem 

skeletal division 
subtraction 

wheat and chessboard problem 


See also: Number theory 
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Poincaré, (Jules) Henri (1854-1912) 

Poinsot, Louis (1777-1859) 

Poisson, Siméon Denis (1781-1840) 

Poncelot, Jean Victor (1788-1867) 

Proclus Diadochus (A.D. c. 410-485) 

Pythagoras of Samos (c. 580-500 B.C.) 

Ramanujan, Srinivasa Aatyangar 
(1887-1920) 
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Recorde, Robert (c. 1510-1558) 

Reutersvárd, Oscar (1915-) 

Riemann, (Georg Friedrich) Bernhard 
(1826-1866) 

Robinson, Abraham (1918-1974) 

Rucker, Rudy (1946-) 

Russell, Bertrand Arthur William 
(1872-1970) 

Saccheri, Giovanni Girolamo 
(1667-1733) 

Sallows, Lee C. F. (1944-) 

Schlafli, Ludwig (1814-1895) 

Schubert, Hermann (1848-1911) 

Schuh, Frederick (1875-1966) 

Shannon, Claude Elwood (1916-2001) 

Sierpinski, Waclaw Franciszek 
(1882-1969) 

Singmaster, David 

Slocum, Jerry 

Smullyan, Raymond (1919-) 

Stanhope, Earl 

Steiner, Jakob (1796-1863) 

Steinhaus, Hugo (1887-1972) 

Stewart, lan (1945-) 

Sylvester, James Joseph (1814-1897) 

Tait, Peter Guthrie (1831-1901) 

Tarry, Gaston (1843-1913) 

Tarski, Alfred (1902-1983) 

Tartaglia, Niccoló Fontana (1499-1557) 

Thompson, D’Arcy Wentworth 
(1860-1948) 

Turing, Alan Mathison (1912-1954) 

Ulam, Stanislaw Marcin (1909-1984) 

Ussher, James (1581-1656) 

van der Pol, Balthazar (1889-1959) 

von Neumann, John (1903-1957) 

Wallis, John (1616-1703) 

Weierstrass, Karl Wilhelm Theodor 
(1815-1897) 

Wessel, Caspar (1745-1818) 

Weyl, Hermann Klaus Hugo (1885-1955) 

Wiener, Norbert (1894-1964) 

Wiles, Andrew (1953-) 


Board games and chess problems 
backgammon 

bishops problem 

chess 

Fitchneal 

four knights puzzle 

Fox and Geese 

Frogs and Toads 

Go 

Hex 

H1-Q. See peg solitaire 

Hnefa-Tafl 

kings problem 

knights problem 

knight’s tour 

Mancala 

nine holes. See three men’s morris 


nine men’s morris 
Ovid’s game 

peg solitaire 
Phutball 

queens problem 
rooks problem 
Rithmomachia 
Senet 

solitaire. See peg solitaire 
Tafl game 

three men’s morris 
tour 

Wari. See Mancala 


See also: Games and game theory 


Calculus and analysis 
analysis 

boundary condition 
boundary value problem 
brachistochrone problem 
calculus 

calculus of variations 
codimension 

continuity 

convergence 

derivative 

differential 

differential equation 
differentiation 
discontinuity 

diverge 

Green’s theorem 
harmonic analysis 
Henstock integration. See integration 
infinitesimal 

inflection 

integral 

integral equation 
integration 

least upper bound 

limit 

localized solution 
maximum 

measure 

measure theory 

method of exhaustion 
minimum 

ordinary differential equation 
partial differential equation 
Riemann integral 

Rolle’s theorem 

smooth 

stationary point 


See also: Complex numbers and 
Series and sequences 


Calendars, dates, ages, and 
clocks 

age puzzles and tricks 

birthday surprise 


calendar curiosities 
chronogram 

clock puzzle 
Diophantus’s riddle 
International Date Line 
kinship puzzles 

Zeller’s formula 


See also: Time 


Cards 

blackjack 

cards 

Martingale system 


shuffle 
See also: Games and game theory 


Chaos, complexity, and dynamical 
systems 

attractor 

basin of attraction 
bifurcation 

butterfly effect 
catastrophe theory 
chaos 

chaotic attractor 
complex adaptive system 
complex system 
complexity 

complexity theory 
deterministic system 
dissipative system 
dynamical system 

edge of chaos 
emergence 

equilibrium 

ergodic 

Feigenbaum’s constant 
fixed-point attractor 
instability 

logical depth 

nonlinear system 
nucleation 

periodic attractor 
quasiperiodic 
redundancy 
self-organization 
self-organized criticality 
sensitivity 

strange attractor. See chaotic attractor 
time-reversible 


See also: Fractals 


Codes and ciphers 
Beal cipher 

Caesar cipher 

cipher 

code. See cipher 
coding theory 


cryptography 
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Codes and ciphers (Contínued) 
substitution cipher 
transposition cipher 


Combinatorics 

binomial 

binomial coefficient 

binomial theorem 

Cayley’s mousetrap 

change ringing 

combination 

combinatorics 

dinner party problem. See Ramsey theory 

mousetrap. See Cayley’s mousetrap 

officer problem. See thirty-six officers 
problem 

Pascal’s triangle 

permutation 

Pick’s theorem 

plane partition 

Ramsey theory 

schoolgirls problem 

thirty-six officers problem 


Complex numbers 
Argand diagram 
complex analysis 
complex number 
complex plane. See Argand diagram 
de Moivre’s theorem 
eigenvalue 

Euler’s formula 

i 

imaginary number 
primitive root of unity 
root of unity 


Computing, artificial intelligence, 

and cybernetics 

abacus 

algorithm 

algorithmic complexity 

artificial intelligence 

artificial life 

bit 

byte 

cellular automaton 

Chinese room 

Church-Turing thesis 

communication theory. See information 
theory 

compressible 

computability theory 

computable number 

connectionism 

cybernetics 

feedback 

finite-state automaton 

genetic algorithm 

halting problem 

incomputable number 


information theory 
lambda calculus 
Langton’s ant 

Life, Conway’s game of 
model of computation 
neural network 
NP-hard problem 
recursion 

simulation 

slide rule 

soroban. See abacus 
supercomputer 

time complexity 

Turing machine 

Turing test 

universal computer 
von Neumann machine 
zombie 


Differential geometry 

curvature 

differential geometry 

elliptical geometry 

geodesic 

hairy ball theorem 

hyperbolic geometry 

metric 

Minkowski space 

non-Euclidean geometry 

Poincaré disk 

Riemannian geometry. See elliptical 
geometry 

spherical geometry. See elliptical geome- 


try 
See also: Topology 


Dimensions, higher and lower 
Flatland: A Romance of Many Dimensions 
fourth dimension 

higher dimensions 

hypercube 

hypersphere 

polychoron 

polytope 

realm 

Reuleaux polytope 

simplex 

tesseract 

two-dimensional worlds 


See also: Solids and surfaces 


Dissection 

Archimedes’s square. See loculus of 
Archimedes 

Blanche’s dissection 

cake-cutting 

dissection 

loculus of Archimedes 

fair division. See cake-cutting 


Haberdasher’s puzzle 

Hadwiger problem 

Mrs. Perkins’s quilt 

Pythagorean square puzzle 
stomachion. See loculus of Archimedes 
T-puzzle 


Fractals and pathological curves 
Barnsley’s fern 

Cantor dust 

dragon curve 

fractal 

fractal dimension 

Hausdorff dimension 

Mandelbrot set 

Monster curve. See Peano curve 
Peano curve 

Julia set 

Koch snowflake 

Lorenz system 

L-system 

Lyapunov fractal 

Menger sponge 

pathological curve 

self-similarity 

Sierpinski carpet 

Sierpinski gasket 

snowflake curve. See Koch snowflake 
space-filling curve 

Volvox fractal 

Weierstrass’s nondifferentiable function 


Functions 

absolute value 
Ackermann function 
beta function 
codomain 

cosine. See trigonometric function 
domain 

elementary function 
elliptic function 
even function 
function 

gamma function 
hypergeometric function 
exponent 
exponential 

factorial 
homomorphism 
hyperfactorial 
injection 

jump discontinuity 
linear programming 
logarithm 

mantissa 

natural logarithm 
one-to-one 

operator 

parameter 

periodic 

polynomial 
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range 

recursive function 

special function 
trigonometric function 
zero of a function. See root 
zeta function 


Games 

game 

game theory 

Grundy’s game. See Nim 
minimax theorem 
mixed strategy 

Nash equilibrium 

Nim 

noughts and crosses. See tic-tac-toe 
payoff 

prisoner’s dilemma 
Sprague-Grundy theory 
Sprouts 

strategy 

TacTix 

Tangloids 

Tetris 

thirty colored cubes puzzle 
tic-tac-toe 

truel 

utility function 
Wythoff”s game 
zero-sum game 


See also: Board games and chess prob- 
lems and Cards 


Geometry, general terms and 
theorems 

acute 

adjacent 

affine geometry 
alternate 

altitude 

angle 

apex 

apothem 

arc 

asymptote 

Aubel’s theorem 
Bang’s theorem 
bisect 

Brianchon’s theorem 
butterfly theorem 
cathetus 

Cavalieri’s principle 
center of perspective 
central angle 
centroid 

chord 

circumcenter 
circumference 
commensurable 
congruent 


constructible 

curve 

de Malves’s theorem 

Descarte’s circle theorem. See Soddy for- 
mula 

diagonal 

diameter 

equichordal point 

equilateral 

Euclidean geometry 

Euler line 

Fagnano’s problem 

focal chord 

focal radius 

focus 

geometry 

Gergonne point 

great circle 

half-line 

half-plane 

harmonic division 

Heron’s formula 

hypotenuse 

inscribed angle 

isogonal conjugate 

isoperimetric inequality 

isosceles 

isotomic conjugate 

isometry 

latus rectum 

line 

locus 

main diagonal 

major axis 

Mascheroni construction 

midpoint 

minor axis 

Morley’s miracle 

Nagel point 

Neusis construction 

nine-point circle 

normal 

oblique 

obtuse 

orthocenter 

orthogonal 

osculating 

parallel 

Pascal’s mystic hexagon 

perimeter 

periphary 

perpendicular 

plane 

point 

Poncelot’s theorem 

projective geometry 

prolate 

Ptolemy’s theorem 

Pythagoras’s theorem 

quadrature 

radical axis 


ray 

radius 

reentrant angle 

reflection 

reflex angle 

right 

rotation 

ruler-and-compass construction. See 
Mascheroni construction 

salient 

secant 

sector 

segment 

self-intersecting 

similar 

six circles theorem 

skew lines 

Soddy’s formula 

Sperner’s lemma 

Steiner-Lehmus theorem 

straight 

supplementary angles 

symmedian 

tangent 

transformation 

translation 

transversal 

triangulation 

trigonometry 

trisector theorem. See Morley’s miracle 

vertex 

Viviani’s theorem 

volume 


See also: Coordinate geometry; Geom- 
etry, problems; Plane 
curves; Solids and sur- 
faces; and Space curves 


Geometry, problems 

angle bisection. See bisecting an angle 

angle trisection. See trisecting an angle 

Apollonius problem 

bisecting an angle 

duplicating the cube 

four coins problem 

geometry puzzles 

hole-in-a-postcard problem 

hole-through-a-sphere problem 

isovolume problem 

Johnson’s theorem 

Kakeya needle problem 

Langley’s adventitious angles 

Prince Rupert’s problem 

rope around the Earth puzzle 

spider-and-fly problem 

squaring the circle 

squaring the square 

Sylvester’s problem of collinear 
points 

tautochrone problem 
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Geometry, problems (Continued) 
trisecting an angle 
unilluminable room problem 


Graphs and graph theory 

Around the World game. See Icosian 
game 

axis 

bridges of Königsberg 

complete graph 

connected graph 

digraph 

directed graph 

Euler circuit 

Euler path 

four-color map problem 

graceful graph 

graph 

graph theory 

Hamilton circuit 

Hamilton path 

Icosian game 

Königsberg bridge problem. See bridges 
of Königsberg 

Tait’s conjecture 

tangled graph 

traveling salesman problem 

tree 

twelve-color map problem 


Groups 

Abelian group 
automorphism 
character theory 
enormous theorem 
fundamental group 
Galois theory 

group 

linear group 

Monster group 
Monstrous Moonshine conjecture 
representation theory 
semigroup 

simple group 
subgroup 

symmetric group 
symmetry group 
topological group 
wallpaper group 


History of mathematics 

Ahmes papyrus. See Rhind papyrus 
apotome 

Bakhshali manuscript 

disme 

Egyptian fraction 

Ishango bone 

Lebombo bone 

Ludolph’s number 

Moscow papyrus. See Rhind papyrus 


quipu 


Rhind papyrus 
Roman numerals 
tally 

tetraktys 
Tinner’s rabbits 


See also: Biographies 


Illusions and impossible figures 

ambiguous connectivity. See impossible 
figures 

ambiguous figure 

Ames room 

anamorphosis 

antigravity houses and hills 

Benham’s disk 

distortion illusion 

Fraser spiral 

Freemish crate. See impossible figure 

Get off the Earth 

Hermann grid illusion 

Herring illusion 

impossible figure 

impossible tribar. See Penrose triangle 

impossible trident 

irradiation illusion 

lateral inhibition illusion. See Hermann 
grid illusion 

Moiré pattern 

Müller-Lyer illusion 

Necker cube 

optical illusion 

Orbison’s illusion 

Penrose stairway 

Penrose triangle 

Poggendorff illusion 

Schröders reversible staircase 

scintillating grid illusion. See Hermann 
grid illusion 

Thiery figure 

Titchener illusion 

tribar illusion. See Penrose triangle 

upside-down picture 

vertical-horizontal illusion 

Wundt illusion 

Zöllner illusion 


Infinity 

aleph 

continuum hypothesis 
infinite dimensions 
infinity 

transfinite number 


Large numbers 

chained arrow notation. See Conway’s 
chained arrow notation 

Conway’s chained-arrow notation 

Knuth’s up-arrow notation 

large numbers 

power tower 


scientific notation 
up-arrow notation. See Knuth’s up-arrow 
notation 


See also: Numbers, special 


Logic 

bilateral diagram 
Boolean 
Boolean algebra 
Caliban puzzle 
excluded middle law 
existence 

fuzzy logic 
Gettier problem 
logic 

QED 

quantifier 

quine 

strange loop 
syllogism 

tangle 

Venn diagram 


wff 
See also: Mathematics, foundations 


Magic squares 
alphamagic square 
antimagic square 
bimagic square 

magic cube 

magic square 

magic tour 

Euler square 

gnomon magic square 
Latin square 
pandiagonal magic square 
semi-magic square 


Mathematics, foundations 
applied mathematics 

axiom 

axiom of choice 

barber paradox. See Russell paradox 
category theory 

classification 

complete 

conjecture 

consistency 

Euclid’s postulates 

formalism 

formal system 

Gédel’s incompleteness theorem 
heuristic argument 
hypothesis. See conjecture 
induction 

isomorphism 

lemma 

mathematics 

nonstandard analysis 
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parallel postulate 

Platonism 

proof 

pure mathematics 

reductio ad absurdum 

Russell’s paradox 

set of all sets. See Russell’s paradox 
theorem 

universe of discourse 


See also: Logic 


Mathematics, miscellaneous 
animals’ mathematical ability 
area codes 

beauty and mathematics 
bistromathics 


Fields Medal 


films and plays involving mathematics 


Great Monad 

Hofstadter’s law 

I-Ching 

impossibilities in mathematics 
Journal of Recreational Mathematics 
mathematical lifespan 

origami 

pizza 

ying-yang symbol. See Great Monad 


Mazes 

labyrinth. See maze 
maze 

Rosamund’s bower 


Measuring and units 

acre 

area 

bottle sizes 

counterfeit coin problem 

cubit 

league 

measuring and weighing puzzles 

meter 

mile 

minute 

nano- 

peta- 

pico 

radian 

second 

steradian 

tera- 

weighing puzzles. See measuring and 
weighing puzzles 

yard 


Mechanical puzzles 

Altekruse puzzle 

burr puzzle 

Cardan’s rings. See Chinese rings 
Chinese cross. See burr puzzle 


Chinese rings 
Fifteen Puzzle 
matchstick puzzles 
mechanical puzzles 
Pony Puzzle 

puzzle jug 

puzzle rings 

puzzle vessels 
Rubik’s cube 
sliding-piece puzzles 
Soma cube 
tangrams 

Tower of Brahma 
Tower of Hanoi 
vanishment puzzles 


Mirrors and symmetry 

bilateral 

chiral 

enantiomorph 

left-right reversal. See mirror reversal 
problem 

mirror reversal problem 

reflexible 


Number theory 

ABC conjecture 

algebraic number theory 
aliquot part 

analytical number theory 
Archimedes’s cattle problem 
Beal’s conjecture 

Brocard problem 

Catalan’s conjecture 
Chinese remainder theorem 
Collatz problem 

congruum problem 

digit 

digital root 

Diophantine approximation 
Diophantine equation 
elliptic curve 

Euler’s conjecture 

Fermat number 

Fermat’s last theorem 
Gelfond’s theorem 

modulo 

multigrade 

number line 

number theory 

parity 

Pell equation 

proper divisor. See aliquot part 
Riemann hypothesis 
Riemann zeta function 


Ulam’s conjecture. See Collatz problem 


Waring’s conjecture 


Numbers, special 
Apéry’s constant 


apocalypse number. See beast number 


Avagadro constant 

baker’s dozen. See twelve 
beast number (666) 
billion. See large numbers 
Catalan’s constant 
centillion. See large numbers 
century 

Chaitin’s constant (Q) 
Champernowne’s number 
dozen. See twelve 

e 

Eddington number 

eight 

eleven 

Euler-Mascheroni constant 


Euler’s constant. See Euler-Mascheroni 


constant 
five 
four 


gamma. See Euler-Mascheroni constant 


golden ratio (phi, b) 
googol 

Graham's number 
gross 

hexa- 

hundred 

Kaprekar constant 
Khintchine’s constant 
Leibniz harmonic triangle 
million 

myriad 

nine 

octa- 

Omega. See Chaitin’s constant 
one 

153 

penta- 

phi. See golden ratio 
pi (7) 

plastic number 

score 

seven 

seventeen 
sexagesimal 

six 

sixty. See sexagesimal 
Skewes’ number 
square root of 2 

ten 

thirteen 

thousand 

three 

Thue-Morse constant 
trillion 
triskaidekaphobia. See thirteen 
twelve 

twenty 

two 

vigesimal 

Wallis formula. See pi 
Zero 


380 Category Index 


Numbers, types 
abundant number 
algebraic number 
almost perfect number 
amicable numbers 
Arabic numeral 
automorphic number 
Bell number 
Bernouilli number 
Betti number 
cardinal number 
Carmichael number 
Catalan number 
Cayley number. See octonion 
chromatic number 
common fraction 
composite number 
continued fraction 
Cullen number 

cute number 

cyclic number 
decimal 

decimal fraction 


deficient number. See abundant number 


economical number 

EPORN 

equivalent numbers 

extravagant number. See economical 
number 

factorion 

Fibonacci sequence 

figurate number 

fraction 

friendly number. See amicable number 


frugal number. See economical number 


happy number 
Harshad number 
hyperreal number 
integer 

interesting numbers 
irrational number 
Kaprekar number 
Liouville number 
lucky number 
Mersenne number 
narcissistic number 
natural number 
negative numbers 
normal number 
number 

numeral 
numerator 

oblong number 
octonion 

ordered pair 
ordinal number 
palindromic number 
pandigital number 
partition number 
Pell numbers 


perfect cube 

perfect number 

perfect power 

perfect square 

polygonal number 

powerful number 

practical number 

pronic number 

pyramidal number 

quaternion 

rational number 

real number 

repdigit 

rep-unit 

schizophrenic number 

Sierpinski number 

Smith number 

solitary number 

square free 

squarefull number. See powerful 
number 

sublime number 

supertetrahedral number 

surd 

surreal number 

terminating decimal 

tetrahedral number 

transcendental number 

triangular number 

trimorphic number. See automorphic 
number 

undulating number 

unique number 

unit fraction 

untouchable number 

vampire number 

vulgar fraction. See common fraction 

weird number. See abundant number 

winding number 


See also: Complex numbers and 
Infinity 


Packing 

cannonball problem 
Kepler's conjecture 

moving sofa problem 
packing 
Slothouber-Graatsma puzzle 


square pyramid problem. See cannonball 


problem 

sphere packing. See packing, Kepler’s 
conjecture, and cannonball 
problem 


Paradoxes 

Achilles and the Tortoise paradox. See 
Zeno’s paradoxes 

Allais paradox 

Aristotle’s wheel 


Arrow paradox 
Banach-Tarski paradox 
Berry’s paradox 
Bertrand’s box paradox 
Burali-Forti paradox 
Buridan’s ass 

catch-22 

coin paradox 
Epimenides paradox. See liar paradox 
Grelling’s paradox 

liar paradox 
Newcomb’s paradox 
nine rooms paradox 
paradox 

Parrondo’s paradox 
potato paradox 

raven paradox 
Richard’s paradox. See Berry’s paradox 
St. Petersburg paradox 
Siegel’s paradox 
unexpected hanging 
wheel paradoxes 
Zeno’s paradoxes 


See also: Illusions and impossible fig- 
ures and Mathematics, 
foundations 


Places and buildings 
Alhambra 

Atomium, the 

Giant’s Causeway 
Triangular Lodge 


Plane curves 
anallagmatic curve 
annulus 
arbelos 
Archimedean spiral 
astroid 
bicorn 
bicuspid curve 
Barbier’s theorem. See curve of constant 
width 
caduceus 
cardioid 
Cartesian oval 
Cassinian ovals 
catenary 
caustic 
Cayley’s sextic 
circle 
circle involute 
circumcircle 
cissoid 
cochleoid 
conchoid 
conic section 
crunode 
cubic curve 
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curve of constant width 
cusp 
cycloid 


de l’Hopital’s cubic. See Tschirnhaus’s 


cubic 
delta curve 
deltoid 
devil’s curve 
directrix 
Direr’s shell curve 
eccentricity. See conic section 
egg 
eight curve 
ellipse 
epicycloid 
epitrochoid 
escribed circle 
evolute 
Flower of Life 
folium 
Freeth’s nephroid. See nephroid 
glissette 
hippopede 
hyperbola 
hyperbolic spiral 
hyperellipse. See superellipse 
hypocycloid 
hypoellipse. See superellipse 
hypotrochoid 
incircle 
inscribed circle 
involute 
isochrone 
Jordan curve 
Kampyle of Eudoxus 
kappa curve 
Lamé curve 
lemniscate 
limacon of Pascal 
Lissajous figure 
lituus 
logarithmic spiral 
Maclaurin trisectrix 
Malfatti circles 
Neile’s parabola 
nephroid 
node. See crunode 
oval 
parabola 
pearls of Sluze 
pedal curve 
Plateau curves 
pursuit curve 
quadratrix of Hippias 
quadrifolium. See rose curve 
ranunculoid 


rectangular hyperbola. See hyberola 


Reuleaux triangle 
rose curve 
rotor 


roulette 

salinon 

serpentine 

shell curve. See Dürer’s shell curve 

Soddy circle 

spirograph curve. See roulette 

strophoid 

superellipse 

tractrix 

trefoil curve 

tricuspoid. See deltoid 

trident of Newton 

trifolium. See rose curve 

trisectrix 

trochoid 

Tschirnhaus’s cubic 

twisted cubic 

unduloid 

unit circle 

Vesica Piscis 

witch of Agnesi curve. See Agnesia, Maria 
Gaetana 


See also: Tiling 


Polygons 

cross 

cyclic polygon 
decagon 
dodecagon 
golygon 
heptagon 

kite 

lim ping triangle 
lozenge 

medial triangle 
monochromatic triangle 
n-gon 

nonagon 

oblong 

octagon 

orthic triangle 
parallelepiped 
parallelogram 
pedal triangle 
polygon 
Pythagoras’s lute 
Pythagorean triangle 
Pythagorean triplet 
quadrangle 
quadrilateral 
rectangle 
rhombus 

scalene triangle 
square 

Star of David 
Star of Lakshmi 
swastika 
trapezium 
trapezoid 


triangle 
vertex figure 


See also: Polyominos 


Polyominos 

broken chessboard. See polyomino 
domino 

pentomino. See polyomino 
polyiamond 

polyomino 

flexagon 

tetromino. See polyomino 
triomino 

X-pentomino 


Prime numbers 

Bertrand’s postulate 

Brun’s constant. See twin primes 

circular prime 

coprime 

Cunningham chain 

deletable prime. See truncatable prime 

Dirichlet’s theorem 

emirp 

Eratosthenes’s sieve. See sieve of Eratos- 
thenes 

factor 

Fermat’s little theorem 

Fortune’s conjecture 

Gilbreath’s conjecture 

Goldbach conjecture 

Mersenne prime 

minimal prime 

permutable prime 

Pólya's conjecture 

prime number 

primitive root 

primorial 

pseudoprime 

sieve of Eratosthenes 

snowball prime 

Sophie Germain prime 

strobogrammatic prime 

truncatable prime 

twin primes 

Ulam spiral 

Wilson’s theorem 


Probability and statistics 
Bayesian inference 
Bayes’s theorem 

bell curve 

Benford’s law 
birthday paradox 
Buffon’s needle 
chance. See probability 
coincidence 
covariance 

de Méré’s problem 
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Probability and statistics (Continued) 
dice 

Gaussian 

hat problem 

Markov chain 

monkeys and typewriters 

Monte Carlo method 

Monty Hall problem 

null hypothesis 

power law 

probability 

probability theory 

random 

random number 

random walk 

secretary problem. See sultan’s dowry 
standard deviation 

statistics 

stochastic 

sultan’s dowry 

three hat problem. See hat problem 
Vickrey auction 


Puzzles, miscellaneous 

dollar 

missing dollar problem 

postage stamp problems 

railroad problems. See shunting puzzles 
river-crossing problems 

shunting puzzles 

string puzzles 

what color was the bear? 


Science and philosophy 
absolute 

absolute zero 
book-stacking problem 
Brownian motion 

bubbles 

buckyball 

celt 

dynamics 

entropy 

gauge field 

general relativity. See relativity theory 
God 
hole-through-the-Earth problem 
holism 

Kaluza-Klein theory 

many worlds hypothesis 
monad 

nothing 

perturbation 

phase transition 

pitch drop experiment 
quantum field theory 
quantum mechanics 
reductionism 

relativity theory 
renormalization 


soap film. See bubbles 


soliton 

special relativity. See relativity theory 
spectrum 

spinor 

statistical mechanics 
stochastic process 

string theory 
supersymmetry 

theory of everything 
three-body problem 

Tippee top 

walking in the rain problem 
wine 


See also: Chaos, complexity, and dy- 
namical systems and Time 


Series and sequences 
arithmetic sequence 
Beatty sequences 

Farey sequence 

Fourier series 

geometric sequence 
hailstone sequence 
harmonic sequence 
infinite series 

Lucas sequences 
Padovan sequence. See plastic number 
Perrin sequence 

power series 

quartile 

sequence 

series 

unimodal sequence 


Sets and set theory 
cap 

continuum 

countable set 

cup 

empty set 

finite 
homeomorphism 
model theory 

null set. See empty set 
recursively enumerable set 
set 

set theory 

subset 

uncountable set 
union 


Solids and surfaces 

antiprism 

arch 

Archimedean dual. See Catalan solid 
Archimedean solid 

ball 

Catalan solid 

catenoid 

circular cone 


compound polyhedron 

cone 

Császár polyhedron 

cube 

cuboctahedron 

cuboid 

cylinder 

Dandelin spheres 

deltahedron 

dihedral angle 

dodecahedron 

dual 

Dupin cyclide 

edge 

edge coloring theorem. See Tait’s conjec- 
ture 

ellipsoid 

envelope 

Euler’s formula for polyhedra 

face 

frustum 

Gabriel’s horn 

geoboard 

hyperboloid 

icosahedron 

Johnson solid 

Kepler-Poinsot solids 

minimal surface 

nonconvex uniform polyhedron 

octahedron 

paraboloid 

Plateau problem 

Platonic solid 

lattice 

lattice path 

lattice point 

lune 

nappe 

net 

oblate spheroid 

polycube 

polyhedron 

prism 

pseudosphere 

pyramid 

quasi-regular polyhedron 

regular polygon 

regular polyhedron 

ruled surface 

saddle 

Schlafli symbol 

semi-regular polyhedron 

solid 

solid angle 

sollid geometry 

sphere 

sphericon 

spheroid 

stellation 

Stewart toroid 


superegg 
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its denominator by 4. In general, by dividing both the numerator 
and the denominator of a fraction by the same number, you obtain 
a fraction which is equivalent to the original fraction. This process 
is called cancelling. 


If the numerator and denominator of a fraction have no common 
factors, the fraction is said to be in its a form or in its lowest 
terms. So 4 is the simplest form of 4 but + is not the simplest form 
of +, because 2 is a factor of both 4 and a 10. If you divide the 
numerator and the denominator of 4 by 2, you obtain 4, which is 


in its simplest form. 


To find the simplest form of + in a single step, you must find the 
highest number which is a eet of both 12 and 30, which is 6, 
and then divide both the numerator and the denominator by 6 


1 Which fraction is larger? 
(a)2or# (b)Zor2 (c)3or3 (d) torg 
(e)-or2 (f)20r45 (g)or£ (h) ¿or 5 
2 Put these rans in order of size starting with the smallest. 
aga (basi 
3 Complete each of the following. 
()3=3 (b) $= (a=; 
4 Complete each of the following. 
(a) =* (b) =" (c) 7, =* 
5 Find the simplest form of each of the following. 
ae (Dz (a (d) 
(di (SE Ba (ms 
6 Find the simplest form of each of the following. 
(az (bz (Das =) 3 
(do (Mé (shia (M3 
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surface 

surface of revolution 
Szilassi polyhedron 
tetrahedron 

torus 

truncate 

uniform polyhedron 
unit cube 

zone 

zonohedron 


See also: Dimensions and Space 
curves 


Space curves 
circular helix. See helix 
clelia 

helix 

conical helix. See helix 
helicoid 

loxodrome 

Viviani’s curve 


Terminology, general 
amplitude 
argument 

base 

basis 

canonical form 
cell 

closed 
complement 
concave 
conjugate 
connectivity 
convex 

degree 

degree of freedom 
discrete 
frequency 
identity 
inequality 
intersection 
inverse 

linear 

loop 

map 
monotonic 
obelus 

odd 

open 

orbit 

order 

path. See trajectory 
phase space 
pole 

power 


radical 

radix. See base 
root 

search space 
solidus 

space 

state space. See phase space 
string 
symmetry 
system 
ternary 
trajectory 
triple 
vinculum 


Tiling 

aperiodic tiling 
Archimedean tessellation 
arrowhead. See dart 
chaos tiles. See Penrose tiles 
dart 

domino problem 
Einstein problem 
Eternity puzzle 

Heesch number 

irreptile. See rep-tile 
MacMahon squares 
Penrose tiling 

periodic tiling 
quasicrystal 

rep-tile 

tessellation. See tiling 
tiling 

Voronoi diagram 


Time 

causality 

grandfather paradox 

Planck time 

space-time 

tachyon 

time 

time dilation. See relativity theory 
time travel 

twins paradox. See relativity theory 
worldline 


Topology 

Alexander’s horned sphere 
algebraic topology 
Borromean rings 
Borsuk-Ulam theorem 

braid 

Brouwer fixed-point theorem 
bundle 

Calabi-Yau space 
cohomology 


conformal mapping 
connected 
differential topology 
dimension 

Dirac string trick 
disk 

Earthshapes 
embedding 
Euclidean space 
Euler characteristic 
foliation 

general topology. See point-set topology 
genus 

Gordian knot 

ham sandwich theorem 
Hilbert space 

hole 
homeomorphic 
homology 
homotopy 

Klein bottle 

knot 

lamination 
manifold 

metric space 
metrizable 

Mobius band 
pleated surface 
Poincaré conjecture 
point-set topology 
projective plane 
Riemann sphere 
Riemann surface 
round 
simply-connected 
tie knots 

topological dimension 
topological space 
topology 

Whitney’s umbrella 


Words and word puzzles 
abracadabra 

alphametic 

anagram 

autogram. See self-enumerating sentence 
limerick 

palindrome 

pangram 

self-enumerating sentence 
self-referential sentence 
snow 

Sphinx riddle 

tautology 

Universal Library 

word puzzles 

word trivia 
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3.5 Improper fractions 


Figure 3.2 shows that there are 6 thirds 

in 2 wholes, that is, £ = 2. Notice also 

that £ simplifies to 4, so 4 = 2. You can 

think of the fraction line as a division 

sign, so 6+3=4. Hence6+3=%=4=2. Figure 3.2 


A fraction such as $, in which the numerator is greater than the 
denominator, is called an improper fraction. All the fractions you 
have met so far in this chapter have been proper fractions, in which 
the numerator is less than the denominator. 


If the denominator divides exactly into the numerator the improper 
fraction is equal to a whole number, but this doesn’t always 
happen. 


Figure 3.3 shows that there are 7 quarters 

in 14, that is, = 12. The number 14 is 

called a mixed number, because it is a 

mixture of a whole number and a proper 

fraction. To change 4 to a mixed number, 

think of it as 7 + 4. Since 4 divides into 

7 once with a remainder of 3, the whole Figure 3.3 
number is 1 and the numerator of the 

fraction is 3. The denominator, 4, of the fraction is the same as in 
the improper fraction. 


Example 3.5.1 


Change = to a mixed number. 


Think of 5 as 14 + 3. Then divide 14 by 3 to get 4 with a remainder 
of 2. Hence $= 14+3= 46. 


3. Fractions 33 
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If you want to change an improper fraction which is not in its 
simplest form to a mixed number, express it in 1ts simplest form 
and then change it to a mixed number. 


To change a mixed number such as 3% to an improper fraction, 
you need to work out how many fifths there are in 34. There are 
5 fifths in 1, so there are 3 x 5 = a fifths in ee the extra 
2 fifths gives 17 fifths, which is ¥. So 32=% 

(3 x 5) + 2 17 


You would write down this process as 34 = === = H, 


1 Write each a the following as a whole number. 
(7 (bd) ()F (dF 


2 Write the following as improper fractions in their simplest forms. 
(a)3  (b) 12 


3 Change the following to mixed numbers. 
(a) 13=5 (b)19+4 (c)25+6 (d) 15-8 
(e) 5 (f) 5 di (MÍ 

4 Change the following to mixed numbers in their simplest forms. 
() (ES (DE Di 


5 Change the following to improper fractions. 
(a) 25 (b)45 (c) 33 (d) 5; 


3.6 Adding and subtracting fractions 


Just as it is easy to order fractions with equal denominators, 
it is easy to add and subtract them. 


Figure 3.4 shows that$+5=3;that ——2_>«i> 

is, you add the numerators but you Y Y JT 
do not add the denominators. ż + 4 is 

not equal to 4 + 4 = 2. The fraction + 
is in its simplest form but sometimes Figure 3.4 
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you will be able to simplify your answer. You should do so if 
you can. 


You can also subtract fractions with equal denominators. For 
example, 5 — 4 = 3; that is, you subtract the second numerator from 


the first but, as with addition, the denominator stays the same. 


If fractions have different denominators, convert them to 

ivalent fracti ith ld To add 2 and 4, f 
equivalent fractions with equal denominators. To add 5 and 4, for 
example, convert both to equivalent fractions with denominator 
20, the lowest common multiple of the denominators 5 and 4. 
(See Section 3.3.) 


Example 3.6.1 


Work out 55 + 25. 
Adding the whole numbers, 5 + 2 =7. 


The lowest common multiple of the denominators 2 and 3 is 6. 


= 4+2=£ and, as a mixed number <= 14. 


Finally, adding the two sums 7 + 14 = 84. 


Example 3.6.2 
Work out 45 — 12. 


Subtracting the whole numbers, 4 — 1 = 3. 
The lowest common multiple of the denominators is 15. 
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If you try to use this method with 42 — 14, the subtraction = - 2 


arises, so that you have to subtract a larger fraction from a smaller. 
There are ways around this difficulty, but the safest is to start 

by changing both mixed numbers to improper fractions. The 
disadvantage of this method is that the numerators can get large. 


Example 3.6.3 
Work out 42 — 15. 


As improper fractions 42 = @ and 14 =}. 


The lowest common multiple of the denominators is 15. 


5 3 15 15 15 15  515' 


Work out the following. Give every answer in its simplest form. 


1 (a)è+}  (b)ż+2  (ġ)+4  (d2+2 
()3+s (Mita (Scot (Mito 
2(as-s (7-7 (Ds-s (De-s 
3 (ad3+5  (b)ġ+3 (CD tz (AG HG 
e)o+s (+s (ste (het? 
4 (a)21+34 (b) 42412 (c)524+22 (d)12+32 
5 (a)35-17 (b) 45-2; (c)35-2%  (d) 45-15 


3.7 Multiplication of fractions 


Multiplication by a whole number is the same as repeated addition. 
Thus, 3 x 2 = 3 + 3 and ż x 2 =ż4 + ż = £, The numerator, 3, has 
been multiplied by the whole number, 2, but the denominator is 
unchanged. A common error is to multiply both the numerator 
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and the denominator by 2 but this gives a fraction, £, which is 


equivalent to ¿. 


> £, 


Example 3.7.1 
Work out 2 x 8. 


Multiplying the numerator by the whole number, 2 x 8 = 


As a mixed number © = 62, which, in its simplest form, is 64. 


The multiplication £ x 3 is illustrated in Figure 3.5, = 
where you can see that $ ~ of the total square is : 
shaded. Thus 4 x 5 = 1 This suggests that to multiply y 

two fractions you a the numerators and then 

you multiply the denominators. Figure 3.5 


Multiplying a fraction by a whole number is similar to multiplying 
one fraction by another fraction. Writing the whole number as 

an improper fraction, with the whole number as the numerator 
and 1 as the Ae ook you to write, for example, 

10 as £. Then 2x10=3x%=2%=L£=7L. 

To multiply two mixed numbers, change them to improper 
fractions. 


Example 3.7.2 
Work out 27 x 1£. 


1 2—9 (iO 63 Se 
Ca 1 =aX%e 2 20 3 


3.8 Fractions of quantities 


One half of 10 is obviously 5. Therefore + of 10 is 5. 


But 4x10 =4x £= -2 -S, 


3. Fractions 
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This suggests that, in mathematics, ‘of’ means multiply. You can 
use this to find fractions of physical quantities. 


: Example 3.8.1 


- Work out LES: 


Work out the following. Give every answer in its simplest form. 
1 (a)5x5 (b)éx15 (c)4x10 (d) 40x 
2 (3x7 (bd5x3 (0)5xw (exe 


3 (a)22x12 (b)12x22 (c)22x32 (d)¿x21 
(e) 4x3 (H)éxlz (g)15x7 (h) 4x35 


A 


(a) of 30 (b)zof56 (c) of 45 (d) Hof 44 


Ul 


(a) of 48kg (b) of 70cm (c) 4 of 60 litres 


3.9 Division of fractions 


The calculation 12 + 3 means ‘what do you multiply three by 

to get 12?’ Similarly, 5 + + means ‘what do you multiply one 
half by to get 5?” There are 2 halves in 1; so there are 5 x 2 = 10 
halves in 5. 


By first writing the whole numbers as an improper fraction, 
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However, you also know that 5x 2 =2x+=~¥=10. This suggests 


that dividing by 5 is the same as multiplying by 2. 


Now think about 6 + 4. This means ‘how many times do you 
multiply + to get 6?’ First notice that + x + = # = 1, so you multiply 
+ by 3 to get 1, so you must multiply ¿by 6 x £ to get 6. Therefore 


This suggests a way to divide one fraction by another. You turn the 
second fraction upside down and multiply the first fraction by it. 


Example 3.9.1 

Work out (a) $+32, (b)1+4 
(a) Pri ii 

(b) l+if=tx2=2=11 


The result of dividing a number into 1 is called the reciprocal 
of the number. So > is the reciprocal of +. You can also work 
out that + is the reciprocal of 2 so 3 and ¢ are reciprocals of 
each other. 
Insight 
To find the reciprocal of a fraction you can simply turn it 
upside down. Notice that when you multiply a number by its 
reciprocal the result is 1. For example, + x +=1. 


Note that, as with multiplication, mixed numbers must always be 
changed to improper fractions before dividing. 


: Example 3.9.2 
© Work out 32 + Z. 


Z 12 


a T T ee 
Es i eX u O 
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Work out the following. Give every answer in its simplest form. 


1 (a)2+5 (b) 4+; (c) 6 +3 (d) 2+ 
2 (a)$+3 (b) +3 (c) 5+3 (d) 5+5 
O (f) 55 +5 (e) +3 (h) 5 +37 
3 (a)2,> (b)22+32  (c)2+%  (d)3+42 
(e)23+13  (H1i+=27 (gh ests (h) 25 +5 


3.10 A number as a fraction of another number 


Fractions are a useful way of comparing two quantities. 

For example, 90° is often oo a 4 turn, because there are 

360° ina compe turn and — = + in its simplest form. Similarly, 

45 minutes is 4 hour, as there are 60 minutes in an hour and # = 4 
in its simplest (can The numerator and the denominator made be 

in the same units. 


Example 3.10.1 


Express, in its simplest form, 36 minutes as a fraction of 2 hours. 


Insight 
When you write one quantity as a fraction of another, 
you must make sure that they both have the same units of 
measurement. So in the anon example it would be incorrect 


to say that the answer is 3°, since one quantity is in minutes 
and the other in hours. 
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Express the first quantity as a fraction of the second. Give each 
answer in its simplest form. 


(a) 8 minutes, 1 hour (b) 15 hours, 1 day 

(c) 5 days, 2 weeks (d) 48 seconds, 2 minutes 
(e) 50 minutes, 2 hours (f) 6 days, 3 weeks 

(g) 60 cm, 1 metre (h) 18 hours, 4 days 

(i) 70 cm, 2 metres (j) 14 hours, 1 week 


On a jury there are 8 women and 4 men. What fraction of the jury 
are women? 

Find a fraction which is halfway between 2 and ¢. 

Two fifths of the employees in a company drive to work, one third 
travel by bus and the rest walk. Find the fraction who walk. 

Last Friday, Tony worked for 7 4 hours. Express this time as a 
fraction of a day. 

The sum of two mixed numbers is 6%. One of the mixed numbers 
is 22. Work out the other one. 

The product of two fractions is 4. One of the fractions is $. 

Work out the other one. 

An angle is £ of a turn. Express this in degrees. 

When a petrol tank is 2 full, it contains 54 gallons. How many 
gallons does it hold when full? 


3. Fractions 
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THINGS TO REMEMBER 


> A fraction is a type of number written as a numerator over a 


denominator. 
Equivalent fractions are fractions that are equal in value. 


Cancelling is when you divide both the numerator and 
denominator of a fraction by the same number, in order to 
make another fraction equivalent to the original. 


A fraction is in its lowest terms or simplest form when it can 
no longer be cancelled, i.e. when there is no number (other 
than 1) that divides exactly into both the numerator and 

the denominator. 


The lowest common multiple of two numbers is the smallest 
multiple that both numbers have in common. 


A proper fraction has a numerator which is less than the 
denominator. For example, 3. 


An improper fraction has a numerator which is greater than 
the denominator. For example, 2. 


To add or subtract fractions: 

Step 1 Write them as equivalent fractions with the same 
denominators. 

Step 2 Add or subtract the numerators, leaving the 
denominator as it is. 


In mathematics, “of” means multiply. 


To multiply fractions you multiply the numerators and then 


you multiply the denominators. 


A E 
For example, £ x 3 = #. 
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> The reciprocal of a number is the result of dividing that 
number into 1. 


> To divide one fraction by another you turn the second 
fraction upside down and then multiply the first fraction by it. 


For example, £+2=2x2=H3, 
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Two-dimensional shapes 


In this chapter you will learn: 

e about different types of triangles and polygons 

e howto use the angle sums of triangles and polygons 
¢ howto construct triangles 

e about the symmetries of triangles and polygons 

e about tessellations. 


4:1 Introduction 


Two-dimensional shapes are flat shapes, such as squares and 
circles. They are also called plane shapes; the geometry which deals 
with them is called plane geometry. Thales of Miletus, a Greek, 
laid the foundations of plane geometry in the sixth century BC. 
About 200 years later, Euclid’s Elements contained a complete, 
rigorous treatment of it. 


4.2 Triangles 


The simplest two-dimensional shape is the triangle, a three-sided 
shape with three angles (Figure 4.1). As a triangle made of rods 
cannot be deformed, it is widely used in buildings and other 
structures. 
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Figure 4.1 Figure 4.2 Figure 4.3 


Draw a triangle on paper and label its angles a, b and c; see 

Figure 4.2. Tear off the corners and fit angles a, b and c together, 
as in Figure 4.3. They fit along a straight line. From Chapter 2, the 
three angles on a straight line add up to 180°, so a + b + c = 180". 
This suggests that the angle sum of a triangle is 180°. 


However, this demonstration only works for the triangle that you 
drew. It does not show that the sum of the angles in a triangle is 
180° for any triangle. To do that, you need a proof. 


C 


In Figure 4.4, the side AB of triangle ABC A e 

has been extended and, at B, a line has A 

been drawn parallel to AC. Angles f, g A A e 
: : A B 

and h lie along a straight line, so oued 


f+g+h=180°. 


As angles g and e are alternate, g = e. As angles h and d are 
corresponding, h = d. (See Section 2.5.) So f+e+d=180°. 


Therefore the angle sum of a triangle is 180°. 
The triangle in Figure 4.5 is acute-angled, as its angles are all less 


than 90°. An obtuse-angled triangle (Figure 4.6) has an obtuse 
angle, and a right-angled triangle (Figure 4.7) has a right angle. 


Figure 4.5 Figure 4.6 Figure 4.7 
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There are three other types of triangle. An equilateral triangle 
has three equal sides and angles. As the angle sum is 180°, each 
angle is 180° + 3 = 60°. In Figure 4.8, the marked sides show that 
they are equal. 


Figure 4.8 Figure 4.9 Figure 4.10 


An equilateral triangle has 3 lines of symmetry, shown dotted in 
Figure 4.9. If the triangle is folded along one of its lines of symmetry, 
one half of the triangle will fit exactly on top of the other half. An 
alternative name for a line of symmetry is a mirror line, as one half 
of the triangle is a mirror image, or reflection, of the other half. 


An equilateral triangle has rotational symmetry of order 3. This is the 
number of ways a tracing of the shape will fit on top of itself without 
turning it over. In Figure 4.10, the point of the triangle about which 
the tracing paper turns is called the centre of rotational symmetry. 


A triangle which has two equal sides is called an isosceles triangle. 
In an isosceles triangle the angles opposite the equal sides are also 
equal (see Figure 4.11). The reverse is also true: if two angles of 

a triangle are equal, then the sides opposite them are also equal, 
so the triangle is isosceles. ‘Isosceles’ is a Greek word, meaning 
literally ‘equal legs’. 


NLA 


Figure 4.17 Figure 4.12 Figure 4.13 
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THIS MEDIUM WAVE receiver 
measures about 60x36x1bmm when 
constructed in a “Tic Tac” mint box. 
From the circuit in Fig. 1 it will be 
seen that the well-known TRF radio 
IC, ZN414, is used. This is followed 
by a single audio amplifier. This IC 
is often used alone for earphone re- 
ception, but the addition of an amp- 
lifier considerably boosts the volume, 

The normal medium wave band ts 
tuned by the compression trimmer 
VC1, which ts available with a shaft 
fitted so that a standard control Knob 
can be used. The audio output is to a 
2.5mm jack socket via the isolating 
capacitor C4 {to ensure that the 
operating conditions for Q1 are not 
upset by the DC resistance of the 
phone or headset. A crystal earpiece 
can also be used. 


COMPONENTS 


An important consideration in build- 
ing a miniature radio is the actual size 
cf the components. C1 and C2 are 
easily obtained low voltage ceramic 
discs; C3 and C4 are small bead 
capacitors. The resistors are standard 
1/3 or 1/4 watt. 

Cut the board so that it will slip 
into the case. A part of the board is 
then cut away to allow the battery 
to fit. VC1 is fitted to the board by 
its bush, which is cut or filed down 
to avoid unnecessary projection. 

The box lid takes the miniature 
slide switch with no modification to 
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Two small bolts hold the 
The switch and jack are 
inside the lid as in Fig. 2. 


the slot. 
switch. 
placed 


FERRITE ROD 


This will have to be cut from a longer 
rod. File a groove all round the rod 
42mm from one end. The roc can 
then be broken by hand. Start to 
wind the 32swg enamelled wire 6mm 


from one end and fix with adhesive. . 


Wind on eighty turns, side by side, 
and glue the wire again. Finally 
cement the rod to the perforated 
board. 


WIRING 


All leads etc can be seen in Fig. 2. It 
is important to keep the connections 
close to the board. Avoid large joints 
or the depth will prevent the radio 
fitting in the case. It is best to fix S1 
and the jack to the lid before fitting 
the board, 

Before S1 and the socket are fitted 
connect projecting leads for negative 
line, C4, and battery negative. Battery 
connections are soldered to the cell. 


RESISTOR R2 


Here. 1.5k should be suitable. The 
actual layout of leads and components 
is likely to vary from that of the 
prototype and this -increases the 
chances of instability. This would 
be manifest by IC1 oscillating so that 
whistles accompany reception with 
some signal levels, or on some freq- 
uencies. A check can easily be made 
before fitting the radio in its box. If 
reception is satisfactory (as is likely) 
R2 can be left at 1.5k. If R2 can be 
reduced in value, possibly to 1.2k or 
1k, without whistles arising, this will 
increase gain. (R2 should not be less 
than 470 ohm). 


BOX AND VC1 

Push the receiver into its box and 
mark the position of the adjusting 
screw of VC1. Remove the radio and 
drill this point right through (so that 
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(* MAY BE ADJUSTED} 
Fig. 1. Circuit of the miniature receiver. 


C—— TRI 
C BE IC1 
3 


Fig. 2. Wiring and semi-conductor leads. 


PARTS LIST 


R1 100k 
1.5k 
100k 5% 
10k | 5% 
0.0TuF disc ceramic 
O. UF disc ceramic 
0.47uF tantalum bead 
0.47uF tantalum bead 


5% 
2% 


* (may need adjustment) 


the bush and nut can fit in the bottom 
hole in the box}. Use a sharp drill 
with light pressure, or ream out the 
hole. Be careful because the material 
is brittle, 

With the receiver replaced, com- 
pletely remove the adjusting screw, 
taking care not to displace the washers, 
and screw in the shaft. The latter ts 
cut back to 6mm so that a small knob 
can lie near the box. This ts a push- 


VC1 


1C1 


Q1 
11 


OUTPUT 


Type TP4 250pF compression 
trimmer with Z236 spindle 
(Home Radio, Mitcham) 
ZN414 

ZTX300 

80 turns 32 swg enamelled 
wire on 42 x 9mm ferrite rod. 


D23, 1.5V cell, small knob, 2.5mm 
jack socket, miniature slide switch, 


42 


x 30mm 0.15in matrix per- 


forated board, “TIC TAC” mint box. 


fit over a flat filed on the shaft. 
PHONES 


Best reception of all is with a good 
pair of high impedance headphones 
(the Heathkit GD-396, 2k impedance, 
will be ideal). Where a miniature 
earpiece is required, this should be a 
high impedance unit, or volume is 
to be severely reduced. 


ELECTRONICS TODAY INTERNATIONAL NOVEMBER 1975 


An isosceles triangle generally has one line of symmetry (Figure 4.12) 
and rotational symmetry of order 1. That is, a tracing of the triangle 
will fit on top of itself in only one way. In the special case when the 
isosceles triangle is equilateral, it has three lines of symmetry. 


Example 4.2.1 
In Figure 4.13, find the sizes of the angles marked a and b. 


The triangle is isosceles, so the angles opposite the equal sides are 
equal, and a = 67°. 


As the angle sum of the triangle is 180°, b = 180° — 2 x 67° = 46°. 
Triangles with no equal sides and no equal angles are scalene 
triangles. They have no lines of symmetry and rotational symmetry 
of order 1. 


In questions 1-9, find the size of each of the angles marked with 
letters. In some questions you will need to use facts about angles from 
Chapter 2.The triangles are not drawn to scale. 


(Contd) 
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RU2126698 
FIELD CONCENTRATOR "ALFATRON" 


Inventor(s): DVORNIKOV V M; ZHDANOVA I A; JASTREMSKIJ JU N + 


FIELD: medical engineering; protection of man against harmful radiations. SUBSTANCE: concentrator has working member 
with body of cavity-type structure in the form of dodecahedron combined with pyramid. Working member is provided with 
modulators. Modulator may be manufactured of ferromagnetic material and fitted with a drive. The modulator drive is 
positioned outside body and coupled to modulator by means of torsion shaft. Modulator may be made in the form of circular 
generator of electromagnetic waves or vacuumsphere. It may be removable with active element, for example, infrared radiator 
installed in it. Modulator may be of cross-like form made of silver. Working member body may be made of dielectric, for 
example, dry cedar. At least one of body edges is perforated and edge opposite to 1t has mirror surface. Concentrator may be 
provided with screen made, for example, in the form of ovoid. EFFECT: higher efficiency. 


DESCRIPTION 


The present invention relates to devices used in the medtech and ecology to protect people from pathogenic radiation. 
[0002] 


Known concentrator field (RU 2012387 C1, 15.05.94), including the operating element with the body cavity structure, equipped 
with the modulators. 
[0003] 


This hub allows you to create wave radiation, but the means for focusing the generated radiation are missing. 
[0004] 
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The invention allows to form wave radiation, followed by focusing it flow in a particular area, which increases its effectiveness. 
[0005] 


This is achieved in that the hub of the field that contains the operating element with the body in the form of a cavity structure, 
equipped with modulators, abdominal structure is in the form of a dodecahedron, combined with the pyramid. 
[0006] 


Concentrator characterized in that the modulator is made of a ferromagnetic material. 
[0007] 


Concentrator characterized in that the modulator is provided with a drive. 
[0008] 


Concentrator characterized in that the drive is installed outside the housing and is connected to the modulator torsion shaft. 
[0009] 


Concentrator characterized in that the modulator is formed as an annular electromagnetic field generator. 
[0010] 


Concentrator characterized in that the static modulator is designed as a vacuum areas such as light bulbs. 
[0011] 


Concentrator characterized in that the modulator is removable, with the possibility of its active element, such as an IR emitter. 
[0012] 


Concentrator characterized in that the modulator is designed as a cross shape, for example of silver. 
[0013] 


Concentrator characterized in that the working body member is made of a dielectric material, such as dry cedar, wherein at least 
one of the faces of the housing is perforated, and the opposite face is formed with a mirror surface. 
[0014] 


Concentrator characterized in that the operating element and modulators placed inside the shield made of, for example, in the 
form of ovoids. 
[0015] 


The curved surface of the cavity structure provides the imposition of de Broglie waves inherent in the surface of any body (see. 
Eg, GI Shipov "Theory of physical vacuum", M., NT-Center, 1993) and forms a standing wave maxima of the increased total 
energy . 


In this case the abdominal shape in the form of a source dodecahedrons wave radiation, and ferromagnetic provide magnetic 
modulators "pumping" and forming a directional flow of energy (see., E.g., H.Alven "Space plasma", M., 1983). 
[0016] 


By combining cavity structures with different types of modulators (ferromagnetic, minerals, vacuum areas cruciform shape, 
biological objects, IR emitters, laser, microwave radiators, a gas burner, etc.) Hub provides cumulative effect of the above fields 
and sources Radiation treatment to the object. 


Impact focuses pyramid and performed during the activation, or disintegration, which is determined by the direction of rotation 
of the field in the concentrator (respectively "right" and "left" rotation). 
[0017] 


The screen in the form of ovoid is a carrier of energy and battery with a pronounced maximum field strength in the narrow part 
of the ovoid (see., Eg, TE Gonikman "philosophy stone", "Santana", Minsk, 1997). 
[0018] 


Performing the working body member cedar (i.e. energetically active material) from the perforated surface at least one of the 
faces of cavity structure coupled with its mirrored surface opposite face provides additional modulation field at the output of the 
concentrator. 

[0019] 


Placing all elements of the hub inside the screen provides Ecodefence the surrounding area from the effects of radiation, as well 
as improving the efficiency of the hub by reducing external losses. 


Removal of the drive dynamic modulator of the body with the use of a torsion shaft to drive the modulator to eliminate the 
creation of internal interference. 
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[0020] 
Construction and operation of the hub illustrated by a drawing, which shows a general view, and its basic elements. 
[0021] 
g E 
x i 


sf- a 


ara 


The accepted designations: 1 - dodecahedron; 2 - the screen; 3 - the pyramid; 4 - camera removable modulator; 5 - static 
modulators; 6 - Vacuum sphere; 7 - ferrodynamic plate dynamic and static modulators; 8 - Dynamic Drive modulator; 9 - 
rotating shaft remote operator; 10 - remote operator; 11 - a fragment of the coating of dielectric material with perforations of the 
casing. 

[0022] 


Annular electromagnetic field generator separately not shown because it is performed as an option actuator 8, but an open stator. 
[0023] 


Powered Hub fields as follows. 
[0024] 


Before its application identified properties of the object of processing. 


This procedure is performed, for example, by a sensor Foll, birefringent liquid sensor, etc. 
[0025] 


Thereafter, the vertex of the pyramid with removable modulator camera 4 focuses on the object of processing (not shown). 


Then include drive 8 or 10 depending on the task activation or disintegration. 
[0026] 


With a time interval equal to the time of transients in a processing object, check the rate of change of properties - for example 
the degree of activation of water. 
[0027] 


With insufficient change in the properties of water (or other object processing) adapting processing mode by: - ??replacement of 
the removable modulator or an active member; - Changes in speed and direction of rotation of the field. 
[0028] 


Experimental verification of the Hub held under the following conditions. 
[0029] 


Work Items cavity structure and screen are made of a polymeric material with the inner surface of a mirror. 
[0030] 


As modulators used ferromagnetic plate, minerals, biological objects (antlers, mummy, extracts of herbs and plants, musk deer 
musk glands, BIOTON plate), as well as sources of infrared and microwave radiation, a gas burner, a voltaic arc, and others. 
[0031] 


Vacuum services also serve as static modulator and had parameters: an outer diameter of 35 mm, internal 30 mm, wall thickness 
2.5 mm, the material - stainless soft magnetic steel, the degree of vacuum of 10-5 Torr 


It is shown that the most simple, everyday implementation is provided by the use of light bulbs, such as a tungsten filament. 
[0032] 
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Application of remote drive the modulator eliminates interference from the engine, which is most important when using a hub- 
activated, ie, to create the right torsion field (right spinpolyarizatsiya). 


This mode is designed for new medical products and liquids, as well as suitable for direct patient care. 
[0033] 


Generator annular electromagnetic field appropriate to apply modes of disintegration, that is. E. To create a left torsion field (left 
spinpolyarizatsiya) used, for example, for radiation decontamination of pathogens and chemical contaminants. 
[0034] 


Experiments have confirmed that the proposed concentrator field provides a robust activation of water, availability of water to 
new bioactive therapeutic properties determined by the ability to apply modulators. 


RU2012387 
OPTOMAGNETIC APPARATUS 


CHAJCHUK ROSTISLAV A [UA]; LUKASHENKO VLADISLAV I [UA]; SHULTE ALEKSANDR YU [UA]; TOMKIN 
YURIJ V [UA]; PECHKUROV VIKTOR P 


DESCRIPTION 
[0001] 


The invention relates to medical engineering and is intended for storage space bioenergetic radiation. 
[0002] 


Known bioenergy radiation generator comprising a metal-halogen lamp with reflector - chilled mirror in the shape of a sphere or 
a paraboloid, infrared and ultraviolet filter, polarizer [1]. 
[0003] 


The disadvantage of this generator is the low intensity of bioenergy radiation and the polarization of light. 
[0004] 


Considered the closest analogues of the present invention is to optomagnetic apparatus comprising a lamp, fitted with a lens 
interference layer, a reflector 4 and a system of permanent magnets of an alloy of cobalt with lanthanide [2]. 
[0005] 


The disadvantage of this device is the lack of optomagnetic accumulation bioenergy radiation and low intensity. 
[0006] 


The aim of the invention is to increase the intensity of bioenergy radiation. 
[0007] 


The goal is achieved by the constant introduced in time and variable-axis filament lamp magnetic field magnetic coils and 
accumulation of bioenergy radiation pyramidal battery of a nonmagnetic material. 
[0008] 


Comparative analysis of the claimed solution over the prototype shows that the proposed apparatus is characterized by having 
optomagnetic pyramidal battery of a nonmagnetic material and inductors mounted on its lateral faces. 


[0009] 


The drawing shows a diagram optomagnetic apparatus. 
[0010] 
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The proposed apparatus consists optomagnetic (FIG. 11) of the battery 1 pyramidal magnetic material having an axis lying on 
the axis of the filament lamp 2 and the angle of divergence of 60 ° to the faces of the pyramid, the inductance coil 3 located on 
the outer side of the four side faces of the pyramid and the battery 1 having a triangular shape, the oscillator 4 amplitude-phase 
modulation, the output of which is connected to the terminals of coils 3, the filament of the lamp 2 is placed at a point on the 
axis of the pyramidal battery 1, the volume of dividing it into two equal parts, the number of turns in the magnetic coils is 1 - 4. 
[0011] 


To create the effect of bioenergy use is optimal for the human body to the luminous flux of the surface energy of 120 mW / cm2, 
obtained by metal-halogen lamp 2, 300 W, and a pulsed magnetic field strength of 0.016 A / m, causing a positive stimulating 


effect on tissue cells. 


Pyramid battery is made of carbon fiber epoxy UGET T-thickness of 5 mm from the side of the square base of the pyramid of 
500 mm. 


The diameter of the magnetic coils is 0.343 mm2. 

The magnetic coil current flows force 0.015 A and forms a pulsating variable in time and the axis of the filament lamp 2 
electromagnetic field inside the pyramid battery 1 with a strength of 0.016 A / m. 

The interaction of light flux lamp 2 and the magnetic field of the magnetic coil 3 forms and accumulates in the accumulator 1 
pyramidal secondary wave radioestezicheskoy nature used for therapeutic purposes under the influence on biological objects. 
Radioestezicheskim radiation is called radiation, causing biolocation effect. 

Or, in other reaction body operator to change the parameters of this radiation in the search. 

Prolonged exposure to its unregulated per person (for example, in areas gepatogennyh) may cause significant harm to health. 
At the same time, the skillful use of it is successfully used in therapeutic and prophylactic purposes, to correct bioenergetic 
condition of the body, activate the vitality and creativity. 


[0012] 


For optimum interaction of light and magnetic field lamp 2 is set so that the filament was bioenergetic focus pyramidal 
accumulator 1. 


Bioenergy focus pyramid is at a point lying on the axis of the pyramid and dividing its volume into two equal parts. 


Regulation radioestezicheskogo radiation to make changes in the magnetic field in amplitude and frequency using the oscillator 
4, 


The intensity of the radiation radioestezicheskogo regulate the amount of included magnetic coils in the coils, which total in the 
magnetic coil was | - 4. 
[0013] 


Technical and economic efficiency of the proposed invention consists in the fact that as a result a new principle and an 
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embodiment of its design it 1s possible to significantly increase the intensity of the radiation bioenergetic that significantly 
enhance the therapeutic effect. 


RU2115965 
TORSION GENERATOR 


Inventor(s): NEGANOV V A; SALMANOV A N + 
Abstract 


FIELD: power production, in particular, for medical equipment, agriculture, communication, computer engineering. 
SUBSTANCE: device is designed as set of emitters of electromagnetic waves of same frequency with narrow beam pattern. 
Emitters are located in vertices of geometric figure which serves as source of torsion radiation. Emitters which are directed 
outside of geometric figure are arranged to achieve coincidence of points of equal phases of electromagnetic waves generated by 
these emitters and vertices of source figure of radiation source. EFFECT: increased power of torsion radiation. 


DESCRIPTION 
[0001] 


The invention relates to the problem of obtaining new sources of energy and can be used in medicine, agriculture, 
telecommunications, bioinformatics, and so on. D. 
[0002] 


One class of natural sources of torsion fields along with electromagnetic fields 1s a wide range of shapes, formed by various 
substances [1]. 

According to the model of the physical vacuum Akimov AE, Tarasenko V. Ya can assume that the response to the topological 
disturbance of the physical vacuum is a redistribution of the torsional potential in the vicinity of the body, which compensates 
for this disturbance. 


As a result, in a neighborhood of the body of the linear distortion of the spatial structure of the physical vacuum is offset by 
redistribution said torsion potentials, so that with respect to the outer space of the neighborhood is an internal body 
samokompensirovannoy area [2]. 

[0003] 


Known chronal (torsion) generator formed by a wooden frame in the form of 16-sided regular polygon of about 3 m with four 
electrodes, to which a DC voltage from 60 kV to 300 kV. [3] 

This device reduces 1ts mass due to repulsion from the ground, 1t chronal (torsion) field accelerates the chemical reaction, 
reduces fuel consumption in an internal combustion engine almost twice that increases the growth rate of plants and their size by 
2 - 10 times, and generates a lot of other interesting effects [3 ]. 

[0004] 


It 1s known that the radiation power of torsion associated with the size of the form. 
At larger sizes and shapes concentrates more power radiation [1]. 


For example, the power chronal radiation in a giant pyramid of Cheops is much more than its models, smaller properties are 
used for the storage of perishable products, maintaining the sharpness of razors and razor blades. [4] 
[0005] 


The purpose of the invention - increase the capacity of the torsion radiation. 
[0006] 


The goal 1s achieved as follows. 
[0007] 


A set of emitters of electromagnetic waves of the same frequency with a narrow radiation pattern 1s placed in all the tops of the 
geometrical shape, which is the source of torsion (chronal) radiation. 

Emitters with a narrow beam pattern are arranged so that at any given time point identical phases of electromagnetic waves from 
them is a vertex of the original shape - the radiation source. 

[0008] 


As an example, consider the torsional oscillator formed 5th directional source of electromagnetic waves with a narrow radiation 
pattern arranged at the vertices of a regular pyramid whose base is a square with the following relations (see. Figure). 
[0009] 
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(ot) TORSION GENERATOR 


(2/7) Abstract: 

FIELD: power production. in particular. 
for medical equipment, agriculture, 
communication, campulter engineering. 
SUBSTANCE: device is designed as sel of 
emitters of electromagnetic waves of same 
frequency with narrow beam pattern. Emitters 
are located in vertices of geometric figure 
which serves as source of torsion radiation. 
Emitter which are directed ouiside of 
geometric figure are arranged to achieve 
coincidence of points of equal phases of 
electromagnetic waves generated by these 
emitters and vertices of source figure of 
radiation source. EFFECT: increased power of y 
torsion radiation. 1 gwg 


In the drawings: U1, U2, U3, U4, US - directed emitters; A, B, C, D, E - the vertex of the pyramid, which are emitters; A”, B', C 
', D', E'- points of different phases of the EM wave through time t. 
[0010] 


h = 0,63a, 1 = 0,95a (1), where h - height; | - lateral edge; a - at the bottom side of a square pyramid. 


Let aimed radiators are excited in phase and oriented in space in such a way that the transmission point of the same phase of the 
electromagnetic waves on the directions of the maximum transmission power of the emitters at each time form a pyramid, which 
is valid for the edges of (1). 


Chance pulse mode torsion generator when directed emitters simultaneously emit pulses of electromagnetic field. 
[0011] 


The effectiveness of the proposed solution can be explained as follows. 


In the propagation of electromagnetic waves from emitters in the medium with speed V the geometric dimensions of the 
pyramid will be increasing all the time and thus will increase the power of torsion radiation while increasing the space in which 
to accumulate torsion (chronal) energy. 

[0012] 


Application of the torsion oscillator depends on the information that will be incorporated into the torsion radiation. 


Possible application areas: communications, agriculture, various processes, medicine. 
[0013] 


Literature. 
[0014] 


i 

Akimov AE, Tarasenko BJ Models of polarized states of physical vacuum // Math. 
Universities, Physics, 1992, N 3, p. 

13 - 23. 

[0015] 


2, 

Veinik AI Thermodynamics of real processes. - Mn .: Navuka: tehnika, 1991, p. 
576. 

[0016] 


oe 
Ravatin J. instrument for strengthening emissions caused by forms: Patent N 2.421.531 on 13.07.1978 (France). 
[0017] 


4, 
Drbal K. method of maintaining sharpness of razors and shaving fields: Patent N 91304 (Czechoslovakia). 
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KR20080030740 
A SPACE ENERGY IMPLOSION UNIT AND AN ENERGY AMPLIFICATION GENERATOR USING THE SAME 


Inventor(s): LEE YONG WON [KR]; I EUN JAE [KR] + 
Abstract 


A space energy amplification generator using a space energy implosion unit is provided to make a practical use of space energy 
or torsion field of the universe in a direct or indirect manner by using a specific geometric pattern. An energy amplification 
generator comprises: a Ist geometric structure(110) composed of seven pieces of septagonal shape planar structures layered in 
order; a 2nd geometric structure(120) composed of seven septagonal pyramid shape solid structures(2), a plate structure(140) for 
supporting the 1st geometric structure; a plurality of partitioning structures installed between the Ist geometric structure, 
between the Ist and 2nd geometric structures, and between the Ist geometric structure and the plate structure, respectively; a 
casing(50) provided with a cover(51) having a radiation hole(52) on the top to radiate space energy; and a fastening part(63) 
including a bolt(63a) fastened by a nut(64). 


DESCRIPTION 
[1] 
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48 


132° 


/\ 


10 One of the angles of an isosceles triangle is 74°. The other two 
angles are x and y. Find two possible pairs of values for x and y. 

11 One of the equal sides of an isosceles triangle is extended, and the 
angle between the extended side and the other equal side is 40°. 
Find the angles in the triangle. 


4.3 Constructing triangles 


Given three suitable measurements, you can make an accurate 


drawing of a triangle with a ruler, a pair of C 

compasses and a protractor. If the corners, or 

vertices, of the triangle are labelled A, B and C, AN 

as in Figure 4.14, the length of the side joining A B 

A and B is denoted by AB. Figure 4.14 
Example 4.3.1 


In triangle ABC, AB = 3 cm, AC = 2.5 cm and BC = 2.7 cm. Make an 
accurate drawing of the triangle. 


Choose one of the sides, say AB, as the base, draw a line 3 cm 
long and label its ends A and B. Set your compasses to a radius of 
2.5 cm and, with the point on A, draw an arc (part of a circle). 
With the point of the compasses on B draw a second arc of 
radius 2.7 cm (see Figure 415) to cut the first arc at C. Draw a 
line from A to C and a line from B to C to complete triangle ABC. 
See Figure 4.16. 
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Figure 1 is an exploded perspective view of a space energy eungpok unit according to the invention, 


[2] 


Figure 2 is a perspective view showing by extracting the different forms of the three-dimensional structure employed in Figure 
I, 
[3] 


Figure 3 shows a first embodiment of space energy eungpok radiation device according to the invention, 


[4] 


In Fig 4 shows, a perspective view showing by extracting a first geometrical structure, 


[5] 


In Figure 3 Figure 5 is, a perspective view showing by extracting a second geometrical structure, 


[6] 


Figure 6 is a perspective view showing by extracting a different second geometric shape of the structure of Figure 3, 


[7] 


In Fig. 7 is a second geometrical structure, the first to extract the stacked structure of the geometric structure, plate structure and 
away from the structure diagram showing, 


[8] 


8 is a diagram illustrating a second example of the spatial energy eungpok emission device according to the invention, 


[9] 


In Fig 9 is a perspective view showing by extracting a first geometrical structure, 
[10] 


In Fig 10 is a perspective view showing by extracting a second geometrical structure, 


[11] 


Figure 11 is a perspective view showing by extracting a different second geometric shape of the structure of Figure 8, 
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In Figure 8, a 12, a second geometrical structure, by extracting a laminate structure of a first geometrical structure, plate 
structure and away from the structure diagram showing, 
[13] 


13 1s a view showing the number of a view showing the contents of Table 1 in a graph, the processing can take place prior to the 
subject of energy, 
[14] 


Figure 14 is a view showing the number of subjects in a view showing the contents of Table 2 as a graph, the processing can 
take place after the energy Erythema symptoms, 
[15] 


15 1s a diagram showing the contents of Table 2 as a graph, space energy treatment after Edema / Papulation shows the number 
of subjects taking the symptoms, also, 
[16] 


16 1s a diagram showing the contents of Table 2 as a graph, space energy treatment Oozing shows the number of subjects after 
taking, 
[17] 


17 1s a diagram showing the contents of Table 2 as a graph, space energy treatment Excoriation shows the number of subjects 
after taking, 
[18] 


18 1s a diagram showing the contents of Table 2 as a graph, the energy treatment space shows the number of subjects after taking 
Lichenification. 
[19] 


Description of the Related Art 
[20] 


¡€ 

Flat structures la... 
Flat recess 

[21] 


os 

Three-dimensional structures 2a ... 
Three-dimensional recess 

[22] 


Da 

Three-dimensional structures 2a '... 
Flat plate 

[23] 


20 sd, 

Sub-three-dimensional structure 2c '... 
Three-dimensional recess 

[24] 


cee 

Apart structures 3a ... 
Incision Home 

[25] 


10... 

The first geometrical structures 20, 20 '... 
The second geometrical structure 

[26] 


40 ... 

43 structure plate ... 
Plate hole 

[27] 
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50... 
Case 51 ... 
Cover 
[28] 


LI 

53 four room ... 
Cases hole 

[29] 


63 we 
Fixing members 63a ... 
Bolt 
[30] 


64 ... 

Nuts 110 ... 

The first geometrical structure 
[31] 


120, 120, ... 

The second geometrical structure 140 ... 
Plate Structure 

[32] 


143 ... 
Plate hole 


The present invention relates to space and space energy unit energy eungpok eungpok using him spinning device to become 
available, directly or indirectly, by the fullness of eungpok feeble energy in the universe. 


The Newtonian mechanics to define the nature of the particles of the substance was dominated by the classical science, the 
nature of the substance as quantum mechanics and relativity theory established before and after the 1900 found that particles as 
well as waves also can understand. 


For example, 1t was understandable that could not touch the energy E = mc2 energy 1s converted into substances that can be 
touched by the expression of. 


The position x and momentum p of the particle by the Heisenberg uncertainty principle of quantum mechanics, the base will 
have a value that is not confirmed at the same time subject to restrictions from one another by both the uncertainty (?x?p=h / 2p 
(h is Planck constant)) This material and non-material particle wave was able to separate targets that can not be called new 
thinking as understanding. 

From this space is made of material with a non-material, material it can be accepted as a fact is apparent that the energy can be 
converted to the non-substance. 


Meanwhile, Russia 1990 seconds scientist Dr. GIShipov (1998 US Electric Association (American Biographic Institute) selected 
500 of the most influential leaders in the crazy in the 20th century by a) find that the energy handaraneun response to any 
particular geometric shape, The energy field was the force of the third non-gravity or an electromagnetic force, that was named 
LA tosyeonjang (torsion field) or space energy (sapce energy). 


Tosyeonjang (space energy), all materials as well as the rotating electric or magnetic, and the resonance effect of the means of 
mutual influence, or light that results in rotation of the biomolecule. 


This space is very weak energy but which is filled in the space, measuring the electromagnetic field existing in a very weak 
because it is not measured. 


However, its presence has been confirmed by the space and the electromagnetic field energy in the material leaving traces 
(interference). 


This space energy is applied to medicine, new treatments and new discipline called quantum medicine is the emergence, in 
developed countries such as the United States or France, is the situation in the energy space and the tremendous support research 
in order to study the effect in vivo . 

In this manner, the space that is filled with the material and energy translating, research and development is to be used for the 


real spatial energy (tosyeonjang) caused by the specific geometry of the situation is going on in full in many countries. 
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The present invention has been devised in order to reflect the trend as described above, to be in place to use the energy eungpok 
particular geometry of the space available energy effectively fill the space, either directly or indirectly, the energy in the real 
space by eungpok eungpok to provide a space eungpok energy radiation device using the unit and him for the purpose. 


In order to achieve the above object, according to the invention energy eungpok space plane unit structure having positive 
heptagon shape is cut to leave a continuous from the center to gajina implemented entirely flat recess (1a) to (1); As being 
installed to be spaced apart on top of the planar structure (1), the three-dimensional cutting gap is implemented to leave a series 
of incisions from the center gajina the information 7 pyramid shape as a whole (2a) having a three-dimensional structure (2); 
And as to the spacing between the planar structure (1) and the three-dimensional structure 2, the planar structure (1) smaller than 
the area of ??the three-dimensional structure spaced formations (2) (3); characterized in that 1t comprises a. 


In order to achieve the above object, a first embodiment of the spatial energy eungpok radiation according to the present 
invention having such a rectangular shape as a whole tablet 7 is cut to leave the gajina continuous from the center plane 
implementation recess (la) and, planar structure (1) 5 sheets of each vertex of the flat recess (la) is arranged in a plane so as to 
each contact with a first geometrical structure is implemented (10); Each are installed as spaced apart on top of the planar 
structure (1), the three-dimensional structure (2) having five forward 7 gajina the pyramid shape is cut from the center to leave a 
series of three-dimensional implementation of the cutting gap (2a) as a whole, Each vertex of the three-dimensional cutting gap 
(2a) is arranged in a plane so as to each contact with a second geometrical structure to be implemented (20); And as to the 
spacing between the first geometrical structure 10 and the second geometrical structure 20, disposed between the plane structure 
(1) and the three-dimensional structure (2) and the flat structure (1) and the three-dimensional structure (2 ) smaller than the area 
of ??a plurality of spaced structures (3); it characterized in that it comprises a. 


In order to achieve the above object, a second embodiment of the space eungpok energy radiation according to the present 
invention having such a rectangular shape as a whole tablet 7 is cut to leave the gajina continuous from the center plane 
implementation recess (la) and, planar structure (1) 7 sheets, each vertex of the flat recess (1a) is arranged in a plane so as to 
each contact with a first geometrical structure is implemented (110); Each are installed as spaced apart on top of the planar 
structure (1), the three-dimensional structure (2) having seven positive 7 gajina the pyramid shape is cut from the center to leave 
a series of three-dimensional implementation of the cutting gap (2a) as a whole, Each vertex of the three-dimensional cutting 
gap (2a) is arranged in a plane so as to each contact with a second geometrical structure to be implemented (120); And as to the 
spacing between the first geometrical structure 110 and the second geometrical structure 120, the plane structure (1) and 
provided between the three-dimensional structure (2) and the flat structure (1) and the three-dimensional structure (2 ) smaller 
than the area of ??a plurality of spaced structures (3); it characterized in that it comprises a. 


Hereinafter, with reference to the accompanying drawings preferred embodiments of the room unit, and a space energy eungpok 
eungpok energy radiation device using the same according to the present invention will be described in detail. 


l is an exploded perspective view of a space energy eungpok unit according to the invention, Figure 2 is a perspective view 
taken of the three-dimensional structure of another embodiment is employed in Fig. 


As shown, the space eungpok energy unit according to the present invention, the planar structure having overall positive 
heptagon shape is cut to leave the gajina continuous from the center plane implementation recess (la) to (1); As being installed 
to be spaced apart from the top of the planar structure (1), the three-dimensional structure having a shape defined gajina 7 
pyramid is cut to leave a series of three-dimensional cutting gap from the center is implemented (2a) as a whole (2) and; As to 
the spacing between the planar structure (1) and the three-dimensional structure 2, the planar structure (1) smaller than the area 
of ??the three-dimensional structure spaced formations (2) (3); and the like. 


Here, while the plane structure (1) is implemented in more than 1, the more the planar structure it is possible to amplify the area 
of ??energy more efficiently. 


The spacing structure (3), have been implemented cutting gap (3a) to being cut from the center as a whole to leave a series of 
information gajina heptagon shape. 


Wherein the three-dimensional structure (2) and spaced from the structure (3) and the flat structure (1) are stacked to be equal to 
the arrangement angle of each side of them. 


Here, the three-dimensional structure (2 ') may be applied in other forms. 

That is, the three-dimensional structure (2 ') is 2, the flat plate 7 of constant rectangular shape as a whole (2a') on the sub-defined 
than 7 square pyramid shape of the small area of ??the flat plate solid structure (2b ' ) doedoe implementation is formed, it will 
have a three-dimensional recess (2c ') that is cut to leave the implementation of the continuous)! flat-plate (2a from the center of) 


"sub-three-dimensional structure (2b. 


The planar structure | is to fill the space eungpok spatial energy by its geometry, three-dimensional structure (2) concentrates the 
energy eungpok space forward from the plane structure (1) by its geometric structure. 


And the implementation of the three-dimensional structure (2 ') in the form shown in Figure 2, the space concentrates energy at 
the same time fill the space Yes pokham forward. 
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Next, employing the space eungpok energy unit according to the present invention will be described space eungpok energy 
radiation device. 


Here, the same reference numerals are the same as in the second member for the same function. 


3 is a diagram showing a first embodiment of the spatial energy eungpok radiation device according to the invention, Figure 4 is 
3, by extracting a first geometrical structure is a perspective view, Fig. 5 in Fig. 3 , is a second perspective view showing by 
extracting a geometric structure, Figure 6 is a perspective view showing by extracting a different second geometric shape of the 
structure of Figure 3, Figure 7 is 3, the second geometrical structure, the first geometric structure, by extracting a laminate 
structure of the plate structure, and spaced apart a diagram illustrating the structure. 


A first embodiment of the device according to the invention eungpok radiation, space energy eungpok unit 5 of Figure 1 is 
implemented by a dog arranged so that the vertex of each contact therebetween, thereby to form a new geometric structure. 


This will be described more in detail. 


As shown, the space eungpok energy radiation device, a whole tablet heptagon gajina a flat recess shape is implemented to leave 
a series of incisions from the center (1a) has a plane structure (1) 5 sheets, also according to the invention 4, each of the flat 
recess (la) a first and a geometric structure 10 vertices are arranged in a plane so as to be in contact with each other as shown in 
the implementation; As being installed to be spaced apart from the upper portion of each of the planar structure (1), the three- 
dimensional structure (2) having five forward 7 gajina the pyramid shape is cut from the center to leave a series of three- 
dimensional implementation of the cutting gap (2a) as a whole, Fig. 5, each of the second geometrical structure 20 and are 
arranged in a planar vertex implementation to each contact of a three-dimensional cutting gap (2a), as shown in; As to the 
spacing between the first geometrical structure 10 and the second geometrical structure 20, the area of ??the planar structure (1) 
and the three-dimensional structure 2 is provided between the planar structure (1) and the three-dimensional structure (2) than 
the A small plurality of spaced structures (3); and the like. 

A first geometrical structure 10 is composed of one or two or more. 


A first geometrical structure 10 for use thereby eungpok spatial energy chungban in space by the geometrical structure directly 
or indirectly. 


A second geometrical structure 20 focuses the spatial energy eungpok by the first geometrical structure 10 in a forward 
direction. 


Area of ??the first geometrical structure 10 and the second geometrical structure 20 will increase the amount of space energy 
eungpok. 


That is Either increasing the stacking number of the first geometrical structure 10 in order to obtain more space than the energy, 
the larger the area of ??the first and second geometrical structures (10, 20). 


On the other hand, the second geometrical structures (20 ') are capable of modifications in a different shape. 


That is, as shown in Figure 6, the implementation is entirely defined doedoe heptagon shape flat plate (2a ') (the sub-three- 
dimensional structure 2b) of the hexagonal pyramid shape of the small area information. 7 than that in the flat plate, the 
formation of, that will be formed of a "three-dimensional structure (2 having a) is cut to leave a series of three-dimensional 
implementation recess (2c) 'of (flat plate 2a) from the center of the sub-three-dimensional structure (2b). 


The three-dimensional structure (2 ') of five, three-dimensional recess (2c) of the second geometric structure present by vertices 
arranged in a plane so as to each contact (20') is implemented. 


The three-dimensional structure, the second having a geometrical structure (20, 2 ') in the forward direction at the same time 
concentrates the response pokham spatial energy. 


Plate structure 40 as to support the first geometrical structure 10, the first has the same shape as the overall shape of the 
geometric structure 10. 


In the center of this plate structure 40 is formed in the plate holes 43 corresponding to the case hole 53 will be described later. 


Spacing structure (3) is provided between the installed between a number of first geometrical structure 10 is between the first 
geometrical structure and spaced apart from each other such that the first geometrical structure 10 and the second geometrical 
structure 20 The geometry is such that the first structure 10 and the second geometrical structures 20 are spaced apart from each 
other, it is disposed between the first geometrical structure 10 and the plate structure 40 first geometrical structure 10 and the 
plate structure ( 40) such that spaced apart from each other. 


The spacing structure (3) is entirely defined heptagon gajina a shape having a recess (3a) is implemented by cutting from the 
center to leave a series of, separately, a number of stacked plates having a predetermined thickness to a desired thickness or 
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implemented It may be implemented in. 
Spacing structure (3) 1s different from the frequency of the energy radiated area. 


That is, the thickness of the spacing structure (3) to vary the frequency of the spatial energy becomes a thin or thick. 
The thickness of the spacing structure (3) is preferably in the range of 3mm ~ 20mm, in this embodiment as a 7mm. 


Case 50 includes a spinneret (52) has a cover is formed (51) so that the energy emitted to the front space. 
Inside the case 50 is the case hole 53 is formed corresponding to the hole plate (43). 


A first geometrical structure to be laminated on the one plate structure 40 (10), spaced from the structure (3) and a second 
geometrical structure 20 is built into the case 50. 


That is, the first and second geometrical structures (10, 20) and away from the structure (3) is laminated plate structure 40, as 
shown in Figure 3, the bolt part (63a) of the holding member 63 A hole through the plate 43 and the casing hole 53 and the case 
50 by fastening by a nut 64 at the rear, and is fixed to the inner case (50). 


Next, a description will be given of a second embodiment of eungpok emitting device according to the invention. 


8 is a diagram showing a second embodiment of the spatial energy eungpok emission device according to the invention, in FIG. 
8, 9, to extract a first geometrical structure is a perspective view, Figure 10 is an 8-degree , is a second perspective view showing 
by extracting a geometric structure, Figure 11 is a perspective view showing by extracting a different second geometric shape of 
the structure of FIG, 12 is in Figure 8, a second geometrical structure, the first geometric structure, by extracting a laminate 
structure of the plate structure, and spaced apart a diagram illustrating the structure. 


Here, the same reference numerals are the same as in the second member for the same function. 


Second embodiment of the device according to the invention eungpok radiation energy and Space eungpok unit of Figure 1 
implemented by seven vertex arranged to the mutual contact between them, and is accordingly to form a new geometric 
Structure. 


This will be described more in detail. 


As shown, the space eungpok energy radiation device, a whole tablet heptagon gajina a flat recess shape is implemented to leave 
a series of incisions from the center (1a) has a plane structure (1) 7 sheets, also according to the invention 9, a first geometrical 
structure 110 and the vertex of a flat recess (1a) arranged in a plane so as to be implemented as shown in contact with each 
other; As being installed to be spaced apart from the upper portion of each of the planar structure (1), the three-dimensional 
structure (2) having seven positive 7 gajina the pyramid shape is cut from the center to leave a series of three-dimensional 
implementation of the cutting gap (2a) as a whole, Fig. 10 and the second geometrical structure 120 vertices are implemented is 
arranged in a plane so as to each contact of a three-dimensional cutting gap (2a), as shown in; As to the spacing between the first 
geometrical structure 110 and the second geometrical structure 120, the area of ??the planar structure (1) and the three- 
dimensional structure 2 is provided between the planar structure (1) and the three-dimensional structure (2) than the A small 
plurality of spaced structures (3); and the like. 


A first geometrical structure 110 is composed of one or two or more. 


A first geometrical structure 110 thereby to use the space eungpok chungban energy in space, by the geometric structure directly 
or indirectly. 


A second geometrical structure 120 focuses the spatial energy eungpok by the first geometrical structure 110 in the forward 
direction. 


Area of the first geometrical structure 110 and the second geometrical structure 120 will increase the amount of space energy 
eungpok. 


That is Either increasing the stacking number of the first geometrical structure 110 in order to obtain more space than the energy, 
the larger the area of ??the first and second geometrical structure 110, 210. 


On the other hand, the second geometrical structures (120 ') are capable of modifications in a different shape. 

That is, as shown in Fig. 11, is formed as a whole positive doedoe implement 7 with a square-shaped flat plate (2a ') sub-three- 
dimensional structure of the hexagonal pyramid shape of the small area information. 7 than that in the flat plate (2b') is, that will 
be formed of a "three-dimensional structure (2 having a) 1s cut to leave a series of three-dimensional implementation recess (2c) 
'of (flat plate 2a) from the center of the sub-three-dimensional structure (2b). 


The three-dimensional structure (2 '), seven, three-dimensional recess (2c' by the vertex of) is arranged in a plane so as to each 
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contact with a second geometrical structure of the present application (120 ') is implemented. 


This "second has a geometric structure (120 three-dimensional structure 2 ') is a space energy response in the forward 
concentrates pokham and at the same time. 


Plate structure 140 as to support the first geometrical structure 110, the first has the same shape as the overall shape of the 
geometric structure (110). 


In the center of this plate structure 140 is formed in the plate holes 143 corresponding to the case hole 53 will be described later. 


Spacing structure (3) is provided between the first of several geometrical structures (110) between the first geometrical structure 
and so spaced apart from each other, disposed between the first geometrical structure 110 and the second geometrical structure 
120 1s a first geometrical structure 110 and the second geometrical structure 120 and spaced apart from each other such that the 
first geometrical structure 110 1s provided between the plate structure 140, a first geometrical structure 110 and the plate 
structure ( 140) such that the spaced apart from each other. 


The spacing structure (3) is entirely defined heptagon gajina a shape having a recess (3a) is implemented by cutting from the 
center to leave a series of, separately, a number of stacked plates having a predetermined thickness to a desired thickness or 
implemented It may be implemented in. 


And, separated from the structure (3), case 50, cover 51, the spinnerette 52, the holding member 63, the bolt part (63a), a nut 64, 
etc. in the first embodiment of the present invention It is the same as described in the description of the longer will be omitted. 


The first and second embodiments of the spatial energy eungpok radiation apparatus directly or by creating a type of space by 
the energy of tosyeonjang geometrical structures, namely a weak area in the space is filled with energy in the energy available to 
eungpok, It made available indirectly. 


Eungpok mechanism of space energy is not been scientifically itjineun clearly identified so far. 


However, the Applicant has found a structure that can be most effectively space the radiation energy through a number of 
repeated tests. 


This space energy can be found through various experiments that the presence mothana gajijineun enough to see the intensity of 
the directly to the human senses. 


That is, as compared to the case if it is not irradiated with the irradiation energy to a specific object in the space in the event of 
any difference, it will be seen that the area with the energy present in the inductive. 


Hereinafter, the examples of experiments to determine the presence of space energy will be described. 
(1) Cytotoxic tests. 


This experiment was carried out in April 2004 by the Yonsei University Wonju Medical School professor and a researcher 
gimhyeonwon. 


In order to carry out this experiment, laboratory rats (CS6BL / 6) is prepared by the two rooms to life and, installing a water 
reservoir contained in the room, the number of treatment processes to examine the energy in the common water space, and the 
other room (control group), install a water reservoir contained a general drinking water, Jean experiment object was put into 
each room so that you can freely consume the space energy processing water from the watering can or pail General. 


In addition, each room has observed the size of the tumor by the date 20 days into a malignant skin tumor (B16 Melanoma) by 
subcutaneous injection in the experimental rats (CS6BL / 6) number of the same. 


In the following graph, control referred displayed part will display the size of tumors in rats who drank plain drinking water by 
date, marked LA Life energy will display the size of a tumor of the rat drinking can be processed per day 0.20 Space Energy As 
a result of measuring the size of a tumor during a, in the case of the rats drank the area to be treated with energy in the spatial 
energy eungpok eungpok emission device as shown in the graph below, the size of the tumor was confirmed that very small 
compared to the control group. 


As identified in the above chart, standing, in the case of the spatial energy drink to be treated rats (Life energy), as compared to 
normal drinking water in rats (control) was the size of the tumor to determine the smaller, from which space can be energy 
treatment you can see that the in vivo anti-cancer activity of rats. 


That is, 1t is possible to confirm the presence of the spatial energy from the graph. 


(2) the number of treatment processes with zero energy space, affects clinical trials related to the infant atopic patients. 
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13 1s a diagram showing the contents of Table 1 1s also graphically, the energy area of ??the subject can be treated prior to taking 
a view showing, Fig. 14 is a diagram showing the contents of Table 2 as a graph, the processing space can be energy dose 
Erythema and after shows the number of subjects of the condition, Figure 15 1s a diagram showing the contents of Table 2 as a 
graph, the processing can take place after the energy Edema / Papulation shows the number of subjects of the symptoms. 


In addition, Figure 16 is a diagram showing the contents of Table 2 as a graph, the energy treatment space Oozing shows the 
number of subjects after taking, Figure 17 is a diagram showing the contents of Table 2 as a graph, space energy Excoriation 1s 
the treatment shows the number of subjects after taking, Figure 18 1s a diagram showing the contents of Table 2 as a graph, the 
energy treatment space shows the number of subjects after taking Lichenification. 


This clinical trial is cheongnoe clinic located in Daechi-dong, Gangnam-gu, Seoul 507 Street mall third floor, plus a win by 
experiments conducted in early 2005 in the (President ryujaegyu), reflect the space to be treated, spatial processing can be 
ingested when infants atopic patients Young, a test to verify whether the clinical impact on infant atopic patients. 


In this clinical trial use bottled water which is present in the D area of ??energy radiating from the eungpok radiometric survey 
10 days (hereinafter, the space energy processing Sura should) the admission was 0-4 years old for the purpose of treating atopic 
dermatitis in young cheongnoe clinic, infant eczema 40 people were taken to the patient (male 15, female 25). 


In this clinical trial, the space zero energy treatment, when the infant atopic patients taking hayeoteul, was set up five hypothesis 
that there is a difference before taking a space energy processing by measuring the number of atopic index (SCORAD) before 
and after taking a dose It confirmed the clinical effect. 


Here, atopic index (SCORAD), but the significance and the result is checked at the same time to get a full body photo and 
itching skin conditions and skin part, the subject is young, it is difficult to check the body and itchy skin conditions in infants 
relations. 


Therefore, the main symptoms of atopic five kinds of symptoms (erythema symptoms (Erythema), papules symptoms (Edema / 
Papulation), gangrene symptoms (Oozing), abrasions symptoms (Excoriation), lichen symptoms (Lichenification)) were 
classified by the scoring. 


Energy treatment may take place prior to the symptoms of atopic patients Table 1 and shown in Fig. 
Table 1: Energy treatment can take place before 


ErythemaEdema/PapulationOozingExcoriationLichenificationSevere(III)53302Moderate(II)25201511Mild(1)8 1725 10(????)20203436[? 
1 The contents of the] is represented by a graph as shown in Fig. 


Young the space energy can be processed, when the infant atopic patients taking hayeoteul space will be different before and 
treated the same as taking five kinds of hypothesis to. (A) 10 days Hypothesis 1 space energy processing water 200 ~ 300cc one 
months Young taking into three days, erythema (Erythema) symptoms of infant atopic patients will have a space energy 
processing water before taking the difference. (b) Hypothesis 2 days 10 days 1 space energy processing water 200 ~ 300cc three 
one months will be taking you into the spirit, papules (Edma / Papulation) symptoms of infant atopic patients before taking the 
space energy processing water is a difference. (c) 3 Hypothesis 3 times a day for 10 days into the space energy processing water 
200 ~ 300cc one months taking spirit, gangrene (Oozing) symptoms of infant atopic patients will have a space energy processing 
water before taking the difference. (d) H4 10 days processing space 200 to zero taking into energy water three times a day for 
one months 300cc , abrasion (Excoriation) symptoms of infant atopic patients will have a space energy processing water before 
taking the difference. (e) Hypothesis 5 was 10 days processing space 200 to the 300cc 1 energy water three times a day, taking 
one months into the spirit, infant eczema lichen (Lichenification) symptoms will have a space energy processing water before 
taking the difference. 


The results of this clinical trial Table 2 are expressed. 


[Table 2] after taking the space energy treatment Erythema Edema/Papulation Oozing Excoriation Lichenification Severe (III) 
01102 Moderate (II) 1410011 Mild (1) 13121410(????)1317383536(a) 


Results for H1 spirit, erythema (Erythema) symptoms of infant atopic patients were not significantly different energy space, the 
number one days of treatment 10 days after the treatment by taking 200 ~ 300cc before taking into three times. 


That is, as shown in Fig. 14, Erythema symptoms after the treatment by taking a spatial energy treatment is seen that the patients 
belonged to the moderate and severe to mild or move the plurality of 0 (no symptoms), that is a symptom improvement can be. 
(b) the results for Hypothesis 2 Spirit, the infant atopic patients with papules (Edema / Papulation) significant space, energy 
treatment symptoms a day for 10 days after treatment by taking 200 ~ 300cc before taking into three There was a difference. 


That is 15, the area to be treated by taking the energy treatment after Edema / Papulation symptoms, it can be seen that a large 
number of patients go to 0 (no symptoms), that the symptoms are improved. (C) English results for Hypothesis 3, gangrene 
(Oozing) symptoms of infant atopic patients there was a significant difference for the daily 200 ~ 300cc space energy can be 
processed 10 days after treatment before taking divided doses three times. 
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That 1s, as shown in Fig. 16, Oozing symptoms after the treatment by taking a spatial energy to be treated, 1t can be seen that a 
large number of patients go to 0 (no symptoms), that the symptoms are improved. (D) Hypothesis Results for the fourth spirit, 
abrasions (Excoriation) symptoms of infant atopic patients did not differ significantly the number of space energy processing 
one days to 10 days after treatment by taking 200 ~ 300cc before taking into three times. 


That is, as shown in 17, taking as most of the subject is a pre-treatment did not severe symptoms Excoriation before, it was 
difficult to find a significant result compared to the latter. 


But 1t is skin condition after taking Space fringed energy process can take more than slick was found on the relevant. (E) results 
for the H5 Spirit of infant atopic patients with lichen (Lichenification) symptoms can space energy processing 10 days one days 
after treatment by taking 200 ~ 300cc before taking into three There were no significant differences. 


Since the duration of the most Lichenification symptoms appear much longer to increase adult manseongjung, 18, the four short 
duration of less than three zero, infants were no more Lichenification ought baseline symptoms. 


As in the above results are confirmed, the symptoms of erythema (Erythema (hypothesis 1)), papules symptoms (Edema / 
Papulation (hypothesis 2)), gangrene symptoms (Oozing (Hypothesis 3)), abrasions symptoms (Excoriation (H4)) is The 
improvement was confirmed. 


Although, for the lichen symptoms (Lichenification (H5)), but the difference is not, and can confirm the presence of energy in 
accordance with a result of assumption space 1, 2, 3, 4. 


Space radiation energy emitted by the device of the present eungpok activates the vital energy, as identified in the above- 
mentioned cancer cell growth tests or clinical trials. 


However, space energy exerts a variety of effects in a variety of fields as described below. 


When the energy emanating from the area emitting device eungpok investigate the plant, causes the growth promotion of the 
plant, a chemical reaction such corruption has been found that the effect of inhibiting and up. 


The space according to the present invention results from the energy-functional it can be seen that there is a non-ionizing effect 
of inhibiting the ionic polarization. 


This phenomenon is occurring in the body as a man, he would immediately foregoing. 


Also, when the area of ?? energy irradiated three weeks at room temperature 20 ? about the milk, the milk is not connected to 
corruption, Catering possible and was transformed into the lactic acid bacteria contained in yogurt is utilized also as a health 
food. 


Also, when the area was irradiated energy in two months, strawberries dry dehydrated state is corrupt or not rancidity was 
changed to Korikori, such as raisins, which is not at all to health when humans consume. 


This will begin to deteriorate for more than three days leave to present a way to keep long-term processed food spoilage when 
compared to that elapses after a few days if kept in a normal environment strawberries. 


Also, when the area of energy irradiated apples in the refrigerator for more than two years, due to the evaporation of the skin it 
became part of the jjogeul jjogeul as well, the meat and the meat inside 1s not the first time the balance in the freshness of the 
apple surface. 


Thus, the present invention is applied to a case of the human body surrounded by water was found to sikindaneun to preserve or 
enhance the biological energy. 


UA81451 
NEDBAI'S GENERATOR OF COMBINED MAGNETIC FIELD 


Inventor: NEDBAI VIACHESLAV VIKTOROVYCH [UA] 


A generator of the combined magnetic field comprises the therapeutic chamber with the electric coils of the rotational 
electromagnetic field with independent power supply. The coils are coaxial. In every two adjacent coils, the rotational magnetic 
fields of the opposite directions are generated simultaneously (clockwise in one coil and counterclockwise in another one). In a 
gap between the adjacent end-faces of two adjacent coils, the additional scalar magnetic field is generated being directed in 
parallel to the rotation axis of the magnetic field. 
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US2013127174 
Method for Generating Tidal Energy Utilizing the Scalar Gravitational Potential of Celestial Bodies 


Inventor: CUMMING DUNCAN G [US] 


Tidal energy generator uses the scalar gravitational potential to utilize energy from celestial bodies. Kinetic energy is extracted 
from the celestial objects by means of a system including a rotatable arm, a mass fluctuation producing system arranged on the 
arm and including dielectric material whose mass fluctuates when subjected to a changing electromagnetic field in view of the 
scalar gravitational potential of the celestial objects, a rotation system that rotates the arm at a variable speed to cause rotation of 
the mass fluctuation producing system thereon, and a control system that controls the mass fluctuation producing system and 
rotation system in order to accelerate the dielectric material when it has a relatively light mass and decelerate the dielectric 
material when it has a relatively heavy mass. Excess energy arising from an energy differential between the acceleration and 
deceleration of the dielectric material is directed to a load. 
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Figure 4.15 Figure 4.16 
You can construct a triangle if you are given the length of one side 
and the sizes of two angles. If necessary, you can, of course, work 
out the size of the third angle of the triangle. 


You can also construct a triangle if you are given the lengths of 
two sides and the size of the angle between the two given sides. 


If you are given two sides and an angle other than the included 
angle, you can sometimes construct two different triangles from the 
information. (See Exercise 4.2, question 9.) 


If you are given three angles whose sum is 180° and no side, you 
can construct an infinite number of triangles from the information. 


In questions 1-7, make an accurate drawing of the triangle ABC. 


AB = 4.2 cm, AC = 3.7 cm, BC = 3.1 cm. 

AB = 3.6 cm, AC = 2.8 cm, BC = 5.2 cm. 

AB = 4.3 cm, angle A = 59°, angle B = 42°. 

AB = 4.8 cm, angle A = 124°, angle B = 21°. 

AB = 4.3 cm, angle A = 25°, angle C = 27°. 

AB = 5.1 cm, AC = 4.8 cm, angle, A = 43°. 

AB = 4.5 cm, BC = 3.9 cm, angle B = 136°. 

What happens if you try to construct a triangle ABC with 
AB = 6 cm, AC = 3 cm and BC = 2 cm? Find a rule which tells 
you whether, given three lengths, it is possible to construct a 
triangle with sides of these lengths. 


COND Un bh YN = 
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Top Ten Transhumanist Technologies 


by Lifeboat Foundation Scientific Advisory Board member Michael Anissimov. 


Overview 


Transhumanists advocate the improvement of human capacities through advanced technology. Not just 
technology as in gadgets you get from Best Buy, but technology in the grander sense of strategies for eliminating 
disease, providing cheap but high-quality products to the world’s poorest, improving quality of life and social 
interconnectedness, and so on. Technology we don’t notice because it’s blended in with the fabric of the world, 
but would immediately take note of its absence if it became unavailable. (Ever tried to travel to another country 
on foot?) Technology needn’t be expensive — indeed, if a technology is truly effective it will pay for itself many 
times over. 


Transhumanists tend to take a longer-than-average view of technological progress, looking not just five or ten 
years into the future but twenty years, thirty years, and beyond. We realize that the longer you look forward, the 
more uncertain the predictions get, but one thing is quite certain: if a technology is physically possible and 
obviously useful, human (or transhuman!) ingenuity will see to it that it gets built eventually. 


AS we gain ever greater control over the atomic structure of matter, our technological goals become increasingly 
ambitious, and their payoffs more and more generous. Sometimes new technologies even make us happier ina 


long-lasting way: the Internet would be a prime example. In the following list I take a look at what I consider the 
top ten transhumanist technologies. 


The List 


10. Cryonics 
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Cryonics is the high-fidelity preservation of the human body, and particularly the brain, after what we would call 
death, in anticipation of possible future revival. Cryonics is an important transhumanist technology not only 
because 1t is already available today, but because the technology is relatively mature — we can reliably stop cells 
from decaying. In vitrification, the brain is not frozen in the conventional manner but with a cryoprotectant 
(antifreeze) mixture, which effectively prevents the formation of crystals, causing the water to freeze smoothly, 
like glass. 
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Maintenance of a cryo-patient is not difficult — it requires no electricity, but merely the replenishment of liquid 
nitrogen about every three weeks. As cryonics becomes more popular, this process could become automated 
and extremely reliable. Further improvements in dewar technology will continue to increase safety and reduce 
costs. The Cryonics Institute in Michigan, for example, has operated since 1976 without a single mishap. 


Financed by the interest of the payout of a life insurance policy (which for people under 40 may cost as little as 
$100 a year to own), patients can be securely cryopreserved for as long as the cryonics company stays afloat 
and the dewar stays in one piece. Eventual revival does not require the technology to become available 
tomorrow, or next year... as long as the hquid nitrogen keeps replenished, you can stay on ice for as long as it 
takes. 


For an existence proof of cryonic revival, there are frogs that can freeze solid and revive later, though reviving a 
human from freezing would likely require molecular nanotechnology (MNT). When we will be able to revive a 
cryo-patient will be strongly related to when we develop sophisticated MNT. Once we do develop MNT, the 
prospect of successful revival is extremely likely — it would involve slowly melting the ice and rebooting the 
metabolism by kickstarting the appropriate chemical reactions within cells. 


9. Virtual Reality 


The above image may look like a photo, but it’s actually a screenshot from the game Crysis, a first-person 
shooter which will be released later this year. Look at screenshots from the game and you'll see that computer 
graphics are already beginning to approach photorealism. Sometime in the 2020s, reality simulations will become 
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so high-resolution and immersive that they”Il start to get indistmguishable from the real thing. 


Simulations will become the preferred environments for work and play. Pretty soon the main obstacle to truly 
immersive VR will not be the visuals but the haptics — our sense of touch. To fool our senses mto believing 
haptic technologies are conveying the real thing, the “frame rate” needs to be significantly higher than for visual 
technologies, a few hundred updates per second rather than a few dozen — which is why development could 
take another decade or two. But many millions of dollars are currently going into efforts to develop advanced 
VR. 


Clearly, World of Warcraft’s eight million subscribers and Second Life’s five million subscribers are onto 
something. At least 1% of all broadband Internet users play in virtual worlds, and this number is increasing 
rapidly. These worlds typically outclass the real world in terms of customizability, but still have yet to catch up in 
terms of sensory richness or social fulfillment. But it’s only a matter of time. 


In the mid-to-late 2020s, I expect full-body, high quality haptic VR suits to be affordable to the average person 
in developed countries, obtained either from your local Wal-Mart or perhaps printed right out ofa desktop 
nanofactory after payment ofa fee. For more on this, here is one scientific paper, “Towards full-body haptic 
feedback”. 


8. Gene Therapy/RNA Interference 
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Gene therapy replaces bad genes with good genes, and RNA interference can selectively knock out gene 
expression. Together, they give us an unprecedented ability to manipulate our own genetic code. By knocking 
out genes that code for certain metabolic protems, scientists have been able to make mice that stay slim no 
matter how much junk food they eat. Lou Gehrig’s disease has been cured in mice, and it could only be a few 
years before we develop a therapy that can cure it for humans too. 


Aubrey de Grey’s SENS (Strategies for Engineered Negligible Senescence) research program contains various 
prescriptions for the use of gene therapy. Within a couple decades or so, progress m anti-aging therapies will 
improve to the point where we are gaining more than an extra year of lifespan per year, reaching so-called 
“longevity escape velocity” eventually culminating in indefinite lifespans. 


Like many transhumanist technologies, gene therapy is really exciting because it’s just begimning. No scientist has 
yet performed gene therapy on germline cells (sexual cells in the gonads) due to the ethical controversy of 
producing genetic changes which are heritable, but, as with many of these things, it’s only a matter of time. 
Regulations in any given country will only be capable of slowing the overall progress of the field by a few years at 
most. 


The money will go where the research is permitted. In its mature form, gene therapy and genetic engineering will 
become extremely cheap and powerful, letting humans live comfortably in a wider range of environments and 
gain immunity to most, not all diseases. Supercomputers of the future, with thousands or millions of times the 
crunch power of today’s best, will let us simulate the changes in extreme detail before we attempt them with 
actual human beings. This will make ill side effects quite unlikely for the typical case, much to the dismay of the 
authors of “genetic engineering turned daddy into a bloodthirsty zombie!” trash novels and films. 


7. Space Colonization 
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Space colonies will become necessary to house the many billions of individuals that will be born in the future as 
our population contmues to expand at a lazy exponential. In his book, The Millennial Project, Marshall T. 
Savage estimates that the Asteroid Belt could hold 7,500 trillion people, if thoroughly reshaped into O’Neill 
colonies. At a typical population growth rate for developed countries at 1% per annum (doubling every 72 
years), it would take us 1,440 years to fill that space. Siphoning light gases off Jupiter and Saturn and fusing them 
into heavier elements for construction of further colonies seems plausible in the longer term as well. 
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Why expand into space? For many, the answers are blatantly obvious, but the easiest is that the alternatives are 
limiting the human freedom to reproduce, or mass murder, both of which are morally unacceptable. Population 
growth is not mherently antithetical to a love of the environment — n fact, by expanding outwards into the 
cosmos in all directions, we’ll be able to seed every star system with every species of plant and animal 
imaginable. The genetic diversity of the embryonic home planet will seem tiny by comparison. 


Space colonization is closely related to transhumanism through the mutual association of futurist philosophy, but 
also more directly because the embrace of transhumanism will be necessary to colonize space. Human beings 
aren’t designed to live in space. Our physiological issues with it are manifold, from deteriorating muscle mass to 
uncontrollable flatulence. On the surface of Venus, we would melt, on the surface of Mars, we’d freeze. The only 
reasonable solution is to upgrade our bodies. Not terraform the cosmos, but cosmosform ourselves. 


6. Cybernetics 


Can you spot the cyborg in this picture? You're looking right at him! It’s Michael Chorost, the man who was 
born almost deaf but now can hear, thanks to a cochlear implant. Most of the cyborgs in fiction fit certain 
stereotypes — bermensch wannabes, cyborg assassins, and supercops. But cyborgs already walk among us, 
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and they look just like normal people. 


This trend will continue in the future. Many cyborg upgrades which will become available in the 20s and 30s, 
such as hearing and vision enhancement, metabolic enhancement, artificial bones, muscles, and organs, and even 
bram-computer interfaces will be invisible to the casual observer, implanted beneath the skin. Cybernetic features 
on the surface, such as dermal enhancements or technological actuators like retractable wings, will be carefully 
camouflaged. No one will want to shock the rest of society by looking like the tin man m public. 


The process of cyborgization has already been happenmg for centuries 1f not millennia, since the advent of 
clothing and piercings. For many generations, but especially in the last couple decades, our technological gadgets 
have been getting smaller, more functional, and more closely integrated with our natural activity. 


Recently, Microsoft announced Microsoft Surface, a mouseless, keyboardless form of desktop computing which 
takes mput from finger tracing and hand gestures. The sophistication of biotechnology and the availability of 
better materials and precision manufacturing will let us make systems so small and effective that even everyday 
people elect to implant them. 


These cybernetic systems will greatly improve our everyday experience, from letting us hear a wider range of 
ambient sounds, to viewing millions of stars rather than just a few thousand, to making us more resistant to 
accidents. They will improve the overall economy by enabling us do more work in less time for better pay. In the 
long term, enhanced humans may get a bigger portion of the economic pie than un-augmented humans, but the 
pie itself will become so much larger than even the poorest humans of tomorrow will be better off than the 
wealthiest of today. 


Here’s a good cyborg blog I found while domg research for this article, and the Power Jacket, a 4-pound jacket 
that enhances strength and is used by people recovering from paralysis. For more, see the cybernetics category 
of my delLic.ious links, or my top ten list of cybernetic enhancements. 


5. Autonomous Self-Replicating Robotics 
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Why do manual labor when the robots can do tt for you? Self-replication might be considered the Holy Grail of 
robotics. A landmark NASA study, “Advanced Automation for Space Missions”, found that robotic self- 
replication is just a matter of engineering, and that no fundamental theoretical breakthroughs are needed. The 
study proposed sending a 100-ton package to the Moon, with a self-replication time of 1 year, and letting it self 
replicate until the desired level of development is attained. 


The design — which was fleshed out in great detail— was based on electric carts running on rails within the 
factory, “paving machines” that direct sunlight to melt lunar regolith, robotic strip miners for obtaming raw 
materials, and a solar cell “canopy” for powering it all After 10 years, over 100,000 tons of lunar factory could 
be produced autonomously. The factory’s functions could then be hyacked for the benefit of human colonists, 
used to produce housing, products, and provide large quantities of solar power. 


If similar self-replicatng systems could be constructed on Earth, there would be little limit to the material plenty 
they could provide. Selfreplicating factories could turn the vast empty badlands of Australia into lush gardens by 
pumping water from the oceans, self-replicating factories in the high Arctic could melt snow and create gigantic 
transparent domes suitable for habitation, and submersible automata in the seas could dredge sand from abiotic 
regions of the ocean floor and process it into gigantic platforms for human colonization. 


By opening up such vast new regions of the Earth’s surface, talk of overpopulation and crowding would fall by 
the wayside for quite a few decades, with people realizing how much space there actually was all along. And 
once things really do get too crowded here on Earth, we can move to the Moon, Mars, and the asteroid belt, 
using the power of selfreplicating robotics to create rotating space colonies suitable for housing trillions of 
people. 


Self replicating factories could reduce the costs of material goods close to that of food — the primary expenses 
would consist of raw materials, energy, and whatever small quantity of human oversight is necessary to keep an 
eye on the overall structure of things. By utilizmg special, man-made “nutrients” for top-level functions (rare or 
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exotic molecules such as custom-synthesized protems) and the broadcast architecture — whereby derivative 
factories must receive affirmations from a central parent factory to continue self-replicating — such factories 
could be made safe by design. 


With such abundance, humanity might actually shift from having a zero-sum perspective on a world to a positive- 
sum perspective. With medical tools and basic goods in ample supply, no one in the world would need to suffer 
from poverty or curable disease. The nature of human work would shift from manual drudgery and mind- 
numbing routine to more creative and personally fulfillng endeavors, like art, music, math, science, literature, and 
exploration. 


For more details on the state of the art in self-replicating machines, see the Wikipedia entry, or the magnum opus 
on the topic, Kinematic Self-Replicating Machines. 


4. Molecular Manufacturing 
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Nanofactory in action. Courtesy Lizard Fire Studios. 


If self-replication 1s the Holy Grail of robotics, then molecular nanotechnology (MNT) is the Holy Grail of 
manufacturmg. Molecular nanotechnology would use massive arrays of nanometer-scale actuators (produced 
initially through self-replication) to manufacture macroscale products with atomic precision. This concept is 
known as the nanofactory. 
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9 Triangle ABC has AB = 5.7 cm, angle A = 46° and BC = 4.6 cm. 
Construct two different triangles from this information. 
10 Construct a triangle ABC with angle A = 68° and angle B = 49°. 


4.4 Quadrilaterals 


A quadrilateral is a shape with four straight sides and four angles. 
You can investigate the sum of the angles of a quadrilateral in a 
way similar to the one you used for a triangle. 


Draw a quadrilateral and label its angles a, b, c and d (Figure 4.17). 
Tear off the corners and fit the angles together at a point (Figure 
4.18). From Chapter 2, the angles at a point add up to 360°. This 
suggests that a + b + c + d = 360° and that the angle sum of a 
quadrilateral is 360°. 


Figure 4.17 Figure 4.18 Figure 4.19 


To prove this, draw a diagonal of a quadrilateral, dividing it into 
two triangles (see Figure 4.19). The angle sum of each triangle is 
180°, so the angle sum of a quadrilateral is 360°. 


A square is a quadrilateral with four equal sides and four right 
angles (Figure 4.20). A square has 4 lines of symmetry (Figure 4.21), 
and rotational symmetry of order 4. 


Figure 4.20 Figure 4.21 Figure 4.22 Figure 4.23 
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In practical terms, the creation of nanofactories would mean that practically everything could be made out of 
diamond, motors would become so powerful that a cubic centimeter would provide enough torque to propel a 
car, medical nanodevices could heal wounds and repair organs without the need for surgery, and air-suspended 
nanodevices (“utility og”) could be configured to simulate practically any desired object on demand. 


On the downside of things, it could become easy to manufacture mite-sized robots with a payload of poison 
sufficient to kill thousands, or a laptop-sized device capable of separating U-235 from U-238 in a worrisomely 
simple and rapid fashion, or self-replicating synthetic algae capable of clogging up our oceans with grey goo. 


Enabling widespread use of the positive applications while cleanly and completely suppressing the nasty 
applications is a first-order challenge. Incidentally, you can make a difference right now by donating to the 
Lifeboat Foundation or Center for Responsible Nanotechnology, two of very few organizations focusing on this 
area. 


To some, molecular nanotechnology sounds like science fiction, and based on the grandiose applications I 
discussed in the previous paragraph, you can’t blame them. But many of the prerequisites of molecular 
manufacturing have already been demonstrated — “molecular surgery” has been used to snip off and replace 
individual hydrogen atoms, various functional nanoscale devices have been built, scanning tunneling microscopy 
has been used to mechanically manipulate individual atoms, and so on. The challenge is to create a nanoscale 
manipulator arm capable of placing individual atoms with angstrom level precision, avoiding undesired reactions, 
and serving as a universal constructor that can build a copy of itself. 


There are numerous technical challenges still outstanding, but when these are overcome, manufacturing will be 
granted the power that nature has had for hundreds of millions of years — the ability to fabricate large objects 
with molecular precision. The numerous potential applications of the technology to human enhancement are 
obvious; with molecular manufacturing, we could orchestrate elegant improvements to every single body 
component, achieving all of the upgrades described on my top ten list, and many more. 


3. Megascale Engineering 
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Most people are familiar with megascale engineering because it 1s seen throughout fiction — the Death Star, for 
instance. Typically, megascale engineering refers to building structures at least 1,000 km m length in one 
dimension, such as a space elevator, Globus Cassus, or Dyson sphere. With the self-replicating robotics 
described above, the production of such large structures could be done largely by autonomous drones, with 
intelligent agents only managing the highest top-level functions and architecture. 


Considering that mankind’s long-term future is in space, and that space right now is pretty devoid of any 
structure useful or habitable to humans, we have a lot of work to do, and if you can make the projects 
megascale, why not? 


Like some of the other items on this list, megascale engineering is only indirectly transhumanist — but is still very 
relevant to the long-term future of intelligent life. Megascale engineermg goes hand-in-hand with the grandiose 
transhumanist vision: intelligent beings spreading across the cosmos, and eventually shaping the very structure of 
the universe itself. 


The fact that these vast expanses of colonizable space are currently neglected imposes on us a vast opportunity 
cost — if we hurried up a bit and colonized them, we could give rise to tremendous numbers of people leading 
worthwhile lives. What experiences would they have, and what stories would they tell? We’ll never find out, 
unless we make it happen. 


2. Mind Uploading 


lifeboat.convex/transhumanist.technologies 12/16 


11/3/13 Top Ten Transhumanist Technologies 
| 1 he i 


= Pa Ñ 13 | 
Pe a 


Taj 


„e — a — 7] 


e a 


ba e 
j 
| 

ES 
i) s 


oe. if 


Mind uploading, sometimes referred to as nonbiological intelligence, centers around the controversial proposition 
that cognitive processing can be implemented on substrates other than our current neurons. Considering decades 
of successful results in neurophysiology, and the recent construction of the world’s first brain prosthesis — an 
artificial copy of the hippocampus — this seems very likely. It appears that our minds are defined more by the 
information pattern they embody than the particular hardware they are implemented on. 


Numerous philosophers of mind have long recognized this, but acceptance among the wider public has been a 
long time in coming: people don’t want to think that they're “just” data structures being implemented as 
computational automata on biological neurons. But it is hard to think of it any other way: once we dismiss the 
possibility of an immaterial soul, we must acknowledge the mind as a material pattern implemented in physical 
configurations, and if other substances aside from our current neurons can meet the requirements for these 
configurations, then there is no reason why intelligence and consciousness could not exist on another substrate. 
For a humorous look at this complex philosophical argument, see “They're Made Out of Meat” by Terry Bisson. 


If our brains really don’t have to be made out of meat, then we can transfer them to other substrates. By 
incrementally replacing each neuron with a synthetic neuron-equivalent, the whole process could go down 
painlessly and seamlessly. The transfer could be as slow or as fast as we want: from the information-processing 
perspective of the brain itself, nothing ever changes. Light still comes in through the eye’s lens, hits the retina, is 
transformed into nerve impulses which travel down the optic nerve, receives further processing in the visual 


cortex at the back of the bram, the highlights of which are sent to the prefrontal cortex for mtegration with 
information from the other senses. 


The brain can’t tell if it’s made out of traditional meat, or accelerated biological neurons, or entirely nonbiological 
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neuron- equivalents: the computation is the same. Sometimes this notion is also referred to as an application of the 
Church- Turing thesis. 


If entirely synthetic brains are possible, then there’s nothing stopping such persons from mhabitmg computer 
networks — not indirectly, sittmg m chairs as we currently do, but directly, engaging m computer worlds as a 
sentient program of tremendous complexity. With molecular manufacturing on hand, reversing the process would 
be as simple as printing out a hundred or so kilograms of flesh and bone again, complete with memories from the 
networked experience. 


is 


This is probably among the transhumanist visions that most reliably elicits the “yuck!” reaction, but if functionalism 
is true, then virtual experience will be indistmguishable from physical experience. Not only that, but even more 
enjoyable, due to the manifold degrees of freedom which would become newly accessible. In a virtual world, 
there are no laws of physics except those we choose. 


For a bit more on simulations, see this primer, and remember: be careful not to generalize from fictional evidence. 


1. Artificial General Intelligence (AGI) 
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As argued in the previous section, functionalism seems likely. If so, then strong AI is possible. Thinking, feeling, 
imaginng, creatmg, communicating, thoughtful synthetic mtelligences with conscious experiences. Whether serial 
computing is sufficient, or parallel computing is necessary, both are within technological reach, and present-day 
computing speeds are fast approaching the computing power of the human brain. 


In fact, according to many estimates, the fastest present-day supercomputer, Blue Gene/P, has already exceeded 
it. Blue Gene/P operates continuously at speeds of over a petaflop, which is a million billion operations per 
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second. For strong Al skeptics, no computer — even one operating at trillions of trillions of trillions of operations 
per second, is sufficient to implement true intelligence, but to functionalists like myself, such a meat-centric 
perspective is unjustified. 


Distinct from artificial inteligence in general, which has come to refer to any sophisticated software program, 
artificial general intelligence refers to Als that display open-ended learning and similar competency levels to 
human beings. 


A handful of researchers are working diligently towards artificial general intelligence, informed by the 
mathematics of inference and probability theory: Jiirgen Schmidhuber, whose “main scientific ambition has been 
to build an optimal scientist, then retire”; Marcus Hutter, author of the landmark book Universal Artificial 
Intelligence; Ben Goertzel, who recently presented his AI design in a talk to Google; and Eliezer Yudkowsky, 
who is developing a reflective decision theory from first principles. Whether or not others believe in the feasibility 
of general AI, these individuals will keep working, and one will eventually succeed. 


The way the world would be impacted by the arrival of general AI is too extreme to discuss in much detail here. 
Ifraw materials such as sand can be converted into computer chips and then into intelligent minds, eventually the 
majority of material in the solar system could be made intelligent and conscious. The result would be a “noetic 
Renaissance”: the expansion of intelligence and experience beyond our wildest dreams. 


Conversely, ifnot given empathic values, artificial mtelligence could lead to the doom ofall. It’s up to us to set 
the initial conditions appropriately: if not, we might not be around to regret it. 
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A method for drawing electricity from a non-animal organ- 
ism, the method including coupling a first electrical con- 
ductor to the non-animal organism, coupling a second elec- 
trical conductor to a ground rod, embedding the ground rod 
into soil at a predetermined depth as a function of a desired 
current level, whereby the current available from the non- 
animal organism is increased by increasing the depth that the 
ground rod is embedded into the soil, coupling an electrical 
load between the first electrical conductor and the second 
electrical conductor, the electrical load being configured to 
draw electricity from the non-animal organism via the first 
electrical conductor, and operating the electrical load using 
electricity drawn from the non-animal organism. 
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264 
Couple a charging circuit having 


switches and capacitors to a tree by 
inserting a tap into the tree 


268 
Ground the charging circuit 
2/2 
Couple a load to the charging circuit 
and the ground 
276 


Actuate the switches into a first 
(charging) state 


Provide power to the capacitors 
thereby charging each of the 
capacitors 


Allow the capacitors to charge for a 
predetermined amount of time, or 
until a power threshold is reached 


Change the switches from a first 
state to a second (discharge) state, 
thereby providing power to a load 


Operate the foad using the power 
stored in the capacitors 


A rectangle has four right angles and its opposite sides are equal 
in length (Figure 4.22). A rectangle has 2 lines of symmetry 
(Figure 4.23), and rotational symmetry of order 2. 
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Figure 4.24 Figure 4.25 Figure 4.26 


A parallelogram has opposite sides which are both parallel and 
equal in length (see Figure 4.24). A parallelogram has no lines of 
symmetry, and rotational symmetry of order 2. 


A rhombus (Figure 4.25) is a parallelogram with equal sides. It has 2 
lines of symmetry (Figure 4.26), and rotational symmetry of order 2. 
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Figure 4.27 Figure 4.28 Figure 4.29 Figure 4.30 


A trapezium (Figure 4.27) has one pair of parallel sides. It generally 
has no lines of symmetry and has rotational symmetry of order 

1. An isosceles trapezium (Figure 4.28), in which the non-parallel 
sides are equal in length, has one line of symmetry. 


A kite (Figure 4.29) has two pairs of adjacent sides with equal 
lengths, like two isosceles triangles with their bases joined. A kite has 
1 line of symmetry (Figure 4.30), and rotational symmetry of order 1. 


1 Inthe figure, work out the size of the angle marked x. 

2 Write down the names of two quadrilaterals with yaa 
rotational symmetry of order 2. 

3 Write down the names of three quadrilaterals 
whose diagonals cross at right angles. 

4 A quadrilateral has m lines of symmetry. Write down all the 
possible values of m. 

5 A quadrilateral has rotational symmetry of order n. Write down all 
the possible values of n. 


(Contd) 


4. Two-dimensional shapes 51 
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Couple a filtered charging circuit 
having switches and capacitors to a 
tree by inserting a tap into a tree 


Ground the filtered charging circuit 


Actuate the switches into a first 
(charging) state 


Filter the power provided from the 
tree into substantially DC power 


Provide the filtered substantially DC 
power to the capacitors thereby 
charging each of the capacitors 


FIG. 5 


Allow the capacitors to charge for a 
predetermined amount of time, or 
until a power threshold is reached 


Change the switches from a first 
state to a second (discharge) state, 
thereby providing power to a load 


Operate the load using the power 
stored in the capacitors 
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600 
Ss ela 605 
Couple a filtered charging circuit 
having a switch and a battery to a 
tree by inserting a tap into a tree 
610 
Ground the filtered charging circuit 
615 
Actuate the switch into a first 
(decoupled) state 
620 
Filter the power produced from the 
tree into substantially DC power 
625 
Provide the filtered substantially DC 
power to the charging circuit 
Charge the battery for a 630 
predetermined amount of time, or 
until a specific power threshold is 
FIG. 7 - 
$ 
635 
Change the switch into a second 
(coupled) state thereby providing 
power from the battery to a load 
640 


Operate the load using the power 


stored in the battery 
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1000 
1005 
Measure a voltage provided 
by a tree 
1010 
Track the voltage 
measurements over time 
Gather distance and/or 4015 


severity information of an 
approaching storm using the 
voltage measurements 


FIG. S 
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POWER FROM A NON-ANIMAL ORGANISM 


RELATED APPLICATIONS 


[0001] This application is a continuation-in-part of U.S. 
application Ser. No. 11/302,709, filed Dec. 13, 2005, which 
is incorporated by reference herein in its entirety. This 
application claims priority to U.S. Provisional Application 
No. 60/758,847, filed Jan. 13, 2006; U.S. Provisional Appli- 
cation No. 60/761,822, filed Jan. 24, 2006; U.S. Provisional 
Application No. 60/784,537, filed Mar. 21, 2006; U.S. 
Provisional Application No. 60/803,059, filed May 24, 
2006; and U.S. Provisional Application No. 60/805,676, 
filed Jun. 23, 2006, all of which are incorporated by refer- 
ence herein in their entirety. 


BACKGROUND 


[0002] Since the late-nineteenth century the use of, and 
uses for, electricity has increased tremendously, becoming a 
fundamental part of everyday life for most people. One only 
has to look at remote parts of the world to see how 
drastically different life is without electricity. Most electric 
devices in use today typically draw between a few milliwatts 
to several megawatts of power, depending on the applica- 
tion. Higher costs for the fuels needed to generate electricity, 
and a higher electrical demand in general, however, have led 
to increased electricity costs, thereby increasing the attrac- 
tiveness of alternative power sources. 

[0003] One typical use of electricity is a light emitting 
diode (LED). LEDs have seen increasing popularity in 
recent times due to a lower per unit cost and a greater 
number of available colors. LEDs are more energy efficient 
(1.e., less power is consumed) and generally have a much 
longer life expectancy than conventional filament-based 
light bulbs. In general, LEDs draw approximately 20 mA at 
2V (1.e., 40 mW) when illuminated, which is far less than 
conventional light bulbs. 

[0004] Distribution of electricity from a generation plant 
to the end-user is not a trivial problem. Thousands of miles 
of wires and cables creating a transmission network are 
involved in delivering power to consumers. The transmis- 
sion network adds costs such as material costs and the cost 
of lost energy due to the resistance of the transmission wires. 
For the average consumer of electricity, the transmission 
costs generally equal the cost of the electricity itself. Fur- 
thermore, portions of the world have no electricity because 
it is simply too far from the nearest transmission line or the 
terrain itself prohibits installation of transmission lines. 


SUMMARY 


[0005] A method for drawing electricity from a non- 
animal organism, the method including coupling a first 
electrical conductor to the non-animal organism, coupling a 
second electrical conductor to a ground rod, embedding the 
ground rod into soil at a predetermined depth as a function 
of a desired current level, whereby the current available 
from the non-animal organism is increased by increasing the 
depth that the ground rod is embedded into the soil, coupling 
an electrical load between the first electrical conductor and 
the second electrical conductor, the electrical load being 
configured to draw electricity from the non-animal organism 
via the first electrical conductor, and operating the electrical 
load using electricity drawn from the non-animal organism. 
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[0006] In general, in another aspect, the invention pro- 
vides a system including a non-animal organism, a first 
electrical conductor electrically coupled to the non-animal 
organism, a plurality of ground rods embedded into soil 
wherein a quantity of the plurality of ground rods is a 
function of a desired current level from the non-animal 
organism, whereby the current available from the non- 
animal organism is increased by increasing the quantity of 
the plurality of ground rods, a second electrical conductor 
coupled to the plurality of ground rods, and an electrical load 
coupled between the first electrical conductor and the second 
electrical conductor to draw electricity from the non-animal 
organism, the electrical load using electricity drawn from the 
non-animal organism. 

[0007] In general, in another aspect, the invention pro- 
vides a method of predicting weather using electricity from 
a non-animal organism, the method including coupling a 
first electrical conductor to the non-animal organism, cou- 
pling a second electrical conductor to a ground, coupling a 
voltmeter between the first electrical conductor and the 
second electrical conductor, measuring a voltage potential 
between the first and second electrical connectors, providing 
a weather prediction as a function of the measured voltage 
potential. 

[0008] Implementations of the invention may further 
include the following features. The method of predicting 
weather including determining a baseline voltage reading for 
the non-animal organism under a first weather condition, 
determining a plurality of voltage readings over time, com- 
paring each of the plurality of voltage readings to the 
baseline voltage reading to determine differences between 
the baseline voltage reading and each of the plurality of 
voltage readings, and calculating information indicative of a 
second, future weather condition as a function of the dif- 
ferences. 

[0009] In general, in another aspect, the invention pro- 
vides a system for use with live vegetative matter growing 
in soil, the system including a non-animal organism, a first 
electrical conductor electrically coupled to the non-animal 
organism, and a second electrical conductor coupled to the 
first electrical conductor and coupled to the live vegetative 
matter, the second electrical conductor providing electricity 
from the non-animal organism to the live vegetative matter, 
wherein the growth of the live vegetative matter is stimu- 
lated by the electricity provided by the non-animal organ- 
ism 


[0010] In general, in another aspect, the invention pro- 
vides a system including a non-animal organism, a first 
electrical conductor electrically coupled to the non-animal 
organism, a second electrical conductor coupled to a ground, 
and an electrical load coupled between the first electrical 
conductor and the second electrical conductor to draw 
electricity from the non-animal organism, the electrical load 
using electricity drawn from the non-animal organism, 
wherein the load is one of a battery, a battery charging 
circuit, a sensor, a radio frequency identification chip, a 
transmitter, a receiver, a global positioning service (GPS) 
device, a light emitting device, and a fire ignition system. 
[0011] Implementations of the invention may include one 
or more of the following features. The load is the sensor and 
the sensor is one of an oxygen sensor, an air-speed sensor, 
a humidity sensor, a barometric pressure sensor, a camera, a 
photoelectric sensor, an altitude sensor, a smoke detector, a 
microphone, and a vibration sensor. The load is the GPS 
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device and the GPS device is one of a GPS receiver, a GPS 
transmitter, a GPS guidance system, and a GPS navigation 
system. The load is the light emitting device and the light 
emitting device is one of a light emitting diode configured to 
emit visible light, and an infrared light emitting diode 
configured to emit an infrared signal. 

[0012] Various aspects of the invention may provide one 
or more of the following capabilities. A non-animal organ- 
ism, such as a member of the plant and/or fungi kingdom, 
may supply electricity to a load. Electricity may be available 
in remote areas without an electricity transmission network. 
Alternative “clean” electricity can be produced. An LED 
may be powered from a non-animal organism. Infra-red 
LEDs used in military operations may be powered. A traffic 
light may be powered from a non-animal organism. A 
security light may be powered from a non-animal organism. 
Dependence on fossil fuels to generate electricity may be 
reduced. Lighting may be provided at campgrounds and/or 
ski areas using power provided from non-animal organisms. 
Power derived from non-animal organisms may be used to 
recharge batteries in hybrid vehicles. Advance storm warn- 
ing can be obtained by measuring the voltage provided by 
the non-animal organism. 

[0013] These and other capabilities of the invention, along 
with the invention itself, will be more fully understood after 
a review of the following figures, detailed description, and 
claims. 


BRIEF DESCRIPTION OF THE FIGURES 


[0014] FIG. 1 is a diagram of an apparatus for drawing 
power from a tree. 

[0015] FIG. 2 is a diagram of a charging circuit used to 
provide power derived from a tree to a load. 

[0016] FIG. 3 is a flowchart of a process for deriving 
power from a tree using the charging circuit shown in FIG. 
2. 

[0017] FIG. 4 is a circuit diagram of a filtered charging 
circuit used in providing electricity from a tree to a load, 
including the charging circuit of FIG. 2 and a filter. 

[0018] FIG. 5 is a flowchart of a process of deriving power 
from a tree using the electrical circuit shown in FIG. 4. 
[0019] FIG. 6 is a circuit diagram of a filtered charging 
circuit used in providing electricity from a tree to a load and 
including a battery. 

[0020] FIG. 7 is a flowchart of a process of deriving power 
from a tree using the electrical circuit shown in FIG. 6. 
[0021] FIG. 8 is a flowchart of a process of determining 
storm distance and/or severity using voltage measurements 
taken from a tree. 


DETAILED DESCRIPTION 


[0022] Embodiments of the invention provide techniques 
for drawing electricity from non-animal organisms such as 
members of the plant and/or fungi kingdom, and providing 
the electricity to a load. Non-animal, non-mammal organ- 
isms such as spermatophytes, pteridophytes, succulents, 
Marattiales ferns, Ophioglossales ferns, Leptosporangiate 
ferns, Mycophycota fungi, Zygomycota fungi, Basidiomy- 
cota fungi, and Ascomycota fungi may be used. Specifically, 
electricity can be drawn from vegetative matter such as a 
living tree. The amount of available electricity has been 
found to depend on the location and type of non-animal 
organism, and to be approximately 0.5-2 volts DC, plus 
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some AC current. For example, an apparatus for using this 
energy includes a conductor inserted into a tree and con- 
nected to a positive terminal of a load. A negative conductor 
of the load is connected to a grounded conductor, thereby 
completing a circuit. Other circuitry, such as charging cir- 
cuits and/or voltage step-up circuits, may also be used. Other 
embodiments are within the scope of the invention. 


[0023] Referring to FIG. 1, an apparatus 1 for deriving 
electricity from a tree 25 includes a tap 5, a conductor 10, 
wires 15, 20, and 25, a circuit 30, and a load 35. The tap 5 
is configured to attach to, and to conduct current flow from, 
the tree 25. For example, the tap 5 may be configured to be 
inserted into the tree 25, although other configurations are 
possible (e.g., a non-invasive transformer core that sur- 
rounds the circumference of the tree 25). The wire 15 is 
electrically coupled to the tap 5 and the circuit 30. The wire 
20 is electrically coupled to the circuit 30 and the load 35. 
The wire 25 is electrically coupled to the load 35 and the 
conductor 10. The conductor 10 is electrically conductive 
and is configured to be inserted approximately two feet into 
the ground while protruding above the ground, although the 
conductor 10 may be configured to be inserted to other 
depths. By increasing the depth that the conductor 10 is 
inserted into the ground and/or using multiple conductors 
10, the load 35 can draw more current from the tree 25. The 
conductor 10 is preferably a tinned copper rod. Other 
materials and/or configurations of the conductor 10 are 
possible. For example the conductor 10 may be aluminum 
and/or connected to a “ground” connection of a typical 
household electrical system. The circuit 30 is electrically 
conductive and is configured to filter the power provided by 
the tree, to step-up (or step-down) the voltage supplied by 
the tree 25, and/or to store the power provided by the tree 25. 
The circuit 30 may perform functions other than those listed 
above. Also, embodiments of the apparatus 1 without the 
circuit 30 are possible (e.g., connecting a load directly 
between the tree 25 and the conductor 10). 


[0024] The load 35 can be any of a number of different 
devices used for a variety of purposes. For example, the load 
35 can include a lithium battery that is charged by the tree 
25, a sensor (e.g., capable of sensing temperature, air speed, 
humidity, barometric pressure, video, audio, light, vibration, 
altitude, oxygen levels), a remote sensor (e.g., over a LAN, 
WAN, the Internet, WiFi), a radio frequency identification 
(RFID) chip, a transmitter, and/or a receiver. The load 35 can 
be a device for use with a global positioning system (GPS) 
such as a GPS receiver, a GPS transmitter, a GPS guidance 
system, and/or a GPS navigation system. The load 35 can 
include a fire and/or smoke detection system, a system 
configured to charge a battery powered device (e.g., a 
mobile phone, a laptop computer, a portable GPS system, a 
flashlight, a radio), a lighting system (e.g., for recreational 
use, for military use)(including, e.g., one or more light 
emitting diodes (LEDs) such as infrared LEDs), a fire 
ignition system (e.g., for campground use), a weather detec- 
tion and/or monitoring system, an emergency alert/assis- 
tance beacon, a solar lighting backup system, and/or a 
wireless transmission system for use with a computer. The 
load 35 can include a plant (e.g., as described below in 
Experiment 4). 

[0025] Various embodiments of the tap 5 are possible. 
Preferably, the tap 5 is a stainless steel rod, e.g., a nail, 
having an outside diameter of about 0.125 inches, but other 
materials and sizes are possible. For example, brass plated or 
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aluminum rods having an outside diameter of about 0.06 
inches may be used. The tap 5 is electrically conductive 
material and is preferably of a material (e.g., stainless steel) 
that has a relatively high corrosion resistance, thus inhibiting 
increased resistance caused by corrosion. For extended use, 
the tap 5 is preferably not copper (at least on its exterior) as 
this can negatively affect (e.g., kill) many types of trees. The 
tap 5 is preferably configured to be inserted between about 
0.375 inches and about 0.75 inches into the tree 25, although 
other depths are possible. In trees with thick bark, the tap 5 
may be inserted further into the tree 25. For example, if a 
tree has bark 1 inch thick, the tap 5 may be inserted about 
1.5 inches into the tree 25. The tap 5 is preferably inserted 
into the tree 25 between about one and about six feet above 
ground level, although other heights may be used. While the 
apparatus 1 includes the one tap 5, multiple taps may be 
used. Using multiple taps in a single tree has been found to 
increase the amount of current available from the tree. The 
taps may all be the same, or one or more taps may be 
different (e.g., a different material, configured for different 
insertion depth, etc.) than another tap. 


[0026] Referring also to FIG. 2, an exemplary embodi- 
ment 40 of the apparatus 1 including an LED load 115, and 
an exemplary circuit 30 that is a charging circuit 50, which 
includes switches 55, 60, 65, 70, 75, 80, and 85, and 
capacitors 90, 95, 100, and 105. The switches 55, 60, 65, 70, 
75, 80, and 85 are single-pole double-throw (SPDT) 
switches. The switch 55 includes selective connections 56 
and 57. The switch 57 is connected on one side to the switch 
56 and the capacitor 90 and on its other side to an output 125 
configured to be connected to the load 115. The switch 60 
also includes selective connections 61 and 62. When the 
switches 55 and 60 are in a first state, the connections 56 and 
61 are closed and the connections 57 and 62 are open, 
thereby coupling the capacitor 90 between a power source 
110 (here, a tree) and a ground 120. When the switches 55 
and 60 are in a second state, the connections 56 and 61 are 
open, and the connections 57 and 62 are closed, thereby 
coupling the capacitor 90 between the load LED 115, and the 
switch 65. Each of the switches 55, 65, 75, and 85 are 
coupled to the tree 110 via the tap 107. The switches 65, 70, 
75, 80, and 85 operate as described with respect to the 
switches 55 and 60. 


[0027] The capacitors 90, 95, 100, and 105 are coupled to 
the switches 55, 60, 65, 70, 75, 80, and 85 such that when 
the switches 55, 60, 65, 70, 75, 80, and 85 are in a first state, 
the circuit 50 is in a charging state and each of the capacitors 
90, 95, 100, and 105 are coupled between the power source 
110 and the ground 120. When the switches 55, 60, 65, 70, 
75, 80, and 85 are in the first state the capacitors 90, 95, 100, 
and 105 accumulate an electrical charge. The capacitors 90, 
95, 100, and 105 are further coupled to the switches 55, 60, 
65, 70, 75, 80, and 85 such that when the switches 55, 60, 
65, 70, 75, 80, and 85 are in a second state, the circuit 50 is 
in a discharging state and the capacitors 90, 95, 100, and 105 
are coupled in series between the ground 120 and a load 115 
thus providing power to the load 115. The voltage provided 
to the load 115 is substantially equal to the sum of the 
voltages across each of the capacitors 90, 95, 100 and 105. 
The capacitors 90, 95, 100, and 105 are preferably about 
10,000 uF, but other capacitances are possible. While an 
LED is shown as the load 115, other loads may be used. 


[0028] While the charging circuit 50 is shown coupled to 
a single tree (1.e., the tree 110), other configurations are 
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possible. For example, each of the switches 55, 65, 75, and 
85 may be connected to separate trees. The switches 55, 65, 
75, and 85 could each be connected to multiple trees (or 
other non-animal organisms). One or more of the switches 
55, 65, 75, and 85 could each be connected to a single tree 
with multiple taps 107. One of the switches 55, 65, 75, and 
85 could be connected to a single tree with a single tap, with 
the remainder of the switches 55, 65, 75, and 85 being 
connected to multiple trees, each with multiple taps. One of 
the switches 55, 65, 75, and 85 could be connected to a 
single tree with multiple taps, with the remainder of the 
switches 55, 65, 75, and 85 being coupled to a single tree 
with multiple taps. Each of the switches 55, 65, 75, and 85 
may be coupled to a single tree or multiple trees using more 
than one of the tap 107. 


[0029] In operation, referring to FIG. 3, with further 
reference to FIG. 2, a process 260 for providing power 
derived from a tree to a load using the apparatus 40 includes 
the stages shown. The process 260, however, is exemplary 
only and not limiting. The process 260 may be altered, e.g., 
by having stages added, removed, or rearranged. 


[0030] At stage 264, the charging circuit 50 is coupled to 
the living non-animal organism power source 110, such as a 
tree, a plant, etc. Preferably, the tap 107 is inserted into the 
power source 110. The tap 107 is inserted approximately 
0.375 inches to 0.75 inches into the tree. Alternatively, a 
non-invasive tap may be used, e.g., a transformer core can 
be placed around a circumference of the tree. 


[0031] At stage 268, the charging circuit 50 1s grounded. 
Preferably, the charging circuit 50 1s coupled to a ground 
rod, or other suitable electrical ground, such as a ground 
connection in a typical residential power system. More 
current may be drawn from the living non-animal organism 
by the load 115 by increasing the depth that the ground rod 
is inserted into the ground and/or using multiple ground 
rods. 


[0032] At stage 272, the load 115 is coupled between the 
charging circuit 50 and the ground 120. The load 115 is 
coupled on one side to the output 125 of the charging circuit 
50 and on its other side to the ground 120. 


[0033] At stage 276, the switches 55, 60, 65, 70, 75, 80, 
and 85 are actuated into the first (charging) state. The 
connections 56 and 61 of the switches 55 and 60 are closed, 
the connections 57 and 62 of the switches 55 and 60 are 
opened, and likewise for the switches 65, 70, 75, 80, and 85. 
This couples the capacitors 90, 95, 100, and 105 to the taps 
107. 


[0034] At stage 280, the power is provided from the tree 
110 to the capacitors 90, 95, 100, and 105. The capacitors 90, 
95, 100, and 105 store energy received from the taps 107. 


[0035] At stage 284, the capacitors 90, 95, 100, and 105 
are allowed to charge. The amount of time the capacitors 90, 
95, 100, and 105 are charged may vary to suit a specific 
application. For example, to provide sufficient power to 
illuminate the LED, each of the capacitors 90, 95, 100, and 
105 is charged to 0.5 Vdc. The amount of time for the 
capacitors 90, 95, 100, and 105 to reach 0.5 Vde may vary 
depending on the amount of power supplied by a particular 
power source. 


[0036] At stage 288, the switches 55, 60, 65, 70, 75, 80, 
and 85 are changed from the first state to the second state to 
discharge the power accumulated in the capacitors 90, 95, 
100, and 105, thereby providing power to the load 115. 
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[0037] The power from the capacitors 90, 95, 100, and 105 
is used to operate the load 115, here causing the LED to emit 
light. The process 260 returns to stage 276 where the 
switches 55, 60, 65, 70, 75, 80, and 85 are changed from the 
second state to the first state, thereby providing power from 
the taps 107 to the capacitors 90, 95, 100, and 105. 


[0038] Referring to FIGS. 2 and 4, a filtered charging 
circuit 200 includes a filter circuit 205 and the charging 
circuit 50, which are coupled to a power input 215, a load 
220 (in FIGS. 2 and 4 an LED), and a ground connector 250. 
The filter circuit 205 1s coupled between the power input 215 
and the charging circuit 50, and is configured to provide 
substantially DC power to the charging circuit 50. The 
power input 215 is coupled to multiple taps 225 configured 
to be inserted into one or more trees. As described above 
with reference to FIG. 2, the charging circuit can provide the 
load 220 with a stepped-up, substantially DC voltage. 


[0039] The filter circuit 205 includes inductors 230 and 
235, and capacitors 240 and 245. The inductors 230 and 235 
are coupled in series between the power input 215 and the 
charging circuit 50 to inhibit high-frequency power pro- 
duced by the tree from reaching the charging circuit 50. The 
capacitor 240 is coupled between the junction of the induc- 
tors 230 and 235 and the ground 250. The capacitor 245 is 
coupled between the junction of the inductor 235 and the 
charging circuit 50 and the ground 250. For example, the 
inductors 230 and 235, and the capacitors 240 and 245 are 
arranged in a 2-stage pie filter configuration. The capacitors 
short-out (e.g., ground) high-frequency power produced by 
the tree, further inhibiting non-DC power from being con- 
ducted to the charging circuit 50. The inductors 230 and 235 
are preferably about 10 mH, although other inductances are 
possible. The capacitors 240 and 245 are preferably about 
470 uF, although other capacitances are possible. The charg- 
ing circuit 50 is configured to receive substantially DC 
power from the filter circuit 205, and to output intermittent 
DC power to the load 220 similar to the description provided 
above with respect to FIG. 2. 


[0040] In operation, referring to FIG. 5, with further 
reference to FIG. 4, a process 500 for providing power 
derived from a tree to the load 220 using the filtered charging 
circuit 200 includes the stages shown. The process 500, 
however, is exemplary only and not limiting. The process 
500 may be altered, e.g., by having stages added, removed, 
or rearranged. 


[0041] At stage 505, the filtered charging circuit 200 is 
coupled to the power input 215 such as a tree, a fungus, or 
other suitable non-animal organism, here by inserting the 
taps 225 into a single tree. Each of the taps 225 is inserted 
approximately 0.375 inches to approximately 0.75 inches 
into the tree. If any of the taps 225 are non-invasive, then 
that (those) taps(s) 225 (e.g., a transformer core) is (are) 
mounted accordingly. (e.g., placed around the circumference 
of a tree). 


[0042] At stage 510, the filtered charging circuit 200 is 
coupled to ground. The filtered charging circuit 200 is 
connected to the ground connector 250, such as a rod, or 
other suitable electrical ground connector (e.g., a ground 
connection in a typical residential power system). More 
current may be drawn from the living non-animal organism 
by the load 220 by increasing the depth that the ground rod 
is inserted into the ground and/or using multiple ground 
rods. 


Dec. 6, 2007 


[0043] At stage 515, the switches 55, 60, 65, 70, 75, 80, 
and 85 are actuated into a first (charging) state coupling the 
capacitors 90, 95, 100, and 105 to the filter circuit 205. 
Power flows from the filter circuit 205 to the capacitors 90, 
95, 100, and 105. 

[0044] At stage 520, the power derived from the tree is 
filtered to substantially remove alternating current (AC). At 
stage 520 the filter circuit 205 filters the power derived from 
the taps 225 into substantially DC power. The combination 
of the inductors 230 and 235 and the capacitors 240 and the 
245 substantially filters out non-DC frequencies produced 
by the tree. The inductors 230 and 235 choke the high- 
frequencies produced by the tree. The capacitors 240 and 
245 inhibit low frequency power and conduct high-fre- 
quency power to the ground connector 250. The filter circuit 
205 provides the filtered substantially DC power to the 
charging circuit 50. 

[0045] At stage 525 the filtered substantially DC power 
from the filter circuit 205 is provided to the capacitors 90, 
95, 100, and 105. The switches 55, 60, 65, 70, 75, 80, and 
85 are put in the first state to couple the circuit 205 to the 
capacitors 90, 95, 100, and 105 to provide power to, and 
charge, the capacitors 90, 95, 100, and 105. At stage 530, the 
capacitors 90, 95, 100, and 105 are allowed to charge. The 
amount of time the capacitors 90, 95, 100, and 105 are 
charged varies, and may be tailored to suit a specific 
application. For example, to provide sufficient power to 
illuminate the load 220, each of the capacitors is charged to 
0.5 Vdc. The amount of time required to reach 0.5 Vdc may 
vary depending on the amount of power supplied by a 
particular power source. 

[0046] At stage 535, the switches 55, 60, 65, 70, 75, 80, 
and 85 are changed from the first state to the second state to 
discharge the power accumulated in the capacitors 90, 95, 
100, and 105, thereby providing power to the load 220. 
[0047] After stage 535, the switches 55, 60, 65, 70, 75, 80, 
and 85 are actuated from the second state to the first state, 
thereby providing filtered substantially DC power from the 
filter circuit 205 to the charging circuit 50. The stages 515, 
520, 525, and 530 may be repeated. 

[0048] At stage 540, the power from the capacitors 90, 95, 
100, and 105 is used to operate the load 220, here causing 
the LED to emit light. The process 500 returns to stage 515 
where the switches 55, 60, 65, 70, 75, and 85 are changed 
from the second state to the first state, thereby providing 
power from the taps 225 to the capacitors 90, 95, 100, and 
105 

[0049] Referring to FIG. 6, a filtered charging circuit 300 
includes a filter circuit 305 and a charging circuit 310, which 
are coupled to a power input 315 and a load 320 (in FIG. 6, 
an LED). The filter 305 is coupled between the power input 
315 and the charging circuit 310, and is configured to 
provide substantially DC power to the charging circuit 310. 
The power input 315 is coupled to multiple taps 325 that are 
each configured to be inserted into a tree. The load 320 is 
preferably a SSL-DSP5093UWC LED (manufactured by 
Lumex Incorporated, of Palatine, I11.), although other LEDs, 
and other types of loads, may be used. 

[0050] The filter circuit 305 includes inductors 330 and 
335, capacitors 340 and 345, and an output node 347. The 
inductors 330 and 335 are coupled in series between the 
power input 315 and the output node 347 and are of 
inductances to serve as chokes of any high-frequencies 
received at the power input 315. The capacitor 340 is 
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coupled between the junction of the inductors 330 and 335 
and the ground 348. The capacitor 345 is coupled between 
the output node 347 and the ground 348. For example, the 
inductors 330 and 335, and the capacitors 340 and 345 are 
arranged in a 2-stage pie filter configuration. The inductors 
330 and 335 are preferably about 10 mH, although other 
inductances are possible. The capacitors 340 and 345 work 
in conjunction with the inductors 330 and 335 shorting-out 
high frequency signals that may have passed through the 
inductors 330 and 335, respectively. The capacitors 340 and 
345 are preferably about 470° F., although other capaci- 
tances are possible. 

[0051] The charging circuit 310 includes capacitors 350, 
355, 360, and 365, diodes 370, 375, and 380, a switch 385, 
a battery 390, and a ground connection 349 connected to the 
ground 348. Coupled between the output node 347 and the 
ground connection 349 are the capacitors 350, 355, 360, and 
365, and the diodes 370, 375, and 380, in an alternating 
series of capacitors and diodes. Anodes 371, 376, and 381 of 
the diodes 370, 375, and 380, respectively, are coupled to the 
output node 347. Cathodes 372, 377, and 382 of the diodes 
370, 375, and 380, respectively, are coupled to the ground 
connection 349. The capacitor 350 1s coupled between the 
cathode 372 of the diode 370 and the output node 347. The 
capacitor 365 is coupled between the anode 381 of the diode 
380 and the ground connection 349. The capacitors 350, 
355, 360, and 365, and the diodes 370, 375, and 380 act as 
a voltage multiplier circuit to allow filtered substantially DC 
power to charge the capacitors 350, 355, 360, and 365 (e.g., 
by summing the voltages across the capacitors 350, 355, 
360, and 365). Using the capacitors 350, 355, 360, and 365, 
and the diodes 370, 375, and 380, a higher voltage (e.g., 
2-2.5 V) is produced to charge the battery 390. The capaci- 
tors 350, 355, 360, and 365 are 5,000 uF, although other 
capacitances are possible, such as 10,000 uF. The diodes 
370, 375, and 380 are preferably 1N5417 diodes, but other 
diodes are possible. 

[0052] The battery 390 is coupled between the output node 
347 and the ground 348 such that it may receive power from 
the output node 347. The battery 390 is preferably a lithium- 
ion battery, but other batteries may be used. A positive 
terminal 391 of the battery 390 is coupled to the output node 
347 and the switch 385. A negative terminal 392 of the 
battery 390 is coupled to the ground 348. Other configura- 
tions are possible (e.g., coupling the negative terminal 392 
to the output node 347, and coupling the positive terminal 
391 to the ground 348). 

[0053] The switch 385 is coupled between a terminal 322 
of the load 320 and output node 347 to control a power flow 
to the load 320. When the switch 385 1s in an open state (as 
shown), power is inhibited (and preferably prevented) from 
flowing to the load 320. When the switch 385 is in a closed 
state, power may flow to the load 320. A terminal 321 of the 
load 320 is coupled to the ground 348. 

[0054] In operation, referring to FIG. 7, with further 
reference to FIG. 6, a process 600 for providing power 
derived from a tree to the load 320 using the filtered charging 
circuit 300 includes the stages shown. The process 600, 
however, is exemplary only and not limiting. The process 
600 may be altered, e.g., by having stages added, removed, 
or rearranged. 

[0055] At stage 605, the filtered charging circuit 300 is 
coupled to the power input 315 such as a tree, a fungus, or 
other suitable non-animal organism, here by inserting the 
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taps 325 into a single tree. Each of the taps 325 is inserted 
approximately 0.375 inches to approximately 0.75 inches 
into the tree. If any of the taps 325 are non-invasive, then 
that (those) taps(s) 325 (e.g., a transformer core) is (are) 
mounted accordingly. (e.g., placed around the circumference 
of a tree). 


[0056] At stage 610, the filtered charging circuit 300 is 
coupled to ground. The filtered charging circuit 300 is 
connected to the ground connector 349, such as a rod, or 
other suitable electrical ground connector (e.g., a ground 
connection in a typical residential power system). More 
current may be drawn from the living non-animal organism 
by the load 320 by increasing the depth that the ground rod 
is inserted into the ground. 


[0057] At stage 615, the switch 385 is actuated into the 
first state (1.e., open) where the load 320 is disconnected 
from the filtered charging circuit 300 and current is inhib- 
ited/prevented from reaching/operating the LED 320. 


[0058] At stage 620, the power derived from the tree is 
filtered to substantially remove alternating current (AC). At 
stage 620 the filter circuit 305 filters the power derived from 
the taps 325 into substantially DC power. The combination 
of the inductors 330 and 335 and the capacitors 340 and the 
345 substantially filters out non-zero frequencies produced 
by the tree. The inductors 330 and 335 choke the high- 
frequencies produced by the tree. The capacitors 340 and 
345 inhibit low frequency power and conduct high-fre- 
quency power to the ground connector 349. The filter circuit 
305 provides the filtered substantially DC power to the 
charging circuit 310. 


[0059] At stage 625, the filtered substantially DC power is 
provided to the charging circuit 310 via the output node 347. 
Power provided from the output node 347 is conducted 
through the capacitors 350, 355, 360, and 365, and the 
diodes 370, 375, and 380. The configuration of the diodes 
370, 375, and 380 allows substantially only filtered DC 
power to charge the capacitors 350, 355, 360, and 365. 


[0060] At stage 630, the battery 390 is charged using 
power from the output node 347 and the capacitors 350, 355, 
360, and 365. The amount of time the battery 390 is charged 
varies, and may be tailored to suit a specific application. The 
battery 390 may be charged for a specific predetermined 
amount of time, or may be charged until a certain power 
threshold is reached. 


[0061] At stage 635 the switch 385 is actuated into the 
second state (e.g., closed) coupling the load 320 across the 
terminals 391 and 392 of the battery 392, thereby providing 
power from the battery 390 to the LED 320. Power may also 
be provided to the load 320 from the output node 347 and/or 
the capacitors 350, 355, 360, and 365. The stages 615, 620, 
625, 630, and 635 may be repeated. 


[0062] At stage 640, the power from the capacitors 350, 
355, 360, and 365, and the battery 390 is used to operate the 
load 320, here causing the LED to emit light. The process 
600 returns to stage 615 where the switch 385 is changed 
from the second state to the first state, thereby decoupling 
the load 320 from the positive terminal 391 of the battery 
390, the output node 347, and the capacitor 350. The switch 
385 thus alternates between the first state and the second 
state to provide intermittent power to the LED 320. Alter- 
natively, the switch 385 can remain in the second state to 
provide substantially constant power to the LED 320. Other 
modes of operation are also possible. 


6 Construct an accurate drawing of quadrilateral ABCD from the 
information given below. All lengths are in centimetres. 
(a) AB = 3.7, ZA = 78°, AD = 2.1, BC = 3.1, CD = 4.6. 
(b) AB = 4.9, ZA = 114°, BD = 5.7, CD = 3.9, BC = 3.2. 
(c) AB = 4.1, ZBAD = 98°, ZABD = 34°, CD = 2.9, BC = 4.6. 
(d) AB = 3.8, AD = 2.9, BD = 4.5, ZBDC = 31°, CD = 4.7. 


4.5 Polygons 


A polygon is a shape with three or more 
straight sides. To calculate the angle sum 
of a polygon, split it into triangles. For the 
five-sided polygon in Figure 4.31, choose 
any vertex, draw as many diagonals as 
you can from that vertex, in this case two, 
splitting the five-sided polygon into three triangles. The angle sum 
of a triangle is 180°, so the angle sum of the five-sided polygon is 
3 x 180°, or 540°. 


Figure 4.31 


In general, the number of triangles into which you can split a polygon 
in this way is two less than the number of sides of the polygon. 


The table shows the angle sums and the names of some polygons. 


Number Name Number Angle sum 
of sides of triangles in degrees 

3 Triangle 1 180 

4 Quadrilateral 2 360 

5 Pentagon 3 540 

6 Hexagon 4 720 

8 Octagon 6 1080 

10 Decagon 8 1440 


A polygon whose sides and angles are equal is called regular. You 
can find the size of each angle of a regular polygon by dividing the 
sum of its angles by the number of its angles. 
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[0063] In operation, referring to FIG. 8, with further 
reference to FIG. 1, a process 1000 for determining storm 
distance and/or severity by measuring the voltage provided 
by the tree 25 includes the stages shown. The process 1000, 
however, is exemplary only and not limiting. The process 
1000 may be altered, e.g., by having stages added, removed, 
or rearranged. 

[0064] At stage 1005, the voltage provided by the tree 25 
is measured using the apparatus 1. Voltage values are 
recorded, e.g., at regular time intervals such as every 30 
seconds, although other intervals are possible. Preferably, 
the apparatus 1 is not used to provide power to a load (e.g., 
the load 35) during stage 1005, although the apparatus 1 can 
provide power to a load simultaneously with the voltage 
measurements. The voltage can be measured, for example, 
by a computer and/or manually. 

[0065] At stage 1010, the voltage measurements are 
tracked. For example, a computer system can collect the 
voltage readings at regular intervals and store the values in 
a data table with each entry in the table representing a 
discrete voltage measurement at a known time. Alterna- 
tively, a person taking manual measurements can record the 
measurements manually. 

[0066] At stage 1015, the voltage measurements are com- 
pared to a baseline voltage for the tree 25 (e.g., a voltage 
value collected on a clear day). If the voltage measurements 
decrease relative to the baseline voltage of the tree 25, then 
a conclusion can be reached and an indication can be 
provided that a storm (e.g., a lightning storm) is approach- 
ing. The amount of the voltage drop and/or the speed of the 
voltage drop when compared to the baseline voltage can be 
used to determine the severity and/or the distance of an 
approaching storm. For example, a 0.5V drop in twenty 
minutes (with the baseline voltage as a reference point) can 
result in a determination that a more severe storm is 
approaching than a 0.2V drop in an hour (with the baseline 
voltage as a reference point). The voltage readings collected 
and tracked at stages 1005 and 1010 can be used at stage 
1015 to determine information about an approaching storm 
alone (e.g., distance and/or severity), or can be combined 
with other weather tools, such as Radar and/or satellite 
imagery, used in predicting weather conditions. 


Experiment 1 


[0067] Referring to Appendix A, exemplary results of 
voltage yield tests from different trees using different tap 
configurations, different ground rod quantities, and different 
numbers of taps are shown. The tests were performed using 
the configuration shown in FIG. 1, and described in the 
corresponding written description, where the load was a 
voltmeter. The circuit 30, however, as shown in FIG. 1, was 
omitted in the tests. The tests were performed selecting 
different geographic locations of the trees, different types of 
trees, different tap materials, different tap depths, different 
tap diameters, different tap heights (1.e., height from ground 
level), different tree altitudes, varying numbers of taps, and 
varying soil conditions. As shown in Appendix A, factors 
such as the species and/or the variety of a particular plant, 
e.g., tree, affects the available voltage and/or current. For 
example, an oak tree located 40 feet above sea level and a 
maple tree located 200 feet above sea level provided differ- 
ing amounts of voltage and/or current. Trees produced a 
substantially constant DC voltage (and some AC voltage), 
while other plants produced a less-constant DC voltage than 
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trees. Furthermore, two trees, providing about 0.75V and 
0.8V (DC), respectively, were coupled in series. Approxi- 
mately 0.8V was measured from the second of the two tree 
coupled in series. 


Experiment 2 


[0068] The charging circuit 50 (of FIG. 2) was used to 
successfully power an LED. The charging circuit 50, using 
four 10,000 uF (35 Vdc) capacitors, successfully illuminated 
an SSL-DSP5093UWC LED (manufactured by Lumex 
Incorporated, of Palatine, Ill.) for approximately one second. 
The charging circuit 50 was placed in the charging state for 
approximately 1.75 hours, thereby charging the capacitors 
90, 95, 100, and 105. At the end of the charging period, there 
was approximately a 0.5 Vdc potential in each of the 
capacitors 90, 95, 100, and 105, storing approximately 
0.0125 Joules of energy in each of the capacitors 90, 95, 100, 
and 105. To light the LED, the switches 55, 60, 65, 70, 75, 
80, and 85 were actuated, changing the switches 55, 60, 65, 
70, 75, 80, and 85 from the first (charging) state, to the 
second (discharge) state, thereby providing 2 Vdc to the 
LED (4x0.5 Vdc) and illuminating the LED. After approxi- 
mately one second of the LED being illuminated, the voltage 
across the LED dropped to 1.5 Vdc and the LED no longer 
illuminated (the lower operating threshold of the SSL- 
DSP5093UWC LED 1s approximately 1.5V). The capacitors 
90, 95, 100, and 105 were allowed to recharge for approxi- 
mately one hour to again reach a 0.5 Vdc potential across 
each of the capacitors 90, 95, 100, and 105. 


Experiment 3 


[0069] The apparatus was used to collect weather related 
information (exemplary data is shown in Appendix B). 
Voltage readings were collected as a lightning storm 
approached from the West of a test site including a tree. As 
the storm approached the test site, a voltage provided by the 
tree decreased relative to prior levels. The closer the storm 
was relative to the test site, the larger the voltage drop. For 
example, when the storm was several miles away, the 
voltage provided by the tree dropped about 0.2V compared 
to a voltage measured from the tree on a clear day. As the 
storm had substantially reached the test site, the voltage 
provided by the tree had dropped approximately 0.5V com- 
pared to the voltage measured from the tree on a clear day. 
The approaching storm was an intense lightning storm, 
including positive lightning. Data consistent with the above 
description was recorded during other lightning storms. 
Observations indicate that stronger electrical activity (e.g., 
lightning) produced by a storm caused a quicker and larger 
voltage drop. Thus, by measuring the voltage provided by 
the tree 25, it was possible to gather information regarding 
the severity of an approaching storm. After a storm had 
passed over the test site, the voltage provided by the tree 
would return to “normal” levels within about thirty-five to 
forty minutes. 


Experiment 4 


[0070] A modified version of the apparatus 1 shown in 
FIG. 1 was used to stimulate/enhance the growth of plants 
including tomato and broccoli plants. Providing electricity 
produced by a tree to a plant was found to increase growth 
of the plant, to increase the plant’s resistance to pests, and 
to increase the plant’s resistance to frost. A tree was coupled 
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to a plant using the tap 5 and the wire 15, with the plant 
being the load 35. The plant’s root system replaced the 
conductor 10. 


Broccoli Plant 


[0071] One of several broccoli plants in a group near each 
other was coupled to an apple tree as described above during 
an entire growing season. Prior to coupling the apple tree to 
the broccoli plant, the apple tree produced about 1.1 Vdc and 
the broccoli plant produced an average of about 0.3 Vdc. As 
the growing season progressed, the “energized” broccoli 
plant showed increased growth and increased resistance to 
pests relative to the other neighboring broccoli plants. For 
example, the energized broccoli plant grew taller than the 
other neighboring broccoli plants, and produced a larger 
center head and more side heads than the other neighboring 
broccoli plants. An additional experiment was performed by 
energizing the smallest and weakest broccoli plant of the 
group of broccoli plants. Within about two to three days of 
being energized, the newly-energized broccoli plant was 
about the same size and height as the neighboring non- 
energized broccoli plants. 

[0072] The energized broccoli plant was not bothered by 
pests, whereas the non-energized broccoli plants were 
attacked by pests. As determined by several visual inspec- 
tions during the growing season, the energized broccoli plant 
was substantially untouched by pests, whereas the non- 
energized broccoli plants’ leaves were eaten by pests. As a 
further experiment, a worm was placed on the energized 
broccoli plant and then onto one of the other broccoli plants. 
After being placed on the “energized” broccoli plant, the 
worm did not eat the broccoli plant and fell off. When the 
same worm was placed on the non-energized broccoli plant, 
the worm began eating the broccoli plant soon thereafter. An 
additional experiment was performed by energizing a pest- 
inhabited broccoli plant. Within about one hour of being 
energized, the pests inhabiting the broccoli plant vacated the 
plant. 


Tomato Plant 


[0073] One of several Cherokee Purple tomato plants in a 
group near each other was coupled to an elm tree. Prior to 
coupling the elm tree to the tomato plant, the elm tree 
produced about 1.2 Vdc. The energized/connected tomato 
plant included four shoots, each of which were coupled to 
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the elm tree. Visual inspections of the tomato plant revealed 
that the energized tomato plant grew approximately thirty- 
three percent higher than the non-energized plants. The 
energized tomato plant also produced more tomatoes than 
the non-energized tomato plants. Furthermore, the energized 
tomato plant survived the first two frosts of the winter 
season, whereas the non-energized tomato plants died after 
the first frost. 


[0074] Other embodiments are within the scope and spirit 
of the invention, including the appended claims. Features 
implementing functions may be physically located at various 
positions, including being distributed such that portions of 
functions are implemented at different physical locations. 
Loads other than LEDs may be used, such as a transmitter, 
receiver, microchip, incandescent light source, infrared light 
source, a laser, a DC/DC voltage converter, a DC/AC 
inverter, etc. Power may be drawn from non-animal organ- 
isms other than trees. For example, broccoli plants, tomato 
plants, soybean plants, and mushrooms may be used. Also, 
potted plants, and potted trees may be used. The tap may be 
inserted into a branch of the tree. The load can draw more 
current from the tree using multiple ground rods. 


[0075] While the tap has been disclosed as a nail, other 
configurations are possible such as a staple. Non-invasive 
embodiments of the tap are possible, e.g., a donut-shaped 
transformer core placed around the circumference of a tree. 
The surface area of a tap may be increased by, for example, 
being threaded (e.g., being a screw) and/or placing out- 
wardly disposed barbs on the tap. A tap may have a flange 
disposed around the circumference of the tap to help a user 
insert the tap correctly into a tree (e.g., to the correct depth). 
A tap may include a handle to help in insertion into the tree 
and/or removal from the tree. 

[0076] While the terms “connected,” “connector,” 
“coupled,” and “connection” have been used to indicate a 
direct connection, other configurations are possible. For 
example, referring to FIG. 6, when the diode 380 is 
“coupled” to the capacitor 360, this may include indirect 
connection through another component (e.g., a resistor 
coupled between the cathode 382 of the diode 380 and the 
capacitor 360). 


[0077] The word “or” is to be construed as including the 
conjunctive and disjunctive definition. 


[0078] Further, while the description refers to the inven- 
tion, the description may include more than one invention. 


APPENDIX A 
POWER SOURCE 
DATA COLLECTION Height 
Test Time Voltage Nail Penetration Nail from No. of 
No. Intervals DC Tree Type Nail Type Depth Diameter Ground Nails Soil Type Altitude 
1 7:00 PM 0.9 VDC PINE STAINLESS 34" Lg" 3 FT 2 LOAM 
2 7:25 0.9 VDC PINE STAINLESS 34" Lg" 4 FT 2 LOAM 
3 7:40 0.9 VDC PINE STAINLESS 34" Lg" 5 FT 2 LOAM 
1 1:00 PM 1.0 VDC PINE STAINLESS 34" Lg" 5 FT 2 CLAY-SAND 
1 10 MIN -1.2 EM 34" 3% 18" 1 SAND 40 
2 -1.6 BLUE SPRUCE 34" 3% 18" 1 SAND 40 
3 -1.0 MAPLE 34" 3% 18" 1 SAND 40 
4 -1.1 MAPLE 34" 3% 18" 1 SAND 40 
5 -1.2 EM 34" 3% 18" 1 SAND 40 
6 -1.1 WALNUT 34" 3% 18" 1 SAND 40 
7 -0.8 LILAC BUSH 34" 3% 18" 1 SAND 40 
8 -1.1 ELM 34" 3% 18" 1 SAND 40 
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APPENDIX A-continued 


POWER SOURCE 


DATA COLLECTION Height 

Test Time Voltage Nail Penetration Nail from No. of 
No. Intervals DC Tree Type Nail Type Depth Diameter Ground Nails Soil Type Altitude 

9 -1.6 BLUE SPRUCE 34" 3% 18" 1 SAND 40 

10 -1.1 MAPLE 34" 3% 18" 1 SAND 40 

11 -1.1 MAPLE 34" 3% 18" 1 SAND 40 

12 -1.4 BIRCH 34" 3% 18" 1 SAND 40 

13 -1.4 BIRCH 34" 3% 36" 1 SAND 40 

14 -1.5 BIRCH 34" 3% a 1 SAND 40 

15 -1.2 OAK a" 3% 18" 4 SAND 40 

16 -1.2 ELM a" 3% 18" 1 SAND 40 

17 -1.5 APPLE 34" 3% 18" 1 SAND 40 

18 -1.5 APPLE 34" 3% 36" 1 SAND 40 

19 -1.3 OAK a" 3% 18" 1 SAND 40 

20 -1.2 MAPLE 34" 3% 18" 1 SAND 40 

21 -0.8 ? BUSH 34" 3% 127 1 SAND 40 

22 -1.1 ELDER 34" 3% 18" 1 SAND 40 

23 -1.6 SPRUCE 34" 3% 18" 1 SAND 40 

24 -1.2 OAK a" 3% 18" 1 SAND 40 

25 -1.1 GREEN 34" 3% 18" 1 SAND 40 

26 -1.1 SPRUCE 34" 3% 36" 1 SAND 40 

27 -1.1 34" 3% 48" 1 SAND 40 

28 -1.1 a" 3% 8" 1 SAND 40 

29 -1.1 34" 3% a 1 SAND 40 

30 -1.1 4" 3% 4" 1 SAND 40 

31 -1.0 BIRCH 34" 3% 18" 1 SAND 40 

32 -1.0 BIRCH 34" 3% 12" 1 SAND 40 

33 -1.0 BIRCH 34" 3% 5" 1 SAND 40 

34 -1.1 MAPLE 34" 3% 18" 1 SAND 40 

35 -1.4 OAK 34" 3% 18" 1 SAND 40 

36 -0.9 ? 34" 3% 12" 1 SAND 40 

37 1.1 ELM 34" 3% 18" 1 SAND 40 

38 1.2 ELM 34" Ya to 3% 18" 1 SAND APPOX 60 

39 1.1 OAK 4" Ya to 3% 18" 1 SAND APPOX 60 

40 1.1 OAK 34" 14 to 3% 18" 1 SAND APPOX 60 

41 1.2 ELM 34" Ya to 3% 18" 1 SAND APPOX 60 

42 1.0 BIRCH 4" Ya to 3% 18" 1 SAND APPOX 60 

43 1.2 MAPLE 4" Ya to 3% 18" 1 SAND APPOX 60 

44 14 BLUE SPRUCE 34" 14 to 3% 18" 1 SAND APPOX 60 

45 1.1 ELM 34" Ya to 3% 18" 1 SAND APPOX 60 

45 1.3 MAPLE 34" Ya to 3% 18" 1 SAND APPOX 60 

47 1.1 MAPLE 4" Ya to 3% 18" 1 SAND APPOX 60 

48 -1.2 APPLE 34" Ya to 3% 18" 5 SAND 40 

49 -1.2 APPLE 4" Ya to 3% 30" 4 SAND 40 

50 -1.3 WILLOW 4" Ya to 3% 18" 1 SAND 40 

51 -1.3 WILLOW 34" Ya to 3% 24" 1 SAND 40 

52 -1.3 WILLOW 34" 14 to 3% 36" 1 SAND 40 

53 -1.0 MAPLE 34" Ya to 3% 18" 1 SAND 40 

54 -1.1 MAPLE 34" Ya to 3% o" 1 SAND 40 

55 -1.2 ELM 34" Ya to 3% 18" 1 SAND 40 

56 13 OAK 34" 14 to 34 18" 1 SAND CLAY 120 

57 1.1 ELM 4" Ya to 3% 18" 1 SAND CLAY 120 

58 14  SASAFRAS 34" Ya to % 18" 1 SAND CLAY 120 

59 10 OAK 34" Ya to 3% 18" 1 SAND CLAY 120 

60 10 OAK 4 14 to 3% 38" 1 SAND CLAY 120 

61 1.2 OAK 34" Ya to % o" 1 SAND CLAY 120 

62 1.3 SPRUCE 34" Ya to % 18" 1 SAND CLAY 120 

63 14 SPRUCE 34" Ya to % 30" 1 SAND CLAY 120 

64 1.2 MAPLE 34" Ya to 3% 18" 1 SAND CLAY 120 

65 1.1. CEDAR 4" Ya to % 18" 1 SAND 40 

66 14 CHERRY 34" Ya to 3% 18" 1 SAND 40 

67 1.4 CHERRY 34" 14 to 3% 12" 1 SAND 40 

68 1.5 CHERRY 34" Ya to 3% OF 1 SAND 40 

69 14 CHERRY 34" la to 3% 36" 1 SAND 40 

70 1.1 CEDAR 34" Ya to 3% 18" 1 SAND 40 

71 1.2 MAPLE 34" 14 to 3% 18" 1 SAND 40 

72 1.2 MAPLE 34" Ya to 3% 36" 1 SAND 40 

73 1.3 MAPLE 34" Ya to 3% o" 1 SAND 40 
112 0.9 CEDAR 34" Ya to 3% 18" 1 SAND 40' 
113 0.9 CEDAR 34" 14 to 3% 36" 1 SAND 40' 
114 1.0 CEDAR 34" Ya to 3% o" 1 SAND 40' 
115 1.0 CEDAR 34" Ya to 3% o" 1 SAND 40’ 
116 13 OAK 34" Ya to 3% 18" 1 SAND 200' 
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APPENDIX A-continued 


POWER SOURCE 


DATA COLLECTION Height 

Test Time Voltage Nail Penetration Nail from No. of 

No. Intervals DC Tree Type Nail Type Depth Diameter Ground Nails Soil Type Altitude 
117 1.3 OAK a" Ya to 3% 24" 1 SAND 200' 
118 1.3 OAK 34" 14 to 3% 48" 1 SAND 200' 
119 1.3 OAK 34" Ya to 3% o" 1 SAND 200' 
120 1.1 MAPLE a" Ya to 3% 18" 1 SAND 200' 
121 1.1 MAPLE a" Ya to 3% 24" 1 SAND 200' 
122 1.2 MAPLE a" Ya to 3% o" 1 SAND 200' 
123 14 SPRUCE a" Ya to 3% 18" 1 SAND 200' 
124 1.5 SPRUCE a" Ya to 3% o" 1 SAND 200' 
125 1.2 OAK 34" 14 to 3% 18" 1 SAND 200' 
126 1.2 OAK a" Ya to 3% 24" 1 SAND 200' 
127 13 OAK a" Ya to 3% o" 1 SAND 200' 
128 1.0 MAPLE a" Ya to 3% 18" 1 SAND 200' 
129 1.0 MAPLE 34" 14 to 3% 24" 1 SAND 200' 
130 1.0 MAPLE a" Ya to 3% 36" 1 SAND 200' 
131 1.1 MAPLE a" Ya to 3% o" 1 SAND 200' 
132 -1.2 MAPLE a" Ya to 3% 24" 1 SAND 200' 
133 -1.2 MAPLE 34" 14 to 3% 24" 4 SAND 200' 
134 -1.2 ELM Sa" Ya to 3% 18" 1 SAND 200' 
135 -1.2 ELM 34" Ya to 3% 30" 1 SAND 200' 
136 -1.3 ELM a" Ya to 3% 44" 8 SAND 200' 
137 -1.2 ELM 34" 14 to 3% 60" 1 SAND 200' 
138 -1.4 SPRUCE 4" Ya to 3% 8" 1 SAND 200' 
139 1.2 ELM 34" Ya to 3% 20" 1 SAND 140' 
140 1.2 ELM Sa" Ya to 3% 28" 1 SAND 140' 
141 1.2 ELM 34" 14 to 3% 36" 1 SAND 140' 
142 1.4 ELM 34" Ya to 3% o" 1 SAND 140' 
143 1.6 SPRUCE 34" Ya to 3% 18" 1 SAND 140' 
144 1.6 SPRUCE 34" Ya to 3% 30" 1 SAND 140' 
145 14 SPRUCE 34" 14 to 3% o” 1 SAND 140' 
146 1.1 MAPLE 34" Ya to 3% 18" 1 SAND 140' 
147 1.1 MAPLE 4" Ya to 3% 24" 1 SAND 140' 
148 1.1 MAPLE 34 14 to 3% 46" 1 SAND 140' 
149 1.3 MAPLE 4" Ya to 3% o" 1 SAND 140' 
150 1.1 OAK 34 1448 18" SAND 140' 
151 1.1 OAK 34 1448 28" SAND CLAY 140' 
152 1.1 OAK 34 YA 38" SAND CLAY 140' 
153 1.2 OAK 34 1448 49" SAND CLAY 140' 
154 1.2 OAK 34 144 0" SAND CLAY 140' 
155 0.9 RED OAK 34 1448 18" 1 SAND CLAY 140' 
156 09 RED OAK 34 4—3% 30" 1 SAND CLAY 140' 
157 0.8 RED OAK 34 144 56" 1 SAND CLAY 140' 
158 1.1 RED OAK 34 1448 0" 1 SAND CLAY 140' 
159 1.2 SUGAR MAPLE 34 144 18" 1 SAND CLAY 140' 
160 1.2 SUGAR MAPLE 34 YA 25" 1 SAND CLAY 140' 
161 1.3 SUGAR MAPLE 34 1448 0" 1 SAND CLAY 140' 
162 1.4 SUGAR MAPLE 34 448 18" 1 SAND CLAY 140' 
163 1.2 BLACK CHERRY 34 4—3% 17" 1 SAND CLAY 140' 
164 1.2 BLACK CHERRY 34 YA 25° 1 SAND CLAY 140' 
165 13 BLACK CHERRY 34 4—3% 0" 1 SAND CLAY 140' 
166 1.4 BLACK CHERRY 34 448 20" 12 SAND CLAY 140' 
167 14 PEAR 34 44 0" 1 SAND CLAY 140' 
168 1.1 PEAR 34 14—36 18" 1 SAND CLAY 140' 
169 1.1 WILLOW 34 144 27" 1 SAND CLAY 140' 
170 1.3 WILLOW 34 1448 0" 1 SAND CLAY 140' 
171 1.6 WILLOW 34 144 18" 1 SAND CLAY 140’ 
172 1.1 SPRUCE 34 14—34 20" 1 SAND CLAY 140' 
173 1.1 BEECH Ya ÉS 30" 1 SAND 40 
174 1.1 BEECH 34 YA 40" 1 SAND 40’ 
175 1.1 BEECH 34 143g 50" 1 SAND 40' 
176 1.0 ‘BEECH 3 inch 14—33% 20" 1 SAND 40' 
177 1.0 BEECH 5 inch 44g 20" 1 SAND 40’ 
178 1.2 BEECH staple 44g 20" 1 SAND 40’ 
179 1.0 ELM 34 43g 18" 1 SAND 40’ 
180 1.0 ELM 3 inch 44g 36" 1 SAND 40’ 
181 0.9 ELM 5 inch 14—36 36" 1 SAND 40' 
182 1.2 ELM staple 14—33% 36" 1 SAND 40' 
183 1.1 BIRCH 34 14% 18" 1 SAND 40’ 
184 1.3 ELM 34 14—33% 18" 1 SAND 140' 
185 1.3 ELM 34 14—33% 36" 1 SAND 140' 
186 1.4 ELM 34 143% o" 1 SAND 140’ 
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No. Intervals DE Tree Type 
187 14 SPRUCE 
188 14 SPRUCE 
189 15 SPRUCE 
190 13 OAK 
191 13 OAK 
192 13 OAK 
193 14 OAK 
194 1.3 APPLE? 
195 1.3 APPLE 
196 1.1 PINE 
197 1.1 PINE 
198 1.0 MAPLE 
199 1.0 MAPLE 
200 1.2 BLACK CHERRY 
201 1.2 BLACK CHERRY 
202 1.2 BLACK CHERRY 
203 13 BLACK CHERRY 
204 1.1 LILAC 
205 1.1 LILAC 
206 1.1 LILAC 
207 11 ELM 
208 1.1 ELM 
209 1.1 ELM 
210 1.3 SPRUCE 
211 1.3 SPRUCE 
212 1.3 SPRUCE 
213 13 SPRUCE 
214 -1.2 ELM 
215 -1.2 ELM 
216 -1.3 ELM 
217 -1.1 MAPLE 
218 -1.3 APPLE 
219 -1.3 APPLE 
220 -13 APPLE 
221 -1.4 SPRUCE 
222 -1.4 SPRUCE 
223 -1.4 SPRUCE 
224 -1.1 MAPLE 
225 -1.1 MAPLE 
226 -1.0 ELM 
227 -1.0 ELM 
228 -1.0 ELM 
229 -1.2 BEECH 
230 -1.2 BEECH 
231 -1.2 BEECH 
232 -1.3 OAK 
233 -1.3 OAK 
234 -1.3 OAK 
235 -1.4 OAK 
236 -1.2 BIRCH 
237 -1.3 BIRCH 
238 -1.3 BIRCH 
239 -1.2 BIRCH 
240 -1.1 POPLAR 
241 -1.1 POPLAR 
242 -1.2 POPLAR 
243 -1.2 POPLAR 
244 -1.1 ELM 
245 -1.1 ELM 
246 -1.2 BLACKBERRY 
247 -1.2 BLACKBERRY 
248 -0.9 WILLOW 
249 -1.0 WILLOW 
250 -1.1 WILLOW 
251 -0.8  BROCOLLI 
252 -0.7 BROCOLLI 
253 -1.1 ELM 
254 -1.1 ELM 
255 -1.0 ELM 
256 -1.0 ELM 
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Nail Type 


34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
344" 
34" 
34" 
34" 
344" 
34" 
34" 
344" 
34" 
34" 
34" 
344" 
34" 
34" 
34" 
34 
34" 
34" 
34" 
34 
34" 
34" 
34" 
34 
34" 
34" 
34" 
344" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
34" 
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POWER SOURCE 
DATA COLLECTION 


Nail Penetration 


Depth 


la to 3% 
14 to 34 
14 to 3% 
la to 3% 
4 to 3% 
14 to 3% 
4 to 3% 
la to 3% 
14 to 34 
14 to 3% 
4 to 3% 
14 to 3% 
14 to 34 
14 to 3% 
la to 3% 
14 to 3% 
14 to 34 
la to 3% 
14 to 3% 
14 to 3% 
14 to 34 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 34 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 34 
14 to 3% 
14 to 3% 
14 to 34 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 34 
14 to 3% 
la to 3% 
la to 3% 
14 to 3% 
14 to 3% 
la to 3% 
14 to 3% 
14 to 34 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 3% 
14 to 34 
14 to 3% 
14 to 3% 
14 to 34 
14 to 3% 
la to % 
la to 3% 
la to 3% 
la to 3% 
la to 3% 
la to 3% 
la to 3% 
la to % 
la to 3% 
la to 3% 
14 t0 3% 
la to 3% 
la to 3% 


Height 


from 


Ground 


18" 
34" 
0 
18” 
36" 
48" 
0 
18” 
30" 
18” 
36" 
18” 
36" 
12" 
20" 
48" 
0 
14” 
22 
40" 
18” 
36" 
50" 
18” 
30" 
50" 
74" 
20" 
36" 
0 
18” 
14” 
25" 
50" 
14" 
22" 
36" 
18” 
36" 
20" 
40" 
50" 
18" 
24" 
38" 
16" 
28" 
38" 
0 
18” 
30" 
44" 
0 
18” 
24" 
36" 
48" 
18" 
28" 
210"? 
16" 
12" 
20" 
0 

g" 
LEAF 
14" 
20" 
18" 
36" 


No. of 
Nails 


Ri A a pa ps ps pd pd pl pd pd pd pl pd pd pd pd pl pd pd pd pl pd pd pd pd pd pd pd pl pd pd pd pl pd pd pd pl pd pd pd O A A A pa pa pa pl pl pl pd pl pl pd pd pl pd pd pd pl pd pd pd pl pd pl pl pl 
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Soil Type Altitude 
SAND 140 
SAND 140 
SAND 140 
SAND 140 
SAND 140 
SAND 140 
SAND 140 
SAND 140 
SAND 140 
SAND 140 
SAND 140 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
SAND 40 
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APPENDIX A-continued 


POWER SOURCE 


DATA COLLECTION Height 
Test Time Voltage Nail Penetration Nail from No. of 
No. Intervals DE Tree Type Nail Type Depth Diameter Ground Nails Soil Type Altitude 
257 -1.1 WALNUT a" la to 34 18" 1 SAND 40 
258 -0.3 WALNUT 34" YA to 3% 18" 1 SAND 40 
259 -0.4 PINE 34" la to 3 16" 1 SAND 40 
260 -0.9 PINE a" Ya to 3 0 1 SAND 40 
261 -1.2 PINE a" la to 3 20" 1 SAND 40 
262 -1.2 PINE a" la to 3% 40" 1 SAND 40 
263 -1.3 PINE a" la to 34 0 1 SAND 40 
264 -1.1 LILAC a" la to 3 120 1 SAND 40 
265 -1.1 LILAC 34" Ya to 3% 18" 1 SAND 40 
266 -1.0 MAPLE a" la to 34 2. 1 SAND 40 
267 -1.0 MAPLE a" la to 34 0 1 SAND 40 
268 -1.1 PINE a" Ya to 34 18" 1 SAND 40 
269 -1.0 PINE 34" YA to 34 32" 1 SAND 40 
270 -1.3 LEMON a" Ya to 3 18" 1 SAND 40 
271 -0.9 TOMATO a" la to 3% 6" 1 SAND 40 
272 -0.8 CAULIFLOWER 34" Ya to 3 2" 1 SAND 40 
273 0.0 GRASS 34" YA to 3% 0 Alligator SAND 40 
clip 

274 -1.1 PINE 4" Ya to 3 16" 1 SAND 40 
275 -1.1 MAPLE a" Ya to 34 15" 1 SAND 40 
276 -1.1 MAPLE 34" YA to 3% 28" 1 SAND 40 
277 -1.0 MAPLE 4" la to 34 307 1 SAND 40 
278 -1.0 ELM 34" Ya to 34 25" 1 SAND 40 
279 -1.1 ELM Sa" Ya to 34 35" 1 SAND 40 
280 -0.9 MAPLE 34" Ya to 3% 18" 1 SAND 40 
281 -1.0 MAPLE 4" Ya to 34 36" 1 SAND 40 
282 -1.0 CEDAR 4" Ya to 3% 18" 1 SAND 40 
283 -1.1 CEDAR 4" Ya to 3% 30" 1 SAND 40 
284 -1.0 BASSWOOD 34" Ya to 3% 20" 1 SAND 40 
285 -1.0 BASSWOOD 34" Ya to 34 36" 1 SAND 40 
286 -1.0 BASSWOOD 34" Ya to 34 48" 1 SAND 40 
287 -1.0 BASSWOOD 34" YA to 3% 65" 1 SAND 40 
290 0.0 TELE POLE 34" Ya to 34 24" 1 SAND 40 
291 -0.9 LILAC 34" Ya to 34 16" 1 SAND 40 
293 -1.4 SPRUCE 34" Ya to 34 18" 1 SAND 40 
294 -1.4 SPRUCE 34" YA to 3% 28" 1 SAND 40 
295 -1.3 SPRUCE 34" Ya to 34 40" 1 SAND 40 
296 -1.1 ELM 34" Ya to 3% 16” 1 SAND 40 
297 -1.2 APPLE 34" Ya to 3% 16" 1 SAND 40 
298 -1.2 APPLE 34" Ya to 3% 24" 1 SAND 40 
299 -1.1 MAPLE 4" Ya to 3% 18" 1 SAND 40 
300 -1.1 MAPLE 4" Ya to 3% 30" 1 SAND 40 
301 -1.2 MAPLE 34" Ya to 3% 0 1 SAND 40 
302 -1.2 APPLE 34" Ya to 3% 16” 1 SAND 40 
303 -1.2 APPLE 34" Ya to 3% 1 SAND 40 

BROCCOLI 
304 -1.2 APPLE 4" Ya to 3% 1 SAND 40 

BROCCOLI 
305 -1.2 APPLE 4" Ya to 3% 1 SAND 40 

BROCCOLI 

-continued 
No. of No. of 

No. of ground Ground DC AC Current No. of ground Ground DC AC Current 


taps Material rods material Voltage Voltage (mA) eps Matemal sie menal VOAS Vole Ena) 


2 Roofing 1 Copper 1.02 1.20 20 
1 Roofing 1 Copper 1.02 1.20 15 Nail 
Nail 2 Roofing 2 Copper 1.00 1.20 27 
1 Roofing 2 Copper 1:02 1.20 21 Nail 
Nail 2 Roofing 3 Copper 1.00 1.20 35 
1 Roofing 3 Copper 1.02 1.20 28 Nail 
Nail 2 Roofing 6 Copper 1.01 1.20 57 
1 Roofing 6 Copper 1.00 1.20 45 Nail 
Nail 
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Conductor Conductor DC AC Current Test 3: 
1 Media 2 Media Voltage Voltage (mADC) 
DC Voltage 
Copper Tree Copper Earth 0.50 0.60 10 Time Storm distance from tree 
Copper Tree Copper Tree 0.01 0.00 0.00 
Roofing Tree Copper Earth 0.72 0.80 30 Baseline Voltage — 1.1 V 
Nail 7:45 PM 50—60 miles 1.1 V 
Roofing Tree Copper Tree 0.85 0.00 20 7:55 PM 40-50 miles 0.72 V 
Nail 0.85 V 
Roofing Tree Roofing Tree 0.02 0.00 0.00 0.72 V 
Nail Nail 9:16 PM Dissipated 1.1 V 
Roofing Tree Roofing Earth 0.46 0.50 1.0 
Nail Nail 
[0082] The 7:55 PM measurements reflect fluctuations 
when lightning strikes occurred. 
DC AC Current 
Conductor 1 Media Conductor 2 Media Voltage Voltage (ADC) Elevation 
Roofing Potted Copper Earth 0.60 0.20 22 Ground 
Nail Tree level 
Roofing Potted Copper Earth 0.60 0.20 21 1” thick 
Nail Tree pine 
board 
Roofing Potted Copper Earth 0.59 0.59 21 16" 
Nail Tree wooden 
box 
Roofing Potted Copper Earth 0.00 0.00 0.00 Held 
Nail Tree waist 
high 
[0079] The potted tree was a Norfolk Island Pine approxi- What 1s claimed is: 


mately three feet tall, which was potted in a plastic pot about 


1. A method for drawing electricity from a non-animal 
40 mils. thick. 


organism, the method comprising: 
coupling a first electrical conductor to the non-animal 
organism; 
coupling a second electrical conductor to a ground rod; 
embedding the ground rod into soil at a predetermined 


APPENDIX B 


Test 1: 


, , DC Voltage depth as a function of a desired current level, whereby 
Time Storm distance from tree : è E ‘ 
the current available from the non-animal organism is 
Baseline Voltage — 1.2 V increased by increasing the depth that the ground rod is 
11:00 AM About 100 miles 1.1 V embedded into the soil: 
12:00 PM About 50—60 mil 1.0 V ; ; i E 
dd E 05V coupling an electrical load between the first electrical 
EOV conductor and the second electrical conductor, the 
o 0.5 V electrical load being configured to draw electricity from 
AN Dissipatca Hew the non-animal organism via the first electrical conduc- 
tor; and 
[0080] The 12:00 PM measurements reflect fluctuations operating the electrical load using electricity drawn from 


when lightning strikes occurred. the non-animal organism. 
2. A system comprising: 
a non-animal organism; 


Test_2: : š 
a a first electrical conductor electrically coupled to the 


DC Voltage non-animal organism; 

Time Storm distance from tree a plurality of ground rods embedded into soil wherein a 
Baseline Voltage = 12V quantity of the plurality of ground rods is a function of 
3:00 PM 50-60 miles 1.1 V a desired current level from the non-animal organism, 
ALE 40-50 miles 1.0 V whereby the current available from the non-animal 
T ` organism is increased by increasing the quantity of the 

03 V plurality of ground rods; 
3:30 PM Dissipated 1.2 V a second electrical conductor coupled to the plurality of 

ground rods; and 

[0081] The 3:15 PM measurements reflect fluctuations an electrical load coupled between the first electrical 


when lightning strikes occurred. 


conductor and the second electrical conductor to draw 
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electricity from the non-animal organism, the electrical 
load using electricity drawn from the non-animal 
organism. 
3. A method of predicting weather using electricity from 
a non-animal organism, the method comprising: 
coupling a first electrical conductor to the non-animal 
organism; 
coupling a second electrical conductor to a ground; 
coupling a voltmeter between the first electrical conductor 
and the second electrical conductor; 
measuring a voltage potential between the first and second 
electrical connectors; 
providing a weather prediction as a function of the 
measured voltage potential. 
4. The method of predicting weather of claim 3 further 
comprising: 
determining a baseline voltage reading for the non-animal 
organism under a first weather condition; 
determining a plurality of voltage readings over time; 
comparing each of the plurality of voltage readings to the 
baseline voltage reading to determine differences 
between the baseline voltage reading and each of the 
plurality of voltage readings; and 
calculating information indicative of a second, future 
weather condition as a function of the differences. 
5. A system for use with live vegetative matter growing in 
soil, the system comprising: 
a non-animal organism; 
a first electrical conductor electrically coupled to the 
non-animal organism; and 
a second electrical conductor coupled to the first electrical 
conductor and coupled to the live vegetative matter, the 
second electrical conductor providing electricity from 
the non-animal organism to the live vegetative matter; 
wherein the growth of the live vegetative matter is stimu- 
lated by the electricity provided by the non-animal 
organism. 
6. A system comprising: 
a non-animal organism; 
a first electrical conductor electrically coupled to the 
non-animal organism; 
a second electrical conductor coupled to a ground; and 
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an electrical load coupled between the first electrical 
conductor and the second electrical conductor to draw 
electricity from the non-animal organism, the electrical 
load using electricity drawn from the non-animal 
organism; 

wherein the load is selected from the group consisting of: 

a battery; 

a battery charging circuit; 

a sensor; 

a radio frequency identification chip; 

a transmitter; 

a receiver; 

a global positioning service (GPS) device; 
a light emitting device; and 

a fire ignition system. 

7. The system of claim 6 wherein the load is the sensor 
and the sensor is selected from the group consisting of: 

an oxygen sensor; 

an air-speed sensor; 

a humidity sensor; 

a barometric pressure sensor; 

a camera; 

a photoelectric sensor; 

a altitude sensor; 

a smoke detector; 

a microphone; and 

a vibration sensor. 

8. The system of claim 6 wherein the load is the GPS 
device and the GPS device is selected from the group 
consisting of: 

a GPS receiver; 

a GPS transmitter; 

a GPS guidance system; and 

a GPS navigation system. 

9. The system of claim 6 wherein the load is the light 
emitting device and the light emitting device is selected 
from the group consisting of: 

a light emitting diode configured to emit visible light; and 

an infrared light emitting diode configured to emit an 

infrared signal. 
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3 Ugly/Ground Plane Construction 


Js The Method I Use in Building My Simple Receivers 


Oct. 7, 2006 by Rick Andersen, KE3IJ 


— 3 Occasionally | get emails from readers who want to know how | build these simple radio receiver circuits on an "L-shaped 
_g chassis" without cutting and scoring the copper, what | mean by "L-shaped chassis,” or "what's all this about 10 megohm 
-  resistors?", etc. | tend to forget that not everybody has done this before, and | usually take it for granted that the reader is 
an accomplished "basement-tinkerer" and should therefore be able to just look at a schematic diagram and then come up 

æ with his own layout and method of construction. Sorry if | have annoyed anyone -- that wasn't my intention. 


When | first design a circuit, | make what a friend of mine used to refer to as a "Spider" (or, "spider-web")-- basically just 
A construct the circuit by soldering the components together, lead by lead, into a reasonable facsimile of the schematic (no 
chassis or pc board necessary-- the stiffness of the soldered leads themselves hold the "spider" circuit together). This 
method is quick, and allows me to modify things fairly easily. It also grows rather quickly into a "haywire monstrosity" if | 
allow it. 


“y Sometimes | do use a piece of copper-clad pc board as a ground plane, even during the "spider" stage, as the photo 
below illustrates: 


To make things a bit clearer to you who have never built projects in this way before, | have attempted a free-hand diagram 
using Microsoft "Paint", which | converted to a .gif file and which you see below. 


In the top-center of the diagram is the schematic for a simple common-emitter audio amplifier stage. The left side of the 
diagram illustrates how one might translate that schematic into an actual circuit on the copper-clad pc board. At right is a 
* diagram of the "L-shaped Chassis." This is the style in which | build most of my circuits. 


Basically, | use 2 pieces of 5x7 inch copper-clad pc board, available in the USA at Radio Shack [free plug]. One piece lies 
flat (the bottom piece), which is what | have shown in the diagram. | build my circuit on this bottom piece, using the copper 
floor as my ground connections ("ground plane"). Any resistors, caps, etc., that go to ground in the schematic, are literally 
_ soldered to this bottom ground plane and stood upright. At their top ends, the rest of the circuit is soldered, suspended up 
above the ground plane. Anywhere that | think | need some mechanical stability, | use a vertical 10 Megohm resistor, 
which acts to prop up and support the rest of the wiring above the ground plane. For most of the circuits | build, 10 

A Megohms is much higher a resistance value than any of the resistors in the circuit itself; therefore, the circuit pretty much 
4 ignores the 10M "posts", electrically, and they remain simply a mechanical "standoff insulator". The 2nd piece of copper 
clad board is drilled for switches, potentiometers, tuning caps, and earphone jacks, etc., and then is soldered at right 
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Ground Plane Construction of Simple Radios 


angles to the flat bottom piece, making an "L-shaped chassis". It also helps to solder triangular pieces of copper-clad 
board as mechanical braces, at the corners where the front panel is soldered to the bottom ground plane. 


Example Circuit 
Use 10 Meg 
wherever a sturdy 
"post" is needed 


Front Panel 


colder to "ground plane" 
Triangular 


Ground Plane Reintorcement 


Copperclad pc board 


Copper surface 


Below is a photo of my 2006 creation, the "AGC-80", a Regen receiver for the 80 Meter ham band with audio-derived 
AGC. There's an article on this receiver elsewhere on this website; meanwhile, notice that it is built in the same way 
outlined above-- an "L-shaped" chassis made of a bottom piece of copper-clad board, soldered to a vertical piece of the 
same kind of board which is the front panel. [l also added a back wall to hold the antenna jack, and a right wall to hold the 
audio output jack, as well as a triangular reinforcement piece of copper-clad, at bottom-left between the front panel and 
bottom piece, although you can't see it in this photo.] 


To the right of the AGC-80 is the infamous Radio Shack/Archer little beige Amplified Speaker that I'm always mentioning. | 
may knock Radio Shack for other reasons [for example, that they have pretty much left us hobbyists behind, and have 
become just another consumer electronics store] but | will always say good things about their little $12.95 beige-colored 
Amplified Speaker. It works like a charm for the kind of projects | build. | also run an audio cable out of the Radio Shack 
amp to a bigger speaker, for better-quality sound-- in the photo you can see a white "Optimus" computer speaker pressed 
into this service. While the Radio Shack's speaker does a fine job, the Optimus sounds quite a bit louder and way nicer. Of 
course, you may argue that a real Electronics Geek rolls his own audio amp rather than rely on a commercially-made, 
external one. Well, I'm often too impatient to build the audio power amp myself, after having spent hours or days getting 
the RF part of the radio to work the way | want. Also, homemade audio amps tend to oscillate (squeal, motorboat, howl) in 
mysterious ways once lovingly installed on the same circuit board as the RF circuitry.... After a while one grows tired of 
trying 50 ways to make it happy, and would rather just hook up an Amplified Speaker and be done with it. 


To each his own. 
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Insight 
Be careful: when a question says “pentagon” it means a 
five-sided shape and not necessarily a regular pentagon. 


4.6 Interior and exterior angles 


So far in your study of polygons, 
the angles you have been given or 
have had to find have been inside 
the polygon. These angles are called 
interior angles. If you extend a side, 
as in Figure 4.32, the angle outside 
the shape is called an exterior angle. Figure 4.32 


Exterior 
angle 


There is a surprising fact about the sum of the exterior angles of a 
polygon. Suppose that you are walking round the polygon, starting 
from A and facing B. Walk to B, and when you get there, turn 
from the direction BP to the direction BC. Now walk to C, and 
when you get there, turn from the direction CO to the direction 
CD. Continue in this way, until you come back to A, and you turn 
from AT to face B, and you are back where you started, and facing 
in the same direction. On the way, you have turned through an 
angle equal to the angle sum of the exterior angles, but you have 
also turned through 360° because you are facing the same direction 
as before. Moreover, this argument applies to any polygon, not just 
the pentagon in Figure 4.32. 


Therefore, the sum of the exterior angles of any polygon is 360°. 


This fact is often useful in questions involving regular polygons, 
because the exterior angles of a regular polygon are all equal. 


Insight 
In Figure 4.32 you can see that the interior angle and exterior 
angle of a polygon lie on a straight line. It follows that at a 
vertex the exterior angle + the interior angle = 180°. 


4. Two-dimensional shapes 


1/9/2018 Ground Plane Construction of Simple Radios 
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would advise you to make sure there is some equivalent of a copper ground plane in most of your radio projects... it helps 
to shield the circuit from outside influence (particularly when connected to earth ground) and contributes to stability. 
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Chapter | 


TLTs with 1:1 Ratios 


he fundamental classification of the transmis- 
sion line transformer (FL) can be more easily 
categorized by impedance ratios than by Balun 
or Unun operation. This can be shown by the “basic 
building block” of Guanella in his classic 1944 paper? 
(see Figure 1-1), although he explained only the 
Balun operation when the center of the load, Ry, is 
grounded. In this case, Balun operation is assured 


when the inductive reactance of the top winding is at 
least 10 times greater than R,/2. In other words, the 
reactance of the top winding should be five times 
greater than Ry at the lowest frequency of interest. 
When the characteristic impedance of the transmis- 
sion line is equal to Ry, the upper frequency Hmit is 
mainly determined by self-resonance for coiled wind- 
ings and the parasitics in the connections. 

With toroidal cores, the inductive reactance at the 
lowest frequency of interest can be easily calculated. 
It simply involves the number of turns, N2, divided by 
the effective length, which is the circumference of 
the center of the cross section of the torrid in turn 
divided by the permeability, times the cross section 
area. This relationship is then multiplied by a con- 
stant, which brings it to the proper unit, called a 
Henry. With rod cores, there is no simple equation for 
calculating the inductance-—then one has to rely pure- 
iy on experimentation. 

There are two other important functions of the 
basic building block which were not described in 


Figure 1-2. (4) Ruthroff's 1:] 
Balun high-frequency toroidal ver- 
sion model and (B) rod version. 
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Photo 1-B. A typical rod-type Balun. 


Guanella’s classic paper. They are the phase inverter 
(when the top of R, is grounded) and the delay line 
(when the bottom of Ry is grounded), In the delay line 
application, the voltage drop along the length of the 
transmission line is usually zero; therefore, there is no 
inductance and hence a core is required. Thus, 
Guanella's basic building block can be considered a 
1:1 isolation transformer! In reviewing the Balun 
operation, the voltage drop is 1/2 V, and is —V, for 
the phase inverter. Because of the apparent isolation 
properties of the basic building block, it can also be 
used to change a Balun to an Unun, or vice versa. 
Since it has been shown that these transformers can 
exhibit such high efficiencies, especially when operat- 


Photo 1-C. The coaxial 
cable “choke” 1:1 Balun. 


ing at low impedance levels, two or three TLTs can be 
connected in series to obtain the desired results. 

Figure 1-2 shows two other versions of the 1:1 
Balun which appeared after 1959. Figure 1-2A shows 
Ruthroff’s model and Figure 1-2B shows a model by 
some unknown amateur using a rod core instead of a 
toroid. In Ruthroff’s model, we see two inductances in 
series winding 3-4 and 5-6 forming a voltage divider 
resulting in terminal four being positive V ,/2 and ter- 
minal two being V¡/2-V,. When Ry is grounded off 
its center, winding 5-6 becomes inoperative because 
of its very high reactance, resulting in a 1:1 Balun 
very much like Guanella’s. But Figure 1-2B shows 
that winding 5-6 is always in the circuit and, not only 
does it reduce the characteristic impedance of wind- 
ings 1-2 and 3-4, but it also couples the output imped- 
ance to the input impedance. In some cases, winding 
5-6 is placed between the other two. With the trifilar 
nature of Figure 1-2B, the high-frequency response at 
the 50-ohm level can vary greatly at the high end. A 
suggested design would be simply the bifilar winding 
of 1-2 and 3-4 separated from its neighboring turns by 
about the diameter of the wires used. In this way the 
low-frequency response would be the same, but the 
high-frequency response would be much improved at 
the 50-ohm level. In other words, it becomes 
Guanella’s form of the 1:1 (current) Balun. 

Photo 1-A shows two forms of the 1:1 Balun. On 
the left is Guanella’s and on the right is Ruthroff’s. 
Photo 1-B shows the radio amateur’s version of 
Ruthroff’s model. As can be seen, the three windings 
are tightly coupled, yielding the undesirable results. 
Photo 1-C shows probably the latest amateur radio 
version of the 1:1 Balun. It consists of about 12 inches 
of 50-ohm cable threaded by ferrite beads. In order to 
obtain adequate isolation at the low frequency of 1.8 
MHz, permeabilities in excess of 2000 are required. 
Manganese-zinc ferrite beads are, therefore, generally 
used in this case. As will be shown in Chapter 5, 
these beads exhibit excessive loss. In fact, beads have 
been known to literally fracture in this application 
because of the excessive heat. 


Chapter 2 


TLTs with 1:4 Ratios 


popular of the transmission line transformers. 

As Baluns, they have mostly been used in 
matching center-ied antennas to either coaxial cable 
or open wire transmission lines. The 1:4 Unen has 
mostly been used in broadband amplifiers. 

The first version of the 1:4 TLT appeared in 
Guanella’s classic 1944 paper”. Figure 2-1 shows the 
high-frequency and low-frequency models of his 
Balun. In matching 50 ohms to 200 chms, the trans- 
mission lines each see 1/2 of the load, Ry, and, there- 
fore, the characteristic impedance of each transmis- 
sion line should be 100 ohms. Since these two trans- 
mission lines are connected in parallei on the left side, 
the result is the desired value of 50 ohms. Since 
Guanella’s TLTs sum voltages of equal delays, the 
high-frequency response is practically limited only by 
the parasitic in the connections. This assumes that the 
coiled transmission lines are not limiting the high-fre- 
quency response due to self-resonance. 

The low-frequency modei on the right in Figure 2-1 
shows that windings 3-4 and 5-6 are in series on the 
low-impedance side. If these windings are on separate 
cores their reactances are added in series, When oper- 
ating at low-impedance levels, allowing for shorter 
transmission lines, the two transmission lines can be 
wound on a single toroid, This results in a gain of two 
times in the reactances in windings 3-4 and 5-6. In 
any event, the reactances of these two windings (or 
beaded lines} should be 10 times greater than the 
input impedance. 

With reference to the basic building block discussed 
in Chapter 1, it should again be pointed out that 
Guanella’s Balun can perform as a broadband delay 
iine (Unun) when terminal 2 is grounded, and as a 
phase inverter when terminal 8 is grounded. It should 
be recognized that converting Guaneila's 1:4 Balun to 
a 1:4 Unun yields exceptionally broadband widths and 
is an Important design, especially for matching 50 
ohms to 12.5 ohms. 


T» 1:4 TLF and the 1:1] FLF have been the most 


Figure 2-1. Electrical models of the Guanella 4:1 Balun: 
(Aj high-frequency, {B} low-frequency. 


In Figure 2-24 we see Ruthroif's high-frequency 
modei for his 1:4 Unun and his 1:4 Balun in Figure 
2-2B. In his 1:4 Unun he connects the high-voltage 
side of the input impedance to the end of the bottom 
transmission line. This lifts the whole transmission 
line by the voltage, V;, resulting in a “bootstrap” 
effect. Since the transmission line sees 1/2 of the 
ioad, Ry, its characteristic impedance should also be 
1/2. in the case of the Balun in Figure 2-2B, the 
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basic building block is connected as a phase inverter. 
In this instance the characteristic impedance should 
aiso be 1/2 of the load, Ry, for maximum high-fre- 
quency response. 

There are two major differences between Ruthroff’s 
approach over that of Guanella’s. it is somewhat sim- 
pler becatise it uses only one transmission line, but it 
also has a poorer high-frequency response since it 
adds a delayed voltage to a direct voltage. Thus, when 
the transmission line is a 1/2 wavelength long the out- 
put is zero. Figure 2-3 shows the calculated losses of 


Zo = Zo (Optimum) 
Zo = 09, 1.14 x Zo (optimum) 


Zo = 0.75, 1.33 x Zo (optimum) 


Transducer loss (dB) 


Zo = 0.66, 1.5 x Zo faptimum} 


Zo = 0.5, 20 x Žo (optimum) 


0.04 0.08 0,12 


Figure 2-2. The Ruthroff 1:4 transformers: 
(A) Unun and (B) Balun. 


Ruthroff'’s 1:4 TLT's as a function of the transmission 
tine length and characteristic impedance. As is shown 
when the transmission lines are 0.20 wavelength long, 
the loss is considerable. But for the radio amateur, 
usually operating below 30 MHz, 2/10 of a wave- 
iength is equal to 2 meters in length, which is much 
longer than the lengths usually used in the TLTs. 
Figure 2-4 shows the low-frequency models of 
Ruthroff’s two TLTs. The model on the left is for his 
1:4 Unun, which is identical to that of the autotrans- 
former. The one on the right is for his 1:4 Balun. 


Figure 2-3. Loss as a function of nor- 
malized transmission line length in a 
Ruthroff 1:4 Unun for various values 


9.16 of characteristic impedance, Zo. 
Normalized length of transmission line (24) 


Figure 2-4. Low-frequency models of the Ruthroff 1:4 
transformers: (A) Unun and (B) Balun. 


Finally, Photo 2-A shows two versions of 
Guanella's 1:4 TLTs. The top TLT is a 1:4 Balun 
matching 50 ohms balanced to 12 1/2 ohms unbal- 
anced. It uses tightly wound turns of No. 14 wire, 
yielding a characteristic impedance close to 25 ohms. 
The frequency response is flat from 1 1/2 MHz to 
about 50 MHz. The upper frequency response in this 
case is limited by the self-resonance of the windings. 
On the other hand, the bottom TLT shows a Guanella 
1:4 Unun stepping down from 50 ohms unbalanced to 
12 1/2 ohms unbalanced. It uses two 25-ohm coaxial 
cables, with one covered in ferrite beads. In this 
design, the response is flat from 10 MHz to well over 
100 MHz! 
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Photo 2-A. Two Guanella 4:1 (50:12.5 ohm) Ununs: rod 
version (on the top), 1.5 to 50 MHz; beaded version (on 
the bottom), 10 MHz to over 100 MHz. 


The result of the two methods of obtaining 1:4 
ratios can be categorized as follows: The Ruthroff 
bootstrap approach uses only one transmission line 
and can handle many applications when proper 
lengths of transmission lines are used. The Guanella 
approach always uses an added transmission line but, 
in turn, summons voltages of equal delays and, there- 
fore, has a higher frequency response. The next chap- 
ter, which covers TLTs with ratios of less than 1:4, 
carries this same theme much further. 


Chapter 3 


TLTs with Ratios Less Than 1:4 


gave the history of the TLT until about the mid- 

die of 1970. Some comments were made 
regarding publications in the amateur radio literature 
but they were not in anyway additions to the theory. 

In working more with these broadband-matching 
devices, it became apparent that a need existed for 
impedance ratios greater than 1:1 and less than 1:4. 
If this was possible, important ratios like 1:1.33, 


Ts first two chapters of this book essentially 


Vour = Vay + Y 


Figure 3-1. Model for the analysis of the tapped bifilar 
transformer, 
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Figure 3-2. Loss versus frequency for 
the tapped bifilar transformer. 1-9- 


1:1.5, and 1:2 could result in important applications 
in antenna uses and logic circuits operating in the 
usual 50-chm environment. These low ratios in series 
with other known TLTs result in important ratios 
never before obtained. These will be discussed in the 
next chapter. 

My first attempt at obtaining a low-ratio TEF was in 
experimenting with the performance of a Ruthroff 1:4 
Unun with a tap on its top winding. Figure 3-1 shows 
the schematic. Two taps were employed: one at one 
turn from terminai 3 and the other at three turns. The 
experimental results are shown in Figure 3-2. There 
are seven total trifilar turns of No. 16 wire on a 4C4 
toroid with an outside diameter of 1,5 inches and a 
permeability of 125. As is shown in the figure, the 
poorest performance occurs at the 24.5:50-ohm 
impedance level. The other two ratios exhibit wider 
bandwidth. Even though the bandwidths and effi- 
ciencies shown in Figure 3-2 are quite poor, as will 
be shown later, they are stiil far superior to those of 
the autotransformer. 
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: Example 4.6.1 


: Work out the size of 
- (a) each exterior angle, 
(b) each interior angle of a regular pentagon. 


(a) A regular pentagon has five equal exterior angles whose sum is 
360°, so each exterior angle is 360° + 5 = 72°. 

(b) At each vertex, interior angle + exterior angle = 180°. 
Thus every interior angle is 180° — 72° = 108°. 


Example 4.6.2 


The size of each exterior angle of a regular polygon is 24°. 
(a) Calculate the interior angle of the polygon. 
(b) How many sides has the polygon? 


(a) As each exterior angle is 24°, the interior angles are each 
(180 — 24)°, which is 156°. 

(b) The sum of exterior angles is 360° and each exterior angle is 
24°, so the number of sides is 360 + 24 = 15. 


97° 135° 
D L? 


4 Work out the sum of the angles of a 12-sided polygon. 
5 Work out the sum of the angles of a 15-sided polygon. 


54 


LG UNDERSTANDING, BUILDING, ANB USING BALUNS AND UNUNS 


Figure 3-3. Trifilar bootstrap Ununs: (A) voltages in 1:2 and 1: 2.25 ratios and (B) currents in [22.235 ratios. 


En order to improve upon the performance at around 
the 1:2 level, a trifilar connection that is an extension 
of Ruthroff’s 1:4 “bootstrap technique” Unun is 
shown in Figure 3.3, Figure 3-3A shows the voltage 
relationships, including a tap on the top winding about 
8/10 the distance from terminal 3 and yielding an out- 
put voltage very close to 1,4 times the input voltage, 
Y. By connecting the load, Ry, directly to terminal 6, 
the output voltage is 1.5 times the input, yielding a 
natural ratio of 1: 2,25, This ratio should suffice in 
many 1:2 applications. 

But the schematic in Figure 3-38 shows the cur- 
renis that flow in this trifilar configuration, It 1s inter- 
esting to note that winding 3-6 in the 1:2.25 applica- 
tion carries 27/3 of the current, while the other two 


Transducer loss (dB) 


Figure 3-4, Loss versus frequency for a 
tapped trifilar transformer at the 4:2 
impedance ratio and at three different 
impedance levels, 


windings carry 1/3 each. This means a transmission 
Ime mode occurs such that winding 5-6 is shared by 
windings 1-2 and 3-4, Another view is that two trans- 
mission lines operate in parallei with one winding 
common to both. Physically this means that this very 
efficient broadband TLT is basically comprised of two 
of Guanelia’s basic building blocks in paralleli! Prom 
this model it becomes clear that the performance of 
this devise is based upon the fact that there is a direct 
voltage of V/2 from terminal 2 to ground and two 
delayed voltages of V/2. 

The highly efficient and broadband performance of 
this trifilar Usun is shown in Figures 3-4 and 3-3, 
Figure 3-4 shows the trifilar winding on a | 1/2-inch 
toroid with a tap yielding a 1:2 ratio. As is shown in 


N = 6 tums, n = 5 turns, No, 14 wire 
Ls 11% 464 toroid 
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the figure, the 50:100-chm ratio is slightly better than 
the other two, 

The efficiency and bandwidth shown here far 
exceed the 1:4 Ruthroff Unun since the voltage drops 
along the lengths of the windings are considerably 
less and the cancellation due to adding a direct voit- 
age with the delayed one is considerably smaller. 
Figure 3-5 shows the same trifilar winding on a 1 1/2- 
inch ferrite rod of similar permeability. Because the 
windings are tight to each other, the effective charac- 
teristic impedance concerning the top winding 3-6 is 
considerably lower. As is shown, the optimum perfor- 
mance occurs at the 24.34:50-ohm impedance level. 
This suggests that optimam performance at the 25:50- 
ohm impedance level for a toroidaí core would proba- 
biy occur if winding 5-6 in Figure 3-3 were placed in 
between the other two. Examples are shown in Part H 
of this book. 

Another revealing part of the story is ilhistrated in 
Figure 3-6, which shows two coaxial cables, con- 
nected in parallel and in Ruthroti bootstrap operation. 
The inner-conductor of the top coax is tapped at 
about 8/10 the distance from the left-hand edge, 
yielding a voltage ratio of 1.4 times the input voltage, 
V. Figure 3-6A shows the voltages and Figure 3-6B 
shows the currents at the 1:2,25 ratio. Since the voit- 
age of each coax is 1/2 the input voltage, but the cur- 
rent in the fop coax 1s twice that of the bottom one, its 
characteristic impedance should most likely be 1/2 
that of the lower coax. For operations at the 25:50- 
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Figure 3-5, Loss versus frequency for a 
tapped trifilar transformer using No. 14 
wire on a f/2-inch diameter Ol rod and 
at three different impedance levels. 


N æ 9 turns, n = 7.8 turns, 1/2" CH rod, 


ohm impedance level, the characteristic impedance of 
the top coax should be 23 ohms and that of the bot- 
tom 30 ohms. The application of coaxial cables looks 
very interesting. 

Figure 3-7 shows a Guanella approach for a coiled 
wire TLY with ratios jess than 1:4. Specifically, it 
shows a basic building biock in paraliel with a 
Guanella 1:4 Balun yielding a ratio of 2.25:1. The 
high-impedance side on the left shows the two TLTs in 
series and, on the right, the outputs in parallel. Since 
Guanella’s TLTs are known to have equal delays for 
equal lengths of transmission lines, the high-frequency 
response is only limited by parasitics in the connec- 
tions or self-resonance in coiled windings. In some 
instances, this form of TLT has been calied an “equal- 
delay” TLT. H the impedance on the left is 100 ohms, 
the impedance on right side is 44.4 ohms. The opti- 
muin characteristic impedances of the transmission 
lines in this case are each 66 ohms. In matching 30 
ohms to 22.22 ohms, the optimum characteristic 
impedances should be 33 ohms. For lower ratios, the 
bottom TLT in Figure 3-7 shouid be changed to higher 
ratios. For example, with a 1:9 ratio the final overall 
ratlo becomes 1.78:1, and for a 1:16 ratio in the bottom 
TLT the overall ratio becomes 1.56;1. 

H the impedance on the left is 100 ohms, in the 
1.78:1 ratio the ideal characteristic impedances should 
be 75 ohms for each transmission line; for the 1.56 
ratio the characteristic impedances should be 80 ohms. 
When matching 50 ohms to lower impedances, the 
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Figure 3-6. Parallel coax Unun: (Aj Voltages in 1:2 and 
1:2.$ ratios and (Bj currents in the 1:2,25 ratio, 


optimum characteristic impedances of the windings (or 
beaded coaxes) should be 37 1/2 and 40 ohms, respec- 
tively. Further descriptions of these equal-delay trans- 
formers are described in Part IL Chapter 16 of this 
book and in Chapter 18 of my other TLT bock.! 


Figure 3-8, Quintufilar transformers with 
impedance ratios of did 56: (A) depicts a 
high-impedance operation and (8) dis- 
plays windings configured for low-imped- 
ance Operation. 


Figure 3-7, High-frequency model of the paratiel-type 
2.25:1 transformer. Connections shown are for Unun 
operation, 


Figure 3-8 shows two quintufilar windings of a 
1:1.56 Unun. The figure on the left is optimized for 
matching 50 to 75 ohms and that on the right to match- 
ing 50 to 33 ohms. Although not shown here, winding 
9-10 carries 4/5 of the input current and the other 
windings carry 1/5 each. The other point to make in 
both the trifilar and quintufilar windings is that their 
iow-frequency models show considerably more wind- 
ings in series than their 1:4 counterpart. This means 
that fewer turns and, hence, shorter lengths can be 
employed tn these higher order windings. Proof of this 
is shown in Figure 3-9, which illustrates the incredibie 
performance at the 64:100-chm impedance levei using 
schematic “A” in Figure 3-8, As is shown, oniy three 
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turns of No. 16 wire is employed on the ferrite toroid 
with a permeability of 125. This performance even 
exceeds that of the trifilar one. 

With shorter lengths of transmission line and higher 
permeabilities with smaller ferrite toroids, the band- 
widths of these multi-conductor TLT”s performances 
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Figure 3.9, Loss versus frequency for 
a five-winding transformer. 


should be vastly improved. And, finally, tapping of 
the Guanelia approach to these broadband low-ratio 
TLTs should be investigated. Since this technique is 
highly successful in the Ruthroff bootstrap approach, 
it is apparent that it should be also in the Guanella’s 
equal-delay approach. 


Chapter 4 


TLTs with Ratios Greater Than 1:4 


in Chapter 3, it is now possible to easily 
achieve Baluns and Ununs matching 30 ohms to 
impedances as high as 600 ohms and as low as 3.125 
ohms. Since TLTs can be developed with very high 
efficiencies and broadband widths, several TLFs can 
be connected in series with their outstanding features. 
‘This chapter begins with the two TLTs that result- 
ed in high ratios using only one transformer. The 
first, shown in Figure 4-1, is the Guanella 1:9 Balun. 
Figure 4-1A is the high-frequency model and Figure 
4-1B is the low-frequency modei. The design objec- 
tives when matching 50 ohms to 450 ohms, the char- 
acteristic impedances, Z,, of the three transmission 
lines should be 150 obkms. As can be seen, each 
transmission line sees 1/3 of the load, Ry. In Figure 


E: FLTs with ratios less than 1:4, as described 


Figure 4-1. Guanella’s 1:9 transformer: {A} high-frequency 
model and (B) low-frequency model. it is assumed that Zo = Ky/3 
and, therefore, the output voltages of the transmission lines are 


each equal fo VI 


4-1B, the reactance of winding 3-6 in series with 
winding 3-4, in turn, in parallel with windings 9-10 
and 7-8 should be 10 times greater at the lowest fre- 
quency of interest-—30 ohms. ‘This transformer can 
operate even better in matching 5.5 ohms to 30 
ohms. At lower impedance levels, lower reactances 
are required. Further, higher core permeabilities can 
be employed since core loss is impedance level 
dependent. This transformer can also operate as an 
Unun when terminal 2 is grounded. In this applica- 
tion, a 1:1 Balun on the output of a low-impedance 
Balun on the input of a high-impedance Balun 
(matching 50 ohms to 450 ohms) would help in the 
low-frequency response. 

Figure 4-2 is a schematic of a trifilar-wound TLT 
using Ruthroff’s bootstrap approach for obtaining a 
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Figure 4-2. A schematic diagram of a trifilar transformer 
for obtaining impedance ratios up to 1:9. 


variety of impedance-matching ratios from 1:2 up to 
1:9. En the 1:9 ratio using terminals A-D, it shows a 
direct voltage added to a double delayed voliage. 
Therefore, the high-frequency response is much poor- 
er than the other ratios. But at low-impedance levels, 
which require lower reactances and thus shorter 
lengths of transmission lines, this Unun makes a prac- 
tical multi-match transformer for the HF band. 

Figure 4-3 is a schematic for a 1:6.25 Balun match- 
ing 50 ohms to about 300 ohms. On the left 1s the 
extension of Ruthroff’s technique to obtain an Unun 
with a ratio very close to 1:1.5, followed by a 
Guanella 1:4 Balun. By tapping the top winding im the 
Unun on the left, a ratio very close to 1:6 can be 
obtained. Further, by installing a 1:1 Balun im between 
these two TLTs and grounding terminal 2 in the 1:4 
Balun, a broadband 1:6 Unun results, 


t 2 


1:1.33 UNUN 
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1:1.56 UNUN 4:4 BALUN 


Figure 4-3. Schematic diagram of the series-type Balun 
with a 1:6.25 ratio designed to match 50 to 312.5 ohms. 


Figure 4-4 is a schematic of a Balun matching 30 
ohms to 600 ohms, yielding a ratio of 1:12. The Unun 
on the left is a tapped quintufilar winding, yielding a 
ratio of 1:1.33 in series with a 1:9 Guanella Balun. A 
septufilar-wound Unun can also be used. By installing 
a 1:1 basic building block in between these two TLTs 
and grounding terminal 2 of the 1:9 Balun, a broad- 
band 1:12 Unun results, 

Broadband ratios of 1:16 can also be obtained with 
the Guanella approach. It would contain four transmis- 
sion lines in a parallel series connection. For the 
Ruthroff approach, it would be two 1:4 Ununs m series, 
With appropriate characteristic impedances, broadband 
operation 1s possibie at these very high ratios. 
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Figure 4-4. Schematic diagram of the series-type 1:12 Balun using a 1: 1.33 Unun in series with a 1:9 Guanella Balun. 


Characterization 


Chapter 5 


he word characterization 15 very familiar to 

| those engaged in the research and development 
of Solid-State devices. It involves the study of 

the various components that make up the models of 
the particular devises. In the case of TLTs, we have 
two models of each transformer as previously men- 
tioned: one is the high-frequency model and the other 
the low-frequency model. The major subject of inter- 
est with the high-frequency model ts the characteristic 
impedance, Žo, of the transmission lines employed. 
Having many types of transmission lines availabie 
ieads to the major investigation to develop the proper 
values of characteristic impedance. It is assumed that 
the proper model has been chosen, whether it’s 
Guanelia’s with its equal delays, or Ruthroff’s with 
his bootstrap application. The make-up of the magnet- 
ic cores, which are usually ferrites, is also a study of 
interest. For high-power applications, the bulk resis- 
tivity becomes an important ingredient. In the low-fre- 
quency model, the reactance of the cotled or beaded 
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Figure 5-1. Experimental resuits showing 
the low-frequency performance of the red 
transformer versus the toroidal transformer. 
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transmission line at the lowest frequency of interest is 
the important consideration. Here, number of turns, 
permeability of the cores, and geometry of the cores 
all come into play. 

Since this topic covers so much territory, only a few 
of the major subjects can be included in this chapter. 
The first topic deais with the geometry of the cores 
and the permeability of the material. Figure 5-1 
shows three TLTs with the same windings but with 
different cores. Two are toroids and one is a rod. One 
is a powered-iron toroid with a permeability of only 
10. The other two use Qi ferrite material with perme- 
abilities of 125. As is shown, the powered-iron core 
with a permeability of 10 has the poorest low-frequen- 
cy response, and the ferrite toroid with a permeability 
of 125 has the best low-frequency response of the 
three. Also clearly shown ts the poorer response of a 
rod core of four inches in length compared to its 
counterpart, the toroidal core. Further, there is no sim- 
ple formula for calculating the so-cailed “magnetizing 
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MATERIALE SUPPLIER. PERMEABILITY BULK RESISTIVITY 
cohims-om; 
Qi (NiZa) Allen Bradley 125 1g? 
o (formerly Indiana Genera!) o 
G (NiZa) Allen Bradley 300 108 
QB ANIZn) Alien Bradley 40 109 
H {Niza} Allen Bradley 850 194. 105 
404 (NiZn} Ferroxcube © 125 07 - 198 o 
3058 (MnZn; Ferroxcube 2700 102 - 194 
KS (NiZn} MH&W intl (TDR) 290 2x 106 
KRG (Nižni MES: W intl (TDR) 2000 10%. 306 
CMD5005 (NiZin} Ceramic Magnetics 1400 Fx 309 
C2025 (NiZn} Ceramic Magnetics 175 5x 196 
CNO (MZ) Ceramic Magnetics BOG 106 
C2050 NID) Ceramic Magnetics 100 3x 19 
E (Powdered Iron) Arnold Engineering, 10 10 ~2 


Amidon Associates 


Fable 5-1. Cores, suppliers, and specifications, 


inductance” when using a rod. The low-frequency 
results for this core are mainly determined experimen- 
tally. Rod cores have found favor in the past for ama- 
teur radio use because they are generally less expen- 
sive than their toroidal counterparts. 

Table 3-1 shows a listing of the various core materi- 
ais used in my investigation. Since this goes back to 
about 1975, it is expected that some of the manufac- 
turers are no longer in existence and that new sources 
are available. A particular example is the K5 material, 
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Figure 3-2. Performance of 4: 1 
transformers operating at the 
100:25-ohmn Level. 


which is shown im succeeding figures. Since this 
material was manufactured in Japan, it has now been 
excluded because any compound using nickel ts now 
considered a serious contammant. Other countries still 
manufacture ferrites of nickel-zinc, however. 

The two parameters that are important in TLTs are 
having ferrite materiais that are both high in perme- 
ability and bulk resistivity. The importance of the lat- 
ter parameter can be shown in the next two figures. 
Figure 3-2 shows the response curve of two TLTs 
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Figure 3-3. Loss versus frequency ef 
four 4:1 transformers at the 200:50- 
ohm level. 
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using different permeabilities and compared to an 
autotransformer with the material (Q1) of one of the 
TLYs. As can be seen when matching at the 100:25- 
ohm level, the K5 material has a better low-frequency 
response but a ttle more loss above 10 MHz. 

Figure 5.3 shows the comparisons at the higher 
impedance ievei of 200:50 ohms. The difference 
between K5 and Ol becomes larger at the higher 
impedance ievel. Also shown la the figure are the 
resulis of Q2 with a permeability of 40 and E with a 
permeability of only 10. 
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Figure 5.4 clearly shows the expected performance 
with lower bulk resistivities. The 3C8 ferrite has a per- 
meablitty of 2700 and a bulk resistivity of only 
102—103, The other two curves are from KRG with a 
permeability of 2000 and a bulk resistivity of 107-109, 
and H at a permeability of 850 and 164~10°. 

Experiments with various materials show the impor- 
tance of investigating the losses of the materials, partic- 
ularly as a function of impedance level, The 3C8 mate- 
rial has been used on the so-called “choke” Balun, a 
beaded 50-ohm coaxial cable, which explains why the 


Figure 5-4. Measurements of 306, 
KRG, and H materials at the 200:50. 
ohm level, 


Work out the size of each angle of a regular pentagon. 

Work out the size of each angle of a regular decagon. 

Work out the size of each angle of a regular 18-sided polygon. 

The size of an interior angle of a polygon is 109°. Work out the size 

of the exterior angle at the same vertex. 

10 Work out the size of each exterior angle of a regular hexagon. 

11 Work out the size of (a) each exterior angle and (b) each interior 
angle of a regular 12-sided polygon. 

12 The size of each interior angle of a regular polygon is 140°. How 
many sides has the polygon? 

13 The size of each interior angle of a regular polygon is 168°. How 

many sides has the polygon? 
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4.7 Symmetries of regular polygons 


You already know that an equilateral triangle (a regular polygon with 
3 sides) has 3 lines of symmetry and that a square (a regular polygon 
with 4 sides) has 4 lines of symmetry. Figure 4.33 shows the lines of 
symmetry drawn on regular polygons with 5, 6, 7 and 8 sides. 


Figure 4.33 


In general, the number of lines of symmetry of a regular polygon 
and the order of rotational symmetry of a regular polygon are both 
the same as the number of its sides. 


4.8 Congruent shapes 
If you make a tracing of one of the triangles in Figure 4.34 overleaf 
you will find that the tracing will fit exactly on top of each of the 


other triangles. 


4. Two-dimensional shapes 
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No. id Nip, 2 ™ 


Tight winding on a */a* dia rod 
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Figure 5-5. Characteristic impedance, Z,, versus wire 
diameter for a tightly wound transformer (tight winding on 
a S/S-inch diameter rod}. 


beads have been known to fracture due to excessive 
heat. By the use of ferrites with a permeability of 
125 and very much larger cores for added dissipa- 
tion, TLTs with 50:200-ohm ratios have been known 
to operate satisfactorily at the 10-20-kilowatt level.’ 
In the investigation of various transmission lines, 
two interesting results can be shown. Figure 5-5 
shows the variation of characteristic impedance for 
tightly wound transmission lines on a ferrite rod. The 
figure shows that No. 14 wire has a characteristic 
impedance of about 25 chms in a tightly wound con- 
figuration. By separating the bifilar windings by about 
one wire diameter or winding it around a toroid, the 
characteristic impedance approaches 50 ohms. When 
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Figure 5-7. Experimental results of the 
16:1 transformer of Figure 44 at three 
different impedance levels. Note the best 
level is af about 34:3.5 ohms. 
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Figure 56. Measured values of the characteristic imped- 
ance, Zo of striplines versus width. 


working at impedance levels of 200:300 ohms, char- 
acteristic impedances of 100:150 ohms require extra 
spacing using Tefion™ siceving and, generally, toroids 
are used instead of rods. 

Figure 5-6 shows the experimental results of a 
stripline transmission line. As shown, characteristic 
impedances approaching 5 ohms are obtainable! With 
thinner insulation, low impedances can be obtained 
with less widths. 

Figure 5-7 shows the results of two Ruthroff TLTs 
in series using stripline matching 50 ohms to about 3 
ohms. By using two Guanella 1:4 Ununs, each using a 
transmission line as a delay line, bandwidths greatly 
exceeding those shown in Figure 5-7 are expected. 
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N, = 6 turns, W = 64” 
404 core, O.D. = 1.5" 
No = $ turns, W = Ys" 
KS cora, OD, = 1,75" 
t = 0.0026" 
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Summary 


Chapter Ó 


fter many talks before amateur and profes- 
Ac groups, as well as during a recent liter- 

ature search on diode mixers and power sphit- 
ter/combiners, it became apparent that very few really 
understood transmission line transformer technology. 
Prime examples of this misunderstanding follow. 

Figure 6-1 shows a schematic diagram of a diode 
mixer. The author states that the transformer, T-1, is 
a TLT. He assumes it is a TLF because its windings 
are twisted. But from the schematic it can be easily 
shown that T-i has a primary and secondary winding 
like any conventional transformer in which it trans- 
mits the energy from imput to output by flux link- 
ages. The idea of twisting came from Ruthroff’s 
approach. He worked with very smal! toroids and 
fine wires. In order to keep the characteristic imped- 
ance of the transmission lines under control he had to 
twist the wires. 

Another author also employed a twisting of wires. 
Figure 6-2 shows the transformer, which he called a 
TLT, used in his schematic. The input current, 21, 
splits into two currents, which flow out of the two sec- 
ondary terminals. The voltages of the three terminals 
are the same. Since it can be seen that the currents 
through the transformer are equal and opposite. there 
is virtually no voltage drop between its terminals 
because of flux canceling. Furthermore, since the 
mput on the right side has an impedance haif that of 
the two outputs, a 1:2 transformer is required to bring 
the circuit back to 50 ohms. The 1:2 transformer used 
in the author's schematic is an autotransformer, as Was 
shown in Chapter $, it is vastly inferior in bandwidth 
and efficiency to a TLF. And, finally, the theory of the 
flux-canceling transformer is certainly not that of a 
TLT and requires further study. 

In reviewing the history of the TLT, we've seen that 
two approaches had been used unti about 1970. 

The first was Guanella's, which for 1:4, 1:9, and 
1:16 TLTs used transmission lines connected in paral- 
le! at the low-impedance side and in series at the high- 


Figure 6-L Equivalent circuit of a double-balanced mixer 
using four diodes in a ring configuration. 


Figure 6-2. Typical power combiner/splitter circuit, 


impedance side. Essentially he summed voltages of 
equal delays. Therefore, his TLTs, which were essen- 
tially Baluns, had high-frequency responses only lim- 
ited by the parasitics. His 1:1 basic building block and 
1:4 Balun are the Baiuns of choice today. 

Ruthroff, on the other hand, used Guanella’s basic 
building block for obtaining a 1:4 ratio by connect- 
ing the basic building block in a bootstrap configura- 
tion. He was able to produce a broadband 1:4 Unun. 
By connecting the basic building block in a phase- 
inverter configuration he was able to obtain a broad- 
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band 1:4 Balun. But his 1:4 TLTs summed a direct 
voltage with a delayed voltage, which eventually 
ended up in a canceling mode, thereby Limiting the 
high-frequency response. For many applications not 
requiring vary large bandwidths, his simple TLTs 
are applicable. 

After 1970 advances where made, particularly with 
the 124, 1:2, and 1:1.5 Unun. The improved 1:4 Unun 
used Guanelia’s equal-delay approach by employing 
one of the basic building blocks as a delay line. Since 
this transmission line has no voltage drop across it, no 
magnetic medium is required. The other transmission 
line has the same voltage drop across it as the 
Ruthroff Unun, thus resulting in the same low-fre- 
quency response. 

As was shown in Chapter 3, by using a trifilar 
bootstrap approach, improved bandwidth at the 1:2.25 
ratio results. By tapping one of the conductors, a ratio 
of practically 1:2 can be obtained. By using five con- 
ductors in a quintufilar arrangement, broadband ratios 
of 1:1.5 are easily obtained, Since the delayed voltage 
is four times the direct voltage, this TLT has even 
much broader bandwidth than the 1:4 and 1:2 ratios. 
These ratios, again as shown in Chapter 3, can also 
be obtained by using Guanelia’s equai-delay 
approach. A 1:1 basic building block im seriesfparallel 
with a 1:4 Guanelia TET results in a very broadband 
1:2.25 ratio. This is aiso called an equal-delay TLF 
By using the basic building block in series parailei 
with Guanella’s 1:16 FLT, a broadband equal-deilay 
1:1.56 ratio results. Although, to the best of my 
knowledge it has not been tried, tapping one conduc- 
tor in the basic building block, which is connected in 
series parallel with the 1:4 equal-delay TLT, could 
result in a ratio close to 1:2. The choice one makes at 
the 1: 1.5 ratio is still not clear. 


The bootstrap approach has the advantage of using 
only one magnetic medium with all the conductors in 
a series aiding cperation, which could make this 
device very practical in many applications. 
Undoubtedly, the equal-delay method suffers at the 
low-frequency end and requires five transmission 
lines, reducing its application. It is clear that the 1:4 
and 1:2,25 equal-delay TLTs have much wider band- 
widths than their ccunterparts. 

When viewing the results of the various experi- 
ments performed on the FLT, it becomes apparent that 
this technology is not suited for the vacuum tube with 
its high impedances, but for the Solid-State devices of 
today with their lower impedances. With the applica- 
tion of the equal-delay approaches of Guanella and 
the low-impedance ratios of Ruthreff’s bootstrap 
approach, the future is bright for the application of 
these broadband TLTs at low-impedance levels. With 
modern fabrication techniques, the TLF, m matching 
50 ohms down to lower impedances, should have a 
capability greatly exceeding 100 MHz! 

And, finally, for those interested in writing a com- 
prehensive text like that of the renowned Frederick E. 
Terman,® I suggest including the simplified and uni- 
fied approach to the theory of the very broadband, 
impedance- matching TLE shown in this book. 

In closing, 1 feel if necessary te include a small tuto- 
rial on grammar. The “Balun” which is well known, 1s 
a match between a balanced impedance and an unbal- 
anced impedance. The “Unun,” a word F coined sever- 
al years ago, came about because there was no accept- 
able term for a device matching unbalanced imped- 
ance to unbalanced impedance, and it became quite 
tedious to continucusly type the whole expression. In 
discussing this device on the air, I found many called 
ita U-nen-—-obvicusly the right terminology 1s Un-un. 
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The 1:1 Balun 


Chapter / 


Sec 7.1 Introduction 


n this chapter I will introduce the most popular 
¡EZ Balun in amateur radio use—the 1:1 

Balun. This topic been discussed in the amateur 
radio literature since the publication of Turrin’s 1964 
article.® Although Turrin's Balun is really a version of 
Ruthroff’s, which was introduced in his classic 1959 
article,” the real beginning of the broadband 1:1 Balun 
dates back to Guanella's classic paper of 1944.3 
Guanella’s objective was to design a broadband [6:1 
Balun to match the balanced output impedance of 960 
ohms of a push-pull, 100-watt vacuum-tube amplifier 
to the unbalanced load of a matched 60-ohm coaxial 
cable. Use of his approach for 1:1, 4:1, and 9:1 Baluns 
has produced the designs of choice. They are present- 
ly called current or choke Baluns. 

This chapter begins with an introduction to the tech- 
nology of transmission line transformers. Other topics 
discussed include: 1} when to use a Balun; 2) high- 
lights of significant articles in the professional and 
amateur radio literature; 3) high-power, medium- 
power, and low-power designs; and 4) isolation trans- 
formers. The latter is presented here for the first time. 
The chapter closes with a brief summary of the signif- 
icant points included within. 


Sec 7.2 When to Use a Balun 


Baluns have taken on a more significant role m the 
past few decades with the advent of solid-state trans- 
celvers and Class B lmear amplifiers with unbalanced 
outputs. That is, the voltage on the center conductor 
of their output chassis connectors varies (plus and 
minus) with respect to ground, In many cases, coaxial 
cables are used as the transmission lines from these 
unbalanced outputs to antennas like dipoles, inverted 
Vs, and Yagi beams that favor a balanced feed. In 
essence, they prefer a source of power whose termi- 
nais are balanced (voltages being equal and opposite) 
with respect to actual ground or to the virtual ground 
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Figure 7-1, An illustration of the various currents at the 
feedpoint of a dipole, 1; is the dipole current and I>, the 
inverted L (imbalance) current. 


that bisects the center of the antenna. The question 
that is asked most frequently is whether a 1:1 Balun is 
really needed. 

To illustrate the problem involved and to give a 
basis for my suggestions, I refer you to Figure 7-1, 
Here we have, at the feedpoint of the dipole, two 
equal and opposite transmission Hne currents with two 
components each——I, and 15. Aiso shown is the spac- 
ing, s, between the center conductor and the outside 
braid. Theoretically, a balanced antenna with a bal- 
anced feed would have a ground (zero potential) plane 
bisecting this spacing. However, because a coax-feed 
is unbalanced and the outer braid is also connected to 
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ground at some point, an imbalance exists at the feed- 
point giving rise to two antenna modes, One lies with 
I,, providing a dipole mode, the other lies with L, 
providing an inverted L mode. 

If the spacing, $, is increased, the imbalance at the 
feedpoint becomes greater—giving rise to more cur- 
rent on the outer braid and a larger imbalance of cur- 
rents on the antenna’s arms. Several steps can be 
taken to ehiminate or minimize the undesirable invert- 
ed L mode (that is, eliminate or minimize 1,). The 
obvious choice is to use a well-designed Balun that 
not only provides a balanced feed, but also minimizes 
(by its choking reactance) I,—if the coaxial cable 
does not He in the ground plane that bisects the center 
of the dipole, The other step is to ground the coaxial 
cable at a quarter-wave {or odd-multiple thereof) from 
the feedpoint. This discourages the inverted L mode 
because any radiating element will want to see a high 
impedance at these lengths instead of the low imped- 
ance of a ground connection. 

L conducted experiments with Baluns on a 20-meter 
half-wave dipole at a height of 0.17 wavelengths, 
which gave a resonant impedance of 50 ohms. VSWR 
curves were compared under various conditions. 
When the coaxial cable was in the ground plane of the 
antenna (that is, perpendicular to the axis of the anten- 
na), the VSWR curves were identical with or without 
a well-designed Balun-—no matter where the outer 
braid was grounded. A significant difference was 
noted only when the coaxial cable was out of the 
ground plane. When the cable dropped down at a 45- 
degree angle under the dipole, a large change ln the 
VSWR took place. This meant that the inverted L 
mode was appreciable. 

It should also be mentioned that the direction of E, 
the imbalance current, can depend upon the side on 
which the coaxial cable is out of the ground plane of 
the dipole. For example, if the cable comes down 
under the right side in Figure 7-1 (that is, the angle 
between the horizontal arm and the coax is less than 
90 degrees on the right side and more than 90 degrees 
on the left side), then the direction of I, can be 
reversed by the imbalance in the induced currents on 
the outside of the braid. By the same token, by having 
the coaxial cable coming down on the other side, the 
value of E, is only increased in magnitude. 

However, feeding a Yagi beam without a well- 
designed 1:1 Balun is a different matter. Because most 
Yagi designs use shunt-feeding (usually by hairpin 
matching networks) in order to raise the input imped- 


ance close to 50 ohms, the effective spacing (s) is 
greatly increased. Furthermore, the center of the dri- 
ven element is actually grounded. Thus, connecting 
the outer braid (which 1s grounded at some point) to 
one of the input terminals, creates a large imbalance 
and a real need for a Balun. An interesting solution, 
which would eliminate the matching network, is to 
use a step-down Balun designed to match 50-ohm 
cable directly to the lower balanced-impedance of the 
driven element. 

In summary, if you concur with the theoretical 
model of Figure 7-1, my experiments performed on 
20 meters, and the reports from radio amateurs using 
dipoles and inverted Vs without Baluns, then it 
appears that 1:1 Bakuns are really needed for: a) Yagi 
beam antennas where severe pattern distortion can 
fake place without one, and b) dipoles and inverted Vs 
that have the coaxial cable feed lines out of the 
ground plane that bisects the antennas, or that are 
unbalanced by their proximity to manmade or natural 
structures. In general, the need for a Balun is not so 
critical with dipoles and inverted Vs (especially on 40, 
80, and 160 meters) because the diameter of the coax- 
liai cable connector at the feedpomt is much smalier 
than the wavelength. 

IF my model, which assumes that a part of the prob- 
lem when feeding balanced antennas with coaxial 
cable is related to the size of the spacing, s (shown in 
Figure 7-1), then the possibility exists for using 
Ununs for matching into balanced antennas with 
impedances other than 50 ohms and with small values 
of s. For example, half-wave dipoles at a height of 
about a half-wave, quads, and center-fed 3/2-wave 
dipoles—~which all have impedances close to 106 
ohms-—could very well be matched to 50-ohm cable 
by a 2:1 Unun. As I will show, they are considerably 
easier to construct than 2:1 Baluns. Furthermore, 
Genaille!® has recently shown considerable success 
using Ununs in this kind of application. 

To wind up this section, I would like to comment on 
an article published by Eggers, | WA9NEW, concern- 
ing the use of a Balun with a half-wave dipole. While 
at North Carolina State University, he conducted an 
experimental investigation of pattern distortion with- 
out a Balun at 1.6 GHz in an RF anechoic chamber 
(which simulates “free space”) Briefly, his results 
showed that, with a Balun (bazocka type}, the antenna 
radiation pattern compared very favorably with the 
classic “figure-eight.” Without the Balun, the radiation 
pattern was severely distorted. 


Even though the author expressed difficulty in 
obtaining accurate measurements at this very high fre- 
quency, I have a question regarding the validity of 
performing the experiment in the first piace. From the 
photograph in the article, it appears that conventional 
coaxial cable and connectors were used in the experi- 
ment. If we assume an effective diameter of 0.375 
inches for these components, then scaling up to 3.5 
MHz (457.14 fold} resuits in a coaxial cable with a 
diameter of 14.28 feet! I am quite sure that the large 
spacing, s, of 7.14 feet would bring about a noticeable 
imbalance resulting in appreciable pattern distortion 
even at 3.5 MHz. 


Sec 7.3 Hignlights of Significant 
Articles on 1:1 Baluns 


Although there have been many articles on 1:1 Baluns 
published in the professional and amateur literature, I 
have selected for review a few that I belteve have had 
the most impact on 1:1 Baluns for amateur radio use. 
As you will see, even though I consider some of the 
amateur articles significant, their impact upon the use 
and understanding of these devices has not always 
been positive. In fact, in some cases, the opposite has 
been true. 


In the professional literature 


There are actually only two significant articies in the 
professional literature that provide the fundamental 
principles upon which the theory and design of this 
class of transformers are based. It can be said that suc- 
ceeding investigators simply extended the works of 
the authors of these two articles. 

The first presentation on broadband matching 
transformers using transmission lines was given by 
Guanella in 1944.3 He coiled transmission lines 
forming a choke such that only transmission line cur- 
rents were allowed to flow, no matter where a ground 
was connected to the load. His single, coiled trans- 
mission line resulted in a 1:1 Balun. It is shown sche- 
matically in Figure 7-2A. Prior to this, RF Baluns 
were achieved by the use of quarter and half-wave 
transmission ¿ines, and as a result, had narrow band- 
widths. Guanelia then demonstrated broadband 
Baluns with impedance transformations of 1:n? where 
# is the number of transmission lines he connected in 
a series-parailel arrangement, 

several important points should be made regarding 
Guanelia’s 1:1 Balun shown in Figure 7-2A. With 
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Figure 7-2, Two versions of the 1:f Balun: (A) the 
Guanelia Balun and the basic building block; {B} the 
Ruthroff Balun as originally drawn. 


sufficient choking reactance, the output is isolated 
from the input and only fiux-canceling transmission 
line currents are allowed to flow. With matched or 
very short transmission lines, the grounding of termi- 
nal 5 (actually or virtually ike the center of a dipole) 
results mn terminal 4 becoming +V 1/2 and terminal 2 
becoming ~V ,/2—-creating a balanced output, This 
type of Balun has lately been called a “current” or 
“choke” Balun. A significant feature of this modei is 
that a potential gradient of -V¡/2 exists along the 
length of the transmission line. This gradient, which 
exists on both conductors, accounts for practically ali 
of the loss in these transformers because the loss 
mechanism is voltage dependent {a dielectric-type 
loss). All transmission line transformers have some 
sort of voltage gradient along their transmission lines 
and are, thus, subject to the same type of losses. 
Furthermore, the theory and loss mechanism is the 
same whether the transmission lines are coax or twin- 
lead, or coiled around cores, or threaded through fer- 
rite beads. Additionally, it was shown? that higher- 
impedance Baluns or Baluns subjected to higher 
VSWRs have more loss because the voltage gradients 
are also larger. 

The second significant article on broadband trans- 
mission line transformers was published by Ruthroff.? 
His FE Balun, which is shown as originally drawn in 
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Figure 4.34 


The triangles in Figure 4.34 are exactly the same shape and size 
and they are said to be congruent. 


If you turn the tracing paper over and the tracing fits exactly on 
top of a triangle, that triangle is also congruent to the original one. 


Use tracing paper to check that the triangles in Figure 4.35 are also 
congruent. 


ARIS 


Figure 4.35 


Shapes other than triangles may also be congruent to each other. 


1 Write down the letters of the pairs of congruent shapes in the 
diagram. 
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Photo 7-A. The two basic forms of the 1:1 Balun that first 
appeared in the professional literature. The two-conductor 
Guanella Balun is on the left and the three-conductor 
Ruthroff Balun is on the right. 


Figure 7-2B, used an extra winding to complete (as 
he said) the path for the magnetizing current. Even 
though his schematic drawing appeared to look like a 
trifilar winding, his pictorial in the article clearly 
showed that the third winding (5-6) was on a separate 
part of the toroid. With an equal number of turns, it 
forms a voltage divider with winding (3-4) placing 
terminal 4 at +V,/2 and terminal 2 at —V,/2. In his 
classic paper, Ruthroff also presented his form of the 
4:1 Balun (which is also different from Guanella’s), a 
4:1 Unun, and various hybrids. Photo 7-A shows the 
two basic forms of the 1:1 Balun that first appeared in 
the professional literature. The two-conductor 
Guanella 1:1 Balun is on the left and the three-con- 
ductor Ruthroff Balun is on the right. As was men- 
tioned before, the Guanella Balun has also been called 
a “current” or “choke” Balun. 

Before moving on to the significant articles in the 
amateur radio literature, some mention should be 
made of the differences between the two basic forms 
shown in Photo 7-A. Guanella’s 1:1 Balun came to be 
known as the basic building block for this whole class 
of broadband transformers. This term was coined by 
Ruthroff as he showed its 1:1 Balun capability when 
the load was grounded at its center (terminal 5), and 
as a phase-inverter when the load was grounded at the 
top (terminal 4). By connecting terminal 2 to terminal 
3 and connecting the bottom of the load to ground, 
Ruthroff demonstrated his very popular 4:1 Unun. I 


call this type of arrangement the bootstrap connection. 
By grounding terminal 2, there is no potential drop 
along the transmission line and, therefore, no need for 
magnetic cores or beads. This arrangement, which 
turns out to be an important function for extending the 
high frequency performance of this class of transform- 
ers, I call the “phase-delay” connection. 

Thus, with the flexibility shown by Guanella's basic 
building block, a 1:1 Balun is now realized that not 
only presents a balanced power source to a balanced 
antenna system, but can also prevent an imbalance 
current (an inverted L antenna current) by its choking 
reactance when the load is unbalanced or mismatched 
or when the feedline is not perpendicular to the axis 
of the antenna. 

Interestingly enough, except at the very low end of 
the frequency response of the Ruthroff 1:1 Balun 
where autotransformer action can take place, his 
Balun takes on the characteristics of the Guanella 
Balun. The reactance of the third winding becomes 
great enough to make it literally transparent. This is 
not the nature of the trifilar-wound (voltage) Balun, 
which is sensitive to unbalanced and mismatched 
loads over its entire passband because it is actually 
two tightly coupled transmission lines. This distinc- 
tion was not recognized by most of those who pub- 
lished in the amateur radio literature. 


In the amateur radio literature 


R. Turrin, W2IMU—1964 

The first presentation in the amateur radio literature 
on 1:1 Baluns using ferrite cores was by Turrin in 
1964.8 Turrin, who was a colleague of Ruthroff's at 
Bell Labs, took his small-signal design (which used 
No. 37 or 38 wire on toroids with ODs of 0.25 inches 
or less) and adapted it to high-power use. This was 
done by using thicker wire, larger cores, and (very 
importantly for high efficiency?) low permeability fer- 
rite. Ruthroff used lossy manganese-zinc ferrites with 
permeabilities of about 3000 because efficiency was 
not a major consideration. 

Figure 7-3 is a pictorial and a schematic of Turrin's 
design. As you can see, the third wire (winding 3-4) is 
placed between the two current-carrying wires (wind- 
ings 1-2 and 4-5). Photo 7-B shows (on the left) his 
actual design using a ferrite core; a popular design (on 
the right) using a powdered-iron core is available in 
kit form from Amidon Associates, Inc. Both Baluns 
use 10 trifilar turns of a single-coated wire like 
Formex™ or Formvar™ on a toroid. Turrin’s design 


R-balanced 


Figure 7-3. (A) A pictorial of Turrin’s 1:1 Balun, and (B) 
a schematic of his Balun. 


uses a ferrite toroid with an OD of 2.4 inches and a 
permeability of 40. The Amidon Associates’ Balun 
uses a powdered-iron toroid with a 2-inch OD and a 
permeability of only 10. Both Baluns are specified to 
handle 1000 watts of power from 1.8 to 30 MHz. 
Figure 7-4 shows the response curves for these two 
Baluns when terminated with 50-ohm loads. The 
response curve for a popular 1:1 rod-type Balun that 
uses the same schematic and wire is also shown. It has 
8 trifilar turns, tightly wound on a rod of 0.5-inch 
diameter, 2.5 inches long, and with a permeability of 
125. The rod-type Balun is shown in Photo 7-C. 
Several important features should be brought out 
regarding the results shown in Figure 7-4. They are: 


Photo 7-B. Two versions of Turrin's 
design: On the left, the 1:1 Balun that has 
appeared in the amateur radio literature; 
on the right, a 1:1 Balun that has been 
readily available in kit form from Amidon 
Associates, Inc. 
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1. All Baluns had insufficient choking reactance 
and, hence, poor low-frequency responses. The pow- 
dered-iron version was especially poor. They all 
showed a drop in the input impedance and an induc- 
tive component at 2 MHz. This meant flux in the 
cores and an undesirable condition—especially for 
ferrite, which is a nonlinear material. Ferrite cores 
could not only suffer damage, but they could also gen- 
erate spurious frequencies under these conditions. In 
fact, the same condition could occur at 4 MHz with a 
VSWR of 2:1! Therefore, I don’t recommend any of 
these Baluns for use on 160 or 80 meters. 

2. The major problem at the low-frequency end is 
the role of the third winding (3-4) in Figure 7-3B. It 
has been claimed!? that the third winding improves 
the low-frequency response (over the two-conductor 
Guanella 1:1 Balun) because it enables autotrans- 
former action at the low end. However, recent mea- 
surements I have made on two-conductor Guanella 
Baluns and three-conductor Ruthroff (or Turrin) 
Baluns, with loads grounded at their centers, show 
insignificant differences. This type of load approxi- 
mates the actual condition when feeding a balanced 
antenna system. The negative feature of the third 
winding (3-4) is that, at the low-frequency end, there 
can be insufficient reactance to prevent harmful flux 
in the core because of a direct shunting path to 
ground. With the two-conductor 1:1 Balun, the only 
flux-inducing current is that of the imbalance current 
(the inverted L mode), which is usually far smaller. 

3. Another important feature of the curves shown in 
Figure 7-4 is the effect of the characteristic imped- 
ances of the coiled transmission lines. For example, a 
bifilar winding (wires tight together) on a toroid with 
spacing between adjacent bifilar turns exhibits a char- 
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Turrin balun 


Rod-Type balun 


Amidon Associates balun 


Frequency (MHz) 


Amidon Associates 1:1 Baluns. 


acteristic impedance of about 45 ohms. When wound 
on a rod with no space between adjacent bifilar turns, 
the characteristic impedance drops to about 25 ohms. 
With the third winding (3-4) between the other two as 
shown in Figure 7-3B, the characteristic impedance is 
raised to approximately 70 ohms in the toroidal case 
and to about 47 ohms in the rod case. If the toroidal 
Baluns were terminated in 70 ohms and the rod Balun 
terminated in 47 ohms, the high-frequency responses 
would be practically flat to at least 30 MHz. The dif- 
ference in high-frequency response between the two 
toroidal Baluns (with 50-ohm loads) is due to the dif- 
ferences in the lengths of their transmission lines. The 
transmission line on the powdered-iron core is appre- 
ciably less because the OD, as well as the cross-sec- 
tional area, is smaller. 

4. The trifilar-wound form of the 1:1 Balun also 
has an additional undesirable property. Its high fre- 
quency response is sensitive to unbalanced and mis- 
matched loads. This is because the third wire now 
forms two tightly coupled transmission lines. It is 
unlike the Ruthroff version shown on the right in 
Photo 7-A. In his second article,!? Turrin pointed 
out this important distinction. 


J. Reisert, W1JR—1978 

The next significant article on 1:1 Baluns was pub- 
lished by Reisert in 1978.’ Reisert proposed winding 
some of the smaller (but still high-powered) coaxial 
cables around a 2.4-inch OD ferrite toroid with a per- 


Figure 7-4. The input impedance versus frequency, when terminated with 50 ohms, for the Turrin, typical rod-type, and 
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Photo 7-C. A typical rod-type Balun. 


meability of 125. The windings also included a 
crossover, which is shown in Figure 7-5 and Photo 7- 
D. In addition, he recommended various numbers of 
turns, depending upon the low-frequency requirement. 
For example, he suggested 12 turns to cover 3.5 MHz, 
10 turns for 7 MHz, 6 for 14 MHz, and 4 for 21 and 
28 MHz. Because the characteristic impedance of the 
coaxial cable is the same as the coax feedline, the 
Balun only introduces a foot or two of extra length to 
the feedline. This is true in the HF and VHF bands. 
The coaxial cables recommended in the article were 
RG-141/U, RG-142/U, and RG-303/U. 

From the articles that followed in the amateur radio 
literature, it became apparent that few recognized all 
of the important features of Reisert’s Balun. They are 
listed below. 

1. An efficient, low-loss ferrite was used. 

2. The Baluns had sufficient choking reactances for 
the various low-frequency requirements. 


3. The characteristic impedance of the coiled trans- 
mission line was the same as that of the feedline, 
thus eliminating the extra transformer action of a 
length of transmission line with a different character- 
istic impedance. 

4. The Balun is a form of Guanella’s two-conductor 
1:1 Balun, which is not prone to core flux and, hence, 
saturation and the generation of spurious frequencies. 
It is also not susceptible to mismatched and unbal- 
anced loads as are the Turrin and “voltage” Baluns. 

After constructing several of Reisert’s Baluns and 
comparing them with other Guanella designs, I found 
that the crossover winding had virtually no effect up 
to 100 MHz (the limit of my equipment). In regards to 
Reisert’s VSWR comparison with a rod-type Balun 
when feeding a triband Yagi beam on 20 meters, I 
found that his Balun had a lower VSWR (practically 
1:1) at the best match point. The rod-type Balun had a 
best VSWR of about 1.3:1, but at a slightly higher fre- 
quency. He attributed the higher (and somewhat flat- 
ter) VSWR curve of the rod-type Balun to its greater 
ohmic loss. Because the rod-type Baluns I have inves- 
tigated used the same low-loss ferrite that Reisert’s 
did, I suspect that the differences in the VSWR curves 
were mainly due to the mismatch loss introduced by 
the rod-type Balun. 


G. Badger, W6TC—1980 

Badger published an in-depth, two-part series13,14 
in Ham Radio magazine in 1980 on air-core Baluns 
and Ununs. I am sure it was instrumental in advancing 
the technology of this class of wideband transformers. 
An article by Orr!> also shows that there are many 
other radio amateurs who see the advantages of air- 
core transformers. 

What are the claims for air-core Baluns over their 
ferrite-core counterparts? First and foremost, propo- 
nents of air-core Baluns claim they don’t suffer the 
consequences of saturation that leads to spurious fre- 
quencies, heating, and ultimate damage. Secondly, it’s 
said that they are not subject to arcing from the wind- 
ings to the core. 

What are the claims for the ferrite-core Baluns over 
their air-core counterparts? Simply put, they have 
wider bandwidths and are more compact. 

After reading Badger’s two-part series, I found that 
my curiosity was piqued by his experimental data on 
harmonic distortion due to saturation in a ferrite-core 
1:1 Balun. Although many have expressed concerns 
regarding saturation in ferrite-core Baluns, Badger’s 
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Figure 7-5, A pictorial 
of the crossover used 
in Reisert’s 1:1 Balun. 


Balanced 


Unbalanced 


Photo 7-D. A Reisert, WIJR, 1:1 Balun. 


data could very well provide the only results avail- 
able. He used the two-tone test method, which com- 
bined two RF sources of 2.001 and 2.003 MHz, 
amplified it to 2 kW PEP and then fed it through a 
commercial 1:1 rod-type ferrite Balun. The data 
showed considerable distortion in the 3rd order and 
9th order distortion products. In other words, appre- 
ciable nonlinearity took place at this high power level. 

Several questions come to mind regarding these 
measurements. What was the low-frequency response 
of the commercial 1:1 rod-type Balun Badger used? 
From my measurements on a rod-type Balun (Figure 
7-4), | found a drop in the input impedance and an 
inductive component at 2 MHz. This indicates flux in 
the core and a problem when using this Balun at 2 
MHz. Because many rod-type 1:1 Baluns have been 
used over the years, it would have been instructive if 
he had also made these measurements at 4 and 7 
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Balanced 


Unbalanced 


Figure 7-6, Schematic of Badger’s 1:1 Balun with a com- 
pensating winding (1-2). Winding (3-4) is the outer-braid 
of the coax and winding (5-6) is the inner conductor, 


MHz. They would have given the readers a safe 
lower-frequency limit for these Baluns. 

I wondered why Badger didn't make similar mea- 
surements on Reisert's 1:1 Balun, which he included 
in his articles. As noted earlier, I consider Reisert's 
1:1 Balun a very good design! I am sure that no dis- 
tortion products would have been found at 2 MHz 
with this Balun. The end result is that Badger chose a 
poor ferrite-core design for making his comparisons. 
This helped to contribute to an undeserved reputation 
for the ferrite-core Balun. 

Badger also suggested placing an insulated wire in 
parallel with the coax winding on Reisert’s 1:1 Balun. 
He called this a compensating winding, which provid- 
ed a superior balanced output. The third winding (1-2) 
is shown Figure 7-6. Winding (5-6) is the inner con- 
ductor and winding (3-4), the outer braid. Later exper- 
iments by myself and others have shown that a well- 
designed two conductor (Guanella) 1:1 Balun has a 
completely satisfactory balanced output for antenna 
applications. Furthermore, it does not suffer from an 
unbalanced and/or mismatched load and core satura- 
tion. Incidentally, Badger’s schematic of Figure 7-6 
now adds up to four different versions of the 1:1 
Balun, They are the two-conductor version of 
Guanella’s and the three, three-conductor versions of 
Ruthroff’s, Turrin’s, and (now) Badger’s. 

Badger and Orr also mentioned the Collins Balun in 
their articles. This Balun is comprised of a dummy 


length of coax wound as a continuation of the original 
coiled coax winding. Interestingly, it is connected as a 
Ruthroff 1:1 Balun (Figure 7-2B), which also uses a 
third winding. Because there is appreciable coupling 
between the two coiled windings, the Collins Balun 
should also be susceptible to mismatched and/or 
unbalanced loads. Badger claimed it was, by far, the 
best 1:1 Balun he had ever used. Again, it would have 
been very informative if he had compared it with the 
Reisert Balun (without the compensating third wire). 


M.W. Maxwell, W2DU—1983 

One of the more significant articles on 1:1 Baluns 
was published by Maxwell* in 1983. Maxwell intro- 
duced, what he called, the “choke” Balun. It was 
formed by placing high-permeability ferrite beads 
over about one foot of small (but high-powered) coax- 
ial cables similar to the ones used in the Reisert 
Balun. Photo 7-E shows the W2DU “choke” Balun 
removed from its plastic enclosure. 

Maxwell compared his Balun with (what he 
termed) a “transformer-type” Balun by measuring the 
input impedances versus frequency when the outputs 
were terminated in 50 ohms. The “transformer-type” 
Balun didn’t yield a true 1:1 impedance transfer ratio, 
which he claimed was due to losses, leakage reac- 
tance, and less than optimum coupling. Because 
Maxwell gave no description of the “transformer- 
type” Balun, I assumed it was the popular rod-type 
Balun shown in Photo 7-C. As you can see in Figure 
7-4, this Balun has a poor low-frequency response. 
Furthermore, it is really optimized for a load of 47 
ohms and not 50 ohms. 

What Maxwell failed to realize was that his Balun 
was a form of Guanella’s two-conductor type. That is, 
it is both a choke (a lumped element) and a transmis- 
sion line (a distributed element). Additionally, 
Guanella’s theory applies whether the transmission 
lines are coiled (about a core) or beaded, twin-lead or 
coaxial cable. From Ruthroff’s classic paper,? which 
extended Guanella’s work, we became aware of the 


Photo 7-E. The Maxwell, 
W2DU, “choke” 1:1 Balun. 


voltage drops along the lengths of the transmission 
lines. From very accurate insertion loss measure- 
ments,* we learned that the losses were mainly in the 
magnetic medium—and that they were related to the 
voltage levels and the permeabilities. Maxwell didn’t 
take into account these latter findings. He used lossy 
high-permeability beads (2500) and assumed that the 
main loss was in the transmission line. He claimed 
that the CW power-handling capability of his Balun 
was 3.5 kW at 50 MHz and 9 kW at 10 MHz-—the 
same as the coaxial cable itself. I seriously question 
these power ratings. Eronically, it is very likely that 
MaxwelPs Balun had more real loss than the so-cailed 
“transformer-type” Balun! 


R.W. Lewallen, W7EL—1985 

There is very little doubt that Lewailen’s interesting 
article® in 1985 contributed significantly to the better 
understanding and design of 1:1 and 4:] Balans. In it, 
he coined the (now very popular) terms “voltage” and 
“current” Baluns. The “voltage” Balun, a three-con- 
ductor type, has output ports which have voltages that 
are balanced to ground. If is brought about (see 
Figure 7-6) by the voltage-divider action of windings 
(5-6) and (1-2). Because we have two tightly coupled 
transmission lines in the passband with the same 
potential gradients, terminal 6 is at +V//2 and termi- 
nal 4 at ~V,/2 where V; is the input voltage. The 
“current” Balun, on the other hand, is a two-conductor 
Balun that produces equal and opposite currents on 
the output ports for any form of load impedance. 

Lewallen conducted a series of experiments on 10 
meters to compare the performances of “voltage” and 
“current” Baluns under balanced and unbalanced con- 
ditions. In the unbalanced (nonsymetrical} condition, 
the dipole was lengthened by five inches on one side 
and shortened by five inches on the other side. He 
then obtained a figure of merit for both Baluns {as 
well as for the case without a Balun} defined as the 
ratio of the average magnitude of the currents at the 
feedpoint over the magnitude of the imbalance (the 
inverted L) current. The magnitudes of the currents 
were obtained by current-probe toroids. Mcasure- 
ments were made at the antenna feedpomt and at a 
half-wave (physically) from it. 

The “current” Balun consisted of 15 turns of very 
small RG-178/U coax on an FT82-61 core (a ferrite 
toroid with an OD of 0.825 inches and a permeability 
of 125). The “voltage” Balun had 10 turns of RG- 
178/U coax with a No, 26 wire in parallel (closely 
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coupled) on the same toroid. The schematic 1s shown 
in Figure 7-6. 

Lewallen concluded (and [ agree) that his experi- 
ments clearly showed that the “current” Balun gave 
superior performance at every measured point in each 
experiment. However, the “voltage” Balun still 
improved the balance over the no-Balun case. He also 
concluded that other experiments should be performed 
in order to better compare the two forms of the Balun. 
One is to ascertain the difference when the feedline 1s 
placed nonsymetrical with respect to the antenna (to 
indece an imbalance current into the feedline), Others 
include determining the optimum point in the feedline 
to place the Balun, and testing the various kinds of 
core and beaded Baluns. 

Although Lewalien's article pretty much speaks to 
Badger’s proposal of adding a third wire to Reisert’s 
Balun for better balance G.e., avoid it}, there are some 
comments and questions 1 have regarding his expert- 
ments and findings. They are: 

1. Why didn’t Lewallen use Reisert's Balun as the 
“current” Balun and Badger’s suggested third-wire 
design as the “voltage” Balun? These would have 
been more realistic designs for comparisons. Instead, 
he used very smail structures (which will only find 
use in QRP operations) and, as such, have higher fre- 
quency capabilities. Also, because the “voltage” 
Balun only had 10 turns (and hence a shorter trans- 
mission line and a poorer low-frequency response), it 
was favored in the comparisons on 10 meters. Had 
Lewallen used transmission lines of equal lengths on 
Reisert’s cores, the differences between the two 
Baluns would have becn even more dramatic. 

2. It would aiso have been very useful if Lewallen 
had made comparisons between a “current” Balun that 
could handle the full legal limit of amateur radio 
power (again like the Reisert Balun) and “voltage” 
Baluns using Turrin’s schematic (Figure 7-3) with rod 
and toroidal cores which have been readily available 
for nearly three decades. 

3. Additionally, comparisons should not only be lim- 
ited to 10 meters. Because 1:1 “voltage” Baluns are 
configurations of coupled transmission lines with vari- 
ous characteristic impedances, their performances with 
mismatched and unbalanced loads are more sensitive to 
the higher frequencies than their “current” Balun coun- 
terparts. Therefore, making similar measurements on 
20 meters would also provide more useful information. 

4. Even though Ruthroff’s classic 1959 paper? has 
been the industry standard over the years, his 1:1 
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Balun design has been practically nonexistent in the 
amateur literature. Turrin mentioned its advantage 
over his first design in his second article.!* But 
Turrin’s first design has prevailed in our amateur titer- 
ature. Because Ruthroff’s design has the third conduc- 
tor on a separate part of the toroid, it has the balanced 
output mentioned by Badger,!? but still retains the 
flexibility of the Guanella? Balun. In other words, as 
the frequency is increased, the choking action of the 
third wire makes it practically transparent. This 
enables it to handle any form of load impedance. It 
would have been informative if Lewallen had pointed 
this out and also noted that Ruthroff’s 1:1 Balun, 
although looking like a “voltage” Balun, is really a 
“current” Balun. 

5. Lewallen and the others who have published in 
the amateur radio literature have failed to reference 
the first presentation on what are now known as “cur- 
rent” or “choke” Baluns, made by Guanella“ in 1944, 
Even though Guanella used coiled transmission lines 
without a magnetic core, his theory on how these 
devices work is still applicable today. 


3.5, Belrose, VE2CV-—1991 

The last article on 1:1 Baluns I considered worth men- 
tioning was written by Belrose? in 1991. In it, he 
described the W2DU Balun by Maxweil and how his 
technique of threading coaxial cable through ferrite 
beads could be easily applied to 4:1 and 9:1 Baiuns. 

What immediately grabbed my attention in this arti- 
cle was the deck head (the editor's comments), which 
included highly complimentary remarks regarding the 
beaded-coax Balun. In essence, it said, “In this break- 
through article, W2DU’s peerless 1:1 current-Balun 
design serves as the basis for excellent ferrite-bead- 
choke current Baluns capable of 4:1 and 9:1 imped- 
ance transformation.” 

However, if one reads the article carefully, it 
becomes apparent that this is not what Belrose said. 
His words were, “The current Balun of the type devel- 
oped by Walt Maxwell, W2DU-—a Balun consisting 
of ferrite beads slipped over a length of coaxial 
cable——is the best so far devised (italics mine)” He 
did not say that W2DU’s Balun was “peerless.” In 
fact, in the article he said just the opposite. He pointed 
out that the W2DU Balun’s main disadvantage 1s that 
the beads are lossy at HF and heating becomes a con- 
cern when the transmitting power exceeds 125 watts! 
For high power (that is i-kW CW), Beirose recom- 
mended Roehm’s!® designs, which use lower perme- 


ability (850) beads nearest the Baiun’s balanced out- 
put (where most of the heating takes place}. 

However, I do question two of the advantages he 
claims for the W2DU Balun. They are: 

l. Its excellent power-loss and impedance-versus- 
frequency characteristics are much superior to those 
of a bifilar current Balun wound on a ferrite toroid. 

2. It has excellent power-handling capability, and 
can function quite satisfactorily when working into 
highly reactive loads. This is so because the magnetic 
flux produced hy currents flowing on this Balun's 
wires cannot saturate its ferrite beads. 

Belrose ohtained evidence for advantage number | 
by comparing the input impedance and power loss 
versus frequency of the W2DU Balun with a commer- 
cial Balun when they were terminated in 50 ohms. 
The commercial Balun was a bifilar wound toroidai 
type used in a differential-T tuner. What Belrose 
tailed to realize was that the commercial Balun had 
heavily insulated wires, resulting in a characteristic 
impedance greater than 100 ohms. Thus, he was actu- 
ally comparing a 50-ohm transmission line with a 
ionger line that had a characteristic impedance in 
excess of 100 ohms! As expected, his input imped- 
ance versus frequency curve for the commercial Balun 
was even more severe than that of the Turnn Balun 
shown in Figure 7-4. 

Advantage number 2 is based upon the premise 
that the magnetic flux produced by currents on the 
W2DU Balun’s wires cannot saturate the ferrite 
beads, while the windings of a bifilar wound toroidal 
current Balun can. This is an incorrect assumption 
because the magnetic flux of a two-conductor type 
Balun, like the beaded-coax or the bifilar-wound 
toroidal Balun, is generated by the imbalance (invert- 
ed Lẹ current and hence is much lower than the trans- 
mission line currents. This is especially true with 
sufficient choking reactances. The perception that the 
toroidal type Balun still transmits the energy to the 
output circuit by flux linkages, could very well lead 
to this mistaken impression. 

For high power beaded-coax Baluns, Belrose re- 
ferred to designs by Roehm,!® who increased the 
power capability of this type of Balun by using lower 
permeability beads near the balanced output. He also 
increased the length considerably. For operation from 
80 meters to 10 meters, Roehm used 28 inches of 
beaded coax. For 160 meters to 10 meters, he used 36 
inches of beaded coax. Belrose’s suggestion of con- 
necting beaded coaxes in parallel on the low-imped- 


Photo 7-F. Two versions of Reisert's 1:1 
Balun. The Balun on the left uses the 
crossover shown in Figure 7-5. The Balun — 
on the right is continuously wound. Both 
have the same electrical performance in 
the HF band. 


ance side and in series on the high impedance side to 
obtain a broadband 4:1 transformation ratio would 
require transmission lines with characteristic imped- 
ances of 100 ohms. This means, for a high power 4:1 
Balun using beaded transmission lines, about 56 inch- 
es of beaded line would be required for the 80-meter 
to 10-meter operation and 72 inches for the 160-meter 
to 10-meter coverage. For a 9:1 Balun, it would be 
necessary to increase these lengths by 50 percent! 

It remains to be seen what Belrose would have said 
or done if he had compared the W2DU Balun of 
Maxwell’s with the W1JR Balun of Reisert’s. He cer- 
tainly couldn’t claim the advantages listed in his arti- 
cle for the W2DU Balun. Would he still have claimed 
that the type of Balun developed by Maxwell is the 
best so far devised? Given the evidence, I doubt it. 


Sec 7.4  High-, Medium-, and Low- 
power Designs 


In this section Pll present my latest 1:1 Balun designs. 
Except for one Balun that appeared in the June 1993 
issue of CQ, the others appeared for the first time in 
the magazine’s April 1994 issue. Because I have 
favored Reisert’s design throughout this chapter, the 
first Baluns described here are my versions of his 
technique of coiling small (but high power) coaxial 
cable around a low-permeability ferrite toroid. For my 
wire versions, I could have used all sorts of adjectives 
to describe them like Guanella, two-conductor, choke, 
and current. However, in the process of writing this 
section, I thought Belrose’s adjectives were the most 
direct. Using his words, I call my wire versions of the 
1:1 Balun simply—bifilar toroidal Baluns. 
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Photo 7-F shows two versions of Reisert's Balun. 
The one on the left uses the crossover shown in 
Figure 7-5, Because no difference in performance at 
HF was noticed without the crossover, a continuous- 
wound version is also shown on the right. The main 
advantage in the HF band with the crossover winding 
is purely mechanical. Having the input and output 
connections on opposite sides of the toroid is not only 
more convenient, but it also offers a much stronger 
method of mounting. 

For operation from 1.8 to 30 MHz, 10 turns of small 
coax like RG-303/U, RG-142B/U, or RG-400/U are 
wound on a 2.4-inch OD ferrite toroid with a perme- 
ability of 250. If the use is limited from 3.5 to 30 
MHz, then a permeability of 125 is recommended 
because it would yield a slightly higher efficiency at 
the high end. If one wants the highest possible effi- 
ciency and limits the operation from 14 to 30 MHz, 
then a permeability of 40 is recommended. With loads 
grounded at their centers, these conditions were found 
to give ample margins (handle a VSWR of 3:1 with- 
out any appreciable flux) at their low frequency ends. 

For ease of winding, I found TY-RAP™ Cable Ties 
very useful. Two were used at each end. Removing the 
covering on the outer braid also helps. Because about 
24 inches of cable is wound on the toroid, I recom- 
mend you start with at least 32 inches. Of the three 
cables noted above, I found RG-303/U cable the easi- 
est to wind and connect. Although it only has a single- 
thickness braid (the others have double-thickness 
braids), its power rating is still the same—9 kW at 10 
MHz and 3.5 kW at 50 MHz. 

The next high power design is shown in Photo 7-G 
mounted in a 4 inch long by 3 inch wide by 2.25 inch 
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Photo 7-G. My high-power design of a bifilar toroidal 
(Guanella/current) 1:1 Balun mounted in a 4 inch long by 
3 inch wide by 2.25 inch high Bud aluminum box. 


high Bud CU 234 aluminum box. It has 10 bifilar 
turns of No. 12 H Thermaleze wire on a 2.4-inch OD 
ferrite toroid. As with the Reisert versions, a perme- 
ability of 250 is recommended for 1.8 to 30 MHz, 125 
for 3.5 to 30 MHz, and 40 for 14 to 30 MHz. One 
wire is also covered with two layers of Scotch No. 92 
polyimide tape in order to raise the characteristic 
impedance to 50 ohms. With this added insulation, the 


Photo 7-H. Two “economy” versions of the 
high-power bifilar toroidal (Guanella/cur- | 
rent) 1:1 Balun. The one on the right uses | 
Reisert’s crossover technique. 


voltage breakdown of this twin-lead transmission line 
compares very favorably with RG-8/U cable (4000 
volts). In order to preserve the spacing, the wires are 
also clamped together about every 1/2 inch with strips 
of Scotch No, 27 glass tape 3/16 inches wide and a lit- 
tle over 1 inch long. 

Two “economy” versions of the high power bifilar 
toroidal Balun are shown in Photo 7-H. The one on 
the left shows the windings crowded on one-half of 
the toroid. The one on the right provides the same 
positions of the input and output connections by using 
the crossover. Their performances are identical. Both 
Baluns have 10 bifilar turns of No. 14 H Thermaleze 
wire on a 2.4-inch OD ferrite toroid. The choices of 
permeability, which trade off bandwidth for efficien- 
cy, are the same as those used in the two previous 
high power designs. The word “economy” here refers 
to economy in labor—this Balun is actually very easy 
to construct. 

This “economy” Balun, which also handles the full 
legal limit of amateur radio power, has a small trade- 
off in high frequency response. Because no extra insu- 
lation is used, the characteristic impedance of two 
tightly clamped No. 14 H Thermaleze wires is 45 
ohms. With one layer of Scotch No. 92 tape, it 
increases to 50 ohms. But for most of the HF band, 
the difference in performance between Baluns using 
transmission lines of 45 and 50 ohms should be negli- 
gible. Even without the extra insulation, the voltage 
breakdown should compare very favorably with the 
smaller, high-power coaxes used in the Reisert ver- 
sions (1900 volts). 


Photo 7-1. Two low-power versions of the bifilar toroidal 
(Guanella/current) 1:1 Balun capable of handling the out- 
put of practically any HF transceiver. The Balun on the 
left has the crossover. 


Photo 7-I shows two low-power versions of a bifilar 
toroidal Balun capable of handling the output of prac- 
tically any HF transceiver. One has a crossover wind- 
ing and the other, a continuous winding. They both 
have 10 bifilar turns of No. 16 H Thermaleze wire on 
a 1.25-inch OD ferrite toroid with a permeability of 
250. Since efficiency is not a major problem in low- 
power use, I found no reason to suggest the other two 
versions, which use lower permeabilities. It is also 
interesting to note that two tightly clamped No. 16 H 
Thermaleze wires have a characteristic impedance 
close to 50 ohms. Therefore, this small Balun (partic- 
ularly with its short leads) has a very good high fre- 
quency response. 

Photo 7-J shows two medium-power versions of a 
bifilar toroidal Balun capable of handling the full 
legal limit of amateur radio power under controlled 
conditions—when the VSWR is less than 2:1. Being 
smaller than its larger (2.4-inch OD) counterpart, its 
heat-sinking capability and, hence, power rating is 
less. As before, one Balun uses a crossover while the 
other doesn’t. Each has 8 bifilar turns of No. 14 H 
Thermaleze wire on a 1.5-inch OD ferrite toroid. The 
ferrite permeabilities and expected bandwidths are the 
same as the other high-power Baluns. Because the 
average magnetic path length in the core is about two- 
thirds that of the 2.4-inch core, only 8 bifilar turns are 
required in order to produce a similar low-frequency 
capability. Even though the characteristic impedances 
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Photo 7-J. Two medium-power versions of the bifilar 
toroidal (Guanella/current) 1:1 Balun capable of handling 
the full legal limit of amateur radio power when the VSWR 
is less than 2:1, The Balun on the left has the crossover. 


of their bifilar windings are 45 ohms, their responses 
on 10 meters should be somewhat better than the 
“economy” models because the lengths of their trans- 
mission lines are shorter (18 compared to 24 inches). 

And now a few words on what sort of efficiency one 
can expect in trading-off low frequency response by 
using lower permeability ferrite cores. From earlier 
studies,” it was found that the efficiency (with suffi- 
cient choking, so only transmission line currents flow) 
is related to the permeability, the voltage drop along 
the length of the transmission line, and the frequency. 
The higher the permeability and/or voltage drop, the 
greater the loss. Additionally, the higher the perme- 
ability, the greater the loss with frequency. It was also 
found that a permeability of less than 300 was neces- 
sary in order to obtain the very high efficiencies of 
which these devices are capable. 

Here are some efficiencies that might be expected 
from ferrites under matched conditions, based on the 
results of the studies: 

1. With 250 material, an efficiency near 99 percent 
at 1.8 MHz and 97 percent at 30 MHz. 

2. With 125 material, an efficiency near 99 percent 
at 3.5 MHz and 98 percent at 30 MHz. 

3. With 40 material, an efficiency of 99 percent at 
14 MHz and at 30 MHz. 

When a Balun is exposed to a high impedance 
resulting in a VSWR of 2:1, the voltage, and hence 
loss, increases by about 40 percent. With a VSWR of 


4.9 Tessellations 


Figure 4.36 shows how regular hexagons can 
fit together without any gaps and without 
overlaps. Bees’ honeycombs are 
an example of this. 
Figure 4.36 
Shapes which fit together like this are said to 
tessellate and the tiling patterns they make are called tessellations. 


‘Tessellate’ and ‘tessellations’ are derived from the Latin word for 
the small square stones used to make mosaic patterns. 


Each interior angle of a regular hexagon is 120° so three corners fit 
together to make 360°. 


Figure 4.37 Figure 4.38 


Figure 4.37 shows how equilateral triangles tessellate. (In fact, all 
triangles tessellate.) Each angle of an equilateral triangle is 60° so 
six corners fit together to make 360°. 


Regular octagons do not tessellate but a combination of regular 
octagons and squares will tessellate, as Figure 4.38 shows. Each 
interior angle of a regular octagon is 135° and two of these corners 
fit together with a right angle to make 360°. This does not guarantee 
that the regular octagons and squares will tessellate, but if it were 
not true, they certainly wouldn’t tessellate. 
Insight 

There is a wide variety of beautiful tessellations, ranging 

from intricate Islamic mosaics to the work of the Dutch artist 

M. C. Escher. 
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4:1, the loss doubles. With a VSWR of 10:1, the loss 
is more than three-fold. Since limited data was 
obtained in this study,? these increases in losses with 
increases in VSWR could very well be even greater, 


Sec 7.5 Isolation Transformers 


As was shown in the preceding sections, the 1:1 
Guanella (current/choke) Balun is in reality a two- 
conductor RF choke, or an isolation transformer. 
However, practical Balun designs don’t usually lend 
themselves to isolation use for mechanical reasons. 
They cannot be conveniently inserted into a coaxial 
cable system. Therefore, the objective is to mount the 
“Guanella Baluns” in enclosures that will allow them 
to perform as isolation transformers. 

Photo 7-K shows two examples of enclosures that 
should accomplish the mission. The example on the 
left shows one of the high-power units mounted in a 5 
inch long by 3.5 inch wide by 2.25 inch high alu- 
minum enclosure. The output connector (on the top) is 
insulated by a 0.125-inch-thick piece of plastic. The 
one on the right shows another high-power unit 
mounted in a 6 inch long by 3 inch wide by 2 inch 
high plastic enclosure, which is available from Radio- 
Shack. The descriptions of the high-power units are 
given in the preceding section. 

These isolation transformers can be used as Baluns 
when inserted in a coaxial cable one-half wavelength 
(physically) from a half-wave dipole® or between a 


Photo 7-K. Two examples of mounting the 
high-power 1:1 Guanella Balun in enclosures 
that allow isolation transformer operation. 


coaxial cable and a balanced L-C tuner.!® They 
should never be inserted in a coaxial cable systern that 
presents a high impedance and, consequently, a high 
voltage. This could be harmful to the unit. 

Note that the high-power unit on the left in Photo 
7-K can also be used as a filament choke in a Class B 
linear amplifier. Its low-frequency response is much 
better than any rod-type, assuring 160-meter opera- 
tion. Obviously, it would not be mounted in the alu- 
minum enclosure shown in the photo. In addition, the 
two layers of Scotch No. 92 tape would not be 
required because the characteristic impedance of the 
winding is unimportant and the voltages involved are 
quite low. 

By the way, the designs discussed above can be 
used as phase-inverters. Simply connect the hot lead 
on one side to the ground on the other side. 


Sec 7.6 Summary 


In investigating the 1:1 Balun, I was quite surprised to 
see the ferrite- and powdered-iron-core designs that 
have been available in the literature and off-the-shelf 
since 1964, They not only had poor low- and high-fre- 
quency responses, but they were also susceptible to 
flux in the cores at their low-frequency ends. Further- 
more, since they only used single-coated wires, they 
were also prone to voltage breakdown. No doubt, 
these designs are responsible for the poor reputation 
that the Balun has had for many years. 


It wasn’t until 1978, when Reisert published his 
article, that a Balun which had all of the attributes of a 
good design became available. Namely: 

a) It is efficient because it uses a low-permeability 
core, 

b) it has sufficient choking reactance to meet its 
low-frequency requirement. 

c) It is not prone to flux in the core (and, hence, sat- 
uration) because it has no third winding. 

d) It has a 50-chm characteristic impedance and 
maintains a 1:1 transformation ratio with a 50-chm 
toad. 

e) It has a good voltage breakdown capability (1900 
volts), 

H It can handle a mismatched and/or unbalanced 
load, 

However, succeeding investigators failed to see the 
advantages of Reisert's design and proposed their 
own. Surprisingly, they belonged to two distinct 
eroups, One group favored “air-core” Baluns and the 
other, “choke” (beaded-coax) Baluns. 

The main argument given by the “air-core” follow- 
ers was that their Balun would never expenence prob- 
lems with saturation, while the “ferrite-core” Balun 
would, However, the Reisert Balun is a current/choke 
type Balun that could only have flux in the core due to 
the imbalance (inverted E) current, which is much 
smailer than the transmission line currents. In fact, 
with any degree of choking reactance by the coiled 
transmission line, the imbalance current is essentially 


THE H1 BALUN 4 


neghgibie, Therefore, saturation is not a concern with 
a Balun like Reisert’s, In all fairness, it should be 
noted that if is a different story with the 4.1 current/ 
choke and voltage Baluns. Ail three of these types of 
Balans have a “magnetizing inductance” in their low- 
frequency models and hence a possibility of saturation 
with a poor design, 

The advocates of the “choke” 1:1 Balun claim that 
their beaded-coax Balun can’t saturate while the bifi- 
lar (current) toroidal Balun can. This is untrue; they 
are basically the same kind of structure, and neither 
has a third conductor which couid allow a fhux-caus- 
ing current at the very low-frequency end. But of all 
of the attributes listed above for the Reisert Batun, the 
first one has the “choke” Balun at a disadvantage in 
the HF band. Because its transmission ine is not 
coiled about a toroid, it does not have the multipiica- 
tion factor of N? (due to mutual coupling), where N is 
the number of turns, while the toroidal Balun does. 
Therelore, higher-permeability beads are required in 
order to obtain sufficient choking reactance. This 
results in lower efficiency, 

Finally, it should be pointed cut that the 1:1 Balun 
using the small, but high-power, coaxial cable is capa- 
ble of 5-kW operation in the HF band, Because of 
current crowding, the bifilar toroidal Balun, even with 
No, 12 wire, has shown excessive wire heating at this 
level. Therefore, No, 10 or No, 8 wire, with added 
layers of Scotch No. 92 tape in order to obtain a 50- 
ohm characteristic impedance, 1s recommended. 


The 4:1 Balun 


Sec 8.1 Introduction 


hapter 7 in this book discussed the most pop- 
Ce of ali Baluns-——the 1:1 Balun designed to 

match 50 ohms unbalanced to 50 ohms bal- 
anced. H not only gave a review of the history, theory, 
and design of these broadband transformers, but also 
my viewpoint on pubiished articles advocating later 
designs using coaxial cable wound around a toroid, 
threaded through ferrite beads, or just plain coiled in 
air (an air-core Balun). As was noted, I am in consid- 
erable disagreement with many of the claims 
advanced for these later 1:1 Baiuns. 

Chapter 3 deals with the next most popular Balun 
—-the 4:1 Balun designed to match 50 ohms unbal- 
anced to 200 ohms balanced. Baluns matching 30 
ohms unbaianced to 12.5 ohms balanced are also 
included. It begins with a little information on the his- 
tory and design of these Baluns, followed by high- 
and low-power designs and comparisons with other 
Baluns that have been on the market or in the amateur 
literature. Guanelia's approach to the design of a 4:1 
Balun is particularly noteworthy. E not only yields an 
excellent Balun design, but also an Unun (unbalanced- 
to-unbaianced transformer) with practicaliy the same 
performance. His design couid very weli be called a 
Batun/Unun. As in the first chapter, this one also closes 
with a brief summary of the significant points. 


Sec 8.2 A Litle History and Design 
Information 


There are reaily only two classic papers that have 
established the principles upon which the transmis- 
sion line transformer (the Balun being a subset there- 
of) is based, The first one was written by Guaneila in 
1944. Guaneila proposed the idea of coiling a trans- 
mission line to isolate the input from the output, 
resulting in the (now popular) current or choke 
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Balun.4 The second was by Ruthroff in 1959, whose 
analysis of these transmission line transformers is the 
present industry standard.? Ruthroff also introduced 
the Unun and the hybrid transformer. 

Interestingly enough, both Guaneila and Ruthroft 
had different approaches to their 1:1 and 4:1 Balun 
designs. Guanelia used a two-conductor 1:1 Balun 
design, while Ruthroff used a three-conductor design. 
Ruthroff’s third conductor (which was said to Increase 
the low-frequency response over the two-conductor 
Balun!) lay on a separate part of a toroidal core. 
Investigators who followed failed fo recognize this 
fact. Their comparisons were made with a three-con- 
ductor Balun that had the third wire in parallel with 
the other two, which then formed two coupied trans- 
mission tines. This gave rise to the term voltage 
Balun—an inferior design.® 

However, the differences between Guanelia’s and 
Ruthroff’s approaches to 4:1 Baluns were even more 
striking. Guanella connected coiled transmission lines 
in a parallel-series arrangement, so in-phase voltages 
were summed at the high impedance side, His Balun 
has been called a current Balun.® Ruthroff, on the 
other hand, obtained a 4:1 transformation ratio by 
summing a direct voltage with a delayed voltage that 
traversed a single transmission iine in a phase-inverter 
connection (see Chapter 7). His Balun has been 
calied a voltage Balun. The distinction between the 
operation of these two Baluns was also overlooked by 
practically everyone who followed. 

This section reviews the two different approaches 
taken by Guanelia and Ruthroff in obtaining 4:1 
Baluns. Of particular importance are the descriptions 
of the potential drops along the lengths of the trans- 
mission tines when the loads are grounded at various 
points. These voltage drops are not only relevant to 
the ohmic losses in the Baluns, but also to their elec- 
trical performances. These descriptions were quite 
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possibly presented for the first time in the second edi- 
tion of my book Transmission Line Transformers.* 


Sec 8.2.1 Guanella’s 4:1 Balun 


Figures 8-1A and B show the high- and low-frequen- 
cy models of Guanella’s method of connecting trans- 
mission lines ía parallel-series to obtain a 4:1 Balun. 
The high-frequency model (Figure 8-1A) assumes 
that the choking reactances of the coiled (or beaded) 
transmission lines are sufficient to isolate the input 
from the output, so only transmission line currents are 
allowed fo flow. This occurs when the reactance of 
windings 3-4 and 5-6 (which are in series) is much 
greater than Rg (at least by a factor of ten.? If two 
cores are used, the reactance is the sum of the reac- 
tances of windings 3-4 and 5-6. If a single core is 
used, the reactance is twice as large because of the 
mutual coupling between the windings. The other 
advantage of Guanella’s method (besides only using 
one core) 1s that shorter transmission lines can be 
used, resulting in better high-frequency performance. 

As with ali transmission line transformers, the 
objective is to have the transmission lines see loads 
equal to their characteristic impedances, resulting in 
“flat lines.” This yields the highest frequency 
response, Because each transmission line in Figure 
§-LA sees one half of the load, Ry, the optimum value 
of the characteristic impedance is R, /2, Consequently, 
the input impedance, Vf, is simply the impedance 
of two identical transmission lines connected in paral- 
lef. It follows that the impedance transformation ratio 
is the load, Ry , divided by the input impedance. 


Figure 8-1. Electrical models of the Guanella 4:] Balun: (A) high-frequency, (B) low-frequency. 


Because the Guanella 4:1 Balun sums voltages of 
equal delays from identical transmission lines, his 
Balun is oniy limited in high-frequency performance 
by the deviation of the characteristic impedance of the 
transmission lines from the optimum values and the 
parasitics not absorbed into the characteristic imped- 
ance of the lines. 1 (and practically everyone else) had 
overlooked the simple and important statement, “a 
frequency independent transformation,” which 
appeared in Guanella’s 1944 article?--a fact that is 
evidenced by the scarcity of his designs in the litera- 
ture. Another interesting aspect of the Guaneila 4:1] 
Balus is the analysis of his Baiun when the load is 
floating or grounded at different points. This leads to 
the determination of the voltage gradients that exist 
along the transmission lines and the various functions 
of which his 4:1 design is capable. Assuming a 
matched load or very short transmission lines result- 
mg in Va = V4, they are as follows. 


Fiosting Load 

With terminal 10 (which is at the center of Ky) 
floating, the potential gradient along the top transmis- 
sion line in Figure 8-1A (windings 5-6 and 7-8) is 
—1/2V,, along the bottom transmission line (winding 
1-2 and 3-4) it’s -3/2V,. The voltage to ground on ter- 
minal 9, Vog is —1/2V;. Because the bottom transmis- 
sion line (in Figure 8-LA} has a voltage drop along its 
length three times greater than the top transmission 
line, it results in three times more loss because losses 
in transmission line transformers are voltage depen- 
dent (dielectric-type losses). 


Even though a singie-core Guanella 4:1 Balun 
maintains the voltages (stated above} when feeding a 
folded dipole (of about 200 ohms) which has a virtu- 
al-ground potential at terminal 10, it still feeds equal 
currents to each side of the antenna because of the 
series-connection at its output. Since the output volt- 
ages are not balanced to ground, a reactive component 
is probably introduced into the input impedance. 
Additionaliy, the choking reactance of the windings 
also prevents antenna currents from flowing on the 
outside of the coaxial cable feedline. 


Load Grounded at Center 

When two cores are used and terminal 10 (the cen- 
ter of Ry ) is grounded, the voltage gradient along the 
top transmission line in Figure 8 EA is zero, and 
along the bottom transmission line it is -V,. Fhe volt- 
age to ground on terminal 9 {Vog} is also zero. In fact, 
the core for the top transmission line isn’t needed. It 
merely acts as a mechanical support for the top trans- 
mission line, which now only operates as a delay line. 
Also, all of the loss now occurs in the core of the bot- 
tom transmission line where a longitudinal potential 
gradient exists. Furthermore, the low-frequency 
response, as seen from Figure 8-1B, is now deter- 
mined by the reactances of windings 1-2 and 3-4. This 
means that the low-frequency response with a floating 
load is better by a factor of two over the case where 
the load is grounded at its center. 

But the single-core case is a different matter. Since 
the potential at terminal 9 (Vog) wants to be at 
-1/2V ,, connecting a ground directly to the center of 
R; causes an imbalance that renders the single-core 
Balun unusable. IF the ground were placed at a point 
23 percent below terminal $ (50 ohms from terminal 8 
with a 200-ohm load}, no difference wouid be noted 


Figure 8-2, Electrical models of 
the Ruthroff 4:1 Balun: {A} high- 
frequency, (Bj) low-frequency. 
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from a floating load. This condition also exists when 
two cores are used. 


Load Grounded at the Bottom 

it is when the load is grounded at the bottom (at ter- 
minal 2), that we have what is probably the most 
interesting case. The 4:] Balun (with two cores) 15 
now converted mto a very broadband Unun (unbal- 
anced-to-unbalanced transformer}. Because the bot- 
tom transmission line in Figure $-1A has no potential 
drop along its length, it only acts as a delay line. The 
voltage to ground at terminal 9 {Vog} is +V,, and the 
voltage gradient along the top transmission line is 
+V,. This results in a voltage of 2V, across the load. 
The low-frequency response is now determined by the 
reactances of windings 3-6 and 7-8. This is just the 
opposite of the Balun case when the center of the load 
was grounded. A singie-core 4:1 Guanella Balun can 
also be converied to an Unun by putting a 1:1 Balun 
(for isolation) in series with the 4:1 Balun.? 

There ts a reason for claiming a very broadband 
response for a Guanella Unun (converted from his 
Galun}——the two in-phase voitages are now summed 
at the high-impedance side. The only other competi- 
tion for a 4:1 Unan design is that of Ruthroff’s,? 
where a direct voltage is summed with a delayed volt- 
age that traversed a single transmission line (and, 
hence, had a built-in, high-frequency cut-off). In fact, 
very little information can be found in the literature 
on a Guanella 4:1 Unun. 


Sec 8.2.2 Ruthroft's 4:1 Balun 


Figures $-24 and B show the high- and low-frequen- 
cy models of Ruthroff's approach for a 4:1 Balun. The 
high-frequency model (Figure 8-2A) assumes that the 
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Figure 8-3. A pictorial of the connections for a 4:1 
Ruthroff (voltage) Balun, 


choking reactance of the coiled (or beaded) transmis- 
sión line is sufficient to isolate the input from the out- 
put, so only transmission line currents are allowed to 
flow. This occurs when the reactance of winding 3-4 
{or 1-2, because they are the same) is much greater 
than R, (at least by a factor of ten}. 

As Figure 8-2A indicates, the transmission line is 
connected in a phase-inverter function (see Chapter 
7). That is, a -V, voltage gradient now exists along 
the length of the transmission line. Therefore, the 
voltage across Ry now becomes V; + Va. Although 
Ruthroff analyzed his 4:1 Unun in his classic paper,? 
his results atso apply to his Balun with a floating load, 
because both devices sum a direct voltage with a 
deiayed voltage. In essence, he used loop equations on 
the mput and output and transmission line equations 
to eliminate one set of variables (I, and V+). Ruthroff 
also used a maxima technique (setting a derivative to 
zero) to solve for the optimum characteristic imped- 
ance of the transmission ne. As in the Guaneila case, 
he found the optimum value to be 1/2R; . 

An inspection of Figure 8-2A shows that the left 
side of Ry (terminai 3) has a direct voltage (V,} to 
eround, and the right side (terminal 2) a delayed volt- 
age (Yo) to ground, which traveled the length of the 
transmission line. Also note, that if the line is electri- 
cally one-half wavelength long, the output is zero. As 
a result, Ruthroff’s design (which has a built-in cut- 
off) is sensitive to the transmission Hne length. 

I have recently unearthed another interesting aspect 
of Ruthroff’s design.? H the center of the load is 
grounded, the high-frequency performance is vastly 
improved. The built-in high-frequency cut-off is elim- 
inated and the Balun appears to take on the character 
of a Guanella Balun that sums voltages of equal 
delays. A closer inspection reveals that the input 
impedance now consists of two impedances in parai- 
lel: one consisting of Ry/2, and the other of a “flat 
line” terminated by R; /2. As a result, the currents are 
not in phase! 


Surprisingly, when matching inte a folded dipole 
with an input impedance of 200 ohms, Ruthroff’s 
Balun exhibits a high frequency response that is 
much greater than expected (see later sections). 
Because the folded dipole has a virtual ground at its 
center, the Balun could very weli be summing volt- 
aces of equal phases. 


Sec 8.2.3 Amateur Radio History 
and Design 


Looking back at old issues of amateur radio hand- 
books (I don’t have a complete set}, I found that the 
first presentation on broadband 4:1 Baluns appeared 
in the 1955 edition of The ARRL Handbook. The sec- 
tion was called “Coil Baluns.” The schematic diagram 
was that of Guanella’s, shows in Figure 8-1A. What 
surprised me was that this section appeared to use 
many of the important words contained in Guanella’s 
article.> It mentioned that the choking action of the 
coiled transmission lines should be great enough to 
isolate the input from the output at the lowest frequen- 
cy of interest. H also included the requirement on the 
characteristic impedance of the coiled transmission 
lines; namely. that the characteristic impedance 
should be equal to R; /2, where Ry is the load. 

However, the section also included two other state- 
ments which are not correct in Hight of today’s design 
practices. One recommended that the length of the 
winding in each coil be equal to about a quarter wave- 
length. The other stated that the principal application 
is In going from a 300-okm balanced load to a 75- 
ohm coaxial line. With magnetic cores, the lengths of 
the windings are now considerably shorter than a 
quarter wavelength, and the applications inciude a 
host of different impedance levels. 

Recent issues of the handbooks now include the 4:1 
broadband coil Balun (along with the same write-up 
that appeared in the 1955 issue}, and one with wind- 
ings on ferrite cores. They are now called 4.1 air-core 
current Baluns and “just plain” 4:1 current Baiuns 
(ferrite cores being assumed). Unfortunately, what is 
lacking m the description of the 4:1 current Balun is 
information on the importance of the characteristic 
impedance of the windings and the value of the per- 
meability of the ferrite cores. The literature states that 
8 to 10 turas (of No. 14 Formvar-coated, ciose- 
spaced—-I guess) on a toroidal core or 10 to 13 turns 
on a rod are typical values for the HF range. Ferrites 
with permeabilities from 850 to 2500 are also sug- 


gested. Nothing is mentioned regarding the dimen- 
sions of the cores. 

In essence, there’s very little information available 
today in our handbooks that would help one under- 
stand and construct the “popular” current Balun. Even 
the choices of recommended ferrites to be used are 
found wanting. Accurate loss measurements? have 
shown ferrites with permeabilities of 850 to 2500 to 
be lossy in Balun and Unun applications. Only when 
the permeabilities of ferrites are 300 or less will 
Baluns and Ununs exhibit the very high efficiencies of 
which they are capable. 

Even though the 4:1 voltage Balun has actually had 
a shorter history than the current Balun, considerably 
more construction detail (including an actual photo- 
graph) has been available in the amateur radio hand- 
books. As far as I can tell, the first presentation took 
place between 1965 and 1968. In looking through suc- 
ceeding issues (including the 1993 issue), I find the 
write-up hasn’t changed much (if any) over the years. 
The 4:1 Balun from the handbooks and a commercial 
rod-type are described and compared with my designs 
in the succeeding sections. 


Sec 8.3 4:1 Ruthroff Balun Designs 


As mentioned above, the schematic of Ruthroff’s 
Balun is shown in Figure 8-2A. A pictorial represen- 
tation is shown in Figure 8-3. Photo 8-A (on the left) 
shows my construction of a design close to the one 
shown in the handbook’s photographs. It has 10 close- 
spaced, bifilar turns of No. 14 Formvar-coated wire on 
a 2.4-inch OD ferrite toroid with a permeability of 40. 
Figure 8-4 shows a plot of the input impedance ver- 
sus frequency when the 200-ohm load is center- 
tapped-to-ground (which is close to the actual case 
when matching into balanced antenna systems). As 
you can see, when compared to a design that has the 
proper characteristic impedance of the winding and 
sufficient choking, the response is very poor. 
Although this Balun has been rated at 1000 watts of 
RF power from 1.8 through 60 MHz, I would suggest 
it not be used below 6 MHz for fear of excessive flux 
in the core (especially when the magnitude of the load 
is greater than 200 ohms). Also, above 14 MHz, the 
transformation becomes considerably greater than 4:1. 

My design, on the right in Photo 8-A, has 14 bifilar 
turns of No. 14 tinned copper wire on a 2.4-inch OD 
ferrite toroid with a permeability of 125 or 250. The 
wires are threaded through No. 13 Teflon tubing with 
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Photo 8-A. Two designs of the 4:1 Ruthroff (voltage) 
Balun. The one on the left is taken from the amateur radio 
handbook. The one on the right is my improved version. 


a wall thickness of 20 mils. As you can see by its 
excellent high frequency response in Figure 8-4, the 
characteristic impedance of the bifilar winding must 
be very close to the ideal value of 100 ohms. Photo 
8-B shows two different views of my design mounted 
in a 4 inch long by 3 inch wide by 2.25 inch high Bud 
CU 234 aluminum box. The Balun, which is placed 
equidistant between the top, bottom, and sides of the 
enclosure, is securely mounted by soldering its leads 
to the two feedthrough insulators and the SO-239 
chassis connector. 

It should be mentioned that if the Balun is to be 
used mainly on the lower portion of the HF band 
(including 160 meters), then the 250 permeability fer- 
rite is recommended. Even though the difference in 
low frequency response between permeabilities of 125 
and 250 doesn’t show up in Figure 8-4, the 250 per- 
meability would provide an extra safety margin (from 
flux in the core) at the low frequency end. The trade- 
off lies in giving up a little in efficiency (about | per- 
cent) for an increase in the safety margin (a factor of 
2) at the low end. 

Incidentally, the handbooks also state that the Balun 
can be used between a balanced 300-ohm point and a 
75-ohm unbalanced line. Because I suspected this 
statement as well, I again measured the input imped- 
ances versus frequency of both Baluns when terminat- 
ed in a 300-ohm center-tapped-to-ground load. Figure 
8-5 shows the deterioration that takes place, especially 
at the high end. Even a Balun that is well designed for 
a 50:200-ohm impedance level is not recommended 
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ee B Figure 8-4. The input impedance versus frequency 

W2FMI design using ferrite permeability of for a 4:1 Ruthroff (voltage) Balun design from the 
125-250 and 1004 transmission line | ae 
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Figure 8-5. The input impedance versus frequency 
for the two Ruthroff Baluns of Figure 5-4, but with a 
300-ohm load. Note the deterioration of the W2FMI 
design, which was optimized for the 50:200-ohm 
level. ý 
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for the 75:300-ohm level. Because the length of the 
transmission line becomes significant beyond 10 
MHz, standing waves then change the impedance 
ratio due to the mismatch with the Balun’s transmis- 
sion line. My design also shows more safety margin at 
the low end. I’m surprised that these simple measure- 
ments weren’t made many years ago. 

However, the Balun shown in the handbook does 
have one interesting feature. It uses a very low perme- 
ability ferrite (40), which has been shown by very 
accurate insertion loss measurements? to yield effi- | 3456 810 20 30 4050 70 
ciencies in Baluns (and Ununs) of 99 percent at the Frequency (Mz) 
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Photo 8-B. Two dilereni views of the optimized version of the 4:1 Ruthroff Balun mounted in a 4 inch long by 3 inch wide 
by 2.25 inch high Bud CU 234 aluminum enclosure. 


50:200-ohm impedance level! This is even a percent 
or two better than the ferrite with a permeability of 
125. Because this ferrite permeability is so low, the 
major problem lies in obtaining sufficient choking 
reactance at the lowest frequency of interest, so that 
only transmission line currents are allowed to flow. 

The design chosen (in order to exploit this very high 
efficiency) is shown Photo 8-C. It uses 14 bifilar 
turns of the same wire, as with my previous Balun 
shown on the right in Photo 8A, on two 2.4-inch OD 
cores (bound together with No. 27 glass tape) with 
permeabilities of 40. The unmounted view shows how 
the two cores are bound together by glass tape. The 
other views attempt to give an example for mounting 
the Balun. The Balun is supported by two acrylic end 
pieces which are, in turn, held fast to the enclosure by 
a long bolt. The Balun is placed equidistant between 
the top, bottom, and sides of a 5 inch long by 3.5 inch 
wide by 2.25 inch high aluminum enclosure. A few 
washers at the point where the bolt comes through the 
enclosure help to position the Balun between the top 
and bottom. 

When matching 50 ohms (unbalanced) to 200 ohms 
(balanced), the response of this Balun is practically 
the same as mine, shown in Figure 8-4 using a single 
core. From 1.7 to 30 MHz, it can certainly handle the 
full legal limit of amateur radio power with an effi- 
ciency close to 99 percent. However, if the operation 
of this Balun is restricted to the HF band only (that is, 
from 3 to 30 MHz), then it could be rated conserva- 
tively at 10 kW of peak power and 5 kW of average 
power. It would be an ideal Balun for a log-periodic 
beam antenna. 

Finally, Photo 8-D shows three different views of a 
low power 4:1 Ruthroff (voltage) Balun designed to 
handle the output power of any HF transceiver easily. 
It has 10 bifilar turns of No. 18 hook-up wire on a 1.5- 
inch OD ferrite toroid with a permeability of 250. The 
enclosure is a 2.75 inch long by 2.125 inch wide by 
1.625 inch high CU 3000-A minibox. 


Section 8.4 4:1 Guanella Balun 
Designs 


Photo 8-E shows two high-power Guanella 4:1 
Baluns designed to match 50-ohm coaxial cable to 
loads of 200 ohms. They both use No.14 H 
Thermaleze wire with a covering of Teflon tubing giv- 
ing characteristic impedances very close to 100 ohms 
(the objective). Their responses are flat from 1.5 MHz 
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Photo 8-C. Three views of the very high-power 4:1 
Ruthroff Balun using two low-permeability (40) ferrite 
cores. Dimensions of the aluminum enclosure are: length, 
5 inches; width, 3.5 inches; height, 2.25 inches, 
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Draw diagrams to show how each of these shapes tessellates. 
Show at least six shapes in each diagram. 

(a) isosceles triangle (b) square 

(c) parallelogram (d) kite 

Without drawing, explain why rectangles tessellate. 

Without drawing, explain why regular nonagons (nine-sided 
polygons) do not tessellate. 

Draw a diagram with at least ten shapes to show a tessellation 
using a combination of regular hexagons and equilateral triangles. 
Explain, without a drawing, why it may be possible to make a 
tessellation using a combination of equilateral triangles and 
regular 12-sided polygons. Then, using a drawing, show that the 
tessellation is possible. 
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Photo 8-D. Three views of the low-power 4:1 Ruthroff Balun designed to handle the output of any HF transceiver. The alu- 
minum enclosure is a 2.75 inches high by 2.125 inches wide by 1.625 inches high CU 3000-A minibox. 


to well beyond 30 MHz. Both can easily handle the 
full legal limit of amateur radio power. 

The single-core version (on the left) has 8 bifilar 
turns on each of its two transmission lines. The dual- 
core version (on the right) has 16 turns on each core. 
The wires are clamped together with strips of Scotch 
No. 27 glass tape placed about every 3/4 inch. The 
cores are 2.4-inch OD ferrite toroids with a perme- 
ability of 250. The connectors are on the low-imped- 
ance sides. For ease of connection, the dual-core ver- 
sion has one winding clockwise and the other, coun- 
terclockwise. Also, in the dual-core case, the spacing 
between the two cores (which isn't critical) can be as 
small as 1/4 inch. 

These transformers can also be wound with ordi- 
nary No. 14 (solid) house wire. The several samples I 


Photo 8-E. Two high-power 
versions of the Guanella 4:1 
Balun. The Balun on the left 
uses a single core while the one 
on the right uses two cores. The 
connectors are on the low- 
impedance sides. 


tried yielded characteristic impedances close to 100 
ohms (and, thus, were acceptable). The major differ- 
ence lies in the voltage-breakdown capability. Units 
wound with Teflon-sleeved No. 14 H Thermaleze wire 
have been reported to withstand 10,000 volts without 
breakdown! Obviously, this is beyond the capability 
of ordinary house-wire. 

Photo 8-F shows a Guanella (current) 4:1 Balun 
mounted in a 5 inch long by 4 inch wide by 3 inch 
high CU 3005-A minibox. It has 14 bifilar turns of 
No. 14 H Thermaleze wire on each of the two 2.4- 


inch OD ferrite toroids with permeabilities of 250. 
Each wire is covered with Teflon tubing, resulting in a 
characteristic impedance close to 100 ohms (the opti- 
mum). The windings also employ a crossover after the 
seventh turn, as shown in Figure 8-6. For ease of con- 


Figure 8-6. Construction of a crossover placing input and 
output connections on opposite sides of the toroid. 


nection, one toroid is wound clockwise and the other, 
counterclockwise. The spacing between the toroids 
can be between 1/4 and 1/2 inch. 

When matching 50-ohm cable to a balanced load of 
200 ohms, the transformation ratio is constant (within 
2 percent) from 1.5 to 45 MHz. This Balun can also 
handle the legal limit of amateur radio power. It 
would probably perform satisfactorily if wound with 
ordinary No. 14 house wire (solid), or with Teflon- 
covered No. 14 tinned wire. However, the design in 
Photo 8-F has withstood peak pulses of 10,000 volts! 
Considering this fact, it might be worthwhile to take 
the extra effort and use Teflon-covered No. 14 H 
Thermaleze wire. 

A single-core version using two coiled transmission 
lines on a single core looks interesting and should be 
investigated. It results in balanced currents and unbal- 
anced voltages. I would use two coiled transmission 
lines with 7 bifilar turns of the same wire on the same 
core as above. 

Photo 8-G shows two low-power Guanella 4:1 
Baluns designed to match 50-ohm coaxial cable to 
loads of 200 ohms. They both use No. 20 hook-up 
wire (solid) giving a characteristic impedance very 
close to the objective of 100 ohms. Their responses 
are flat from 1.5 MHz to well beyond 50 MHz. They 
are conservatively rated at 150 watts of continuous 
power and 300 watts of peak power. They have been 
exposed to 500 watts of continuous power (in a 
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matched condition) for a considerable length of time 
with virtually no rise in temperature. 

The single-core version (on the left) has 7 bifilar 
turns on each of its two transmission lines, while the 
dual-core version (on the right) has 14 turns on each 
core. The wires are clamped together about every 1/2 
inch with strips of Scotch No. 27 glass tape. The cores 
are 1.25-inch OD ferrite toroids with a permeability of 
250. The connectors are on the low-impedance sides. 
As above, the dual-core version has one winding 
clockwise and the other, counterclockwise. 

Photo 8-H is a step-down version of the Guanella 
4:1 Balun and uses two ferrite rod-cores 3/8 inch in 
diameter and 3.5 inches in length. Core permeabilities 
are 125, It uses the schematic of Figure 8-1A, but with 
the generator (which is grounded) on the right side and 
the load (ungrounded) on the left side. This 4:1 Balun 
is designed to match 50-ohm coaxial cable (on the right 
side) to a balanced load of 12.5 ohms. Each rod has 
13.5 bifilar turns of No, 14 H Thermaleze wire. Again, 
for ease of connection, one rod is wound clockwise and 
the other, counterclockwise. The response is flat from 
1.5 MHz to well over 30 MHz. This Balun is fully 
capable of handling the legal limit of amateur radio 
power. The connector is on the high-impedance (50 
ohms) side. Beaded versions of Guanella’s step-down 
4:1 Balun also look very promising for operations on 
the VHF and UHF bands. The technique requires mini- 
mizing the parasitics in the interconnections. Some 
examples will be shown later. 


Photo 8-F. A 4:1 Guanella Balun using the crossover con- 
nection of Figure 8-6 and mounted in a 5 inch long by 4 
inch wide by 3 inch high CU 3005-A minibox. 
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Photo 8-G. Two low-power versions of the Guanella 4:1 Balun. The Balun on the 
left uses a single core while the one on the right uses two cores. The connectors 


are on the low-impedance sides. 


Photo 8-H. A dual rod-core 4:1 Guanella step-down Balun designed to match 50- 
ohm cable to a balanced load of 12.5 ohms. The connector is on the 50-ohm unbal- 


anced side. 


It should be mentioned again that the three dual- 
core Baluns above also make excellent broadband 
Ununs. They only sacrifice a little in low-frequency 
response. However, because of their conservative 
designs, they can still handle the 160-meter band. 


Sec 8.5 Comparisons with Other 
Baluns 


After completing the study on 4:1 Baluns, I thought it 
would be interesting to characterize other Baluns that 
are commercially available, or that have been recently 
described in the amateur radio literature. My findings 
are as follows. 


The 4:1 Rod-type Ruthroff Balun 

Photo 8-I shows a photograph of the typical rod- 
type 4:1 Balun, which was practically the only one 
available for the past three to four decades. The Balun 
in the photograph is the HI-Q Balun. It is the 
Ruthroff design (now called a voltage Balun®) with 10 
bifilar turns of No. 14 wire on a 1/2-inch diameter fer- 
rite rod 2 inches in length. In terminating this Balun 
with 200 ohms, the useful range was found to be from 
7 to 15 MHz. Below 7 MHz, the input impedance 
showed a considerable inductive component—indicat- 
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ing autotransformer action and flux in the core (which 
could be harmful). Above 15 MHz, the transformation 
ratio increased and became complex. The optimum 
impedance level was found when matching 100 ohms 
to 25 ohms (indicating a characteristic impedance of 
the windings of only 50 ohms). The useful frequency 
range at this impedance level increased to 3.5 MHz to 
30 MHz. 

When matching 50-ohm coaxial cable to a 20-meter 
folded dipole at a height of 0.17 wavelengths (result- 
ing in a resonant input impedance of 200 ohms), the 
VSWR curve was indistinguishable from that of the 
best Guanella 4:1 (current) Baluns.£ This Balun also 
presented no difficulty in handling the full power 
limit. However, on 10 meters, the difference due to a 
very low characteristic impedance of the coiled trans- 
mission line became evident. Figure 8-7 shows the 
poor VSWR curve of the rod-type Balun when com- 
pared to other Guanella and Ruthroff Baluns with 
characteristic impedances close to the optimum value 
of 100 ohms. The rod-type Balun with all of its inade- 
quacies, which include voltage-breakdown, is certain- 
ly not recommended. 

The high-power Ruthroff Balun is close to McCoy’s 
design.!7 It uses 11 bifilar turns of No. 14 H Therma- 
leze wire on a stack of three T200-2 cores. The wires 
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are also covered with 20-mil wall Teflon tubing yield- 
ing a characteristic impedance close to 100 ohms. I 
differ with McCoy’s design because I feel the charac- 
teristic impedance of his transmission line could be 
closer to 50 ohms. His Balun and others that use pow- 
dered-iron cores will be described further in the next 
chapter on Baluns for antenna tuners. 

The low-power units in Figure 8-7 used 14 bifilar 
turns of No. 18 hook-up wire on 1.25-inch OD ferrite 
toroids with a permeability of 250. The transmission 
lines of the low-power Baluns were just under 20 
inches, while those of the high-power Balun were 50 
inches in length. 

As can be seen in Figure 8-7, there are very small 
differences between the VSWR curves of the two 
low-power Baluns and the high-power Ruthroff 
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Photo 8-1. A typical 4:1 rod-type 
Ruthroff (voltage) Balun (HI-Q). 


(voltage) Balun. The differences could very well be 
attributed to the small variations in the characteristic 
impedances of the windings. Very likely, the most 
important information gleaned from Figure 8-7 is 
that, when feeding a balanced dipole with a virtual 
ground-plain bisecting it, the Ruthroff Balun takes 
on the character of a two-core Guanella Balun. In 
other words, the Ruthroff Balun loses its built-in 
high-frequency cut-off! 


4:1 Current Baluns 

I also characterized several so-called current 
Baluns® that recently appeared on the market. These 
are my findings: 

a) They are the dual-core (toroids) version of the 
Guanella Balun, which sums voltages of equal delays. 


A Low-power Guanella 


_, Low-power Ruthroff 


Jia power Ruthroff 


Figure 8-7. Plots of VSWR curves on 10 meters for four different 4:1 Baluns. The high-power Ruthroff Balun is actually 
McCoy's design with a 100-ohm characteristic impedance winding (and is described in the next chapter). The Hi-O Balun 
is shown in Photo 8-I. The comparisons show the importance of having the optimum value of the characteristic impedance 
of the windings and that the high-power Balun with its much longer transmission line indicates a Guanella-type operation. 
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b} The electrical performances of these Baluns are 
vastly superior to the rod-type Balun described earlier, 

c These Baluns should meet their electrical and 
power-rating specifications. 

d} My only criticism is that they could have more of 
a safety margin at the low-frequency end, where ex- 
cessive core flux (due to higher than expected imped- 
ances) could take place. More inductance in the wind- 
ings is recommended. 


The Beaded-coax 4:1 Balun 

A design in an amateur radio journal? advocated 
using beaded coaxial cable (of 100 ohms) in a 4:1 
Guanelia design, Various claims were advanced for 
this approach. ł constructed one of these Baluns using 
No.14 wire with Teflon sleeving, resulting in the 
required [00-ohm characteristic impedance. Here are 
my findings: 

a} The Balun had excellent margins at both the 
high- and low-frequency ends. The performance of 
this Balun verified the analysis (expressed earlier) 
with the high- and low-frequency models and the sub- 
sequent voltage gradients. In fact, the high-frequency 
performance exceeded the capability of my simple 
test equipment.* 

b) The major disadvantage is in efficiency. Because 
high-permeability (2500) beads are required in order 
to obtain the required choking reactance in the HF 
band, this Balun had considerably more loss than 
colled-type Baluns using low-permeability (ess than 
300) ferrite toroids.2 A soak-test* (transformers con- 
nected back-to-back and about 500 watts applied into 
a dummy load) with the dual-core low-power unit in 
Photo 8-G showed that the smalier Balun ran consid- 
erably cooler! The beaded transmission lime technique 
is recommended mainiy for Baluns (and Ununs} oper- 
ating at low impedance levels or on the higher-fre- 
quency bands. 


Sec 8.0 Summary 


Unlike the 1:1 Balun, the 4:1 Balun matching 50 
ohms unbalanced to 200 ohms balanced has had no 
real standard for comparison in the amateur radio lit- 
erature. As Chapter 7 showed, Reisert's Balun in his 
1978 article’ had all of the attributes of a good 1:1 
design. Therefore, he set a legitimate standard for 
others to follow or even attempt to exceed. Also 


shown were some of my variations in his design for 
increased efficiency and ease of construction. 

However, Chapter 8 has illustrated that the designs 
m the amateur literature (particularly the handbooks) 
arc found lacking in bandwidth, or efficiency, or both, 
Even the 4:1 Baluns on the commercial market can be 
improved. This is especially true of the rod-type 
Balun that has been available for decades! 

in the process of investigating the 4:1 Balun for my 
series of articles in CO and Communications Quarter- 
fy, I have arrived at some designs that could provide 
the beginnings of standards for this device. They are 
included in this chapter and are: 

1. For balanced applications like matching 30-ohm 
cable to the 200-ohm balanced input impedance of 
folded-dipole or iog-periodic antennas, 1 recommend 
the single-core, Ruthroff design of Photo 8-A, It is 
capabie of handling the fuli legal limit of amateur 
radio power. For a higher-power capability and a Hittle 
iess bandwidth, 1 recommend the Ruthroff design 
shown in Photo 8-C. These designs are presently 
called voltage Baluns.® 

2. For unbalanced applications like the OCFD (off- 
center-fed dipole}, or a dipole that could be unbai- 
anced by surrounding structures or by construction 
errors, | recommend the two-core Guanella design of 
Photo 8-E or Photo 8-F. H is a much more flexible 
unit that can operate successfully as a Balun when the 
load is grounded at its center (Figure 8-1A), or as an 
Unun when the ioad is grounded at the bottom. 
Although not shown, it can even be grounded at the 
top, yielding a 4:1 phase-inverter. 

3, For low-power 4:1 Balans, there really have been 
no designs in the literature for comparisons. 
Therefore, by default, the designs in this chapter are 
suggested as standards. Applications of the single- 
core Ruthroff Balun and the two-core Guaneila Balun 
are the same as their higher-power counterparts. 

I am sure there are some who don't agree with the 
recommendations proposed above. The Guanella (cur- 
rent) Balun appears to be the main Balun of choice, 
The question is: Why use a two-core Guanella (cur- 
rent) Balun when a single-core Ruthroff (voltage) 
Balun will do? They both have the same power rat- 
ings! For those who disagree with my views, designs, 
or recommendations, 1 encourage them to (as the clas- 
sic TV commercial used to say) put if in writing. Then 
we will all benefit from the new information. 


Chapter Q 


Baluns for Antenna Tuners 


Sec 9.1 Introduction 
Te 4:1 Balun, matching 50 ohms (unhalanced) 


to 200 ohms (balanced), has found 1ts most 

popular use in antenna tuners. Because the 
Balun rarely sees a resistive load of 200 ohms in this 
application, the primary objective is to take the bal- 
anced impedance (with respect to ground) of the input 
to an open-wire (or twin-lead) feedline and transform 
it into an unbalanced impedance which has one side 
erounded and can be transformed into 50 ohms by an 
L-C matching network. This was well described in 
two CQ articles by McCoy. 418 

As Chapter 8 has shown, there are two different 
forms of the 4:1 Balun. One uses two transmission 
lines wound on separate cores (or threaded through 
ferrite beads in some cases) and connected in parallel 
at the 50-ohm side and in series at the 200-ohm side. 
This design was first presented by Guanella in 1944,3 
and is presently called a current Balun.® The other 
design, using a single transmission line wound around 
a core and connected in a phase-inverter configura- 
tion, was introduced by Ruthroff in 1959.9 This 
design, which has recently been called a voltage 
Balun,® is now perceived as the inferior design. 

This chapter presents another view of the 4:1 Balun. 
ig not only includes the optimum design considera- 
tions for antenna tuner use, but also the design para- 
meters for multiband antenna systems using center- 
fed dipoles with open-wire or twin-lead feedlines. 


Le » Balanced 
network 


transmission 
O lina 


Also included are my views on the GSRV antenna, the 
tuner using 3 1:1 Balun before the L-C matching net- 
work, and the special cases of Ruthroff’s 4:1 design 
matching into a load that is actually or virtually 
grounded at its center. 


Sec 9.2 The Two Forms of 
Antenna luners 


Three of the more commen items in amateur radio Jar- 
gon are VSWR, antenna tuners, and multiband anten- 
nas (especially the GSRV). These have appeared upon 
the scene because of the ease at which bands can now 
be changed and the narrow limits in the range of 
matching impedances with modern rigs. 

The concept of using a wire antenna on many differ- 
ent bands isn’t new. Designs have been around for 
more than six decades. In fact, satisfactory circuits 
have also been available which couple transmitters to 
balanced Hines that present loads different than the 
transmitter output impedance. These were known as 
series and parallel-tuned circuits.1? The transforming 
of a balanced impedance to an unbalanced impedance 
was accomplished by the isolation provided by mag- 
netic coupling. Energy was transmitted from one cir- 
cuit to the other by either having two colis in close 
proximity or by “link” coupling. However, these 
methods of coupling have fallen by the wayside, 
together with rock-bound rigs, plug-in coils, separate 
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Figure 9-1. The two baste forms of the Transmatch (antenna tuner}: (Aj the more popular design using an unbalanced LC 
network and a 1:4 Balun; (Bj a EI Balun and a balanced L-C network. 


de 
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receivers and transmitters, and (sad to say) the excit- 
mg flashing of mercury-vapor rectifiers. 

Today, the transmaich is most often used to convert 
the reactive/resistive load presented by an antenna 
system to a nonreactive, grounded 30-ohm load. The 
transmatch is also commoniy known as an antenna 
tuner, The isolation role, that of converting a balanced 
impedance to an unbalanced one, is now provided by 
the Balun transformer. 

There are two basic forms of the transmatch, and 
they are shown in Figure 9-1. Figure 9-1A, which 
shows a 4:1 Balun between the L-C network and the 
balanced transmission lme, has been the most popular. 
In some designs, a 1:1 Balun has been used. In either 
case, this form of antenna tuner places the burden on 
the Balun, not on the L-C network. Depending upon 
the dimensions of the antenna and open-wire (or twin- 
lead) transmission iine, the Balun can see very high 
impedances that may be harmful. In turn, the L-C net- 
works are simpie because of their unbalanced nature. 
Among the most popular networks are L, pi, T, 
Ultimate, and SPC types.4°-43 An added advantage to 
this approach is that the Balun can be piaced outside 
the operating area and connected to the L-C network 
by a coaxial cable. $418 

On the other hand, Figure 9-1B takes the complexi- 
ty out of the Balun and places it on the L-C network. 
With a balanced network, the 1:1 Balun should see a 
lower voltage drop along the length of its transmission 
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Figure 9-2. The two basic forms of the 1:4 Balun: (Aj the Guanella 
{current} Balun; (B) the Ruthraff (voltage) Balun. 


Figure 9-3, The frequency response of a 4:1 Ruthroff (voltage) Balun 
with ihe load floating and with its center grounded. In the grounded 
case, ihe high-frequency response is similar to that of a 4:1 Guanella 
(current) Balun. 
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line (and, hence, less loss%) because its load is always 
close to 50 ohms. Additionally, the choking require- 
ments of a 1:1 Balun are considerably less than that of 
the 4:1 Balun in Figure 9-1A. 

Roehm has addressed the problems related to this 
form of transmatch in an article.!© In fact, he suggests 
a design using an unbalanced T network and a 1:3 
beaded-coax Balin. Although a balanced L-C net- 
work is inherently more compiex and costly, it would 
be interesting to see its comparison with Roehm’s 
unbalanced design. Additionally, a comparison with a 
l:i Balun using 50-chm twin-lead or coaxial cabie 
wound around a ferrife toroid with a permeability of 
less than 300 would also be useful. Because the 1:1 
beaded-coax (choke-type) Balun requires ferrite beads 
with permeabilities considerably greater than 300, it 
has more toss.4 

in any event, the basic form of the transmatch using 
the design in Figure 9-EB looks promising and merits 
further investigation. 


Sec 9.3. Another View of the 
4:1 Balun 


This section presents my views and the results of my 
work on a 4:1 Balun designed for use in the very pop- 
ular “antenna tuner” shown in Figure 9-1A. Because 
the Balun may be exposed to harmful high voltage 
conditions in this application, the efficiency and 


Figure 9-4, Suggested model of the 4:1 Ruthroff (voltage) Balun 


when the load, Ry, is grounded at its center. 


Photo 9-A. The high-power Ruthroff 4:1 Balun used in the 
comparison with other Baluns (see Figure 9-7, and Figure 8-7 of 
Chapter 8). Except for some difference in the characteristic 
impedance of the bifilar winding, it is essentially the McCoy 


4:1 Balun. 


ruggedness of the core materials are important consid- 
erations. Experiments have shown that losses in 
Baluns are related to the impedance level? (and, 
hence, voltage level), and the permeability of the 
materials. Therefore, the losses are of a dielectric-type 
and not of a current-type, as in conventional trans- 
formers. Moreover, it is well known that powdered- 
iron is a more rugged and linear material than ferrite. 
A very important question to ask is which form of 
the 4:1 Balun should be used in this application— 
Guanella’s or Ruthroff’s? My conclusions may sur- 
prise many readers. 

As was mentioned at the beginning of this chapter 
and above, there are two basic forms of the 4:1 Balun. 
They are shown in Figure 9-2A and B. Figure 9-2A 
is Guanella’s approach. It uses two coiled transmis- 
sion lines (on separate cores) connected in parallel on 
the 50-ohm side and in series on the 200-ohm side. 
This has recently been called a current Balun.® In 
order to have “flat” transmission lines and obtain the 
highest frequency response, the characteristic imped- 
ance of the coiled transmission lines should be equal 
to the loads they see—namely, 1/2R, and, in this case, 
100 ohms. 

As Guanella said in his classic paper,’ this Balun is 
literally “frequency independent.” At the low frequen- 
cy end, the reactance of the coiled transmission line 
should be much greater than 100 ohms (in this case) 
in order to assure that the energy is transmitted from 
input to output by an efficient transmission line mode. 
Beaded transmission lines aren’t recommended for 
use on the HF band at these impedance levels because 
of excessive dielectric loss. 

Figure 9-2B shows Ruthroff’s approach, which 
uses a single transmission line connected in the phase- 
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inverter configuration (see Chapter 7). By grounding 
terminal 4, a voltage drop of —V, appears across the 
length of the transmission line. As a result, terminal 3 
is at +V] and terminal 2 is at —-V,—a 4:1 transforma- 
tion ratio. 

It is when the load is actually grounded at its center 
that we see a very interesting feature of this approach. 
A simple impedance measurement will show that the 
high frequency response is vastly improved and that 
the Ruthroff (voltage) Balun appears to take on the 
character of a Guanella (current) Balun! Figure 9-3 
illustrates the measurements of the input impedance 
of a Ruthroff 4:1 Balun with the load floating, and 
when it is grounded at its center. These measurements 
(with a simple resistive bridge) were made on my 
design using a powdered-iron core, which will be 
described later. 

A model for the Ruthroff 4:1 Balun, when the load 
is grounded at its center, is provided in Figure 9-4. If 
the characteristic impedance of the transmission line 
in the 4:1 Balun is 100 ohms (the optimum value if 
the load is 200 ohms), then the generator sees R¡ /2 in 
parallel with a R¡ /2 from a “flat” line. As a result, the 
generator sees its match of 50 ohms—even though the 
currents in the loads are not in phase! 

However, when the Balun is connected to a center- 
fed, folded dipole, or log-periodic beam antenna with 
200-ohm input impedances, the virtual ground-plane 
bisecting the antennas presents an interesting case. 
Because there is no metallic connection to the center 
of the load, the currents in both halves of the antennas 
are in phase. This is unlike the situation in Figure 9-4, 
where the current in the load on the right is delayed 
compared to the current in the load on the left. As is 
evident in Figure 8-7 of Chapter 8, the VSWR curve 
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for the high-power Ruthroff Balun has practically the 
same shape as those of the two lower-power units— 
even though its transmission line is more than two and 
one half times longer. 

Because the high-frequency response of a Ruthroff 
4:1 Balun with a floating load is highly dependent 
upon the length of the transmission line, Figure 8-7 
suggests that, in the virtual ground case, the Balun 
acts as a Guanella Balun which sums voltages of 
equal phases. It also suggests that the effective electri- 
| Vi : cal length of the transmission line is one-half of its 
oy ae = Y | actual length. I am quite sure that this model of 

ra ne. K Ruthroff’s Balun was not proposed by him or by oth- 

dl e a ers that followed. However, it should be remembered 
that this condition only exists in the balanced case. 
| | | With an unbalanced load, the Balun should introduce 
Photo 9-B. The Balun of Photo 9-A mounted in a 5 inch a reactive component that will limit the high frequen- 
long by 4 inch wide by 3 inch high minibox. cy response. In the unbalanced case, the Guanella 
Balun with two cores is the Balun of choice. 


Sec 9.4 Some “Hardy” 4:1 Designs 


Photos 9-A and 9-B show two views of a Ruthroff 4:1 
transmission | Balun, much like McCoy’s design, which has been 
line used in his highly popular transmatch.** Figure 9-5 
shows a pictorial representation of the connections. It 
| | has 11 bifilar turns of No. 14 H Thermaleze wire on 
Figure 9-5, A pictorial of the connections for a 4:1 three (stacked) T200-2 cores. The cores are pow- 
Ruthroff (voltage) Balun. dered-iron material with a permeability of 10. The OD 


Photo 9-C. The various 
Baluns used in the study of 
4:1 Baluns for antenna 
tuners. 


is 2 inches. The wires are also covered with a 15-mil 
wall Teflon tubing, yielding a characteristic imped- 
ance close to the optimum value of 100 ohms. 

I differ with McCoy’s design here, because the char- 
acteristic impedance of his Balun could be closer to 
50 ohms. Photo 9-B shows the Balun mounted in a 5 
inch long by 4 inch wide by 3 inch high minibox. 
Because McCoy didn’t use a thickly insulated wire, 
he wound a layer of Scotch No. 27 glass tape on each 
toroid before stacking. This was followed by another 
layer in the stacking process. With Teflon sleeving 
over the wire, the extra insulation provided by the 
glass tape could be dispensed with. 

In order to improve the low-frequency response of 
McCoy’s Balun, I made a study of higher permeabili- 
ty powdered-iron cores. Photo 9-C shows the various 
Baluns used in the study. The object of this study was 
to determine the best core material for a 4:1 Balun to 
be used in antenna tuners where they can be exposed 
to high impedances (and, hence, hostile environ- 
ments). I knew, as the result of very accurate insertion 
loss measurements? that loss with ferrite materials 
was related to the voltage drop along the length of the 
transmission line and to the value of the permeability. 
Permeabilities of 40 (No. 67 ferrite) exhibited the 
lowest loss. The results taken on a single powdered- 
iron material—No, 2 material with a permeability of 
10—also showed the very same low loss. Because 
powdered-iron material has been known to be more 
rugged and linear than ferrite material, this suggested 
that other powdered-irons with greater permeabilities 
should also be investigated. 

I investigated four other powdered-irons with per- 
meabilities of 20, 25, 35, and 75. Their designations 
were Nos. 1, 15, 3, and 26, respectively. Comparisons 
were made on input impedances (with the outputs ter- 
minated in 200 ohms) and temperature rises (when 
handling 500 watts of power). The power test showed, 
convincingly, that No. 26 material was not to be used 
because it showed a definite rise in temperature while 
the other three didn’t. However, all four materials 
showed a definite lower input impedance than the No. 
2 material, which has a permeability of 10. As expect- 
ed, the higher the permeability, the larger the differ- 
ence with No. 2 material. Although an input imped- 
ance measurement does provide some indication of 
loss because it appears as a shunting path to ground, a 
very accurate insertion loss measurement would pro- 
vide a more precise indication of the trade-off that can 
be made in efficiency for low frequency response. 
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Photo 9-D, An 
improved 4: ] 
Ruthroff design for 


antenna tuners. 
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Photo 9-E. The improved 4:1 Ruthroff Balun mounted in a 
5 inch long by 4 inch wide by 3 inch high minibox. 


Because my simple loss measurements indicated 
that the higher permeability powdered-irons had more 
loss than the No. 2 material, I decided to design a 4:1 
Ruthroff Balun using this material—but with a larger 
core and more turns than the McCoy!7:!8 Balun. 
Although McCoy’s design has enjoyed considerable 
success over the years, I felt that a larger inductive 
reactance was desirable in order to assure better per- 
formance on the lower frequency bands (particularly 
160 meters). 
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Shape name 


Scalene or 


acute-angled 


triangle 


Scalene or 
obtuse- 
angled 
triangle 


Scalene or 


right-angled 


triangle 


Isosceles 
triangle 


Equilateral 
triangle 


Properties 


All angles less than 
900 


One obtuse angle 


One right angle 


2 equal sides and 
angles 
1 line of symmetry 


3 equal sides 

All angles 60° 

3 lines of symmetry 

Rotational symmetry 
of order 3 
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Photo 9-F, The top view of the 4:1 Balun of Photo 9-E. 


The specific design is shown in Photo 9-D. It has 
17 bifilar turns of No. 14 H Thermaleze wire on a 
T300A-2 powdered-iron core, which has an OD of 3 
inches and a permeability of 10. With this number of 
turns and a larger cross section than the three T200-2 
cores, the low frequency response improved by a fac- 
tor of about two over the McCoy Balun, which has 10 
to 12 turns on a stack of three T200-2 cores. 
Furthermore, the wires are also covered with 15-mil 
wall Teflon tubing, resulting in a characteristic imped- 


N = 21, T400A-2 core 


N = 11, 3-T200-2 cores 
(McCoy's balun) 


ance of 100 ohms (the objective). This well-insulated 
transmission line has been reported to handle 10,000 
volts without breakdown. Figure 9-3 illustrates the 
performance of this Balun (under a matched condi- 
tion) when the load is floating and when it is center- 
tapped-to-ground. Photo 9-E shows the Balun mount- 
ed in a minibox 5 inches long by 4 inches wide by 3 
inches high. Photo 9-F shows the top view of the 
mounted Balun. 

Because the Balun with the larger core and more 
turns showed an improvement by a factor of two in 
the low-frequency response over the McCoy Balun, I 
constructed an even larger design. This is shown in 
Photo 9-G. It has 21 turns of the same wire on a 
T400A-2 core with an OD of 4 inches and a perme- 
ability of 10. Even though Photo 9-G shows the 
toroid wrapped with Scotch No. 27 glass tape, as 
mentioned earlier, this extra insulation isn’t required 
because the wires are covered with Teflon sleeving. 

Figure 9-6 shows the comparisons in the input 
impedances versus frequency of these three “hardy” 
Baluns when they are terminated in 200-ohm loads 
grounded at their centers. As can be seen, the low-fre- 
quency response of the Balun with the most turns and 
largest core is the best. Even though the Balun with 
the 3-inch core has a poorer low-frequency response, 
it is an improvement over the McCoy Balun and 
should find considerable use in transmatches. Figure 
9-6 also shows that the high frequency responses of 
these Baluns with the loads grounded at their centers 
are remarkably similar. This is especially interesting, 
as the length of the transmission line on the larger 


Ruthroff 1: 4 balun 
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Figure 9-6. A comparison of the performance of the McCoy 4:1 Balun with Baluns having larger cores and more turns. 


Balun (with the T400A-2 core) is more than twice as 
long as the other two (115 inches compared to 50 and 
55 inches). If it is correct that my model of a Ruthroff 
(voltage) Balun feeding a balanced antenna or trans- 
mission line takes on the character of a Guanella (cur- 
rent) Balun because of the virtual ground, then this 
large Balun could have many applications. 


Sec 9.5 Multiband Dipoles 


Antenna tuners have been known to work well for 
some radio amateurs and not for others. This is due to 
the differences in the dimensions of their antenna sys- 
tems. With high impedances seen by the 4:1 Baluns in 
the antenna tuners, the Baluns not only fail to provide 
a good balanced-to-unbalanced conversion, but they 
can also be damaged by excessive heating. The high 
current, low impedance condition seen by the Balun 
isn’t a problem. Therefore, the object in multiband 
antenna design is to provide the most favorable 
impedances for the Baluns, especially on the three 
lowest frequency bands—40, 80, and 160 meters. 
Usually on the higher frequency bands, the imped- 
ances seen by the Baluns are not as high and the 
Balun’s choking reactances are greater (assuring bal- 
anced-to-unbalanced conversion). This section dis- 
cusses three cases of multiband center-fed dipole 
designs. They are 1) the “worst case” design, 2) a 
smaller design—the GSRV, and 3) a larger design. 
Others may have better designs for multiband opera- 
tion, but it’s clear that the “worst case” design ought 
to be avoided. Figure 9-7 shows the symbols for the 
dimensions of the center-fed dipoles. 


Sec 9.5.1 The "Worst Case” Design 


Apparently, an 80-meter dipole with a quarter-wave 
open-wire (or twin-lead) feedline is a logical design 
for a multiband dipole. In Figure 9-7 this would mean 
that L; = Lə = 59 to 67 feet, depending upon the 
favorite operating frequency. If one were to use 450- 
ohm twin-lead with “open windows,” Lz would be 
diminished by 10 percent; with 300-ohm TV twin- 
lead, it would be diminished by about 20 percent. This 
would make a good antenna system on 160 meters. 
Because L, + L» is close to a quarter-wave, the cur- 
rent at the input to the feedline is at its highest value 
and the impedance at its lowest—a very favorable 
condition for the Balun. In fact, a 1:1 Balun at the 
feedpoint would probably do a good job. 
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Photo 9-G. A large 4:1 Ruthroff design using a 4-inch OD 
powdered-iron core and 21 bifilar turns. 


Figure 9-7. The symbols used for the dimensions of a cen- 
ter-fed dipole with open-wire feeders (or twin-lead with 
appropriate consideration of velocity factors). 


However, what does the input to the feedline look 
like on 80 meters? If 450-ohm feedline is used, the 
4:1 Balun sees a quarter-wave 450-ohm feedline ter- 
minated in approximately 50 ohms. Transmission line 
theory tells us that the Balun would see 4050 ohms— 
an impossible condition for most Baluns. The situa- 
tion becomes worse on 40 meters, where we may have 
a center-fed, full-wave dipole with a half-wave trans- 
mission line (a 1:1 matching transformer). In this 
case, the Balun could see an impedance approaching 
10,000 ohms—a more than impossible condition! 
Although high impedances would also be seen on 10, 
15, and 20 meters, the conditions are not quite as 
severe because the Balun's choking reactances are 
usually greater and the impedances lower. In essence, 
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the “worst case” design for a 4:1 Balun is the “best 
case” design (except for 160 meters}, if one still uses 
inductive coupling to a parallel-tuned circuit. 19 


sec 9.5.2 A Smaller Design— 
The G5RV 


Vamey,** G5RV, designed a multiband center-fed 
antenna system capable of operation on all HF bands 
from 3.5 to 30 MHz. In contrast to multiband anten- 
nas designed as half-wave dipoles on 80 meters (the 
“worst case” design), the full-size GSRV antenna was 
designed as a three-half-wave antenna on 14,150 MHz 
with a 1:1 transmission line matching transformer. It 
was possible to accomplish this using the dimensions 
of 51 feet for Ly and 34 feet for L,. For 450-ohm 
twin-lead with “windows,” L» would he 31 feet; for 
300-ohm TV ribbon, La would be 28 feet. Con- 
sequently, the input impedance at the hase of the 
matching transmission line was about 100 ohms on 
14,150 MHz, and a manageable impedance for 50 or 
s0-ohm coaxial cable. 

However, with a total length for L; + Ly of 85 feet, 
the impedances at the input to the transmission line on 
40, 80, and 160 meters are also manageable. Even 
though they have a reactive component on these 
bands, they aren't so high that a well-designed 4:1 
Balun in an antenna tuner can’t handie them easily. 
Varney also showed that the highest impedances 
occurred on the 16-, 217, and 28-MHz bands. How- 
ever, this doesn’t present a problem with the design 
shown in Photo 9-D because it uses an efficient core 
material, and it also has the highest reactances of its 
windings at these frequencies. 

Varney2* also wrote, at considerable length, on the 
unsuitability of a Balun being used to connect the 
base of the 34-foot open feeders to a coaxial cahile 
feedline. He stated that if a Balun is connected to a 
reactive load with a VSWR of more than 2:1, its 
internal losses would increase, Varney also men- 
tioned heating of the wires and saturation of the core. 
Evidentiy Varney was not familiar with McCoy's 
design, which uses a powdered-iron core (with a per- 
meability of 10) that can withstand VSWRs consid- 
erahly greater than 2:1—without showing any tem- 
perature rise. Furthermore, the wire doesn’t heat up; 
however, the core itself does via dielectric heating. 
Additionaily, with sufficient choking reactance, 
Baluns can handle (equally) the resistive and reactive 
components of an impedance. 


Finally, after observing the voltage and current dis- 
tributions on ali of the bands, it appears that a 2:1 
(100:30-chm)} Balun might he an interesting one to try 
on the GSRV antenna. It could he that many of the 
bands would not require the added matching of an 
antenna tuner. If some of the bands require an antenna 
tener in order to be used, then 1 would suggest using a 
“hardened” Balun. That is what I call McCoy’s 
approach, which uses efficient and hardy powdered- 
iron cores. A 2:] Balun, comprised of a 1:2 Unun in 
series with a 1:1 Guanella (current) Balun, could be 
easily designed and built (see Chapter 10). 


sec 9.3.3 A Larger Design 


Even though the GSRV antenna can be made to oper- 
ate on 160 meters with a suitable antenna tuner, an 
antenna system larger than the “worst case” design 
can provide better operation on the 40-, 80-, and 160. 
meter hands. As you might expect, an antenna system 
about twice as large as the GSRY offers these advan- 
tages. Suggested dimensions are L; = 80 feet and Ly = 
¡00 feet. If the feedline is 450-chm twin-line with 
“windows,” then L- = 90 feet. If it is 300-chm TV nb- 
bon, then Lo = $2 feet. As with the GSRY, it’s the total 
length of Ly + Lə that presents favorable or unfavor- 
able impedances to the 4:1 Balun in the antenna tuner. 
Therefore, Ly and L, could hoth be 90 feet, as well. 
Only very small differences in performance would be 
noticed between these two systems, particularly on 
the iower-frequency bands. Obviously, other combina- 
tions totaling 180 feet are also possible. In the GSRV 
case, it’s 85 feet. 


sec 9.6 Summary 


After reading this chapter, one might think that I 
have set this technology back a few years by advo- 
cating voltage Baluns and powdered-iron cores. | 
have even questioned the professional literature. 
However, my conclusions were based upon three 
experimental results. These were: |} measurements 
with my resistive bridge on input impedances of 4:1 
Ruthreff (voltage) Baluns with loads floating and 
center-tapped-to-ground, 2} VSWR measurements on 
foided dipoles with various 4:1 Baluns (large and 
small and, therefore, with many different lengths of 
transmission lines), and 3) McCoy’s success with his 
4:] Balun. Also, as this chapter points out, it helps to 
have the dimensions of a multiband, center-fed 
dipole, and feeders favor the operation of a 4:1 Balun 


in antenna tuners. And, ves, there is a “worst case” 
antenna design! 

As In many investigations, supplying answers to 
some guestions can lead to others that appear to be 
important, Specificaily, for powdered-irons, how 
would permeabtities in the 20 to 35 range perform? 
Simple impedance measurements showmg lower val- 
ues on input impedances, indicate that there ts more 
ioss than with a permeability of 10; but accurate mser- 
tion loss measurements are needed in order to teil the 
compiete story-~the trade-off in efficiency for low- 
frequency response. 
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Finally, low permeability ferrite-hke No. 67 materi- 
al with a permeability of 40 looks interesting for use 
in Baluns for antenna tuners. Accurate insertion loss 
measurements* have also shown the very same high 
efficiency that was exhibited by powdered-iron having 
a permeability of 10. With a sufficient number of 
turns on an appropriate size core, a Balun made of this 
material could be practical. Even though the amateur 
radio literature stl refers to the problem of core satu- 
ration, there has been only one recorded case. This 
was on 2 MHz with a rod-type 1:1 Balun where insuf- 
ficient choking reactance exists. 13.14 


Chapter 10 


1.5:1 and 2:1 Baluns 


Sec 10.1 Introduction 


here are many applications for broadband 
Baluns with impedance transformation ratios 
close to 1.5:1 and 2:1. Two applications involve 
matching 50-ohm cable to balanced loads of 75 or 100 
ohms, which are the input impedances of a half-wave 
dipole at heights of 0.22 or 0.34 wavelengths above 
ground, Another, is the matching of 50-ohm cable to 
the 100-ohm input impedance of a quad antenna. An 
interesting, and somewhat unexpected, application ts 
the matching of 50-ohm cable directly to the input 
impedance of the driven element of a Yagi beam 
antenna of 33 or 25 ohms. This would eliminate the 
common hairpin matching network presently used to 
raise their input impedances to 50 ohms. 

There are many versions of these two Baluns. They 
include: 1) mgb- and low-power designs, 2) designs 
matching 30-ohm cable to higher or lower imped- 
ances, 3) series- or parallel-type designs, 4) single- or 
dual-core designs, 5} dual-ratto designs, and 6) HF 
and VHF designs. The serles-type Baluns use an 
Ungen (unbalanced-to-unbalanced transformer) in 


A 


(A) 1:1.56 UNUN 111 balun 


series with a Guanella (current) Balun. More detarls 
on these Ununs are provided in later chapters. In this 
chapter, you'll read about many high-power designs 
capable of handling the full legal limit of amateur 
radio power. They are optimized for sufficient mar- 
gins in choking reactance at their low frequency 
ends, and in efficiency throughout their passbands. 
Two of the 2:1 Baluns are specifically designed for 
2-meter operation. 


Sec 10.2  1.5:3 Baluns 


In this section, Pll present two series-type 1.5:1 
Baluns (actually 1.56:1, which should be close 
enough). They both use 1.56:1 Ununs in series with 
Guanejla 1:1 Baluns. Figures 10-LA and B show their 
schematic diagrams. Figure 10-1B has an extra input 
(to a tap), which provides another ratio of 1.33:1, 

The left-hand side of Phote 10-A shows a design 
using Figure 10-1A mounted in a CU 3006 minibox 
5.25 inches long by 3 inches wide by 2.25 inches high 
(RadioShack has carried a similar enclosure}. The 
112.36 Unun has 4 guintufilar turns on a 1.5-inch OD 


oe 


1:1 Balun 


(B) 1:1.56 UNUN 


Figure 10-1, Schematic diagrams of two 1.56:1 Baluns: (A) step-up, 50:78 ohms; (B) step-down, 50:37.6 ohms—connection 


A, 50:32 ohims-—connection B, 
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ferrite toroid with a permeability of 250. Winding 7-8 
is No. 14 H Thermaleze wire and the other four are 
No. 16 H Thermaleze wire. 

The 1:1 Guanella Balun has 11 bifilar turns of No. 
14 H Thermaleze wire on a 2.4-inch OD ferrite toroid 
with a permeability of 250. One wire is covered with 
Teflon tubing, resulting in a characteristic impedance 
very close to 78 ohms (the optimum value). 

When matching 50-ohm cable to a balanced load of 
78 ohms, the impedance transformation ratio is literal- 
ly flat (within a percent or two) from 1.5 MHz to 40 
MHz! You might be interested to know that (separate- 
ly) the 1:1 (75:75-ohm) Balun would make an excel- 
lent isolation transformer for 75-ohm hardline, and 
the 1.56:1 (78:50-ohm) Unun an excellent match 
between 75-ohm hardline and 50-ohm cable. 

The right-hand side of Photo 10-A shows a design 
using Figure 10-1B mounted in a similar enclosure. 
The 1.56:1 Unun has 5 quintufilar turns on a 1.5-inch 
OD ferrite toroid with a permeability of 250. Winding 
5-6 is No, 14 H Thermaleze wire and is tapped at one 
turn from terminal 5. The other four wires are No. 16 
H Thermaleze. 

The 1:1 Guanella Balun has 7 turns of homemade 
coaxial cable on a 1.5-inch OD ferrite toroid with a 
permeability of 250. The inner conductor is No. 14 H 
Thermaleze wire and is covered with Teflon tubing. 
The outer braid, which is from a small coaxial cable 
or from 1/8-inch tubular braid, 1s also tightly wrapped 
with Scotch No. 92 tape to preserve the low character- 
istic impedance. 


Photo 10-A. Baluns using the schematic 
diagrams of Figure 10-1, Balun on the left 
matches 50-ohm cable to a balanced load 
of 78 ohms. Balun on the right matches 
50-ohm cable to balanced loads of 37.6 or 
32 ohms. 


In matching 50-ohm cable to a balanced load of 
37.6 ohms (connection A), or to a balanced load of 32 
ohms (connection B), the response is essentially flat 
(within a percent or two) from 1.5 to 30 MHz. 


Sec 10.3 2:1 Baluns 


The 2:1 Balun lends itself to more choices in design 
than the 1.56:1 Balun. This is especially true because 
the parallel-type design, which provides a 2,25:1 
Balun with the widest possible bandwidth, can easily 
be employed. The 1.56:1 Balun is at a disadvantage 
here. This section presents many Baluns using both 
series and parallel-type designs. 


Sec 10.3.1 Series-type Baluns 


Figure 10-2 shows circuit diagrams for two versions 
of the series-type Balun. Photo 10-B shows a design 
using Figure 10-2A mounted in a CU 3005-A mini- 
box 5 inches long by 4 inches wide by 3 inches high. 
The 1:2 Unun has 7 trifilar turns on a 1.5-inch OD fer- 
rite toroid with a permeability of 250. The output tap 
is located 6 turns from terminal 5. Winding 5-6 is No. 
14 H Thermaleze wire and the other two are No. 16 H 
Thermaleze wire. 

The 1:1 Guanella Balun has 14 bifilar turns of No. 
14 H Thermaleze wire on a 2.4-inch OD ferrite toroid 
with a permeability of 250. Both wires are covered 
with Teflon tubing, which results in a characteristic 
impedance of 100 ohms (the optimum value). A 
crossover, placing 7 turns on one side of the toroid 


1: 2 UNUN 1:1 balun 


(B) 1.78: 1 UNUN 
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1: 4 balun 


Figure 10-2. Schematic diagrams of two versions of the series-type Balun: (A) 1:2 (50:100 ohms) Balun; (B) 1:2.25 


(50:112,5 ohms) Balun. 


and 7 turns on the other, is used so the output and 
input are on opposite sides of the toroid. Figure 10-3 
is a drawing of the crossover. Although this technique 
has no electrical advantage at HF, the mechanical 
advantage is obvious. 

When matching 50-ohm cable to a balanced load of 
100 ohms, the response is literally flat (within 2 to 3 
percent) from 1.5 to 30 MHz. By connecting the out- 
put of the Unun to terminal 6 instead of to the tap, the 
Balun would match 50-ohm cable to a balanced load 
of 112.5 ohms with about the same response. 

Photo 10-C shows two slightly different versions of 
series-type 2.25:1 Baluns using the circuit of Figure 
10-2B. Both have the same 1.78:1 step-down Unun, 
which has 5 quadrifilar turns on a 1.5-inch OD ferrite 
toroid with a permeability of 250. Winding 5-6 is No. 
14 H Thermaleze wire, and the other three are No. 16 
H Thermaleze wire. Each version also has 8 bifilar 
turns of No, 14 H Thermaleze wire on both of the 1.5- 
inch OD ferrite toroids, with a permeability of 250. 

The differences are: 1) the Balun on the left in 
Photo 10-C has one layer of Scotch No. 92 tape on 
one of the wires in each bifilar winding and a 
crossover after the fourth turn, and 2) the Balun on the 
right has two layers of Scotch No. 92 tape on one of 
the wires on one toroid and no extra insulation on the 
wires of the other toroid. Therefore, one of the wind- 
ings in the 1:4 Guanella Balun has a characteristic 
impedance a little less than 50 ohms and the other a 
little greater than 50 ohms, resulting in a canceling 
effect. Furthermore, the crossover isn’t used in this 
design. The Balun on the left is mounted in a CU 
3006 minibox 5.25 inches long by 3 inches wide by 
2.25 inches high. The Balun on the right is mounted 
in a CU 3015-A minibox 4 inches long by 2 inches 
wide by 2.75 inches high. 


Photo 10-B. A series-type Balun using the schematic dia- 
gram of Figure 10-2A designed to match 50-ohm cable to 
a balanced load of 100 ohms. 


The performance of these two Baluns is essentially 
the same. When matching 50-ohm cable to balanced 
loads of 112.5 ohms, the responses are essentially flat 
(within 2 to 3 percent) from 1.5 to 30 MHz. 

From preliminary measurements on series-type 2:1 
Baluns, the Balun in Photo 10-B is the one I'd recom- 
mend for matching 50-ohm cable to balanced loads of 
100 ohms, while the Baluns in Photo 10-C would be 
best for matching to balanced loads of 112.5 ohms. 
Also, by replacing the 1.78:1 Unun in Figure 10-2B 
with a 2.25:1 Unun, and not adding any extra insula- 
tion to the windings of the 1:4 Balun, it’s possible to 
obtain an excellent Balun matching 50-ohm cable to a 
balanced load of 89 ohms, 

Figure 10-4 shows the schematic diagram of a 
series-type Balun designed to match 50-ohm cable to 
balanced loads of 25 or 22.22 ohms. Photo 10-D 
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Figure 10-3. Construction of a 1:1 Guanella Balun with a 
crossover placing the input and output terminals on oppo- 
site sides of the toroid. 


Photo 10-C. Two series-type Baluns using the schematic 
diagram of Figure 10-2B designed to match 50-ohm cable 
to balanced loads of 112.5 ohms. 


shows two versions of this dual-ratio Balun. The 
Balun on the left, for its Unun, has 6 trifilar turns of 
No. 14 H Thermaleze wire on a 1.5-inch OD ferrite 
toroid with a permeability of 250. Winding 3-4 is 
tapped one turn from terminal 3, yielding the 2:1 
ratio. The 1:1 Guanella Balun has 6 turns of home- 
made coaxial cable on a similar toroid. The inner con- 
ductor is No. 12 H Thermaleze wire and is covered 


with Teflon tubing. The outer braid, from a small 
coax or from 1/8-inch tubular braid, is tightly 
wrapped with Scotch No. 92 tape to preserve its low 
characteristic impedance. 

In matching 50-ohm cable to balanced loads of 25 
ohms (connection A) or to 22.22 ohms (connection 
B), the response is essentially flat (within a percent or 
two) from 1.5 to 30 MHz. 

The Balun on the right in Photo 10-D has similar 
windings on a single 2.4-inch OD ferrite toroid with a 
permeability of 250. Its performance is quite compa- 
rable to the Balun on the left. 


Sec 10.3.2 ParalleHype Baluns 


As you saw in the previous section, the series-type 
Baluns presented here are combinations of Ununs 
with ratios of 1.33:1, 1.78:1, 2:1, and 2.25:1 in series 
with Guanella 1:1 or 4:1 Baluns. The Ununs, which 
are really an extension of Ruthroff’s? bootstrap tech- 
nique for obtaining a 4:1 Unun, sum direct voltages 
with delayed voltages that traverse a single transmis- 
sion line. Therefore, the Unun eventually limits the 
high-frequency response of the series-type Balun. 

On the other hand, the parallel-type Balun is an 
extension of Guanella’s technique of summing volt- 
ages of equal delays. Instead of simply connecting 
transmission lines in parallel-series, the parallel-type 
Balun connects Guanella Baluns in parallel-series. As 
I noted in Reference 25, two 4:1 Guanella Baluns can 
be connected in parallel-series, yielding very broad- 
band ratios of 6.25:1. This section shows how a 1:1 
Guanella Balun can be connected with a 4:1 Guanella 
Balun in parallel-series, yielding a very broadband 
ratio of 2.25:1. 

Figure 10-5 is the schematic diagram of the high-fre- 
quency model of a 2.25:1 Unun which is used for 
analysis purposes. Because the current through the load 
is 3/21,, the transformation ratio is (3/2), or 2.25:1. 
Therefore, if the impedance seen on the left side is 50 
ohms, a matched impedance on the right side is 22.22 
ohms. Because two thirds of the 50 ohms appears 
across the input of the Guanella 1:1 Balun, its optimum 
characteristic impedance is 33.33 ohms. Similarly, this 
is also the value of the optimum characteristic imped- 
ance for the windings of the 4:1 Balun. Because the 1:1 
Balun wants to see 33.33 ohms on its output (a 
matched condition) and the 4:1 Balun wants to see 
66.66 ohms, placing these two values in parallel results 
in the confirming value of 22.22 ohms. 


If the 50-ohm generator is placed on the right side 
in Figure 10-5, the circuit becomes a step-up Unun 
matching 50 ohms to 112.5 ohms (on the left). If the 
ground is removed on the left side, the transformer 
becomes a Balun. A similar analysis as above, shows 
that the optimum characteristic impedance of the three 
bifilar windings now becomes 75 ohms. 

Photo 10-E shows a parallel-type 2.25:1 Balun 
designed to match 50-ohm cable to a balanced load of 
112.5 ohms. It has 9 bifilar turns of No. 14 H Therma- 
leze wire on each of the three toroids that have a 1.5- 
inch OD and a permeability of 250. Also, one of the 
wires on each toroid is covered with Teflon tubing, 
resulting in a characteristic impedance of 75 ohms 
(the optimum value). When operating as a Balun, the 
response is essentially flat from 7 MHz to over 45 
MHz. As an Unun, the flat response is broadened 
from 1.5 MHz to over 45 MHz. 

Because the coiled wire, parallel-type Balun didn’t 
provide any real advantage over the series-type Balun 
(in fact, the low-frequency response was poorer), I 
investigated the beaded transmission line version for 
possible use in the VHF band. Figure 10-6 shows a 
schematic diagram of one using coaxial cable. 
Obviously, twin lead could be substituted for the 
coaxial cable. Photo 10-F shows both versions. 

The top design in Photo 10-F has 4 inches of 3/8- 
inch OD ferrite beads with a permeability of 125 on 
each of the three 75-ohm transmission lines. It is 
designed to match 50-ohm cable on the right to a bal- 
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co 


2:1, 2.25:1 UNUN 1:1 BALUN 


Figure 10-4. Schematic diagram of a dual-ratio series- 
type Balun. Connection A matches 50-ohm cable to a bal- 
anced load of 25 ohms. Connection B matches 50-ohm 
cable to a balanced load of 22.22 ohms. 


anced load of 112.5 ohms on the left (with the ground 
on terminal 1 removed). The transmission lines con- 
sist of two No. 14 H Thermaleze wires separated by 
the Teflon tubing covering one of them. When match- 
ing 50-ohm cable to a balanced load of 112.5 ohms, 
the response is essentially flat from 30 MHz to over 
100 MHz (the limit of my bridge). 

The bottom design in Photo 10-F also has 4 inches 
of 3/8-inch OD ferrite beads with a permeability of 
250. However, they are now threaded by homemade 
coaxial cable with a characteristic impedance of 33.33 
ohms. It 1s designed to match 50-ohm cable on the left 
to a balanced load of 22.22 ohms (with the ground on 
terminal 2 removed). The inner conductor of the coax 
is No. 14 H Thermaleze wire and is covered with 


Photo 10-D. Two series-type Baluns 
using the schematic diagram of Figure 
10-4 designed to match 50-ohm cable 
to balanced loads of 25 ohms or 
22.22 ohms. 
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Shape name 


Properties 


Quadrilateral 


Rectangle 


Parallelogram 


Any 4-sided shape 


4 equal sides 

4 right angles 

4 lines of symmetry 

Rotational symmetry 
of order 4 


Opposite sides equal 
in length 

4 right angles 

2 lines of symmetry 

Rotational symmetry 
of order 2 


Opposite sides 
parallel and equal in 
length 

No lines of symmetry 

Rotational symmetry 
of order 2 
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Photo 10-E. 
Parallel-type 
2.25:1 Balun 
matching 50- 
ohm cable to a 
balanced load 
of 112.5 ohms. 


Photo 10-F. Beaded transmission line versions of the 
2.25:1 parallel-type Balun for operation in the VHF band. 
The top Balun matches 50-ohm cable to a balanced load of 
112.5 ohms. The bottom Balun matches it to a balanced 
load of 22.22 ohms. 


Teflon tubing. The braid is from small coaxial cable 
or from 1/8-inch tubular braid. The braid is also tight- 
ly wrapped with Scotch No. 92 tape in order to pre- 
serve the low characteristic impedance. When match- 
ing 50-ohm cable to a balanced load of 22.22 ohms, 
the response is essentially flat from 14 MHz to over 
100 MHz (again, the limit of my bridge). 


Sec 10.4 Closing Comments 


In closing, ld like to make a couple of comments 
regarding parallel-type Baluns. 

First, if you are interested in a 1.78:1 ratio, replace 
the 1:4 Balun in Figures 10-5 and 10-6 with a 1:9 
Guanella Balun (three transmission lines connected in 


Figure 10-5. High-frequency model of the parallel-type 
2.25:1 transformer. Connections shown are for Unun 
operation. 


Figure 10-6. The coaxial cable version of the parallel-type 
2.25:1 transformer of Figure 10-5. 


parallel-series). This would yield an output current of 
4/31, and a ratio of (4/3)2, or 1.78:1. If you replace the 
1:4 Balun with a 1:16 Guanella Balun (four transmis- 
sion lines connected in parallel-series), the output cur- 
rent will be 5/41,, with a ratio of (5/4), or 1.56:1. 

Second, because the parallel-type Balun is really an 
extension of Guanella’s technique of summing volt- 
ages of equal delays,20.27 the high-frequency response 
is mainly limited by the parasitics in the interconnec- 
tions. Therefore, beaded transmission lines offer the 
best opportunity for successful operation on the VHF 
band. It is also recommended that the ferrite beads 
have permeabilities of 300 or less? in order to achieve 
the very high efficiencies of which these transformers 
are capable. 


6:1, 


9:1, and 12 


Chapter |] 


-1 Baluns 


Sec 11.1. Introduction 


his chapter 1s a combination of two articles I 
| wrote for Communications Quarterly. One, on 
the 6:1 and 9:1 Baluns, appeared in the Winter 
1993 issue and the other, on the 12:1 Balun, ran in the 
Summer 1993 issue. I combined these two articles 
here because the three Baluns discussed have much in 
common. Commonalities include: 1} They are the 
most difficult to constract and are, therefore, the most 
expensive; 2} two of them, the 6:1 and 12:1 Baluns, 
use Ununs in series with Guanelía Baluns, 3) two of 
them use the 9:1 Guanella Balun—the 12:1 Balun 
with a series 1.33:1 Unun, 4) they are generally asso- 
ciated with two-wire transmission lines with charac- 
teristic impedances of 300, 450, and 600 chms. 
respectively; 5) when matching 50-okm cable to kigh- 
er impedances, they have more loss than the Baluns in 
the preceding chapters; and 6) the optimum appiica- 
tion of these Baluns requires a more critical under- 
standing of the trade-offs in low-frequency response 
for efficiency. 

Like the 2:1 Balun in Chapter 10, the 6:1 (actually 
6.25:1} Balun aiso comes in two forms: the series- 
type, which offers better low-frequency response in 
the HF band, and the parallel-type, which has a vastly 
greater high-frequency capability. The parallel-type 
6:1 Balun, together with the 9:1 Guanella Balun 
(which 1s also a parallel-type). offer the potential for 
designs capable of efficient and broadband operation 
on the VHF and UHF bands. 


Sec 11.2 6:1] and 9:1 Baluns 


Many radio amateurs associate the use of the 6:1 and 
9:1 Baluns with 300-ohm twin lead feeding folded 
dipoles, 430-ohm “ladder” line feeding single or 
multi-band antenna systems. However, what is 
heglected Gn some cases} 1s the effect of the height of 
these antennas above earth and the length of the trans- 
mission lines feeding them. 


Broadband 6:1 and 9:1 Baluns are considerably 
more difficult to construct than the more common 1:1 
and 4.1 Baluns. This is especially true when matching 
50-ohm cable to impedances of 300 and 450 ohms. 
Furthermore, there are some important trade-offs m 
low-frequency response for efficiency. 

From what I could gather “on the air” or talking to 
radio clubs, | have determined what I believe are 
probably two of the most common misconceptions 
regarding the use of these Baluns: 

1. 6:1 Baluns. In free-space, the folded dipole with 
300-chm twin-lead has a resonant impedance close to 
300 ohms. The dipole also has this vaiue at a height of 
about 0.225 wavelength above ground. However, it’s 
only 200 ohms at a height of about 0.17 wavelength 
and 400 ohms (the maximum) and at 0.35 wavelength. 
le many cases, the 4:1 Balun would actually do a bet- 
ter job of matching. 

2. 9:1 Balens. Some are unaware of the relationship 
between the impedance at the input of a transmission 
ime, the characteristic impedance of the line, and the 
impedance at the end of the line. Just because a trans- 
mission line has a characteristic impedance of 450 
ohms doesn’t necessarily mean that a 9:1 Balun will 
perform a satisfactory match to 50-ohm cable. Far 
from it. For example, if the Hine is terminated by a 
half-wave dipole with an impedance of 50 ohms, the 
9:1 Balun would see 30 ohms when the line is a haif- 
wave iong and 4050 ohms when it’s a quarter-wave 
long! Broadband Baluns cannot be designed to handie 
impedances as high as 4050 ohms. it’s very likely that 
a well-designed 50:450-chm Balun would experience 
(particuiarly on 80 and 160 meters} harmful fix in 
the core and excessive heating because of the large 
voltage drop along the length of its transmission lines. 
This problem of presenting very high (and harmful) 
impedances to Baluns is quite prevalent with multi- 
band antenna systems. 

Clearly, there are many applications for 6:1 and 9: | 
Baiuns. They not only include matching 50-chm cable 
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1 2 E 


1:1.56 UNUN 1:4 BALUN 


Figure 11-1. Schematic diagram of the series-type Balun 
with a 1:6.25 ratio designed to match 50 to 312.5 ohms. 


to balanced loads of 300 and 450 ohms, but also to 
balanced loads of 8 and 5.6 ohms, as well. Further- 
more, many of the designs in this chapter will perform 
almost as well in Unun (unbalanced-to-unbalanced) 
applications. The trade-off (which is usually very 
small) is in low-frequency response. Additionally, 
these Baluns could be used to exploit the low-loss 
properties of 300- and 450-ohm twin-lead where very 
long transmission lines are used. This is especially 
important at 14 MHz and above. 

In the pages that follow, I'll present a variety of 
Baluns matching 50-ohm cable to 300 ohms (actually 
to 312.5 ohms, a 6.25:1 ratio) and to 450 ohms, as 
well as 50-ohm cable to 8 and 5.6 ohms. Also includ- 
ed are two different versions of 6.25:1 Baluns. One is 
a series-type using a 1.56:1 Unun in series with a 4:1 
Guanella Balun and the other a series-paralle] 


arrangement using two 4:1 Guanella Baluns. Because 
the series-parallel Balun adds voltages of equal 
delays, you'll find its high-frequency capability is 
much greater. 

The 9:1 Balun is a conventional Guanella Balun 
with three transmission lines connected in series at the 
high-impedance side and in parallel at the low-imped- 
ance side. Therefore, it also sums voltages of equal 
delays. Some of the comparisons and analyses of 
these 6.25:1 and 9:1 Baluns were probably published 
for the first time in my Winter 1993 Communications 
Quarterly article. 


sec 11.2.1 6.25:1 Series-lype 
Baluns 


Figure 11-1 shows the schematic diagram of a series- 
type Balun designed to match 50-ohm cable to a bal- 
anced load of 312.5 ohms. It consists of a 1:1.56 
Unun in series with a 1:4 Guanella Balun. The overall 
ratio of 1:6.25 should satisfy most of the 1:6 require- 
ments. Photo 11-A shows three examples. All three 
Baluns use the same step-up Unun that has four 
quintufilar turns on a 1.5-inch OD ferrite toroid with a 
permeability of 250. Winding 9-10 is No. 14 H 
Thermaleze wire and the other four are No. 16 H 
Thermaleze wire. Because this Unun sums only one 
delayed voltage with four equal direct voltages, it has 
an excellent high-frequency response. 

The Balun on the left in Photo 11-A has eight bifi- 
lar turns of No. 18 hook-up wire on each transmission 
line of its 1:4 Balun. The wires are further spaced 
with No. 18 Teflon tubing providing a characteristic 
impedance close to 150 ohms (the optimum value). 
The ferrite toroid has a 2.4-inch OD and a permeabili- 
ty of 250. When matching 50-ohm cable to a floating 


Photo 11-A. Three examples of 
series-type 1:6.25 Baluns. The 
| Balun on the right, with a double- 
core 1:4 Balun, has both a balanced 
voltage and current output. The 
other two only have balanced-cur- 
rent outputs. 


4:1 BALUN 


1.56:1 UNUN 


Figure 11-2. Schematic diagram of the series-type Balun 
with a 6.25:1 ratio designed to match 50 to 8 ohms. 


load of 312.5 ohms, the response is essentially flat 
from 1.7 to 30 MHz. Under matched conditions, 500 
watts of continuous power and | kW of peak power is 
a conservative power rating. Because the 1:4 Balun in 
this series-type 1:6.25 Balun uses only one core 
instead of two, this transformer should never be used 
when the load is grounded at its center. Also, it is not 
recommended for balanced antennas. This series-type 
Balun presents balanced currents, but does not present 
balanced voltages. 

The Balun in the center of Photo 11-A has seven 
bifilar turns of No. 16 SF Formvar wire on each trans- 
mission line on its 1:4 Balun. The wires are covered 
with Telfon sleeving and further separated by No. 16 
Teflon tubing. Like the Balun on the left, the charac- 
teristic impedance is also close to the objective of 150 
ohms. The toroid also has a 2.4-inch OD and a perme- 
ability of 250. When matching 50-ohm cable to a 
floating load of 312.5 ohms, the response is essential- 
ly flat from 3.5 to 30 MHz. Over this frequency range, 
this Balun can easily handle the full legal limit of 
amateur radio power. Because this Balun also presents 
balanced currents and not balanced voltages, it should 
not be used when the loads are balanced to ground or 
grounded at their centers. 

The Balun on the right in Photo 11-A has 14 bifilar 
turns of No. 16 SF Formvar wire on each of the two 
toroids of the 1:4 Balun. The wires are also covered 
with Teflon sleeving and further separated by No. 16 
Teflon tubing. For ease of connection, one core is 
wound clockwise and the other counterclockwise. 
The two cores are spaced 1/4 inch apart with acrylic 
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sections. When matching 50-ohm cable to a 312.5 
load that is either floating, balanced to ground, 
grounded at its center, or grounded at its bottom (a 
broadband Unun), the response is essentially flat from 
1.7 to 30 MHz. Under this matched condition, it can 
easily handle the full legal limit of amateur radio 
power. Furthermore, this is a true Balun because it 
presents equal currents and equal voltages. If one 
were to measure the voltages-to-ground, when match- 
ing into a balanced load, one would find them to be 
equal and opposite. The other two 1:6.25 Baluns 
using single-core 1:4 Baluns, would have equal cur- 
rents but not equal voltages (see Chapter 8). Because 
they are easier to construct, it would be interesting to 
compare them with a true Balun. 

Figure 11-2 shows the schematic diagram of a 
series-type Balun designed to match 50-ohm cable to 
a balanced load of 8 ohms (perhaps a short-boom 
Yagi). It consists of a 1.56:1 step-down Unun in series 
with a Guanella 4:1 step-down Balun. The overall 
ratio is 6.25:1. Photo 11-B shows two examples. Both 
Baluns use the same step-down Unun, which has four 
quintufilar turns on a 1.5-inch OD ferrite toroid with a 
permeability of 250. Winding 5-6 is No. 14 H 
Thermaleze wire and the other four are No. 16 H 
Thermaleze wire. The interleaving of the wires is such 
that the performance is optimized for matching 50 to 
32 ohms. 


Photo 11-B. Two examples of the series-type 6.25:1 Balun 
optimized at the 50:8-ohm level. The Balun on the left is 
designed to match into a floating 8-ohm load. The Balun 
on the right is designed to match into an 8-ohm floating, 
center-tapped-to-ground or grounded load (Unun). 


74 UNDERSTANDING, BUILDING, AND USING BALUNS AND UNUNS 


The Balun on the left in Photo 11-B has four turns 
of low-impedance coaxial cable on each transmission. 
line on the single-core 4:1 Balun. The inner conductor 
is No, 14 H Thermaleze wire, and it has two layers of 
scotch No. 92 polyimide tape. The outer braid is from 
a small coax (or 1/8-inch tubular braid} and is tightly 
wrapped with Scotch No. 92 tape to achieve the 17- 
ohm characteristic impedance (the optimum value). 
The ferrite toroid has a §.5-inch OD and a permeabili- 
ty of 250. When matching 59-ohm cable to a floating 
load of $ ohms, the response is flat from 1 to 40 MHz. 
In a matched condition, this Balun can easily handle 
the full legal limit of amateur radio power. 

The Balun on the right in Photo 11-B has six turns 
of the same coaxial cable on each of the two cores of 
the Guanelia step-down Balun. The cores also have a 
l.S-nch OD and a permeability of 250. The perfor- 
mance of this Balun is practically the same as the 
above with the single-core 4:1 Balun. The important 
differences are that this 6,25:1 Balun also performs 
equally well whether the load is center-tapped-to- 
ground, balanced-to-ground, or grounded at the bot- 
tom (a broadband Unun). This is the one recommend- 
ed for feeding a short-spaced Yagi beam antenna. 


Sec 11.2.2 6.25.1 Parallerlype 
Baluns 


The 6.25:1 series-type Baluns described in the preced- 
ing section consisted of a 1.56:1 Unun, which is an 
extension of Ruthroff’s bootstrap approach for 
Ununs,? in series with a Guanella 4:1 Balun.? The 


Figure 41-3. Schematic diagram of the parallel-type 
Balun (and Unan) with a 6.25:1 ratio, The currents and 
voltages are shown for analysis purposes (see text), 


upper-trequency limit for this combination is really 
set by the Unun, which sums a delayed voltage with 
four direct voltages. The parallel-type 6.25:1 Baluns 
described in this section are really extensions of 
Guanelia's approach, which sums voltages of equal 
delays. Therefore, the upper-frequency mut is mainly 
dependent upon the parasitics in the interconnections. 

The 6.25:1 parallel-type Balun uses two 4:1 
Guanella Batuns connected in paralie! on the low- 
impedance side and in series on the high-impedance 
side. As you will see, one of the Baluns is reversed, 
giving the desired ratio of 6.25.1, Other combinations 
can produce different fractional-ratios {other than 1:n* 
where nis 1, 2, 3,... 3, Hke 2.25:1 and £.78:1. 
Because very little practical design information is 
avaliabie regarding this family of very broadband 
Baluns,+6.4/ this section also includes my high-fre- 
quency analysis of the 6.25:1 parallel-type Balun. it 
should also be pointed out that very litte sacrifice in 
performance occurs whether the load is grounded at 
its center or at the bottom fas an Unun). 

Figure 11-3 shows the coiled-wire version of the 
6.25:1 paraile!-type Balun. For analysis purposes, the 
voltages and currents are also shown. As can be seen, 
the top 4:1 Balun is connected as a step-down Balun, 
while the bottom 4:1 Balun is connected as a step-up 
Balun. The Baluns are in series on the high-imped- 
ance side (on the left) and in parallel on the low- 
impedance side fon the right). As Figure 11-3 ilus- 
trates, the lower 1:4 Balun adds a current of 0.5, to 
the load, resulting in a total current of 2.51,. Thus, the 
impedance transformation ratio is 2.52, or 6.25:1. 

For maximum high-frequency response, each trans- 
mission line should see a toad equal to its characteris- 
tic impedance. In other words, they should he “flat” 
lines. If the high side on the left is 50 ohms, then 40 
ohms appears on the input of the top Balun and 10 
ohms on the input of the bottom Balun. Consequentiy, 
the optimum characteristic impedance for aif trans- 
mission lines is 20 ohms. On the low-impedance side 
on the right, the top Balun wants to see 10 ohms, 
while the bottom Balun wants to see 40 ohms. 
Because 10 ohms in parallel with 40 ohms equals 8 
ohms, each Balun conveniently sees its ideal load and 
a broadband ratio of 6.25:1 is obtained. 

HE the Balun is required to match 30-ohm cable (on 
the right side} to a balanced load of 312.5 ohms (on 
the left side), the same analysis shows that the opti- 
mum characteristic impedance of ali the transmission 
lines is 125 ohms. 


Photo 11-C. Two beaded-line 
versions of the parallel-type 
6.25:1 Balun (and Unun). The 
top transformer is designed to 
match 50-ohm cable to 8 ohms. 
The bottom transformer is 
designed to match 50-ohm cable 
to 312.5 ohms. 
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Because the parallel-type Balun (or Unun) sums 
voltages of equal delays and, therefore, has no built-in 
high-frequency cut-off, it has a real advantage over 
the series-type Balun on the VHF bands and above. 
Furthermore, beaded transmission lines with low-per- 
meability ferrite beads (125 and less) can be used, 
resulting in high efficiencies, On the HF band, where 
coiled windings are generally used, the series-type 
Balun is preferred because of its simplicity. 

Photo 11-C shows two beaded-line 6.25:1 trans- 
formers. The top Balun, designed to match 50-ohm 
cable (on the left) to 8 ohms (on the right), uses low- 
impedance coaxial cable lines. The schematic diagram 
is shown in Figure 11-4. It has 5 inches of 0.375-inch 
OD beads (permeability 125) on four coaxial cables 
with characteristic impedances of 20 ohms. The inner- 
conductors of No. 12 H Thermaleze wire have two 
layers of Scotch No. 92 polyimide tape. The outer 
braids, from small coaxial cable or 1/8-inch tubular 
braid, are also wrapped tightly with the same tape in 
order to preserve the 20-ohm characteristic imped- 
ance. When matching 50 ohms to 8 ohms, the 
response is essentially flat from 10 MHz to beyond 
100 MHz (the limit of my simple bridge), Under this 
matched condition, this Balun can easily handle the 
full legal limit of amateur radio power. Furthermore, it 
has practically the same performance when operating 
as an Unun (both terminals | and 2 grounded). In the 
Unun application, the bottom transmission line has no 
voltage along it and, therefore, requires no beads. 

The bottom Balun in Photo 11-C, which is 
designed to match 50-ohm cable to a balanced load of 
312.5 ohms, has 8 inches of 0.5-inch OD beads on 
125-ohm twin-lead transmission lines. The ferrite 
beads also have a permeability of 125. The wires are 
No. 14 H Thermaleze wire and are covered with 
Teflon sleeving. They are further separated by No. 18 
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Figure 11-4. Schematic diagram of the coaxial-cable ver- 
sion of the parallel-type 6.25:1 Balun (and Unun). 


Teflon tubing. When matching 50-ohm cable (on the 
right side) to 312.5 ohms (on the left side), the 
response is essentially flat from 20 MHz to over 100 
MHz. Under this matched condition, this Balun can 
also easily handle the full legal limit of amateur radio 
power. Additionally, this transformer performs practi- 
cally as well when used as an Unun. 


Sec 11.3 9:1 Baluns 


The broadband 9:1 Balun, matching 50-ohm cable to 
a balanced load of 450 ohms, is one of the most diffi- 
cult ones to construct because high-impedance trans- 
mission lines (150 ohms) are required for maximum 
high-frequency response, and greater reactances 
are needed in order to isolate the input from the out- 
put. So one can appreciate the task at hand, this sec- 
tion also provides a brief review of the theory of 
these devices. 

Figure 11-5 shows the high- and low-frequency 
models of the Guanella 9:1 Balun that connect three 
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transmission fines in series at the high-impedance side 
and in parallel at the low-impedance side. Because 
Guanelia's Baluns (which can be easily converted to 
Ununs) sum voltages of equal delays, they offer the 
highest frequency capability. 

The high-frequency model (Figure 11-54) assumes 
there is sufficient choking reactance in the coiled (or 
beaded} transmission limes to isolate the input from 
the output and only allow transmission line currents to 
fiow. Under this condition, the analysis is rather 
straightforward as it only involves transmission line 
theory. Simply stated—the maximum high-frequency 
response occurs when each transmission line is termi- 
nated in a load equal to its characteristic impedance, 
Zo Thus, the transmission Hines in the 9:1 Balun have 
no standing waves. Because each transmission line 
sees one third of the load, the optimum value of Z, is 
Ry /3. Except for parasitics in the interconnections and 
seif-resonances in coiled windings, Guanella’s ap- 
proach is literally “frequency independent.” 

On the other hand, the low-frequency analysis of the 
Guanella 9:1 Balun is most important because it 
reveals the major difficuity in designing them for low- 
loss, wideband operation. Figure 11-5B is the model 
for determining the low-frequency response. It as- 
sumes that no energy 1s transmitted to the load by a 
transmission line mode. Although the terminology 
and analysis is the same as that used for conventional 
aufotransformers, the similarity ends when there is 
sufficient choking reactance to only allow for the effi- 
cient transmission line mode. 


As with conventional transformers, one can analyze 
the low-frequency response of the 9:1 Balun from 
either the low- or high-impedance side, By putting the 
generator on the low-impedance side in Figure 11-5B, 
Fve chosen to analyze it from that side. With the out- 
put open-circuited, the generator sees four coiled (or 
beaded) lines connected in series-parallel. The net 
result is that the generator sees the reactance of only 
one colled (or beaded) tine. To prevent a shunting cur- 
rent to ground (and/or autotransformer operation), the 
reactance the generator sees should be much greater 
than Ry {at least by a factor of 10 at the lowest fre- 
quency of interest). The inductance of the coiled or 
beaded line that prevents the unwanted currents 1s still 
known as the magnetizing inductance, Lay. 

What's important to note here is that the low-fre- 
quency model of the Guanelia 4:1 Balun does not 
have the series-paralle) combination of coiled or bead- 
ed lines.* Only two lines, which are in series, exist in 
iis model. Therefore, for a two-core Guaneila 4:} 
Balun having the same number of turns (and same 
cores) as a 9:1 Guanella Balun, its low-frequency 
response is better by a factor of two! 

Another advantage that goes to the Guaneila 4:1 
Balun when matching 50 to 200 ohms, is 11 the nam- 
ber of turns that can be wound on the same cores. 
Since 4:1 Baluns require characteristic impedances of 
100 ohms (instead of 150), the width of the transmis- 
sion lines is considerably less, thus allowing for more 
turns. Also, as will be shown later, the efficiency of 
the 4:1 Balun is greater because the potential drops 
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Figure 11-5. Models of Guanella's 1:9 Balun. The high-frequency model, {A}, assumes that Z, = R,/3, and therefore Vs, the 
output of each transmission line, equals V;. The low-frequency model, (85), assumes no energy ts transmitted to the lead, Ry, 


by a transmission line mode. 


along the transmission lines are lower (less dielectric 
loss). Finally, as you can see from Figure 11-5B, by 
also grounding terminal 2 (Unun operation), windings 
1-2 and 3-4 are both shorted—degrading the low-fre- 
quency response because Lay 1s reduced by one third. 

Another interesting analysis with Baluns and Ununs 
concerns the potential gradients (voltage drops) along 
the transmission lines. Because the loss with these 
transformers, when transferring the energy via a trans- 
mission line mode, is a dielectric-type (voltage depen- 
dent), the higher the gradient, the greater the loss. The 
interesting cases occur when the load is: a) floating, 
b) grounded at the center, and c) grounded at the bot- 
tom (an Unun). 

Floating load. With terminal 13 in Figure 11-5A 
ungrounded, the top transmission line has a gradient 
of +V, and the bottom transmission line has a gradi- 
ent of -V,. The center transmission line has a gradient 
of zero. Therefore, the center transmission line only 
acts as a delay line and doesn’t require a magnetic 
core or beads. As a result, the top and bottom cores 
(or beads) account for the dielectric loss. 

Load grounded at the center. With terminal 13 
grounded at the center of the load, the top transmis- 
sion line has a gradient of +V,, the bottom transmis- 
sion line has a gradient of —V,, and the center trans- 
mission line has a gradient of —V,/2. This configura- 
tion results in about 25 percent more loss because of 
the extra gradient along the center transmission line. 
Incidentally, this condition exists when matching into 
balanced systems like 450-ohm transmission lines or 
antennas because they have virtual grounds at the cen- 
ter of the loads they present. 

Load grounded at the bottom. With terminal 13 
grounded at the bottom of the load (an Unun), the top 
and center transmission lines have gradients of +V}. 
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Photo 11-D. Three broadband 
Guanella 9:1 Baluns designed to 
match 50-ohm cable to 450 
ohms. The transformer on the 
left, using No. 18 hook-up wire, 
can handle 500 watts from 1.7 to 
45 MHz. The transformer in the 
center, using No. 16 wire, can 
handle 1 kW from 3.5 to 45 MHz. 
The transformer on the right 
(with larger cores), using No. 16 
| wire, can handle 1 kW from 1.7 
to 45 MHz. 


The bottom transmission line has no gradient and, 
therefore, no loss. It only acts as a delay line and thus 
requires no magnetic core or beads. 


Ses 11.3. | 


Some Practical 9: ] 
Balun Designs 


Photo 11-D shows three versions of the broadband 
Guanella 9:1 Balun designed to match 50-ohm cable 
to 450-ohm loads. The transformer on the left has 15 
bifilar turns of No. 18 hook-up wire on each of the 
three ferrite toroids with a 2.4-inch OD and perme- 
ability of 250. The wires are further separated by No. 
16 Teflon tubing, resulting in a characteristic imped- 
ance close to 150 ohms (the optimum value). The 
cores in this Balun, as well as the other two that fol- 
low, are spaced 1/4 inch apart by sections of acrylic. 
In matching 30 to 450 ohms, the response is essential- 
ly flat from 1.7 to 45 MHz. In this matched condition, 
this transformer can easily handle 500 watts of contin- 
uous power and 1 kW of peak power. 

The transformer in the center of Photo 11-D has 
14 bifilar turns of No. 16 SF Formvar wire on each 
of the three ferrite toroids with a 2.4-inch OD and 
permeability of 250, The wires are covered with 
Teflon sleeving and further separated by No. 16 
Teflon tubing. The characteristic impedance is also 
close to the optimum value of 150 ohms. In matching 
50 to 450 ohms, the response is essentially flat from 
3.5 to 45 MHz. In this matched condition, this trans- 
former can easily handle 1 kW of continuous power 
and 2 kW of peak power. Photo 11-E shows this 
Balun mounted in a minibox 6 inches long by 5 inch- 
es wide by 4 inches high. 

The transformer on the right in Photo 11-D is de- 
signed to handle 1 kW of continuous power and 2 kW 
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Photo 11-E. The Guanella 9:1 Balun shown mounted in a 
large minibox. 


of peak power from 1.7 to 45 MHz. Because this 
transformer uses larger cores with slightly higher per- 
meabilities (2.68-inch OD and 290 permeability), 
which are not as popular as those used in the other 
two Baluns, it is much more expensive to construct. It 
has 16 bifilar turns of No. 16 SF Formvar wire on 
each toroid. The wires are covered with No. 16 Teflon 
sleeving and further separated with No. 16 Teflon tub- 
ing. In matching 50 to 450 ohms, the response is flat 
from 1.7 to 45 MHz. 

Finally, Figure 11-6 shows the schematic diagram 
of a 9:1 Balun (or Unun) using coaxial cables wound 
around ferrite cores or threaded through ferrite beads. 
This form of the transformer is especially useful when 
matching 50-ohm cable to 5.6 ohms because the chok- 
ing reactance of the magnetizing inductance, Ly, only 
need be much greater than 5.6 ohms. Photo 11-F 
shows two different designs. 

The transformer on the top has 9 1/2 turns of low- 
impedance coaxial cable on each rod. The rods are 1/2 
inch in diameter, 2 1/2 inches long, and have a perme- 
ability of 125. The low-frequency response of this 
Balun is quite insensitive to the length and permeabil- 
ity of the rods.* The inner conductors of the coaxial 
cables are No. 12 H Thermaleze wire with two layers 
of Scotch No. 92 tape. The outer braids are made 
from small coax (or 1/8-inch tubular braid). They are 
further wrapped with Scotch No. 92 tape to preserve 
the low-impedance of 17 ohms. In matching 50-ohm 
cable to 5.6 ohms, the response is essentially flat from 
1.7 to 30 MHz. The optimum impedance level was 


found when matching 40 to 4.45 ohms. The addition 
of another layer of Scotch No. 92 tape would optimize 
this transformer at the 50:56-ohm level, and the high- 
frequency response would exceed 100 MHz. This 
transformer is very efficient and should handle the full 
legal limit of amateur radio power easily. 

The bottom transformer in Photo 11-F is designed 
to match 50-ohm cable to a load of 5.6 ohms in the 
VHF band. It uses 3 1/2 inches of beads on three low- 
impedance coaxial cables. The ferrite beads have an 
OD of 3/8 inch and a permeability of 125. The inner 
conductors of the coaxes are No. 12 H Thermaleze 
wire with one layer of Scotch No. 92 tape. The outer 
conductors are from small coaxes or 1/8-inch tubular 
braid, and are also tightly wrapped with Scotch No. 
92 tape to preserve the low characteristic impedance. 
In matching 50-ohm cable to 5.6 ohms, the response 
is essentially flat from 7 MHz to over 100 MHz (the 
limit of my test equipment). This 9:1 Balun (which 
can be used as an Unun) can handle the full legal limit 
of amateur radio power under matched conditions, 
because of the low-permeability beads and the low- 
voltage gradients along the lengths of its transmis- 
sion lines. 


Sec 11.4 Concluding Remarks on 
6:1 and 9:1 Baluns 


One of the most important properties of broadband 
Baluns and Ununs (which all use ferrites) is their 
capability of having extremely high efficiencies. 
Knowing the loss mechanism in these transformers 
and the trade-off in low-frequency response for effi- 
ciency allows one to optimize their applications. In 
the paragraphs that follow, I'll discuss the losses and 


Figure 11-6. Schematic diagram of a coaxial cable (bead- 
ed or coiled) 9:1 Guanella Balun (or Unun). This design is 
especially useful in matching 50-ohm cable to 5.6 ohms 
over a very wide bandwidth. 


trade-offs involved with the transformers presented in 
the preceding sections. The approach used here should 
be applicable to all forms of transmission line trans- 
formers. This section ends with a review of two arti- 
cles that contained 9:1 Baluns. As you'll see, I have 
some rather different views on the claims made in 
these articles. 

Accurate measurements on many broadband Ununs 
have found the losses to be related to the permeability 
and the impedance level. Permeabilities greater than 
300 resulted in excessive losses. Because these losses 
are unlike the conventional transformer whose losses 
are current-dependent, it can only be assumed that 
their losses are voltage dependent; in other words a 
dielectric-type loss. Therefore, higher-impedance 
transformers have higher voltage gradients along their 
transmission line and, thus, have greater losses. Addi- 
tionally, it was found that the higher the permeability, 
the greater the loss with frequency. Taking into 
account the accurate measurements and the factors 
noted above, I offer these loss values for the trans- 
formers in the preceding sections: 

1.56:1 Ununs. The 1.56:1 Ununs (either step-up or 
step-down) used in series with Guanella 4:1 Baluns to 
form 6.25:1 Baluns have the lowest potential gradients 
along their transmission lines. Voltage drops of only 
about 0.2 V,, where V, is the input voltage, exist 
along their transmission lines. Accurate measurements 
have shown losses, in a matched condition, of only 
0.04 dB. If the cores, which have a permeability of 
250, were replaced with cores having a permeability 
of 125, the losses could be as low as 0.02 dB over 
much of the passband. The low-frequency response 
would still be acceptable at 1.7 MHz. This Unun is a 
natural for matching into 75-ohm hard line when long 
transmission lines are required. 

6.25:1 and 9:1 Low-impedance Baluns. Baluns 
matching 50-ohm cable to 8 or 5.6 ohms, also have 
very low voltage drops along their transmission lines. 
Generally, they are about twice that of the 1.56:1 
Unun. Therefore, the losses with these Baluns should 
be on the order of 0.1 dB in their passbands. 

6.25:1 High-impedance Baluns. The losses in the 
series-type Baluns are mainly in the 1:4 Guanella 
Baluns, which have potential gradients of about 1.25 
Vi. where V} is the input voltage. From previous 
measurements at this impedance level, the suggestion 
is that the losses (with ferrites of 250 permeability) 
should be about 0.1 dB at 7 MHz and 0.2 dB at 30 
MHz. By using toroids with permeabilities of 125, 
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the losses could be 0.07 dB and 0.15 dB, respective- 
ly. However, with a permeability of 40, the losses 
could be as low as 0.05 dB within the passband. 
However, one must consider the sacrifice in low-fre- 
quency response incurred when using these lower- 
permeability ferrites. With a permeability of 125, it’s 
poorer by a factor of 2. With a permeability of 40, 
it's poorer by a factor of 8! The 6.25:1 parallel-type 
Balun in this article uses ferrite beads with a perme- 
ability of 125 and, therefore, should have losses simi- 
lar to its series-type counterpart. 

9:1 High-impedance Baluns. As was shown in the 
preceding section, the potential gradient along two of 
the transmission lines is V}, where V, is the input 
voltage. The third transmission line, with a balanced 
load (or as an Unun), has no potential gradient and, 
consequently, no loss in its core. Because the loss with 
the series-type Balun mainly exists in one core, the 
loss with the 1:9 Balun should be a little less than 
twice as great. With ferrite cores of 250 permeability, 
the suggested losses are 0.2 dB at 7 MHz and 0.4 dB 
at 30 MHz. With cores of 125 permeability, the losses 
are about 0.14 and 0.28 dB, respectively. Again, by 
using cores with permeabilities of 40, the losses are 
practically negligible—approximately 0.1 dB within 
its passband. 

As in the case of the 1:6.25 Baluns above, similar 
trade-offs occur in the low-frequency response. That is, 
if 125 permeability cores are used, the low-frequency 
response is poorer by a factor of 2; with 40 permeabili- 
ty cores, it’s poorer by a factor of 8. The major differ- 
ence here is that the low-frequency performance of the 


Photo 11-F. Two versions of the coaxial-cable 9:1 
Guanella Balun (or Unun) designed to match 50-ohm 
cable to 5.6 ohms 


Rhombus 4 equal sides 
Opposite sides 
parallel 
2 lines of symmetry 
Rotational symmetry 
of order 2 


Trapezium One pair of parallel 
sides 
No lines of symmetry 
Rotational symmetry 
of order 1 


Isosceles One pair of parallel 
trapezium sides 
Non-parallel sides are 
equal in length 
1 line of symmetry 
Rotational symmetry 
of order 1 


Adjacent sides with 
equal lengths 

1 line of symmetry 

Rotational symmetry 
of order 1 
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Figure 11-7. Schematic diagram of the series-type [2:1 Balun using a 1:1.33 Unun in series with a 1:9 Guanella Balun. 


9:1 Balun, as seen by its low-frequency model, isn't as 
good as the 4:1 Balun that controls the low-frequency 
response of the series-type 1:6.25 Balun. Additionally, 
it should be pointed out that all of the suggested losses 
for the transformers in this chapter are for matched 
conditions—that is with VSWRs of 1:1. If the VSWR 
is 2:1 duc to a load twice as large as the objective, the 
input voltage to the Balun increases by about 40 per- 
cent. Therefore, the losses should increase by ciose to 
the same percentage. 

In closing this section, 1 would like to report my 
findings on two recent articles in amateur radio jour- 
nals that also described 9:1 Baluns matching 50-chm 
cable to 450 ohms. One? advocated using three 150- 
chm coaxial cables threaded through high-permeabii- 
ty ferrite beads---a 9:1 Guanella Balun. Because of 
the low voltage-breakdown capability of the coaxial 
cable and the high less found by accurate measure- 
ments on Ununs using these high-permeability fer- 
rites, the design was suspect. | built a copy of the 
design and found it to be, as expected, unable to han- 
dle any appreciable power. The second article?’ advo- 
cated using 14 trifilar turns of “magnet wire” on a 2- 
inch OD powdered-iron core (permeability of 10), 
This Balun was also constructed and tested. Again, as 
was expected, when matching 50-chm cable to a 
floating load of 450 ohms, the 9:1 Balun barely 
reached a true 9:1 ratio al 7 MHz. Above 7 MHz, the 
ratio became greater than 9:1 and also introduced a 


reactive component. Below 7 MHz, there was insuffi- 
cient choking reactance to prevent flux in the core. 
My three objections to this design are: 1) a trifilar 
design has a poor high-frequency response because it 
sums a direct voltage with a delayed voltage that tra- 
verses a single transmission line and a delayed voltage 
that traverses two transmission lines, 2) the character- 
istic impedances of the transmission lines are only 50 
ohms (the objective is 150 ohms), and 3) the low-fre- 
quency response is poor because of the low-perme- 
ability powdered-iron core. | do not recommend either 
of the designs in these two articles. 


Sec 115  12:1 Baluns 


Over the years, the broadband, 12:1 Balun has been of 
special interest to users of rhombic and Y antennas. 
With the aid of this Balin, certain advantages over 
multi-element arrays can be fully exploited. Rhombics 
and Vs are easier Lo construct, both electrically and 
mechanically, and there are no particularly critical 
dimensions or adjustments. Furthermore, they give 
satisfactory gain and directivity over a 2-to-1 frequen- 
cy range. These antennas have also been found to be 
more effective in reception. Because their designs can 
present input impedances of 600 chms, and very long 
lengths of highly efficient 600-ohm open-wire line 
can be used between the shack and the antenna, an 
efficient and broadband 12:1 Balun is a natural for 


Photo 11-G. Top view of the high-power 12:1 Balun. 


this application. However, to my knowledge, satisfac- 
tory Baluns have not been available for this use. 

I will present two versions of a series-type Balun 
designed to match 50-ohm cable to a balanced load of 
600 ohms. One is a high-power unit designed to han- 
dle the full legal limit of amateur radio power over a 
bandwidth of 7 to 30 MHz. The other is a medium- 
power unit capable of handling approximately one- 
half the legal limit of amateur radio power from 3.5 to 
30 MHz. Both Baluns use a 1:1.33 Unun in series 
with a 1:9 Guanella Balun. 

As you will see, these Baluns are not especially 
easy to design and construct. The major difficulties lie 
in trying to obtain sufficient choking reactances in the 
coiled windings to meet the low-frequency require- 
ments, and large enough characteristic impedances of 
the windings to meet the high-frequency require- 
ments. Because a coiled winding with a characteristic 
impedance of 200 ohms (the objective) is practically 
impossible to obtain with any reasonable wire size 
and number of turns, I used the compensating tech- 
nique first described in my book.* Because the char- 
acteristic impedances of the 9:1 Guanella Balun are 
somewhat less than 200 ohms, a compensating effect 
(and hence higher frequency response) can be ob- 
tained by having a higher (than the normal objective) 
characteristic impedance of the windings in the 1:1.33 
Unun. Earlier work (also described in my book) pre- 
sented a 12:1 Balun using a 1:3 Unun in series with a 
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Photo 11-H. Side view of the high-power 12:1 Balun. 


1:4 Ruthroff Balun. The Baluns presented in this sec- 
tion using a 1:1.33 Unun in series with a Guanella 1:9 
Balun, are much improved designs. 


Sec 11.5.1 A High-power 


12:1 Balun 


Figure 11-7 shows the schematic diagram of the 
series-type 12:1 Balun used in both the high- and 
medium-power versions. Photo 11-G shows a top 
view of the high-power Balun. Photo 11-H shows a 
side view. 

The 1:1.33 Unun has 5 quintufilar turns on a 1.5- 
inch OD ferrite toroid with a permeability of 250. 
Winding 7-8 is No. 14 H Thermaleze wire and the 
other four are No. 16 H Thermaleze wire. Winding 7- 
8 is also tapped at 3 turns from terminal 7. 

The 1:9 Guanella Balun has 8 bifilar turns of tinned 
No. 16 wire on each of the three toroids. Each wire is 
covered with Teflon tubing and further separated by 
two Teflon tubings. The characteristic impedance of 
the windings is about 190 ohms (the objective is 200 
ohms). The ferrite toroids have an OD of 2.4 inches 
and a permeability of 250. The spacing between the 
toroids is 1/2 inch. 

In matching 50-ohm cable to a balanced load of 600 
ohms, the response is literally flat (within a percent or 
two) from 7 to 30 MHz. Within this bandwidth, it is 
capable of handling the full legal limit of amateur 
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Photo 11-L Top view of the medium-power 12:1 Balun. 


radio power. In a matched condition, the expected 
insertion loss is about 0.25 dB. 


Sec 11.5.2 A Medium-power 
12:1 Balun 


Photo 11-I shows the top view of the medium-power 
12:1 series-type Balun. Photo 11-J shows the side 
view. This Balun also has the same 1:1.33 Unun as 
described earlier. 

The 1:9 Guanella Balun has 11 bifilar turns of No. 18 
hook-up wire on each toroid. The wires are further sep- 
arated by two No. 18 Teflon tubings. The characteristic 
impedance of the windings is about 170 ohms. The 
toroids have an OD of 2.4 inches and a permeability of 
250. The spacing between the toroids is also 1/2 inch. 

In matching 50-ohm cable to a balanced load of 600 
ohms, the response varies less than 5 percent from 3.5 
to 30 MHz. Within this bandwidth, the Balun can han- 
dle about one-half the legal limit of amateur radio 
power. As with the high-power version, the expected 
insertion loss is also 0.25 dB. 


Sec 11.6 Concluding Remarks on 
12:1 Baluns 

Many of the concluding remarks from the discussion 
on 6:1 and 9:1 Baluns (Sec 11.4) also apply to 12:1 
Baluns; therefore, I won't repeat them here. But the 
following four remarks are specific to 12:1 Baluns 
and warrant mentioning: 

First, high-impedance transmission line transform- 
ers like the 12:1 Balun are particularly sensitive to 


Photo 11-J. Side view of the medium-power 12:1 Balun. 


metallic enclosures. If a minibox were to be used, I 
would suggest the one shown in Photo 11-E, which is 
6 inches long by 5 inches wide by 4 inches high. 
Smaller metallic enclosures would reduce the charac- 
teristic impedances of the windings and affect the 
high-frequency response. Even the spacing between 
cores had to be increased from 1/4 inch (for a 50:450- 
ohm Balun) to 1/2 inch. The subchassis shown in the 
photographs were used because they provided the 
necessary electrical and mechanical support. 

Second, the 12:1 Baluns described in this section 
also make excellent Ununs, albeit with some compro- 
mise in the low-frequency response. I would suggest 
using the high-power unit only between 14 and 30 
MHz and the medium-power unit only between 7 and 
30 MHz. 

Third, for the readers interested in VHF operation, I 
would suggest the parallel-type approach described in 
the earlier section on 6:1 Baluns. In this case, a 9:1 
Guanella Balun is connected in series-parallel with a 
1:4 Guanella Balun. This would produce a broadband 
ratio of 12.25:1. By using 170-ohm twin-lead (about 
10 inches long) threaded through ferrite beads with a 
permeability of 125, it appears that it is possible to 
match 50-ohm cable to a balanced load of 612.5 ohms 
throughout the VHF band. 

Fourth, by using torids with a permeability of 125 in 
the 1:9 Guanella Baluns (of the 12:1 Baluns), the 
insertion loss would be reduced by around one half 
(0.12 dB), with a trade-off in low-frequency response. 
The high-power unit would now cover about 10 to 30 
MHz, and the medium-power Balun would cover 
about 7 to 30 MHz. 


The 4:1 Unun 


Sec 12.1 Introduction 


om an analysis standpoint, the 4:1 Unan can be 
E: to have received the most attention in the 

literature. It began with Ruthroff’s introduction 
and complete analysis of this device in his classic 
paper published in 1959.9 Ruthroff’s paper then 
became the industry standard for this class of devices 
known as transmission line transformers. These are 
devices that transmit the energy from the input to the 
output by an efficient transmission line mode, and net 
by flux linkages (as im conventional transformers). 

However 15 years earlier, Guanella had introduced, 
in his classic 1944 paper? the first broadband Baluns 
by combining coiled transmission fines in a series- 
parallel arrangement, yielding ratios of {:n* where n = 
1, 2, 3,... and so on. H has also been shown that 
Guanella’s technique also lends itself to Ununs as 
well.? In fact, in this chapter, you will see that his 
technique of summing voltages of equal delays 
promises to yield high-power designs capable of oper- 
ating on the VHF and UHP bands. 

The 4:1 Unun also exemplifies (more than any other 
transformer} the many choices that can be made in its 
design, These include: 1) Ruthroff’s or Guanella's 
designs, 2) wire or coaxial cable transmission nes, 3) 
coiled or beaded lines, 4) rods or toroids, 5) low- 
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power or high-power designs, 6) HE, VHF, or UHF 
designs, and 7} the trade-offs in efficiency for low-fre- 
quency response or for high VSWR. The 4:1 Unun is 
the most prevalent of all the Ununs. It finds extensive 
use in solid-state circuits and in many antenna appli- 
cations involving the matching of ground-fed anten- 
nas——where impedances of 12 to 13 ohms must be 
matched to 50-ohm coaxial cabie. This chapter pro- 
vides information on many 4:1 Unun designs. 


Sec 12.2 The Ruthroff 4:1 Unun 


Figure 12-1 illustrates two versions of Ruthroff’s 
approach to obtaining a 4:1 unbalanced-to-unbalanced 
transformer (Unun). As can be seen, one uses a coiled 
wire transmission line, while the other uses a coiled 
coaxial cable. Depending upon the frequency, beaded 
transmission lines may also be used, 

Ruthroff’s design uses a single transmission line 
connected in, what I cali, the bootstrap configuration. 
That is, terminal 2 1s connected to terminal 3, lifting 
the transmission line (at the high-impedance side} by 
the voltage V,. if the reactance of the coiled winding 
or beaded line is much greater than Rg, then only 
flux-canceling transmission line currents are allowed 
to flow, H is also apparent that the output voltage is 
the sum of a direct voltage, V;, and a delayed voltage, 


Figure 12-1. The Ruthroff 
4:1 Unun (Ryp=4Re}; (A) 
coiled bifilar winding; (Bj 
coiled coaxial cable. 
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Va, which traverses a single transmission line. This 
delay in V, eventually limits the high-frequency 
response. For example, if the electrical length of the 
line is a 1/2 wave, the output is zero. Ruthroff also 
found that the optimum value of the characteristic 
impedance of the transmission line (for maximum 
high-frequency response) is Ry /2. 

Therefore, the electrical length and characteristic 
impedance of the transmission line play major roles in 
Ruthroff’s design. Because his work was mainly con- 
cerned with small-signal applications, Ruthroff was 
able to obtain broad bands of a few tens of kilohertz 
to over a thousand megahertz. This was possible 
because he used a few turns (5 to 10) of fine wire 
(Nos. 37 and 38) on high-permeability toroids as 
small as 0.08 inches in OD, As a result, the phase- 
delay with these very short transmission lines was 
very small. However, large-signal (power) applica- 
tions present an entirely different picture. For opera- 
tion in the HF band (including 160 meters), transmis- 
sion lines vary between one to three feet in length 
(depending upon impedance level). Consequently, 


Photo 12-B. Two higher-imped- 
ance Ruthroff 4:1 Ununs: 100:25- 
ohm (on the left); 200:50-ohm (on 
the right). 


Photo 12-A. Two versions of the 
Ruthroff 4:1 (50:12.5-ohm) Unun: 
coiled wire rod (on the left); coiled 
coaxial cable toroid (on the right). 


phase-delay can play a major role, as will be seen in 
the following examples. 


Sec. 12.2.1 50:12.5-ohm Ununs 


Photo 12-A shows two examples of efficient and 
broadband 4:1 Ununs matching 50 to 12.5 ohms. The 
rod version (on the left) has 14 bifilar turns of No. 14 H 
Thermaleze wire on a low-permeability (125) ferrite 
rod 0.375 inches in diameter and 3.5 inches long. The 
connections are shown in Figure 12-1A. The cable 
connector is on the low-impedance side. The response 
is flat from 1.5 to 30 MHz. In a matched condition, this 
Unun can easily handle the full legal limit of amateur 
radio power. Because a tightly wound rod Unun yields 
a characteristic impedance very close to 25 ohms (the 
optimum value), this is quite likely the easiest one to 
construct that covers the above bandwidth. 

The toroidal version (on the right in Photo 12-A) 
has 6 turns of homemade, low-impedance coaxial 
cable on a 1.5-inch OD ferrite toroid with a perme- 
ability of 250. The connections are shown in Figure 


12-1B. The cable connector is on the low-impedance 
side. The inner conductor is No. 14 H Thermaleze 
wire and is covered with Teflon tubing. The outer 
braid is from a small coaxial cable (or from 1/8-inch 
tubular braid) tightly wrapped with Scotch No. 92 
tape in order to obtain the desired characteristic 
impedance. In matching 50 to 12.5 ohms, the response 
is flat from 1.5 to 50 MHz. Because the current is 
evenly distributed on the inner conductor, this small 
Unun has an exceptionally high power capability—at 
least 5 kW of continuous power and 10 kW of peak 
power (in a matched condition). 


Sec 122.2 100:25-ohm Unun 


In some combiner applications, an Unun matching 
100 to 25 ohms is required. The smaller toroidal ver- 
sion, pictured on the left in Photo 12-B, shows a 
Ruthroff design that can satisfy many of these require- 
ments. It has 8 bifilar turns of No. 14 H Thermaleze 
wire on a 1.5-inch OD ferrite toroid with a permeabil- 
ity of 250. One wire is also covered with a single 
layer of Scotch No. 92 tape, providing a characteristic 
impedance close to the desired value of 50 ohms. In 
matching 100 to 25 ohms, the response is essentially 
flat from 1.5 to 30 MHz. This Unun can easily handle 
the full legal limit of amateur radio power. 


Sec 12.2.3 200:50-ohm Unun 


When dealing with this type of Balun, the Ruthroff 
approach cannot yield the broadband response of the 
lower-impedance designs shown above. Because more 
turns are required in order to obtain the necessary 
choking reactance, and a 100-ohm characteristic 
impedance that requires more spacing between the 
wires is used, the cores must be considerably larger. 
This results in longer transmission lines. Consequent- 
ly, the high-frequency response is now limited by the 
greater phase delay of this high-impedance Unun. 

The larger transformer, shown on the right in Photo 
12-B is my optimized version of a Ruthroff 200:50- 
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Figure 12-2. The Guanella 4:1 
Unun (R¡=4RG): (A) coiled 
bifilar windings; (B) coiled or 
beaded coaxial cables. 


ohm Unun. It has 16 bifilar turns of No. 14 H 
Thermaleze wire on a low-permeability (250) 2.4-inch 
OD ferrite toroid. Each wire is covered with Teflon 
tubing, resulting in a characteristic impedance of 97 
ohms. Because of the long transmission line (36 inch- 
es), the impedance transformation ratio (in matching 
200 ohms to 50 ohms) varies from 4 to 4.44 from 1.5 
to 30 MHz. Á conservative power rating (under a 
matched condition) is 2 kW of continuous power and 
4 kW of peak power. Because this higher-impedance 
Unun has a larger voltage drop along the length of its 
windings, its loss (a dielectric-type?) is a little greater 
than the lower-impedance Ununs described earlier. In 
a matched condition, the efficiency is about 97 per- 
cent, while the others experience efficiencies of 98 to 
99 percent. 


Sec 12.3 The Guanella 4:1 Unun 


Even though Guanella's investigation? was directed 
toward developing a broadband Balun to match the 
balanced output of a 100-watt, push-pull, vacuum- 
tube amplifier to the unbalanced load of a coaxial 
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Photo 12-C. Two Guanella 4:1 (50:12.5-ohm) Ununs: rod 
version (on the top), 1.5 to 50 MHz; beaded version (on 
the bottom), 10 MHz to over 100 MHz. 


86 UNDERSTANDING, BUILDING, AND USING BALUNS AND UNUNS 


cable, his technique of connecting transmission lines 
in a parallel-series arrangement has only recently been 
recognized as the design for the widest possible band- 
width in an unbalanced-to-unbalanced application.? 
Some have labeled his approach the “equal-delay net- 
work”.26 The major difference in Guanella's approach 
(from Ruthroff’s) is that by summing the equal-delay 
voltages of coiled (or beaded) transmission lines, he 
minimizes the dependence of the high-frequency 
response on the lengths of the transmission lines. As 
was mentioned before, Ruthroff’s method of summing 
a direct voltage with a delayed voltage that traversed a 
single transmission line has a limited application, 
especially with high-power, high-impedance Ununs 
(like 200:50 and 300:75 ohms). 

Furthermore, Guanella’s approach is also important 
in designing high- and low-impedance Baluns and 
Ununs with impedance transformation ratios other 
than 4:1. Connecting three transmission lines in paral- 
lel-series results in a 9:1 ratio, four in a 16:1. Also by 
connecting a fractional-ratio Unun in series with his 
Baluns, or by using various combinations of parallel- 
series transmission lines,26.27 Ununs and Baluns are 
now available with a continuum of ratios from 1.36:1 
to 16:1. Moreover, these ratios now make it possible 
to match 50-ohm cable to impedances as low as 3.125 
ohms and as high as 800 ohms. A major factor in the 
success of these designs rests in the understanding of 
the low-frequency models of these various transform- 
ers.* This section looks at the 4:1 Unun using 
Guanella’s approach. As in the Ruthroff case, the opti- 
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Photo 12-D. Two higher-impedance Guanella 4:1 Ununs: 
100:25-ohm (on the left); 200:50-ohm (on the right). 
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mum value of the characteristic impedances of the 
transmission lines for a Guanella 4:1 transformer is 
also R, / 2, 


Sec 12.3.1  50:12.5-ohm Ununs 


Figure 12-2 shows the schematic diagrams of the 
coiled-wire and coaxial cable (coiled or beaded) ver- 
sions of 4:1 Ununs using Guanella’s technique of con- 
necting transmission lines in parallel-series arrange- 
ments. As can be seen in Figure 12-2, the lower trans- 
mission lines are grounded at both ends and, there- 
fore, have no potential drop along their lengths. Thus, 
the coiling or beading has no effect. The core only 
acts as a mechanical support and the beads can be 
removed. In essence, the bottom transmission line 
plays the important role of a delay line. In addition, 
the low-frequency response of this form of Unun is 
solely determined by the reactance of the top coiled or 
beaded transmission line. 

The top Unun in Photo 12-C shows a rod version of 
Guanella’s 4:1 Unun. There are 13.5 bifilar turns of 
No. 14 H Thermaleze wire on low-permeability (125) 
ferrite rods 0.375 inches in diameter and 3.5 inches 
long. For ease of connection, one winding ts clock- 
wise and the other is counterclockwise. The cable 
connector is on the high-impedance side. In matching 
50 to 12.5 ohms, the response is flat from 1.5 to over 
50 MHz! This Unun, in a matched condition, is capa- 
ble of handling the full legal limit of amateur radio 
power. Furthermore, with the 50-ohm generator on the 
right (in Figure 12-2A) and a 12.5-ohm balanced load 
on the left (perhaps a Yagi beam), this transformer 
makes an excellent step-down Balun. 

The bottom transformer in Photo 12-C shows a 
beaded-coax version of a 50:12.5-ohm step-down 
Unun designed for 2-meter operation. It has 3.5 inch- 
es of beaded coax on the top transmission line 
(Figure 12-2B) and no beads on the bottom transmis- 
sion line. (Actually, the bottom rod in Figure 12-2A 
can also be removed with no change in performance.) 
The beads are low-permeability (125) ferrite. The 
inner conductor of the coaxial cable is No. 12 H 
Thermaleze wire with about 3.5 layers of Scotch No. 
92 tape (two 0.5-inch tapes wound edgewise like a 
window shade), providing a characteristic impedance 
close to the optimum value. The outer braid is from a 
small coaxial cable (or from 1/8-inch tubular braid). 
This homemade coax is further wrapped tightly with 
Scotch No. 92 tape in order to preserve its low charac- 
teristic impedance. The cable connector is on the low- 


impedance side. The response of this Unun is essen- 
tially flat from 10 to 100 MHz (the limit of my 
bridge). It can also (easily) handle the full legal limit 
of amateur radio power. 


Sec 12.3.2 100:25-ohm Unun 


The Unun on the left in Photo 12-D is a Guanella 
version that matches 100 to 25 ohms. There are 8 
bifilar turas of No. 14 H Fhermaleze wire on each 
1,5-¿nch OD low-permeability (250) toroid. One 
toroid is wound clockwise and the other is wound 
counterclockwise. One of the wires fon each toroid) 
is covered with one layer of Scotch No. 92 tape. The 
cable connector is on the low-impedance side. The 
response is flat from 1.5 MHz to well over 30 MHz. 
This Unun can also handie the full legal iimit of ama- 
teur radio power. 

lt is interesting to note that when used as a Balun 
(the ground removed from terminal 2), and placed in 
series fon the left side) with a 1.78:1 Unun (see 
Chapter 13), this compound arrangement provides an 
excellent Balun for matching 50-ohm coaxial cable 
directly to quad antennas having impedances of 100 to 
110 ohms. 


Sec 12.33 200:50-ohm Unun 


The transformer on the right in Photo 12-D is an 
excellent Unun (or Bahin with terminal 2 removed 
from ground) for matching 50 to 200 ohms. it has 14 
bifilar turns of No. 14 H Thermaleze wire on each 
low-permeability (250) toroid with a 2.4-inch OD. 
Each wire is covered with Tefion tubing, providing a 
characteristic impedance of 98 ohms {which 1s quite 
good because the optimum value is 100). Again, for 
ease of connection, onc winding is clockwise and the 
other is counterclockwise. When operating as an 
Unun or a Balun and matching 50 to 200 ohms, the 
response is essentially fiat from 1.5 to 30 MHz. A 
conservative power rating (in a matched condition) is 
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5 kW of continuous power and 10 kW of peak power. 
This transformer has been reported to handie peak 
pulses of 10,000 volts! 


Summary 


Since its introduction by Ruthroff in 1959, the 4:1 
Unun has been the most popular transmission line 
transformer matching unbalanced impedances to 
unbalanced impedances. As 1 mentioned at the begin- 
ning of this chapter, there are many choices to consid- 
er when designing these broadband and efficient 
transformers. One of the most important choices 
involves whether to use the Ruthroif or Guanella 
approach. In fact, the Guaneila design shouid proba- 
bly be designated a Balun/Unun. Recently, it has 
become the design of choice in the higher frequency 
bands. From the designs presented in this chapter, 1 
offer the following recommendations: 

i. For Ununs in the HF band with impedance leveis 
of 100:25 ohms and lower, the Ruthroff approach ts 
recommended because of its simplicity. 

2. For high impedance levels in the HF band (like 
200:30 and 300:75 chms), the Guanella approach is 
recommended. 

3. For low-impedance operation on the VHF band, 
the beaded-coax Guanella approach is recommended. 

4, For high-impedance operation on the VHF band, 
the coiled-wire Guanella approach appears to be the 
preferred choice, and should be investigated first. 
Obviousiy, the number of tens should be reduced from 
the examples shown in this chapter because the reac- 
tance of the winding is proportional to the frequency. 

5. For high-power use on the HF band, the Ruthroff 
Unun with low-impedance coaxial cable on a toroid 
(on the right on Photo 12-A) is recommended. It is 
easy to construct and can very likely handle more than 
5 kW of continuous power, 

6, Also, at high-impedance levels, one might con- 
sider using iower permeability ferrites for higher effi- 
clencies, Look at permeabilitics of 125 and 40. 


Chapter 13 


1.33:1, 1.5:1, and 2:1 Ununs 


Sec 13.1 Introduction 


ittle practical design information has been 
available on Ununs with impedance transfor- 
mation ratios of less than 4:1 {these are called 
fractional-ratio Ununs). However, many important 
applications can be found for efficient and broadband 
Ununs with ratios like 1,33:1, 1.5:1, and 2:1. Some 
examples include the matching of 50-ohm coaxial 
cable to: a) vertical antennas, inverted Ls, and ground- 
fed slopers (all over good ground systems), b) 75-ohm 
hardline cable, c) a junction of two 50-ohm coaxial 
cables, d) shunt-fed towers performing as vertical 
antennas, and e) the output of a transceiver or class B 
linear amplifier when an unfavorable VSWR condi- 
tion exists. 

These three Ununs also play an important role im 
making other useful Baluns possible. Examples given 
in earlier chapters include: a) connecting a 1.5:1 Unun 
(50:75 ohms} in series with a 1:1 Balun (75:75 ohms} 
results in a broadband 1.5:1 Balun (50:75 ohms); b} 
connecting a 2:1 Unun (50:100 ohms) in series with a 
1:1 Baíun (100:100 ohms} results in a broadband 2:1 
Balun {50:100 ohms); c) connecting a 1.5:1 Unun 
(50:75 ohms) in series with a 4:1 Balun (75:300 
ohms) results in a broadband 6:1 Balan (30:300 


ohms}, and d) connecting a 1.33:1 Unun (50:66.7 
ohms} in series with a 9:1 Balun (66.7:600 ohms) 
results in a broadband 12:1 Balun {50:600 ohms). 

It has been shown” that a continuum of ratios can 
now be obtained with Ununs matching 50-ohm cable 
to impedances as low as 3.125 ohms and as high as 
800 ohms. In addition, by using higher-order wind- 
ings (trifilar, quadfilar, etc.), Ununs can be construct- 
ed with two broadband ratios like 1.5:1 and 3:1, or 2:3 
and 4:1. Furthermore, by tapping some of the wind- 
ings of these higher-order Ununs, multimatch trans- 
formers can be constructed with many broadband 
ratios. As a result of this class of fractional-ratio 
Ununs, a continuum of Ununs and Baluns is now 
avaliabie to match 50 ohms unbalanced to unbalanced 
or balanced impedances as low as 3.125 ohms and as 
high as 800 ohms. 

My first attempt to obtain ratios less than 4:1 was 
made by tapping one of the wires in a Ruthroff 4:1 
bifilar Unun. My experiment met with only moderate 
success.* An adequate low-frequency response with a 
1.33:1 ratio was difficult to obtain. Also, the 2:1 ratio 
had considerably greater loss than higher or lower 
ratios. Recently, I found that higher-order windings 
(trifilar, quadrifilar, etc.), some with taps, provide 
much wider bandwidths and higher efficiencies. This 


Figure 13-1. Schematic diagrams: (A) matching 50 to 25 ohms (B-A) and 50 to 22,22 ohms (C-A): (Bj matching 100 to 50 
ohms (B-A) and 112.5 to 50 ohms (CA), 


B9 


> This table shows the angle sums and the names of some 


polygons. 

Number Name Number Angle sum 
of sides of triangles in degrees 
J Triangle 1 180 
4 Quadrilateral 2 360 
5 Pentagon 3 540 
6 Hexagon 4 720 
8 Octagon 6 1080 
10 Decagon 8 1440 


> A regular polygon has all sides equal and all angles equal. 

> The sum of the exterior angles of any polygon is 360°. 

> The sum of the exterior angle and interior angle at a vertex 
is 180°. 

> Congruent shapes are exactly the same shape and size. 

> Shapes which fit together without overlapping or leaving 
any gaps tessellate and the resulting tiling pattern is called 
a tessellation. 
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Photo 13-A. Bottom 
view of the 2:1 Unun 
designed to match 50 
ohms to 25 ohms or 22,2 
| ohms (Figure 13-14). 
The connector is on the 
low-impedance side. 
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Photo 13-B. The 2:1 Unun mounted in a 4 inch long by 2 
inch wide by 2.75 inch high minibox. 
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chapter describes fractional-ratio Ununs using these 
higher-order windings. 

The next section discusses the practical aspects of the 
2:1 Unun. This Unun is not only one of the more useful 
transformers, but 1t also serves as a good introduction 
to the trifilar and quadrifilar designs. What follows is 
an introduction to the most difficult fractional-ratio 
Unun—the quintufilar design, which results in very 
broadband 1.33:1 and 1.5:1 Ununs. A more complete 
discussion appears in Part I of this book. 

This chapter closes with construction tips. As you 
will see, these Ununs can be difficult to construct. 


Sec 13.2 2:1 Ununs 


Figure 13-1A shows the schematic diagram of an 
Unun designed to match 50-ohm cable to an unbal- 
anced load of 25 ohms (2:1 ratio with connections A- 
B) or 22.22 ohms (2.25:1 ratio with connections A-C). 
It has 6 trifilar turns of No. 14 H Thermaleze wire on 
a 1.5-inch OD ferrite toroid with a permeability of 


250. Winding 3-4 is tapped at 5 turns from terminal 3. 
Photo 13-A is a photograph showing the various con- 
nections. The connector is on the low-impedance side. 
Photo 13-B shows the transformer mounted in a CU- 
3015A (4 inches long by 2 inches wide by 2.75 inches 
high) minibox. In matching 50 ohms to either 25 or 
22.22 ohms, the transformation ratio is constant from 
| to 30 MHz. 

Because the transmission lines are very short, this 
Unun does quite well as a step-up transformer. That 
is, When matching 50 ohms (on the left side) to 100 
ohms (connections A-B) or 112.5 ohms (connections 
A-C) on the right side, the transformation ratio is con- 
stant from 1 to 15 MHz. Because of the extremely 
high efficiency of this transformer (98 to 99 percent 
under matched conditions), this small version can eas- 
ily handle the full legal limit of amateur radio power. 

Figure 13-1B shows the schematic diagram of an 
Unun designed to match 50-ohm cable to an unbal- 
anced load of 100 ohms (2:1 ratio with connections 
A-B) or 112.5-ohms (2.25:1 ratio with connections A- 
C). It has 7 trifilar turns on a 1.5-inch OD ferrite 
toroid with a permeability of 250, The top winding 5- 
6 is No. 14 Thermaleze wire and is tapped at 6 turns 
from terminal 5. The other two windings are No. 16 H 
Thermaleze wire. Photo 13-C shows the various con- 
nections. The connector is on the low-impedance side. 
In matching 50-ohm cable to 100 ohms (A-B) or 
112.5 ohms (A-C), the transformation ratio is constant 
from 1 to 30 MHz. 

Again, because the transmission lines are very short, 
this Unun does quite well as a step-down transformer. 
In matching 50-ohm cable (on the right side) to 25 
ohms (A-B) or 22.22 ohms (A-C), the transformation 
ratios are constant from 1 to 15 MHz. As above, this 
transformer can easily handle the full legal limit of 
amateur radio power. 

Although the quadrifilar Unun shown in the sche- 
matic diagram in Figure 13-2 and in Photo 13-D has 
an impedance transformation ratio of 1.78:1, 1t should 
also satisfy many of the 2:1 requirements, This Unun, 
which is designed to match 50-ohm cable to an unbal- 
anced load of 28 ohms, not only has a very broadband 
response (1 MHz to over 50 MHz), but also offers 
other possible wideband ratios that will be covered in 
succeeding chapters. 

Specifically, the Unun has 3 quadrifilar turns on a 
|.5-inch OD ferrite toroid with a permeability of 250. 
Winding 5-6 is No. 14 H Thermaleze wire and the 
other three are No. 16 H Thermaleze wire. Like the 


Photo 13-C. Bottom 
view of the 2:1 Unun 
designed to match 50 
ohms to 100 ohms or 
112.5 ohms (Figure 13- 
1B). The connector is on 
the low-impedance side. 


Photo 13-D. Bottom 
view of the 1.78:1 Unun 
designed to match 50 to 
28 ohms. The connector 
is on the low-impedance 
side. 


two 2:1 Ununs described above, this one also easily 
handles the full legal limit of amateur radio power. 

As with most coiled Ununs that have little spacing 
between adjacent turns, current-crowding (between 
adjacent turns) can eventually limit the power-han- 
dling capability of these devices. It’s possible to 
improve the ability for handling higher currents by 
using thicker wires, or by using coaxial cables where 
current-crowding is nonexistent. Figure 13-3 shows 
the schematic diagram of a tapped-trifilar transformer 
that uses two sections of coaxial cable yielding 
impedance ratios of 2:1 and 2.25:1. Photo 13-E 
shows two trifilar toroidal transformers using low- 
impedance coaxial cables with their outer braids con- 
nected in parallel and acting as the third conductor. 
These transformers are conservatively rated at 5 kW 
of continuous power. 

The smaller transformer in Photo 13-E has 7 trifilar 
turns of low-impedance coax on a 2-inch OD toroid 
with a permeability of 290. The No. 14 H Thermaleze 
wire inner conductors have four layers of Scotch No. 
92 tape. The outer braids are made from small coaxial 
cables (or 1/8-inch tubular braid), and are also 
wrapped with Scotch No. 92 tape in order to preserve 
the low characteristic impedances. The inner conduc- 
tor of the top coax in Figure 13-3 is tapped at 6 turns 
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Figure 13-2. Schematic diagram of the quadrifilar Unun 
designed to match 50 to 28 ohms (1.78:1 ratio). 


Figure 13-3. Schematic diagram of a tapped-trifilar Unun 
that uses two sections of coaxial cable, yielding impedance 
ratios of 2:1 and 2.25:1, 


from terminal 5. When matching 50 ohms to 22.22 
ohms or 25 ohms, the impedance ratio is constant 
from | to over 50 MHz. 

The larger transformer in Photo 13-E also has 7 tri- 
filar turns, but on a 2.4-inch OD toroid with a perme- 
ability of 125. The inner conductors of No. 14 H 
Thermaleze wire now have a 15-mil wall of Teflon 
sleeving, yielding the low-impedance coaxial cable. 
The outer braids are the same. Because the ferrite per- 
meability is lower and the lengths of the transmission 
lines are longer than those of the smaller unit, this 
transformer’s bandwidth is not quite as good. When 
matching 50 to 22.22 ohms (this particular Unun 
doesn't have a tapped winding), the impedance ratio is 
constant from 1.7 to 30 MHz. 

Although not shown, these very high-powered 2:1 
Ununs can also be easily designed to match 50-ohm 
cable to unbalanced loads of 100 and 112.5 ohms. 
This is done by using small but high-powered coaxes 
like RG-303/U, RG-141/U, or RG-142/U. 


sec 13.3 1.51 Ununs 


Figure 13-4 shows three basic forms of a quintufilar 
1.56:1 Unun that should satisfy most of the 1.5:1 
requirements. As can be seen, the only difference in 
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Photo 13-E. Two toroidal transformers using coaxial 
cable and designed to match 50 to 22.22 ohms (2.25:1). 
The smaller transformer is also tapped, yielding a match 
of 50 to 25 ohms (2:1). 


the schematic diagrams is in the interleaving of the 
windings. This is done to optimize the performance of 
these Ununs at the various impedance levels. Sche- 
matic A is optimized for matching 50 to 75 ohms. 
Schematic B is optimized for matching 32 to 50 
ohms. Schematic C, while optimized for matching 40 
to 62 ohms, still yields quite broadband ratios at both 
50:75 and 32:50-ohm levels. It should be a useful, 
general-purpose Unun. 

Photo 13-F is a photograph of the bottom views 
(showing the connections) of the three different de- 
signs. They appear in the same order as the schemat- 
ics of Figure 13-4; i.e., a) the Unun on the left is 
designed to match 50 to 75 ohms, b) the Unun in the 
center is design to match 32 to 50 ohms, and c) the 


Unun on the right is designed to work quite well at 
both impedance levels. The SO-239 connectors are all 
on the low impedance side of the Ununs. 

All three transformers have four quintufilar turns on 
a 1.5-inch OD ferrite toroid with a permeability of 
250. Their differences are: 

1. 50:75 ohms (on the left on Figure 13-4 and 
Photo 13-F). 

Winding 9-10 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. 
When matching 50 to 75 ohms (actually to 78 ohms), 
the transformation ratio is constant from 1 to over 30 
MHz. In matching 50 ohms (on the right side in 
Figure 13-3A) to 32 ohms, it is still constant from 1 
to 15 MHz. 

2. 32:50 ohms (in the center in Figure 13-4 and 
Photo 13-F). 

Winding 5-6 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. 
When matching 32 to 50 ohms, the transformation 
ratio is constant from 1 to over 30 MHz. In matching 
75 ohms (on the right side in Figure 13-3B) to 50 
ohms, it is still constant from 1 to 15 MHz. 

3. 50:75 ohms; 32:50 ohms (on the right in Figure 
13-4 and Photo 13-F). 

Winding 7-8 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. In 
matching 32 to 50 ohms, the transformation ratio is 
constant from 1 to 30 MHz. In matching 75 ohms (on 
the right side in Figure 13-3C) to 50 ohms, it is still 
constant to 21 MHz. This is quite a good general-pur- 
pose design. 


Figure 13-4. Three basic forms of a quintufilar 1.56:1 Unun: (A) optimized to match 50 to 75 ohms, (B) optimized to match 
32 to 50 ohms, and (C) optimized to match 40 to 62 ohms, resulting in a good general-purpose design. 


Even though a small toroid (with only a 1.5-inch 
OD) is used, these Ununs are still very sturdy trans- 
formers. Because their efficiencies are so high (98 to 
99 percent), they can easily handle the full legal limit 
of amateur radio power.? Furthermore, the windings 
carrying the majority of the current (80 percent) are 
all No. 14 wire. Only when well-designed Ununs are 
subjected to very high VSWRs will excessive heating 
occur. Ununs (and Baluns) should never be exposed to 
these severe conditions. 


Sec 13.4 A 1.33:1 Unun 


The circuit shown in Figure 13-5 evolved after many 
attempts were made at obtaining a broadband match 
of 50 to 66.7 ohms (1.33:1). Photo 13-G shows the 
bottom view of an actual design. The SO-239 connec- 
tor is on the low impedance side. Photo 13-H shows 
the Unun mounted in a CU-3015A minibox. 

Specifically, this Unun has five quintufilar turns on 
a 1.5-inch OD ferrite toroid with a permeability of 
250. Winding 5-6 is No. 14 H Thermaleze wire and is 
tapped at three turns from terminal 5 (Figure 13-4). It 
is also covered with one layer of Scotch No. 92 poly- 
imide tape, optimizing the performance at the 
50:66.7-ohm level. The other four windings are No. 
16 H Thermaleze wire. 

In matching 50 to 66.7 ohms (A-B), the transforma- 
tion ratio is practically constant from 1 to 30 MHz. 
The ratio only decreases by 3 percent across the band. 
In matching 50 to 32 ohms (C-A), the transformation 
ratio is constant from 1 to 30 MHz. In matching 75 to 
50 ohms (C-A), the ratio is constant from 1 to 15 
MHz. In matching 50 to 37.6 ohms (B-A), the ratio is 
constant from 1 to 15 MHz. As you can see, the Unun 
has some useful broadband multimatches. 


Photo 13-F. Photograph of the three differ- 
ent Unun designs shown in Figure 13-4: A) | 
on the left, 50:75 ohms, B) in the center | 
32:50 ohms, and C) on the right, a general 
purpose design matching both impedance 
levels quite well. 
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Figure 13-5. Schematic diagram of a quintufilar Unun 
specifically designed to yield a broadband 1.33:1 ratio 
(66.7:50 ohms; connection B-A). Connection C-A also 
yields a broadband 1.56:1 ratio (50:32 ohms). 


As in the cases of the other three Ununs, this 
tapped-Unun also easily handles the full legal limit of 
amateur radio power. Like the 2:1 Unun, for higher 
power capabilities, thicker wires or a three-coax 
quintufilar design can be used.? 


Sec 13.5 Construction Tips 


Most of my Unun designs use the bootstrap connection 
that sums direct voltages (on the high-impedance side) 
with a delayed voltage, which traverses a single trans- 
mission line.? Therefore, in order to achieve the very 
wideband responses, small toroids (which allow the 
shortest transmission lines) are used. The small 1.5- 
inch OD toroids offer this advantage. Furthermore, 
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Figure 13-6. Pictorials of higher-order windings: (A) trifilar and (B) 


quadrifilar. 


Photo 13-G. Photograph 
of the 1.33:1 Unun 
(66.7:50 ohms). This 
transformer also has a 
broadband 1.56:1 ratio 
(50:32 ohms). 


quintufilar (and higher-order windings) Ununs are also 
eventually limited in their high-frequency responses by 
self-resonances. Shorter winding lengths keep these 
self-resonances well out of the HF band. For the Ununs 
in this chapter, they occur between 45 and 65 MHz, 
with Figure 13-4A having the higher value. 

There is also a mechanical advantage in using the 
smaller toroids. You'll find that the popular CU- 
3015A minibox makes an excellent enclosure for the 
1.5-inch OD toroid. Furthermore, because ferrite is a 
ceramic and, therefore, unaffected by moisture, no 
special precautions need be taken for out-of-doors 
use. Potting the transformer in plastic 1s unnecessary. 
One must only keep the Unun out of a pool of water. 

Because well-designed transformers have virtually 
no flux in the core, their power ratings are mainly 
determined by the ability of the transmission lines to 
handle the voltages and currents. Furthermore, it can 
be shown that the losses in these transformers are 
related to the voltage gradients along the transmission 
lines.2 Thus, they are dielectric-type ferrite losses. 
This means that the efficiency can be severely degrad- 


Figure 13-7. Pictorial of a quintufilar winding. 


ed with very high VSWRs since higher voltage gradi- 
ents occur under these conditions. 

Several suggestions can be made regarding the con- 
struction of Ununs using these higher-order windings 
(trifilar, quadrifilar, etc.). They are: 

1) Make a ribbon out of the wires and wind them all 
at the same time. This keeps the wires as close as pos- 
sible, resulting in the maintenance of the optimum 
characteristic impedance of the transmission lines. I 
found that strips made with 1.25- by 0.375- to 0.55- 
inch glass tape (Scotch No, 27), clamped about every 
1/2 inch, hold the wires in place very well. The start- 
ing lengths of the wires should be about 5 inches 
longer than one would calculate knowing the number 
of turns and the length around each turn. 

2) Because work-hardening of the copper wire takes 
place in coiling it around a toroid, a pair of pliers and 
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Photo 13-H. The 1.33:1 Unun mounted in a CU-3015A 


minibox. 


a strong thumb (and arms) are indispensabie tools. It 
takes considerable effort to wind these transformers, 
Also, because these designs have adequate margins at 
their low-frequency ends, some space between the 
windings and the toroids can be tolerated. 

3) lt is helpful to recognize the various patterns that 
appear at the ends of the windings. Figure 13-6 shows 
a drawing of the trifilar and quaarifilar patterns and 
Figure 13-7 shows the quintufilar pattern. Note that 
terminal 1 and terminal 6 or terminal $ or 10 are the 
outside terminals of the patterns. Also, note that termi- 
nal i is always grounded in the schematic diagrams. 

4) Tapping windings can be one of the more diffi- 
cult tasks In constructing these transformers. Winding 
a tapped transformer is also more difficult. | found 
that the edge of a small, fine file does the best job in 
removing the insulation. About 1/8 to 1/4 inch is 
removed around the wire. It also helps to remove 
some Of the copper. Then a flat 1/8-inch copper strip 
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or No, 14 wire flattened on one end is soldered to the 
bare wire, The soldered connection is then rendered 
smooth using the edge of the file. Finally, two pieces 
of Scotch No, 92 polyimide tape are placed on the 
joint to insulate it from the neighboring turns. 1 also 
found that a tap placed one turn from the end of the 
winding is best made approximately 4 inches from the 
end of the wire (when the wire 1s straight). 

Finally, a comment should be made about low- 
power Ununs. Practically ail of the transformers in 
this chapter can be easily designed for low-power use. 
Designs capable of handing the full output of HF 
transceivers can be readily constructed. Cores with an 
OD of 1,25 inches are recommended, The same num- 
ber of turns, but with one size smailer wire, is also 
recommended, Because smaller cores and thinner 
wires are used, these lower-power units are not only 
easier to construct, but they also have wider band- 
widths due to the shorter lengths of the windings. 


DuaFRatio Ununs 


Chapter 14 


Sec 14.1 Introduction 


arlier chapters in this book on Ununs have 
Pesan covered single-ratio transformers. 
Broadband ratios of 1,33:1, L& 1, 2:1, and 4:3 
were the design objectives. The 1.33:1 ratio was 
obtained by tapping a 1.5:1 (actually 1.56:1) quintuít- 
lar-wound Unun. The 2:1 ratio was obtained by tap- 
ping a 2,25:1 trifilar-wound Unun. Although these 
transformers can be considered to have two broad- 
band ratios (1.33:1 and 1.56:1 or 2:1 and 2.25:1), 
their two ratios were not different enough for many 
practical applications. This is especially true of anten- 
nas where the input impedance varies with frequency. 
My earlier work? and an article by Genaille! have 
shown that a host of ratios (less than 4:1) can be 
obtained by tapping the bifilar winding of a Ruthroff 
4:1 Unun.? However, the bandwidths obtained using 
this technique are quite limited with each ratio and are 
highly dependent upon the impedance level. This is 
particularly true when a tod core is used because it 


requires more turns {resulting in longer transmission 
lines) in order to obtain the necessary choking reac- 
tance that isolates the input from the output. 
Furthermore, ratios around 2:1 exhibit more loss 
because autotransformer action also enters into the 
matching process.? 

By using quadrifilar and quintufilar windings on 
small }.5-inch OB cores, and connecting them in 
such a way that the characteristic impedances of the 
windings are near optimum, two very different and 
broadband ratios matching 50 ohms to lower imped- 
ances are obtained. Furthermore, because the trans- 
mission Hines in these transformers are so very short 
(8 to 9 inches in length), these transformers do quite 
well in matching 50 ohms to higher impedances (as 
step-up transformers). 

This chapter presents two Ununs which have two 
broadband ratios that differ by a factor of two! One 
has a 1.5:1 and a 3:1 ratio (actually 1.56:1 and 
2.18:1). The other has a 2:1 (actually 1.78:1) and a 4.1 
ratio. Also, this chapter introduces the novel tech- 


Figure 14-L Schematic diagrams of dual-ratio Ununs: (A) 1.78:1 connection C-A, 4:1 connection C-B: (B) 1.56:1 connec- 
tion CA, 2.78:1 connection C-B. 
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nique of connecting these two transformers in parallel 
on their 50-ohm sides, resulting in four very broad- 
band ratios. 


Sec 14.2 2:1 ana 4:1 Ratios 


Figure 14-1A shows the schematic diagram of the 
quadrifilar Unun yielding ratios of 2:1 (actually 
1.78:1) and 4:1. Figure 14-2A provides a pictorial of 
its windings. On the left in Photo 14-A, you see the 
bottom view of an Unun. The cable connector is on 
the 28-ohm (1.78:1) side. This Unun has four quadri- 
filar turns of No. 14 H Thermaleze wire on a 1.5-inch 
OD toroid with a permeability of 250. 

In matching 50 to 28 ohms (connection C-A), the 
response is flat to within 1 percent from 1 to 30 MHz. 
From 1 to 50 MHz, it’s flat to within 2 percent. In 
matching 50 to 12.5 ohms (connection C-B), the 
response 1s flat to within 3 percent from 1 to 30 MHz. 

Because very short transmission lines are used, this 
transformer performs quite well as a step-up trans- 
former. In matching 50 to 200 ohms (connection B- 
C), the response is flat to within 3 percent from 1.5 to 


Figure 14-2. Pictorials of higher-order wind- 
ings: (A) quadrifilar, (B) quintufilar. 


10 MHz. In matching 50 to 89 ohms (connection A- 
C), the response is flat to within 3 percent from 1.5 to 
30 MHz! 


Sec 14.2.1 Construction Tips 


Start with about 14 inches of straightened wire. Form 
the wires into a ribbon with clamps of Scotch No. 27 
glass tape every 1/2 inch. I found that strips 3/16 inch 
wide and about 1.5 inches long do a good job. The 
clamps should be long enough to go around the wires 
twice. After winding, connect terminals 2 and 7. Then 
connect terminals 3 and 8. Finally, connect terminals 
4 and 5. Because work-hardening takes place quickly, 
you will find that a pair of pliers and a strong thumb 
(and arms) are necessary tools. You will also find that 
winding these exceptionally performing transformers is 
not easy. As in all endeavors, practice really pays off. 


Sec 14.3 1.5:1 and 3:1 Ratios 


Figure 14-1B shows the schematic diagram of the 
quintufilar Unun yielding ratios of 1.5:1 and 3:1 


Photo 14-A. On the left, a quadrifilar Unun with 
ratios of 1.78:1 and 4:1; on the right, a quintufilar 
Unun with ratios of 1.56:1 and 2.78:1. 
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(actually 1.56:1 and 2.78:1). Figure 14-2B is a pictor- 
tal of 1ts windings. On the right side in Photo 14-A 
you see a bottom view of an Unun. The cable connec- 
tor is on the 32-ohm (1.56:1) side. This Unun has four 
quintufilar turns on a 1.5-inch OD toroid with a per- 
meability of 250. Windings 3-4 and 7-8 are No. 14 H 
Thermaleze wire. The other three are No. 16 H 
Thermaleze wire. Winding 7-8 also has two layers of 
Scotch No. 92 polyimide tape, which optimizes the 
1.56:1 ratio. 


Photo 14-C. The two dual-ratio Ununs connected in paral- 
lel on their 50-ohm sides providing four broadband ratios 
close to 1,5:1, 2:1, 3:1, and 4:1. The quadrifilar unit is on 
the left and the quintufilar unit is on the right. The enclo- 
sure is a 5 inch long by 3 inch wide by 2 inch high minibox. 
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Photo 14-B. The dual-ratio quintufilar Unun 
mounted in a 4 inch long by 2 inch wide by 
2.75 inch high minibox. 


In matching 50 to 32 ohms (connection C-A), the 
response is essentially flat (less than 1 percent varia- 
tion) from 1 MHz to over 40 MHz. Without the two 
layers of Scotch No. 92 tape, the response varies by 4 
percent from 1 to 30 MHz. When used as a step-up 
transformer matching 50 to 78 ohms (connection A- 
C), and with the two layers of Scotch No. 92 tape on 
winding 7-8, the response is flat to within 5 percent 
from 1 to 15 MHz. Without the extra insulation on 
winding 7-8, the response is flat to within 5 percent 
from | to 7.5 MHz. 

In matching 50 to 18 ohms (connection C-B), the 
variation in response is less than 3 percent from 1 to 
40 MHz. The response is the same whether winding 
7-8 is covered with the extra insulation or not. As a 
step-up transformer matching 50 to 139 ohms (con- 
nection B-C), the response is flat to within 3 percent 
from | to 10 MHz (with or without the extra insula- 
tion on winding 7-8). Photo 14-B shows this Unun 
mounted in a 4 inch long by 2 inch wide by 2.75 inch 
high minibox. The two cable connectors on the low 
impedance side could be replaced with feedthrough 
insulators for antenna use. 


sec 14.3.1 Construction Tips 


Prepare the ribbon as was described for the quadrifilar 
Unun. If you choose to use the two extra layers of 
Scotch No. 92 tape on winding 7-8, make sure this 
winding is on the outside position of the ribbon (refer 
to Figure 14-2B). I found the best order in which to 
connect the wires is as follows: first, connect terminal 
2 to 5; second, connect terminal 6 to 9; third, connect 
terminal 3 to 10; and, finally, connect terminal 4 to 7. 


Decimals 


In this chapter you will learn: 

e about place value in decimal numbers 

e howto convert between decimals and fractions 
e how to add and subtract decimals 

e how to multiply and divide decimals 

e about terminating and recurring decimals. 


51 Introduction 


The invention of decimal fractions, usually called simply decimals, 
was a gradual process. It started around the twelfth century and was 
completed in 1585, when Simon Stevin, a Flemish scientist, published 
a treatment called La Disme (English title: The Art of Tenths). 


Stevin’s symbolism was, however, very complicated and, although 
numbers written with a decimal point had first appeared in 

print in 1492, decimals were not generally adopted until the late 
seventeenth century. In fact, even today, the symbolism is not 
standardized. While the United Kingdom and the United States use 
a decimal point, many European countries use a comma instead. 


Although Lord Randolph Churchill, Sir Winston’s father, complained 
that he ‘never could make out what those damned dots meant’, the 
use of decimals brought many benefits, including making commercial 
processes easier and, in mathematics, the development of logarithms. 


5. Decimals 
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As was mentioned before, because a small toroid is 
used in order to achieve the best response {due to 
shorter transmission lines}, this transformer also 
requires considerable strength and patience in the 
winding process. 


Sec 144 Parallel Transformers 


One of the most picasant surprises I received with 
these efficient and broadband transformers was to find 
that they can be connected in parallel on their 50-ohm 
sides and still possess the same performance levels. 
Because the loading effect of one transformer on the 
other is minimal (like a short length of transmission 
line), the transformer that is properly terminated takes 
the power, while the other one is transparent. This lets 
you obtain four very wideband ratios with the two 
dual-ratio Ununs described in this chapter. Obviously, 
this technigue eliminates one transmission tine. 
Furthermore, Baluns can also be connected this way 


for feeding, with a single coaxial cable, beams and 
dipoles with different resonant impedances. 

Photo 14-C shows two transformers connected in 
parallel on their 50-ohm sides using the two dual-ratio 
Ununs described im this chapter. As was mentioned, it 
now yields four wideband ratios very close to 1.5:1, 
2:1, 3:1, and 4:1. 1 have used this matehing network to 
feed a host of ground-fed antennas (over a good 
ground system). In one case, I had a 10-, 15-, and 20- 
meter trap vertical, slopers for 40 and 160 meters, a 
12-meter vertical, and an inverted L for 80 meters ail 
matehed to a single coaxial cable at the same time. It 
was a simple matter of connecting each antenna to the 
output terminal that presented the best match (lowest 
VSWR). Tbis teehnique is actually an extension of 
connecting dipoies for different bands, in parallel. The 
antenna that presents the correct impedance takes the 
power, and the others are essentially transparent. In 
many eases, | found that only one transformer with 
two broadband ratios performed adequately. 


Multimatch Ununs 


Introduction 


Sec |5. | 
B roadband multimatch Ununs capable of high- 


power applications have been the goal of many 

designers over the years. Some have resorted to 
using conventional autotransformers with tapped wind- 
ings to obtain the many impedance transformation 
ratios. However, these attempts met with little success 
because of the device’s limited bandwidths and effi- 
ciencies. Others (including myself)? have tried tapping 
a bifilar Ruthroff Unun.? Although these designs yield- 
ed the high efficiencies of transmission line transform- 
ers, they had limited bandwidths. Furthermore, their 
best bandwidths (for the various ratios} occurred at odd 
impedance levels. in other words, they didn't meet the 
objective of broadband operation with one of the input 
or output ports at 50 ohms, 

Chapter 14 presented two Ununs which had two 
broadband ratios that differed by a factor of two, One 
had a 1.3:1 and a 3:1 ratio (actually 1.56:1 and 
2./8:1). The other had a 2:1 (actually 1,78:1) and a 
4:1 ratio. This chapter describes two multimatch 
designs that are capable of many more broadband 
ratios. For the most part, beth are capable of broad- 
band operation from 1.7 to 30 MHz. 

One Unun has the following five ratios (which are 
close to}: 1.5:1, 2:1, 4:1, 6:1, and 9:1. Because the 
two lower ratios work well in either direction (that is 


Chapter 13 


stepping up or down from 30 ohms), this design can 
match 50-ohm cable to impedances as high as 100 
ohms (actually 112.5 ohms) and as low as 3.6 ohms 
over the frequency range. As a result, it has seven 
usabie applications. Furthermore, because this is a 
transmission iine transformer that cancels out the flux 
in the core, losses (In a matched condition) of only 
0.04 to 0.08 dB can be expected, 

The novelty in this design lies in the use of a trifilar 
winding (with one winding tapped) on a very small 
ferrite toroid, resulting in the shortest possible lengths 
of transmission lines. The windings are also comnect- 
ed in such a manner as to optimize their characteristic 
impedances from an overall standpoint. 

| have used the adjective ultimate to describe the 
second Unun design. Although it might be risky busi- 
ness, | assume that this design will meet one of the 
most common definitions for this adjective—namely, 
beyond which it is impossible to go. For many of us, 
the classic use of this adjective was made by Lew 
McCoy in describing his popular transmatch.?2 
Although there have been some improvements to 
Lew’s design, his use of this definite (and strong) 
adjective can be said to have withstood the test of 
time. I hope my use meets with similar success. 

While the tapped-triftlar design provides five broad- 
band ratios and seven practical applications, the ffi- 
mate design presented in this chapter goes well 


Figure 15-1. Circuit diagrams for the 5-ratio 
Unun: (A) diagram for analysis; (B) transposed 
windings for best overall perfarmance. 
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Photo 15-A. Bottom 
view of the 5-ratio 
Unun of Figure 15-1B, 
The upper-left lead is 
terminal C. The upper- 
right lead is terminal 
B. The lower-left lead 
is terminal H. The lead 
pointing straight down 
is grounded (terminal 
| 3). The lower-right 
lead is terminal L. 


beyond this number. It uses a tapped-quadrifilar 
design that yields the following 10 broadband ratios: 
1.36:1, 1.56:1, 1.78:1, 2.25:1, 3061, 4:1, 6.25:1, 9:1, 
12.25:1, and 16:1. Because the four lower ratios also 
work quite well in either direction, this design offers 
fourteen applications in matching 50-ohm cable to 
impedances as high as 112.5 ohms and as low as 
3.125 ohms. It also has the advantage of using a small 
low-loss toroidal core. Additionally, the windings are 
also interleaved in a pattern that optimizes their char- 
acteristic impedance. 

However, this achievement comes at a price—diffi- 
culty. The 5-ratio Unun, which uses a trifilar wind- 
ing, is considerably easier to wind. In addition, the 
quadrifilar 10-ratio Unun has two of its windings 
tapped, while the 5-ratio Unun has only one (see 
Chapter 13 on tapping windings). If you have had 
little experience in winding Ununs or Baluns, 


Photo 15-B. The high-power unit mounted in a 4 inch 
long by 2 inch wide by 2.75 inch high minibox. 


attempt simplified versions of these two multimatch 
Ununs first. These versions eliminate the tapping of 
the windings. For the trifilar Unun, the remaining 
ratios would be: 2.25:1, 4:1, and 9:1. For the quadri- 
filar Unun, they would be: 1.78:1, 2.25:1, 4:1, 9:1, 
and 16:1. 

For those interested in the design considerations of 
these broadband multimatch transformers, a brief 
review is presented in each section. These sections are 
followed by others describing high-power designs 
capable of handling the full legal limit of amateur 
radio power. Finally, the remaining sections present 
low-power designs capable of handling the output of 
any HF transceiver. Because transmission line trans- 
formers can be made so efficient in matching 50 to 
100 ohms or less, their small sizes will surprise many 
readers. Therefore, the combination of using small 
ferrite toroids with the maximum allowable perme- 
ability (less than 300) for high efficiency,? and with 
sufficient turns to meet the low-frequency objective, 
results in the excellent performance exhibited by the 
designs in this chapter. 


Sec 15.2 The 5-Ratio Unun 


Let's first look at Figure 15-1A because it is the easi- 
est form of the trifilar-wound Unun to explain. For 
example, if the input voltage to ground, Vj, is con- 
nected to terminal H, the output terminal B, has a 
voltage to ground of 3/2V 1. This results in a transfor- 
mation ratio, g, of (3/2)* or 2.25:1. This should satisfy 
most 2:1 requirements. If the output is at terminal A 
to ground, then the output voltage is: 


Vo = V; + V¡(n/2N) 
= V ¡(1 +n/2N) (Eq 15-1) 

where: 

N = the total number of turns on the winding 

n = the number of turns from terminal 5. 


The transformation ratio, g, then becomes: 


g =(V/Vy* 

= (1 + n/2N)* (Eq 15-2) 
If the input voltage to ground, V4, is connected to ter- 
minal L, then terminal C has twice the voltage of 
V,¡—resulting in a 4:1 ratio. Terminal B has three 


times the voltage resulting in a 9:1 ratio. With termi- 
nal A, the output voltage is: 


V, =2V, + V¡(n/N) 
= V ¡(2 +n/N) (Eq 15-3) 


The transformation ratio, g, then becomes: 


g=(2+n/N) (Eq 15-4) 


Sec 15.2.1 A High-power 


5-Ratio Unun 


After several attempts at rearranging the windings of 
Figure 15-1A for the best overall performance (opti- 
mizing the effective characteristic impedances of the 
windings), Figure 15-1B evolved. Photo 15-A shows 
the bottom view of an Unun, using the circuit of 
Figure 15-1B, capable of handling the full legal limit 
of amateur radio power. Photo 15-B shows the unit 
mounted in a CU-3015A minibox. It has five trifilar 
turns on a 1.5-inch OD ferrite toroid with a perme- 
ability of 250. Winding 5-6 is tapped at two turns (n = 
2) from terminal 5. 

If the 9:1 ratio matching 50 to 5.6 ohms (connection 
B-L) is to be used at full power, then winding 3-4 
should be No. 12 H Thermaleze wire. If not, then all 
windings can be No, 14 H Thermaleze wire. 

A listing of the expected performance across the 
band from 1.7 MHz to 30 MHz, with the various 
ratios, 1s as follows: 


9:1 (B-L); 50:5.6 ohms 

Ratio is within 1 percent! 
§.75:1 (A-L); 50:8.7 ohms 

Ratio decreases by 5 percent. 
4:1 (C-L); 50:12.5 ohms 

Ratio increases by 15 percent (the greatest devia- 
tion of all the ratios). 

2.25:1 

a) (B-H); 50:22.22 ohms 
Ratio decreases by 4 percent. 

b) (H-B); 50:112.5 ohms 
Ratio increases by 8 percent. 
1.44:1 

a) (A-H); 50:35 ohms 
Ratio decreases by 10 percent. 

b) (H-A); 50:72 ohms 
Ratio increases by 2 percent. 
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Photo 15-C. The 
low-power unit 
mounted in a 
homemade 2 inch 
long by 1.5 inch 
wide by 2.25 inch 
high minibox. 


Several comments should be made regarding the 
expected results shown above. First of all, the greatest 
deviation from a flat response at any ratio occurs 
when matching 50 to 12.5 ohms (connection C-L; a 
4:1 ratio). If an accurate insertion loss measurement 
was made at this ratio and impedance level, the result 
would show an insignificant difference across the 
band. Secondly, the major part of the deviations for all 
ratios occurs beyond 15 MHz (the effect of standing 
waves). Finally, the higher ratios should never be used 
to match 50 ohms to 450 ohms, 288 ohms, and 200 
ohms, respectively. The characteristic impedances and 
choking reactances do not allow for broadband opera- 
tion under these conditions. 


Sec 15.2.2 A low-power 
5-Ratio Unun 


Photo 15-C shows a low-power unit mounted in a 
homemade 2 inch long by 1.5 inch wide by 2.25 inch 


Photo 15-D. The three 5-ratio Ununs together. From left 
to right, the high-power unit mounted and unmounted, the 
low-power unit. 
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Figure 18-2. Circuit diagrams for the 10-ratio Unun: {A} diagram for analysis; (8) transposed windings for best 


overall performance. 


high minibox. K has six trifilar turns of No. 16 H 
Thermaleze wire on a 1.25-inch OD ferrite toroid with 
a permeability of 250. The tap on winding 5-6 is 
located three turns from terminal 5, yielding ratios of 
6.25: and 1.56:1 instead of the 5.75:1 and 1.44;1 
ratios of the high-power unit. In actual use, these dif- 
ferences should be negligible. 

Because this Unun has shorter transmission lines 
than its high-power counterpart, the deviations of the 
ratios across the band are even smaller. It is also inter- 
esting to note that, if No. 14 H Thermaleze wire was 
used in winding 3-4, this very small Unun could very 
well be rated at 500 watts of continuous power! 

Photo 15-D shows all three 5-ratio Ununs together. 


Sec 15.3 The 1O-Ratio Unun— 
The Ultimate Multimatch 


Figure 15-2A is presented here because it is the easi- 
est form of a quadrifilar-wound Unun to explain. With 
the input voltage, V4, connected to the various termi- 
nais on the left (the low-impedance side), and with 
very short transmission lines compared to the wave- 
length, we have the following transformation ratios: 


1. V, connected to terminal A 

a) At terminal D the output voltage V, is 4£3V 7. 
Therefore, the transformation ratio, g, with connection 
A-D is: 


g = (4/3) = 1:1.78 (Eq 15-5) 


b) At terminal F the output voltage is: 


Vo = V}(1 + n/3N) (Eq 15-6) 


where: 
N = total number of turns 
n= number of turns from terminal 7. 


The transformation ratio with connection A-F then 
pecomes: 


g=(V IV = (1 + 0/3N)* (Eg 15-7) 


2. Y, connected to terminal B 
a) At terminal E the output voltage is 3/2V,. Thus, 
the transformation ratio with connection B-E is: 


g = (3/2)* = 1:2.25 (Eg 15-8) 
b) At terminal G the output voltage is: 
Vo= Vii + a/2N) (Eq 15-9) 


where n = number of turns from terminal 5. 
The transformation ratio with connection B-G 
becomes: 
g = (VIV? = + 2/2N/ (Eq 15-10) 
c) At terminal D the output voltage 15 2V1. The 
transformation ratio with connection B-D is: 


=(2=1:4 (Eg 15-11) 


d) At terminal F the output voltage is: 
Vo = V,(3/2 + n/2N) (Eq 15-12) 


where n = number of turns from terminal 7. 
The transformation ratio with connection B-F, 
then, 1s: 


g = (V/V)? = (3/2 + n/2N) (Eq 15-13) 


3. V,; connected to terminal C 
a) At terminal E, the output voltage is 3V,. The 
transformation ratio with connection C-E becomes: 


g =(3)2= 1:9 (Eq 15-14) 
b) At terminal G, the output voltage is: 
Vo = Vi (2 + n/N) (Eq 15-15) 


where n = number of turns from terminal 5. 
The transformation ratio with connection C-G is: 


g =(V,/V))* = (2 + n/N) (Eq 15-16) 


c) At terminal D, the output voltage is 4V,. The 
transformation with connection C-D becomes: 


g =(4)}=1:16 (Eq 15-17) 
d) At terminal F the output voltage is: 
Vo = V16 +n/N) (Eq 15-18) 


where n = number of turns from terminal 7. 
The transformation ratio with connection C-F is: 


g = (V V12 = 8 + n/N)? (Eq 15-19) 


Sec 15.3.1 A High-power 
10-Ratio Unun 


Figure 15-2B evolved after several attempts at re- 
arranging the windings of Figure 15-2A for best over- 
all performance (optimizing the effective characteris- 
tic impedances of the windings). Photo 15-E shows 
the bottom view of an unmounted Unun using the cir- 
cuit of Figure 15-2B. The top-left lead is terminal E. 
The top-right lead is terminal D. The bottom-left lead 
is terminal B. The center lead (connected to the SO- 
239 connector) is terminal A. 
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Photo 15-E. Bottom view of 
the 10-ratio Unun. The con- 
nector is on terminal A. 


Photo 15-F. Three differ- 
ent views of the 10-ratio 
Unun mounted in a 4 


inch long by 2 inch wide 


Ie] by 2.75 inch high CU- 


| 3015A minibox. 
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Photo 15-G. The 
low-power unit 
mounted in a 
homemade 2.25 
inch long by 1.5 
inch wide by 
2.25 inch high 
minibox. 


The bottom-right lead is terminal C. Below these 
three bottom leads is a ground connection (terminal 3 
in Figure 15-2B to the SO-239 connector. Photo 15-F 
shows three different views of this high-power unit 
mounted in a 4 inch long by 2 inch wide by 2.75 inch 
high CU-3015A minibox. 

This 10-ratio Unun has four quadrifilar turns of No. 
14 H Thermaleze wire on a 1.5-inch OD ferrite toroid 
with a permeability of 250. Winding 5-6 is tapped at 2 
turns from terminal 5 and winding 7-8 is tapped at 2 
turns from terminal 7. 

If the 9:1 ratio (connection C-E), the 12.25:1 ratio 
(connection C-F), and the 16:1 ratio (connection C- 
D), are to be used at the full legal limit of amateur 
radio power, then I suggest that winding 3-4 be 
replaced with No. 12 H Thermaleze wire. If not, then 
these three ratios should be used at lower power levels 
(of 500 watts continuous and 1 kW peak). It should 
also be mentioned that using No. 12 wire for winding 
3-4 adds a greater degree of difficulty to the construc- 
tion process. 

A listing of the expected performance across the 
band from 1.7 to 30 MHz, with the various ratios, 1s 
as follows: 


16:1 (D-C); 50:3.125 ohms 
Ratio is constant up to 2] MHz. It then decreases 
by 15 percent. 
12.25:1 (F-C); 50:4.08 ohms 
Ratio is constant. 
9:1 (E-C); 50:5,56 ohms 
Ratio increases by 5 percent. 
6.25:1 (G-C); 50:8 ohms 
Ratio is constant. 
4:1 (D-B); 50:12.5 ohms 
Ratio decreases by 5 percent. 


3.06:1 (F-B); 50:16.3 ohms 

Ratio decreases by 10 percent. 
2.2521 
a) (E-B); 50:22.22 ohms 

Ratio increases by 4 percent. 
b) (B-E); 50:112.5 ohms 

Ratio increases by 50 percent (the greatest devia- 
tion across the band of any of the ratios). 
1.78:1 
a) (D-A); 50:28.1 ohms. 

Ratio is constant. 
b) (A-D); 50:89 ohms. 

Ratio increases by 15 percent. 
1.56:1 
a) (G-B); 50:32 ohms 

Ratio increases by 10 percent. 
b) (B-G); 50:78 ohms 

Ratio increases by 40 percent. 
1.36:1 
a) (F-A); 50:36.8 ohms 

Ratio decreases by 9 percent. 
b) (A-F); 50:68 ohms 

Ratio increases by 1.5 percent. 


Sec 15.3.2 A Low-power 
1Q-Ratio Unun 


Photo 15-G shows a low-power unit mounted in a 
homemade 2.25 inch long by 1.5 inch wide by 2.25 
inch high minibox. It has five quadrifilar turns of No. 
16 H Thermaleze wire on a 1.25-inch OD ferrite 
toroid with a permeability of 250. The tap on winding 
5-6 (Figure 15-2B) is at three turns from terminal 5 
and on winding 1-2; it is three turns from terminal 1. 
Because the number of turns is different from the 
high-power unit, so are the ratios that use the taps. In 
this case, they are a little larger. Specifically, the 
tapped ratios are now: 1:12.96, 1:6.76, 1:3.24, 1:1.69, 
and 1:1.44. If the taps were at two turns from termi- 
nals 5 and 1, the ratios would be a little less than those 
of the high-power unit. You can play with the equa- 
tions in the first section of this chapter and arrive at 
many different ratios. 

Because this Unun has shorter transmission lines 
than its high-power counterpart, the deviations of the 
ratios across the HF band are generally smaller. Also, 
if winding 3-4 (in Figure 15-2B) were replaced with 
No. 14 H Thermaleze wire, this low-power unit could 
very well be rated at 500 watts of continuous power 
for all ratios! 


Chapter 16 


Ununs tor Beverage Antennas 


Section 16.1 Introduction 


he Beverage antennal” is well known by 160- 
meter enthusiasts for enhanced signal-to-noise 


ratios when there are high levels of interference 
and atmospheric noise. Hf erected properly, Beverages 
also have excellent directivity. However, they are quite 
inefficient and, therefore, not generally suitable as 
transmitting antennas. Important considerations with 
Beverages are the terminating resistor (for the more 
common single-wire version) and the input matching 
Unus Cinbalanced-to-unbalanced transformer). The 
terminating resistor and the impedance ratio of the 
Unun are determined by the characteristic impedance 
of the antenna acting as a long transmission line with 
one good conductor and one poor conductor (the 
earth). This line is generally between 400 and 600 
ohms, and theoretically given by: 


Zo = 138 x log(4h/d) (Eq 16-1) 


where: 

Zo = characteristic impedance of the Beverage 
b = height of the wire above ground 

d = diameter of the wire. 

This chapter presents low- and high-power versions 
of multimatch Ununs designed to match 50-ohm cable 
to unhalanced loads from 450 to 800 ohms. The low- 
power unit, which is capable of handling continuous 
power levels up to 100 watts, is specifically designed 
for the Beverage antenna when it is performing as a 
receiving antenna. The high-power unit, which is 
capable of handling 1 kW of continuous power, can be 
used with the Beverage or any other traveling wave 
antenna when used as a transmitting antenna. Also 
presented are high-power designs capable of flat 
response, including the entire AM broadcast band. 
These multimatch Ununs could be of interest to 
designers of high-power amplifiers for the broadcast 


band. A little theory on how these devices are 
designed is also provided. 


Sec 16.2 A little Theory 


Transmission line transformers” (the Unun being a 
subset thereof} are known for having greater band- 
widths and efficiencies than their counterparts, the 
conventional transformers. Design considerations for 
the two types of transformers are also vastly different. 
Transmission line transformers use chokes and trans- 
mission lines, while conventional transformers use 
flux linkages. 

High-impedance Ununs (and Baluns), which match 
30 ohms unbalanced to impedances as high as 800 
ohms, He at about the edge of this technology’s capa- 
bility. The reasons are: 1} the windings require more 
turns because higher reactances are needed for isolat- 
ing the input from the output, and 2} they require 
higher characteristic impedances in the transmission 
lines because the loads they see are greater. Therefore, 
when winding one of these devices, you’ ll just run out 
of space on your toroidal cores when trying to satisfy 
the low frequency and high frequency objectives. 
incidentaily, beaded transmission lines are not recom- 
mended at these impedance levels because of their 
excessive losses. 

There are two methods for obtaining broadband 
operation at these high impedance levels. One uses 
Guanelia’s 9:1 and 16:1 Baluns, which are converted 
to Unun operation.* The other uses higher-order 
windings (quadrifilar in this case} on a single core, 
which is añ extension of Ruthroff's bootstrap 
approach.” The Guanella approach, which uses coiled 
transmission line connected in series at the high- 
impedance side and in parallel at the low-impedance 
side, results in very broad bandwidths——but with diffi- 
culty in meeting low-frequency objectives. Low-fre- 
quency models* show that, with ratios above 4:1, 
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Figure 16-1. Schematic diagram of the quadrifilar design, 
using Ruthroff’s approach for high-impedance, low-fre- 
quency Ununs like the Beverage matching transformer. 


some of the coiled windings are connected in parallel, 
resulting in reduced reactances. However, with the 
Ruthroff approach, all of the inductances (at the low- 
frequency end) end up mutually aiding each other. 
However, Ruthroff’s approach suffers at the high-fre- 
quency end because a direct voltage is summed with 
three voltages that traverse various lengths of trans- 
mission lines. As a result, Guanella’s approach of 
summing voltages of equal delays is preferred for the 
higher frequency bands, and Ruthroff’s approach is 
most often used for the lower frequency bands. This 
chapter presents designs using Ruthroff’s approach. 

Figure 16-1 shows the schematic diagram of a 
guadrifilar-wound Unun. If the lengths of the trans- 
mission lines are very short compared to the wave- 
length (therefore, phase delay and standing waves are 
negligible), then: 


V,=V2=V3=V4 (Eq 16-2) 
at terminal 6, 

Vo = V1 + Vot+ V3=3V; (Eq 16-3) 
and the impedance ratio becomes: 

g=(V,/V))* =9 (Eq 16-4) 
At terminal 8, it becomes: 

g=16 (Eq 16-5) 


Photo 16-A. The bottom 
view of the low-power Bev- 
erage antenna Unun. 


The voltage at the tap in winding 7-8 is: 


Vo = 3V] + Vs 
=3V,+n/NV, = V6 + n/N) 
= V ¡(3 + n/N) (Eq 16-6) 

where: 
N = total number of turns 
n = number of turns from terminal 7 

The impedance ratio, using the tapped winding, 
becomes: 

g =(V./V})2 = (3 + n/N)? (Eq 16-7) 

When the lengths of the transmission lines are sig- 
nificant, then important phase delays can occur and 
reduce the high frequency response. As you can see in 
Figure 16-1, V, travels one transmission line, Vy 
travels two transmission lines, and V4 travels three 
transmission lines. Additionally, the high frequency 
response is further diminished if the characteristic 
impedances of the transmission lines are not at their 
optimum values (which is hard to do at these imped- 
ances levels). Even with these major flaws, the 
Ruthroff approach is better for Beverage antenna use 
because this antenna’s greatest advantages are on the 
lower frequency bands (80 and 160 meters). 


Sec 16.3 A Low-power Design 


Photo 16-A shows the bottom view of a 5-turn 
quadrifilar-wound Unun designed to handle 100 watts 
of continuous power with constant ratios from 9:1 to 
16:1 in the 40- and 80-meter bands. It uses the 
Ruthroff approach of Figure 16-1 and is shown here 
to give the reader a method for making the various 
interconnections. For operation on the 80- and 160- 
meter bands, I would use 6 quadrifilar turns on a 1.5- 


Photo 16-B. The low-power Beverage 
antenna Unun mounted in a 4 inch 
long by 2 inch wide by 2.75 inch high 


minibox. 


inch OD ferrite toroid with a permeability of 250. The 
bottom winding is No. 20 hook-up wire and the other 
three are No. 22 hook-up wire. Winding 7-8 is tapped 
at 2 turns from terminal 7, yielding a 11.11:1 ratio, 
and at 3 turns from terminal 7, yielding a 12.25:1 
ratio. Therefore, with outputs also at terminals 6 and 
8, this Unun matches 50-ohm cable to loads of 450, 
555.6, 612.5, and 800 ohms. 

Photo 16-B shows the unit mounted in a 4 inch long 
by 2 inch wide by 2.75 inch high minibox. The output 
(the feedthrough insulator) is connected to one of the 
taps. A grounded binding post is also shown. 


Sec 16.4 High-power Designs 


Photo 16-C shows three high-power designs. The 
one on the left is specifically designed to cover the 
frequencies generally used with traveling wave struc- 
tures like the Beverage antenna. This design has 10 
quadrifilar turns on a 2.4-inch OD ferrite toroid with 
a permeability of 250. Winding 1-2 is No. 14 tinned 
copper wire, and the other three are No. 16 tinned 
copper wire. The wires are also covered with Teflon 
sleeving. Winding 7-8 is tapped at 5 turns from ter- 
minal 7, yielding a ratio of 12.25:1. When matching 
50-ohm cable to loads of 450 ohms (terminal 6), 
612.5 ohms (the tap), and 800 ohms (terminal 8), the 
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Photo 16-C. Three high-power, low-frequency Ununs using a quadrifilar design 
with Ruthroff's approach. The one on the left is designed to cover the 80- and 
160-meter bands. The other two are designed to cover the 160-meter and AM 
broadcast bands. 


variation in response is less than 5 percent from 1.5 
to 4 MHz. At 6.5 MHz, the variation (which is an 
increase in the impedance ratio) increases to about 
20 percent. Photo 16-D attempts to provide a better 
view of the connections. 

The other two high-power Ununs in Photo 16-C are 
specifically designed to cover the broadcast and 160- 
meter bands. The one in the center has 9 quadrifilar 
turns (of the same wires as above) on a stack of two 
2.4-inch OD ferrite toroids with permeabilities of 250. 
The tap on winding 7-8 is now at 4 turns from termi- 
nal 7, yielding a ratio of 11.86:1. When matching 50- 
ohm cable to 450 ohms (terminal 6), 593 ohms (the 
tap), or 800 ohms (terminal 8), the response is literally 


Photo 16-D. The bot- 
tom view of the high- 
power Beverage anten- 
na Unun. 


64 


5.2 Place value 


In Chapter 1, you saw how, in the decimal system, the place of a 
digit in a number tells you the value of that digit. The value of the 
digit in each of the first three columns is 


hundreds tens units 


Each value is + of the value on its left. You can continue this 
pattern to the right of the units column with column values of 
tenths, hundredths and thousandths. 


The value of each digit in the number 654.739, which is read 
as six hundred and fifty-four point seven three nine, is shown in 


the table. 


Hundreds | Tens | Units |_ | tenths | hundredths | thousandths 


AA 7 ae 


The decimal point acts as a marker which separates the whole- 
number part from the part which is less than 1. 


For example, the value of the 7 is 4 and the value of the 9 is =, 
The number 654.739 has three decimal places. The digit 7 is in 
the first decimal place; 3 is in the second decimal place and 9 is 


in the third. 


With decimals which are less than 1, it is usual, but not essential, 
to write a zero on the left of the decimal point. Thus, you write 
0.53 rather than .53 to draw attention to the decimal point. 


If two decimal numbers have equal whole-number parts, you 
can find which is larger by comparing their tenths digits, their 
hundredths digits and so on. For example, 4.23, which has a tenths 
digit of 2, is greater than 4.19, which has a tenths digit of 1. It does 
not matter that 4.19 has a greater hundredths digit than 4.23. 
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fiat from 0.5 to 2 MHz. At 4 MHz, the ratios increase 
by about 6 percent. At 7 MHz, they increase by about 
20 percent. 

The Unun on the right in Photo 16-C illustrates 
another way of obtaining the same performance as 
above. In this case, the design has 12 quadrifilar 
turns (of the same wires as above) on a 2.68-inch OD 
ferrite with a permeability of 290. The tap on wind- 
ing 7-8 is at 6 turns from terminal 7, yielding a 


12.25:1 ratio (instead of 11.86:1 as above). Although 
the performance of this design is practically the same 
as the one above (using the two 2.4-inch OD cores), 
it is a much more expensive design because the 2.68- 
inch OD core is not nearly as popular. However, if a 
broadband, high-power and high-impedance Unun 
(or Balun) is required to cover 1.5 to 30 MHz, then 
these expensive 2.68-inch OD ferrite cores are very 
likely the oniy alternative! 


Chapter 7 


Concluding Remarks 


Sec 17.1 Introduction 


s I’ve often said, there is little information that 
deals with aspects of design and applications 
of practical hardware. Most companies are 
reluctant to publish their results for fear of giving 
away their hard-earned secrets. Textbooks only con- 
tain a few paragraphs on the subject. Therefore, very 
few people fully understand this technology, and, as a 
result, it 1s stili far from reaching its full potential. 
This book not only contains my designs, which have 
appeared in series written for CQ and Communica- 
tions Quarterly, but also my views on other articles 
that have appeared in the amateur radio literature, 
in the process of converting and combining the arti- 
cles inte appropriate chapters, one section in my arti- 
cle in the CO, March 1993 issue entitled “Dual-Ratio 
Ununs,” stood cut as having broader applications, It is 
entitled “Reflections on Power Ratings” and is pre- 
sented here. This information is followed by a section 
on misconceptions and one on the “state of the art.” 
After reading this book, some might think | was 
overly critical and didn’t agree with any of the designs 
or explanations (or both} presented in the amateur 
radio literature. This 1s quite true. In taking this stand, 
E was hoping to provoke, in return, critical comment 
on my work. In this way, we can help our amateur 
friends—and perhaps even our professional friends— 
by advancing the understanding and application of 
these very useful transformers. 


Sec 17.2 


Reflections on 
Power Ratings 


Power rating 1s one of the most controversial and least 
understood specifications for the transmission line 
transformer. As of today, no professional group has 
yet set the standard for this specification (as well as 
any other) for this popular class of matching trans- 


formers. In fact, manufacturers of ferrites, which are 
maniy the materials used with these devices, only 
specify them for their uses as conventional transform- 
ers and inductors, or microwave devices. 

it is well known that power ratings for practically 
all conventional devices are based upon catastrophic 
failures (usually exceeding a voltage or current limit}, 
and failures over a relatively short period of time due 
to an excessive rise in temperature. 

With transmission line transformers, there are really 
two catastrophic-type failures that can occur. One is 
voltage breakdown. If the device is misterminated 
with a high impedance (especially an open circuit), a 
breakdown of the insulation can occur. This is particu- 
larly true of the 1:1 Balun (50:50 ohms) that is termi- 
nated with the very high impedance of a full-wave 
dipole or inverted V. Using heavily coated wires (but 
still maintaining a characteristic impedance close to 
50 ohms), or small but high-power coaxial cable, can 
help under these conditions. 

The second catastrophic failure occurs at the low- 
frequency end of the transformer’s passband, when 
the energy is not completely transmitted to the output 
circuit by a transmission line mode. This takes place 
when the reactance of the coiled or beaded transmis- 
sion line is not sufficient to prevent conventional 
transformer currents or shunting currents to ground. 
Under these conditions, harmful flux can take place in 
the core or beads. Nonlinearities can also occur if the 
flux becomes appreciable. The objective in design at 
the low-frequency end is to have a margin of safety 
such that, with a termination of about three times 
(hence VSWR of 3:1) that of a matched condition,? 
no fux will appear in the core or beads. 

The failure due to an excessive rise in temperature 
is the least understood of the two because it involves 
the failure mechanism in transmission line transform- 
ers when only transmission line currents are allowed 
to flow. Unlike the conventional transformer whose 
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losses are current dependent (wire, eddy current, and 
hystereis losses), the transmission line transformer’s 
losses are voltage dependent (a dielectric-type). That 
is, the greater the voltage drop along the length of the 
transmission lines, the greater the loss. Furthermore, if 
can be shown that only low-permeability ferrites (less 
than 300) yield the extremely high efficiencies of 
which these transformers are capable.4 

Because all transmission line transformers have 
voltage drops along their transmission lines, we must 
took at their high-frequency models to determine the 
magnitude of these drops and, hence, the temperature 
rise that can be expected. Here are some examples: 

If Y, is the voltage that appears on the 50-ohm side 
of the transformer, then: 

1} For a quintufilar-wound Unun, the longitudinal 
voltage-drop is V,/5 in matching to lower impedances 
{ike 32 or 18 ohms} and V,/4 in matching to higher 
impedances (ike 78 or 139 ohms). 

2) For a quadrifilar-wound Unun, the longitudinal 
voltage-drop is V,/4 in matching to lower impedances 
(ike 12.5 or 28 ohms) and V//3 in matching to higher 
impedances (like 89 or 200 ohms). 

3) For a teifilar-wound Unun, the longitudinal voit- 
age-drop is V¡/3 m matching to lower impedances 
(ike 22.22 or 25 ohms} and V,/2 in matching to high- 
er impedances (like £00 or 112.5 ohms). 

4) For a bifilar-wound Unun, the longitudinal volt- 
age-drop is V,/2 in matching to a lower impedance of 
12.5 ohms and Y, in matching to a higher impedance 
of 200 ohms. 

Because the quintufilar-wound Unen has the lowest 
voltage drop, it is expected to have the highest effi- 
ciency. Furthermore, it can be seen that the highest 
efficiencies occur in matching to lower impedances. 
Very accurate measurements? have shown that 4:1 
Ununs, using ferrite cores with permeabilities of 125, 
have exhibited losses of only 0.02 to 0.04 dB in 
matching 50 to 12.5 ohms from 1 MHz to over 30 
MHz. Even though the Ununs in this book have most- 
ly used permeabilities of 250, and should have slight- 
ly greater losses, many use higher-order windings (tr- 
filar, quadrifilar, and quintufilar) and, hence, have 
lower longitudinal voltage drops. ‘Therefore, they 
should have losses of only 0.02 to 0.04 dB, as well. 

When matching at the 1 kW level, the figures above 
mean that only 5 to 10 watts would be dissipated in 
the Unun. As a heatsink, these smail transformers 
should be able to handle this loss easily. In fact, they 
should be able to handle several times this level of 


continuous power. Also, because they use heavily 
coated wires, their peak power ratings should be 
greater by more than a factor of two! 

Another important power rating consideration 1s to 
determine what happens when the transformers are 
misterminated. Because the losses being considered 
now are dielectric-types and, hence, voltage-depen- 
dent, the harmful terminations are greater than that for 
which the transformers were designed. For example, 
if the termination is three times greater (a VSWR of 
3:1), the voltages along the transmission Hnes would 
increase by a factor of 1.73. This means the losses 
would practically double. The Ununs described in this 
series, when matching to impedances lower than 50 
ohms, should easily handie this mismatch. Obviousiy, 
mismatches in the range of 10.1 would result in much 
lower efficiencies and should be avoided. 

The analysis of the losses in Baluns follows the 
same pattern. Phe voltages are as follows: under 
maiched conditions for a 1:1 Baten (50:50 ohms}, 
V,/2; for a 4.1 Balun (50:200 ohms), Vi; for a 9:1 
Balun {50:450 ohms), 1.5V); and for higher-imped- 
ance Baluns it could be 2V,. The higher voltage 
drops, together with high VSWRs, means that iigh- 
impedance Baluns (and Ununs} have more loss and 
require larger structures to dissipate the heat. It should 
also be pointed out that there is a tradeoff in efficiency 
for low-frequency response with Bahins (and Ununs) 
when matching 50 ohms to higher impedances like 
200 ohms, 300 ohms, 450 ohms, and higher. ‘This is 
done by using permeabilities of 125 and lower. 

Finally, I thought it might be useful to give some 
general guidelines as to what efficiencies you might 
expect with Baluns and Ununs when using ferrite 
cores or beads with a permeability of 250. Here are 
some expected efficiencies when matching 50 chins to 
various loads under matched conditions: 


Loads Efficiency 

50 ohms or less 98 to 99.5 percent 
50 to 100 ohms 97 to 98 percent 
100 to 200 ohms 06 to 97 percent 
200 ohms and above 93 to 96 percent 


As I mentioned earlier, these efficiencies would be 
reduced by a percent or two with a VSWR of 3:1, 
which increases the loss by a factor of about two. 
Also, the efficiencies can be increased by a percent or 
two with high-impedance loads (greater than 100 
ohms) by resorting to lower permeability ferrites that 


trade off efficiency for low-frequency response. In 
closing, 1 would like to say that high-permeability 
manganese-zine ferrites should be avoided because of 
their much higher losses. Furthermore, their losses are 
highly frequency dependent, while low-permeability 
nickel-zinc ferrites are not. 


Sec 17.3 Misconceptions 


From recent discussions on the air and phone calls 
concerning Baluns, 1 think the most expensive mis- 
conception regarding Baluns is the assumption that a 
9:1 (450:50 ohm) Balun would match 50-ohm cable 
{or the output of a linear or transceiver) to 430-ohm 
twin lead, without considering the effect of its termi- 
nation. In truth, the 9:1 Balun would only see 450 
ohms if the line were terminated in 430 ohms. In real- 
ity, if the line were terminated in a 50-ohm dipole, the 
Balun would see 50 ohms when the line is a half-wave 
long and 4050 ohms when is a quarter-wave long. The 
9:1 Balun is clearly useless in this application. 

By far, most misconceptions regarding Baluns are 
due to the many radio amateurs who perceive these 
devices as conventional transformers that transmut the 
energy from input to output by flux linkages and not 
as transmission Line transformers, which transmit 
energy by an efficient transmission line mode. ‘This 1s 
clearly shown by the writers who have compared their 
“new” coaxial cable {coiled about a toroid or threaded 
through ferrite beads) Baluns with Baluns using wire 
transmission Hnes coiled about a ferrite red or toroid, 
They claim their Baluns are better because the others: 
1) were limited by leakage inductance, 2) did not 
exhibit true 1:1 impedance transformations, 3) were 
prone to core saturation, 4) added a reactive compo- 
nent to the input impedance, 3) were susceptible to 
unbalanced and mismatched loads, and more impor- 
tantly, 6) had more loss. 

If the writers had accepted the correct model for 
these devices (given to us by Guanella and Ruthroff}, 
which shows that they are really chokes (lumped ele- 
ments) and configurations of transmission lines (dis- 
iributed elements}, then there are several parameters 
they should have considered in their comparisons. 
They are: 1) the characteristic impedances and 
lengths of the transmission lines (the high-frequency 
capability), 2) what form of the 1:1 Balun or 4:1 
Balun is used by the other Balun, 3) the low-frequen- 
cy capabilities (safety margins), 4) power capabili- 
ties, and finally 5) efficiencies. 
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Now, had the writers used the proper parameters in 
their comparisons, they would have found that mis- 
match loss was mistaken for real (ohmic) loss; high- 
frequency response was limited by standing waves, 
and not leakage inductance or shunting capacitance, 
the beaded-coax Balun had more loss than a well- 
designed Balun using wire or coax transmission lines 
coiled about a toroid; and that their comparisons were 
made with either the trifilar (voltage) 1:1 Balun or the 
Ruthroff 4:1 Balun, which are inferior designs. 

In fact, the perception that the transmission line 
transformer is actually a conventional transformer is 
so prevalent, that a new name for this class of devices 
should be considered—broadband transmission line 
matching networks. This name (without the word 
transformer) would help in dispelling inaccurate per- 
ceptions and in standardizing the schematic diagrams. 
It would place the coiled or beaded transmission lines 
(in the high-frequency models} horizontally, and elim- 
inate the phasing or polarity dots. 


Sec 17.4 The State of fhe Art 


Until very recently, the radio amateur had only two 
types of Baluns available in the literature and on the 
market. They were the so-called i:i and 4:1 “voltage” 
Baluns. As was shown in Chapter 7, the comparisons 
by others with new 1:1 designs using coaxial cable 
(called “current” Baluns} were made with an inferior 
trifilar-wound Balun, instead of Ruthoff’s design that 
appeared in his 1959 paper and became the industry’s 
standard. Ruthroff’s third conductor on his 1:1 Balun 
was on a separate part of the toroid, thus giving it 
practically the same characteristics as the Guanelila 
(“current”) Balun. These articles on newer designs not 
only gave a new language to our Baluns, but also pre- 
sented questionable statements regarding their perfor- 
mances, it would be interesting if the authors of these 
articles compared their Baluns with well-designed 
Ruthroff or GuaneHa Baluns using 50-chm bifilar 
windings or coaxial cables on low-loss ferrite toroids 
(less than 300 permeability}. I am quite sure their 
claims would be greatly diminished. 

As was noted in Chapter 8, the 4:1 voltage Balun 
appeared in the amateur radio journals about 25 years 
ago (the same time as the “inferior” 1:1 voltage 
Balun). Considerable design information appeared in 
the handbooks of the time regarding the construction 
and performance of this Balun. Furthermore, this 
information also stayed the same over these many 


lid UNDERSTANDING, BUILDING, AND USING BALUNS AND UNUNS 


years. As was shown in Chapter 8, the design was 
found lacking. However, with some rather simple 
changes, like doubling the cross-sectional area of the 
core, increasing the number of turns from 10 to 14, 
and using extra insulation on the wires to increase the 
characteristic impedance of the coiled transmission 
line from about 50 to 100 ohms (the objective}, a 
much better design emerged. In fact, for balanced 
antenna systems, this new design might well be 
described as “peeriess.” 

A 4:1 Guanella (current) Balun has now appeared in 
our handbooks. This more flexible Balun uses two 
transmission lines wound on separate cores and con- 
nected in series at one end and in parallel on the other. 
Literally, no design information is given on its con- 
struction. Whal is offered are recommendations for 
the permeability of the ferrite cores. Values from 830 
to 2500 are proposed. However, use of these high per- 
meabilities would result in lossy Baluns. 

| aiso found il interesting, in my work on these 
devices, that the classic papers of Guanella* and 
Ruthroff? are still the cornerstones of this technology 
known as transmission line transformers. To be sure, 
some of us have extended the work of these two by 
using better measuring equipment, creating more 
complicated configurations, and finding new applica- 
tions. However, 11 18 apparent from the articles pub- 
lished in the amateur radio journals and discussions 
on the air and at club meetings that most radio ama- 
teurs still perceive these devices as conventiona! trans- 
formers. They don’t look at these devices as Guaneila 
and Ruthroff did-—as chokes and transmission lines. 
As a result, there has been a lack of good design 
information in our literature. 

There are many new and useful designs possible 
with this technology, as discussed in Part I of this 
book. They include: higher power levels, applica- 
tions on the VHF and UHE bands and above, and 
new Baluns and Ununs with ratios other than i:n? 
where n= 1, 2,3,..., etc. This book presents some 


desigas* and suggestions for higher-power and high- 
er-frequency applications. 

| see two reasons for the lack of emergence in this 
technology. They are: 

1) This subject is not adequately covered in any col- 
lege textbook, and it generally has not been of interest 
to academics who rightfully view their role as basic 
research and not applications. As a result, there are 
few graduates with any skill in the design of transmis- 
sion line transformers-—¿n contrast to the areas of 
transmission iine, waveguide, and antenna theory. 

2) The professional societies don’t receive enough 
application papers. Although much of the research 
and development work performed in industry is highly 
innovative, important fo the advancement of the tech- 
nology, and certainly pubiishable in scientific jour- 
nals, corporations are often reluctant to allow publica- 
tion for fear of “aiding” their corapetition. 11 has been 
stated?” that in the past few decades, the submission 
of application papers to the technical journals of the 
IEEE has declined. In fact, a survey by one of the 
technical societies showed that 85 percent of the sub- 
missions now come from universities, nol industry! 

In order to assist technologies, like transmission 
line transformers, Which are far from reaching their 
potential applications, IEEE has instituted a program 
called Emerging Practices in Technology (EPT). The 
object of the EPT program is to facilitate the devel- 
opment of new standards by disseminating and mak- 
ing available various EPT papers to the broadest pos- 
sible audience worldwide. The papers on practices in 
various areas of technology are peer reviewed by rel- 
evant IEEE Technical Committees, and have the 
potential for standardization in the future. The papers 
(mine is Reference 30) are published by the IERE 
Standards Press. 
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Understanding Electronics Components 


author: Filipovic D. Miomir 


This book is meant for those people who want to create electronic devices with their own hands. 
All components are illustrated and the circuit-symbol is explained in detail. Both simple and 
complex examples are provided for the beginners. These include resistors, capacitors, 
transformers, transistors, integrated circuits, etc and each has its own symbol to represent it in 
an electrical or electronic diagram - called a circuit diagram. In order to understand how a certain 
device functions, it is necessary to know each symbol and the characteristics of the component. 


These are the things we will be covering in this book. 


RESISTORS 

Marking the resistors 
Resistor power 
Nonlinear resistors 
Practical examples 
Potentiometers 
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1.6. Practical examples 
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2. CAPACITORS 

2.1. Block-capacitors 

2.1.1. Marking the clock-capacitors 
2.2. Electrolytic capacitors 

2.3. Variable capacitors 

2.4. Practical examples 


3. COILS AND TRANSFORMERS 

3.1. Coils 

3.2. Transformers 

3.2.1. Working principles and characteristics of 
transformers 

3.3. Practical examples 


4, TRANSISTORS 

4.1. Working principles of transistors 
4.2. Basic characteristics of transistors 
4.3. The safest way to test transistors 
4.4. TUN and TUP 

4.5. Practical examples 


5. DIODES 

5.1. Marking the diodes 

5.2. Characteristics of diodes 
5.3. Practical examples 


1. Resistors 
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6. THYRISTORS, TRIAC, DIAC 
6.1. Practical examples 


7. INTEGRATED CIRCUITS 

7.1. Analog integrated circuits 
7.2. Digital integrated circuits 
7.3. Practical examples 


8. MICROPHONES, SPEAKERS, 
HEADPHONES 

8.1. Microphones 

8.2. Speakers 

8.3. Headphones 

8.4. Practical examples 


9. OPTO-ELECTRONIC COMPONENTS 
9.1. Practical examples 


10. OTHER COMPONENTS 
10.1. Relays 
10.2. Practical examples 


11. COMPONENTS CHECK 

11.1. Diodes and transistors 

11.2. Transformers and coils 

11.3. Capacitors 

11.4. Potentiometers 

11.5. Speakers, headphones, microphones 


12. CONDUCTIVITY PROBE 
12.1. Semiconductors check 
12.2. Other components check 


Resistors are the most commonly used component in electronics and their purpose is to create specified values of current and voltage in a circuit. A number 


of different resistors are shown in the photos. (The resistors are on millimeter paper, with 1cm spacing to give some idea of the dimensions). Photo 1.1a 
shows some low-power resistors, while photo 1.1b shows some higher-power resistors. Resistors with power dissipation below 5 watt (most commonly used 
types) are cylindrical in shape, with a wire protruding from each end for connecting to a circuit (photo 1.1-a). Resistors with power dissipation above 5 watt 
are shown below (photo 1.1-b). 
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Fig. 1.1a: Some low-power resistors Fig. 1.1b: High-power resistors and rheostats 


The symbol for a resistor is shown in the following diagram (upper: American symbol, lower: European symbol.) 


Fig. 1.2a: Resistor symbols 


The unit for measuring resistance is the OHM. (the Greek letter Q - called Omega). Higher resistance values are represented by "k" (kilo-ohms) and M (meg 
ohms). For example, 120 000 Q is represented as 120k, while 1 200 000 Q is represented as 1M2. The dot is generally omitted as it can easily be lost in the 
printing process. In some circuit diagrams, a value such as 8 or 120 represents a resistance in ohms. Another common practice is to use the letter E for 
resistance in ohms. The letter R can also be used. For example, 120E (120R) stands for 120 Q, 1E2 stands for 1R2 etc. 


1.1 Resistor Markings 


Resistance value is marked on the resistor body. Most resistors have 4 bands. The first two bands provide the numbers for the resistance and the third band 
provides the number of zeros. The fourth band indicates the tolerance. Tolerance values of 5%, 2%, and 1% are most commonly available. 


The following table shows the colors used to identify resistor values: 
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Fig. 1.2: b. Four-band resistor, c. Five-band resistor, d. Cylindrical SMD resistor, e. Flat SMD resistor 


The following shows all resistors from 0R1 (one tenth of an ohm) to 22M: 


NOTES: 

The resistors above are "common value" 5% types. 

The fourth band is called the "tolerance" band. Gold = 5% 
(tolerance band Silver =10% but no modern resistors are 10%!!) 
"common resistors" have values 10 ohms to 22M. 


RESISTORS LESS THAN 10 OHMS 

When the third band is gold, it indicates the value of the "colors" must be divided by 10. 
Gold = "divide by 10" to get values 1RO to 8R2 

See Ist Column above for examples. 


When the third band 1s silver, it indicates the value of the "colors" must be divided by 100. 
(Remember: more letters in the word "silver" thus the divisor is "larger.") 

Silver = "divide by 100" to get values OR1 (one tenth of an ohm) to OR82 

e.g: ORI =0.l ohm OR22= point 22 ohms 

See 4th Column above for examples. 


The letters "R, k and M" take the place of a decimal point. The letter "E" is also used to indicate the word "ohm." 
e.g: IRO=lohm 2R2=2 point 2 ohms 22R = 22 ohms 

2k2 =2,200 ohms = 100k = 100,000 ohms 

2M2 = 2,200,000 ohms 


Common resistors have 4 bands. These are shown above. First two bands indicate the first two digits of the resistance, third band is the multiplier (number of 
zeros that are to be added to the number derived from first two bands) and fourth represents the tolerance. 


Marking the resistance with five bands is used for resistors with tolerance of 2%, 1% and other high-accuracy resistors. First three bands determine the first 
three digits, fourth is the multiplier and fifth represents the tolerance. 


For SMD (Surface Mounted Device) the available space on the resistor is very small. 5% resistors use a 3 digit code, while 1% resistors use a 4 digit code. 


Some SMD resistors are made in the shape of small cylinder while the most common type is flat. Cylindrical SMD resistors are marked with six bands - the 
first five are "read" as with common five-band resistors, while the sixth band determines the Temperature Coefficient (TC), which gives us a value of 
resistance change upon 1-degree temperature change. 


The resistance of flat SMD resistors is marked with digits printed on their upper side. First two digits are the resistance value, while the third digit represents 
the number of zeros. For example, the printed number 683 stands for 680000 , that is 68k. 


It is self-obvious that there is mass production of all types of resistors. Most commonly used are the resistors of the E12 series, and have a 
tolerance value of 5%. Common values for the first two digits are: 10, 12, 15, 18, 22, 27, 33, 39, 47, 56, 68 and 82. 

The E24 series includes all the values above, as well as: 11, 13, 16, 20, 24, 30, 36, 43, 51, 62, 75 and 91. What do these numbers mean? It 
means that resistors with values for digits "39" are: 0.39Q, 3.9Q, 39Q, 390Q, 3.9kQ, 39kQ, etc are manufactured. 

(OR39, 3R9, 39R, 390R, 3k9, 39k) 


For some electrical circuits, the resistor tolerance is not important and it is not specified. In that case, resistors with 5% tolerance can be used. However, 
devices which require resistors to have a certain amount of accuracy, need a specified tolerance. 


1.2 Resistor Dissipation 


If the flow of current through a resistor increases, it heats up, and if the temperature exceeds a certain critical value, it can be damaged. The wattage rating of 
a resistor 1s the power it can dissipate over a long period of time. 
Wattage rating is not identified on small resistors. The following diagrams show the size and wattage rating: 


: Example 5.2.1 
- Which decimal fraction is greater, 0.506 or 0.512? 


Start from the decimal point and work to the right. The tenths digits are 
equal. 0.506 has a hundredths digit of O and 0.512 has a hundredths 
digit of 1. As 1 is greater than 0, 0.512 is greater than 0.506. 
The symbol > means ‘is greater than’. Example 5.2.1 shows that 
0.512 > 0.506. The symbol < means ‘is less than’. Thus 0.506 < 0.512. 


Insight 
It can be confusing to decide whether you should use < or > 
between two numbers. Remember that the smaller end of the 
symbol points towards the smaller number, so 6 < 7 or 9 > S. 
Or, think of the symbol being an ‘open mouth’ which opens 
towards the greater amount. 


1 Write these numbers in a table like that on the opposite page and, 
in each case, state the value of the digit 3. 
(a) 174.783  (b)936.214 (c) 472.329 (d) 579.038 
2 Write down the value of the underlined digit in each of these 
decimal numbers. 
(a) 23.045 (b) 7.81 (c) 0.892 (d) 0.019 
3 (a) How many decimal places are there in the number 231.67? 
(b) Write down the digit which is in the second decimal place. 
4 (a) How many decimal places are there in the number 0.609? 
(b) Write down the digit which is in the second decimal place. 
5 Find the greater decimal fraction of each of these pairs. 
(a) 0.899, 0.901 (b) 0.702, 0.72 
(c) 0.01, 0.009 (d) 0.101, 0.909 
6 Write down the largest number from this list. 
2.365 5.362 5632 5236 3.625 
7 Write down the smallest number from this list. 
0.786 0876 0678 0.687 0.768 
(Contd) 


5. Decimals 
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484x450 mm 


Fig. 1.3: Resistor dimensions 


Most commonly used resistors in electronic circuits have a wattage rating of 1/2W or 1/4W. There are smaller resistors (1/8W and 1/16W) and higher (1W, 
2W, 5W, etc). 

In place of a single resistor with specified dissipation, another one with the same resistance and higher rating may be used, but its larger dimensions increase 
the space taken on a printed circuit board as well as the added cost. 


Power (in watts) can be calculated according to one of the following formulae, where U is the symbol for Voltage across the resistor (and is in Volts), I is the 
symbol for Current in Amps and R is the resistance in ohms: 


P=U'l 


For example, if the voltage across an 820Q resistor is 12V, the wattage dissipated by the resistors is: 


Ue 12? 
p="_=2 =0176 W=176mW 
R 2820 


A 1/4W resistor can be used. 


In many cases, it is not easy to determine the current or voltage across a resistor. In this case the wattage dissipated by the resistor is determined for the 
"worst" case. We should assume the highest possible voltage across a resistor, 1.e. the full voltage of the power supply (battery, etc). 
If we mark this voltage as Vp, the highest dissipation is: 


For example, if V¿=9V, the dissipation of a 220Q resistor is: 


A 0.5W or higher wattage resistor should be used 


1.3 Nonlinear resistors 


Resistance values detailed above are a constant and do not change if the voltage or current-flow alters. But there are circuits that require resistors to change 
value with a change in temperate or light. This function may not be linear, hence the name NONLINEAR RESISTORS. 


There are several types of nonlinear resistors, but the most commonly used include : NTC resistors (figure a) (Negative Temperature Co-efficient) - their 
resistance lowers with temperature rise. PTC resistors (figure b) (Positive Temperature Co-efficient) - their resistance increases with the temperature rise. 
LDR resistors (figure c) (Light Dependent Resistors) - their resistance lowers with the increase in light. VDR resistors (Voltage dependent Resistors) - their 
resistance critically lowers as the voltage exceeds a certain value. Symbols representing these resistors are shown below. 


Fig. 1.4: Nonlinear resistors - a. NTC, b. PTC, c. LDR 


100k 


In amateur conditions where nonlinear resistor may not be available, it can be replaced with | 
im 


other components. For example, NTC resistor may be replaced with a transistor with a 
trimmer potentiometer, for adjusting the required resistance value. Automobile light may 
play the role of PTC resistor, while LDR resistor could be replaced with an open transistor. 
As an example, figure on the right shows the 2N3055, with its upper part removed, so that 
light may fall upon the crystal inside. 


1.4 Practical examples with resistors 


Figure 1.5 shows two practical examples with nonlinear and regular resistors as trimmer potentiometers, elements which will be covered in the following 
chapter. 


Fig. 1.5a: RC amplifier 


Figure 1.5a represents an RC voltage amplifier, that can be used for amplifying low-frequency, low-amplitude audio signals, such as microphone signals. The 
signal to be amplified is brought between node 1 (amplifier input) and gnd, while the resulting amplified signal appears between node 2 (amplifier output) 
and gnd. To get the optimal performance (high amplification, low distortion, low noise, etc) , it is necessary to "set" the transistor's operating point. Details on 
the operating point will be provided in chapter 4; for now, let's just say that DC voltage between node C and gnd should be approximately one half of battery 
(power supply) voltage. Since battery voltage equals 6V, voltage in node C should be set to 3V. Adjustments are made via resistor R1. 


Connect a voltmeter between node C and gnd. If voltage exceeds 3V, replace the resistor R1=1.2MQ with a smaller resistor, say RI=1MQ. If voltage still 
exceeds 3V, keep lowering the resistance until it reaches approximately 3V. If the voltage at node C is originally lower than 3V, increase the resistance of R1. 


The degree of amplification of the stage depends on R2 resistance: higher resistance - higher amplification, lower resistance - lower amplification. If the 
value of R2 is changed, the voltage at node C should be checked and adjusted (via R1). 


Resistor R3 and 100uF capacitor form a filter to prevent feedback from occurring. This feedback is called "Motor-boating" as it sounds like the noise from a 
motor-boat. This noise is only produced when more than one stage is employed. 

As more stages are added to a circuit, the chance of feedback, in the form of instability or motor-boating, will occur. 

This noise appears at the output of the amplifier, even when no signal is being delivered to the amplifier. 

The instability is produced in the following manner: 

Even though no signal is being delivered to the input, the output stage produces a very small background noise called "hiss. This comes from current flowing 
through the transistors and other components. 

This puts a very small waveform on the power rails. This waveform is passed to the input of the first transistor and thus we have produced a loop for "noise- 
generation." The speed with which the signal can pass around the circuit determines the frequency of the instability. By adding a resistor and electrolytic to 
each stage, a low-frequency filter is produced and this "kills" or reduces the amplitude of the offending signal. The value of R3 can be increased if needed. 


Practical examples with resistors will be covered in the following chapters as almost all circuits require resistors. 
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Fig. 1.5b: Sound indicator of changes in temperature or the amount of light 


A practical use for nonlinear resistors is illustrated on a simple alarm device shown in figure 1.5b. Without trimmer TP and nonlinear NTC resistor it is an 
audio oscillator. Frequency of the sound can be calculated according to the following formula: 
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In our case, R=47kQ and C=47nF, and the frequency equals: 
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When, according to the figure, trim pot and NTC resistor are added, oscillator frequency increases. If the trim pot is set to minimum resistance, the oscillator 
stops. At the desired temperature, the resistance of the trim pot should be increased until the oscillator starts working again. For example, 1f these settings 
were made at 2°C, the oscillator remains frozen at higher temperatures, as the NTC resistor's resistance is lower than nominal. If the temperature falls the 
resistance increases and at 2°C the oscillator is activated. 


If an NTC resistor is installed in a car, close to the road surface, the oscillator can warn driver if the road is covered with ice. Naturally, the resistor and two 
copper wires connecting it to the circuit should be protected from dirt and water. 


If, instead of an NTC resistor, a PTC resistor is used, the oscillator will be activated when the temperature rises above a certain designated value. For 
example, a PTC resistor could be used for indicating the state of a refrigerator: set the oscillator to work at temperatures above 6°C via trimmer TP, and the 
circuit will signal if anything is wrong with the fridge. 


Instead of an NTC, we could use an LDR resistor - the oscillator would be blocked as long as a certain amount of light 1s present. In this way, we could make 
a simple alarm system for rooms where a light must be always on. 


The LDR can be coupled with resistor R. In that case, the oscillator works when the light is present, otherwise it is blocked. This could be an interesting alarm 
clock for huntsmen and fishermen who would like to get up at the crack of dawn, but only if the weather is clear. For the desired moment in the early 
morning, the trim pot should be set to the uppermost position. Then, the resistance should be carefully reduced, until the oscillator starts. During the night the 
oscillator will be blocked, since there is no light and LDR resistance is very high. As the amount of light increases in the morning, the resistance of the LDR 
drops and the oscillator is activated when the LDR is illuminated with the required amount of light. 


The trim pot from the figure 1.5b is used for fine adjustments. Thus, TP from figure 1.5b can be used for setting the oscillator to activate under different 


conditions (higher or lower temperature or amount of light). 


1.5 Potentiometers 


Potentiometers (also called pots) are variable resistors, used as voltage or current regulators in electronic circuits. By means of construction, they can be 
divided into 2 groups: coated and wire-wound. 


With coated potentiometers, (figure 1.6a), insulator body is coated with a resistive material. There is a conductive slider moving across the resistive layer, 
increasing the resistance between slider and one end of pot, while decreasing the resistance between slider and the other end of pot. 
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Fig. 1.6a: Coated potentiometer 


Wire-wound potentiometers are made of conductor wire coiled around insulator body. There is a slider moving across the wire, increasing the resistance 
between slider and one end of pot, while decreasing the resistance between slider and the other end of pot. 


Coated pots are much more common. With these, resistance can be linear, logarithmic, inverse-logarithmic or other, depending upon the angle or position of 
the slider. Most common are linear and logarithmic potentiometers, and the most common applications are radio-receivers, audio amplifiers, and similar 
devices where pots are used for adjusting the volume, tone, balance, etc. 


Wire-wound potentiometers are used in devices which require more accuracy in control. They feature higher dissipation than coated pots, and are therefore in 
high current circuits. 


Potentiometer resistance is commonly of E6 series, including the values: 1, 2.2 and 4.7. Standard tolerance values include 30%, 20%, 10% (and 5% for wire- 
wound pots). 


Potentiometers come in many different shapes and sizes, with wattage ranging from 1/4W (coated pots for volume control in amps, etc) to tens of watts (for 
regulating high currents). Several different pots are shown in the photo 1.6b, along with the symbol for a potentiometer. 


Fig. 1.6b: Potentiometers 


The upper model represents a stereo potentiometer. These are actually two pots in one casing, with sliders mounted on shared axis, so they move 
simultaneously. These are used in stereophonic amps for simultaneous regulation of both left and right channels, etc. 


Lower left is the so called slider potentiometer. 
Lower right 1s a wire-wound pot with a wattage of 20W, commonly used as rheostat (for regulating current while charging a battery etc). 


For circuits that demand very accurate voltage and current values, trimmer potentiometers (or just trim pots) are used. These are small potentiometers with a 
slider that is adjusted via a screwdriver. 


Trim pots also come in many different shapes and sizes, with wattage ranging from 0.1 W to 0.5W. Image 1.7 shows several different trim pots, along with the 
symbol. 


Fig. 1.7: Trim pots 


Resistance adjustments are made via a screwdriver. Exception is the trim pot on the lower right, which can be adjusted via a plastic shaft. Particularly fine 
adjusting can be achieved with the trim pot in the plastic rectangular casing (lower middle). Its slider is moved via a screw, so that several full turns is 
required to move the slider from one end to the other. 


1.6 Practical examples with potentiometers 


As previously stated, potentiometers are most commonly used in amps, radio and TV receivers, cassette players and similar devices. They are used for 
adjusting volume, tone, balance, etc. 


As an example, we will analyze the common circuit for tone regulation in an audio amp. It contains two pots and is shown in the figure 1.8a. 
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Fig. 1.8 Tone regulation circuit: a. Electrical scheme, b. Function of amplification 


Potentiometer marked BASS regulates low frequency amplification. When the slider is in the lowest position, amplification of very low frequency signals 
(tens of Hz) is about ten times greater than the amplification of mid frequency signals (~kHz). If slider is in the uppermost position, amplification of very low 
frequency signals is about ten times lower than the amplification of mid frequency signals. Low frequency boost is useful when listening to music with a beat 
(disco, jazz, R&B...), while Low Frequency amplification should be reduced when listening to speech or classical music. 


Similarly, potentiometer marked TREBLE regulates high frequency amplification. High frequency boost is useful when music consists of high-pitched tones 
such as chimes, while for example High Frequency amplification should be reduced when listening to an old record to reduce the background noise. 


Diagram 1.8b shows the function of amplification depending upon the signal frequency. If both sliders are in their uppermost position, the result is shown 
with curve 1-2. If both are in mid position function is described with line 3-4, and with both sliders in the lowest position, the result is shown with curve 5-6. 
Setting the pair of sliders to any other possible results in curves between curves 1-2 and 5-6. 


Potentiometers BASS and TREBLE are coated by construction and linear by resistance. 


The third pot in the diagram is a volume control. It is coated and logarithmic by resistance (hence the mark log) 


2. Capacitors 


Capacitors are common components of electronic circuits, used almost as frequently as resistors. The basic difference between 
the two is the fact that capacitor resistance (called reactance) depends on the frequency of the signal passing through the item. 
The symbol for reactance is X, and it can be calculated using the following formula: 


l 
2nfC 


f representing the frequency in Hz and C representing the capacitance in Farads. 


For example, 5nF-capacitor's reactance at /=125kHz equals: 


X. = D A 255 Q, 
2-3,14-125000-5.10* 
while, at /+1.25MHz, it equals: 
li 
x A, 
2-3,14-1250000.-5.10* 


A capacitor has an infinitely high reactance for direct current, because 0. 


Capacitors are used in circuits for many different purposes. They are common components of 
filters, oscillators, power supplies, amplifiers, etc. 


The basic characteristic of a capacitor is its capacity - the higher the capacity, the higher is the 
amount of electricity it can hold. Capacity is measured in Farads (F). As one Farad represents 
fairly high capacity, smaller values such as microfarad (uF), nanofarad (nF) and picofarad (pF) 
are commonly used. As a reminder, relations between units are: 


1F=10°uF=10°nF=10"’pF, 


that is I uF=1000nF and InF=1000pF. It is essential to remember this notation, as same values may be marked differently in 
some circuits. For example, 1500pF is the same as 1.5nF, 100nF is 0.1 uF. 

A simpler notation system is used as with resistors. If the mark on the capacitor is 120 the value is 120pF, 1n2 stands for 1.2nF, 
n22 stands for 0.22nF, while .1u (or .1u) stands for 0.1 uF. 


Capacitors come in various shapes and sizes, depending on their capacity, working voltage, type 
of insulation, temperature coefficient and other factors. All capacitors can divided in two groups: 
those with changeable capacity values and those with fixed capacity values. These will covered 
in the following chapters. 


2.1 Block-capacitors 


Capacitors with fixed values (the so called block-capacitors) consist of two thin metal plates (these are called "electrodes" or 
sometimes called the "foil"), separated by a thin insulating material such as plastic. The most commonly used material for the 
"plates" is aluminum, while the common materials used for insulator include paper, ceramic, mica, etc after which the capacitors 
get named. A number of different block-capacitors are shown in the photo below. A symbol for a capacitor is in the upper right 
corner of the image. 


Fig. 2.1: Block capacitors 


Most of the capacitors, block-capacitors included, are non-polarized components, meaning that their leads are equivalent in 
respect of the way the capacitor can be placed in a circuit. Electrolytic capacitors represent the exception as their polarity 1s 
important. This will be covered in the following chapters. 


2.1.1 Marking the block-capacitors 


Commonly, capacitors are marked by a set of numbers representing the capacity. Beside this value is another number 
representing the maximal working voltage, and sometimes tolerance, temperature coefficient and some other values are printed as 
well. But on the smallest capacitors (such as surface-mount) there are no markings at all and you must not remove them from 
their protective strips until they are needed. The size of a capacitor is never an indication of its value as the dielectric and the 
number of layers or "plates" can vary from manufacturer to manufacturer. The value of a capacitor on a circuit diagram, marked 
as 4n7/40V, means the capacitor is 4,700pF and its maximal working voltage is 40v. Any other 4n7 capacitor with higher 
maximal working voltage can be used, but they are larger and more expensive. 


Sometimes, capacitors are identified with colors, similar to the 4-band system used for resistors 
(figure 2.2). The first two colors (A and B) represent the first two digits, third color (C) is the 
multiplier, fourth color (D) is the tolerance, and the fifth color (E) is the working voltage. 


With disk-ceramic capacitors (figure 2.2b) and tubular capacitors (figure 2.2c) working voltage is not specified, because these are 
used in circuits with low DC voltage. If a tubular capacitor has five color bands on it, the first color represents the temperature 
coefficient, while the other four specify the capacity in the previously described way. 
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Fig. 2.2: Marking the capacity using colors 


The figure 2.3 shows how the capacity of miniature tantalum electrolytic capacitors are marked by colors. The first two colors 
represent the first two digits and have the same values as with resistors. The third color represents the multiplier, to get the 
capacity expressed in uF. The fourth color represents the maximal working voltage. 
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Fig. 2.3: Marking the tantalum electrolytic capacitors 


One important note on the working voltage: The voltage across a capacitor must not exceed the maximal working voltage as the 
capacitor may get destroyed. In the case when the voltage is unknown, the "worst" case should be considered. There is the 
possibility that, due to malfunction of some other component, the voltage on capacitor equals the power supply voltage. If, for 
example, the supply is 12V, the maximal working voltage for the capacitor should be higher than 12V. 
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8 Write these numbers in order of size. Start with the smallest. 
1.32 1.302 1.203 2.31 1.23 

9 Write these numbers in order of size. Start with the smallest. 
0.190 0.910 0.109 0.901 0.019 

10 Insert either < or > between each of these pairs of number to give 

a true statement. 
(a) 4.76, 6.47 (b) 5.72, 5.27 
(c) 0.39, 0.4 (d) 0.03, 0.029 


5.3 Converting decimals to fractions 
You can use place value to convert decimals to fractions. 
For example, 0.7 = 4 and 0.4 = 4. 


The fraction $ is already in its simplest form, but you can simplify 


77 to get 0.4 = 2. (See Section 3.4.) 


You can extend this method to numbers, such as 0.37, with two 
digits on the right of the decimal point. 


ei oe A E E A 
0.37 = 5 + 100 = 100 * Too ~ 100 


You can write decimals of this type straight down as ‘hundredths’. 
You should always give your final answer in its simplest form. 
The fraction 2 is already in its simplest form, but the simplest 
form can be a fraction with a denominator smaller than 100. 

For example, 0.45 = =, which is = in its simplest form. 

Similarly, numbers with three digits on the right of the decimal point 
may be written straight down as ‘thousandths’ and then simplified, 
if possible. For example, 0.139 = 5, which cannot be simplified. 
When you convert a decimal number greater than 1 to a mixed 
number, the whole-number part stays the same and you convert the 
decimal fraction to a fraction. For example, 5.3 = 53. 


2.1 Electrolytic capacitors 


Electrolytic capacitors represent the special type of capacitors with fixed capacity value. Thanks to special construction, they can 
have exceptionally high capacity, ranging from one to several thousand uF. They are most frequently used in circuits for filtering, 
however they also have other purposes. 


Electrolytic capacitors are polarized components, meaning they have positive and negative leads, 
which is very important when connecting it to a circuit. The positive lead or pin has to be 
connected to the point with a higher positive voltage than the negative lead. If 1t is connected in 
reverse the insulating layer inside the capacitor will be "dissolved" and the capacitor will be 
permanently damaged. 


Explosion may also occur if capacitor is connected to voltage that exceeds its working voltage. 
In order to prevent such instances, one of the capacitor's connectors is very clearly marked with a 
+ or -, while the working voltage is printed on the case. 


Several models of electrolytic capacitors, as well as their symbols, are shown on the picture below. 


Fig. 2.4: Electrolytic capacitors 


Tantalum capacitors represent a special type of electrolytic capacitor. Their parasitic inductance is much lower than standard 
aluminum electrolytic capacitors so that tantalum capacitors with significantly (even ten times) lower capacity can completely 
substitute an aluminum electrolytic capacitor. 


2.3 Variable capacitors 


Variable capacitors are capacitors with variable capacity. Their minimal capacity ranges from 1p and their maximum capacity 
goes as high as few hundred pF (500pF max). Variable capacitors are manufactured in various shapes and sizes, but common 
features for them is a set of fixed plates (called the stator) and a set of movable plates. These plates are fitted into each other and 
can be taken into and out of mesh by rotating a shaft. The insulator (dielectric) between the plates is air or a thin layer of plastic, 
hence the name variable capacitor. When adjusting these capacitors, it is important that the plates do not touch. 


Below are photos of air-dielectric capacitors as well as mylar-insulated variable capacitors (2.5a). 
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Fig. 2.5: a, b, c. Variable capacitors, d. Trimmer capacitors 


The first photo shows a "ganged capacitor" in which two capacitors are rotated at the same time. This type of capacitor is used in 
radio receivers. The larger is used for the tuning circuit, and the smaller one in the local oscillator. The symbol for these 
capacitors is also shown in the photo. 


Beside capacitors with air dielectric, there are also variable capacitors with solid insulator. With 
these, thin insulating material such as mylar occupies the space between stator and rotor. These 
capacitors are much more resistant to mechanical damage. They are shown in figure 2.5b. 


The most common devices containing variable capacitors are radio receivers, where these are used for frequency adjustment. 
Semi-variable or trim capacitors are miniature capacitors, with capacity ranging from several pF to several tens of pFs. These are 
used for fine tuning radio receivers, radio transmitters, oscillators, etc. Three trimmers, along with their symbol, are shown on the 
figure 2.5d. 


2.4 Practical examples 


Several practical examples using capacitors are shown in figure 2.6. A 5uF electrolytic capacitor is used for DC blocking. It 
allows the signal to pass from one sage to the next while prevent the DC on one stage from being passed to the next stage. This 
occurs because the capacitor acts like a resistor of very low resistance for the signals and as a resistor of high resistance for DC. 
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Fig. 2.6: a. Amplifier with headphones, b. Electrical band-switch 


The figure 2.6b represents a diagram of a band-switch with two speakers, with Z1 used for reproducing low and mid-frequency 
signals, and Z2 for high frequency signals. 1 and 2 are connected to the audio amplifier output. Coils L1 and L2 and the 
capacitor C ensure that low and mid-frequency currents flow to the speaker Z1, while high frequency currents flow to Z2. How 
this works exactly ? In the case of a high frequency current, it can flow through either Z1 and L1 or Z2 and C. Since the 
frequency is high, impedance (resistance) of the coils are high, while the capacitor's reactance is low. It is clear that in this case, 


current will flow through Z2. In similar fashion, in case of low-frequency signals, current will flow through Z1, due to high 
capacitor reactance and low coil impedance. 


a - 2 | [On of E) 
= headphones 
ZA 


os 


Fig. 2.6: c. Detector radio-receiver 


The figure 2.6c represents a circuit diagram for a simple detector radio-receiver (commonly called a "crystal set"), where the 
variable capacitor C, forming the oscillatory circuit with the coil L, 1s used for frequency tuning. Turning the capacitor's rotor 
changes the resonating frequency of the circuit, and when matching a certain radio frequency, the station can be heard. 


3. Coils and transformers 


3.1 Coils 


Coils are not a very common component in electronic circuits, however when they are used, they need to be understood. They are 
encountered in oscillators, radio-receivers, transmitter and similar devices containing oscillatory circuits. In amateur devices, 
coils can be made by winding one or more layers of insulated copper wire onto a former such as PVC, cardboard, etc. Factory- 
made coils come in different shapes and sizes, but the common feature for all is an insulated body with turns of copper wire. 


The basic characteristic of every coil is its inductance. Inductance is measured in Henry (H), but 
more common are millihenry (mH) and microhenry (uH) as one Henry is quite a high inductance 
value. As a reminder: 


1H = 1000mH = 10° pH. 


Coil inductance is marked by X,, and can be calculated using the following formula: 
X, =2nfL, 


where f represents the frequency of the voltage in Hz and the L represents the coil inductance in H. 


For example, if f equals 684 kHz, while L=0.6 mH, coil impedance will be: 


X, =2-314-684000-0,6 -10° = 2577 (2. 


The same coil would have three times higher impedance at three times higher frequency. As can be seen from the formula above, 
coil impedance is in direct proportion to frequency, so that coils, as well as capacitors, are used in circuits for filtering at 
specified frequencies. Note that coil impedance equals zero for DC (50). 


Several coils are shown on the figures 3.1, 3.2, 3.3, and 3.4. 


The simplest coil is a single-layer air core coil. It is made on a cylindrical insulator (PVC, cardboard, etc.), as shown in figure 
3.1. In the figure 3.1a, turns have space left between them, while the common practice is to wind the wire with no space between 
turns. To prevent the coil unwinding, the ends should be put through small holes as shown in the figure. 
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Fig. 3.1: Single-layer coil 


Figure 3.1b shows how the coil is made. If the coil needs 120 turns with a tapping on the thirtieth turn, there are two coils L1 
with 30 turns and L2 with 90 turns. When the end of the first and the beginning of the second coil are soldered, we get a 


"tapping." 


A multilayered coil is shown in figure 3.2a. The inside of the plastic former has a screw-thread, so that the ferromagnetic core in 
the shape of a small screw can be inserted. Screwing the core moves it along the axis and into the center of the coil to increase the 
inductance. In this manner, fine changes to the inductance can be made. 
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Fig. 3.2: a. Multi-layered coil with core, b. Coupled coils 


Figure 3.2b shows a high-frequency transformer. As can be seen, these are two coils are coupled by magnetic induction on a 
shared body. When the coils are required to have exact inductance values, each coil has a ferromagnetic core that can be adjusted 
along the coil axis. 


At very high frequencies (above 50MHz) coil inductance is small, so coils need only a few turns. These coils are made of thick 
copper wire (approx. 0.5mm) with no coil body, as shown on the figure 3.3a. Their inductance can be adjusted by physically 
stretching or squeezing the turns together. 
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Fig. 3.3: a. High frequency coil, b. Inter-frequency transformer 


Figure 3.3b shows a metal casing containing two coils, with the schematic on the right. The parallel connection of the first coil 
and capacitor C forms an oscillatory circuit. The second coil is used for transferring the signal to the next stage. This is used in 
radio-receivers and similar devices. The metal casing serves as a screen to prevent external signals affecting the coils. For the 
casing to be effective, it must be earthed. 


Fig 3.4 shows a "pot core" inductor. The core 1s made in two halves and are glued together. The 
core is made of ferromagnetic material, commonly called "ferrite." These inductors are used at 


frequencies up to 100kHz. Adjustment of the inductance can be made by the brass or steel screw 
in the centre of the coil. 


Fig. 3.4: A "pot core" inductor 


3.2 Transformers 


For electronic devices to function 1t is necessary to have a DC power supply. Batteries and rechargeable cells can fulfill the role, 
but a much more efficient way is to use a POWER SUPPLY. The basic component of a power supplyr is a transformer to 
transform the 220V "mains" to a lower value, say 12V. A common type of transformer has one primary winding which connects 
to the 220V and one (or several) secondary windings for the lower voltages. Most commonly, cores are made of E and I 
laminations, but some are made of ferromagnetic material. There are also iron core transformers used for higher frequencies. 
Various types of transformers are shown on the picture below. 


Fig. 3.5: Various types of transformers 


Symbols for a transformer are shown on the figure 3.6 Two vertical lines indicate that primary and secondary windings share 
the same core. 
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Fig. 3.6: Transformer symbols 


With the transformer, manufacturers usually supply a diagram containing information about the primary and secondary windings, 
the voltages and maximal currents. In the case where the diagram is missing, there is a simple method for determining which 
winding is the primary and which is the secondary: a primary winding consists of thinner wire and more turns than the secondary. 
It has a higher resistance - and can be easily be tested by ohmmeter. Figure 3.6d shows the symbol for a transformer with two 
independent secondary windings, one of them has three tappings, giving a total of 4 different output voltages. The 5v secondary 
is made of thinner wire with a maximal current of 0.3A, while the other winding is made of thicker wire with a maximal current 
of 1.5A. Maximum voltage on the larger secondary is 48V, as shown on the figure. Note that voltages other than those marked on 
the diagram can be produced - for example, a voltage between tappings marked 27V and 36V equals 9V, voltage between 
tappings marked 27V and 42V equals 15V, etc. 


3.2.1 Working principles and basic characteristics 


As already stated, transformers consist of two windings, primary and the secondary (figure 3.7). When the voltage Up is 
connected to the primary winding (in our case the "mains" is 220V), AC current Zp flows through it. This current creates a 
magnetic field which passes to the secondary winding via the core of the transformer, inducing voltage Us (24V in our example). 
The "load" is connected to the secondary winding, shown in the diagram as Rp (30Q in our example). A typical load could be an 
electric bulb working at 24V with a consumption of 19.2W. 
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Fig. 3.7: Transformer: a. Working principles, b. Symbol 


Transfer of electrical energy from the primary to the secondary is done via a magnetic field 
(called "flux") and a magnetic circuit called the "core of the transformer." To prevent losses, it is 
necessary to make sure the whole magnetic field created by the primary passes to the secondary. 
This is achieved by using an iron core, which has much lower magnetic resistance than air. 


Primary voltage is the "mains" voltage. This value can be 220V or 110V, depending on the 
country. Secondary voltage is usually much lower, such as 6V, 9V, 15V, 24V, etc, but can also 
be higher than 220V, depending on the transformer's purpose. Relation of the primary and 
secondary voltage 1s given with the following formula: 


where Ns and Np represent the number of turns on the primary and secondary winding, 
respectively. For instance, if Ns equals 80 and Np equals 743, secondary voltage will be: 


] rr. 
ae E = Ny = 220 HE ead = 24 y. 
eN, 734 


Relationship between the primary and secondary current is determined by the following formula: 


For instance, if Rp equals 300, then the secondary current equals Ip = Up/Rp = 24V/30Q = 0.8A. 
If Ns equals 80 and Np equals 743, primary current will be: 
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Transformer wattage can be calculated by the following formulae: 


In our example, the power equals: 
P=HU.-1,=24F -08 4=19,2 17. 


Everything up to this point relates to the ideal transformer. Clearly, there is no such thing as 
perfect, as losses are inevitable. They are present due to the fact that the windings exhibit a 
certain resistance value, which makes the transformer warm up during operation, and the fact 
that the magnetic field created by the primary does not entirely pass to the secondary. This 1s 
why the output wattage 1s less than the input wattage. Their ratio 1s called EFFICIENCY: 


For transformers delivering hundreds of watts, efficiency 1s about u=0.85, meaning that 85% of 
the electrical energy taken from the mains gets to the consumer, while the 15% is lost due to 
previously mentioned factors in the form of heat. For example, if power required by the 
consumer equals Up*Ip = 30W, then the power which the transformer draws from the maains 
equals: 


To avoid any confusion here, bear in mind that manufacturers have already taken every measure in minimizing the losses of 
transformers and other electronic components and that, practically, this is the highest possible efficiency. When acquiring a 
transformer, you should only worry about the required voltage and the maximal current of the secondary. Dividing the wattage 
and the secondary voltage gets you the maximal current value for the consumer. Dividing the wattage and the primary voltage 
gets you the current that the transformer draws from network, which is important to know when buying the fuse. Anyhow, you 
should be able to calculate any value you might need using the appropriate formulae from above. 


3.3 Practical examples with coils and transformers 


On the figure 2.6b coils, along with the capacitor, form two filters for conducting the currents to the speakers. 


The coil and capacitor C on figure 2.6c form a parallel oscillatory circuit for "amplifying" a particular radio signal, while 
rejecting all other frequencies. 
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Fig. 2.6: a. Amplifier with headphones, b. Band-switch, c. Detector radio-receiver 


The most obvious application for a transformer is in a power supply. A typical transformer is shown in figure 3.8 and is used for 
converting 220V to 24V. 


5.4 Converting fractions to decimals 1 


If the fraction has a denominator which is 10, 100, 1000, etc., you 
can use place value to convert the fraction directly to a decimal. 

Ey ss 
For example, 45 = 0.27. 
Even if the fraction does not have 10 or 100 or 1000 as its 
denominator, you can sometimes convert it to an equivalent 


fraction which does. (See Section 3.2.) For example, 2=-5=0,15. 


When you convert a mixed number to a decimal, the whole- 
number part stays the same and you convert the fraction to a 


decimal fraction. For example, 42 = 4-65 = 4.06. 


The methods you have met so far in this section apply only to 
fractions with a denominator of 10 or 100 or 1000 or with a 
denominator which is a factor of one of these numbers. Later in 
this chapter you will meet a method which may be used to convert 
any fraction to a decimal. 


1 Convert each of these decimals to a fraction in its simplest form. 
(a) 0.6 (b) 0.1 (c) 0.48 (d) 0.39 
(e) 0.09 (f) 0.179 (g) 0.125 (h) 0.003 

2 Convert each of the following to a mixed number with the fraction 
in its simplest form. 


(a) 3.8 (b) 4.22 (c) 54.75 (d) 23.048 
3 Convert each of these fractions to a decimal. 
(a) 3 (b) 500 (c) im (d) 000 
(e) 5 (f) 2. (g) 2 (h) 2 
(i) 2 (j) 2 (k) 27 0 5 
4 Convert each of these mixed numbers to a decimal. 
(a) 65 (b) 9 (o) Sa (d) 1% 


(e) 8% (f) 12% 
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Fig. 3.8: Stabilized converter with circuit LM317 


Output DC voltage can be adjusted via a linear potentiometer P, in 3~30V range. 
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Fig. 3.9: a. Stabilized converter with regulator 7806, b. auto-transformer, c. transformer 
for devices working at 110V, d. isolating transformer 


Figure 3.9a shows a simple power supply, using a transformer with a centre-tap on the secondary winding. This makes possible 
the use two diodes instead of the bridge in figure 3.8. 


Special types of transformers, mainly used in laboratories, are auto-transformers. The diagram for an auto-transformer 1s shown 
in figure 3.9b. It features only one winding, wound on an iron core. Voltage 1s taken from the transformer via a slider. When the 
slider is in its lowest position, voltage equals zero. Moving the slider upwards increases the voltage U, to 220V. Further moving 
the slider increases the voltage U above 220V. 


The transformer in figure 3.9c converts 220v to 110v and is used for supplying devices designed to work on 110V. 


As a final example, figure 3.9d represents an isolating transformer. This transformer features the same number of turns on 
primary and secondary windings. Secondary voltage is the same as the primary, 220V, but is completely isolated from the 
"mains," minimizing the risks of electrical shock. As a result, a person can stand on a wet floor and touch any part of the 
secondary without risk, which is not the case with the normal power outlet. 


4. Transistors 


Transistors are active components and are found everywhere in electronic circuits. They 
are used as amplifiers and switching devices. As amplifiers, they are used in high and 
low frequency stages, oscillators, modulators, detectors and in any circuit needing to 
perform a function. In digital circuits they are used as switches. 


There is a large number of manufacturers around the world who produce semiconductors 
(transistors are members of this family of components), so there are literally thousands of 
different types. There are low, medium and high power transistors, for working with high and 
low frequencies, for working with very high current and/or high voltages. Several different 
transistors are shown on 4.1. 


The most common type of transistor is called bipolar and these are divided into NPN and PNP 
types. 

Their construction-material is most commonly silicon (their marking has the letter B) or 
germanium (their marking has the letter A). Original transistor were made from germanium, but 
they were very temperature-sensitive. Silicon transistors are much more temperature-tolerant and 
much cheaper to manufacture. 
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Fig. 4.2: Transistor symbols: a - bipolar, b - FET, c - MOSFET, d - dual gate MOSFET, 
e - inductive channel MOSFET, f - single connection transistor 


The second letter in transistor’s marking describes its primary use: 
C - low and medium power LF transistor, 

D - high power LF transistor, 

F - low power HF transistor, 

G - other transistors, 

L - high power HF transistors, 

P - photo transistor, 

S - switch transistor, 

U - high voltage transistor. 


Here are few examples: 

AC540 - germanium core, LF, low power, 

AF 125 - germanium core, HF, low power, 

BC107 - silicon, LF, low power (0.3 W), 

BD675 - silicon, LF, high power (40W), 

BF199 - silicon, HF (to 550 MHz), 

BU208 - silicon (for voltages up to 700V), 

BSY54 - silicon, switching transistor. 

There 1s a possibility of a third letter (R and Q - microwave transistors, or X - switch transistor), 
but these letters vary from manufacturer to manufacturer. 

The number following the letter is of no importance to users. 

American transistor manufacturers have different marks, with a 2N prefix followed by a number 
(2N3055, for example). This mark is similar to diode marks, which have a IN prefix (e.g. 
1N4004). 

Japanese bipolar transistor are prefixed with a: 2SA, 2SB, 2SC or 25D, and FET-s with 3S: 
2SA - PNP, HF transistors, 

2SB - PNP, LF transistors, 

2SC - NPN, HF transistors, 

2SD - NPN, HF transistors. 


Several different transistors are shown in photo 4.1, and symbols for schematics are on 4.2. Low 
power transistors are housed in a small plastic or metallic cases of various shapes. Bipolar 
transistors have three leads: for base (B), emitter (E), and for collector (C). Sometimes, HF 
transistors have another lead which is connected to the metal housing. This lead is connected to 
the ground of the circuit, to protect the transistor from possible external electrical interference. 
Four leads emerge from some other types, such as two-gate FETs. High power transistors are 
different from low-to-medium power, both in size and in shape. 


It is important to have the manufacturer’s catalog or a datasheet to know which lead 1s connected 
to what part of the transistor. These documents hold the information about the component's 
correct use (maximum current rating, power, amplification, etc.) as well as a diagram of the 
pinout. Placement of leads and different housing types for some commonly used transistors are 
in diagram 4.3. 
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Fig. 4.3: Pinouts of some common packages 


It might be useful to remember the pinout for TO-1, TO-5, TO-18 and TO-72 packages and 
compare them with the drawing 4.2 (a). These transistors are the ones you will come across 
frequently in everyday work. 


The TO-3 package, which 1s used to house high-power transistors, has only two pins, one for 
base, and one for emitter. The collector is connected to the package, and this 1s connected to the 
rest of the circuit via one of the screws which fasten the transistor to the heat-sink. 


Transistors used with very high frequencies (like BFR14) have pins shaped differently. 

One of the breakthroughs in the field of electronic components was the invention of SMD 
(surface mount devices) circuits. This technology allowed manufacturers to achieve tiny 
components with the same properties as their larger counterparts, and therefore reduce the size 
and cost of the design. One of the SMD housings 1s the SOT23 package. There 1s, however, a 
trade-off to this, SMD components are difficult to solder to the PC board and they usually need 
special soldering equipment. 


As we said, there are literally thousands of different transistors, many of them have similar 
characteristics, which makes 1t possible to replace a faulty transistor with a different one. The 
characteristics and similarities can be found 1n comparison charts. If you do not have one these 
charts, you can try some of the transistors you already have. If the circuit continues to operate 
correctly, everything is ok. You can only replace an NPN transistor with an NPN transistor. The 
same goes if the transistor is PNP or a FET. It is also necessary to make sure the pinout is 
correct, before you solder 1t in place and power up the project. 

As a helpful guide, there 1s a chart in this chapter which shows a list of replacements for some 
frequently used transistors. 


4.1 The working principle of a transistor 


Transistors are used in analog circuits to amplify a signal. They are also used in power supplies 
as a regulator and you will also find them used as a switch in digital circuits. 

The best way to explore the basics of transistors 1s by experimenting. A simple circuit is shown 
below. It uses a power transistor to illuminate a globe. You will also need a battery, a small light 
bulb (taken from a flashlight) with properties near 4.5V/0.3A, a linear potentiometer (5k) and a 
470 ohm resistor. These components should be connected as shown in figure 4.4a. 
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Fig. 4.4: Working principle of a transistor: potentiometer moves toward its upper position - 
voltage on the base increases - current through the base increases - current through the 
collector increases - the brightness of the globe increases. 


Resistor (R) isn't really necessary, but if you don't use it, you mustn't turn the potentiometer (pot) 
to its high position, because that would destroy the transistor - this is because the DC voltage 
UBE (voltage between the base and the emitter), should not be higher than 0.6V, for silicon 
transistors. 


Turn the potentiometer to its lowest position. This brings the voltage on the base (or more 
correctly between the base and ground) to zero volts (UBE = 0). The bulb doesn't light, which 
means there is no current passing through the transistor. 


As we already mentioned, the potentiometers lowest position means that UBE is equal to 

zero. When we turn the knob from its lowest position UBE gradually increases. When UBE 
reaches 0.6v, current starts to enter the transistor and the globe starts to glow. As the pot is 
turned further, the voltage on the base remains at 0.6v but the current increases and this increases 
the current through the collector-emitter circuit. If the pot is turned fully, the base voltage will 
increase slightly to about 0.75v but the current will increase significantly and the globe will glow 
brightly. 


If we connected an ammeter between the collector and the bulb (to measure IC), another 
ammeter between the pot and the base (for measuring IB), and a voltmeter between the ground 
and the base and repeat the whole experiment, we will find some interesting data. When the pot 
is in its low position UBE is equal to OV, as well as currents IC and IB. When the pot is turned, 
these values start to rise until the bulb starts to glow when they are: UBE = 0.6V, IB = 0.8mA 
and IB = 36 mA (if your values differ from these values, it is because the 2N3055 the writer used 


doesn't have the same specifications as the one you use, which is common when working with 
transistors). 

The end result we get from this experiment 1s that when the current on the base 1s changed, 
current on the collector is changed as well. 


Let's look at another experiment which will broaden our knowledge of the transistor. It requires a 
BC107 transistor (or any similar low power transistor), supply source (same as in previous 
experiment), 1M resistor, headphones and an electrolytic capacitor whose value may range 
between 10u to 100uF with any operating voltage. 

A simple low frequency amplifier can be built from these components as shown in diagram 4.5. 
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Fig. 4.5: A simple transistor amplifier 


It should be noted that the schematic 4.5a 1s similar to the one on 4.4a. The main difference 1s 
that the collector is connected to headphones. The "turn-on" resistor - the resistor on the base, is 
IM. When there is no resistor, there is no current flow IB, and no Ic current. When the resistor is 
connected to the circuit, base voltage 1s equal to 0.6V, and the base current IB = 4uA. The 
transistor has a gain of 250 and this means the collector current will be 1 mA. Since both of these 
currents enter the transistor, it is obvious that the emitter current is equal to IE = IC + IB. And 
since the base current 1s in most cases insignificant compared to the collector current, it 1s 
considered that: 


The relationship between the current flowing through the collector and the current flowing 
through the base is called the transistor's current amplification coefficient, and is marked as hFE. 
In our example, this coefficient 1s equal to: 
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Put the headphones on and place a fingertip on point 1. You will hear a noise. You body picks up 
the 50Hz AC "mains" voltage. The noise heard from the headphones is that voltage, only 
amplified by the transistor. Let's explain this circuit a bit more. Ac voltage with frequency 50Hz 
is connected to transistor's base via the capacitor C. Voltage on the base is now equal to the sum 
of a DC voltage (0.6 approx.) via resistor R, and AC voltage "from" the finger. This means that 
this base voltage 1s higher than 0.6V, fifty times per second, and fifty times slightly lower than 
that. Because of this, current on the collector is higher than 1mA fifty times per second, and fifty 
times lower. This variable current is used to shift the membrane of the speakerphones forward 
fifty times per second and fifty times backwards, meaning that we can hear the 50Hz tone on the 
output. 

Listening to a 50Hz noise is not very interesting, so you could connect to points 1 and 2 some 
low frequency signal source (CD player or a microphone). 


There are literally thousands of different circuits using a transistor as an active, amplifying 
device. And all these transistors operate in a manner shown in our experiments, which means 
that by building this example, you're actually building a basic building block of electronics. 


4.2 Basic characteristics of transistors 


Selecting the correct transistor for a circuit 1s based on the following characteristics: maximum 
voltage rating between the collector and the emitter UCEmax, maximum collector current ICmax 
and the maximum power rating PCmax. 

If you need to change a faulty transistor, or you feel comfortable enough to build a new circuit, 
pay attention to these three values. Your circuit must not exceed the maximum rating values of 
the transistor. If this is disregarded there are possibilities of permanent circuit damage. Beside 
the values we mentioned, it is sometimes important to know the current amplification, and 
maximum frequency of operation. 

When there is a DC voltage UCE between the collector (C) and emitter (E) with a collector 
current, the transistor acts as a small electrical heater whose power is given with this equation: 


be Se Pes 


Because of that, the transistor is heating itself and everything in its proximity. When UCE or ICE 
rise (or both of them), the transistor may overheat and become damaged. Maximum power rating 


for a transistor, is PCmax (found in a datasheet). What this means is that the product of UCE and 
IC should should not be higher than PCmax: 


is E 


Cmax 


So, 1f the voltage across the transistor is increased, the current must be dropped. 
For example, maximum ratings for a BC107 transistor are: 

ICmax=100mA, 

UCEmax = 45V and 

PCmax = 300mW 

If we need a Ic=60mA , the maximum voltage is: 
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For UCE = 30V, the maximum current is: 
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Among its other characteristics, this transistor has current amplification coefficient in range 
between hFE= 100 to 450, and it can be used for frequencies under 300MHz. According to the 
recommended values given by the manufacturer, optimum results (stability, low distortion and 
noise, high gain, etc.) are with UCE=5V and IC=2mA. 

There are occasions when the heat generated by a transistor cannot be overcome by adjusting 
voltages and current. In this case the transistors have a metal plate with hole, which 1s used to 
attach it to a heat-sink to allow the heat to be passed to a larger surface. 


Current amplification is of importance when used in some circuits, where there is a need for 
equal amplification of two transistors. For example, 2N3055H transistors have hFE within range 
between 20 and 70, which means that there is a possibility that one of them has 20 and other 70. 
This means that in cases when two identical coefficients are needed, they should be measured. 
Some multimeters have the option for measuring this, but most don't. Because of this we have 
provided a simple circuit (4.6) for testing transistors. All you need is an option on your 
multimeter for measuring DC current up to 5mA. Both diodes (1N4001, or similar general 
purpose silicon diodes) and 1k resistors are used to protect the instrument if the transistor is 
"damaged". As we said, current gain is equal to hFE = IC / IB. In the circuit, when the switch S 
is pressed, current flows through the base and is approximately equal to IB=10uA, so if the 
collector current is displayed in milliamps. The gain is equal to: 


68 


5.5 Addition and subtraction 
If you line up the decimal points underneath each other, adding 
and subtracting decimals is very similar to adding and subtracting 


whole numbers. 


For example, 


with whole numbers and with decimals 
354 3.54 

2432 + 24.32 + 
2786 27.86 


: Example 5.5.1 


- Workout (a)9.7+6.83  (b)12.4+0.72 (c) 0.71+6.092 


(a) 97 (b) 12.4 (c) 0.71 
6.83 + Oe 6.092 + 
16.53 EE 6.802 
Insight 


You may find it helpful to put in zeros to the right of the 
last digit, so that all the numbers have the same number of 
decimal places. For example, in Example 5.5.1 part (a), you 
can write 9.7 as 9.70, which helps you to align the decimals. 


: Example 5.5.2 


- Workout (a) 6.9- 2.4 (b) 12.3 — 4.7 (c) 19.04 — 6.2 


(a) 6.9 (b) 12.3 (c) 19.04 
TS Al = Gye 
45 76 12.84 


For example, if the multimeter shows 2.4mA, hFE = 2.4*100 = 240. 


Transistor 


Fig. 4.6: Measuring the hFE 


While measuring NPN transistors, the supply should be connected as shown in the diagram. For 
PNP transistors the battery is reversed. In that case, probes should be reversed as well if you're 
using analog instrument (one with a needle). If you are using a digital meter (highly 
recommended) it doesn't matter which probe goes where, but if you do it the same way as you 
did with NPN there would be a minus in front of the read value, which means that current flows 
in the opposite direction. 


4.3 The safest way to test transistors 
Another way to test transistor is to put it into a circuit and detect the operation. The following 


circuit is a multivibrator. The "test transistor" is T2. The supply voltage can be up to 12v. The 
LED will blink when a good transistor 1s fitted to the circuit. 


Fig. 4.7: Oscillator to test transistors 


To test PNP transistors, same would go, only the transistor which would need to be replaced is 
the T1, and the battery, LED, C1 and C2 should be reversed. 


4.4 TUN and TUP 

As we previously said, many electronic devices work perfectly even if the transistor is replaced 
with a similar device. Because of this, many magazines use the identification TUN and TUP in 
their schematics. These are general purpose transistors. TUN identifies a general purpose NPN 
transistor, and TUP is a general purpose PNP transistor. 


TUN = Transistor Universal NPN and TUP = Transistor Universal PNP. 


These transistors have following characteristics: 


Une 20V 
I 100mA 
Preis 110 

Po 100 mW 


foes 100MHz 


Some of the TUN:s are: 


BC107((8,9) BC147(8,9) BC207(8,9) 
BC237(8,9) BC317(8,9) BC347(8,9) 
BC547(8,9) BC171(2,3) BC182(3,4) 
BC382(3,4) BC437 (8,9) 2N3856A 


2N385 2N3860 2N3904 2N3947 2N4124 etc. 
Some of the TUPs are: 


BC157(8,9) BC177(8,9) BC204(5,6) 
BC212(3 4) BC251(2,3) BC261(2,3) 
BC307(8 9) BC320(1,2) BC350(1,2) 
BC512(3,4) BC557(8,9) BC416 


2N2412 2N3251 2N3906 2N4126 2N4291 ete. 


4.5 Practical example 


The most common role of a transistor in an analog circuit is as an active (amplifying) 
component. Diagram 4.8 shows a simple radio receiver - commonly called a "Crystal Set with 
amplifier." 


Variable capacitor C and coil L form a parallel oscillating circuit which is used to pick out the 
signal of a radio station out of many different signals of different frequencies. A diode, 100pF 
capacitor and a 470k resistor form a diode detector which 1s used to transform the low frequency 
voltage into information (music, speech). Information across the 470k resistor passes through a 
luF capacitor to the base of a transistor. The transistor and its associated components create a 
low frequency amplifier which amplifies the signal. 

On figure 4.8 there are symbols for a common ground and grounding. Beginners usually assume 
these two are the same which is a mistake. On the circuit board the common ground is a copper 
track whose size 1s significantly wider than the other tracks. When this radio receiver is built on a 
circuit board, common ground is a copper strip connecting holes where the lower end of the 
capacitor C, coil L 100pF capacitor and 470k resistor are soldered. On the other hand, grounding 
is a metal rod stuck in a wet earth (connecting your circuits grounding point to the plumbing or 
heating system of your house is also a good way to ground your project). 

Resistor R2 biases the transistor. This voltage should be around 0.7V, so that voltage on the 
collector 1s approximately equal to half the battery voltage. 
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Fig. 4.8: Detector receiver with a simple amplifier 


5. Diodes 


As with transistors, diodes are fabricated from semi-conducting material. So, the first letter in 
their identification is A for germanium diode or B for silicon diode. They can be encased in 
glass, metal or a plastic housing. They have two leads: cathode (k) and an anode (A). The most 
important property of all diodes is their resistance 1s very low in one direction and very large in 
the opposite direction. 

When a diode is measured with a multimeter and it reads a low value of ohms, this is not really 
the resistance of the diode. It represents the voltage drop across the junction of the diode. This 
means a multimeter can only be used to detect if the junction is not damaged. If the reading is 
low in one direction and very high in the other direction, the diode is operational. 


When a diode is placed in a circuit and the voltage on the anode is higher than the cathode, it acts 
like a low value resistor and current will flow. 

If it is connected in the opposite direction it acts like a large value resistor and current does not 
flow. 

In the first case the diode is said to be "forward biased" and in the second case it is "reverse 
biased." 


Figure 5.1 shows several different diodes: 


Fig. 5.1: Several different types of diodes 


The diodes above are all single diodes, however 4 diodes are available in a single package. This 
is called a BRIDGE or BRIDGE RECTIFIER. Examples of a bridge are shown in the diagram 
below: 


You must be able to identify each of the 4 leads on a bridge so that it can be inserted into a 
circuit around the correct way. The surface-mount device above is identified by a cut @ 45° 
along one side. The leaded bridge has one leg longer than the others and the top is marked with 
AC marks and "+." The high-current bridge has a corner cut off and the other surface-mount 
device has a cut or notch at one end. 


These devices are added to a circuit as shown in the next diagram: 


The 4 diodes face the same direction and this means a single diode can be shown on the circuit 
diagram: 


Symbols in 5.2 show a number of diodes. There are a number of specially-designed diodes: for 
high current, high-speed, low voltage-drop, light-detection, and varying capacitance as the 
voltage is altered. Most diodes are made from silicon as it will withstand high temperature, 
however germanium is used if a low voltage-drop is required. There is also a light emitting diode 
called a LED, but this is a completely different type of diode. 


Ki cathode | 


A(anode} y 


Fig. 5.2: Diode symbols: a - standard diode, b - LED, 
c, d - Zener, e - photo, f,g - tunnel, h - Schottky, i - breakdown, 
j - capacitative 


LEDs (Light Emitting Diodes) are constructed from a crystalline substance that emits light when 
a current flows through it. Depending on the crystalline material: red, yellow, green, blue or 
orange light is produced. The photo below shows some of the colours hat can be produced by 
LEDs: 


It is not possible to produce white light from any of these materials, so a triad of red, blue and 
green is placed inside a case and they are all illuminated at the same time to produce white light. 
Recently, while light has been produced from a LED by a very complex and interesting process 
that can be found on Wikipedia: http://en.wikipedia.org/wiki/LED 


LEDs have a cathode and anode lead and must be connected to DC around the correct way. The 
cathode lead is identified on the body by a flat-spot on the side of the LED. The cathode lead is 
the shorter lead. 


CATHODE 


k 


One of the most important things to remember about a LED is the characteristic voltage that 
appears across 1t when connected to a voltage. This does not change with brightness and cannot 
be altered. 

For a red LED, this voltage 1s 1.7v and 1f you supply 1t with more than this voltage, 1t will be 
damaged. 

The easy solution is to place a resistor on one lead as shown in the diagram below: 


The LED will allow the exact voltage to appear across it and the brightness will depend on the 
value of the resistor. 


Zener diodes (5.2c and 5.2d) are designed to stabilize a voltage. Diodes marked as ZPD5.6V or 
ZPY15V have operating voltages of 5.6V and 15V. 


Photo diodes (5.2e) are constructed in a way that they allow light to fall on the P-N connection. 
When there is no light, a photo diode acts as a regular diode. It has high resistance in one 
direction, and low resistance in opposite direction. When there is light, both resistances are low. 
Photo diodes and LEDs are the main items in an optocoupler (to be discussed in more detail in 
chapter 9). 


Tunnel diodes (5.2f and 5.2g) are commonly used in oscillators for very high frequencies. 


Schottky diodes (5.2h) are used in high frequency circuits and for its low voltage drop in the 
forward direction. 


Breakdown diodes (5.21) are actually Zener diodes. They are used in various devices for 
protection and voltage regulation. It passes current only when voltage rises above a pre-defined 
value. 


A Varicap diode (5.2)) is used instead of a variable capacitor in high frequency circuits. When 
the voltage across it 1s changed, the capacitance between cathode and anode is changed. This 
diode is commonly used in radio receivers, transceivers and oscillators. 


The cathode of a low power diode is marked with a ring painted on the case, but it is worth 
noting that some manufacturers label the anode this way, so it is best to test it with a multimeter. 


Power diodes are marked with a symbol engraved on the housing. If a diode is housed in a metal 
package, the case is generally the cathode and anode is the lead coming from the housing. 


5.1 Diode identification 


European diodes are marked using two or three letters and a number. The first letter 1s used to 
identify the material used in manufacturing the component (A - germanium, B - silicon), or, in 
case of letter Z, a Zener diode. 

The second and third letters specify the type and usage of the diode. Some of the varities are: 
A - low power diode, like the AA111, AA113, AA121, etc. - they are used in the detector of a 
radio receiver; BA124, BA125 : varicap diodes used instead of variable capacitors in receiving 
devices, oscillators, etc., BAY80, BAY93, etc. - switching diodes used in devices using logic 
circuits. BA157, BA158, etc. - these are switching diodes with short recovery time. 

B - two capacitive (varicap) diodes in the same housing, like BB104, BB105, etc. 

Y - regulation diodes, like BY240, BY243, BY244, etc. - these regulation diodes come in a 
plastic packaging and operate on a maximum current of 0.8A. If there is another Y, the diode is 
intended for higher current. For example, BY Y44 is a diode whose absolute maximum current 
rating is 1A. When Y is the second letter in a Zener diode mark (ZY10, ZY30, etc.) it means it is 
intended for higher current. 

G, G, PD - different tolerance marks for Zener diodes. Some of these are ZF12 (5% tolerance), 


ZG18 (10% tolerance), ZPD9.1 (5% tolerance). 

The third letter is used to specify a property (high current, for example). 

American markings begin with 1N followed by a number, 1N4001, for example (regulating 
diode), 1N4449 (switching diode), etc. 

Japanese style is similar to American, the main difference is that instead of N there is S, 18241 
being one of them. 


5.2 Diode characteristics 


The most important characteristics when using power diodes is the maximum current in the 
forward direction (IFmax), and maximum voltage in the reverse direction (URmax). 


The important characteristics for a Zener diode are Zener voltage (UZ), Zener current (IZ) and 
maximum dissipation power (PD). 


When working with capacitive diodes it is important to know their maximum and minimum 
capacitance, as well as values of DC voltage during which these capacitances occur. 


With LEDs it is important to know the maximum value of current it 1s capable of passing. The 
natural characteristic voltage across a LED depends on the colour and starts at 1.7V for red to 
more than 2.4v for green and blue. 

Current starts at 1mA for a very small glow and goes to about 40mA. High brightness LEDs and 
"power LEDs" require up to 1 amp and more. You must know the exact current required by the 
LED you are using as the wrong dropper resistor will allow too much current to flow and the 
LED will be damaged instantly. 

The value of this resistors will be covered in another chapter. 


Beside universal transistors TUN and TUP (mentioned in Chapter 4.4), there are universal diodes 
as well. They are marked with DUS (for universal silicon diode) and DUG (for germanium) on 
circuit diagrams. 


DUS = Diode Universal Silicon DUG = Diode Universal Germanium 
5.3 Practical examples 


The diagram of a power supply in figure (3.8) uses several diodes. The first four are in a single 
package, identified by B40C1500. This is a bridge rectifier. 

The LED in the circuit indicates the transformer is working. Resistor R1 1s used to limit the 
current through the LED and the brightness of the LED indicates the approximate voltage. 
Diodes marked 1N4002 protect the integrated circuit. 


Figure 5.3 below shows some other examples of diodes. The life of a globe can be increased by 
adding a diode as shown in 5.3a. By simply connecting it in series, the current passing through 
the globe is halved and it lasts a lot longer. However the brightness 1s reduced and the light 
becomes yellow. The Diode should have a reverse voltage of over 400V, and a current higher 


If the calculations are more difficult than those given, you should 
use your calculator. 


1 Work out the answers to the following questions. 


(a) 3.2 +4.7 (b) 8.6 + 4.52 (c) 9.82 + 0.48 
(d) 238+0.27 (e) 9.7-3.4 (f) 24.3-7.5 
(g) 26.37-19.2 (h) 32.4-17.57 (i) 6+4.7 

(j) 9-68 (k) 12-0.12 (l) 7.9- 4.53 


(m) 7.6 — 3.749 (n) 3.86-0.372 (o) 8.4 + 3.685 
2 Work out the difference between 8.43 and 9.2. 
3 The judges awarded a skater the scores 5.8, 5.7, 6, 5.4, 6 and 5.9. 
Work out the skater’s total score. 
4 The runner-up in a 100-metres race had a time of 10.37 seconds, 
which was 0.09 seconds behind the winner. Find the winner’s time. 


5.6 Multiplication of decimals 


To multiply a decimal by a whole number 

less than 10, you should set out your 

working so that the decimal point in the 

answer is directly below the decimal point 3.6 
in the question. Then you can do the 
multiplication as if you were multiplying two as 
whole numbers together. For example, the 

working for 3.6 x 4 is shown on the right. 


To multiply decimals by 10 or 100 or 1000, there are some simple 


rules, which you will remember more easily if you see how they are 
obtained. The diagram illustrates 32.69 x 10. 


Hundreds Tens Units o tenths hundredths 


ee 
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than the globe. A 1N4004 or BY 244 is suitable. 


A very simple DC voltage stabilizer for low currents can be made using 5.3c as a reference. 


1N R 
4004 i 
230 Ll 
5 | 


2204 Transformer 


Fig. 5.3: a - using a diode to prolong the light bulb's life span, b - stair-light LED indicator, 
c - voltage stabilizer, d - voltage rise indicator, e - rain noise synthesizer, f - backup supply 


Unstabilized voltage is marked "U", and stabilized with "UST." Voltage on the Zener diode is 
equal to UST, so 1f we want to achieve a stabilized 9V, we would use a ZPD9.1 diode. Although 
this stabilizer has limited use it is the basis of all designs found in power supplies. 

We can also devise a voltage overload detector as sown in figure 5.3d. A LED indicates when a 
voltage is over a predefined value. When the voltage is lower than the operating voltage of the 
Zener, the zener acts as a high value resistor, so DC voltage on the base of the transistor 1s very 
low, and the transistor does not "turn on." When the voltage rises to equal the Zener voltage, its 
resistance is lowered, and transistor receives current on its base and it turns on to illuminate the 
LED. This example uses a 6V Zener diode, which means that the LED is illuminated when the 
voltage reaches that value. For other voltage values, different Zener diodes should be used. 


Brightness and the exact moment of illuminating the LED can be set with the value of Rx. 

To modify this circuit so that 1t signals when a voltage drops below some predefined level, the 
Zener diode and Rx are swapped. For example, by using a 12V Zener diode, we can make a car 
battery level indicator. So, when the voltage drops below 12V, the battery is ready for recharge. 
Figure 5.3e shows a noise-producing circuit, which produces a rain-like sound. DC current 
flowing through diode AA121 1sn't absolutely constant and this creates the noise which is 
amplified by the transistor (any NPN transistor) and passed to a filter (resistor-capacitor circuit 
with values 33nF and 100k). 


Figure 5.3f shows a battery back-up circuit. When the "supply" fails, the battery takes over. 
6. Thyristors, triacs, diacs 


There are several thyristors displayed on 6.1. Triacs look the same, while diacs look like small 
power rectifying diodes. Their symbols, and pin-out is found in figure 6.2. 


fi Maa ONE ade cee la odios ESA 

Fig. 6.1: Several thyristors and triac 
A thyristor is an improved diode. Besides anode (A) and cathode (k) it has another lead which is 
commonly described as a gate (G), as found on picture 6.2a. The same way a diode does, a 
thyristor conducts current when the anode is positive compared to the cathode, but only if the 
voltage on the gate 1s positive and sufficient current 1s flowing into the gate to turn on the device. 
When a thyristor starts conducting current into the gate is of no importance and thyristor can 
only be switched off by removing the current between anode and cathode. For example, see 
figure 6.3. If S1 is closed, the thyristor will not conduct, and the globe will not light. If S2 is 
closed for a very short time, the globe will illuminate. To turn off the globe, S1 must be opened. 
Thyristors are marked in some circuits as SCR, which 1s an acronym for Silicon Controlled 
Rectifier. 
A triac is very similar to a thyristor, with the difference that it can conduct in both directions. It 
has three electrodes, called anode 1 (A1), anode 2 (A2), and gate (G). It is used for regulation of 
alternating current circuits. Devices such as hand drills or globes can be controlled with a triac. 


Thyristors and triacs are marked alphanumerically, KT430, for example. 

Low power thyristors and triacs are packed in same housings as transistors, but high power 
devices have a completely different housing. These are shown in figure 6.1. Pin-outs of some 
common thyristors and triacs are shown in 6.2 a and b. 

Diacs (6.2c), or two-way diodes as they are often referred to, are used together with thyristors 
and triacs. Their main property is that their resistance is very large until voltage on their ends 
exceeds some predefined value. When the voltage is under this value, a diac responds as a large 
value resistor, and when voltage rises it acts as a low value resistor. 


Fig. 6.3: Thyristor principle of work 


6.1 Practical examples 


Picture 6.5 detects when light 1s present in a room. With no light, the photo-transistor does not 
conduct. When light is present, the photo-transistor conducts and the bell is activated. Turning 
off the light will not stop the alarm. The alarm 1s turned off via S1. 


Photo 
transistor 


Fig. 6.5: Alarm device using a thyristor and a photo-transistor 


A circuit to flash a globe is shown in figure 6.6 This circuit flashes a 40w globe several times 
per second. Mains voltage is regulated using the 1N4004 diode. The 220u capacitor charges and 
its voltage rises. When this voltage reaches the design-voltage of the the diac (20v), the capacitor 
discharges through the diac and into the triac. This switches the triac on and lights the bulb for a 
very short period of time, after a period of time (set by the 100k pot), the capacitor 1s charged 
again, and the whole cycle repeats. The 1k trim pot sets the current level which 1s needed to 
trigger the triac. 


Caution! 
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Fig. 6.6: Flasher 


A circuit to control the brightness of a globe or the speed of a motor is shown in figure 6.7 
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Fig. 6.7: Light bulb intensity or motor speed controller 


If the main use for this circuit is to control the brightness of a light bulb, RS and CS are not 
necessary. 


7. Integrated circuits 


Integrated Circuits play a very important part in electronics. Most are specially made for a 
specific task and contain up to thousands of transistors, diodes and resistors. Special purposes 
IC's such as audio-amplifiers, FM radios, logic blocks, regulators and even a whole micro 
computers in the form of a micro controller can be fitted inside a tiny package. Some of the 
simple Integrated Circuits are shown in figure 7.1. 


Fig. 7.1: Integrated circuits 


Depending on the way they are manufactured, integrated circuits can be divided into two groups: 
hybrid and monolithic. Hybrid circuits have been around longer. If a transistor is opened, the 
crystal inside is very small. This means a transistor doesn't take up very much space and many of 
them can be fitted into a single Integrated Circuit. 

The pin-out for some of the common packages 1s shown in Figure 7.2: 
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Fig. 7.2: Pin-out and symbols for some common integrated circuits 


Most integrated Circuits are in a DIL package - Dual In Line, meaning there are two rows of 
pins. (DIL16 and DIL8 are shown in 7.2b and 7.2c). The device is viewed from the top and the 
pins are numbered in an anti-clockwise direction. 

High power integrated circuits can generate a lot of heat and they have a metal tag that can be 
connected to a heatsink to dissipate the heat. Examples of these IC's are shown in 7.2d and 7.2e, 
and 7.2f. 

Symbols used to represent integrated circuits are shown in 7.2g and 7.21. Symbol 7.2g is 
commonly used to represent amplifiers. 


Figure 7.21 shows an operational amplifier. Signs + and - represent inverting and non-inverting 
inputs. The signal to be amplified is applied between one of the inputs and ground (ground and 
supply aren't represented, but are necessary for the circuit to operate). 

Integrated circuits can be divided into two further groups: analog (linear) and digital. The 
output voltage of a linear circuits 1s continuous, and follows changes in the input. Typical 
representative of a linear IC is an integrated audio amplifier. When a signal from a microphone 1s 
connected to the input the output will vary in the same way as the voltage from the microphone. 
If watched on an oscilloscope, the signal on the output will be the same shape as the mic's signal, 


only the voltage will be higher depending on the amplification of the integrated circuit. 
It is a different situation with digital IC's. Their output voltage is not continuous. It is either 
LOW or HIGH and it changes from one state to the other very quickly. 


7.1 Analog integrated circuits 


While on the topic of analog circuits, we will look at the LM386 IC. It has all the components for 
a complete audio-amplifier. Figure 7.3a shows an example of an amplifier made with this 
integrated circuit, which can be used as a complete amplifier for a walkman, interphone, cassette 
player or some other audio device. It can also be used as a test circuit for troubleshooting. 


The digits have moved one place to the left, as their place values 
are 10 times bigger but, when the result is written down without 
the column headings as 32.69 x 10 = 326.9, it looks as if the 
decimal point has moved one place to the right. 


Using one of these rules, you can write down the result of multiplying 
a number by 10 without working. For example, 5.732 x 10 = 57.32. 
Your answer may be a whole number. For example, 38.7 x 10 = 387. 


Multiplication of a decimal by 100 may be approached in a similar 
way. For example, 4.173 x 100 = 417.3. 
Insight 

You may have learnt the rule ‘to multiply by 10, add zero”, but 

this rule works with whole numbers and not with decimals. 

For example, 0.5 x 10 = 5 not 0.50. Moving the digits one 

place to the left works for both whole numbers and decimals. 
The multiplication of two decimal numbers may be introduced by 
converting them both to fractions. For example, to work out 0.3 x 0.7, 
write it as + x. Using the method you met in Section 3.7, the 
result is 24 which as a decimal is 0.21; that is, 0.3 x 0.7 = 0.21. 
Notice that 3 x 7 = 21. Notice also that 0.3 and 0.7 each have 
one decimal place and that 0.21 has two decimal places; that is, 
the number of decimal places in the answer is the same as the 
total number of decimal places in the question. This approach 
enables you to write down the answers to similar products, such as 
0.6 x 0.5 = 0.30, which may be written as 0.3, and 0.3 x 0.2 = 0.06 
(not 0.6). 


: Example 5.6.1 


- Write down the answer to 
(a)0.6x 0.9 (b)0.5x0.8  (c) 0.3 x 0.3 


(a) 0.6x 0.9=0.54 (b) 0.5 x 0.8=0.40 (or 0.4) 
(c) 0.3 x 0.3 = 0.09 
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Fig. 7.3: a - A low frequency amplifier using the LM386 


The signal 1s brought to the non-inverting input (between pin 3 and ground). Inverting input (pin 
2) is connected to ground. If 10uF is placed between pins 1 and 8 a voltage amplification of 200 
is created. If this capacitor is removed the amplification is 20. It is possible to achieve in- 
between amplification by adding a resistor and connecting it in series with the capacitor. 


One of the essential components in this circuit is the 100nF capacitor which is placed between 
pin 6 (which is connected to the positive of the supply) and ground. The capacitor should be 
ceramic and should be mounted as close to the integrated circuit as possible. This 1s common 
practice when working with integrated circuits, even when it isn't shown in the diagram as a 
capacitor connected between the positive and negative stabilizes the voltage and protects the 
circuit from spikes and a phenomenon called instability. This is due to inductance in the power 
supply tracks allowing high currents taken by the IC to upset its operation. 


7.2 Digital integrated circuits 


The CD4011 will be our "show-and-tell" IC to cover the main characteristics of digital circuits. It 
is a 14 pin DIL package. The pin-out is shown in figure 7.4a. Note the small half-round slit on 
one end of the IC. It identifies pin 1. Pins 7 and 14 connect to a supply (battery or DC power 
supply). Negative is connected to pin 7. Positive is connected to pin 14. 

There are four logic NAND gates in a CD4011 IC. Each has two inputs and one output. For gate 
N1 the inputs are pins | and 2, and output is pin 3. The symbol for a NAND gate 1s displayed in 
figure 7.4b. The inputs are marked A and B and output is F. The supply voltage can be up to 16v 
and as low as 5V. The output will deliver up to 10mA at 12v but this is reduced as the supply 
voltage is reduced. 


Figure 7.4b shows the truth table fora NAND gate. It shows the output voltage (voltage between 
F and ground) with different input states. Because there are only two voltages for every pin, we 
call them states, with logic zero when the voltage is zero, and logic one when the voltage on the 
pin is the same as the supply voltage. 

From this we can read the second row of the truth table: if logic zero is on both input pins, output 
is logic one, third row is similar: if the first input is one, and the second one is zero, output is 
logic one, fourth row: if the first input is zero, and the second one is one, output is logic one. 
Fifth row is different, since both of its inputs are one, the definition of NAND gate states that the 
output is zero. 


Ground 


Fig. 7.4: a - 4011 pin placements, b - symbol and the truth table for NAND gates, 


Logic circuits have many applications, but their main use is in computer circuits. 

The following circuit is a simple example to show how the gates can be connected to produce a 
project that turns on a globe when a finger is placed on a "touch pad." 

The globe turns off after a period of time, determined by the value of the 470u and 2M2 resistor. 
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The operation of a NAND gate 


Lets look at the functionalities of the following circuit. Both inputs of NII are connected to each 
other, so when input P is HIGH, output is zero. This logic zero is passed on to NI2, so no matter 
what is on the input 6, output 4 is logic one. This means that, between the ground and pin 4, the 

voltage is equal to 12V. 


Sensor 


Fig. 7.5: Sensor switch using a 4011 


Current flows through capacitor C and resistor R, so capacitor begins to charge. Every uncharged 
capacitor behaves like a short circuit. Because of that, when 12V appears on pin 4, it is also 
present on resistor R and also on pins 8 and 9. Pin 10 shows logic zero because of this which is 
connected to pin 6. From now on, logic zero on pin 5 is no longer needed because only one input 
needs to be zero for the output to be logic one. So input P is no longer needed. Gates NI2 and 
NI3 maintain logic zero on pin 4. How long will this last? It depends on the value of the 
capacitor and resistor. As the capacitor charges, the voltage on the resistor drops and when it 
falls to 1/2 of the supply voltage (6V in our case), NI3 detects a low on its inputs so logic one 
appears on pin 10. Since logic one 1s now on input 5 (no logic one present on P), and on input 6, 
output 4 is zero, capacitor dumps its charge via diodes on the inputs on pins 8 and 9 and the 
circuit starts operating again. 


As we saw, for a certain period of time, which is equal to T=0.7*RC output of pin 10 was logic 
zero. During that time output E (pin 11) 1s logic one. For example, 1f R = 2M2 and C=47uF, for 
time T = 2.2*10°6*47*10*-6 = 94 sec from the moment impulse on input P subsided, voltage on 


output E is 12V. 

The end result of our experiment is on diagram 7.5a. Short positive pulses appearing on P in the 
time tl caused a longer variable ulse on output E. 

Schematic 7.5b displays this circuit which allows us to light a bulb using four NAND gates 
interconnected in the way shown on picture 7.5a. 

The sensor 1s two copper (or some other conducting material) plates glued to some non- 
conducting material (plastics, wood, etc.) in close proximity to each other. So, when we touch 
the sensor with the tip of our finger, we close the circuit. 12V appears on input P, which in turn 
conducts the voltage to the output E, resistor R = 22k conducts base current and the bulb lights. 
When we remove our finger, output E will last for 94 seconds, after which it goes to logic zero 
and the light goes out. 

Transistor T 1s selected so that 1ts maximum allowed collector current 1s higher than the current 
of the globe. 

(The globes current flow value is found by dividing its power by its voltage. For example, if its 
power is P = 6W and voltage is U = 12V, current through the globe is I = P/U = 6W/12V =0.5A 
or higher. One thing you must remember with a globe is the starting or "turn-on" current. It is 
about six times the operating current and the transistor must be able to pass this current for the 
globe to illuminate. 


7.3 Practical examples 


Diagram 7.6 shows a circuit for a stereo audio-amp using a TDA4935 IC. It is a modern 
integrated circuit with two separate pre-amps and stereo outputs. 

Left and right input signals are marked UL and UD, which are brought to two inputs of the 
amplifier. The chip also has built-in heat and overload protection. Maximum output for each 
amplifier is 15W, so they can be used in stereo mode of 2x15W amplifiers. 
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Fig. 7.6: Stereo audio-amplifier using the TDA4935 


Another example is an audio amplifier using an LM386 circuit, with a preamp using a BC107 
transistor. The series connected capacitor and resistor between pins | and 5 produces low 
frequency amplification (around 100Hz) improving the characteristics of the circuit. This 
amplifier could be used with any low frequency source (gramophone, microphone, etc.). 


Fig. 7.7: complete audio-amplifier using the LM386 


The third example is a simple alarm, shown in figure 7.8. It uses a CD4011 IC. Gates NI3 and 
NI4 form a 600Hz audio oscillator. This signal is amplified using an NPN transistor and passed 
to an 8R speaker. To hear the 600Hz tone, remove the connection to pin 8 and connect pin 8 to 
pin 9. This produces a constant tone. Gates NI] and NI2 form a 4Hz oscillator, whose output is 
connected to pin 8. This turns the 600Hz tone on and off at 4Hz. To use this alarm in your home, 
on doors for example, connected pin 1 to 7 via a switch. 


To pin 14 


Fig. 7.8: Alarm using a CD4011 IC 


The last circuit in this chapter 1s an example of a mono FM receiver using a TDA7088T IC, 
which can be, along with the SMD components, housed in a match-box along with two miniature 
watch batteries. You can purchase a ready-built scanning radio in a "junk shop" for as little as 


4 5V-12¥ 


$5.00 with stereo head-phones Always look in the toy sections of large stores for the latest 
technology at the cheapest price. 
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Fig. 7.9: Mono FM radio receiver with an electronic preset 


Tuning to a low frequency station is done automatically by pressing the RUN button. This turns 
on the part of the integrated circuit which is designated for scanning over a given range. When it 
finds a station it locks on until the RUN button is pressed again. When it reaches 108MHz it 
waits for the RESET signal which returns the scan to 88 MHz. 


8. Microphones, speakers and headphones 


Microphones, speakers and headphones are components commonly used as the input and output 
devices of many circuits. A microphone converts sound waves into electrical signals that closely 
follow the waveform of the sound being received. This signal is then amplified by the circuit and 
transformed into a sound by a speaker or headphone. The symbols for these components are 
shown on 8.1. 


dJ. Symbols: a - microphone, D - speaker, €, d - headphones 


8.1 Microphones 


There are several different types of microphone: carbon, dynamic, crystal, capacitive (electret). 
Carbon microphones were one of the first to be invented and were used mainly in telephone 
applications. But they are very noisy as the carbon granules rattle when the microphone 1s moved 
and this type is being replaced by more advanced types. 


Membrane Dynamic microphones are in wide use and 


Coil Sound their quality of reproduction is superb. 
connectors 


| | | They are used in the recording industry for 
“— Coil y music and speech where high fidelity 1s 
Elastic Membrane required. Basically they are exactly the 


Gap connection , 
i same as a speaker, the only difference 


a q being the size. But their only limitation 1s 


~ t o onto which fine copper wire is wound, is 


t connected to a membrane which moves 
Neg iinit” el | <== under the force of sound pressure created 
o Magnet by the sound source. This coil is in a 

a. h narrow gap with a high magnetic field 
created by a permanent magnet. When the 
coil moves in this magnetic field, it 
produces a voltage identical to the sound 


is shown in figure 8.2. A paper cylinder, 


58.2. Dynamic microphone: a - internal structure, 
D - cross section 


causing the movement. 


Because of the low resistance (impedance) of a dynamic microphone, it usually needs a 
transformer so it can be connected to an amplifier (called a pre-amp). This transformer is usually 
built into the microphone's case, but if is absent, it is necessary to connect the microphone to a 
preamplifier with low input resistance. 


Crystal microphones contain a crystal called a "piezo crystal" that 1s connected to a small 
diaphragm. When sound waves hit the diaphragm, the crystal changes shape and it produces a 
voltage. This voltage is passed to an amplifier. 


Recently, electret microphones have improved in quality and taken over from nearly all other 
types of microphone. They are small, rugged, low in price and produce a very high quality 
output. 

The shape, size and characteristics are shown in 8.3. 

The microphone contains a Field Effect Transistor, which means it needs a DC voltage for it to 
operate. Figure 8.3d shows how an electret mic is connected to a circuit. It needs a "load resistor" 
to limit the current to the FET and the output is taken across this resistor. That's the technical 
way of saying the output is taken from the point where the resistor meets the FET. 


To work out a more difficult product, such as 0.4 x 0.27, you 
could convert each decimal to a fraction and multiply them: 

a x áZ = 15, Which is 0.108 as a decimal, so 0.4 x 0.27 = 0.108. 
There is a better method: 4 x 27 = 108. Also, 0.4 has one decimal 
place, 0.27 has two decimal places and 0.108 has three decimal 
places. So, again, the number of decimal places in the answer is the 
same as the total number of decimal places in the question. 


This suggests a general method for multiplication involving 
decimals. 


Step 1 Ignore the decimals and multiply the numbers together. 

Step 2 Find the total number of decimal places in the numbers 
you are multiplying. 

Step 3 The answer must have the same number of decimal places. 


Here the steps are used to calculate 0.07 x 0.008. 


Step 1 The calculation is 7 x 8 = 56. 

Step 2 0.07 has 2 decimal places and 0.008 has 3 decimal places, 
so the answer must have 2 + 3 = 5 decimal places. 

Step 3 The answer has five decimal places, therefore 


0.07 x 0.008 = 0.00056. 


: Example 5.6.2 
} Write the answers to (a) 0.02 x 0.04 (b) 0.05 x 0.8 
(a) 0.02 x 0.04 = 0.0008 (b) 0.05 x 0.8 = 0.040 or 0.04 


If one of the numbers you want to multiply is a whole number, you 
must remember that a whole number has no decimal places. 


If the calculations are any more complicated than those given so 
far, you are advised to use a calculator. 
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8.3. Electret microphone: a - picture and schematic symbol, b - size and connectors, € - frequency characteristics, 
d - connection 


8.2 Speakers 


Speakers vary enormously in size and shape. They can be designed as crystal or capacitive, but 
most often they are dynamic (called electro- dynamic construction). 


The cross-section of H 
an electro-dynamic | 
speaker 1s shown in 
8.4. Ferrite rings (2, 
3 and 4) are added to 
a large permanent 
magnet (1) which 
creates a strong 
magnetic field in the 
narrow gap between 
magnets North and 
South poles. A 
Cylindrical former is 
added to the gap and 
it holds coil (5). The 
ends of the coil are 
taken to the outside a. b. 
of the speaker. 


The two most important characteristics of a speaker are its resistance (we actually call the 
resistance of a speaker IMPEDANCE as the value is determined at a frequency of 1kHz and the 
value is higher than its actual resistance) and its wattage. Common impedances are 4, 8 and 16 


ohm, but there are also 1.5, 40 and 80 ohm speakers. Speaker wattages range from a fraction of a 
watt to hundreds of watts. 


When choosing a speaker, 1t 1s advisable to choose the largest speaker possible as they are more 
efficient and produce the least distortion especially in the low frequency range. Speakers should 
be housed in a large box since 1t functions as a resonating chamber and this greatly adds to the 
overall quality of the sound. 


8.3 Headphones 


Membrane Gail 


There are several types of headphone: crystal and 
electromagnetic. The electromagnetic type 1s the most 
commonly used. They functioning in the same way as speakers, 
with obvious differences in construction, since they are 

Permanent Pole Compúnente | intended for much lower power. Their main characteristic is 
Beene, MEAR A their resistance (impedance), from a few ohms to a few 


F 
= E thousand ohms. 
6.5 Elektromagnetic headphone: 


The cross section of an electromagnetic headphone is shown in 
8.5. It consists of a horseshoe magnet with poles that hold two coils. These are connected in 
series. The diaphragm is a thin steel plate. When current flows through the coils, the diaphragm 
is pulled towards the coils. This moves the air and the result is heard as a faithful reproduction. 


8.4 Examples 


The schematic of a very simple 
FM radio-transmitter is shown in p4 l 
figure 8.6. It uses an electret ak? 


2~ 22p 


microphone and transmits on a 
frequency between 88MHz and 
108MHz. 

The transistor, coil L, trimmer 
capacitor Ct, capacitor C3 and 
resistors R2, R3 and R4 creates 
an oscillator with a frequency 
determined by: 
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In this equation Ccp represents n 
the capacitance between the 
collector and the base. The value 
of this capacitance depends on 
the voltage on the base. The 
higher the voltage, the lower the 
capacitance and vice versa. The 
voltage on the base is constant 
while there is no sound, which 
means the frequency of the 
oscillator is constant. When the 
microphone picks up a sound, it 
is passed to the base of the 
transistor via C1. This causes the bD, 
frequency of the oscillator to 


change and that's why the circuit a s 
is called FREQUENCY CoilL - 6 turns copper wire 1mm dia 
MODULATED (FM). 

To transmit on a frequency away Drill bit i 

from any other radio station, a \ 


trim cap is included. The Aa ||) ee 
transmitter has a range up to 200 dad lo: 1. 
metres, depending on the length 
of the antenna and where it is 
placed. Ideally, the antenna 
should be vertical and as high as 
possible. 

The antenna can be as long as 3 A / 
metres but 180cm will work 
very well. 


E. 


Sf. 8.6. Simple FM radio transmitter: 
a - schematic, b - components, c -making the coil 


Coil L is made by winding 6 turns of Imm enameled wire on a 6mm dia drill bit. This coil can be 
stretched of squashed to adjust the operating frequency of the circuit and the trimmer will fine 
tune the frequency. 


High Fidelity (or Hi-Fi) sound reproduction is the main purpose for using good-quality speakers. 
They are used in radios, TV's, cassette players, CD players, etc. The speakers are housed in 
speaker boxes and use at least two speakers. This 1s because no individual speaker is capable of 
reproducing the full range of frequencies. A speaker with a large cone is called a "Woofer" and 
will reproduce the low frequencies. A speaker with a small cone 1s called a "tweeter" and will 
reproduce the high frequencies. Together, they will reproduce the full range of between 30Hz 
and 15kHz. 

The difficulty is now to detect the low or high frequency and divert the correct frequency to the 
particular speaker. This 1s the job of a cross-over network. In the figure 8.7 an inductor L1 passes 
the low frequencies to speaker Z1 and capacitor C1 passes the high frequencies to speaker 

Z2. Z1 reproduces frequencies from 30Hz to 800Hz and Z2 reproduces sounds with frequencies 
from 800Hz to 15kHz. 


L1 - 150 turn41,2 mm 


E z2 
oS L2-90 turn 41,2 mm 
ER Z1=40/20W 
EE 22=40/2W 
a Ci=10U 00V, 
bipolar 
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Headphones are most commonly 
used with portable devices, such 
as radio recelvers, cassette 
players, CD walkmans, mp3 
players, etc. Headphones produce 
a very high quality reproduction. 
All modern devices have an 
audio-amplifier. It usually 
employs an integrated circuit and 
most of these are designed for 32 
ohm headphones. There are also 8 
ohm and 16 ohm headphones. 


1 5vThe schematic of a AM portable 


radio is shown in figure 8.8. It's 
built around the ZN416 integrated 
circuit. The output is connected to 
two serially connected 32 ohm 
headphones, with overall 
resistance of 64 ohms. 


It is possible to connect the radio receiver in figure 8.8 to amplifier in figure 7.3 to produce a 


radio with speaker output. 


9. Opto-electronic components 


Optoelectronic components (or as often referred to photo-electronic components), are electronic 
components which produce light or react to 1t. Some components among them are LEDs (Light 


Emitting Diodes), photo transistors, photo diodes, photo resistors (or LDR — Light Dependant 
Resistors), different visual indicators, light emitters and detectors, optocouplers, etc. Many of 
those components can be recognized easily recognized because of the “window” on the 
component's case which is used to pass the light. Sometimes, instead of a window, there is a 
small lens, which directs light to some predestined location inside of the component. Some of the 
most important optoelectronic components are shown on photo 9.1. 
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9.1 Photo-electronic components 


We already mentioned the most frequently used component of them — the LED. Basic role of a 
LED in circuits is a visual indicator of, for example, state of the device (on/off), but is not rare in 
other indicator appliances, voltage stabilizers, etc. There is an abundance of colors, shapes and 
sizes to choose from, but most frequent ones are red, green and yellow. Because of the different 
and more complicated manufacturing process, blue ones cost a bit more than other ones. There 
are square, housed, SMD, angled, ultra bright, multicolored and many other kinds, but they all 
have the same principles of use. 


Another application of LEDs 1s a LED display. 
One display is on 9.2. It is, as shown, 
facilitated out of 8 diodes marked with an 
a,b,c,d,e,f,g and DP (DP being the Decimal 
Point). These devices come in two possible 
flavors — with a common cathode (as this : 
display), or with a common anode. In both 9.2 LED display 

cases it 1s necessary to connect protection 

resistors to to all diodes (which is the same as when working with ordinary LEDs). 

Photo diodes are similar to other, ordinary, diodes internally. One main difference is in that that 
photo diode has an exposed surface to for light to fall onto. These diodes are acting as high value 
resistor while in dark. It's resistance lowers as light gains in intensity. In their behavior they are 
similar to photo resistors, apart from that as with all diodes polarity of the component must be 
appropriately positioned. 
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9.3. Opto-electronic components: a - resistors, b - detecting (receiving) diodes, 
c - emitting (transmitter) diodes, d - transistors 


Emitting diodes are special kind of photo-diodes. One of them is the LED, and some of them 
include infra-red or ultra-violet emitting for different wireless communication purposes. Most 
common area of application of IR-LEDs (Infra Red) are remote controllers for TVs and other 
devices. 

Photo diodes are usually housed in round metallic or square plastic cases with a glass window or 
a lens which focuses the incoming light. 

Photo-transistor's internal parts are similar to internals of a regular transistor. One main 
difference between them is the glass window which allows light to reach the crystal plate which 
holds all transistor's parts. With changes of light intensity, resistance between base and the 
collector varies, and this influences variations of the collector current. In this component light 
has the same role as voltage over base of the regular transistor. When intensity rises, current 
through the transistor rises as well, and other way round, if intensity fades, current fades. 

Photo electronic components are manufactured in an array of different case shapes and sizes. 
Several of them, together with their schematics symbols are displayed on 9.3. 

One special group of photo-electronic components are the optocouplers. These are special 
integrated circuits facilitated out of an IR photo diode, and some component which is sensitive to 
light (photo transistor, photo thyristor). Diode is called an emitter, and “receiving” end is called 
the detector. This means that the only connection between the emitter and detector is through a 
ray of light. This is an important property of optocouplers, since it allows two different parts of 
the circuit which operate on different supply voltages to connect to each other without actually 
conducting electricity, which means that one part could operate on 9V and other on 5V without 
fear of burning the sensitive lower voltage components. 
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SI 9,4. Optocouplers 


There are several optocouplers and their cases on 9.4. 

Photo transistors on 9.4a are connected to other components in the same manner as ordinary 
transistors. Control of current which passes through it is done by light falling onto it. 

Voltage to the diode on 9.4a can be variable in time, but anode must always be positive 
compared to the cathode. In case this component is used in an alternating current circuit, diode 
emits light only during one half of the interval in which anode is positive comparing to cathode. 
It is possible to use circuit on 9.4b in case it is needed for diode to be lit during both periods. 
This circuit demonstrates two diodes in anti-parallel connection, so one of the two is lit during 
each half of the period. 

Picture 9.4c is an optocoupler using a thyristor. Thyristor is connected to other components in 
usual manner, and it starts conducting only upon receiving light impulse created by the diode. 
Transistor on 9.4d is controlled by regulating either the light intensity of the diode or voltage 
over pin 6. Same goes when using a triac on 9.4e, light intensity of the diode or voltage on pin6 
trigger the circuit. 

Dual input NAND gate circuit is used as a detector on the 9.4f, one of those inputs controls the 
voltage on pin 7, and the other is controlling diode's light intensity. Logic zero on pin 6 remains 
only in case pin 7 has a logic one and diode 1s lit, any other case pin 6 has logic one. 


9.1 Examples 


We offer a schematic of a device which detects a certain level of intensity of ambient light, and 
when that level is detected, 1t turns on a device connected to mains grid. Data on 9.5 shows that 
in absence of light resistance of the LDR resistor, NORP12, is R=1MOhm, which makes both 
base voltage and base current very low, so there is practically no current flowing through 
transistor. Since there is no current flowing through the coil of the relay it's other end is in 
switched off position. When light intensity reaches certain point, resistance of the LDR lowers 
(at around 10lx resistance is approximately 9kOhm), voltages and current of the base rise, this 
current flows further through the relay's coil which connects pins | and 3 and this switches on 


the wanted appliance to the mains. 
A Slider of the 5kOhm trimmer resistor sets 
sensitivity of entire circuit. Lower the 
slider's position to lower the light level that 
triggers the appliance on. Greatest 
sensitivity is reached when trimmer 1s 
omitted from the circuit. 
There is a possibility to use a photo-diode 
instead of a LDR (cathode goes up, to + of 
the battery), or a photo-transistor (collector 
ean * | up). 
© =T The device would be turned off when light 
is absent in case we placed 47kOhm regular 
ees resistor instead, and LDR between points A 
| Indark, R=1 Mü and B. 
e a Each relay has a coil which accords to 
a voltage of the battery. In our case that 1s 
a 12V. Resistance of the coil is several 
9.5. Optic relay hundreds of Ohms, and it shouldn't be lower 
than 1200hm. Current rate through the relay should be equal to or greater than needed by the 
device plugged to mains. If, for example, we were looking at an 1kW electric heater, it's current 


is equal to: 


I=P/U=1000W/220V=4,5 A. 


Any TUN transistor whose maximum current rating is higher than current through relay's rate, is 
alright. This value is calculated by dividing battery voltage with relay's coil resistance. 
When we want to employ remote control over some device, it is possible to utilize different 
technologies, but in some cases cable connection or radio wave control aren't the most 
appropriate ones, like the one between the TV and it's remote controller. Some IR emitting and 
receiving photo diodes are used specifically in low range transmitters and receivers. Block 
scheme on 9.6 represents usage of photo diodes between the sound source (hi-fi, radio receiver, 
TV) and headphones, which removes the need 
for long cables. 
Low frequency signal which is to be carried is u, 
marked with uLF. Based on that frequency, IR $ | | 
transmitter modulates the HF voltage, called the a e 

i R transmitter IR racemner 
carrier. This modulated HF voltage is further 96. Radio transmission using the infrared fight 
sent to emitting diode LD271. Variable light 
emitted by this diode varies resistance of the receiving diode, and thus the HF signal created 
using this variations is equal to the modulated signal on the transceivers end. IR receiver 1s 
demodulating this signal, which transforms the received HF signal into the original LF signal 
which is equal to the original sound. This signal is further amplified and brought to headphones. 
Using optical components enables safe interfacing of different devices to your home PC. There is 
a schematic on 9.7 which displays a simple way to interface a random device to the parallel 
(printer) port of the computer. For simplicity we chose to connect small portable radio receiver 


LD YT 


supplied using a 9V battery. 

Receiver, battery and the interface circuit are connected to the parallel port using the male SUB- 
D 25 connector. Program which is to control the circuit is easily developed in any programming 
language. We display a sample program written in Q-Basic, it will turn the receiver in 7am and 
turn it off in 7:30 am. 


REM Wake up program 

10 DO 

20 LOOP UNTIL TIME$="07:00:00" 
30 OUT &H378, 128 

40 SLEEP 900 

50 OUT &H378, 0 

60 STOP 


At 7 o'clock, voltage on pin 9 will turn to +5V, and it will remain that way for the next 
900seconds. 
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9.7. Controlling the radio receiver using a computer 


A bit more modern operating systems than Windows 95 will have different ways of controlling 
the parallel port, and there is an extensive knowledge base on the Internet for programming this 
kind of operation on any operating system. Google is your friend! 

Schematic of another interface circuit on 9.8 enables connection of any device plugged to the 
mains grid to be turned on or off. Control over this device is done in the same fashion as done in 
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1 Work out 
(a) 4.7x 6 (b) 17.8 x 5 (c) 18.37 x 8 (d) 0.403 x 3 
2 Write down the answers to 


(a) 8.21 x 10 (b) 0.6 x 10 (c) 0.47 x 10 

(d) 0.702 x 10 (e) 28.3 x 10 (f) 0.0041 x 10 

(g) 5.218 x 100 (h) 0.83 x 100 (i) 0.4 x 100 

(j) 0.0007 x 100 (k) 46.36 x 1000 (L) 3.9 x 1000 
3 Complete these. 

(a) 0.21 x ...= 21 (b) 6.71 x ... = 67.1 


(c) 7.98 x ... = 7980 
4 Write down the answers to 
(a) 0.9 x 0.7 (b) 0.6 x 0.5 (c) 0.2 x 0.4 
(d) 0.1 x 0.3 (e) 0.07 x 0.3 (f) 0.03 x 0.02 
5 Work out 
(a) 3.7 x 1.4 (b) 0.28 x 0.41 (c) 6.8 x 0.37 
(d) 0.084 x 0.47 (e) 9.3 x 37 (f) 0.049 x 23 
6 1 litre = 1.76 pints. How many pints are there in 6 litres? 
1 gallon = 4.5 litres. How many litres are there in 8 gallons? 
8 1 metre = 100 centimetres. How many centimetres are there in 
8.32 metres? 


`~ 


5.7 Division of decimals 


To divide a decimal by a whole number less than 10, you should, 
as with multiplication, set out your working so that the decimal 
point in the answer is directly below the decimal point in the 
question. 


Then you can do the division as if you 

were dividing one whole number by 5) 13.5 
another. For example, the working for 2.1 
13.5 + 5 1s shown on the right. 


previous program. 

When, according to the program pin 9 is +5V (logic one), diode will conduct electricity. Light 
emitted by it switches the triac inside of the optocoupler on. This current flows through the 
1500hm resistor and creates a voltage drop which ignites the triac, which enables current flow 
from the mains, which powers the device. 

Maximum allowed current of the BT 136 triac is 4A, which means that maximum allowed power 
of the device is 990W. It is worth saying that optocouplers should be used only with resistance 
load devices (light bulbs, heaters...). When connecting inductance load devices like electro 
motors, transformers and such, it is advised to use the relay interfaces. 


sub-D-25 connector 51 
on the back side of the computer, 
female, front look 
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UTIANICA 
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9.8. Interface using an opto-coupler and triac 

10. Other components 

The following table covers almost every circuit symbol you will need. This is the 


English/American version of each symbol. The European version of some symbols 1s slightly 
different and are shown further down the page. 


ALTERNISTOR Main Terminal? 


TRIAL: 
2 TRIAC and Gate 
33 -43y DIAC 


Main Terminal 2 


Antenna . 
Loop, Shielded 
Antenna O 
Loop, Unshielded 
Antenna 
unbalanced 
Attenuator, fixed i 
(see Resistor) E 
Attenuator, variable 
(see Resistor) 
Bilateral Switch 
(DIAC 


Bridge Rectifier | 

(Diode Bridge) 

BUFFER 

(Amplifier Gate) 

BUFFER a 
Amplifier Gate) K 


Capacitor 
feedthrough l- 
Capacitor 
non-polarised 
Capacitor polarised Ey + 
(see electrolytic) 
-Ei 
=f 
~~ 


variable 


Coaxial Cable 


Connectors 
— A. — A 


Plug Jack 
(male) (female) 


Y y 


Plug (female) 


connected 


CRO - Cathode Ray La- 
Oscilloscope 
Crystal Microphone 
(Piezoelectric) El © 


Crystal De 


Piezoelectric 


l collector 
Darlington pase 
Transistor 


Delay Line 


DIAC 
‘Bilateral Switch 


Diode —H— 
Diode - Gunn i- 


Diode - Light Emitting 
(LED 


Diode 4 
Fhoto Sensitive El 
Diode ‘a y 

Photovoltaic a 
Diode Bridge , «dos pe 
(Bridge Rectifier) 
Diode - Fin y 


E 


Diode - Yaractor 


Diode - “ener ry + 
Earpiece 

(earphone, a 
crystal earpiecej 


Electroluminescence | 


a] 
Electret Microphone 
(condenser mich a 


Electrolytic +L 


(Polarised Capacitor 
pj 


El 


alternate symbols: 
(postive on top) 


Ll, i 
T TTT 


Electrolytic - Tanatalurn e] 
positive end pe 
PA SS } T 


black band or iN y 
chamfer” ay_ -t 
“01 0u tantalum 


ExclusIive-R Gate 
XOR Gate) > 


Excluslye-QR Gate 
MOR Gate) 


Ferrite Bead — “4H 


Field Effect Drain 

Transistor Gate 

(FET) n-channel Source 
also: N-Channel JFET 


Fleld Effect Drain 

Transistor Gate 

(FET) p-channel SOURCE 
also: P-Channel J FET 


Flashing LED a 
(Light Emitting Diode) 
(Indicates chip inside LED) a 


Fuse E eee 


Calvanoameter {GHT 
Globe O 


Ground pe A 


Chassis Ey 
Ground Aa 
Earth = 
Headphone == 


ew CTO 
IL 
Integrated Circuit + 
A power 
T 


Inductor eee 
Air Core 


Inductor 


lron Core 
or 
ferrite core —— 


Inductor erp 


Tapped 


Inductor eon | 


variable 


integrated 
Circuit 


Inverter 
(NOT Gate) 


Í INVERTER 7, | 
(MOT Gate) Ñ 
Jack i 
Co-axial = 


YL 


Jack Phone E 


Lamp 
Incandescent 


Lamp - Neon 


LASCR (Light Activated ya, | 
Silicon Controlled Rectifier) Fa 


LASER diode * 


My 


laser diode 


photo diode 
Í LDR ion =| 
eee, D 
Light Emitting D | 
(LED) we 


Light Emitting Diode 
(LED - flashing) E 


(Indicates chip inside LED) a 


Mercury Switch [| y == 
i 
E 
e, TOR 
a 
e 
Motor 
NAND Gate 7 pe 
NAND Gate 


Mitingl wire — DO 


"Muscle wire" 


Negative Voltage — a- 
Connection 


NOR Gate 


NOR Gate 
NOT Gate 


Ds 

ssl 
Inverter > 
we 
ahm meter {Q} 


Operational Amplifier 
(Op Arrp) 


Ciptocoupler , ` 

¡Transistor output PK) 
Opto Coupler a C 
(Opto-isolator i = 


Fhoto-transistor output 


Ciptocoupler 


(Darlington output 


Opto Coupler 
(Opto-isolator ra 


E 
TRIAC output 


OR Gate 
Oscilloscope o A 
see CRO 


| Qutlet an 
(Power Outlet 10) ee 


Plezo Diaphragm 
Photo Cell = eS) 
(photo sensitive resistor) 


E 


Photo Darlington  * 
Transistor 


El 
= 7 i 
Photo Diode 3 4 
El 
Photo FET = *# Drain 
Gate 
(Field Effect Transistor) SDUrce 


Photo Transistor O 
a Ma 


Photovoltaic Cell EE 
(Solar Cell El 


Fiezo Tweeter y 
(Piezo Speaker 
Positive Voltage a 
Connection 
Potentiometer = i E 
(variable resistor) 


Rectifier DE 
semiconductor 


Rectifier eF 
Silicon controlled rate. 


(SCR) Mea 
Reed Switch a 
Relay - spst El 


Relay - spot El 


Relay - dpst i 


=I 
M 


Relay - dpdt =a Al 


Res| star | 
Fixed 


Resistor } 5 
preset 


os 
J Resonator Y 


3-pin 


RFC | 
Radio Frequency Choke 
Rheostat i 
MI Resistor 
Saturable Reactor == 
Schmitt Trigger = 
(Inverter Gate) 
-= , | 
Schottky Diode 2 * 
falso Shottky) 


Low forward voltage 0.3% 
Fast switching 


also called Schottky Barrier Diode 


Shielding  --=-==- 


Shockley Diode  —Ak— 


4-layver PNPM device 
Remains off until forward current 
reaches the forward break-over voltage. 


Signal Generator Lo 


Silicon Bilateral Switch (563) 


Ts Terminal 
on e. BS0SD 


Ty Terminal gS Ty 


Silicon Controlled a 


Rectifier scr) Gate 
Cathode 


silicon Unilateral Switch (SUS) 


Anode 
ate $ 


Cathoderk) G 


Solar Cell E nth 


Speaker on =| 


surface Mount c 
b 
e 
C 
b 
e 
=a 
l LED 
ñ no connection 


Switch - ‘nee 
tilt switch a 


Switch- spst + 


To divide decimals by 10 or 100 or 1000 you can use simple rules 
which are the opposite of the ones you used for multiplication by 
these numbers. The diagram below illustrates 574.6 + 10. 


Hundreds Tens Units o tenths hundredths 


~nn 


The digits have moved one place to the right, as their place values 
are one tenth of what they were, but when the result is written 
down without the column headings as 574.6 + 10 = 57.46 it looks 
as if the decimal point has moved one place to the left. 


Using one of these rules, you should be able to write down the result 
of dividing a decimal by 10 without any working. For example, 
34.19 + 10 = 3.419. You may need to write zeros to show that 
columns are empty. For example, 0.93 + 10 = 0.093. 


To divide a decimal by 100 you move the decimal point two places 
to the left, and to divide a decimal by 1000 you move the decimal 
point three places to the left. 


To divide by a decimal, write the division as a fraction, as the line 
in a fraction may be thought of as a division sign. (See Section 
3.5.) Then, by multiplying by 10 or 100 or 1000, convert it to an 
equivalent fraction with a whole number for the denominator, 

as you already know how to divide by a whole number. The 
numerator does not have to be a whole number. 

For example, to divide 0.12 by 0.3, write it as a fraction $5 . 
Then multiply both the numerator and denominator by 10 and 
obtain 42 , which you can evaluate to get the answer 0.4. 


If the calculations are any more complicated than those given so 
far, you are advised to use a calculator. 


5. Decimals 
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Switch - spat + 


Switch - dpst E 
Switch - dpat t 


Switch- process activated 
normal open: normally closed: 


TO Fl cr PE 


$—— 

Ss Level A 
$—— 

TE Pressure 


$—— 
l Temperature 


Switch- push pm a 
(Push Button 


Switch- push off all | 
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Switch- Rotary o 0-0 
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Thermal Probe AE 
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Thyristors; Main Terminal 
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Touch Sensor <|> 


Transformer E y 
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Transformer = E 
lron Core 


Transformer a Alo 
(Tapped PrimarvSech 


l collector 
Transistor 
Bipolar - NPN hase 
emitter 
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Transistor hee 
Bipolar - PHP 
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Transistor Drain 

n-channel Gate 

Field Effect Source 

Transistor Drain 

n-channel Gate 

Field Effect Source 
Transistor Metal Oxide La 
Single Gate 


Transistor Metal Oxide tier 
Dual Gate 
. k 
Transistor w 
Fhotosensitive E 
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Transistor 
Schottky - NPM hase 
emitter 


Transistor Emitter ease 
Unijunction - WIT Y Bss) 
Unijunction Transistor (UIT) M-type 


Transistor Emitter siii 
Uniuncior - WIT Baze? 
Unijunction Transistor (JIT) P-type 


Main Terminal! 
Anode 


TRIAC & “y 
MT Cathode 


Tunnel Diode bt 
Unijunction Emitter Base 2 
Transistor- WIT Dase 1 


L 
VWaractor 2 + 
varactor diode 


Voltage a | 7805 
Regulator ¿ie a 

= common 
(7805 etc) gage SS | 
Voltmeter {VV} 
Wattmeter {Ww} {P} 
Wires —— 
Mires | 
Connected 
Mires 


= | A 
Mot Connected | 


- XOR Gate 


(exclusive OR} 


| XOR (sate {= 


isa OR) 


fener Diode p~ + E 
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neon WDR 


lamp resistor 


NOTES 


Here are a few notes on the symbols above. 


f. g, h | È 
quartz ammeter AC switch 
crystal or voltage 

voltmeter 

10.1. 


4 position 
switch 


Fuses (10.1a) have single role in a circuit - to detect excess current and protect the device. In 
most cases the excess current flows when a higher voltage 1s present but a fuse cannot detect the 
voltage - 1t can only detect when a higher current flows. The higher voltage causes the higher 
current to flow and this triggers the action of "blowing the fuse." Of course, when a component 
fails, a higher current can flow and this will also "blow the fuse." 

Fuses come in all sizes and ratings (current flow) and it 1s important to know that the size of the 
wire inside a fuse does not necessarily indicate the current rating. 

The wire inside can be made from copper and plated to protect 1t from oxidizing or 1t can be a 
low temperature material that needs to be a larger diameter. 

The wire can also be wound in a spiral and formed into a spring. The end of the spring sits in a 
dob of solder and when the spring heats up, the solder melts and the spring separates from the 
other end. 

This 1s called a DELAY FUSE. 

Other forms of delay fuse consist of a wire joined at the centre by a dob of solder and others are 
made of low-temperature-melting material. 

Some pieces of equipment use expensive fuses and whenever a fuse is damaged, you must decide 
if the problem is a major or minor fault. 

Sometimes a fuse can go open-circuit for no apparent reason. It can "wear-out." 

For instance, some equipment takes a very high current when it 1s turned on and you will see the 
fuse heat up and stretch and dip in the middle. This causes strain on the fuse and eventually the 
wire oxidizes to a point where it finally "burns out." 

The equipment is not faulty and it is just a matter of replacing the fuse. 

Sometimes the fuse completely explodes and the glass is thrown all over the chassis. This 
indicates a short-circuit in the power supply and most often one or more of the diodes must be 
replaced. 

The fuse can also go off with a "bang" and the inside of the glass is coated with "silver." This 
also indicates a diode is damaged in the power supply. Generally 2 or 4 diodes are damaged. 

If the fuse is damaged beyond recognition, you will not know if it is a delay fuse or a normal 
fuse. 

The current-rating on the end-cap can sometimes help you. 

For instance, if a fuse is rated at 4A, you will need to replace it with a 4 amp normal fuse or 3.15 
amp slow-blow. 

When fuses are rating at 100mA to 250mA, they are very delicate and will not accept the 
slightest overload. 

When replacing this type of fuse, it is necessary to determine if the equipment is drawing a heavy 
current when turning on or if a fault exists in the power supply. Sometimes the switch can cause 
the problem if it is not making contact fast enough. 

Replace the fuse and watch it as someone else turns on the equipment. If the fuse burns out 
immediately, a short exists. If the fuse glows red and burns out, the equipment is drawing too 
much current during turn-on. This may be due to devices you have added to the equipment or 
operation on a slightly higher voltage. You can try a fuse with a slightly higher rating to see if 
the fault is fixed. 

Never replace a 100mA fuse with a 1 amp fuse. The | amp fuse will never "blow" and if the 
transformer is being overloaded, the transformer will simply "cook." 


Lamps (10.1b) Ordinary electric light globes heat a coil of tungsten wire inside a glass bulb that 


has an inert gas such as argon. The resistance of the filament depends on the temperature it is 
heated to. It can be ten to twenty times higher than when it is cold. 

A neon lamp (10.1c) contains a gas (such as neon) and this gas gives off a glow when a high 
voltage 1s applied to two plates. This glow occurs at about 70v to 90v and a resistor must be used 
in series to prevent the voltage rising higher than required by the lamp. To put this more 
accurately, the resistance of the neon lamp reduces when it "strikes" and a high current will flow. 
To limit this current a "current limit" resistor 1s needed. 


VDR (10.1d) The resistance of a VDR depends on the voltage across it. A VDR 1s also called a 
VARISTOR. Its resistance 1s high until a critical value of voltage and the resistance suddenly 
drops. They are used as voltage protection devices. If they, for example, see a voltage higher 
than 220V, their resistance decreases and this “soaks” the excess voltage. Their response time is 
only a few 10's of nanoseconds. 


The symbol for a single DC cell is shown in 10.1e. 

A Quartz crystal is shown in 10.1f. It is a thin sheet of quarts material between two metal plates 
and packaged in a metal case. Quartz crystals are commonly used as the reference for an 
oscillator circuit, such as a clock source in microprocessor designs. 

An instrument for measuring current (A) and voltage (V) is shown in 10.1g. This symbol dates 
from the time when analog instruments with a needle were used. The symbol remains the same, 
although digital instruments have replaced analog devices. 

AC voltage symbol is shown in 10.1h. The shape of the wave is shown in the symbol. It can be 
sine-wave or saw-tooth or square-wave. 

The simplest form of switch device is displayed in 10.11. Because of the wide range of switches, 
there are many different types in use. For example, a two pole switch (10.1j) has two operating 
positions, in one position it connects points 1 and 2, and in the other it connects points 1 and 3. 
There are switches with more operating positions. 10.1k 1s an example of a rotary switch with 
four positions. 


Dl | ~ B PE FG | 
573 —allo— A tLe lirytepir | Cee | 
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| e Mh, E i | i | 
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hoj — Ta Op = = qe — E eS | 
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push button bridge rectifier relay | 

LA | | 

wiring 


Momentary switches, or push buttons have a built-in spring, which makes the switch conduct 
only while it is being pressed (your standard doorbell has this kind of switch). 

Four diodes in a single case is called a BRIDGE. Two pins are marked with sine waves, used to 
connect to the AC voltage and two marked with "+" and "-" 


RELAY When an electromagnet receives sufficient voltage on points 4 and 5, connection 
between points 2 and 3 is opened, and at the same time points 3 and 1 are closed. A relay is 
actually an electromagnetic switch. 


Symbols for a receiving and transmitting antenna are shown. 

Grounding symbols Grounding and common ground aren't the same thing, but if both exist in a 
circuit, they are always connected to each other. With electronic devices housed in a metal case, 
grounding is connected to the metal housing. 


Schematic symbols representing logic gates and different digital integrated circuits are shown 
above. It should be kept in mind that basic logic gates (AND, OR, XOR, Inverter, etc.) aren't 
manufactured as single standalone components. They are always integrated in groups in an IC, 


but for the sake of clarity, they are represented as separate blocks. These components require a 
DC voltage, which may or may not be represented on the schematic. These voltages might be 
different depending on the internal structure and technology used between different family types. 
Detailed info on this can be found in the component's datasheet provided by the manufacturer. 


10.1 Relays 


A relay is an electro mechanical device which is commonly used to connect two different 
circuits. It can connect a low voltage circuit to a high voltage circuit or a low current circuit to a 
high current circuit or simply to isolate two circuits. 

The simplest relay has one set of contacts (commonly called "change-over" contacts). Inside the 
relay is a coil (called a solenoid) and when the coil is energised, the centre core of the solenoid 
becomes magnetised and moves an arm closer to the coil. A "contact" is connected to this arm 
and the contact touches another contact to complete a circuit. The contacts are labeled "common" 
for the moving contact, "normally open" and "normally closed." This can be seen in diagram 
10.2 a: 
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10.2. a - internal structure and relay symbol h - relay with three pairs of contacts 
Pe] 4 I | 


A relay can be connected as the collector load of a transistor, as shown on 10.3. When sufficient 
collector current flows in the transistor, the relay is activated and any device connected to the 
contacts will be operational. 

Since a relay is an electro mechanic component which is consisted of moving parts, it has a 
limited operational life span, and cannot be used for rapid switching. It would not be very 
effective using it in a, for example, light show which has frequent switching frequency (several 
hundreds or thousands times per hour). Each opening and closing of the contact 1s followed by 
sparks which would dramatically shorten the life of such device. 


Coil values are “input values” or voltage and resistance values at which relay 
draws the lever and switches. Usual coil voltages are 3V, 5V, 6V, 12V and 24V. 
They can be found printed on the relay's housing. These are all DC voltages, but 
there are AC voltage designed relays with 230V/250V. The current taken by the 
relay depends on the resistance of the coil. The coil resistance can be measured 
with a multimeter. Current flowing | 
through the coil is calculated using 

Ohm's law, by dividing the relay's 

voltage by its resistance. For 

example a 12v relay has a coil cians 
resistance of 300 Ohm, which 

means the current flow 1s: 
I=U/R=12/300=40mA. 


RELAY (12) 
lc 


Í , 
' E 1- work contact 
2. Voltage on relay S contacts, also O 5 . 5. stable contact 
marked on the housing, is the ieee Se ao %- supply 

. R1 dk? i = 
maximum value allowed. Over- connectors 


voltage will cause sparks inside œ 
the relay and possibly damage the 
contacts. 


The maximum current rating for a relay is marked 
on the housing with all the other information. It is 
usually higher than 1A. 


Relay base 


10.5. Relay as an collector transistor load 


11. Checking Components 


So you've put a circuit together and as far as you know everything appears to be ok, but it 
doesn't work as expected. Even worse, it refuses to give any signs of life. What do you do? First, 
check the circuit for mechanical failures, like non-connected wires, broken vias on the board 
(these are holes on the printed circuit board that have a metal coating down the length of the hole 
to connect one side of the board to the other), bad battery contacts inside the case, broken pins on 
a component, cold solder joints, etc. 

If this doesn't come up with a result, you should compare values of components with the 
schematic. 

You may have put a component in the wrong place, or read values the wrong way. Maybe you 
forgot k in front of Ohms. Maybe you connected the supply to the wrong pin of an IC. 

The next step is to test each component on the board. 


Start troubleshooting by measuring DC voltages at certain points of the board, and comparing 
these values to the schematic. So, by knowing the operation of the circuit you start the process of 
elimination to find the “suspect” component. 

If there are several “suspects”, and this is not a rare occurrence in complex devices, the testing 1s 
divided into groups of components. You start checking in reverse soldering order, this means you 
start with components last soldered, because those are the most sensitive components on the 
circuit like integrated circuits, transistors, diodes, etc. 

The fastest and simplest method to troubleshoot is to use an “ohm-meter.” 

In most cases you don't have an ohm-meter by itself as it is usually aded to an ammeter and 
voltmeter in one instrument, called AVO meter or multimeter. 

The safest and most accurate method is to desolder the component from the board when testing 
it, because other components could lead to a wrong diagnosis, so you have to be very careful 
when testing 1n-circuit. 

Ok, you should know something Ohm 

about multimeters now. There are scale Probe A Display 
two kinds: analog and digital. 
Analog ones are items of the past, N porii, 


and since they use a needle to tell pa or arein 
you values, it can be difficult 

determining the right value. Digital 
meters, on the other hand have a 
display. You should go for this 
type, although both come in dite ars 
different sizes and with different | 
ranges. Their price is from several 
dollars, to several hundreds of 
dollars for really good professional 


types. a. | D. 


we i a a lid. Multimeter (AVO meter): 
a a - analog, b - digital 


11.1 Diodes and Transistors 


When using an 
analog 
instrument to test 
a diode, the 
needle will swing 
almost fully 
across the scale 
when the diode 1s 
placed in one 
direction and 
hardly 

move when the 
diode is reversed. 
The needle does 
not measure the 
resistance of the 
diode but rather 
the flow of 
current in one 


High 
resistance 


Vi TORRE ADOT 


11.2. Diode testing using an analog instrument 


direction and no current-flow in the other direction. 
If the value is equal to or near equal, either low or high in both directions, the diode is faulty, and 


should be replaced. 


Digital instruments have a position on the dial to measure diodes, as shown in 11.1b. When we 
connect probes to each other, the multimeter should buzz, which signals a short circuit, and 


display tells 0. When we 
separate the probes the buzzing 
stops, and a symbol for open 
circuit is displayed (this can be 
either OL or 1). Now we connect 
probes to the diode (11.3a). 
Then we reverse the diode and 
connect it again (11.3b). If the 
measured diode was ok, one of 
the two measurements would 
have shown a value which 
represents a minimum voltage 
that could be conducted through 
the diode (between 400mV and 


11.3. Diode testing using a digital instrument 


: Example 5.7.1 


| Work out 2.8 + 0.04. 


} As a fraction, 2.8 + 0.04 = &&. Multiplying both the numerator and 
denominator by 100, 2% = 2. Finally, £2 = 70. 


1 Work out 
(a) 9.2 +4 (b) 19.23 + 3 (c) 2.382 +6 (d) 0.469 + 7 
2 Write down the answers to 


(a) 37.5 + 10 (b) 457.2 + 10 (c) 0.093 + 10 
(d) 7.13 + 10 (e) 0.34 + 10 (f) 652.8 +100 
(g) 2.5 + 100 (h) 0.37 + 100 (i) 0.003 + 100 
(j) 17.2 + 100 (k) 33.8 + 1000 (1) 0.071 + 1000 
3 Complete these. 
(a) 3.7 + ... = 0.37 (b) 0.9 + ...= 0.009 
(c) 7.9 + ...=0.079 
4 Work out 
(a) 39.92 +2 (b) 199.5 + 7 (c) 0.624 + 4 
(d) 7.28 + 8 (e) 257.6 + 70 (f) 10.8 + 300 
(g) 43.75 + 50 (h) 2.618 + 400 
5 Work out 
(a) 0.36 + 0.4 (b) 3 + 0.2 (c) 4.8 + 0.06 
(d) 0.021 + 0.7 (e) 9 + 0.03 (f) 4 + 0.08 
(g) 7.38 + 0.3 (h) 3.384 + 0.09 


6 A length of cable 18.48 metres long is cut into 4 equal pieces. 
Work out the length of each piece. 

7 Apile of 100 sheets of paper is 2.1 centimetres high. Work out the 
thickness of each sheet of paper. 

8 In completing one lap, a runner covers 0.4 kilometre. How many 
laps does she complete in a 10-kilometre race? 


5.8 Converting fractions to decimals 2 


In Section 5.4, you saw how to convert certain types of fractions 
to decimals. There is a general method which you can use to 


800mV), and the anode is the end of the diode which 1s connected to probe A (red one). The 
diode is faulty if you hear a buzz (closed circuit) or some value which represents infinity. 
Transistors are tested in a similar fashion, since they act as two connected diodes. According to 
11.4b, the positive probe is connected to the base, and the negative probe 1s first connected to the 
collector and then the emitter. In both cases the resistance should be low. After that, you do the 
same thing, only with switched probes. The negative probe is connected to the base and you test 
the collector and emitter with a positive probe. 
Both cases should produce a high value on the 
meter. 
When testing PNP transistors, all steps are 
the same, but the measurements should be 
opposite: on 11.4a they are high, and on 
11.4c they are low. 
If you test transistors using a digital 
instrument, the process remains similar to 
the one with diodes. Each diode should 
produce a value between 400mV and 
800mV. Many modern digital multimeters 
have a socket for testing transistors. There 
is, as displayed on 11.5, a special socket 
where low and medium power 
transistors fit. If you need to test high 
power transistors, thin wires (0.8mm) 
should be soldered to transistor's pins 
and then plugged into the socket. As 
displayed on 11.5, a transistor 1s 
plugged into the socket according to 1ts 


<> type (PNP or NPN) and the switch with a 
hFE marking is brought into position. If 
the transistor works, the display shows a 
© E value which represents the current 
? e) amplification coefficient. If, for example, a 
transistor 1s tested, and the display shows 
a. / 74, this means the collector current is 74 


s 
k times higher than the base current. 
3 + 
E ” 


l ' L Hi 
i ove igh 
Poe ji | resistance 
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h. © TILS, Measuring the transistor 5 
14 Transistortess Current amplification coefficient 


11.2 Transformers and coils 


Transformers are tested by measuring the resistance of the copper wire on the primary and 
secondary. Since the primary has more turns than the secondary, and 1s wound using a thinner 
wire, its resistance is higher, and its value is in range of tens of ohms (in high power 
transformers) to several hundreds of ohms. 

Secondary resistance is lower and is in range between several ohms to several tens of ohms, 
where the principle of inverse relations is still in place, high power means low resistance. 

If the multimeter shows an infinite value, it means the coil is either poorly connected or the turns 
are disconnected at some point. 

Coils can be tested in the same way as transformers — through their resistance. All principles 
remain the same as with transformers. Infinite resistance means an open winding. 


11.3 Capacitors 


Capacitors should produce an infinite reading on a multimeter. Exceptions are electrolytics and 
very high value block capacitors. When the positive end of an electrolytic capacitor is connected 
to the positive probe of an analog instrument, and a negative end to a negative probe, the needle 
moves slightly and gradually comes back towards infinity. This is proof the capacitor is ok, and 
the needle's movement is charge being stored in the capacitor. (Even small capacitors get 
charged while testing.) 

Variable capacitors are tested by connecting an ohm-meter to them, and turning the rotor. The 
needle should point to infinity at all times, because any other value means the plates of the rotor 
and stator are touching at some point. 

There are digital meters that have the ability to measure capacitance, which simplifies the 
process. With this said, it is worth mentioning that capacitors have considerably wider tolerance 
than resistors, (about 20%). 


11.4 Potentiometers 
To test a potentiometer, (pot), or a variable resistor, the process is rather simple — you connect 


the component to the probes of a meter set to ohms and turn the shaft. 
(A “noisy” pot can be repaired using a special spray.) 


11.5 Speakers and headphones 


When testing speakers, their voice-coil can be between 1.5 and 32 Ohms. The value marked on 
the speaker 1s an impedance value and the actual DC resistance will be lower. When measuring a 
speaker with an analogue meter, you should hear a click when the probes are connected. 


12. Conductivity probe 


Conductivity tester is a simple, but very important instrument, which is able to test for faults 
many components like: diodes, transistors, coils, transformers, speakers and headphones, 
capacitors, switches, jumpers, cables and many other different electronic components. This 
method is a lot faster and straightforward than it is using some “off the shelf” instrument. 
Schematic for this device is on 12.1a. It is called a relaxation audio oscillator. When you connect 
points A and B using a piece of copper wire, a variable current flows through the transistors as 
sequences of impulses. This means that immediately upon connecting the points A and B, current 
level rapidly rises to some destined maximum value, and then drops to zero. For certain amount 
of time there is no current, after which it rises again rapidly, and whole cycle repeats itself. Since 
relation of times when current is flowing and when it is not is highly in favor of the later, this 
kind of current is called the spike impulse current. Collector current of a T2 transistor flows 
through the speaker which generates sound, whose base frequency could be calculated using this 
approximate equation. 


_ l6 . 
f= cn 


In our case R=47 kOhm and C=47 nF, which means: 


1.6 


Fai 


=724 Hz. 
From the equation above, it is 
clear that varying of the 
frequency is possible by 
varying the resistor or 
capacitor value. Frequency rise 
is achieved by lowering the 
resistance or capacitance of the 
circuit, and vice versa, rising 
the values of the resistor or 
capacitor, lowers the oscillator 
frequency. Active variation of 
the frequency base is possible 74-TUN-BC0107,B0547 ... 
by replacing the resistor with a +5 yup- BC157 BCS557 __ 
several hundred kiloohm 

trimmer potentiometer. If such 


12.1, Schematic of a conductivity tester 


modification of the circuit was needed, special care must be taken not to set the trimmer into it's 
lowest position since this means zero resistance, and that could burn the transistors. To avoid 
unnecessary care and further complicating the operation of this straightforward device, low value 
resistor could be connected to the trimmer in series. This resistor would act as a protection for 
transistors inside of the circuit since it facilitates a minimum resistance, and thus doesn't leave 
transistors bare in the frying pan when the trimmer is in 1t's lowest position. 

In this example we used an 1.5V battery for supply, but it is possible to plug this instrument on 
any battery between 1.5V and 9V. 

Current flowing through the component that is being tested is lower than I=U/R, where U is the 
voltage of the supply battery, and R is the resistance of the resistor in the base circuit. In our 
example, these values are U=1,5 V 1 R=47 kW, which means that current flow is I=32 micro 
amperes, which is very low, so tested component is safe from harm from this device. 
Oscillator's printed board design is on 12.2. This is viewed from the copper plated side of the 
board, components are placed on the other side, so their positions are marked in dotted lines. 
Component side of the board is on 12.2. 


Printed board, battery and the speaker 
are placed in a small box, as shown on 
12.3. Miniature speaker is fixed to the 
upper pane of the box using two wood 
screws. It is connected to the circuit 
board using two threaded isolated 
wires. Same wires are used for all 
other connections as well. Battery 1s 
connected to the board using these 
wires, for example. In our example, 
wires are soldered directly to the poles 
i of the battery, and the board fixed 
JA inside of the box using wood screws 
Be ~ and two rectangular wooden pads 
attery 
12.2, Tester $ printed circuit board with cp ern ere vs 
—_— | o | “leaving just enough space to squeeze 


dacement 
i the battery in. These are not proper 


solutions, they are cheap “hacks” used when other options are limited. But these are functional 
for people who always have their trusty soldering iron at hand. What would be a proper solution? 
Buying a battery holder (with enough battery slots as needed) or battery clips (for those square 
9V batteries) would simplify the process of changing the battery, although this circuit is very low 
in power consumption. Other thing is plastic or metal mounts for boards, these are pretty cheap 


and you should keep them 
at hand in your “junk box” 
when experimenting with 
electronics.On the front side 
of the box, we drilled two 
holes, one for the switch 
and the other for wires 
which hold probes on their 
ends. Probes are cheap 
components and come in 
various shapes and sizes 
with various purposes in 
mind. Since we've been 
applying dirty methods, like 
soldering the battery, there 
is no reason why we should 
back from building our own 
probes now. Any old 
marker-pen will do, just slip 
thicker copper wire through 
it's center, and 
sand/grind/cut protruding 
ends into a pointy tip. It is 
advisable to make probes in 
different colors, red and 
black are dominant 
standards for distinguishing 
them. Positive probe (red) is 
connected to point A, and 
negative one (black) is 
connected to the point B. 
You could use alligator 
clips instead of probes, for 
example, this would leave 
your hands free for other 
purposes, but for some 
precise testing of the on- 
board components, go with 
the more precise probes we 
already mentioned. 

Give your new instrument 
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12.3, Conductivity tester 


the initial self-test (battery might be empty, or some other unexpected thing happened) by 
connecting the probe tips together. If sound is heard from the speaker, everything is fine and 
ready for work. 

Ok, everything is working, now you want to play with your new toy. Check, for example, 
conductivity of your own body. Hold probe tips between thumb and index finger of your left and 
right hand. What you hear is a sound whose level and especially frequency depend on your skin 
moistness. Wow, now instrument could be used as a very crude an inaccurate lie detector. This 
probably wouldn't be accepted in a court of law, but may be an interesting game you play on 
your friends. “Suspect” holds in his/hers hands probes which could be made of a metal pipe for 
this occasion. Pipe should be wide enough so that a large portion of palm surface is actually in 
contact with metal. When the suspect starts dodging questions or lying, his palms start sweating 
more than usual, and the tone produced by our “lie detector” is higher than usual. 


12.1 Semiconductors check 


To test diodes using this circuit, we fall back to the diode theory of operation: when anode is 
positive comparing to the cathode (red probe on anode, black on cathode), whole diode acts as a 
low value resistor, which means that speaker sound is higher than usual. On the other hand, in 
the opposite direction, sound is lower because in that direction diode acts as a high value resistor. 
Testing process is shown on 12.4. 


Diode is OR. 
Anode is 
connected 


to probe A when 
instrument 
DUZZES. 


pe 4. Diode t testing 


Ne Transistor is OK. 


NPN type. 
pe PNP type 
D | has switched 
: probe positions. 


12.53, Bipolar tranistor testing 


DC transistor acts in the same fashion as two connected diodes (11.4a). If both diodes are 
functional, transistor is functional as well as shown on 12.5. As you can see, probe A is 


connected to the base, and then probe B 1s connected first to the emitter, and then to the 
collector. In both cases, 1f the transistor 1s ok, “music” would have been heard. We then switch 
probe connections, A goes where B was connected to and vice versa, if there is no music now, 
everything is in order. So, transistor is faulty if speaker remains silent in the first two 
measurements, or if it “plays” in one of the second two measurements. 

FET testing is done in similar fashion as testing the bipolar transistors, which 1s shown on 12.6. 


FET is OK. 
N-channel type 
With switched 

probe positions it 
is the P-channel 


type 


Photo - transistor 
is OK. 

NPN type. 
PNP type 
has switched 
probe positions. 


12.7. Photo transistor testing 


One principle that is applicable when testing the photo resistors, photo transistors and diodes is 
NL-NM (or, No Light — No Music). Probe A is connected to the collector of the transistor, or 
diode's anode or one side of the photo resistor, and the other one is connected to transistor's 
emitter or diode's cathode or the other resistor's side and some kind of sound should be heard 
from the speaker. If this continues when the component is shadowed using your palm, everything 
is in functional order. We displayed graphically the method of testing photo sensitive 
components on 12.7. 


12.2 Checking other components 


Many other components may be tested using this instrument. Base rule is: 1f component is 
intended to conduct electricity, sound will be heard. This is the case with resistors, coils, 
transformers, fuses, closed switches. If component doesn't conduct electricity, like capacitors, or 
open switches, or two copper wires on the circuit board which shouldn't be connected, then 
music would have not been heard. 


When testing different resistors, 1t 1s apparent that different resistance values give different 
output sound. So with some experience using this instrument on various resistors 1t will be 
possible to tell the resistance of the resistor in question from only the generated sound. This may 
be easier and more accurately done using regular ohmmeter on your multimeter, but your nerd 
level will certainly rise sky high if you are able to tell resistor's value from bare sound. 
Components which have coils in them, like different electro motors, headphones, speakers, 
transformers and such conduct electricity, so absence of sound while testing tells of some coil 
connection failure. With transformers with several secondary coils there is a possibility to find 
beginning and the end of each of them. And from the sound frequency one 1s possible to tell 
which coil is primary and which is secondary. 

Functional capacitor will generate no music. An exception are electrolithic and block capacitors, 
especially the larger ones. Tone generated by connecting these capacitors to the instrument will 
change in level and frequency and fade until completely off when capacitor is discharged. 
Length of playing depends on the capacitance of the component, where higher values give longer 
sound time, which allows for a crude approximation of the component's capacitance. 


The end 
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USP # 6,506,148 (January 14, 2003) 

Nervous System Manipulation by EM Fields from Monitors 

Loos, Hendricus 

Abstract ---Physiological effects have been observed in a human subject in response to stimulation 
of the skin with weak electromagnetic fields that are pulsed with certain frequencies near 1/2 Hz or 
2.4 Hz, such as to excite a sensory resonance. Many computer monitors and TV tubes, when 
displaying pulsed images, emit pulsed electromagnetic fields of sufficient amplitudes to cause such 
excitation. It is therefore possible to manipulate the nervous system of a subject by pulsing images 
displayed on a nearby computer monitor or TV set. For the latter, the image pulsing may be 
imbedded in the program material, or it may be overlaid by modulating a video stream, either as an 
RF signal or as a video signal. The image displayed on a computer monitor may be pulsed 
effectively by a simple computer program. For certain monitors, pulsed electromagnetic fields 
capable of exciting sensory resonances in nearby subjects may be generated even as the displayed 
images are pulsed with subliminal intensity. 


USP # 6,488,617 (December 3, 2002) 

Method and Device for Producing a Desired Brain State 

Katz, Bruce 

Abstract --- A method and device for the production of a desired brain state in an individual contain 
means for monitoring and analyzing the brain state while a set of one or more magnets produce 
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convert any fraction to a decimal. You have to think of the line in a 
fraction as a division sign. So, for example, + means 3 + 4. 


You can write as many zeros 4) 3.00 
as you like on the right of the 0.75 
decimal point. 


The decimal 0.75 is called a terminating decimal, because it divides 
out exactly and the decimal terminates or stops, after two decimal 
places in this case. 


To convert a mixed number to a decimal, you leave the whole number 
unchanged and use the division method to convert the fraction. 


Example 5.8.1 


Convert 34 to a decimal. 
If you divide 7 by 8 you get 0.875, so ¿= 0.875. 


Therefore 32 = 3 + 0.875 = 3.875. 
Not all fractions give terminating decimals when you convert them. 
Using the division method with $ , for example, you find that the 
decimal repeats itself, and $ = 0.666..., where the three dots means 
that the sixes repeat for ever. 


This kind of decimal, which keeps repeating, is called a recurring 
decimal. To avoid writing down the same figure repeatedly, you 
can write it in a shortened form, using dot notation, with a dot 
above the repeating figure. The decimal 0.666... then becomes 0.6. 


Example 5.8.2 


Convert ¿to a recurring 6) 5.0000 
decimal and write it in dot 0.8333 
notation. . 

| z= 0.83. 


5. Decimals 


75 
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fields that alter this state. A computational system alters various parameters of the magnetic fields in 
order to close the gap between the actual and desired brain state. This feedback process operates 
continuously until the gap is minimized and/or removed. 


USP # 6,487,531 (November 26, 2002) 

Signal Injection Coupling into the Human Vocal Tract... 

Tosaya, Carol 

Abstract --- A means and method are provided for enhancing or replacing the natural excitation of 
the human vocal tract by artificial excitation means, wherein the artificially created acoustics 
present additional spectral, temporal, or phase data useful for (1) enhancing the machine recognition 
robustness of audible speech or (2) enabling more robust machine-recognition of relatively 
inaudible mouthed or whispered speech. The artificial excitation (a) may be arranged to be audible 
or inaudible, (b) may be designed to be non-interfering with another user's similar means, (c) may 
be used in one or both of a vocal content-enhancement mode or a complimentary vocal tract- 
probing mode, and/or (d) may be used for the recognition of audible or inaudible continuous speech 
or isolated spoken commands. 


USP # 6,430,443 (August 6, 2002) 

Method and Apparatus for Treating Auditory Hallucinations 

Karell, Manuel 

Abstract --- Stimulating one or more vestibulocochlear nerves or cochlea or cochlear regions will 
treat, prevent and control auditory hallucinations. 


USP # 6,426,919 (July 30, 2002) 

Portable and Hand-Held Device for Making Humanly Audible Sounds... 

Gerosa, William 

Abstract --- A portable and hand-held device for making humanly audible sounds responsive to the 
detecting of ultrasonic sounds. The device includes a hand-held housing and circuitry that is 
contained in the housing. The circuitry includes a microphone that receives the ultrasonic sound, a 
first low voltage audio power amplifier that strengthens the signal from the microphone, a second 
low voltage audio power amplifier that further strengthens the signal from the first low voltage 
audio power amplifier, a 7-stage ripple carry binary counter that lowers the frequency of the signal 
from the second low voltage audio power amplifier so as to be humanly audible, a third low voltage 
audio power amplifier that strengthens the signal from the 7-stage ripple carry binary counter, and a 
speaker that generates a humanly audible sound from the third low voltage audio power amplifier. 


USP # 6,292,688 (September 18, 2001) 

Method and Apparatus for Analyzing Neurological Response to Emotion-Inducing Stimuli 
Patton, Richard 

Abstract --- A method of determining the extent of the emotional response of a test subject to 
stimului having a time-varying visual content, for example, an advertising presentation. The test 
subject is positioned to observe the presentation for a given duration, and a path of communication 
is established between the subject and a brain wave detector/analyzer. The intensity component of 
each of at least two different brain wave frequencies is measured during the exposure, and each 
frequency is associated with a particular emotion. While the subject views the presentation, periodic 
variations in the intensity component of the brain waves of each of the particular frequencies 
selected is measured. The change rates in the intensity at regular periods during the duration are also 
measured. The intensity change rates are then used to construct a graph of plural coordinate points, 
and these coordinate points graphically establish the composite emotional reaction of the subject as 
the presentation continues. 


USP # 6,258,022 (July 10,2001) 

Behavior Modification 

Rose, John 

Abstract --- Behavior modification of a human subject takes place under hypnosis, when the 
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subject 1s in a relaxed state. A machine plays back a video or audio recording, during which the 
subject 1s instructed to activate a device to create a perceptible stimulation which 1s linked, through 
the hypnosis, with a visualization of enhanced or improved performance. After the hypnosis, the 
user can reactivate the device at will, whenever the improved performance, such as an improved 
sporting performance, is desired. This will again create the perceptible stimulation and thus induce 
the required visualization. 


USP # 6,239,705 (May 29,2001) 

Intra-Oral Electronic Tracking Device 

Glen, Jeffrey 

Abstract --- An improved stealthy, non-surgical, biocompatable electronic tracking device is 
provided in which a housing is placed intraorally. The housing contains microcircuitry. The 
microcircuitry comprises a receiver, a passive mode to active mode activator, a signal decoder for 
determining positional fix, a transmitter, an antenna, and a power supply. Optionally, an amplifier 
may be utilized to boost signal strength. The power supply energizes the receiver. Upon receiving a 
coded activating signal, the positional fix signal decoder 1s energized, determining a positional fix. 
The transmitter subsequently transmits through the antenna a position locating signal to be received 
by a remote locator. In another embodiment of the present invention, the microcircuitry comprises a 
receiver, a passive mode to active mode activator, a transmitter, an antenna and a power supply. 
Optionally, an amplifier may be utilized to boost signal strength. The power supply energizes the 
receiver. Upon receiving a coded activating signal, the transmitter 1s energized. The transmitter 
subsequently transmits through the antenna a homing signal to be received by a remote locator. 


USP # 6,167,304 (December 26, 2000) 

Pulse Variability in Electric Field Manipulation of Nervous Systems 

Loos, Hendricus 

Abstract --- Apparatus and method for manipulating the nervous system of a subject by applying to 
the skin a pulsing external electric field which, although too weak to cause classical nerve 
stimulation, modulates the normal spontaneous spiking patterns of certain kinds of afferent nerves. 
For certain pulse frequencies the electric field stimulation can excite in the nervous system 
resonances with observable physiological consequences. Pulse variability is introduced for the 
purpose of thwarting habituation of the nervous system to the repetitive stimulation, or to alleviate 
the need for precise tuning to a resonance frequency, or to control pathological oscillatory neural 
activities such as tremors or seizures. Pulse generators with stochastic and deterministic pulse 
variability are disclosed, and the output of an effective generator of the latter type is characterized. 


USP # 6,135,944 (October 24, 2000) 

Method of Inducing Harmonious States of Being 

Bowman, Gerard D., et al. 

Abstract --- A method of inducing harmonious states of being using vibrational stimuli, preferably 
sound, comprised of a multitude of frequencies expressing a specific pattern of relationship. Two 
base signals are modulated by a set of ratios to generate a plurality of harmonics. The harmonics are 
combined to form a "fractal" arrangement. 


USP # 6,122,322 (September 19, 2000) 

Subliminal Message Protection 

Jandel, Magnus 

Abstract --- The present invention relates to a method and to a system for detecting a first context 
change between two frames. When a second context change between a further two frames occurs 
within a predetermined time interval, the frames accommodated within the two context changes are 
defined as a subliminal message. An alarm is sent to an observer upon detection of a subliminal 
message. 


USP # 6,091,994 (July 18, 2000) 
Pulsative Manipulation of Nervous Systems 
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Loos, Hendricus 

Abstract --- Method and apparatus for manipulating the nervous system by imparting subliminal 
pulsative cooling to the subject's skin at a frequency that is suitable for the excitation of a sensory 
resonance. At present, two major sensory resonances are known, with frequencies near 1/2 Hz and 
2.4 Hz. The 1/2 Hz sensory resonance causes relaxation, sleepiness, ptosis of the eyelids, a tonic 
smile, a "knot" in the stomach, or sexual excitement, depending on the precise frequency used. The 
2.4 Hz resonance causes the slowing of certain cortical activities, and 1s characterized by a large 
increase of the time needed to silently count backward from 100 to 60, with the eyes closed. The 
invention can be used by the general public for inducing relaxation, sleep, or sexual excitement, and 
clinically for the control and perhaps a treatment of tremors, seizures, and autonomic system 
disorders such as panic attacks. Embodiments shown are a pulsed fan to impart subliminal cooling 
pulses to the subject's skin, and a silent device which induces periodically varying flow past the 
subject's skin, the flow being induced by pulsative rising warm air plumes that are caused by a thin 
resistive wire which 1s periodically heated by electric current pulses. 


USP # 6,081,744 (June 27, 2000) 

Electric Fringe Field Generator for Manipulating Nervous Systems 

Loos, Hendricus 

Abstract --- Apparatus and method for manipulating the nervous system of a subject through 
afferent nerves, modulated by externally applied weak fluctuating electric fields, tuned to certain 
frequencies such as to excite a resonance in neural circuits. Depending on the frequency chosen, 
excitation of such resonances causes in a human subject relaxation, sleepiness, sexual excitement, or 
the slowing of certain cortical processes. The electric field used for stimulation of the subject is 
induced by a pair of field electrodes charged to opposite polarity and placed such that the subject is 
entirely outside the space between the field electrodes. Such configuration allows for very compact 
devices where the field electrodes and a battery-powered voltage generator are contained in a small 
casing, such as a powder box. The stimulation by the weak external electric field relies on frequency 
modulation of spontaneous spiking patterns of afferent nerves. The method and apparatus can be 
used by the general public as an aid to relaxation, sleep, or arousal, and clinically for the control and 
perhaps the treatment of tremors and seizures, and disorders of the autonomic nervous system, such 
as panic attacks. 


USP # 6,052,336 (April 18, 2000) 

Apparatus and Method of Broadcasting Audible Sound Using Ultrasonic Sound as a Carrier 
Lowrey, Austin, IIT 

Abstract --- An ultrasonic sound source broadcasts an ultrasonic signal which is amplitude and/or 
frequency modulated with an information input signal originating from an information input source. 
If the signals are amplitude modulated, a square root function of the information input signal 1s 
produced prior to modulation. The modulated signal, which may be amplified, is then broadcast via 
a projector unit, whereupon an individual or group of individuals located in the broadcast region 
detect the audible sound. 


USP # 6,039,688 (March 21, 2000) 

Therapeutic Behavior Modification Program, Compliance Monitoring and Feedback System 
Douglas, Peter, et al. 

Abstract --- A therapeutic behavior modification program, compliance monitoring and feedback 
system includes a server-based relational database and one or more microprocessors electronically 
coupled to the server. The system enables development of a therapeutic behavior modification 
program having a series of milestones for an individual to achieve lifestyle changes necessary to 
maintain his or her health or recover from ailments or medical procedures. The program may be 
modified by a physician or trained case advisor prior to implementation. The system monitors the 
individual's compliance with the program by prompting the individual to enter health-related data, 
correlating the individual's entered data with the milestones in the behavior modification program 
and generating compliance data indicative of the individual's progress toward achievement of the 
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program milestones. The system also includes an integrated system of graphical system interfaces 
for motivating the individual to comply with the program. Through the interfaces, the individual can 
access the database to review the compliance data and obtain health information from a remote 
source such as selected sites on the Internet. The system also provides an electronic calendar 
integrated with the behavior modification program for signaling the individual to take action 
pursuant to the behavior modification program in which the calendar accesses the relational 
database and integrates requirements of the program with the individual's daily schedule, and an 
electronic journal for enabling the individual to enter personal health-related information into the 
system on a regular basis. In addition, the system includes an electronic meeting room for linking 
the individual to a plurality of other individuals having related behavior modification programs for 
facilitating group peer support sessions for compliance with the program. The system enables 
motivational media presentations to be made to the individuals in the electronic meeting room as 
part of the group support session to facilitate interactive group discussion about the presentations. 
The entire system is designed around a community of support motif including a graphical electronic 
navigator operable by the individual to control the microprocessor for accessing different parts of 
the system. 


USP # 6,017,302 (January 25, 2000) 

Subliminal Acoustic Manipulation of Nervous Systems 

Loos, Hendricus 

Abstract --- In human subjects, sensory resonances can be excited by subliminal atmospheric 
acoustic pulses that are tuned to the resonance frequency. The 1/2 Hz sensory resonance affects the 
autonomic nervous system and may cause relaxation, drowsiness, or sexual excitement, depending 
on the precise acoustic frequency near 1/2 Hz used. The effects of the 2.5 Hz resonance include 
slowing of certain cortical processes, sleepiness, and disorientation. For these effects to occur, the 
acoustic intensity must lie in a certain deeply subliminal range. Suitable apparatus consists of a 
portable battery-powered source of weak subaudio acoustic radiation. The method and apparatus 
can be used by the general public as an aid to relaxation, sleep, or sexual arousal, and clinically for 
the control and perhaps treatment of insomnia, tremors, epileptic seizures, and anxiety disorders. 
There is further application as a nonlethal weapon that can be used in law enforcement standoff 
situations, for causing drowsiness and disorientation in targeted subjects. It is then preferable to use 
venting acoustic monopoles in the form of a device that inhales and exhales air with subaudio 
frequency. 


USP # 6,011,991 (January 4, 2000) 

Communication System & Method Including Brain Wave Analysis... 

Mardirossian, Aris 

Abstract --- A system and method for enabling human beings to communicate by way of their 
monitored brain activity. The brain activity of an individual is monitored and transmitted to a 
remote location (e.g. by satellite). At the remote location, the monitored brain activity is compared 
with pre-recorded normalized brain activity curves, waveforms, or patterns to determine 1f a match 
or substantial match is found. If such a match 1s found, then the computer at the remote location 
determines that the individual was attempting to communicate the word, phrase, or thought 
corresponding to the matched stored normalized signal. 


USP # 6,006,188 (December 21, 1999) 

Speech Signal Processing for Determining Psychological or Physiological Characteristics... 
Bogdashevsky, Rostislav, et al. 

Abstract --- A speech-based system for assessing the psychological, physiological, or other 
characteristics of a test subject is described. The system includes a knowledge base that stores one 
or more speech models, where each speech model corresponds to a characteristic of a group of 
reference subjects. Signal processing circuitry, which may be implemented in hardware, software 
and/or firmware, compares the test speech parameters of a test subject with the speech models. In 
one embodiment, each speech model is represented by a statistical time-ordered series of frequency 
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representations of the speech of the reference subjects. The speech model is independent of a priori 
knowledge of style parameters associated with the voice or speech. The system includes speech 
parameterization circuitry for generating the test parameters in response to the test subject's speech. 
This circuitry includes speech acquisition circuitry, which may be located remotely from the 
knowledge base. The system further includes output circuitry for outputting at least one indicator of 
a characteristic in response to the comparison performed by the signal processing circuitry. The 
characteristic may be time-varying, in which case the output circuitry outputs the characteristic in a 
time-varying manner. The output circuitry also may output a ranking of each output characteristic. 
In one embodiment, one or more characteristics may indicate the degree of sincerity of the test 
subject, where the degree of sincerity may vary with time. The system may also be employed to 
determine the effectiveness of treatment for a psychological or physiological disorder by comparing 
psychological or physiological characteristics, respectively, before and after treatment. 


USP # 5,954,630 (September 21, 1999) 

FM Theta-Inducing Audible Sound... 

Masaki, Kazumi, et al. 

Abstract --- An audible sound of modulated wave where a very low-frequency wave of about 20 
hertz or lower is superposed on an audio low-frequency wave effectively stimulates Fm theta in 
human brain waves to improve attention and concentration during mental tasks when auditorily 
administered. The audible sound is also effective in stimulation of human alpha wave when the very 
low-frequency wave lies within the range of about 2-10 hertz. Such audible sound 1s artificially 
obtainable by generating an electric signal which contains such a modulated wave, and transducing 
it into audible sound wave. 


USP # 5,954,629 (September 21, 1999) 

Brain Wave Inducing System 

Yanagidaira, Masatoshi, et al. 

Abstract --- Sensors are provided for detecting brain waves of a user, and a band-pass filter is 
provided for extracting a particular brain waves including an .alpha. wave included in a detected 
brain wave. The band-pass filter comprises a first band-pass filter having a narrow pass band, and a 
second band-pass filter having a wide pass band. One of the first and second band-pass filters 1s 
selected, and a stimulation signal 1s produced in dependency on an .alpha. wave extracted by a 
selected band-pass filter. In accordance with the stimulation signal, a stimulation light is emitted to 
the user in order to induce the user to relax or sleeping state. 


USP # 5,935,054 (August 10, 1999) 

Magnetic Excitation of Sensory Resonances 

Loos, H. 

Abstract --- The invention pertains to influencing the nervous system of a subject by a weak 
externally applied magnetic field with a frequency near 1/2 Hz. In a range of amplitudes, such fields 
can excite the 1/2 sensory resonance, which is the physiological effect involved in "rocking the 


baby". 


USP # 5,922,016 (July 13, 1999) 

Apparatus for Electric Stimulation of Auditory Nerves of a Human Being 

Wagner, Hermann 

Abstract --- Apparatus for electric stimulation and diagnostics of auditory nerves of a human being, 
e.g. for determination of sensation level (SL), most conformable level (MCL) and uncomfortable 
level (UCL) audibility curves, includes a stimulator detachably secured to a human being for 
sending a signal into a human ear, and an electrode placed within the human ear and electrically 
connected to the stimulator by an electric conductor for conducting the signals from the stimulator 
into the ear. A control unit is operatively connected to the stimulator for instructing the stimulator as 
to characteristics of the generated signals being transmitted to the ear. 
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USP + 5,868,103 (February 9, 1999) 

Method and Apparatus for Controlling an Animal 

Boyd, Randal 

Abstract --- An apparatus for controlling an animal wherein the animal receives a control stimulus 
of the release of a substance having an adverse effect upon the animal as a corrective measure. The 
apparatus includes a transmitter for producing a transmitted field, and a releasable collar for 
attaching to the neck of the animal. The collar includes a receiver for receiving the transmitted field 
and for producing a received signal, a control circuit for determining when the received signal 
indicates that the animal requires a corrective measure and for producing a control signal, a 
container for containing the substance having an adverse effect upon the animal, and a mechanism 
for releasing the substance from the container into the presence of the animal upon the production of 
the control signal by the control circuit. In use, the transmitter is set to produce the transmitted field 
and the collar is attached to the neck of the animal. As the animal moves about, the receiver in the 
collar receives the transmitted field and produces a received signal. The control circuit determines 
when the received signal indicates that the animal requires a corrective measure. A control signal is 
produced by the control circuit when the determination 1s made that the animal requires a corrective 
measure. Upon the production of the control signal, the substance having an adverse effect upon the 
animal is released from the container and into the presence of the animal. 


USP # 5,784,124 (July 21, 1998) 

Supraliminal Method of Education... 

D' Alitalia, Joseph A., et al. 

Abstract --- A method of behavior modification involves having a patient view supraliminal video 
messages superimposed upon an underlying video presentation. The video messages incorporate 
messages wherein at least some of the messages link a desired modified behavior to positive 
feelings of the patient. A supraliminal message generator and superimposer iteratively selects 
individual messages for display from the sequence of messages, decompressing the messages as 
required, and places the selected messages in a buffer memory of a video generation device. A 
processor of the supraliminal message generator and superimposer then fades the selected message 
from an invisible level to a visible level on the video display, and then fades the selected message 
from the visible level back to the invisible level. 


USP # 5,649,061 (July 15, 1997) 

Device and Method for Estimating a Mental Decision 

Smyth, Christopher 

Abstract --- A device and method for estimating a mental decision to select a visual cue from the 
viewer's eye fixation and corresponding single event evoked cerebral potential. The device 
comprises an eyetracker, an electronic biosignal processor and a digital computer. The eyetracker 
determines the instantaneous viewing direction from oculometric measurements and a head position 
and orientation sensor. The electronic processor continually estimates the cerebral 
electroencephalogramic potential from scalp surface measurements following corrections for 
electrooculogramic, electromyogramic and electrocardiogramic artifacts. The digital computer 
analyzes the viewing direction data for a fixation and then extracts the corresponding single event 
evoked cerebral potential. The fixation properties, such as duration, start and end pupil sizes, end 
state (saccade or blink) and gaze fixation count, and the parametric representation of the evoked 
potential are all inputs to an artificial neural network for outputting an estimate of the selection 
interest in the gaze point of regard. The artificial neural network is trained off-line prior to 
application to represent the mental decisions of the viewer. The device can be used to control 
computerized machinery from a video display by ocular gaze point of regard alone, by determining 
which visual cue the viewer is looking at and then using the estimation of the task-related selection 
as a selector switch. 


USP # 5,644,363 (July 1, 1997) 
Apparatus for Superimposing Visual Subliminal Instructions on a Video Signal 
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Mead, Talbert 

Abstract --- A subliminal video instructional device comprises circuitry for receiving an underlying 
video signal and presenting this signal to horizontal and vertical synchronization detection circuits, 
circuitry for generating a subliminal video message synchronized to the underlying video signal, 
and circuitry for adding the subliminal video message to the underlying video signal to create a 
combination video signal. 


USP # 5,586,967 (December 24, 1996) 

Method & Recording for Producing Sounds and Messages to Achieve Alpha & Theta 
Brainwave States... 

Davis, Mark E. 

Abstract --- A method and recording for the use in achieving alpha and theta brainwave states and 
effecting positive emotional states in humans, is provided which includes a medium having a 
musical composition thereon with an initial tempo decreasing to a final tempo and verbal phrases 
recorded in synchrony with the decreasing tempo. 


USP # 5,562,597 (October 8, 1996) 

Method & Apparatus for Reducing Physiological Stress 

Van Dick, Robert C. 

Abstract --- Physiological stress in a human subject is treated by generating a weak electromagnetic 
field about a quartz crystal. The crystal 1s stimulated by applying electrical pulses of pulse widths 
between 0.1 and 50 microseconds each at a pulse repetition rate of between 0.5K and 10K pulses 
per second to a conductor positioned adjacent to the quartz crystal thereby generating a weak 
electromagnetic field. A subject is positioned within the weak electromagnetic field for a period of 
time sufficient to reduce stress. 


USP # 5,551,879 (September 3, 1996) 

Dream State Teaching Machine 

Raynie, Arthur D. 

Abstract --- A device for enhancing lucidity in the dream state of an individual. The device 
includes electronic circuitry incorporated into a headband for the user to wear while sleeping. The 
circuitry includes a detector for fitting adjacent to the eye of the sleeping individual, for detecting 
Rapid Eye Movement (REM), which occurs during the dream state. The detector emits a signal that 
is evaluated by additional circuitry to determine whether or not REM sleep is occurring. If REM 
sleep 1s occurring, a signal 1s generated to operate a recorded, which typically plays prerecorded 
messages through the headphones engaging the ear of the sleeping individual. 


USP # 5,539,705 (July 23, 1996) 

Ultrasonic Speech Translator and Communication System 

M. A. Akerman, M., et al. 

Abstract --- A wireless communication system, undetectable by radio-frequency methods, for 
converting audio signals, including human voice, to electronic signals in the ultrasonic frequency 
range, transmitting the ultrasonic signal by way of acoustic pressure waves across a carrier medium, 
including gases, liquids and solids, and reconverting the ultrasonic acoustic pressure waves back to 
the original audio signal. This invention was made with government support under Contract DE- 
ACOS5-840R21400, awarded by the US Department of Energy to Martin Marietta Energy Systems, 
Inc. 


USP # 5,507,291 (April 16, 1996) 

Method & Apparatus for Remotely Determining Information as to Person's Emotional State ~ 
Stirbl, et al. 

Abstract --- In a method for remotely determining information relating to a person's emotional 
state, an waveform energy having a predetermined frequency and a predetermined intensity is 
generated and wirelessly transmitted towards a remotely located subject. Waveform energy emitted 
from the subject is detected and automatically analyzed to derive information relating to the 
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individual's emotional state. Physiological or physical parameters of blood pressure, pulse rate, 
pupil size, respiration rate and perspiration level are measured and compared with reference values 
to provide information utilizable in evaluating interviewee's responses or possibly criminal intent in 
security sensitive areas. 


USP # 5,522,386 (June 4, 1996) 

Apparatus for Determination of the Condition of the Vegetative Part of the Nervous System 
Lerner, Eduard 

Abstract --- Apparatus for use in the determination of the condition of the vegetative part of the 
nervous system and/or of sensory functions of an organism, 1.e. a human being or animal. The 
apparatus comprises devices for generating and supplying to said organism at least one sensory 
stimulus chosen from a group of sensory stimuli, such as visual, sound, olfactory, gustatory, tactile 
or pain stimuli, and devices for measuring the skin potential and the evoked response of the 
organism to a stimulus. The measured data are processed by processing devices for automatically 
controlling the supply of at least one stimulus for providing a non-rhythmical sequence of stimuli. 
Preferably, pairs of stimuli are supplied for developing a conditioned reflex. 


USP # 5,480,374 (January 2, 1996) 

Method and Apparatus for Reducing Physiological Stress 

Van Dick, Robert 

Abstract --- Physiological stress in a human subject is treated by generating a weak electromagnetic 
field about a grounded electrode by the application of pulses of between 5 and 50 microseconds 
each at a pulse rate of between 0.5K and 10K pulses per second to a power electrode, the power 
electrode and grounded electrode being coupled to high voltage pulse generation means. A subject 
is positioned within the weak electromagnetic field for a period of time sufficient to cause an 
increase 1n his or her alpha or theta brain wave levels. 


USP # 5,479,941 (January 2, 1996) 

Device for Inducing Altered States of Consciousness 

Harner, Michael 

Abstract --- A rotating device for producing altered states of consciousness in a subject is provided. 
The subject's body rotates about a point in the center of the body support means at a speed between 
about 10 and about 60 revolutions per minute. In a preferred embodiment the direction of rotation is 
periodically reversed. 


USP # 5,392,788 (February 28, 1995) 

Method and Device for Interpreting Concepts and Conceptual Thought... 

Hudspeth, William J. 

Abstract --- A system for acquisition and decoding of EP and SP signals 1s provided which 
comprises a transducer for presenting stimuli to a subject, EEG transducers for recording brainwave 
signals from the subject, a computer for controlling and synchronizing stimuli presented to the 
subject and for concurrently recording brainwave signals, and either interpreting signals using a 
model for conceptual perceptional and emotional thought to correspond EEG signals to thought of 
the subject or comparing signals to normative EEG signals from a normative population to diagnose 
and locate the origin of brain dysfunctional underlying perception, conception, and emotion. 


USP # 5,356,368 (October 18, 1994) 

Method & Apparatus for Inducing Desired States of Consciousness 

Monroe, Robert E. 

Abstract --- Improved methods and apparatus for entraining human brain patterns, employing 
frequency following response (FFR) techniques, facilitate attainment of desired states of 
consciousness. In one embodiment, a plurality of electroencephalogram (EEG) waveforms, 
characteristic of a given state of consciousness, are combined to yield an EEG waveform to which 
subjects may be susceptible more readily. In another embodiment, sleep patterns are reproduced 
based on observed brain patterns during portions of a sleep cycle; entrainment principles are applied 
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to induce sleep. In yet another embodiment, entrainment principles are applied in the work 
environment, to induce and maintain a desired level of consciousness. A portable device also 1s 
described. 


USP # 5,352,181 (October 4, 1994) 

Method & Recording for Producing Sounds and Messages... 

Davis, Mark E. 

Abstract --- A method and recording for use in achieving Alpha and Theta brain wave states and 
effecting positive emotional states in humans to enhance learning and self-improvement, is provided 
which includes a medium having a musical composition recorded thereon with an initial tempo 
decreasing to a final tempo and verbal phrases, comprising between approximately 4 and 
approximately 8 words, recorded in synchrony with the decreasing initial tempo. 


USP # 5,330,414 (July 19, 1994) 

Brain Wave Inducing Apparatus 

Yasushi, Mitsuo 

Abstract --- A random signal generator outputs a random noise signal to a band pass filter which 
selectively passes frequency components in the frequency range of a desired brain wave from a 
subject. The output of the band pass filter is supplied to an automatic level controller. The automatic 
level controller sets the output of band pass filter to a predetermined amplitude. Then, the output of 
the automatic level controller is fed to a stimulating light generator, which converts the output of the 
automatic level controller into a light signal for stimulating the subject in order to induce the desired 
brain wave from the subject. The light signal is then emitted into the subject's eyes. 


USP # 5,289,438 (February 22, 1994) 

Method & System for Altering Consciousness 

Gall, James 

Abstract --- A system for altering the states of human consciousness involves the simultaneous 
application of multiple stimuli, preferable sounds, having differing frequencies and wave forms. The 
relationship between the frequencies of the several stimuli is exhibited by the equation g = 2.sup.n/4 
.multidot.f where: f = frequency of one stimulus; g = frequency of the other stimuli or stimulus; and 
n = a positive or negative integer which is different for each other stimulus. 


USP # 5,245,666 (September 14, 1993) 

Personal Subliminal Messaging System 

Mikell, Bruce T. 

Abstract --- A personal subliminal messaging system includes a wide range linear subliminal 
modulator (43), a digital audio recording or play device (46), a microphone (51) to pick up the 
sound at the ear, and an earpiece (50) to deliver the subliminal message. The sound level at the 
user's ear 1s detected and measured. After risetime and decay conditioning of the varying dc control 
signal, the wide range linear modulator (43) uses this signal to control the level of the message to 
the earpiece (50). The user adjusts the system for a liminal of a subliminal level. The 
psychoacoustic phenomena of Post Masking 1s used to increase the integrity of the message in 
subliminal messaging systems. 


USP # 5,270,800 (December 14, 1993) 

Subliminal Message Generator 

Sweet. Robert L. 

Abstract --- A combined subliminal and supraliminal message generator for use with a television 
receiver permits complete control of subliminal messages and their manner of presentation. A video 
synchronization detector enables a video display generator to generate a video message signal 
corresponding to a received alphanumeric text message in synchronism with a received television 
signal. A video mixer selects either the received video signal or the video message signal for output. 
The messages produced by the video message generator are user selectable via a keyboard input. A 
message memory stores a plurality of alphanumeric text messages specified by user commands for 
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use as subliminal messages. This message memory preferably includes a read only memory storing 
predetermined sets of alphanumeric text messages directed to differing topics. The sets of 
predetermined alphanumeric text messages preferably include several positive affirmations directed 
to the left brain and an equal number of positive affirmations directed to the right brain that are 
alternately presented subliminally. The left brain messages are presented in a linear text mode, while 
the right brain messages are presented in a three dimensional perspective mode. The user can 
control the length and spacing of the subliminal presentations to accommodate differing conscious 
thresholds. Alternative embodiments include a combined cable television converter and subliminal 
message generator, a combine television receiver and subliminal message generator and a computer 
capable of presenting subliminal messages. 


USP # 5,224,864 (July 6, 1993) 

Method of Recording and Reproducing Subliminal Signals that are 180 Degrees Out of Phase 
Woith, Blake F. 

Abstract --- A subliminal recording includes both subliminal message and mask signals applied to 
both tracks of a two track recording medium. The subliminal message signals are identical in 
content, and are recorded in an out-of-phase relationship. The mask signals are recorded in phase. 
The resulting recording may be utilized in the conventional manner for subliminal recordings. By 
combining the composite signals in an inverted relationship, the mask signals cancel while the 
subliminal message signals are additive, thus allowing the presence of the subliminal message 
signal to be confirmed on the recording. 


USP # 5,221,962 (June 22, 1993) 

Subliminal Device having Manual Adjustment of Perception Level of Subliminal Messages 
Backus, Alan L., et al. 

Abstract --- A method and apparatus for presenting subliminal visual and/or audio messages which 
allows user verification of message content and presence, as well as proper adjustment of message 
obviousness while accounting for ambient conditions and user sensitivities 1s disclosed. This 
method and apparatus also presents synchronized reinforced sensory input of subliminal messages. 
This is performed by simultaneously overlaying images received from a VCR over a plurality of 
television signals. This apparatus directs overlay images over RF television signals having both 
audio and video components 


USP # 5,215,468 (June 1, 1993) 

Method and Apparatus for Introducing Subliminal Changes to Audio Stimuli 

Lauffer, Martha A., et al. 

Abstract --- A method and apparatus for introducing gradual changes to an audio signal so that the 
changes are subliminal. The changes can involve tempo and volume, for example, and can take the 
form of a gentle gradient having ever increasing/decreasing ramp-like changes over a sufficient 
duration, or a more complex program involving several gentle gradients. In the preferred 
embodiment, an enhanced audio play-back device such as a portable audio cassette recorder can be 
programmed to subliminally alter the characteristics of a standard pre-recorded tape containing 
music, for example. As a motivational tool during walking, jogging or other repetitive exercise, the 
tempo is gradually increased over a period of time to encourage a corresponding gradual (and 
subliminal) increase in physical exertion by a user whose rate of movement is proportional to the 
tempo of the music. The tempo can be either manually changed in conjunction with a subliminal 
program, or by itself in an override mode, or by itself in a version of the present-inventive audio 
play-back device which allows only manual tempo alternation. In an alternate embodiment, a 
special pre-recorded tape contains subliminal changes in tempo, for example, for play-back on a 
standard audio cassette recorder (which operates at one speed, only) to cause the same effect as the 
preferred embodiment. 


USP # 5,213,562 (May 25, 1993) 
Method of Inducing Mental, Emotional and Physical States of Consciousness... 
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76 


Sometimes, more than one number repeats. When this happens, dots 
are placed above the first and last figures in the repeating group. 

The fraction 77, for example, arin as a decimal is 0.272 727 .. 
which you write as 0.27. Similarly, = 0.459 459 459... =0. 45 9. 


When writing recurring decimals in dot notation, you must make sure 
that you place the dots over the first and last of the group of numbers 
that repeat. So, for example, 0.58216216216... is written as 0.58216. 


When you convert a mixed number to a recurring decimal, you 
place the dots above the decimal part and leave the whole number 
unchanged, so that, in dot notation, 7.7777... is 7.7. 


In Section 3.3, you saw how to compare the sizes of fractions 
using equivalent fractions. Although this method will work for any 
fractions, it would not be ideal for comparing fractions with large 
denominators such as D and 48. It is much easier to convert each 
of these to a decimal using a calculator. The full calculator reading 
for 15 + 19 is 0.789 473 684, and for 18 + 23 it is 0.782 608 696, 
but you only need to go as far as the third eine place to see that 


the first decimal is greater than the second, so 72 > >. 


1 Convert each of these fractions to a decimal and state whether it 
is a terminating decimal or a recurring decimal. 


(a) 3 (b) 3 (c) 5 (d) (e) 


2 Using a calculator, convert each of these fractions to a recurring 
decimal and write it in dot notation. 


(a) 3  (bí (cz (d) 5 
e) 5 E dé = (h) 3 


3 Write each of these recurring decimals in dot notation. 


(a) 0.8888... (b) 0.712 121 2.. (c) 0.367 367... 
(d) 0.456 896 89... (e) 18.018 18... (f) 0.564 356 43... 
(g) 9.3999... (h) 263.6363... 
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Monroe, Robert A. 

Abstract --- A method having applicability in replication of desired consciousness states; in the 
training of an individual to replicate such a state of consciousness without further audio stimulation; 
and in the transferring of such states from one human being to another through the imposition of one 
individual's EEG, superimposed on desired stereo signals, on another individual, by inducement of a 
binaural beat phenomenon. 


USP # 5,194,008 (March 16, 1993) 

Subliminal Image Modulation Projection and Detection System and Method 

Mohan, William L., et al. 

Abstract --- Weapon training simulation system including a computer operated video display scene 
whereon is projected a plurality of visual targets. The computer controls the display scene and the 
targets, whether stationary or moving, and processes data of a point of aim sensor apparatus 
associated with a weapon operated by a trainee. The sensor apparatus is sensitive to non-visible or 
subliminal modulated areas having a controlled contrast of brightness between the target scene and 
the targets. The sensor apparatus locates a specific subliminal modulated area and the computer 
determines the location of a target image on the display scene with respect to the sensor apparatus 


USP # 5,175,571 (December 29, 1992) 

Glasses with Subliminal Message 

Tanefsky, Faye, et al. 

Abstract --- A pair of subliminal imaging spectacles 1s provided with a matched pair of visual 
subliminal images designed and placed so as to merge into one image due to the stereoscopic effect 
of human vision and thus to impart a subliminal message to the wearer. 


USP # 5,170,381 (December 8, 1992) 

Method for Mixing Audio Subliminal Recordings 

Taylor, Eldon, et al. 

Abstract --- Audio subliminal recordings are made in which in addition to using a primary carrier, 
such as music, two audio channels are used to deliver subliminal messages to the brain. On one 
channel, accessing the left brain hemisphere, the message delivered is meaningfully spoken, 
forward-masked, permissive affirmations delivered in a round-robin manner by a male voice, a 
female voice and a child's voice. On the other channel, accessing the right brain, directive messages, 
in the same voices, are recorded in backward-masked (or meta-contrast). The three voices are 
recording in round-robin fashion with full echo reverberation. The audio tracks are mixed using a 
special processor which converts sound frequencies to electrical impulses and tracks the subliminal 
message to synchronize the subliminal message in stereo with the primary carrier. The processor 
maintains constant gain differential between the primary carrier and the subliminal verbiage and, 
with the subliminal verbiage being recorded with round-robin, full echo reverberation, ensures that 
none of a message is lost. The primary carrier should be continuous music without breaks or great 
differences in movements. 


USP # 5,159,703 (October 27, 1992) 

Silent Subliminal Presentation System 

Lowery, Oliver 

Abstract --- A silent communications system in which nonaural carriers, in the very low or very 
high audio frequency range or in the adjacent ultrasonic frequency spectrum, are amplitude or 
frequency modulated with the desired intelligence and propagated acoustically or vibrationally, for 
inducement into the brain, typically through the use of loudspeakers, earphones or piezoelectric 
transducers. 


USP # 5,151,080 (September 29, 1992) 

Method & Apparatus for Inducing & Establishing a Changed State of Consciousness 

Bick, Claus 

Abstract --- An electroacoustic device includes a sound generator as well as a system for producing 
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synthetic human speech, connected to a modulation stage for superimposing the output signals 
thereof. The superimposed output signals are applied via an amplifier stage to one of a headphone 
system or loudspeaker system. 


USP # 5,135,468 (August 4, 1992) 

Method & Apparatus of Varying the Brain State of a Person by Means of an Audio Signal 
Meissner, Juergen P. 

Abstract --- A method of varying the brain state of a person includes the steps of supplying the first 
audio signal to one ear of the person, supplying a second audio signal to the other ear of the person, 
and substantially continuously varying the frequency of at least one of the first and second audio 
signals to vary the brain state of the person. 


USP # 5,134,484 (July 28, 1992) 

Superimposing Method & Apparatus Useful for Subliminal Messages 

Willson, Joseph 

Abstract --- Data to be displayed is combined with a composite video signal. The data is stored in a 
memory in digital form. Each byte of the data 1s read out in sequential fashion to determine: the 
recurrence display rate of the data according to the frame sync pulses of the video signal; the 
location of the data within the video image according to the line sync pulses of the video signal; and 
the location of the data display within the video image according to the position information. 
Synchronization of the data with the video image 1s derived from the sync pulses of the composite 
video signal. A similar technique is employed to combine sound data with an audio signal. Data to 
be displayed may be presented as a subliminal message or may persist for a given time interval. The 
data may be derived from a variety of sources including a prerecorded or live video signal. The 
message may be a reminder message displayed upon a television screen to remind the viewer of an 
appointment. The data may be stored in a variety of different memory devices capable of high speed 
data retrieval. The data may be generated locally on-line or off-line and transferred to memory 
which stores the data necessary to create the message. 


USP # 5,128,765 (July 7, 1992) 

System for Implementing the Synchronized Superimposition of Subliminal Signals 

Dingwall, Robert 

Abstract --- An apparatus and system for the controlled delivery of a subliminal video and/or audio 
message on to a source signal from a video tape player or similar. The source signal is divided into 
audio and video portions. A video processor reads sychronization information from the source 
signal. A controller transmits a stored subliminal image at designated times to a mixer amplifier 
fully synchronized with the source signal. Concurrently, an audio subliminal message is applied to 
the source audio at a volume level regulated at some fraction to the source audio. The combined 
signals are transmitted to a monitor for undistracted viewing. 


USP # 5,123,899 (June 23, 1992) 

Method & System for Altering Consciousness 

Gall, James 

Abstract --- A system for altering the states of human consciousness involves the simultaneous 
application of multiple stimuli, preferable sounds, having differing frequencies and wave forms. The 
relationship between the frequencies of the several stimuli is exhibited by the equation g = s.sup.n/4 
multidot.f where: f = frequency of one stimulus; g = frequency of the other stimuli of stimulus; and 
n=a positive or negative integer which is different for each other stimulus. 


USP # 5,052,401 (October 1, 1991) 

Sherwin, Gary 

Product Detector for a Steady Visual Evoked Potential Stimulator and Product Detector 
Abstract --- An automated visual testing system is disclosed which presents an alternating steady 
state visual stimulus to a patient through an optical system that modifies the stimulus image. As the 
image changes, the patient produces evoked potentials that change. The evoked potentials are 
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detected by a product detector which produces the amplitude of the evoked potentials. The product 
detector includes filters which isolate the patient's evoked potentials, a modulator which detects the 
response using the stimulus source frequency and a demodulator that determines the amplitude of 
the response. The product detector detects the level of the steady state evoked potential signals even 
in the presence of substantial background noise and extraneous electroencephalograhic signals. 
These detectors can be used to monitor the evoked potential produced by visual, aural or somatic 
steady state stimuli. The components described above can be used to produce a system that can 
determine to which of several different displays an observer is paying attention by providing images 
that blink at different frequencies and product detectors for each of the stimulus frequencies. The 
product detector producing the highest output indicates the display upon which the observer is 
focused. 


USP # 5,047,994 (September 10, 1991) 

Supersonic Bone Conduction Hearing Aid and Method 

Lenhardt, Martin, et al. 

Abstract --- A supersonic bone conduction hearing aid that receives conventional audiometric 
frequencies and converts them to supersonic frequencies for connection to the human sensory 
system by vibration bone conduction. The hearing is believed to use channels of communications to 
the brain that are not normally used for hearing. These alternative channels do not deteriorate 
significantly with age as does the normal hearing channels. The supersonic bone conduction 
frequencies are discerned as frequencies in the audiometric range of frequencies. 


USP # 5,036,858 (August 6, 1991) 

Method & Apparatus for Changing Brain Wave Frequency 

Carter, John L., et al. 

Abstract --- A method for changing brain wave frequency to a desired frequency determines a 
current brain wave frequency of a user, generates two frequencies with a frequency difference of a 
magnitude between that of the current actual brain wave frequency and the desired frequency but 
always within a predetermined range of the current actual brain wave frequency, and produces an 
output to the user corresponding to the two frequencies. One apparatus to accomplish the method 
has a computer processor, a computer memory, EEG electrodes along with an amplifier, a 
programmable timing generator responsive to the computer processor for generating the two 
frequencies, audio amplifiers and a beat frequency generator driving a visual frequency amplifier. 


USP # 5,027,208 (June 25,1991) 

Therapeutic Subliminal Imaging System 

Dwyer, Jr., Joseph, et al. 

Abstract --- A therapeutic subliminal imaging system wherein a selected subliminal message 1s 
synchronized with and added to an existing video signal containing a supraliminal message. A 
television receiver or video recorder can be used to provide the supraliminal message and a video 
processing circuit varies the intensity of that perceptible message to incorporate one or more 
subliminal images. 


USP # 5,017,143 (May 21, 1991) 

Method and Apparatus for Producing Subliminal Images 

Backus, Alan, et al. 

Abstract --- A method and apparatus to produce more effective visual subliminal communications. 
Graphic and/or text images, presented for durations of less than a video frame, at organized 
rhythmic intervals, the rhythmic intervals intended to affect user receptivity, moods or behavior. 
Subliminal graphic images having translucent visual values locally dependent on background values 
in order to maintain desired levels of visual contrast. 


USP # 4,958,638 (September 25, 1990) 
Non-Contact Vital Signs Monitor 
Sharpe, Steven, et al. 
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Abstract --- An apparatus for measuring simultaneous physiological parameters such as heart rate 
and respiration without physically connecting electrodes or other sensors to the body. A beam of 
frequency modulated continuous wave radio frequency energy is directed towards the body of a 
subject. The reflected signal contains phase information representing the movement of the surface 
of the body, from which respiration and heartbeat information can be obtained. The reflected phase 
modulated energy is received and demodulated by the apparatus using synchronous quadrature 
detection. The quadrature signals so obtained are then signal processed to obtain the heartbeat and 
respiratory information of interest. 


USP # 4,924,744 (May 15, 1990) 

Apparatus for Generating Sound through Low Frequency and Noise Modulation 

Lenzen, Reiner 

Abstract --- In an apparatus for generating sound, there are provided a plurality of channels for 
generating sounds. Each of the channels includes a memory for storing waveform data, and at least 
one of the channels includes a noise generator so that various kinds of sounds including rhythm 
sound-effects sound, effects sound-vibrato etc. are generated. There is further provided a controller 
by which voice sound signal is passed through the channels so that artificial sound, voice sound etc. 
are generated. There is still further provided a circuit for adjusting an amplitude level of a whole 
sound which is obtained by mixing output sounds of the channels so that far and near sound is 
produced. Further, each of the channels includes left and right attenuators which divide a channel 
sound into left and right channel sounds. Still further, the apparatus comprises a low frequency 
oscillator for controlling a depth of frequency modulation, and a controller for writing sampling data 
of a predetermined waveform into serial addresses of a memory. 


USP # 4,889,526 (December 26, 1989) 

Non-Invasive Method & Apparatus for Modulating Brain Signals... 

Rauscher, Elizabeth A. 

Abstract --- This invention incorporates the discovery of new principles which utilize magnetic and 
electric fields generated by time varying square wave currents of precise repetition, width, shape 
and magnitude to move through coils and cutaneously applied conductive eletrodes in order to 
stimulate the nervous system and reduce pain in humans. Timer means, adjustment means, and 
means to deliver current to the coils and conductive eletrodes are described, as well as a theoretical 
model of the process. The invention incorporates the concept of two cyclic expanding and 
collapsing magnetic fields which generate precise wave forms in conjunction with each other to 
create a beat frequency which in turn causes the 10n flow in the nervous system of the human body 
to be efficiently moved along the nerve path where the locus of the pain exists to thereby reduce the 
pain. The wave forms are created either in one or more coils, one or more pairs of electrodes, or a 
combination of the two. 


USP # 4,883,067 (November 28, 1989) 

Method & Apparatus for Translating the EEG into Music... 

Knispel, Joel, et al. 

Abstract --- A method and apparatus for applying a musical feedback signal to the human brain, or 
any other brain, to induce controllable psychological and physiological responses. A signal 
representing the ongoing electroencephalographic (EEG) signal of a brain preferably is obtained 
from the electrode location on the scalp known as CZ or P3 in clinical notation. A signal processor 
converts the ongoing EEG into electrical signals which are converted into music by synthesizers. 
The music is acoustically fed back to the brain after a time delay calculated to shift the phase of the 
feedback in order to reinforce specific or desired ongoing EEG activity from the scalp position of 
interest. The music is comprised of at least one voice that follows the moment-by-moment contour 
of the EEG in real time to reinforce the desired EEG activity. The music drives the brain into 
resonance with the music to provide a closed loop or physiological feedback effect. Preferably, the 
musical feedback comprises additional voices that embody psychoacoustic principles as well as 
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provide the content and direction normally supplied by the therapist in conventional biofeedback. 
The invention contemplates numerous applications for the results obtained. 


USP # 4,877,027 (October 31, 1989) 

Hearing System 

Brunkan, Wayne B. 

Abstract --- Sound is induced in the head of a person by radiating the head with microwaves in the 
range of 100 megahertz to 10,000 megahertz that are modulated with a particular waveform. The 
waveform consists of frewuency modulated bursts. each burst is made up of 10 to 20 uniformly 
spaced pulses grouped tightly together. the burst width 1s between 500 nanoseconds and 100 
microseconds. The pulse width is in the range of 10 nanoseconds to 1 microsecond. The bursts are 
frequency modulated by the audio input to create the sensation of hearing in the person whose head 
is irradiated. 


USP # 4,858,612 (August 22, 1989) 

Hearing Device 

Stocklin, Philip L. 

Abstract --- A method and apparatus for stimulation of hearing in mammals by introduction of a 
plurality of microwaves into the region of the auditory cortex is shown and secribed. A microphone 
is used to transform sound signals into eletrical signals which are in turn analyzed and processed to 
provide controls for generating a plurality of microwave signals at different frequencies. the 
multifrequency microwaves are then applied to the brain in the region of the auditory cortex. By this 
method sounds are perceived by the mamal which are representative of the original sound received 
by the microphone. 


USP # 4,834,701 (May 30, 1989) 

Apparatus for Inducing Frequency Reduction in Brain Wave 

Masaki, Kazumi 

Abstract --- Frequency reduction in human brain wave is inducible by allowing human brain to 
perceive 4-16 hertz beat sound. Such beat sound can be easily produced with an apparatus, 
comprising at least one sound source generating a set of low-frequency signals different each other 
in frequency by 4-16 hertz. Electroencephalographic study revealed that the beat sound is effective 
to reduce beta-rhythm into alpha-rhythm, as well as to retain alpha-rhythm. 


USP # 4,821,326 (April 11, 1989) 

Non-Audible Speech Generation Method & Apparatus 

MacLeod, Norman 

Abstract --- A non-audible speech generation apparatus adn method for producing non-audible 
seech signals which includes an ultasonic transducer or vibrator for projecting a series of glottal 
shaped ultrasonic pulses to the vocal track of a speaker. The glottal pulses, in the approximate 
frequency spectrum extending from 15 kilohertz to 105 kilohertz, contains harmonics of 
approximately 30 times the grequency of the acoustical harmonicsgenerated by the vocal cords, but 
which may nevertheless be amplitude modulated to produce non-auduble speech by the speaker's 
silently mouthing of words. The ultrasonic speech is then received by an ultasonic transducer 
disposed outside of the speaker's mouth and electronically communicated to a translation device 
which down converts the ultrasonics signals to corresponding signals in the audible frquency range 
and synthesizes the signals into artificial speech. 


USP # 4,777,529 (October 11, 1988) 

Auditory Subliminal Programming System 

Schultz, Richard M., et al. 

Abstract --- An auditory subliminal programming system includes a subliminal message encoder 
that generates fixed frequency security tones and combines them with a subliminal message signal 
to produce an encoded subliminal message signal which is recorded on audio tape or the like. A 
corresponding subliminal decoder/mixer is connected as part of a user's conventional stereo system 
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and receives as inputs an audio program selected by the user and the encoded subliminal message. 
The decoder/mixer filters the security tones, if present, from the subliminal message and combines 
the message signals with selected low frequency signals associated with enhanced relaxation and 
concentration to produce a composite auditory subliminal signal. The decoder/mixer combines the 
composite subliminal signal with the selected audio program signals to form composite signals only 
if 1t detects the presence of the security tones in the subliminal message signal. The decoder/mixer 
outputs the composite signal to the audio inputs of a conventional audio amplifier where it 1s 
amplified and broadcast by conventional audio speakers. 


USP + 4,734,037 (March 29, 1988) 

Message Screen 

McClure, J. Patrick 

Abstract --- A transparent sheet is disclosed having a message thereon. The sheet has a first side 
adapted to be attached facing a plate which is normally viewed by a viewer and a second side facing 
the viewer. The message is arranged to be readably intelligible from the second side but is not 
liminally visible to the viewer when viewed from a normal viewing distance from the second side 
under normal viewing conditions. The message has a subliminal effect upon the viewer when 
viewed from the normal viewing distance from the second side under normal viewing conditions. A 
viewer can electively subject him or herself to subliminal messages while viewing television at 
leisure. 


USP # 4,717,343 (January 5, 1988) 

Method of Changing a Person's Behavior 

Densky, Alan B. 

Abstract --- A method of conditioning a person's unconscious mind in order to effect a desired 
change in the person's behavior which does not require the services of a trained therapist. Instead the 
person to be treated views a program of video pictures appearing on a screen. The program as 
viewed by the person's unconscious mind acts to condition the person's thought patterns in a manner 
which alters that person's behavior in a positive way. 


USP # 4,699,153 (October 13, 1987) 

System for Assessing Verbal Psychobiological Correlates 

Shevrin, Howard, et al. 

Abstract --- A system for assessing psychobiological conditions of a subject utilizes a plurality of 
words which are selected to be in four categories as critical stimuli. The words are presented by a 
tachistoscope to the subject in subliminal and supraliminal modes of operation. Subliminal 
stimulation of the subject is achieved by presenting the selected words for an exposure period of 
approximately one millisecond. The supraliminal exposure time is approximately thirty 
milliseconds. Prior to stimulation, the subject is diagnosed in accordance with conventional 
psychoanalytical techniques to establish the presence and nature of a pathological condition. The 
words are selected and categorized in four groups: pleasant words, unpleasant words, words related 
to a diagnosed conscious pathological condition, and words related to a diagnosed unconscious 
pathological condition. The brain wave responses which are evoked by the stimulation are collected 
via electrodes and analyzed in accordance with a transinformation technique which is based on 
information signal theory for establishing a probabilistic value which corresponds to the information 
content of the evoked responses. 


USP # 4,692,118 (September 8, 1987) 

Video Subconscious Display Attachment 

Mould, Richard E. 

Abstract --- An apparatus and method for introducing messages to the subconscious mind 1s 
disclosed, which includes a panel positioned adjacent a television screen, with the panel having non- 
distractive messages imprinted thereon, such that as the subject consciously focuses his attention on 
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the video screen, his subconscious mind records the message from the panel that 1s within his 
peripheral vision. 


USP # 4,616,261 (October 7, 1986) 

Method & Apparatus for Generating Subliminal Visual Messages 

Crawford, James R., et al. 

Abstract --- A system for generating a subliminal message during the display of a normal television 
program on a television receiver utilizes a personal computer to generate an RF carrier modulated 
with video signals encoding the subliminal message. The computer runs under the control of an 
application program which stores the subliminal message and also controls the computer to cause 1t 
to generate timing signals that are provided to a single pole double-throw switch. The source of the 
normal television program and the video output of the computer are connected to the two switch 
inputs and the switch output is connected to the television receiver antenna system. The timing 
signals cause the switch to normally display the conventional television program and to periodically 
switch to the computer output to generate the subliminal message. The video output of the computer 
includes horizontal and vertical synchronizing signals which are of substantially the same frequency 
as the synchronizing signals incorporated within the normal program source but of an arbitrary 
phase. 


USP # 4,573,449 (March 4, 1986) 

Method for Stimulating the Falling Asleep and/or Relaxing Behavior of a Person 

Warnke, Egon F. 

Abstract --- A method and apparatus is provided with which a person suffering from sleeplessness 
can be more easily relaxed and may more rapidly fall asleep. In particular, sound pulses are emitted 
by an electro-acoustic transducer, according to the cadence of which, the person seeking to fall 
asleep is induced to breathe in and out over a predetermined period of time. By suitably selecting 
the pulse sequence frequency, the pitch and the amplitude of the sound pulses may be adjusted 
thereby enhancing the process of falling asleep. 


USP # 4,508,105 (April 2, 1985) 

Shadow Generating Apparatus 

Whitten, Glen, et al. 

Abstract --- Disclosed is an apparatus for inducing various brain wave patterns through visual 
stimulation. The apparatus comprises a pair of spectacles or other viewing apparatus having a liquid 
crystal display embedded in each lens. By repetitively activating and deactivating the liquid crystals, 
shadows are generated which are perceived by the subject individual wearing the viewing apparatus. 
Responding to the frequency of shadow generation, the subject's brain is thereby induced to 
generate sympathetic brain wave frequencies. The apparatus finds particular utility in the generation 
of alpha waves. Because learning is enhanced when the brain 1s in the alpha state, activities such as 
listening to tapes or lectures and the like can be carried out with greater facility. Shadow generation 
is accomplished through the use of a timing mechanism for each liquid crystal display and the 
frequency for each 1s adjustable over a wide range, permitting synchronous or asynchronous timing. 


USP # 4,395,600 (July 26, 1983) 

Auditory Subliminal Message System & Method 

Lundy, Rene R., et al. 

Abstract --- Ambient audio signals from the customer shopping area within a store are sensed and 
fed to a signal processing circuit that produces a control signal which varies with variations in the 
amplitude of the sensed audio signals. A control circuit adjusts the amplitude of an auditory 
subliminal anti-shoplifting message to increase with increasing amplitudes of sensed audio signals 
and decrease with decreasing amplitudes of sensed audio signals. This amplitude controlled 
subliminal message may be mixed with background music and transmitted to the shopping area. To 
reduce distortion of the subliminal message, 1ts amplitude 1s controlled to increase at a first rate 
slower than the rate of increase of the amplitude of ambient audio signals from the area. Also, the 
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amplitude of the subliminal message is controlled to decrease at a second rate faster than the first 
rate with decreasing ambient audio signal amplitudes to minimize the possibility of the subliminal 
message becoming supraliminal upon rapid declines in ambient audio signal amplitudes in the area. 
A masking signal is provided with an amplitude which 1s also controlled in response to the 
amplitude of sensed ambient audio signals. This masking signal may be combined with the auditory 
subliminal message to provide a composite signal fed to, and controlled by, the control circuit. 


USP # 4,388,918 (June 21, 1983) 

Mental Harmonization Process 

Filley, Charles C. 

Abstract --- A state of relaxation or mental harmonization in a subject is created by exposing a 
color solely to one field of vision of a subject and the complement of that color solely to the other 
field of vision of the subject while simultaneously exposing an audible tone solely to one ear of the 
subject and a harmonious tone solely to the other ear of the subject. The color and tones employed 
are subjectively comfortable and compatible. Preferably, the frequency difference between the two 
audible tones is one-half the frequency of the audible tone having the lowest frequency. 


USP # 4,354,505 (October 19, 1982) 

Method of and Apparatus for Testing and Indicating Relaxation State of a Human Subject 
Shiga, Kazumasa 

Abstract --- In a self-training biofeedback system, a physiological signal representing the state of 
relaxation of a person using the system is applied to a time counter to generate a binary count output 
representing the relaxation period. A visual indicator connected to the time counter provides the self 
trained person with a quick display of the measured time period so he can gauge the depth of his 
relaxation. 


USP # 4,335,710 (June 22, 1982) 

Device for the Induction of Specific Brain Wave Patterns 

Williamson, John 

Abstract --- Brain wave patterns associated with relaxd and meditative states in a subject are 
gradually induced without deleterious chemical or neurological side effects. A white noise generator 
(11) has the spectral noise density of 1ts output signal modulated in a manner similar to the brain 
wave patterns by a switching transistor within a spetrum modulator and converted to an audio signal 
by acoustic transducer. Ramp generator gradually increases the voltage received by and resultant 
output frequency of voltage controlled oscillator whereby switching transistor periodically shunts 
the high frequency components of the white noise signal to ground. 


USP # 4,315,501 (February 16, 1982) 

Learning-Relaxation Device 

Gorges, Denis E. 

Abstract --- Disclosed is a device for relaxing, stimulating and/or driving brain wave form function 
in a human subject. The device comprises, in combination, an eye mask having independently 
controlled left and right eyepieces and a peripheral light array in each eyepiece, an audio headset 
having independently controlled left and right earpieces and a control panel which controls light and 
sound signals to the light arrays and earpieces, respectively. Various control functions allow 
simultaneous or alternating light and sound pulsations in the left and right light arrays and earpieces, 
as well as selective phasing between light and sound pulsations. 


USP # 4,227,516 (October 14, 1980) 

Apparatus for Electrophysiological Stimulation 

Meland, Bruce C., et al. 

Abstract --- Apparatus for the electrophysiological stimulation of a patient 1s provided for creating 
an analgesic condition in the patient to induce sleep, treat psychosomatic disorders, and to aid in the 
induction of electrohypnosis and altered states of consciousness. The foregoing is achieved by 
repetitive stimuli in the patient for whom external influences, namely those of sight and sound, are 
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intentionally excluded. The apparatus produces electrical stimulation of the patient in the form of a 
modulated wave which produces impulses in the delta, theta, alpha and beta regions of the brain's 
electrical activity, the electrical stimulation being accompanied by two sources of audio stimulation, 
one of which is a sinusoidal tone modulated by and synchronized with the electrical stimulation, and 
the other is derived from sound recordings. 


USP # 4,191,175 (March 4, 1980) 

Method & Apparatus for Repetitively Producing a Noise-like Audible Signal 

Nagle, William L. 

Abstract --- A digital pulse generator and shift register repetitively produce bursts of digital pulses 
at a first adjustable repetition frequency. The repetition frequency of the pulses in each burst 1s also 
adjustable. A pink noise filter accentuates the lower burst frequency components near 7 hz and 
substantially attenuates all frequency components of the bursts above a first cut-off point near 10 
Khz. A tunable band pass amplifier having a center frequency adjustable over a preselected range of 
frequencies optimally detectable by the average human ear accentuates the pink noise filter output 
near 2.6 Khz. The tunable amplifier drives an audible signal source with noise-like pulses of varying 
amplitudes and frequency components. A low pass amplifier may be connected to the pink noise 
filter to generate a train of pulses having a repetition frequency near 7 hz which pulses a light source 
in synchronism with the audible noise-like signal. 


USP # 4,141,344 (February 27, 1979) 

Sound Recording System 

Barbara, Louis J. 

Abstract --- In recording an audio program, such as music or voice, on a magnetic tape recorder an 
A.C. signal generator operating at a frequency below about 14 Hz provides an AC baseline for the 
audio program signal. This 14 Hz or lower AC signal is sensed by the listener's ear to create an 
Alpha or Theta state in his brain when the tape 1s played back. 


USP # 4,082,918 (April 4, 1978) 

Audio Analgesic Unit 

Chang, Roland W., et al. 

Abstract --- An audio analgesic unit for use in masking sounds and substituting another sound 
which includes earmuffs to be used by a dental patient in which speakers are arranged and 
connected to a patient operated remote control unit to control the sound levels and a master control 
unit to override the patient remote control unit and operated by an operator, such as a dentist. A 
beeper indicates operation mode change. 


USP # 4,034,741 (July 12, 1977) 

Noise Generator & Transmitter 

Adams, Guy E., et al. 

Abstract --- An analgesic noise generator employs a circuit that can be switched to provide a 
variable waveform from an active noise source out of an integrated circuit amplifier. 


USP # 3,967,616 (July 6, 1976) 

Multichannel System for & Multifactorial Method of Controlling the Nervous System of a 
Living Organism 

Ross, Sidney A. 

Abstract --- A novel method for controlling the nervous system of a living organism for therapeutic 
and research purposes, among other applications, and an electronic system utilized in, and enabling 
the practice of, the invented method. Bioelectrical signals generated in specifictopological areas of 
the organism's nervous system, typically areas of the brain, are processed by the invented system so 
as to produce a sensory stimulus if the system detects the presence or absence, as the case may be, 
of certain characteristics in the waveform patterns of the bioelectrical signals being monitored. The 
coincidence of the same or different characteristics in two or more waveform patterns, or the non- 
coincidence thereof, may be correlated with a certain desired condition of the organism's nervous 
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system; likewise, with respect to the coincidence or non-coincidence of different characteristics of a 
single waveform pattern. In any event, the sensory stimulus provided by the invented system, 
typically an audio or visual stimulus, or combination thereof, 1s fed back to the organism which 
associates its presence with the goal of achieving the desired condition of its nervous system. 
Responding to the stimulus, the organism can be trained to control the waveform patterns of the 
monitored bioelectrical signals and thereby, control its own nervous system. The results of the 
coincidence function permit results heretofore unobtainable. 


USP # 3,951,134 (April 20, 1976) 

Apparatus & Method for Remotely Monitoring & Altering Brain Waves 

Malech, Robert G. 

Abstract --- Apparatus for and method of sensing brain waves at a position remote from a subject 
whereby electromagnetic signals of different frequencies are simultaneously transmitted to the brain 
of the subject in which the signals interfere with one another to yield a waveform which is 
modulated by the subject's brain waves. The interference waveform which is representative of the 
brain wave activity is re-transmitted by the brain to a receiver where it is demodulated and 
amplified. The demodulated waveform is then displayed for visual viewing and routed to a 
computer for further processing and analysis. The demodulated waveform also can be used to 
produce a compensating signal which is transmitted back to the brain to effect a desired change in 
electrical activity therein. 


USP # 3,884,218 (May 20, 1975) 

Method of Inducing & Maintaining Various Stages of Sleep in the Human Being 

Monroe, Robert A. 

Abstract --- A method of inducing sleep in a human being wherein an audio signal is generated 
comprising a familiar pleasing repetitive sound modulated by an EEG sleep pattern. The volume of 
the audio signal is adjusted to overcome the ambient noise and a subject can select a familiar 
repetitive sound most pleasing to himself. 


USP # 3,837,331 (September 24, 1974) 

System & Method for Controlling the Nervous System of a Living Organism 

Ross, S. 

Abstract --- A novel method for controlling the nervous system of a living organism for therapeutic 
and research purposes, among other applications, and an electronic system utilized in, and enabling 
the practice of the invented method. Bioelectrical signals generated in specific topological areas of 
the organism's nervous system, typically areas of the brain, are processed by the invented system so 
as to produce an output signal which is in some way an analog of selected characteristics detected in 
the bioelectrical signal. The output of the system, typically an audio or visual signal, 1s fed back to 
the organism as a stimulus. Responding to the stimulus, the organism can be trained to control the 
waveform pattern of the bioelectrical signal generated in its own nervous system. 


USP # 3,835,833 (September 17, 1974) 

Method for Obtaining Neurophysiological Effects 

Limoge, A. 

Abstract --- A method and apparatus for obtaining neurophysiological effects on the central and/or 
peripheral systems of a patient. Electrodes are suitably positioned on the body of the patient and a 
composite electric signal is applied at the electrodes. The composite signal is formed by the 
superpositioning of two signals: a first signal which is a rectified high-frequency carrier modulated 
in amplitude to about 100 percent by substantially square-shaped pulses whose duration, amplitude 
and frequency are chosen according to the neurophysiological effects desidered, and a second signal 
which has a relatively white noise spectrum. The mean value of the first electric signal has a 
predetermined sign which 1s opposite the sign of the mean value of the second electric signal. 


USP # 3,773,049 (November 20, 1973) 
Apparatus for Treatment of Neuropsychic & Somatic Diseases with Heat, Light, Sound & 
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Insert < or > between each of these pairs of fractions to make a 
true statement. You should use a calculator. 


(a) 5 (b) 35> 33 (c) 35,55 (dr 37 
Use a calculator to put these numbers in order, smallest first. 


(a) 5.8, 54 , 5.77, 5.78, 5% 


(b) 3.1, 34 , 3.01, 3.09, 32 
(c) 42, 4.084, 4.083, 42, 4.085 


16 


3; and 


Find a decimal with three decimal places which is between 
35 - Convert your decimal to a fraction in its simplest form. 


(a) Convert these fractions to recurring decimals. 
12 3 4 5 6 


TETUTI TET 
(b) How many figures are there in each of the recurring groups? 
(c) Comment on the figures in the recurring groups. 
(a) Which denominators of the fractions +,2,2,..., Æ, 5, when 
converted to decimals, give rise to terminating decimals? 
(b) Comment on the numbers in your answer to part (a). 
(Hint: find the factors of each denominator.) 


5. Decimals 
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VHF Electromagnetic Radiation 
L. Y. Rabichey, et al. 
Abstract --- N/A 


USP + 3,766,331 (October 16, 1973) 

Hearing Aid for Producing Sensations in the Brain 

Zink, Henry R. 

Abstract --- A pulsed oscillator or transmitter supplies energy to a pair of insulated 
electrodes mounted on a person's neck. The transmitter produces pulses of intensity greater 
than a predetermined threshold value and of a width and rate so as to produce the sensation 
of hearing without use of the auditory canal, thereby producing a hearing system enabling 
otherwise deaf people to hear. 


USP # 3,727,616 (March 17, 1973) 

Electronic System for Stimulation of Biological Systems 

Lenskes, H. 

Abstract --- A receiver totally implanted within a living body is inductively coupled by 
two associated receiving coils to a physically unattached external transmitter which 
transmits two signals of different frequencies to the receiver via two associated transmitting 
coils. One of the signals from the transmitter provides the implanted receiver with precise 
control or stimulating signals which are demodulated and processed in a signal processor 
network in the receiver and then used by the body for stimulation of a nerve, for example, 
while the other signal provides the receiver with a continuous wave power signal which 1s 
rectified in the receiver to provide a source of electrical operating power for the receiver 
circuitry without need for an implanted battery. 


USP # 3,712,292 (January 23, 1973) 

Method & Apparatus for Producing Swept FM Audio Signal Patterns for Inducing 
Sleep 

Zentmeyer, J. 

Abstract --- A method of producing sound signals for inducing sleep in a human being, 
and apparatus therefor together with REPRESENTATIONS thereof in recorded form, 
wherein an audio signal is generated representing a familiar, pleasing, repetitive sound, 
modulated by continuously sweeping frequencies in two selected frequency ranges having 
the dominant frequencies which occur in electrical wave patterns of the human brain during 
certain states of sleep. The volume of the audio signal is adjusted to mask the ambient 
noise and the subject can select any of several familiar, repetitive sounds most pleasing to 
him. 


USP # 3,647,970 (March 7, 1972) 

Method and System for Simplifying Speech Waveforms 

Flanagan, G. Patrick 

Abstract --- A complex speech waveform is simplified so that it can be transmitted directly 
through earth or water as a waveform and understood directly or after amplification. 


USP # 3,629,521 (January 8, 1970) 

Hearing Systems 

Puharich, Henry K. 

Abstract --- The present invention relates to the stimulation of the sensation of hearing in 
persons of impaired hearing abilities or in certain cases persons totally deaf utilizing RF 
energy. More particularly, the present invention relates to a method and apparatus for 
imparting synchronous AF or ""acoustic" signals and so-called "transdermal" or RF 
signals. Hearing and improved speech discrimination, in accordance with one aspect of the 
present invention, 1s stimulated by the application of an AF acoustical signal to the "ear 
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system" conventional biomechanism of hearing, which 1s delivered to the brain through the 
"normal" channels of hearing and a separate transdermal RF electrical signal which is 
applied to the "facial nerve system" and is detectable as a sensation of hearing. Vastly 
improved and enhanced hearing may be achieved... 


USP # 3,576,185 (April 27, 1971) 

Sleep-Inducing Method & Arrangement using Modulated Sound & Light 
Meseck, Oscar & Schulz, Hans R. 

Abstract --- N/A 


USP # 3,568,347 (February 23, 1971) 

Psycho-Acoustic Projector 

Flanders, Andrew 

Abstract --- A system for producing aural psychological disturbances and partial deafness 
in the enemy during combat situations. 


USP # 3,393,279 (July 16, 1968) 

Nervous System Excitation Device 

Flanagan, Giles P. 

Abstract --- A method of transmitting audio information via a radio frequency signal 
modulated with the audio info through electrodes placed on the subject's skin, causing the 
sensation of hearing the audio information in the brain. 


USP # 3,170,993 (February 23, 1965) 

Means for Aiding Hearing by Electrical Stimulation of the Facial Nerve System 
Puharich, Henry & Lawrence, Joseph 

Abstract --- N/A 


USP # 3,156,787 (November 10, 1964) 
Solid State Hearing System 
Lawrence, Joseph & Puharich, Henry 
Abstract --- N/A 


USP # 2,995,633 (August 8, 1961) 

Means for Aiding Hearing 

Puharich, Henry & Lawrence, J. 

Abstract --- Means for converting audible signals to electrical signals and conveying them 
to viable nerves of the facial system. 
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US Patents: Disc Aircraft 


( Propellor & Jet-Driven Wingless Aerodynes, Lenticular Aircraft, Discoid Aircraft, &c. 
This file does not include force field propulsion & space drives ) 
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USP # 6,270,036 (8-7-01) ~ Blown-Air Lift Generating Rotating Airfoil 
Aircraft 
Lowe, Charles S., Jr. 
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USP # 6,254,032 (7-3-01) ~ Aircraft, &c... 
Bucher, Franz 


USP # 6,179,247 (1-30-01) ~ Personal Air Transport 
Milde, Jr., Karl F. 


USP # 6,113,029 (9-5-00) ~ Aircraft Capable of Hovering Flight 
Salinas, Luis A. 


USP # 6,082,478 (7-4-00) ~ Lift-Augmented Ground Effect Platform 
Walter, William. C., et al. 
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USP # 6,073,881 (6-13-00) ~ Aerodynamic Lift Apparatus 


Chen, Chung-ching 
A | 


ió pe FA Aus, 


19 


USP # 6,068,219 (5-30-00) ~ Single-Surface Multi-Axis Aircraft Control 
Arata, Allen A. 


USP # 6,053,451 (4-25-00) ~ Remote-Control Flight Vehicle Structure 
Yu, Shia-Giow 
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USP # 6,050,520 (4-18-00) ~ VTOL Aircraft 
Kirla, Stanley J. 


[hos 
2) 


40 


USP # 6,016,991 (1-25-00) ~ Evacuated Rotating Envelope Aircraft 
Lowe, Jr., Charles S. 


USP # 5,971,321 (10-26-99) ~ Body-Lift Airplane Assembly 
Libengood, Ronald L. 


ice 


USP # 5,895,011 (4-20-99) ~ Turbine Airfoil Lifting Device 
Gubin, Daniel 
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USP # 5,881,970 (3-16-99) ~ Levity Aircraft Design 
Whitesides, Carl W. 
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USP # 5,836,543 (11-17-98) ~ Discus-Shaped Aerodyne Vehicle... 
Kunkel, Klaus 


USP # 5,836,542 (11-17-98) ~ Flying Craft &c... 
Burns, David J. 
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USP # 5,803,199 (9-8-98) ~ Lift-Augmented Ground Effect Platform 
Walter, William C. 
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USP # 5,730,391 (3-24-98) ~ Universal Fluid-Dynamic Body for Aircraft & 
Watercraft 
Miller, Jr., John A., et al. 


USP # 5,730,390 (3-24-98) ~ Reuseable Spacecraft 
Plichta, Peter & Buttner, Walter 


USP # 5,653,404 (8-5-97) ~ Disc-Shaped Submersible Aircraft 
Ploskin, Gennady 
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USP # 5,520,355 (5-28-96) ~ Three-Wing Circular Planform Body 
Jones, Jack M. 


USP # 5,351,911 (10-4-94) - VTOL Flying Disc 
Neumayr, George A. 


USP # 5,344,100 (9-6-94) ~ Vertical Lift Aircraft 
Jaikaran, Allan 


USP # 5,318,248 (6-7-94) ~ Vertical Lift Aircraft 
Zielonka, Richard H. 
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THINGS TO REMEMBER 


» Each digit in a number has a place value, as shown in this 
table: 


[Hundreds | Tens | Units || tenths | hundredths | thousandths 


ro paja tt | o | 7 | 


> The decimal point acts as a marker which separates the 
whole-number part from the part which is less than 1. 


> The symbol > means ‘is greater than’. The symbol < means 
‘ts less than’. 


> You can use place value to convert a decimal to a fraction. 
— 708 _ 177 
For example, 0.708 = -55 = 75. 
> To convert a fraction to a decimal, divide the numerator by 
the denominator. So + = 3 + 4 = 0.75. 


> When adding or subtracting decimals, remember to line up 
the decimal points underneath each other. You may find it 
helpful to write in zeros to the right of the last digit, so that 
all the numbers have the same number of decimal places. 


> To multiply decimals: 
Step 1 Ignore the decimal points and multiply the numbers 
together. 
Step 2 Find the total number of decimal places in the numbers 
you are multiplying. 
Step 3 The answer must have the same number of decimal 
places. 
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USP # 5,303,879 (4-19-94) ~ Aircraft with a Ducted Fan in a Circular Wing 
Bucher, Franz 


USP # 5,295,571 (11-9-93) ~ Aircraft with Gyroscopic Stabilization System 
Blazquez, Jose M. 


11 3 | | 21 


USP # 5,213,284 (5-25-93) - Disc Planform having Vertical Flight Capability 
Webster, Stephen N. 
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USP # 5,203,521 (4-20-93) ~ Annular Body Aircraft 
Day, Terence 


USP # 5,178,344 (1-12-93) ~ VTOL Aircraft 


Dlouhy, Vaclav 
5 
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USP # 5,170,963 (12-15-92) ~ VTOL Aircraft 
Beck, Jr., August H. 
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USP # 5,149,012 (9-22-92) ~ Turbocraft 


Valverde, Rene L. 
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USP # 5,115,996 (5-26-92) - VTOL Aircraft 
Moller, Paul S. 


USP # 5,102,066 (4-7-92) ~ VTOL Aircraft 
Daniel, William H. 


http://www.rexresearch.com/wingless/wingless.htm 10/35 


1/28/2019 US Patents: Wingless aerodynes, disc aircraft, lenticular airplanes, 4c... 


USP # 5,064,143 (11-12-91) ~ Aircraft Having a Pair of Counter Rotating 
Rotors 
Bucher, Franz 


USP # 5,054,713 (10-8-91) ~ Circular Airplane 
Langley, Lawrence W., et al. 


USP # 5,046,685 (9-10-91) ~ Fixed Circular Wing Aircraft 
Bose, Phillip R. 
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USP # 5,039,031 (8-13-91) ~ Turbocraft 
Valverde, Rene L. 


USP # 4,976,395 (12-11-99) ~ Heavier-Than-Air Disk-Type Aircraft 
von Kozierowski, Joachim 


USP # 4,955,962 (9-11-99) ~ Remote Control Flying Saucer 
Mell, Christian 
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USP # 4,941,628 (7-19-90) ~ Lift Generating Apparatus, &c. 
Sakamoto, Yujiro, et al. 


USP # 4,824,048 (4-25-89) ~ Induction Lift Flying Saucer 
Kim, Kyusik 


USP # 4,804,156 (2-14-89) ~ Circular Aircraft 
Harmon, Rodney D. 


http://www.rexresearch.com/wingless/wingless.htm 13/35 


1/28/2019 US Patents: Wingless aerodynes, disc aircraft, lenticular airplanes, 4c... 


USP # 4,796,836 (1-10-89) ~ Lifting Engine for VTOL Aircrafts 
Buchelt, Benno 


— ae EE ; 


i i 


USP # 4,795,111 (1-3-89) ~ Robotic or Remotely Controlled Flying Platform 
Moller, Paul S. 


—— Mi 
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USP # 4,214,720 (7-29-80) ~ Flying Disc 
DeSautel, Edwin R. 


USP # 4,196,877 (4-8-80) ~ Aircraft 
Mutrux, Jean L. 


http://www.rexresearch.com/wingless/wingless.htm 


14/35 


1/28/2019 US Patents: Wingless aerodynes, disc aircraft, lenticular airplanes, 4c... 


USP # 4,193,568 (3-18-80) ~ Disc-Type Airborne Vehicle 
Heuvel, Norman L. 


USP # 4,165,848 (8-28-79) ~ Rotary Thrust Device... 
Bizzarri, Alfredo 


USP # 4,117,992 (10-3-78) ~ Vertical Lift Device 
Vrana, Charles K. 
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USP # 4,050,652 (9-27-77) ~ Gyro Foil 
DeToia, Vincent D. 


USP # 4,023,751 (5-17-77) ~ Flying Ship 
Richard, Walter A. 
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USP # 4,014,483 (3-29-77) ~ Lighter-Than-Air Craft 
MacNeil, Roderick M. 


http://www.rexresearch.com/wingless/wingless.htm 


16/35 


1/28/2019 US Patents: Wingless aerodynes, disc aircraft, lenticular airplanes, 4c... 


USP # 3,933,325 (1-20-76) ~ Disc-Shaped Aerospacecraft 
Kaelin, Joseph R. 


USP # 3,871,602 (3-18-75) ~ Circular Wing Aircraft 
Kissinger, Curtis D. 


USP # 3,774,865 (11-27-73) ~ Flying Saucer 
Pinto, Olympio F. 
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> To divide by a decimal: 

Step 1 Write the division as a fraction. 

Step 2 Multiply by 10 or 100 or 1000 to convert to an 
equivalent fraction with a whole number for the 
denominator. 

Step 3 Divide the numerator by the denominator. 


> A terminating decimal has a finite number of decimal places, 
so the decimal ends or terminates. 
For example, 0.25 and 0.245 556 are terminating decimals. 


> A recurring decimal has digits that keep repeating without 
terminating. You can use dot over the repeating digits to write 


down a recurring decimal. UN 
For example, Y = 0.459 459 459... = 0.459. 


? 37 


5. Decimals 79 
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USP # 3,750,980 (8-7-73) ~ Aircraft with VTOL Capability 
Edwards, Samuel L. 
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USP # 3,697,020 (10-10-72) ~ Vertical Lift Machine 
Thompson, Raymond V. 


AIR FLOW 


USP # 3,690,597 (9-12-72) ~ VTOL Aircraft... 
Di Martino, Renato 


USP # 3,640,489 (2-8-72) ~ VTOL Aircraft 
Jaeger, Karl 
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USP # 3,630,470 (12-28-71) ~ VTOL Vehicle 
Elliot, Frederick T. 


USP # 3,614,030 (10-19-71) ~ Aircraft 
Moller, Paul S. 


USP # 3,612,445 (10-12-71) ~ Lift Actuator Disc 
Phillips, Duan A. 
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USP # 3,599,902 (8-17-71) ~ Aircraft 
Thomley, John W. 


USP # 3,537,669 (11-3-70) ~ Manned Disc-Shaped Flying Craft 
Modesti, James N. 


USP # 3,503,573 (3-31-70) ~ Disk Flying Craft 


Modesti, James N. 
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USP # 3,469,802 (9-30-69) ~ Transport 
Roberts, J. R., et al. 
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USP # 3,437,290 (4-8-69) ~ Vertical Lift Aircraft 
Norman, Francis A. 
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USP # 3,432,120 (4-11-69) ~ Aircraft 
Guerrero, E. 


USP # 3,410,507 (11-12-68) ~ Aircraft 
Moller, Paul S. 
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USP # 3,397,853 (8-20-68) ~ Fluid-Sustained Vehicle 
Richardson, William. B. 
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USP # 3,395,876 (8-6-68) ~ Aircraft with Housed Counter-Rotating 
Propellors 
Green, Jacob B. 


USP # 3,387,801 (6-11-68) ~ VTOL Aircraft 
Kelsey, C. W. 
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USP # 3,321,156 (5-23-67) ~ Universally Manuverable Aircraft 
McMasters, Douglas Q. 


USP # 3,312,425 (4-4-67) ~ Aircraft 
Lennon, C. D., et al. 
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USP # 3,243,146 (3-29-66) ~ VTOL Aircraft 
Clover, P. B. 


USP # 3,237,888 (3-1-66) ~ Aircraft 
Willis, William M. 


USP # 3,199,809 (8-10-65) ~ Circular Wing Flying Craft 
Modesti, James N. 


USP # 3,182,929 (5-11-65) ~ VTOL Aircraft 
Lemberger, Robert A. 
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USP # 3,124,323 (3-10-64) ~ Aircraft Propulsion & Control 
Frost, John C. M. 
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USP # 3,123,320 (4-3-64) ~ Vertical Rise Aircraft 
Slaughter, E. E. 
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USP # 3,073,551 (1-15-63) ~ Vertical Lift Aircraft 
Bowersox, Joseph W. 


USP # 3,072,366 (1-8-63) ~ Fluid-Sustained Aircraft 
Freeland, Leonor Z. 


USP # 3,067,967 (12-11-62) ~ Flying Machine 
Barr, I. R. 


http://www.rexresearch.com/wingless/wingless.htm 25/35 


1/28/2019 US Patents: Wingless aerodynes, disc aircraft, lenticular airplanes, 4c... 


USP # 3,066,890 (12-4-62) ~ Supersonic Aircraft 
Price, Nathan C. 


USP # 3,065,935 (11-27-62) ~ VTOL Aircraft 
Dubbury, J., et al. 


USP # 3,051,417 (8-28-62) ~ Aircraft Control Systems 
Frost, John C. M., et al. 


USP # 3,051,415 (8-28-62) ~ Fluid-Sustained Aircraft 
Frost, John C. M. 
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USP # 3,051,414 (8-28-62) ~ Aircraft with Jet Fluid Control Ring 
Frost, John C. M. 
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USP # 3,024,966 (3-13-62) ~ Radial Flow Gas Turbine Engine Rotor Bearing 
Frost, John C. M. 


USP # 3,022,963 (2-27-62) ~ Disc-type Aircraft... 
Frost. John C. M., et al. 


USP # 3,020,003 (2-6-62) ~ Disc Aircraft... 
Frost, John C. M., et al. 


USP # 3,018,068 (1-23-62) ~ Disc Aircraft... 
Frost, John C. M., et al. 


http://www.rexresearch.com/wingless/wingless.htm 


27/35 


80 


Statistics 1 


In this chapter you will learn: 

e about the collection of statistical data 

e howto draw and use pictograms, bar charts, pie charts and 
line graphs 

e howto draw and use scatter graphs 

e about correlation 

e about discrete and continuous data. 


6.1 Introduction 


Statistics is the branch of mathematics concerned with the 
collection, organization and analysis of data, often, but not always, 
numerical data. This chapter deals with the first two of these three 
aspects of statistics, with particular emphasis on the presentation 
of data. The analysis of data, using a variety of statistical averages, 
will be found in Chapter 22. 


Starting with pictorial records on the walls of cave dwellings, 

the collection and recording of data is as old as civilization itself. 
Before 3000 Bc, the Babylonians gathered information about 
crops and trade and so, centuries later, did the Egyptians and the 
Chinese. The Greeks held censuses, for taxation purposes, as early 
as 594 Bc but the Romans were the first to gather a wide range of 
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USP # 3,020,002 (2-6-62) ~ VTOL Control 
Frost, John C. M. 


USP # 2,997,254 (8-22-61)~ Gyro-Stabilized Vertical Rising Vehicle (Discoid) 
Mulgrave, Thomas P., et al. 


USP # 2,988,303 (6-13-61) ~ Jet-Sustained Aircraft 
Coanda, Henri 
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USP # 2,953,320 (9-20-60) ~ Aircraft with Ducted Lifting Fan 
Parry, Robert D. 


USP # 2,944,762 (7-12-60) ~ Aircraft 
Lane, Thomas R. 


USP # 2,939,648 (6-7-60) ~ Rotating Jet Aircraft with Lifting Disc Wing... 
Fleissner, H. 


http://www.rexresearch.com/wingless/wingless.htm 29/35 


1/28/2019 US Patents: Wingless aerodynes, disc aircraft, lenticular airplanes, 4c... 


USP # 2,937,492 (5-24-60) ~ Rotary Reaction Engine 
Lehberger, Arthur N. 


USP # 2,935,275 (5-3-60) ~ Disc-Shaped Aircraft 
Grayson, Leonard W. 


USP # 2,927,746 (3-8-60) ~ Toroidal Aircraft 
Mellen, Walter R. 


http://www.rexresearch.com/wingless/wingless.htm 30/35 


1/28/2019 US Patents: Wingless aerodynes, disc aircraft, lenticular airplanes, &c... 


USP # 2,918,230 (12-22-59) ~ Fluid-Sustained & Fluid-Propelled Aircraft 
Lippisch, Alexander M. 


USP # 2,876,965 (3-10-59) ~ Circular Wing Aircraft... 
Streib, Homer F. 


USP # 2,863,621 (12-9-58) ~ Vertical & Horizontal Flight Aircraft 
Davis, John W. 
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USP # 2,801,058 (7-30-57) ~ Saucer-Shaped Aircraft 
Lent, Constantin P. 


USP # 2,777,649 (1-15-57) ~ Fluid-Sustained Aircraft 
Williams, Samuel B. 


USP # 2,772,057 (11-27-56) ~ Circular Aircraft &c.. 
Fischer, John C. 


USP # 2,736,514 (2-28-56) ~ Convertible Aircraft 
Ross, Robert S. 
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USP # 2,730,311 (1-10-56) ~ Impeller Propelled Aerodynamic Body 
Doak, Edmond R. 


USP # 2,718,364 (9-20-55) ~ Fluid-Sustained & Propelled Aircraft... 
Crabtree, E.L. 


USP # 2,619,302 (11-25-52) ~ Low Aspect Ratio Aircraft 
Loedding, Alfred C. 
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USP # 2,567,392 (9-11-51) ~ Fluid-Sustained Aircraft 
Naught, Harold 


USP # 2,431,293 (11-18-47) ~ Airplane of Low Aspect Ratio 
Zimmermann, Charles H. 


USP # 2,377,835 (6-5-45) ~ Discopter 
Weygers, Alexander G. 
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USP # 1,887,411 (11-8-32) ~ Aircraft Construction 
Johnson, R. B. 


Your Support Maintains this Service -- 


BUY 
The Rex Research Civilization Kit 
... It's Your Best Bet & Investment in Sustainable Humanity on Earth ... 


Ensure & Enhance Your Survival & Genome Transmission ... 
Everything @ rexresearch.com on a Data DVD ! 


ORDER PAGE 


http://www.rexresearch.com/wingless/wingless.htm 35/35 


1/10/2018 vk3ye dot com - A simple crystal set for free power radio 


portable DX 


pedestrian mc 
ontests 


vk3ye dot com Pair 
a C B shortwave 
videos 


Return to 
VK3YE 
amateur 
radio 
projects 


A simple crystal set for free power radio 


Of any electronic project, the crystal set would have to rate as one of the 
most popular. Many amateurs are on the air today because of their early 
construction of a crystal set. Most practical electronic books for 
beginners include at least one crystal set project. Unfortunately, some of 
these circuits take simplicity too far and deliver mediocre performance, 


often by omitting key components such as the tuning capacitor, or failing 
to provide coil taps. 


This article describes a crystal set of medium complexity. It features coil taps 
for the antenna and diode to make it useful for both country and metropolitan 
listeners. The taps allow the set to cover 160 metres if desired. All parts are 
easily obtainable, making it a good choice for the beginner. The endless 
possibilities for experimentation also make crystal sets interesting novelty 
projects for experienced constructors. The schematic is shown here: 
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Obtaining the parts 


Tuning capacitor 
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population, financial and agricultural data about their empire. The 
word “statistics” itself is derived from the Latin word statisticus, 
meaning “of state affairs”. 


The first real statistical study of population, Observations on the 
London Bills of Mortality, was published in 1662 and statistical 
methods subsequently assumed increasing importance, especially in 
the natural and social sciences. 


Today, important decisions in many fields are made on the basis 
of statistics, although this reliance does have its critics. Benjamin 
Disraeli believed “There are three kinds of lies: lies, damned lies and 
statistics.” Rex Todhunter Stout held a similar view: “There are two 
kinds of statistics, the kind you look up and the kind you make up. 


> 


6.2 Collection of data 


You can collect statistical data in three ways: by referring to 
existing source material, such as newspapers; by carrying out an 
experiment; and by conducting a survey. A survey might involve 
a whole population, as in a national census, but, to save time and 
money, 1t is more likely that you would survey part of the whole 
population, called a sample. 
Insight 
In statistics, 1t is important that a sample should be as 
representative of the whole population as possible in order 
to avoid bias. For example, if you wanted to find out what 
proportion of the population is trying to reduce their carbon 
footprint, then conducting a survey of people on a climate 
change rally would produce a bias in your results. 
A data collection sheet or tally chart is used to organize the data 
from a survey. You can use it to collate data from completed 
questionnaires or you can record information directly onto it. 


6. Statistics 1 81 
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A large air-spaced type, covering about 10 to 415 picofarads is preferred. 
These capacitors were common in valve and early transistor radios and often 
appear at hamfests. Their long shafts make it easy to attach large tuning 
knobs. When purchasing one see that the shaft turns freely, but is not loose. 
Ensure that the plates are straight and do not touch when meshed - use a 
multimeter (preferably with audible continuity function) to test this. Avoid 
capacitors with 3/8 inch shafts unless nothing else is available â€“ knobs for 
these are not obtainable, and an old valve radio dial drum will need to be used 
instead. 


If a large capacitor is unavailable, a small plastic dielectric unit is suitable 
(such as stocked by Jaycar and online). The lower maximum capacitance (160 
pF) means that more coil turns are required to provide coverage of the lower 
end of the broadcast band. This can be partially overcome by connecting the 
60 and 160 pF sections in parallel (link the 'A' and 'O' tabs). The main 
disadvantage of these capacitors is their short shafts, which makes it harder to 
attach most types of knobs. 


Vernier Drive and dial 


The use of a vernier reduction drive is not necessary. However, its inclusion 
makes tuning easier, particularly on the higher frequencies. These are rare 
new but sometimes come up at hamfests. If your drive lacks a dial, one can be 
fashioned from a plastic or metal disc, such as a jar lid or salvaged computer 
hard disc. Glue the dial directly to the skirt of the tuning knob if you lack a 
vernier drive. 


Diode 


This is the most easily obtainable and cheapest component in the project. A 
germanium diode, such as a 1N60, OA90, 0A91, 0A95 or 1N34A will be 
suitable. The purists still make their own diode detector with a ‘cats whisker’ 
and lump of galena, but modern diodes provide more stable and repeatable 
performance. 


Headphones 


The very old high impedance headphones are required for this circuit. A 
minimum of two kilohms is suggested. Medium impedance headphones 
(approx 600 ohms) will also work, but are less sensitive. 


High impedance headphones have become difficult to obtain. Alternatives 
include: 


1. Old-style telephone earpiece. Quite sensitive. Found in the old Telecom 
corded phones. 
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2. Crystal earpiece. These are sensitive, easy to obtain and inexpensive. You 
may need to connect a 100k - 470k resistor in parallel for it to work properly. 


3. Piezo transducer. Believe it or not, these actually will work as an earphone. 
Some sizes even fit snugly in the outer ear in a similar manner to modern 
earpieces, such as used with mobile phones. The main drawback with 
transducers is their peaky audio response. A In some cases it may be 
necessary to wire a 100k - 470k ohm resistor across the earphone 
connections for correct operation. 


4. 1k to 8 ohm audio transformer and standard low-impedance 
headphones. Works well, but not as sensitive as a crystal earpiece. 


5. Cheating! Use a transistor or IC amplifier kit to run a speaker. This 
approach eliminates the 'free radio' advantage of the crystal set, but provides 
louder reception in weak signal areas and allows speaker listening. 


Coil and Coil former 


This needs to be a cylinder about 55 millimetres in diameter and 150 mm long. 
The length needs to be long enough to accommodate all ninety coil turns 
used, with enough left over for mounting to the front panel. Plastic pipe, 
shampoo container or similar will suffice. Though enamelled copper wire can 
be used for the winding, the prototype used thin plastic-covered stranded 
insulated wire. 


Front panel 


All parts are mounted on a 6mm-thick polyethylene chopping board, which 
forms the front panel. A hacksaw was used to cut the panel to fit inside the 
wooden case. Use the thinnest chopping board available so that the many 
screw-mounted sockets used can be fastened properly. The front panel 
pictured was cut to 240 mm square. 


Case and handle 
Use non-metallic material for the enclosure. The box used in the prototype was 
originally a speaker bought cheaply at a school fete. The lid (which held the 


speaker) was removed, and the rest of the box painted. The top carry handle 
is optional and came from a hardware store. 
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Construction 


Commence construction once all components have been obtained. Plan how 
the parts will fit behind the front panel. The diagram and pictures above show 
the arrangement used in the prototype. The coil is fastened with stand-offs and 
the variable capacitor is screwed to an aluminium L-shaped bracket. 4mm 
binding posts with banana sockets are used for the antenna and headphone 
connections, and 2mm micro sockets for the coil tapping points. 


Start by winding the coil. This consists of ninety turns of thin stranded 
insulated wire close wound on a plastic tube approximately 55 millimetres in 
diameter. A large number of tapping points are provided so that the user can 
vary the set's frequency coverage, and antenna and diode coupling. This 
makes it possible to obtain the best compromise between volume and 
selectivity for a particular station. 


Figure Two shows the coil construction. Start from the earth end (identified as 
'0' in the diagram). Make two holes in the former to anchor the end of the wire. 
Wind six turns and then an extra half-turn. With a knife remove about 1cm of 
insulation, taking care not to cut the wire. Form the bare wire into a loop and 
lightly coat with solder. Do not apply excessive heat - the wire insulation easily 
melts. Wind another five and a half turns and make another tap. Repeat for the 
remainder of the coil until approximately ninety turns have been wound. Add 
more turns and taps if using a smaller variable capacitor than specified. Again 
make two small holes in the former to anchor the wire. 


Place the completed coil aside and start work on the front panel. Mount the 
4mm banana binding post terminals for the antenna, earth and headphones, 
as shown in Figure Two. Drill holes and mount the 2mm terminals for the coil 
taps and the antenna, diode, variable capacitor taps. The tuning capacitor can 
also be fastened at this time. 
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Two sets of screws and spacers can be used to mount the coil to the rear of 
the front panel. A 10mm separation between the coil and the panel is 
adequate. Solder in the various components and connecting wires as per Fig 
2. Use insulated wire for the connections between the sockets and to the 
variable capacitor. Tinned copper wire can be used for the short links between 
the coil taps and the 2mm sockets. Use insulated wire for the three jumper 
leads. The jumpers should be sufficiently long to be able to make connections 
with all taps along the coil. 


This completes the construction. The panel can now be inserted into the box. 
In the unit pictured, the front panel is recessed â€“ this protects the banana 
sockets and dial and makes the set more rugged. It also allows attachment of 
a hinged lid if required. 


Parts List 


* 10 â€“ 415 pF variable capacitor x1 (see text) 
* 0.001 uF disc ceramic capacitor x1 

* 1N60 germanium diode x1 

* Vernier dial or drive x1 (optional) 

* 2mm micro socket x19 

* 2mm micro plug x6 

* Banana socket (red) x2 

* Banana socket (black) x2 

* Insulated wire 20m 

* Tinned copper or bell wire 1m 


Other items: case and handle; polyethylene chopping board; Coil former â€“ 
55mm dia, 150 mm long; screws, nuts, washers and spacers; mounting 
bracket for variable capacitor. 


How it works 


To receive signals, a radio circuit must perform three functions: selection, 
detection and reproduction. 


The inductor and variable capacitor form a tuned circuit. The role of the tuned 

circuit is to select one of the many signals present at the antenna. The size of 

the inductor and capacitor determines the frequencies that can be tuned. The 
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capacitor is made variable to allow the full range of AM broadcast band 
frequencies (931 to 1602 kHz) to be received. 


The diode detector converts the selected radio frequency signal to an electrical 
current varying at audio frequencies. 


The headphones convert this audio frequency energy to sound. The principle 
is similar to a relay â€“ the signal cause current to flow in a winding that forms 
an electromagnet. The magnetism generated vibrates the metal diaphragm, 
thus creating sound. Crystal earpieces perform the same function, but rely on 
the piezo-electric effect. 


Unlike in a conventional radio, which uses amplifying devices such as 
transistors and integrated circuits, crystal sets are powered by the signal from 
the incoming station, so no batteries is required. If provided with an efficient 
antenna and earth, crystal sets can receive signals thousands of kilometres 
away. 


Antenna and earth 


A crystal set requires a wire antenna to operate properly. The longer and 
higher it is the better. A length of at least 10 metres in urban areas, and 20 â€“ 
30 metres elsewhere should provide reception in most cases. The antenna 
should always be installed away from power lines for safety reasons and to 
reduce interference pick-up. An existing amateur or TV antenna can also be 
effective, especially if the coaxial feedline is used as part of the antenna. This 
is achieved by connecting both the outside and the inside of the coaxial 
connector to the receiver's antenna terminal. 


An earth provides stronger signals, and is essential in remote areas. In homes 
with copper water pipes, this can simply be a lead to the nearest cold water 
tap. In newer homes, where plastic pipes are used, an outside ground stake 
can be used instead. 


For long distance reception (hundreds or thousands of kilometres) more than 
usual effort needs to be taken when installing the aerial and earth. Reference 
One suggests a length of about 100 metres and a height of at least 12 metres. 
A series of buried radials is suggested for the earth, rather than the water pipe 
suggested above. 


Operation 


Connect antenna, earth and earphones. Install the three jumper leads. Set the 


capacitor tap to near the top of the coil (either the 78" or goth turn) and the 
diode and antenna taps to approximately midway along the coil. 
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In a quiet room, adjust the tuning control and listen for a station. If several 
stations are audible, move the diode or antenna taps nearer the earth end 
(lower numbered turns) of the coil. This increases the set's selectivity and 
makes it possible to separate stations. In a capital city it should be possible to 
separate at least nine or ten stations. Optimum tap settings vary across the 
broadcast band â€“ lower frequency stations are often best received with 
higher tap settings. In rural areas volume is normally more important than 
selectivity, so the taps can be moved near the top of the coil. 


Reception of AM operators on the 1.8 MHz (160 metre) amateur band is 


possible by moving the capacitor tap lower down the coil, to the 54" or 66t" 
turn. Performance will be well down on a superhet or regenerative receiver, 
and SSB signals cannot be resolved. Whether you hear amateurs or not 
depends on your antenna system and the extent of activity from nearby 
operators. Here in Melbourne 160 metre AM activity includes the Monday to 
saturday AM morning net starting at 11am. 


In many areas there are narrowcast stations between the top of the official AM 
broadcast band and 160 metres. Because of their low power these stations will 
be weaker than the mainstream broadcasters. However these stations are 
excellent tests of your receiver and antenna system. 


Video demonstrations of this project 
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Conclusion 


A crystal set of moderate complexity has been described. It is the minimum 
required to provide good reception of local stations in urban and rural areas. 
However numerous refinements to increase sensitivity, selectivity or audio 
output can be made. These include: 


1. Double tuned circuits (with variable coupling between them) to improve 
selectivity 


2. Use of a tuned trap to null out interfering signals 
3. Attention to the construction of coils to provide the highest possible Q 


4. Addition of an impedance matching network to provide efficient power 
transfer between the antenna and the tuned circuit 


5. Use of a large loop antenna for the coil to allow reception of signals without 
an external antenna and nulling of unwanted signals 


6. Voltage doubler diode detector circuit using two diodes to increase volume 


7. Use of DC bias (from a DC voltage applied to the diode) or RF bias (from a 
locally generated RF signal on the receiving frequency) to improve sensitivity, 
or, in the case of the latter, to provide CW and SSB reception. 


8. Use of a Q multiplier to increase sensitivity and allow CW and SSB 
reception. 


Should you decide to experiment with these changes, it would be desirable to 
keep this set as a reference and build a second receiver as a test bed for the 
experiments. 


Obtaining the parts 


Suitable parts were discussed in detail above. Many if not all can be bought 
online, with examples presented below. 


Variable capacitor and knob 
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amazon amazon amazon 
pt e —= 


aa 


© w 


Variable Capacitor - 2 Pcs 24mm Top 
Capacitor -... Variable,... Potentiometer... 
$2.26 $13.95 $5.24 Prime 


Beee A © Rc 


Inductor (insulated wire and cylinder former only required only for this 
project - other crystal sets use ferrite rods) 


amazon amazon amazon amazon 
~ e e a 


naria PEPHER 
A 


A | E 


TEMCo 24 AWG Remington Ferrite Rod, 33 Creative one 25 
Copper... Industries... Material,... Pcs Silver... 
$6.09 $10.35 Prime $8.95 $6.99 Prime 


¡[a E a CST a EST a COS 


Other parts and further reading 
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amazon amazon 
a? rr? 


Si M 


Crystal Radio uxcell 1N60P PIXNOR 1/4W SMAKNO LM386 Radios That 
Earphone.... Germanium... Resistor Kit 56... Audio Amplifier... Work For Free II 
$8.88 Prime $9.99 Prime $690 VPrime $9.99 
amazon 
er? 


E ISTOR 
RADIOS 


Build Your Own 
Transistor... 


$21.19 


Disclosure: | receive a small commission from items purchased through links 
on this site. 
Items were chosen for likely usefulness and a satisfaction rating of 4/5 or 
better. 


Note: This item is an updated version of an article that first appeared in 
Amateur Radio, December 2000. 


Books by 
VK3YE 
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For example, you can record the colours of 30 cars in a table. 


To make the tally marks easier to add up, group them in fives, 
drawing the fifth mark across the first four. The total of the tally 
marks for each colour is called the frequency, which is shown in 
the right-hand column. With this extra column, the table is called a 
frequency table. A frequency table need not have a column for the 
tally marks. 


6.3 Pictograms 


Data are often easier to understand if you present them in 
diagrammatic form. One example is a pictogram (or pictograph), 
in which you use pictures to show information. The frequency 
table below shows the numbers of cars using a car park on five 
days. You can illustrate the data in a pictogram by using the 
symbol Ke to represent 10 cars. 


You can find how many symbols you need to represent the number 
of cars on each day by dividing the number of cars by 10 to get 3, 
5, 4.5, 4.7 and 2.2. The pictogram is shown in Figure 6.1. 
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amazon 
cm? 


99 things you 
can do with... 


$4.99 


amazon 
ca? 


Amateur Radio 


e, ERA 


Getting back into 
Amateur... 


$4.99 


amazon 
S) 


Hand-carried 
QRP antennas.... 


$4.99 
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amazon 


Minimum QRP: 
Doing more... 


$4.99 


All material on 
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Parker VK3YE 
1997 - 2017. 


Material may 
not be 
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permission. 
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TECHNICAL AND THEORETICAL 
SPECIFICATIONS FOR WARP DRIVE 
TECHNOLOGY 


FIELD OF THE INVENTION 


[0001] The present invention relates to the use of technical 
drive systems which operate by the modification of gravi- 
tational fields. These drive systems do not depend on the 
emission of matter to create thrust, but create a change in the 
curvature of space-time, in accordance with general relativ- 
ity. This allows travel by warping space-time, to produce an 
independent warp drive system. 


THEORETICAL BACKGROUND OF THE 
INVENTION 


[0002] The concept of gravity should be examined in the 
light of quantum gravity and in turn as a component of 
quantum physics itself. The fundamental minimal quantum 
of energy in quantum physics is Planck’s constant; h. Thus 
in accordance with the energy equivalence formula E=mc’, 
the fundamental minimum quantity of mass (m,) can there- 
fore be derived, from known constants by; m,=h/c* (1). 
Taking this minimal mass, it is possible to show that the 
formation of all matter, the forces of nature and indeed 
space-time itself derive from this single quintessential quan- 
tity. 


[0003] Thus if the number of quintessences in a system is; 
n,=m/m,: then the total Energy of the system is more 
logically given by, the energy of a single quintessence (h); 
directly multiplied by the number of quintessences (n,) in 
that system, thus E=hn¿=mc” (1 a). 


[0004] Furthermore, this minimal mass, termed quintes- 
sence, can form the basis of the existence of a quantum 
gravitational field in the form of a space-time lattice, from 
which quantum gravity may be derived from first principles. 
Furthermore, the conglomeration of these quintessences also 
accounts for the formation of the elementary particles and 
the forces acting between them, as in superstring theory. 
This concept explains the formation of matter and the forces 
of nature on a quantum mechanical basis and directly 
explains the existence of wave particle duality. Thus as 
n,=m/m,; the frequency of light and matter (f) is deter- 
mined, directly, from the number of constituent quintes- 
sences. This leads automatically to the fundamental equa- 
tion, derived from (1), f=n,=E/h, where n, is the number of 
quintessences, which leads directly to the frequency of both 
light and matter. This in turn leads directly to a Universal 
wave equation for matter and light A=c/fPn,=hc/PE (2), 
where B is the relative directional velocity, v/c. As the 
momentum, p=PE/c, then this equation also gives the stan- 
dard de-Broglie wave equation, A=h/p in agreement with 
current theory and experiments.” 


[0005] Using the Universal wave equation, the standard 
equation for special relativity, m'=m,/(1-B°)”*, derives 
from first principles. Also from these observations, a modi- 
fied Dirac wave equation may be derived, Ey=(-3P-V+ 
Bm) Ca), the results of which have been recently verified 
by a paper in which the orbitals of electrons were experi- 
mentally directly visualised.” Moreover, a fundamental 
equation for general relativity can be formulated, where G is 
the gravitational constant and r, is the given radius of 
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quintessence; G=9r,c*/ABE (3), such that the Universal 
wave equation is in direct agreement with general relativity.? 
Thus special and general relativity and quantum mechanics 
can be unified. 


[0006] From here it is possible to proceed in a number of 
ways; the geometric structure of the electron and the forces 
of Nature may be derived from first principles and in turn the 
structure of the quarks, including the top and bottom, 
otherwise known as truth and beauty can be seen. Moreover, 
the presence of a space-time lattice results in an understand- 
ing of quantum EPR effects. By allowing a theoretical flow 
of energy through the space-time lattice it can be shown that: 


[0007] Energy is not bound by space-time 


[0008] Thus logically accounting for phenomena such as 
entanglement and quantum tunnelling. Quintessence can 
also be used to explain, logically, the inner physics of a black 
hole, the missing mass of the Galaxy, the continuing expan- 
sion of the Universe, Guth’s inflationary theory and the Big 
Bang. Hence, it is now possible to understand the Universe, 
including space-time, matter and the forces of nature from 
the radius, mass and vibration of a single quantity, quintes- 
sence. 


[0009] With this understanding of space-time, matter and 
the forces of Nature, and in particular gravity, it is possible 
to demonstrate that the modification of gravitational fields, 
and in turn the warping of space-time, can be technically 
readily achieved. 


[0010] Using standard equations for special relativity, 
m'=m, (1-83, it can be demonstrated that by differen- 
tially increasing the velocity of electrons, by applying a 
differential current, their mass can be increased in a specific 
way. In turn by increasing the mass of electrons, by general 
relativity, the number of gravitons emitted from these elec- 
trons can be modulated. By multiplying this effect using an 
ultracentrifugational device the differential graviton emis- 
sion can be manifestly amplified. This in turn, in accordance 
with general relativity, will cause a change in the curvature 
of space-time. 


[0011] This effective warping of space-time does not, of 
necessity, imply superluminal velocities, but does allow the 
creation of warp drive systems, which do not depend on the 
creation of thrust by the ejection of material as used in 
current space technologies. 


Part I 


Fundamental Laws of Physics 


[0012] Quintessential Mass 


[0013] The quantum physical, minimum component of 
energy 1s Planck’s constant; h. To define the minimal com- 
ponent of mass, using the standard energy equivalence 
formula; E=mc”, such a minimal mass (m,) would be 
required to have the value equivalent to; m,=h/c* (1). The 
total mass of a system (m) would then be; m=m,n,, where 
n, is the number of these minimal units. Thence, the total 
energy of a system can be derived from the minimal energy; 
h, multiplied by the number of these energy units (n,). Thus 
as, E=mc”, then also E=m,n,c* and substituting m,=h/c’, the 
energy equivalence formula has the more logical formula- 
tion; E=hn, (1a). Thus the energy of a system is equivalent 
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to the minimal energy unit; h, multiplied by the number of 
those minimal energy units (n,). 


[0014] Taking this minimal mass/energy, it is possible to 
show that all matter, the forces of nature and space time can 
be constructed from this single quintessential quantity. 
Moreover, using this quantity the laws of physics can be 
derived from first principles. Thus, a priori, all components 
of the physical universe, including space-time, can be con- 
structed from this minimal mass component, termed quin- 
tessence. 


[0015] Wave Particle Duality 


[0016] If the presence of quintessence accounts for the 
structure of matter and if matter itself forms from the 
number of quintessences, then the frequency of matter and 
thus wave particle duality directly arises from first prin- 
ciples. Specifically the wavelength of matter derives from 
the vibration of quintessence from which it is constituted. 
Thus the frequency (f) and in turn the wavelength of light 
and matter is directly equivalent to the number of quintes- 
sences contained within it. We find that the actual frequency 
of light can be directly derived from first principles from the 
effective mass of the photon (m,) and thus by the number of 
quintessences (n,) it contains. 


[0017] Thus for light conventionally: 
FE/h 

[0018] and if E=mc”, and h=m,.c”, then 
f-m mae? 

[0019] and 
f=m dmna 

[0020] Thus 


fen, (4) 
[0021] Thus the formula for the frequency of light (E=hf) 
is now readily explained by the observation that the fre- 
quency is determined quite directly from the number of 
quintessences (n,) within the photon. 


[0022] The wavelength is thus also given by: 
A=c/f=m,¿c/m,=h/p 


[0023] We can now show that the frequency of matter also 
has the same derivation from quintessence, as has the 
frequency of light. The frequency of matter is again equiva- 
lent to the number of quintessences it contains. Thus the 
wave particle duality of matter itself can be explained by its 
composition from quintessence. The amount of quintes- 
sences contained within a electron sphere will depend on the 
number of quintessences constituting the electron and those 
passing through it as a result of its relative velocity B? 
(where P=v/c); effectively its relativistic momentum (p). The 
frequency will then be related to the total number of quin- 
tessences. Thus for matter, 


=B n (4a) 
[0024] Thus it is possible to derive the conventional de 
Broglie wave equation for matter from first principles. Thus, 
as A=v/f, we have: 


A=v/B n (5) 
[0025] thus as n,=E/h 
A=hc/PpE (2) 
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[0026] 
A=h/p 


[0027] Provided that in the de Broglie equation, the 
momentum of the object is calculated using the relativistic 
mass, thus accounting for the total number of quintessences 
(n,) in an object, this gives an accurate value for the 
wavelength of matter.’ 


and as conventionally BE/c=p, then for matter: 


[0028] Thus the wavelength of matter follows directly 
from its constitutents, quintessence. As matter is made of 
quintessence, similarly to light, its frequency depends on the 
number of quintessences (n,) within it, travelling relative to 
the speed of light. Moreover, A=hc/fPE, underpins a funda- 
mental relationship between wavelength and energy. Fur- 
thermore, this is mathematically the same as the term 
h=hv/P°E, giving a relativistic expression for the the wave- 
length of matter, from which the relativistic equations may 
be directly derived (see Wave Particle Duality and Relativ- 


ity). 
[0029] Wave Equations 


[0030] The derivation of wave particle duality from first 
principles also now allows the derivation of a modified wave 
equation for matter. 


[0031] To derive his wave equation Shródinger com- 
menced with the de Broglie equation using momentum (p). 
For lower energies the momentum of an electron is conven- 
tionally derived from the kinetic energy of the electron and 
the mass of the electron mo. Thus conventionally: 


E,="%mv"and p=moy 
[0032] Thus 

E,=p"/2mo 
[0033] then 

p=(Ey.2mg)"* 


[0034] and conventionally, the de Broglie equation can 
also be written as: 


A=h/p=h/(E,.2m,)? 


[0035] In turn the Shródinger wave equation directly 
derives from the square of the above classical non relativ- 
istic term for kinetic energy: 


A=h /E,.2mMo 
[0036] thus 


[0037] As E=E,+V 
[0038] then 


[0039] However, the Shródinger equation, may be refined 
by taking into account relativity. Thus the true values for the 
energy are given by the relativistic momentum (p). 
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[0040] A fundamental relativistic wave equation for 4, 
and its logical derivation may now be developed through the 
concept of quintessence as a fundamental constituent of 
matter. 


[0041] The amount of quintessences in the electron is 
determined by the number of quintessences forming the 
electron at rest, plus the amount of quintessences passing 
through it due to its relativistic velocity, which will deter- 
mine the relativistic momentum (p) of a particle. 


[0042] The frequency of matter can now be readily cal- 
culated from first principles to give a more accurate result. 
Thus as matter is made of quintessence, similarly to light, its 
frequency is equal to the number of quintessences (n,) 
within it. The wavelength will depend on its velocity trav- 
elling relative to the speed of light and thus multiplied by the 
relative velocity compared to c (P=v/c); 


[0043] Hence for matter as previously shown: 
A=v/p"n¿=hc/pE (2) 
[0044] And conventionally 
E=(p2c24mp2c*)1? 
[0045] Using these equations, we can now, also, reformu- 
late the Shródinger wave equation, which has the advantage 


that relativity can be treated in a quantum mechanical way. 
Thus if the wave energy of matter is defined as: 


E,=B(p2c24m2c*)"2/c2 
[0046] thus 
E=(B p e+ m 
[0047] which in complex space generalises to 


E p=- BV +m), (2a) 
[0048] As the term a=e”/hc.4me,; also represents the 


ground state ratio of the velocity of the electron to c. Thus 
a=p=v/c=1437. 
[0049] Thus, also 

E, =Eja:V+Bm),, 
[0050] This is thus the standard relativistic equation that 
Dirac was able to construct from the Shródinger wave 
equation. This relativistic equation can be derived from the 
modified wave equation (2). This takes into account the 


relative mass energy which the quintessential wave equation 
(2) contains. 


[0051] Where importantly the term fm is the mass m, 
multiplied by the ratio of the relative velocity to light B=v/c, 
and the term a is also essentially the relative velocity of the 
electron. 


[0052] The Dirac equation was an empirical formula 
which worked mathematically, nevertheless even Dirac 
admitted it was not logically understood. The importance of 
these equations (eq. 2, 2a) is that they show that the 
existence of quintessence allows the waveparticle duality of 
matter to be explained and mathematically derived from first 
principles, Thus the frequency of matter or even light is 
simply determined by the number of quintessences it con- 
tains. 


[0053] Indeed, a recent publication in Nature has sug- 
gested that the direct visualisation of the orbitals of electrons 
shows that these are in very close agreement with theory. 
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However, there is a significant departure from theory, in the 
interstitial molecular regions, suggesting that the higher 
velocities of the electrons obey the modified Dirac equation 
(2a).Thus these orbitals were in keeping with the modified 
Dirac equation, which itself may be derived from the wave 
equation above, A=hc/BE (eq. 2) “* 2 


[0054] The Shródinger wave equation will approximate to 
the correct values until v approaches c. Indeed the Shród- 
inger equation will give similar answers as that derived from 
equation (2a), under most experimental conditions. 


[0055] However, equation 2 and its derivative (2a) may 
have advantages over standard Shródinger theory with rela- 
tivistic speeds. Furthermore, equation 2, conceptually shows 
that the wave particle duality of matter derives from the 
principle that the frequency of matter is directly equal to the 
number of quintessences it contains. Importantly it also 
mathematically allows relativity and quantum mechanics to 
be united. 


[0056] With vec, the modified Dirac equation (2a) will 
yield more accurate results, particularly compared with the 
Schrédinger equation. We also find that the equation A=hc/ 
BE (2) is equivalent to the de Broglie wave equation, A=h/p, 
provided we use the relativistic mass in the de Broglie 
equation. Given this, these equations yield accurate experi- 
mental results €f ). 


[0057] Thus we find that the modified formulation of de 
Broglie wave equation A=hc/PE (eq. 2a) leads directly to a 
modified Dirac relativistic wave equation and is supported 
by recent experiments which measure the wavelength of 
matter and demonstrate the electron orbitals experimentally 
from these wave equations for matter “** 12), 


[0058] Wave Particle Duality and Relativity 


[0059] From here it is possible to proceed in several ways 
using the relativistic wave equation (2). It is apparent that 
the reintroduction of the term for relative velocity into the 
wave equations will enable the reintroduction of special 
relativity into quantum mechanics. In particular we should 
now be able to derive the term (1-v~/c*)’* as a special case 
of quantum mechanics. 


[0060] Thus if: 
A=hc/pE (2) 
[0061] As E=(p*c"+m,*c*)'4, squaring 
A=h?*cUBAp?c+my*c4) 
[0062] Conventionally p*c?=E*y/c? 
[0063] then 
MRBUE 2? +moe”) 
[0064] Thus as B%=v"/c? and m,*c* =E,*, then: 
BEB ES =K EI 
[0065] hence 


p E ke c? es Bm 
thus 
p : ke de _Bmoe 
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-continued 


22 
> hc 1 moc 


T mA 2 PE 


ae = 2 
Substituting A = mgc 


gen ac 1 Amo 
Bimect X PE 
As m¿/m=1/n,(eq. 2) 
| “mc 


2a Ann 
P PR Nx PE 


[0066] Thus if f=B*n, (eq. 7a); 


ae Bm f? 


Foe PE 


y JET: CO 0 
JA y? PFE 
Thus 
p _ Eme 
= FE 


2 _ Mo 
P Borzia m2 
Hence 
mol m = (1 — By” 
Thus 
, mo 
m= 


[0067] Thus this derivation now allows relativity as a 
universal case of the quintessential wave nature of matter. 


[0068] The original premises on which special relativity 
was based were: that the speed of light is a constant and that 
all observers are equal. As the speed of light has dimensions 
of length and time but not apparently of mass, the relativistic 
change in mass is not accounted for. Using quintessence 
logically and directly accounts for the relativistic mass 
changes. 


[0069] Moreover, relativity can be derived from the de 
Broglie equation, and visa versa, directly, thus linking 
relativity and quantum mechanics by taking into account the 
existence of quintessence mass. 


[0070] Hence, it is now possible to derive the relativistic 
equations for mass and in turn for space and time from the 
quintessential wave equation, thus deriving special relativity 
as a universal case of quantum mechanics and thus uniting 
special relativity and quantum mechanics. This now allows 
a further understanding of the nature of space-time. 
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[0071] The Space-Time Lattice 


[0072] The understanding of the true nature of space-time 
and how it is formulated in three dimensions of real space is 
crucial. To simply assume that space-time exists, and thence 
not to question the nature of that existence, denies a deeper 
understanding of the universe. 


[0073] In order to understand the nature of space-time 
itself, at the quantum level a further look at the nature light 
and the photon is necessary. Since Einstein’s description of 
light as a particle (the photon) and the description of the 
photoelectric effect, the standard picture of light as simply a 
wave can, no longer be applied. If light was to exist as a 
photon, it could not exist in one dimension, as ordinary 
waves do, it would need to be three dimensional, with the 
addition of time. Let us suppose, in this case, that a photon 
is a three dimensional helical ringlet of light, travelling in 
the x vector, and spinning around the x-axis. Conventionally 
this ringlet has a radius; r=)/27. The ringlet itself would be 
vibrating in the y and z vectors. The vectors x, y and z would 
represent the photon, the substance of which, would be 
travelling in the x direction and oscillating in the y and z 
vectors, which would represent oscillatory energy. This in 
turn would allow it to act as a wave, and create oscillatory 
electromagnetic fields. 


[0074] It is important to re-examine space-time itself in 
this light, this would have one directional vector with two 
vector dimensions of energy, one of capacitance and one of 
electrical permeability, thus accounting for the well known 
constants of free space; the permittivity of free space (€,) 
and the permeability of free space (uo) respectively. The 
vector dimension of direction x, would be the direction of 
travel and those “quintessences” travelling in an outwardly 
direction would account for none other than the expansion of 
the universe. Three of these quintessences would naturally 
constitute three dimensional visible space-time. These con- 
stituents of space-time would interact with the generations 
of the other vector dimensions reciprocally. Thus one quin- 
tessence would sweep out one vector of permeability and 
one vector of permittivity, through which the other two 
quintessences could travel, and vica versa, creating a three 
dimensional space-time lattice. 


[0075] The permittivity of free space, (€,) which is equiva- 
lent to capacitance, would as with capacitance plates, be 
determined by the effective separation between quintes- 
sences. The permeability of free space (o) is in fact a force, 
measured as 42x10’ N A7?, would result from the force 
produced by the vibration of quintessence and would be 
dependent on the density of quintessence. Hence these two 
parameters would be reciprocal and thus the product of these 
two would therefore be a constant, which is recognised as 
none other than the speed of light. 


c=(llo.€o) 

[0076] This space time lattice would in effect be created by 
quintessences travelling in all directions with a speed of c 
within the lattice. The quintessences of the space time latice 
would in effect produce a non-static ether. A non-static ether 
is fully compatible with special and general relativity. 
Indeed such an ether explains how space time can be curved 
as in general relativity. Furthermore, the existence of a 
non-static ether, was espoused by Einstein in his University 
of Leyden lecture on general relativity of May 5, 1920. In 
Einstein’s own words; 
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[0077 | 
without ether is unthinkable. 


“According to the general theory of relativity space 
(ref 4) 


[0078] Recent evidence from a number of sources now 
strongly support the presence of this non-static ether, in the 
form of quintessence. An editorial from a major journal 
states “combined with other observations such as those of 
distant Supernova, the QMAP results corroborate the pre- 
vailing theory of inflation with the twist that the Universe is 
only one third matter (both ordinary and dark) and two thirds 
quintessence, a form of energy possibly inherent in empty 
space”. 


[0079] If we take into account the existence of quintes- 
sence and as such a three dimensional space-time lattice, 
matter which is intrinsically made of contituents of charge 
would interact with this lattice to produce the effects of 
mass. Mass would be perceived as a result of matter (whose 
constituent particles appear to contain charge) interacting 
with this lattice directly due to the inhibition of motion by 
the lattice’s electrical permeability and permittivity vectors, 
which would form the existence of complex space. These 
quintessences would in the direction in the y and z vectors 
produce small vibrations of the order of the Planck length 
(10 m), whilst passing through the vectors of permeability 
and permittivity, thus producing the effects of mass. 


[0080] The vibration would endow quintessence itself a 
(non rest) mass (m,) equivalent, to the minimal mass of: 


m¿=h/c%=7.373x10">* kg.sec (1) 


[0081] The presence and magnitude of Planck’s constant 
(h) and especially the speed of light (c) is thus explained. 
Indeed, the speed of light c=(u, e.) is not in itself a 
fundamental quantity. 


[0082] As the energy equivalence formula is E=mc’, the 
minimal mass of a single quintessence, would thus be the 
minimal mass, h/c*, hence again: 


mg=Hflo-€o Fh/c?=7.373x10>* kg.sec (1b) 
[0083] or 

m,c2=h (1¢) 
[0084] It is postulated by general relativity that the shape 


of space time itself can be altered, indeed the presence of the 
space time lattice now allows this to be altered by altering 
the density of quintessence. It is further clear that if quin- 
tessences underly the structure of the space-time lattice, they 
may also underly the structure of matter itself. 


[0085] With regards a single quintessence, this passing 
through an energy vector of the space-time lattice would 
appear as a vibrating string. In a similar way to string theory, 
the conglomeration of these quintessences would produce 
the constituents of ordinary matter. Thus the general equa- 
tion for the number of quintessences (n,) in an object of 
mass (m) would be 


m/m =n, 


[0086] The mass of the electron (m,) for example, would 
be directly determined by the number of quintessences in the 
electron, multiplied by the mass of quintessence. 


[0087] Quintessence and Complex Space 


[0088] Quintessence is postulated to constitute the funda- 
mental nature of space-time. Three quintessences each trav- 
elling in their respective x vectors at 90° to each other would 
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create three dimensional real space-time. These quintes- 
sences would in the direction in their respective y and z 
vectors produce small vibrations of the order of the Planck 
length (10-*° m), this would create the vector dimensions of 
permeability and permittivity. The result would give space- 
time 9 dimensions of space as in superstring theory. How- 
ever, unlike superstring theory the six hidden dimensions 
would not be “curled up so as to be so small as to be 
invisible” these six dimensions would be present in complex 
space. Thus, only three of these dimensions would represent 
ordinary three dimensional particulate space time 1.e. three 
dimensional objects. The other six dimensions produced by 
the vibrations of quintessence would form complex space. 


[0089] The mathematics of complex space, using imagi- 
nary V-1 or (j) numbers, is assumed in the standard formu- 
lation of the Shródinger wave equation. Thus the presence of 
complex space is an integral part of quantum mechanics.““* 
8) 


[0090] The mathematics of complex space is also an 
essential and integral part of the principles and application 
of modern electronic and control engineering. Indeed it has 
been well recognised for some time that each direction 
vector in electronic engineering can , be associated with 
complex vectors.“ 2 


[0091] As this complex space consists of the vectors of 
permittivity and permeability it would only be “felt” by 
charged particles as in the electron. Nevertheless, as all 
particles are fundamentally composed of charged particles 
the effects of complex space would be felt by endowing 
these particles with mass and in turn kinetic energy. 


[0092] In conventional complex space, a 2 dimensional 
Cartesian Argand diagram is mathematically used. However, 
in order to formulate the equations for particles a three 
dimensional Argand diagram is essential. This will have 
three dimensional vectors, one real vector and two imagl- 
nary vectors. Three of these diagrams will be required to 
fully describe the nature of particles, each with a real vector 
in the x, y and z vectors, respectively. Nevertheless, in the 
instance below the real vector is the x vector and the two 
imaginary vectors are given by (;y, ;Z) 


The Three Dimensional Argand Diagram 
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[0093] The Three Dimensional Argand Diagram 


[0094] The beauty of a three dimensional Argand diagram 
is that the complex conjugate (i.e. the mirror image which 
confers mathematical reality on the coordinates) is formed 


Number : 
Day Cars using a car park 


Monday 30 Monday 
Tuesday 50 Tuesday 
Wednesday 45 Wednesday 


Thursday 47 Thursday 
Friday 22 Friday 


Figure 6.1 


Only complete symbols are needed to represent the numbers of cars 
on Monday and Tuesday but, for each of the other days, parts of a 
symbol are needed in addition to complete symbols. You must use 
your judgement to draw the parts of symbols as accurately as possible. 


6.4 Bar charts 


Pictograms are attractive but time-consuming to draw and it 
can be awkward to draw parts of a symbol. A bar chart is a 
simpler way of showing information. Figure 6.2 is a bar chart 
showing the information about the parked cars in which the 
bars are drawn vertically. You could, if you wish, draw the bars 
horizontally instead as shown in Figure 6.3. 


Monday 
The number 


of cars 
using a 
car park 


The number of 


cars using a car park tueguay 


Wednesday 


Number of 
cars 


Thursday 


Friday 
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Tuesday 


0 20 40 60 
Number of cars 
Figure 6.2 Figure 6.3 


Wednesday 
Thursday 


These two bar charts therefore show the same information. 


6. Statistics 1 
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by the value of the minus coordinate in the other complex 
vector dimension. Thus the complex conjugate of (c *%+ 


ct iste.” id te” =>). These two sums when 


multiplied thus give a real number solution. 

[0095] Furthermore it is clear that nine dimensions of 
space time are necessary in the general relativistic equations. 
By including complex space we thereby create the nine 
dimensional spacial metrictensor and the metric energy 
tensor of matter necessary for computations for general 
relativity (see quantised general relativity pp 34-35). From 
here we can begin to understand the true structure of matter. 


[0096] Energy and the Space-Time Lattice 


[0097] The presence of numerous experimental data for 
quantum tunnelling“*** 19. 11. 12. 13) and indeed the recent 
observations by Nicholas Gisin, on the entanglement of 
distant photons now returns us to EPR experiments. 


[0098] Using the quintessential modification of the de 
Broglie wave equation, gives us an insight into these tele- 
portation and EPR effects. 


[0099] As 

A=hc/BE (2) 
[0100] and 

E=hn, (1a) 
[0101] then 

A=c/fn, (2b) 
[0102] Importantly, as indicated by equation (2b), energy 


having no quintessence; would have a wavelength of infin- 
ity. Specifically pure energy containing no quintessences, 
would have a lambda of infinity. According to quantum 
mechanics an infinite wavelength would result in the prob- 
ability of that energy being anywhere. As energy itself has 
no electrical charge it would not be impeded by the permit- 
tivity and permeability of the three dimensional space-time 
lattice. Moreover, energy would not be detectable in three 
dimensional space-time, unless it interacted with matter, as 
in the EPR experiments. Indeed, energy is not observed 
when not bound to any form of mass or particle. Thus 
equation 9d, takes us to our original assertion 


[0103] Energy is Not Bound by the Space-Time Lattice 


[0104] Thus, as the EPR experiments suggest the exist- 
ence of energy separate from matter and thus separate from 
the three dimensional space-time lattice, it is interesting to 
find that experiment suggests the existence of free energy in 
a continuum separate from space time to produce the effects 
of quantum teleportation.“*** 7° 11, 12, 13) 


[0105] This is not, however, teleportation across an addi- 
tional dimension, this is a term to describe in partially 
familiar terms the dissociation of energy from the three 
dimensional space-time lattice. As time is inextricably 
linked to each dimension of space, the effects of energy 
would be inextricably linked to the events, such as the 
creation of virtual particles, we see interacting within space- 
time. 


[0106] It is unlikely that observers have any direct day to 
day experience to explain quantum events. Nevertheless, 
quantum physics may have given us a window into the 
hitherto hidden workings of the Universe. Thereby, the 
mystery of the uniformity of the Universe, across distances 
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which the speed of light could not apparently traverse, is 
readily explained by the fact that the free energy contained 
in the Universe is not bound by the space-time lattice. 


[0107] In the case of light, due to the exceedingly small 
masses involved, there would be relatively easy exchange of 
matter with free energy within a photon. This would make 
the photon the ideal experimental tool to look for energy 
which is not bound by matter and in turn energy which is not 
bound in space-time. Indeed, very recently Furusawa et at. 
have reported to have observed the transference of energy as 
photons from A to B, without those photons traversing 
space-time . This finding which has been supported using 
other experimental techniques“ 1+ 12. 75, is very impor- 
tant as it suggests the existence of such a quantum con- 
tinuum. 


[0108] We have already seen strong experimental data 
using photons“** 19, atomic spins and other data for quan- 
tum teleportation which have recently been published “+2. 
12, 13), Which support these findings. According to the above 
equations the teleportation would vary in a predictable 
fashion, as with photons, in line with the wavelength of the 
light used, relative to the size of vibration of quintessence. 
As regards matter, the results do confirm that the effect of 
quantum tunnelling is indeed dependant on the wavelength 
of matter and the size of that matter“*f 1°. 


Part II 


Particle Physics 


[0109] Electron Structure 


[0110] Understanding the electron is fundamental to the 
understanding of the elementary particles. The hidden nature 
of the electron may recently have been revealed through 
observations by Horst Stormer, Daniel Tsui and Robert 
Laughlin for which a Nobel prize has recently been awarded. 
They describe a quasi electron particle of charge “se. This 
has been described on a quantum basis as a vortex of energy, 
bound as a quasi particle in one dimesion x, but not bound 
in the other two dimensions y and z, allowing dispersion in 
Space-time as a vortex. What is more intriguing are the 
experimental conditions in which this occurs. First of all a 
two dimensional electron gas is created and held between 
two capacitance plates. A magnetic force is then applied in 
the remaining dimension, virtually creating a one dimen- 
sional passage through which only a quasi electron appears 
to be able to pass.“** 1 19) 


[0111] Given the presence of charge of Ye, then three of 
these quasi electrons could form an entire electron in three 
dimensional visible space time. Nevertheless, each would 
have energy and hence a wave function which would be 
present in the other vectors. This electron could thus follow 
the probability functions as described by the Shródinger 
wave equation for y (otherwise termed as “essence” by 
Shródinger) 

[0112] If the mass of the electron (m,) is constituted from 
quintessence, using the formula: 


Me Mgh 


[0113] Then an electron would be constituted from: 


9.11x107t kg+7.373x10 °" kg.sec=1.236x10” quin- 
tessences/sec. 
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[0114] Thus taking into account the mass-energy content 
of quintessence (m,) it is independantly possible to derive 
the magnitude of the charge of an electron (e) using the 
following equation. 


e=[myeo/Yanhc]*?=1.61x10"C 


[0115] This is in close agreement with the experimentally 
observed charge on the electron of 1.602x107*? C. 


[0116] Interestingly substituting m,=h/3c* in the above 
equation we have: 


ele /3(%nc*) 1? (6) 


[0117] This can also be written as 


= ol (6a) 
= Eve 


[0118] Equation (6) has a number of very special impli- 
cations, 1f re-examined, firstly three of these quasi electron 
spheres appear to to be required to constitute the charge of 
the electron . More intriguingly, it indicates that the charge 
is related to the volume of a sphere with an apparent radius 
of c. Thirdly it indicates that the square of the charge of an 
electron (e) is proportional to the permittivity of free space 
(so). The charge given from equation (3) is in close agree- 
ment with the measured charge of the electron. Furthermore 
a more exact value for the charge of the electron ( to seven 
decimal places) can be deduced by taking into account the 
gravitational field of the Earth (see Gravity and the Charge 
of the Electron). Furthermore the charge of the electron (e) 
can now be derived from first principles. Thus, equation (3) 
corroborates the evidence that the electron is indeed com- 
posed of three quasi electrons in keeping with recent experi- 
mental findings.“** 19 


[0119] The significance of the electron, composed of three 
spheres each with a radius of c, is not immediately clear, but 
can be understood if the frequency of rotation of the electron 
is taken into account. Thus if the diameter of the electron 
was approximately 1071? m, then its spin would need to be 
1 /c.10-*° m~10° cycles/sec. Thus given a very high rotation 
rate an electron could have an effective radius of 1/c and still 
occupy subatomic sizes. Indeed these observations might be 
used to estimate the rate of rotation of the quasi electron and 
its size (see Appendix 1). 


[0120] With regards a single quintessence, this passing 
through an energy vector of the space-time lattice would 
appear as a vibrating string. In a similar way to string theory, 
the conglomeration of these quintessences would produce 
the constituents of ordinary matter. The electron, for 
example, would be constituted from approximately 1.236x 
10°° quintessences. 


[0121] The dimensions of the equation for the electron can 
be readily resolved by considering each of the three vector 
dimensions. The exact dimensions of the equation need to be 
considered in the light of the nature of space-time itself. 
These dimensional equations help explain the nature of 
matter. Indeed the equation for the electron may be neces- 
sary for the full understanding of gravity, this is also fully 
addressed (Appendix 1, Dimensional Equations) 
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[0122] Complex Space and Electron Structure 


[0123] The presence of complex space also now further 
explains the conformation of the the electron, and its for- 
mulation at the quantum level, and the presence of particles, 
anti-particles and their spin up and spin down characteris- 
tics. 


[0124] Indeed the short form equation for the charge of the 
electron (-e) can now be rewritten as a metric tensor with 
three dimensions in real space and six in complex space. 


[0125] Thus if three of the x, y and z vectors are in real 
space and six vectors in complex space, where c is the speed 
of light in the real space vector, ;c is the speed of light in the 
complex vector and _;c is the complex conjugate of ¡c, thus 
the electron can be mathematically represented by the equa- 
tion: 


Gyr “Geox Wejey* (1) 


+ + + 

-e = Eg (A BID (je) ep «jay 
+ + + 

Gey e O A (a 


[0126] Which now elegantly gives the real number solu- 
tion 
e=€ ace 


[0127] Where e, is given as the permittivity of free space 
for a single quasi electron (see appendix 1). Equation 4 
represents a “complex” tensor 


[0128] Whilst the two dimensional Argand diagram has 
four quadrants, the three dimensional Argand diagram has 
elght cubic sectors. Two of these cubic sectors are diametric 
opposites and can represent “real” particulate objects. These 
have the primary coordinates x, y, —z; as in the electron 
described above, and the —x, —y, z, with the real vector x now 
having a minus sign. These two “real” cubic sectors, there- 
fore, mathematically represent particles and their anti-par- 
ticles. 


[0129] The mathematical presence of the two primary 
diagonal mirror images (x, y, -z and —x, —y, z) now allow the 
introduction of the concept of antiparticles. This extension 
of the maths into a three dimensional Argand diagram thus 
results in the automatic formulation of the maths of anti- 
particles. Thus the charge of the positron (*e) is formulated 
by the shortened form equation, where the real vectors now 
each have the minus sign, and therefore exist in the —x, —y, 
z sector of the three dimensional Argand diagram. 


1/2 1/2 ..pl/2 
=c} Eien gC; (8) 
y 
e = fe /(4/30)?- sc? sal? j a? 
1/2 1/2 1/2 
_je¥ F E c! 


[0130] The three dimensional Argand diagram also 
accounts for chirality and indeed the up and down spin of the 
electron. There are two other “real” primary coordinates in 
the Argand diagram, these are themselves the partial mirror 
images of the above coordinates (i.e. x, —y, z and —X, y, —Z). 
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In particular the y axis is of the opposite sign, thus in 
particles the y axis is in the downward direction, to form 
down spin particles and in anti-particles in the up direction, 
to form the antiparticle The up spin electron is given by eq. 
8 and hence the down spin electron (—e|| =) is given by the 
equation 


1/2, 


1/2 
Ci i 


¿Ae (9) 
=ell) =EG A IA oo ae 


pi, Al/2 . 1/2 
—jCx Cy Cz 


[0131] Thus the three dimensioanl Argand diagram 
accounts directly for the presence of antiparticles and the 
spin up and spin down particles seen in nature. It also 
accounts for the necessity of the electron to form a square 
root spherical object, as complex space depends on v-1, 
otherwise known as ]. 


[0132] Electron Pairing and Superconductivity 


[0133] As the quintessences making up the electron are in 
a square root conformation, each of these quasi electrons 
would have a tendancy to pair to form an entire sphere. 


[0134] The square root sphere structure of electrons with 
up and down spins can now superimpose to produce a 
complete sphere of varying extents. This produces electron 
pairing as seen at the atomic and molecular levels. It also 
accounts for the Pauli exclusion principle. This pairing thus 
accounts for the reactivity of the valence electrons and the 
electron probability densities, which in turn accounts for the 
existence of chemistry.“ 3 


[0135] Furthermore, it is possible to account directly for 
superconductivity from first principles. For if both the 
complex and real vectors of the electron combine com- 
pletely, the product of an up and down spin electron form a 
perfect superimposed sphere with radius c, with a charge of 
2.59x10-** Coulombs, denoted by the formula: 


2 €0 


= ——____ = Rass 6b 
e 34 /3ne) 2.99X10°°°C (6b) 


[0136] As with standard superconducting theory, super- 
conductivity can be explained by the formation of “Cooper” 
electron pairs, where the electrons are forced to pair by the 
presence of positve crystal charge in particular formation, at 
supercooled temperatures. In addition the electron pair now 
forms a stable entity whose angular momentum cancels.“ 
8) 


[0137] It additionally becomes clear that the charge of two 
seperate electrons (2e) is 3.2x107*? C, but the charge of the 
combined electrons (e?) is 2.59x10~** C. This electron pair 
thus appears to have 19 orders of magnitude less charge than 
the electron and in turn 19 orders of magnitude less resis- 
tance. It is this effective reduction in charge and in turn 
resistance which may account for superconductivity. When 
observed directly any electrical interaction with the Cooper 
electron pair will, however, result in the release of the full 
charge of both electrons, so that the full electrical charge put 
in will be equal to that coming out of the apparatus. 
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[0138] The Fine Structure Constant 


[0139] Intruiginty from our knowledge of the electron we 
can further define the term a, the fine structure constant; 
from the structure of the electron. Thus as the standard term 
a=e"/hc.4711€/; substituting the term e*=€,/3(44mc°) (eq. 6) 
and h=m,c* (eq. 1) we find: 


2n/a=m,[3(Yaac*) 1 
[0140] *or 
2n/a=m,e*/eq* 


[0141] For brevity we may represent the quasi electron 
structure as (44mc*)=O; to signify its threefold symmetry, 
thus 


2n/a=m,[30]° (10) 


[0142] Indicating that the fine structure constant of the 
electron (a) is indeed related to its dimensional structure. 
Again taking into account the effects of gravity the fine 
structure constant can be derived from first principles to nine 
decimal places (see Gravity and the Charge of the Electron). 


[0143] Fundamental Forces and Particle Structure 


[0144] In order to understand the fundamental forces and 
the nature of fundamental particles, an overview 1s required. 
Thus, there are three major forces; strong, electro-weak and 
gravity, each mediated by three force particles the gluon, 
photon and graviton respectively. These in turn, influence 
three types of particle, the quark, lepton, and by general 
relativity space-time itself. Each of these are composed of 
particles with multiples of charge of 4%, which are them- 
selves in three generations, and are present in three dimen- 
sions of real space. It is important that a comprehensive view 
of nature explains this threefold symmetry. 


[0145] Using the Standard Model of particles, it is well 
accepted there exist quark particle charges of -’3, -4 and 
+3 and +25 in quarks and anti-quarks. Given that each 
particle is made up of three quarks the presence of these 
fractional charges support the association of the fractional 
charges in this way to form three dimensional charged 
particles. In stable particles each of the three quarks would 
have a vector in one dimension, giving the three quarks 
together an existence in three dimensional visible space 
time. The particles that bind the quarks (gluons) are them- 
selves required, in stable particles, to have three different 
colour charges, one colour in each dimension, for the 
particle to exist in three dimensional space-time. Further- 
more, there are three generations of quarks (and indeed 
leptons). 


[0146] The Standard Model (or a modification of this) and 
in particular the observation of quarks and indeed quasi 
electrons with fractional charge of 3 and * in both cases, 
indicates that particles are constituted from the equivalent of 
three of these quasi particles to form an electron and quarks 
to form baryons. In the normal three dimensions the energy 
would be carried by the particle, However, because each 
particle is constituted of three quasi particles and in each 
quasi particle or quark one visible dimension would be the 
direction vector, in the other two hidden dimensions of each 
vector the waves would carry energy. Thus each particle 
would be associated with vibration, which would account 
for wave particle duality and Heisenbergs uncertainty prin- 
ciple in three dimensional visible space-time. 
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[0147] These observations lead us directly to the previous 
postulate that the structure of the electron is composed of 
none other than three (root) spheres, and that this equation 
for the electron allows the determination of the charge of the 
electron from first principles, thus: 


a0" (6) 
[3(4/37rc?)] 


[0148] In addition the mass of the proton (m,) can be 
directly calculated from the ratio of the mass (m,) of the 
electron, given by the equation: 

mo/m,=5.45x10"%3(a/c*”) (11) 
[0149] Strictly we should write, m./(m,+m,)=31c”*; 
which is much more elegant. 


[0150] Which now gives 
m,/m,=1/(c'*/3n-1)=5.4462x10 > 


[0151] This is in very close agreement with the experi- 
mentally derived ratio of the proton to electron masses 
which is also; 5.4462x107° 


[0152] Thus the correlation factor between theory and 
experiment has a maximum error <0.00001 “+ *” 


[0153] If we combine equation 3: e=[e,/3(41c?)]'” and 
equation 13: m./m,=3(1/c*%) the positive charge of the 
proton (e,) is given by: 

ep=[€0/3(1c>)]Pxm,.3(1/c*?)/m,=e (12) 
[0154] The stable nuclear proton conformation can thus be 
represented by the short form equation: 

p=3* (*nc*)/*.3(a/cr”) (13) 
[0155] This forms a stable 3x3 conformation as with the 
stable electron structure. 


[0156] Importantly the term (71/c*%) is the 90° solution to 
the Shródinger wave equation for an electron confined in a 
space with radius c!"** 8) 


[0157] Thus the standard equation for an electron confined 
in a one dimensional box is given by: 


_ ELY 
Ey(x) = — Tm E 
[0158] If the one dimensional box has a length 2L the 


quantum amplitude (A) can only be non zero between x=0 
and X=2L and the standard solution for the amplitude is 
none other than: 


A=(1/LY) 
[0159] Thus in one dimension the standard solution to the 
Shródinger wave equation is: 

wW(x)=(a/L*)sin x/L 


[0160] Thus not only is the electron charge derived from 
the equation for three spheres each with a radius of c (eq. 3); 
but the proton mass and charge can also be derived from the 
standard solution to the Shródinger wave equation for a an 
electron confined in a space of radius ct“ ® 
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[0161] The term (1/c*”) itself would thus most logically 
represent the gluon which is present in the proton. These 
gluons would bind the quasi electrons together to form the 
fundamental particles 


[0162] The masses of all the known particles, including 
the up and down quarks, the W boson, the muon, charm, 
strange, the tauon, truth and beauty can thus also be derived 
from first principles in this fashion, and have the quasi 
electron as their basic constituent particle (see Appendix 1). 


[0163] ‘Thus the structure of the muon (u) can also be 
derived from the ratio of the mass of the electron (m,) and 
the mass of the muon (m,,): 


m,/m,=4.7x10 *=/c*" 
[0164] Thus 
[u= mm, 3 "nac? (a/c) 


[0165] Where the charge of the muon is in this equation 
equivalent to that of the electron e. In this case (7tc/*%) can 
be considered to represent a specific high energy photon. 
Thus the structure of the muon, written in short form is: 


p=3 (nc. (n/c) (14) 


[0166] Moreover the structure of the tauon can be calcu- 
lated from the ratio of the mass of the electron and that of 
the Tauon (1.79 Mev); 


[0167] Thus 
0.511 Mev/1.79 Gev=2.85x10+ 
m Jm =(a/c)P (a/c) P=2.85x10* 


[0168] As the charge of the tauon is equivalent to the 
charge of the electron, hence the structure of the Tauon is 
given by the above equation 


e,=E yo Mm, 3 (ync?) 7 (1/0) P (1/0) =e 


[0169] This equation accurately predicts the charge -1; 
and mass of the Tauon (-1.78 Gev)“* ». Thus the structure 
of the Tauon can in short form be given by the equation 


1=-3(4a1c5 (1/08 (a/c)? (15) 


[0170] Furthermore a more exact value for the mass of the 
muon and tauon can be deduced by taking into account the 
gravitational field of the Earth (see Gravity and the Charge 
of the Electron pg. 17) in a similar way to identifying the 
exact charge of the electron. In addition it may be necessary 
to take into account a possible mass value of the neutrino to 
arrive at a precisely accurate mass value of the muon and 
tauon. Nevertheless, the mathematical proof of these short 
form equations lies in the fact that they can very closely 
identify the charge and the masses of these particles, from 
first principles, as in equations (6, 13-27, see Appendix 1). 


[0171] Overall the mathematical geometrical structure of 
all the particles can be derived from the quasi electron, 
which is in turn derived from quintessence. Thus, the short 
form particle structures can now be derived from first 
principles. This includes the quasi electron (qe) and electron 
(e), from which the quarks (u,d) and in turn the stable proton 
(p) and stable neutron (n) and alpha particle (a) respectively 
are derived. The general structure of the force carrying 
bosons the photon. (g) and the gluon (y) and the intermediate 
vector boson (W) can be given. It will also intriguingly be 
possible to derive, according to their generation, the struc- 
ture of the strange (s) charm (c), beauty (b, or bottom) and 
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truth (t or top) quarks directly from the structure of the muon 
(u) and Tauon (T) respectively. 


[0172] Using the term O=(V31c?), where, —/+ represents 
the charge of the quasi electron, we find: 


[0173] 1st Generation: 


gen (6c) 
e=3 12 (6) 
d=01? 3(a/c*?) (16) 
u=2+017 3(a/c*?) (17) 
s= 0"? 3(1/0) 7 (18) 


[0174] 2nd Generation 


u=30% (a/c) (14) 
c=2*0%? (1/08). (a/c) (19) 
b=0*” (1/cP).(1/0)* (20) 


[0175] 3rd Generation 
1=30*” (n/c)? (a/c)? (15) 
1202 (a/c) "3. aA.) Ye (21 ) 


[0176] Particle Gluons (g): 


g=?) (22) 
gaje)? (22a) 
g3=(a/c™*) (22b) 
gaze)" (220) 


[0177] Particle Photons (y): 


v=(ucP) (23) 
v=(u0) (23a) 
y=) (23b) 
Ya=(t/e)'” (23c) 


[0178] Intermediate Vector Boson (W*”): 
Ww*=3*012.2(a/c 9) (24) 
W=30*”2(1/c 9? (25) 

[0179] Stable* Proton: 
p=3*0*” 3(1/c*P) (13) 


[0180] Stable* Neutron: 


Stable* Neutron: 


+80112.2(37/012) OT? (26) 
n= 011.237 /01%) 011? 
*OLM? .2Gx/cl*)-O Pe 


* Stable nucleonic neutron and proton conformations differ slightly from 
the Standard Model, this is due to the sharing of quasi electron and quasi 
positron particles within the nucleus, which allows stabalisation of these 
particles by the formation of stable 3x3 structures. The Standard confor- 
mations which describe non-nucleonic neutrons and protons are addition- 


ally given in Appendix 1. 
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[0181] Alpha particle (a): 


Alpha particle (a): 


[3*O] Ll? .2¢32/c'7)-[3-@] 117 (27) 
a= [31017 4.237 /c'P)-[3*0]104 
[30114237 /c*P) [30] 4 


[0182] The mathematical proof for these structures and 
their decay mechanisms is lengthy and is thus fully con- 
tained in Appendix 1. All the particle structures are accu- 
rately mathematically defined by the masses of these par- 
ticles.0 17 


[0183] The structure of these particles all contain the quasi 
electron and thus the metric tensor structure necessary in the 
formulation of the gravitational equations is sustained. The 
respective forces created by the gluon and the photon are 
important as they tell us the behaviour of matter and also 
lead to the likely structure of the graviton 


[0184] Particle Spin and Size 


[0185] The significance of the electron, composed of three 
spheres each with a radius of 1/c, is not immediately clear, 
but can be understood if the frequency of rotation of the 
electron is also taken into account. Knowing the structure of 
the electron has led us to deduce its charge and thus may lead 
us estimate its size and spin. Thus these observations might 
be used to calculate the radius and rate of rotation of the 
electron. 


[0186] Let us suppose, that nature is truly beautiful, and 
that the radius of the fundamental quasi electron is indeed 
1/c, and in turn the radius was balanced by the velocity of 
rotation 27/c. This can be directly confirmed mathematically 
by taking into account the known spin of the electron, h/47. 
Thus the actual spin of the electron may be calculated form 
the known energy of the spin. 


[0187] The radius of the electron is not up till now known, 
but the radius of a quark has been estimated, and this is the 
radius derived from deep inelastic collisions of the proton. 
These estimates reveal a radius of approx. r,=1.18x107*> 
m.“* 13) This value may be used to assist in confirming the 
spin of the proton in revolutions per sec. (revs) and in turn 
the spin and size of the electron. Firstly we may proceed to 
estimate the spin of the proton. Thus as h=E.t (Joulesxsec) 
and E.t=F.d.t (Joulesxsec), then the spin; 

h/4n=F.d.t (28) 


[0188] As F=ma, where a=(revs. 211)r,, and m=the mass 
of the proton, then 


hj4n=m(revs.2x) r .d.t 


[0189] The actual distance (d) travelled in a circle of half 
integer spin in 1 second is: revs.xtr,, thus: 


h/4=m(revs.21)*1,7/2 
[0190] Hence: 
revs=°V[h/m(2m) rp ] 


[0191] Taking the effective mass the proton as 1.6726x 
107” kg, then the rate of spin of the proton in revolutions/ 
sec 1S: 


revs=5.65x 10% cycles/sec 
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[0192] From the frequency of the specific rotation of the 
proton, given the half integer spin associated with the 
proton, we can thus mathematically confirm the relationship 
between the radius of a particle and its spin: 


rpxrevs/2=1/c (29) 


[0193] Furthermore, the fundamental radius of 1/c seen in 
geometric structure the quasi electron, is also reflected in the 
rotation rate and radius for the proton, thus as above 
1/c+Y%revs=1.18x10 m. Moreover, this means the actual 
half integer velocity of rotation is none other than 27/c in 
metres/sec. So that the particle is in harmonic balance. 


[0194] Using the fundamental formula h/4x1=F.d.t, it is 
possible to obtain accurate estimates of the radius and spin 
rates of the electron, or indeed any particle, using the same 
principle of harmonic balance. Using the formula: 


revs=°V (h/m (2n)*r,7] 


[0195] It appears there are two unknowns, the radius if the 
electron and its revolution rate, however, in accordance with 
the equation, r,=2/c.revs, which gives the revolution rate of 
the proton, the same principle may also be used for the 
electron, by substituting r,=2/c.revs, such that: 


revs=hc*/4m, (2%)* (30) 


[0196] Taking the mass of the electron 9.109382x107?* 
kg, the rate of revolution of the electron is: 


revs=1.048x10"° cycles/sec 
[0197] Which gives a predicted radius of the electron as 
r,=6.366x10*% m. 


[0198] So the half integer rotation velocity (revs.mr) is 
2n/c !, for the electron in keeping with the harmonic balance 
of the electron. 


[0199] The same principle may be used to obtain an 
accurate estimate of the spin and radius of the muon, or any 
other particle. Using the above formula 


revs=he*/4m, (2)* (31) 


[0200] Then as the mass of the muon is 1.8823x10-** kg 
then the revs of the muon f,=5 .070x10’ cycles/sec and the 
radius (r,,) is thus 1.316x107*° m. 


[0201] Itis now possible to begin to explain how the muon 
and the other subatomic particles are formed. If a quasi 
electron is complexed with another structure the total geo- 
metric structure needs to maintain harmonic balance. So the 
frequency of rotation would need to match geometric sruc- 
ture with which the quasi electron was complexed 


[0202] Intriguingly we find asymptotic convergeance for 
the formulas for frequency and mass occurs, when the 
geometric structure complexed with the quasi electron has 
the structure represented by (11/c*P) [giving the frequency 
divided by two, because the single integer spin of the force 
carrying particles compares to a half integer spin for the 
muon]. So that 


G32)" =f, 


[0203] When the ratio of the masses of the electron (m,) 
and muon (m,,) are related, such that: 


m,(3u/c%)=m, 
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[0204] Indeed we find that (allowing for the neutrino) this 
ratio 1s very close to the actual ratio of the mass of the 
electron to the mass of the muon, determined experimen- 
tally. 


[0205] Furthermore, we have seen that these geometric 
structures, representing harmonics of the speed of light, 
which either match the frequency or the amplitude of 
vibration of the quasi electron, mathematically define the 
masses of the particles and the fundamental forces of Nature. 


Part III 


Quantum Gravity 


[0206] Quantum General Relativity 


[0207] Given the overall energy “complex” energy tensor 
structure of the electron and the metric tensor, assumed in 
general relativity, the quantum nature of gravity itself can 
now be explored. The spherical complex tensor for the 
electron and the positron (eq. 4, 5, 6) give the mathematical 
quantum structure and energy tensor for all the other par- 
ticles (see appendix 2). Together with the time dimension 
these nine space dimensions account for the 10 parameters 
present in the metric tensor necessary to formulate the 
equations for gravity using Riemann geometry and thus 
forms the basis of quantum gravity. Intriguingly the metric 
tensor at each point in space time is required to consist of a 
collection of ten numbers, Consequently, ten dimensional 
space-time hypotheses, such as this or superstring theory, do 
automatically yield general relativity.“ 2 


[0208] Furthermore, the mathematical representation of 
the graviton and the gravitational constant may be directly 
estimated from the knowledge of the mass and radius of 
quintessence. Thence, the force of the vibrations of quin- 
tessence lead directly to quantum gravity. 


[0209] The radius of quintessence should be approxi- 
mately in keeping with the Planck length estimate (r), which 
is conventionally derived from the standard dimensional 
equation: 

r¿=Gh/c? (32) 
[0210] Given the nine spacial parameters present in the 
metric tensor, used in general relativity we find that the 


actual formula for e is mathematically in agreement with 
theory when: 


9r¿=Gh/c* (33) 


[0211] This again supports the 9 dimensional view of 
space and the size of the vibrations of quintessence can thus 
be estimated. 


r =1.35x10 >m (33a) 


[0212] This value is in agreement with the Planck length. 
Indeed if the above equation is correct then we find that we 
can derive the standard equation for the general relativistic 
increase in radius, r', (eq. 34) directly from first principles 
and arrive at a more fundamental equation for quantum 
gravity. As 


r'=G.M/3c? (34) 


[0213] By substituting eq 33) into equation 34, a funda- 
mental relationship between r' and M is obtained. 


r/3r ¿=GMc*/Ghc"=Mc/h 
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[0214] And substituting the quintessential equation, 
h=mc* (eq. 1) then: 


r'/3r=M/m,c=n,/c (35) 


[0215] Hence the ratio of the change in radius to that of the 
radius of quintessence squared, is proportional, by a factor 
of c, to the ratio of the mass M of an object to that of the 
mass of quintessence, effectively the number of quintes- 
sences. Thus the change in radius, r' due to gravitation, is 
related to none other than the ratio of the mass and radius of 
an object to the mass and the square of the radius of 
quintessence. Thus again the gravitational change in radius 
is directly related to the number of quintessences. 


[0216] Naturally, this would be exactly what would be 
logically expected if quintessence, like the equation for the 
charge of the electron (eq. 6) forms from a root sphere. Thus 
the change in spacial radius of a normal sphere is dependant 
on the square of the quintessential radius. 


[0217] This increase in apparent radius represents none 
other than the (gravitational) binding energy for quintes- 
sence. 


[0218] The meaning of the above dimensional equation 
(33) might itself be further understood by substituting the 
mass of quintessence (where m,=h/c*) into the equation. 
Thus in nine dimensions the gravitational constant (G) may 
be more logically given as, 


O(ar,°/m,)=Ga/c (36) 


[0219] Where TU, is the cross sectional area of quintes- 
sence and m, is the effective mass of quintessence, and thus 
(str, /m,) represents the effective mass per unit area which 
quintessence exerts. This equation reduces to: 


9r /m¿=G]/c (37) 


[0220] From this we may derive the standard general 
relativistic relationship for the apparent change in radius (r') 
around a mass (M), from an understanding of the mass (m,) 
and number (n,) of qiuntessences. As m,=M/n,, then: 


3r =G.M/3c.ng (38) 
[0221] Then if 
Ngar'c/3rg (39) 


[0222] thus directly substituting for n, in eq 38: 
r'=G.M/3c? (34) 


[0223] The importance of this is that the gravitational 
change in radius now logically derives from equation 36, 
which describes the gravitational force as resulting directly 
from the mass of quintessence exerted/per unit area of 
quintessence. 


Oar, /m,)=Ga/c (36) 


[0224] Thus equation 34 is the conventional equation for 
the general relativistic increase in radius (r') in a gravita- 
tional field, which is here derived from the underlying nature 
of quintessence. Thus the gravitational constant is derived 
from the mass and radius of vibration squared of quintes- 
sence from first principles. 


[0225] Indeed it is apparent that a more fundamental 
equation for gravitation now exists, for equation (39) is 
mathematically accurate and numerically agrees with eq. 34: 


r/3r=nye (39) 
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[0226] These equations may be readily mathematically 
verified. If in accordance with standard general relativity, the 
apparent increase in radius r' is: 

r=GM/30? (34) 
[0227] Then given that the mass of the Earth is 5.974x107* 
kg; 

r'=1.478x10* m 
[0228] Accordingly if r'=3r,n,/c; (eq.39). Given the num- 
ber of quintessences (n,) constituting the Earth is M/m,, 
then 

n¿25.9745x10%/7.3725x10""*=8.104x10 
[0229] As rą =1.823x107” (eq. 33a) then: 

r'=1.478x10* m 


[0230] Thus equation 39 gives the same answer as the 
standard equation and may be understood on a logical basis. 
Indeed the meaning of c in the equation may be understood 
as it has been previously shown as being the basis for the 
radius of matter (eq. 6). Hence the general relativistic 
change in radius, r', is none other than the effective binding 
energy for quintessence. 


[0231] Quantum Gravity and Wave Particle Duality 


[0232] Quantum gravity can now be readily linked with 
quantum mechanics, indeed any observations which are self 
consistent must be able to do so easily. 


[0233] The frequency of light has been previously derived 
feE/h=n, 


[0234] Thus the formula for the frequency of light (E=hf) 
has previously been explained theoretically by the simple 
observation that the frequency is determined quite directly 
from the number of quintessences (n,) within the photon. 
The same principle has also been shown to apply to matter. 


[0235] Let us now follow these equations for matter by 
calculating the wavelength of a photon from the Gravita- 
tional constant as an example; and also as a test of these 
observations and to demonstrate that the gravitational equa- 
tions can also apply to the quantum world. 


[0236] If 

n=rel3rf (39a) 
[0237] where r' is the is the general relativistic increase in 
radius, and r, is the radius of quintessence (eq. 33). Where 
f=n,, substituting for n,, then the frequency of the photon 
£(where f=1) is given by: 

frer? 
[0238] Uing the standard equation, r'=GM/3c" (eq. 34); we 
may substitute for r', thus we have: 

f,=GM/9rc 


[0239] 
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-continued 


GE 


(40) 
P= 533 


[0240] Indeed as 9r,¿“=Gh/c”, then 
f,=E/h=n, 


[0241] It is possible to also demonstrate that the same 
relationship holds for the wave equation for matter. If we 
take the relativistic wave energy of matter, which has been 
previously derived, 


Rn, 
[0242] This includes the term for the number of quintes- 
sences flowing through the electron, in the complex vectors 


of space-time, to give the relativistic electron momentum (p) 
and a term for the rest mass, thus substituting into (40) 


GE 


(40) 
h= Ope? 


[0243] As =p, for matter then the equation expands to: 


Cp 
p ore ee 


As A=v/f, then 


San 


Irc? y (41) 


-~ GRE 


[0244] Then the equation again reduces to: 


(3) 


[0245] Equations 3, 40 and 41 are important as they show 
that the quantum wavelength of any particle of rest mass m 
can be derived from the gravitational constant G. Thus 
linking quantum mechanics to quantum gravity. 


[0246] It is therefore important to confirm the numerical 
accuracy of the above equation (40). We can do this by 
comparing the result to the standard computation of the de 
Broglie equation, in a range where de Broglie itself is likely 
to be most accurate; which according to these observations 
is in the low energy range (see section on Wave Particle 
Duality). 


[0247] If we take an electron with an energy of 0.1 KeV 
the wavelength is conventionally given (where the kinetic 
energy of the electron E, is given by the product of the 
charge of the electron (C) and the potential applied eV=0.1 
Kev), by the standard equation: 

A=h/p=h/(E,.2m,) 7 
[0248] thus 


A=6.63x107**/[1.602x1071*x1x10%x18.22x101]12 


13 
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[0249] hence 
A=1.23x10%" m 
[0250] Using 


24 
7 Ire 


~ GBE 


Ga) 


[0251] Where E=ym,c* 


[0252] At 0.1 Kev, electron velocity is 6x10° r/sec, thus 
B=2x10 and y=1/(1-v7/c*y'P=1.0002 Thus: 


A 9x 1.82 x 1077? x 80.78 x 10°? 
~ 6.67 x 107! x Bx 1.0002 x 9.11 x 10%! x 8.998 x 1016 


A=1.21x107!m 


[0253] Divergence between the de Broglie equation and 
the above equation (2) occurs at intermediate and high 
energies where it is generally accepted that the standard de 
Broglie equation may be less accurate “** *®. The values for 
eq. 2 and de Broglie are compared to recent experiments, 
which demonstrate a relativistic curvilinear plot for wave- 
lengths of matter in keeping with eq. 40.4% D 


[0254] The de Broglie equation in the non-relativistic 
format yields a simple log/linear scale, which is not in 
keeping with relativity; whereas eq. 3 is dependent on 
relativity and mathematically accounts for both relativity in 
calculating the wavelength. Indeed recent experiment on 
quantum tunnelling through a wire mesh strongly suggests 
that the relationship between energy and wavelength is 
relativisticalty curvilinear.“*! D Furthermore equation 34 suggests 
a fundamental relationship between energy (E), relative 
velocity (v/c =ß), gravity (G) and the quantum wavelength 
A 


B 9rŽc (3a) 
~ GBE 
[0255] Indeed as Eri =Gh/c?, then 
A=hc/pE (2) 


[0256] Equation 2 is the very same as the Universal wave 
equation derived form first principles for the wavelength of 
tight and matter, which allowed a relativistic solution to the 
equations for wave particle duality (see Wave Particle Dual- 
ity). This now indicates that these quintessential equations 
are compatible with relativity, quantum mechanics and 
quantum gravity. 


[0257] Graviton Structure 


[0258] From these observations, if the value for the gravi- 
tational constant is substituted into the equation (35) we may 
now estimate the probable geomteric structure of the grav- 
tion, which is the force particle mediating gravity by acting 
on quintessence. Thus the Gravitational constant has been 
previously derived from the vibration of quintessence by the 
equation: 


G.(a/c)=9(ar,"/mg) (36) 


US 2003/0114313 Al 


[0259] This is in accurate agreement with the value for G 
(6.67x107* N m? kg”>). This suggests that the most prob- 
able mathematical representation of the graviton (4), the 
third force carrying particle is 


p=(a/c). (42) 
[0260] ‘Thus the gravitational constant (G) can be given by 


the mass and radius of quintessence and the structure of the 
graviton 


G=9ar,7/.m, (43) 


[0261] This shows the gravitational force to be related to 
the fundamental radius of quintessence space time, and the 
graviton. 


[0262] Quantised General Relativity 


[0263] The classical general relativistic formula, as given 
by Einstein is: 


Ry- Vg uiy R=-KT y 


[0264] Where R is effectively the curvature of space-time, 
R,,, denotes the contracted Riemann tensor of curvature and 
T,» is the “energy tensor” of matter.“ 3) 


[0265] If we substitute the energy tensor matrix of the 
electron (eq. 9) x time, for the energy tensor of matter T,,,; 
and the metric tensor of the space-time lattice x time for the 
contracted Riemann tensor we can arrive at the same solu- 
tions for general relativity. 


[0266] Furthermore, in his published paper on General 
Relativity, Einstein“? ® defined the constant k as: 


k=81G/c? 


[0267] Therefore Einstein’s equation should be written as 


81G (43) 
Ruy = 1/28 wR = EA Tuy 


[0268] Einstein himself was apparently not happy about 
the right hand component of the equation. However, we find 
that this part of the equation can now be explained and 
quantised by substituting the gravitational constant, 
G=9nr,"/.m,, (eq. 42a), 


[0269] Giving: 


87° - ore (44) 


Ruy — 1/28 wR =- Hy 


—. 
p:M¿*C 


[0270] By substituting m,.c*=h, and further substituting 
h=h/21, we arrive at a quantised solution to Einstein”s 
equations. Where A, is the surface area of quintessence 
(A =4nr, ); > is the graviton [p=(/c)] and h is Plancks 
constant. thus: 


9A, (45) 
Ruy —1/2g,,R = a 
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[0271] The gravitational equation can now be further 
understood on a logical basis. The term A,=(4ar,~), where 
(4,7) represents standard term for the surface area of a 
sphere of quintessence for the 9 space dimensions of the 
space time lattice, h is the energy content of quintessence x 
time and q is the graviton, thus the right hand term now 
represents a true “metric energy tensor” of matter. 


[0272] This leads directly to the standard solution to the 
field equations, for the general relativistic increase in radius 
r' of an object, where A is the surface area of a sphere of a 
given mass M, such that 


r=V(4/41)-r=GM/30? (34) 


[0273] Furthermore, although equation 45, gives the same 
solutions as Einstein’s equation, which is essentially correct, 
the difference is that the equation is now dependant upon 
Planck’s constant (h), and moreover the radius of quintes- 
sence, which now defines a quantised solution to the equa- 
tions. 


[0274] Graviton Force Characteristics 


[0275] Similar to the photon, the previously derived equa- 
tion (42) for the graviton [(@=(st/c)| appears to also math- 
ematically represent a helical ringlet of quintessence, but 
with a spin of 2. For the photon, taking the direction of 
motion as the x vector and its axis of spin also as the x 
vector, would account for the electromagnetic force and its 
attraction and repulsion characteristics. In the case of the 
gluon component (z/c’’*), if the direction vector is x, then 
the axis of spin would be in the y vector, the same as quasi 
electrons, accounting for the particle binding characteristics 
of the gluon force. (see; Gluon structure and force charac- 
teristics. Appendix 2). In the case of the graviton, if the 
direction of motion was in the x vector, the graviton spin 
axis would be in the z vector thus, as will be demonstrated, 
accounting for the gravitational force. 


[0276] The spin axis of the graviton can also be derived 
using the known characteristics of the electron. If an electron 
is travelling in the x direction, then its spin axis is deter- 
mined by the by the sign of the ¡y vector (up or down). This 
view is in agreement with conventional theory, which indi- 
cates that the electron spin is similar to a rotating planet 
orbiting the sun, (the electron even appears to have orbital 
precession). As the electron passes through the space-time 
lattice, this spin would generate the formation of gravitons. 
This would occur as a result of the ejection of the excess 
quintessence passing through the electron. As the electron 
spins, the ejection of these gravitons would occur at a 
tangent to the electron’s direction of motion. The ejection of 
the gravitons would occur, similarly to the ejection of energy 
of a pulsar or quasar, through the equivalent of the north and 
south poles of the electron. Thus, propelling the graviton in 
the direction of the electrons y vector. The ejection of the 
graviton would re-orientate and impart a specific angular 
momentum to the gravitons which would thus end up 
spinning on its own z axis. If for instance the graviton is 
released from an up spin electron the graviton will be 
rotating clockwise and its leading edge will displace quin- 
tessence downwards. In turn this will provide an upwards 
force. 


[0277] This picture accounts for Fleming’s left hand rule, 
is logical and provides an explanation for the magnetic force 
around a wire. According, to the left hand rule if the 
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direction of the current is in the x vector, the magnetic field 
is in the z vector, and the force is upwards, in the y vector, 
in accordance with the above model. Therefore, this par- 
ticular spin axis and the structure of the graviton results in 
its force characteristics. As the graviton is very small com- 
pared to the electron and both have different rather rapid spin 
axis it is difficult for these to bind and interact. Nevertheless, 
because the graviton has a spin of 2, and as it spin axis is 
perpendicular to its direction of motion, in the z vector, it 
readily displaces space-time quintessence to produce grav- 
ity. Thus because the graviton is able to displace space-time, 
it is capable of escaping a black hole. How else could the 
effects of gravity be felt beyond a black hole? 


[0278] Quantum Gravity and Electromagnetism 


[0279] With the above electron model of graviton produc- 
tion (see pp. 32), the nature of magnetism can be understood 
from first principles, Furthermore, the presence of a space- 
time lattice links relativity, and the forces of gravity with the 
electromagnetic and other forces of Nature. Indeed, evi- 
dence for these links may first date back to the 1820’s, when 
Andre Ampere first defined the Amp. The force of attraction 
between two parallel wires 1 metre apart each carrying 1 
Amp in a vacuum was defined as none other than the 
permeability of free space (2x10~’ N per metre of conduc- 
tor). Thus conventionally the magnetic field strength around 
a long straight wire is given as: 


B=uol/2nr 


[0280] Where I is the current and x, is the permeability of 
free space (411x107? N A7’). 


[0281] The attraction between two wires both carrying 
negative charge is, however, counterintuitive as negative 
charges should repel. Aconventional explanation overcomes 
this by invoking the presence of a magnetic field which is 
created by the current by the production of virtual photons. 
Thus we appear to have an explanation for the effects of 
magnetism which involves virtual photons, however, these 
photons are not observed. More accurately, according to 
conventional special relativity the magnetic field is none 
other than the electric field viewed relativistically“* 7”. 


[0282] A more satisfactory explanation, therefore, lies in 
the interaction between the electrons and the space time 
lattice. The moving electrons in the two wires interact with 
the lattice to produce gravitons; which are in phase when 
both streams of electrons are travelling in the same direction. 
The gravitonic waves interact constructively to disperse the 
space time lattice between the wires and induce an attractive 
force between the two wires, which produces in effect the 
permeability of free space. Thus this force results from the 
vibration of quintessence itself. 


[0283] Conversly in two wires with current going in 
opposite directions the graviton waves are in anti-phase and 
would interact destructively between the wires. The gravi- 
tonic waves travelling radially outward from the wires 
would, however, disperse the lattice outside the two wires 
and produce apparent repulsion between the wires, which is 
exactly what is observed. These effects of electricity suggest 
that gravitons act as waves and that phase is important. 


[0284] This effect is also seen with the north and south 
poles of ferromagnets. Nevertheless, with matter other than 
iron, cobalt or nickel, the graviton emission cannot be 
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phased as the atoms are unable to align and magnets do not 
appear to exist with other materials. 


[0285] In ordinary magnetic system the release of gravi- 
tons from the north pole would be exactly balanced by those 
released from the south pole of the magnet and hence there 
would be no nett force on the magnet until an external 
magnet or electrical current were applied. 


[0286] Overall the magnitude of the forces in electrical 
systems where electrical conduction occurs are well defined 
by the permeability and permittivity of free space to, and €p. 
Where v is the constant velocity of the charge and e is the 
electric field produced by the charge. 


B=|11,.€0)v.€ 


[0287] These observations suggest that the forces of elec- 
tricity which produce magnetism are indeed related to the 
permittivity and permeability of free space and that these 
quantities are exerted by an apparent vacuum. Thus the 
effects of magnetism could be explained by none other than 
the phased effects of gravitational waves on the space time 
lattice. 


[0288] Electromagnetism is of further interest to quantum 
gravity, particularly if we combine the standard equations, 
B=4,1/21r and B=[u,.e, ]v.e, substituting for B we have: 


210+=I/€,v.€ (46) 


[0289] Thus 2xr is proportional to the inverse of €,. Thus 
as space time is dispersed by gravitons the permittivity field 
will increase in the same way capacitance increases with 
separation of plates. Because of the inverse relationship 
between e, and 2ztr, as e, increases the circumference of a 
circle and the apparent ratio of x is to r, will appear to 
diminish in accordance with general relativity. This not an 
actual diminution in the circumference of a circle but the 
effective reduction of the resistance to motion in a circular 
path in this field. 


[0290] Incidentally, the above observations, also lead us 
directly to Shrédinger’s formula for the average equilibrium 
distance (r) between an electron with charge (e) in orbit 
around a proton, which is conventionally given by: 


r=n"4nh e me? 


[0291] Where e, is again the permittivity of free space, m 
is the mass of the electron and n is an orbital integer, h is 
Planck’s constant and e is the charge of the electron. 
Furthermore if e=[€,/3(44c*)]"’~ (eq.3); then the equation at 
n=1, for the electron orbital radius elegantly simplifies to: 


r=4h7c3/m 


[0292] Hence the orbital radius of the electron is related to 
spin of the electron (h) and its mass (m). 


[0293] Quantum Gravity and the Charge of the Electron 


[0294] The equation for the charge of the electron (eq. 1) 
contains the term so (permittivity of free space) which 


according to these observations should vary in a gravita- 
tional field. 


a | £0 ia (6a) 
~ 13(4/32c3) 


34 


Which version you choose may ultimately depend on which you 
prefer, and the space you have available. 


1 Thirty-two men were asked how they travelled to work. Their 
results are shown in the table. Complete the table. 


Wi VAT Ill 
ll 


W 
Wi Ill 


2 The numbers of children in 26 families are given below. 


3 5 1 1 2 4 1 2 3 1 4 1 
3 2 5 2 1 2 3 1 4 3 1 2 4 
Collect this information in a frequency table. 


3 The dress sizes of 25 women are shown in the frequency table. 


Draw a pictogram to show this information. Use a symbol to 
represent one woman. 
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[0295] If we combine the standard equations, B=[uo1/27r 
and B=(u,.€,]v.e, substituting for B we have: 


211=1/€.V.€ (46) 


[0296] ‘Thus 2xr is proportional to the inverse of e. Thus 
as space time is dispersed by gravitons the permittivity field 
will increase in the same way capacitance increases with 
separation of plates. Because of the inverse relationship 
between e, and 27r, as €, increases the circumferance of a 
circle and the apparent ratio of x to r, will appear to diminish 
in accordance with general relativity. 


[0297] ‘Thus e, rises when space-time is dispersed by the 
gravitons that produce the gravitational field, This occurs in 
a similar way to the process by which capacitance increases 
with separation of plates in a capacitor. 


[0298] Nevertheless, as c is a constant and as c=[u, €] 4, 


then if e, rises then u, falls. This is entirely consistent as o, 
which represents the force that quintessence exerts, would 
be reduced if the quintessence space time lattice 1s dispersed. 


[0299] Furthermore, as “)=40x10~’ N A“; then as to 
falls, then the appareent ration a to r, also falls in a 
gravitational field. This is largely the same as stating, as does 
general relativity, that the apparent radius r', rises in a 
gravitational field. So this view is consistent with general 
relativity. 


[0300] Nevertheless, to derive an exact value for the 
charge of the electron we must account for gravity in the 
above equation. We will take the specific example of the 
Earth’s gravitational field in order to obtain the exact value 
for the electron. If in accordance with standard general 
relativity, the apparent increase in radius r' is: 


r'=GM/3c? (34) 


[0301] Then given that the mass of the Earth is 5.9745x 
10” kg; then 


r'=1.47864x10 7? m 
[0302] thus 
211'=9.29057x 10? 


[0303] Which is the incremental factor by which €, must 
increase in Earth’s gravitational field. So to correct €, to 
account for gravity, €, must be divided by the incremental 
factor, 27tr'. Similarly as effectively a decreases in a gravi- 
tational field, to correct x to account for gravity it must be 
multiplied by this incrememtal factor. So the equation for an 
electron in a zero gravtational field 1s: 


B £0 ne, ea _19 6b 
e= (liar) - (1 +2nr’) =1.6022x 1071? C (6b) 


[0304] This now gives the charge of the electron as 
measured in a zero gravitational field as 1.6022x107*? C, 
which is the same as that measured on Earth. Notably these 
observations appear to suggest that the charge of the electron 
is the same irrespective of the gravitiational field. 


[0305] Virtually unlimited degrees of accuracy for the 
charge of the electron and for the fine structure constant (a), 
may be achieved by taking into account 2nd and nth order 
gravitometric effects. Thus if we take into account the effect 
of gravity upon the radius of the Earth it is also important to 
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take into account an effect a upon the instruments with 
which we measure quantities, this would be a second order 
gravitometric effect. Thus taking into account 2nd order 
effects (r"), we have a very small, but nevertheless relevant 
change, such that: r"=r'(1+2r'). Thus 2r"=9.3180486x10-°, 
and thus: 


£0 1/2 
a | O db PA -19 (6c) 
e arar! - (1 + 2ar”) =1.6021765x 1071? C 


[0306] This agrees exactly to the nearest 7 decimal places 
with the maximum accuracy of the experimental value for 
the charge of the electron.“* 15 Furthermore by taking into 
account the nth order gravitometric effect, it is theoretically 
possible to predict accuracy for the charge of the electron to 
3n decimal places. This mathematically accuracy confirms 
the structure of the electron from first principles and indeed 
the theoretical effects of gravity on the permittivity of free 


space (€o). 


[0307] This returns us directly to the fine structure con- 
stant for the electron which is conventionally given by: 
a=e/hc.4€,. If e”=e,/3(Y11c”), accordingly the quintessen- 
tial equation for a is structurally given by: 21/0=m, [30 1 
(where O=%1c”; see The Structure of the Electron and 
Matter), we must now take into account the effects of 
gravity, as above, thus: 


a21/m,[30 | (14277 ")=0.007297353 


[0308] Where the gravitational term for the increase in 
radius r" allows the mathematical derivation of a, and the 
above equation 1s in agreement with the conventional 
experimental value for a=0.007297353 to the nearest 9 
decimal places.“ 15 


[0309] Hence the term (1+2zr") is in accordance with 
these observations for the effect of gravity on electromag- 
netic forces. To a maximum accuracy governed by current 
knowledge of the mass of the Earth and the Gravitational 
constant and thus the term for the gravitational increase in 
radius r'. These observations can also be used to accurately 
predict the magnetic moment of the electron (see Quantum 
Gravity and the Electron Magnetic Moment). 


[0310] Thus the presence of the fine structure constant can 
now be further understood, by deriving the constant from 
first principles; specifically from the actual dimensional 
conformation for the charge of the electron: e=[e/3(Y11c?)] 


A (eq. 6). 


[0311] Overall the fine structure constant a (allowing for 
the term r' which is the general relativistic increase in the 
radius of the Earth due to gravitation) is given by none other 
than the formula for the mass of quintessence and from the 
structure of the electron, which can now be derived from 
first principles to seven decimal places or more. 


[0312] Quantum Gravity and the Electron Magnetic 
Moment 


[0313] The theoretical origin and nature of magnetism 
remains obscure in current electromagnetic theory. An 
explanation suggests these magnetic effects are produced by 
photons, although no photons have ever been observed. To 
get round this difficulty it is postulated by physics that 
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magnetism results from “virtual” photons. However, Max- 
well’s equation for electromagnetism states that the photon 
has no nett magnetic effect. 


ÒB J0x+0B,/dy+5B,/02=0 


[0314] Thus magnetism could not, by the above standard 
equation, be derived from a photon real or virtual. 


[0315] In addition observational data suggests that black 
holes have powerful magnetic fields and as in theory pho- 
tons are unable to escape from black holes (except for small 
quantites in the form of Hawking radiation), it would be 
difficult to explain these magnetic fields on the basis of 
photon emission. 


[0316] Einstein postulated that magnetism was merely due 
to special relativity “* 1”. The postulate for the nature of 
magnetism in these current observations, states that the 
magnetic force results from relativity due to none other than 
the phased emission of gravitons (why postulate two invis- 
ible forces, magnetism and gravity, when one, the graviton, 
will do). This view as previously discussed (Quantum Grav- 
ity and Electromagnetism) is entirely compatible with stan- 
dard relativity." 19% Thus with the graviton origin of mag- 
netism, the equation for the magnetic moment of the electron 
should have an expression in terms of quintessence and in 
turn the gravitational force and in particular the graviton. 


[0317] The standard term for the magnetic moment of the 
Bohr Magneton (SIB) is: 


uB=eh/4am, 


[0318] In standard quantum mechanics the Bohr Magne- 
ton, uB, however, needs to be corrected to agree with 
experiment. The “correction factor” is termed “e”; where 
e=(a/21)-0.32807/117)=0.001159641. Thus theory reveals 


u., the magnetic moment of the electron where: 
He=(eh/4am,)[1+(a/2m)-0.32807/n7) | 


[0319] The conventional derivation of the term € above, is 
given from the fine structure constant, (@/2m) which is 
theoretically consistent. However, a rather arbitary math- 
ematical correction term; 0.328a7/n* needs to be used in this 
standard equation. This appears ad hoc and needless to say, 
more accurate measurements show , the electron magnetic 
moment to the Bohr magneton ratio, 1+e=1.001159652, 
which suggests the correction factor is indeed incorrect. 
Nevertheless, this correction factor is essential for “renor- 
malisation” and thus for quantum mechanics to work. 


[0320] Quantum gravity readily explains the discrepancy 
between the theoretical Bohr Magneton (uB) and the actual 
measured magnetic moment of the electron (u,). In accor- 
dance with the above chapter (Quantum Gravity and the 
Charge of the Electron) 


[0321] Thus the significant mathematical discrepancies 
can be removed by accounting for the effects of quantum 
gravity. 


[0322] Thus taking the charge of the electron (e), using the 
equation for the Bohr magneton and the effects of quantum 
gravity such that gravitational change in radius is r". The 
magnetic moment of the electron is given by: 


Me=(eh/4am,)(1+[a/2a+(1+r") ]) 


[0323] This gives an electron magnetic moment to Bohr 
magneton ratio of 1.00115968. Thus the mathematical term 
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for the magnetic moment of the electron is given, avoiding 
the arbitary and dubious term 0.328a7/n* used in the stan- 
dard equation, simply by accounting for quantum gravity. 


[0324] It is now possible to unite the equations for gravity 
and magnetism by substituting the fundamental key equa- 
tions of quantum gravity. Thus if: h=3m,c” (eq 1b) and 
m =m,.n, (eq. 2). Then we can express the magnetic moment 
of any particle with the charge of the electron, including the 
proton, in terms of the number of quintessences (n,) in that 
particle. 


UB=ec*/Yamng (47) 


[0325] Given that the postulated structure of the graviton 
is: (p=11/c (eq. 42), then substituting we have 


uB=3ec/4on, (48) 


[0326] Showing that the equations for the magnetic 
moment are compatible with the gravitational equations 
given earlier. Principally, the quintessential equations now 
allow the determination of the magnetic moment of any 
charged object from the equation for the graviton and 
directly from the number of quintessences it contains. In 
conventional physics the magnetic moment of the electron 
requires a correction factor, (1+(a/2mc)-0.328a7/n7)), to 
derive the correct experimental value. These observations 
herein, indicate that the correction factor is more logically 
(1+r"), where r" is the general relativistic increase in radius 
around a gravitational body. This suggests that magnetism is 
not only affected by gravity, but can, as shown as above, be 
derived using the quantum gravitational equations. 


[0327] Quantum Gravity and Special Relativity 


[0328] Ordinary matter passing through the lattice would 
produce gravitons which would interact with space-time as 
described by general relativity. The quantity of gravitons 
would be determined by the apparent mass and in turn these 
would apparently curve space time. The geometry of this 
“curvature” is elegantly described by general relativity using 
Riemann geometry, specifically using metric tensors. 
Intriguingly the metric tensor is not a single number, but at 
each point in space time it is required to consist of a 
collection of ten numbers, Consequently, ten dimensional 
space-time hypotheses, such as this or superstring theory, 
may automatically yield general relativity. (see quantum 
general relativity p. 36) 


[0329] General relativity is indeed very elegant, neverthe- 
less there was a logical step yet to answer. That is, how do 
gravitons shape space time? This can now be readily 
answerd by considering the interaction of a three dimen- 
sional space time lattice with gravitons themselves to pro- 
duce the effects of gravity. The effects of gravity are as such 
to compel a body in motion towards the gravitational object 
and to a much smaller extent visa versa. This effect can only 
be produced If gravitons repel quintessence (the constituents 
of the 3D lattice). Indeed, it has been stated that in order to 
explain cosmic inflation and the “flatness” of the Universe 
that quintessence must shun (or be shunned by) matter “* 


5,6,7). 


[0330] In descriptive terms a body close to a large mass 
will have a tendency to move toward it because the three 
dimensional lattice would be less dense as it approached the 
surface of the large mass. Overall there would be less 
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resistance to motion in the direction of the large mass, and 
the motion in this direction would be facilitated by the 
vibration of quintessence. 


[0331] In general relativity the principle governing motion 
is the geodesic of least distance, this can be re-expressed 
using similar equations using least action. Furthermore, the 
concept of motion due to the vibrations of quintessence is 
more logically and experimentally compelling. 


[0332] These observations can now be used to link general 
and special relativity. Thus as we approach the speed of 
light, the mass of an object travelling through the space-time 
lattice would approach infinity, directly because the number 
of quintessences passing through a body would increase 
with increasing velocity, hence the equation: 


m'=m)/(1-v?/c*)¥" (50) 
[0333] or 

m'=my(1-v [49€ (50a) 
[0334] In turn this would generate increasing gravitons 


and accordingly this would explain the observed effects of 
special relativity. Time itself is due to passage through the 
space-time lattice, and where the space-time lattice is dis- 
persed by gravitons, time and length are reduced with 
increasing velocity and hence increasing space-time lattice 
dispersion, similar to the way in which gravity alters space- 
time 


[0335] As a result: 

Pal, Pal 1? 
[0336] Thus resulting in the effects of special relativity. 
[0337] Quintessence and Black Holes 


[0338] To address the relationship of the space-time lattice 
to gravity directly, it is important to discuss the concept of 
quintessence with regard to general relativitivistic equations. 
The standard general relativistic equation for the apparent 
increase in radius (r) due to the curvature of space time 
around a gravitational object, which has also been previ- 
ously derived from first principles (eq. 36), is: 


r'=G.M/3c? (34) 
[0339] This can also thus be written as: 
3r'"=G.M| o €0) (51) 


[0340] This standard equation, is in keeping with the 
above observations. Specifically, as the mass increases, €, 
increases, in turn the radius will appear to increase (relative 
to x). 


[0341] The above observations now allow us to examine 
the effects with regard to the interior of black holes them- 
selves. The event horizon would represent a critical density 
for quintessence, in which light could not escape. The 
Schwarzschild radius would now be given by: 


R =2GM[uo-€0] 
[0342] The event horizon will occur at the point at which 
there is less resistance to circular motion than motion in a 
straight or partially curved line. Given that x is proportional 
to 1/e,. The event horizon should occur when the permit- 
tivity has increased by a factor of x. 


[0343] Effectively because the permittivity of free space 
rises, m% decreases. This is entirely in keeping with general 
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relativity which predicts the effective change in the ratio of 
the radius to the circumference as given by the conventional 
equation, where r', is again the apparent change in radius. 


r=G.M/3c? 


[0344] Hence x will effectively decrease as we approach 
the event horizon of a black hole, When xt decreases to 1, the 
circular circumference is equal to the diameter and more- 
over, inside this limit it is shorter for light to travel in a 
circle. Thus light cannot escape the event horizon. 


[0345] This can give us great insights into the workings of 
space-time, for flat Euclidean space the standard equation is: 


e"=-1 


[0346] In accordance with general relativity, the ratio of 
the radius to the circumference changes in a gravitational 
field, and effectively m=1, at the event horizon, thus the 
boundary condition for the shape of space-time at the event 
horizon now has the direct equation: 


ef 


[0347] Within a black hole as the permittivity of space 
increases by a factor of 27 an object within it will complete 
two rotations rather than travel in a straight line. In effect 
exceeding the speed of light by 2x. Hence, the condition for 
space-time is represented by the equation: 


el/2 
[0348] Thus an increase in the permittivity of free space 
by a minimum factor of m, to produce a black hole is 
estimated to result from an increase in mass by a factor of 
approx. 10° (the ratio of the mass of the earth and that of a 
putative black hole). 


[0349] Continuing with the subject of a black hole, 
according to the model inside the black hole, the gravitons 
produced by the matter present would be in equilibrium with 
the density of the space-time lattice. Increasing the rate of 
rotation of the matter in the black hole for instance would 
thus increase the production of gravitons and its effective 
mass and increase the radius of the event horizon. A density 
gradient of the space-time lattice would continue to exist 
within the black hole. Progressively closer to the centre of 
a black hole matter itself would be increasingly compressed 
and the spherical structure of the quasi electron would be 
predicted to collapse. This collapse would result in the 
formation of an exotic form of matter in the form of pure 
quintessence in a black hole. 


[0350] This pure quintessence would produce the singu- 
larity at the centre of the black hole. The larger the black 
hole in terms of mass the more pure quintessence would 
exist at its core. 


[0351] Quintessence and the Big Bang 


[0352] Quintessence theory not only predicts the occur- 
rence of the Big Bang, but allows a prediction for the value 
of the entire mass of the Universe, from first principles. 


[0353] In accordance with quintessence theory the big 
bang resulted from the explosion of an immense black hole 
singularity, which was constituted from pure quintessence. 


[0354] On the basis of quintessence, there will be a critical 
mass for Big Bang event; thus if entire space-time between 
quintessence is compacted so that no further quintessence 
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can be accommodated, the addition of further quintessence 
would destabilise the immense black hole, resulting in the 
Big Bang. 


[0355] It is possible to predict this critical mass, using the 
radius of quintessence as a benchmark. Given the nine 
spatial parameters present in the metric tensor, used in 
general relativity we find that the actual formula for the 
radius of quintessence; ri”, is mathematically in agreement 
with general relativistic theory when: 


9r,2=Gh/C? (33) 


[0356] This again supports the 9 dimensional view of 
space (so crucial in superstring theory). Moreover, the size 
of the vibrations of quintessence can thus be calculated as: 


r¿=1.35x10m (33a) 
[0357] The volume of each quintessence is thus: 
arr °=1.0306x10 *% m? (33b) 


[0358] So to be accommodated within unit volume of 
space time, with no intervening apparent space time, (given 
that each of 9 overlapping quintessences are required) would 
require approx. 


9x10*°* quintessences 


[0359] As the mass of quintessence is mi=h/c*=7.373x107 
51 kg.sec (eq. 1). Then the mass of of the Universe, to two 
decimal places, is: 


1.18x10°° kg (33c) 


[0360] This is in close agreement with a recent estimate of 
the mass of the Universe from COBE and other satellite 
data, which estimates the mass to be 100 trillion trillion 
trillion trillion tonnes (107 kg). “** 7° 


[0361] Moreover, the early formation of the galaxies can 
be readily explained, it is likely that in such a big bang some 
very small black holes might have prevailed and that these 
formed the seeds of the galaxies we see today. 


[0362] The event horizon, calculated from the Schwartzs- 
child radius, of such an immense black hole is ~10*° m, 
which would have allowed Guth’s inflationary component to 
the early expansion of the Universe. 


[0363] In addition, inflation may result directly from the 
observation that once electrons have formed from the pri- 
mordial soup of quintessence, they emit gravitons which in 
turn repel space time, which might also result in another 
cosmic inflationary cycle. 


[0364] Most importantly quintessence theory explains the 
Big Bang from first principles and and is capable of accu- 
rately predicting the mass of the Universe. 


[0365] The Nature of Energy 


[0366] Foremostly, these observations allow a fundamen- 
tal understanding of energy. The quantum physical, mini- 
mum component of energy is Planck’s constant; h. To define 
the minimal component of mass, using the standard energy 
equivalence formula; E=mc*, such a minimal mass (m,) 
would be required to have the value equivalent to; m,=h/c” 
(1). The total mass of a system (m) would then be; m=m,n,, 
where n, 1s the number of these minimal units. Thence, the 
total energy of a system can be derived from the minimal 
energy; h, multiplied by the number of these energy units 
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(n,). Thus as, E=mc”, then also E=m,n,c” and substituting 
m,=h/c”, the energy equivalence formula has the more 
logical formulation; 

E=hn, (1a) 


[0367] Thus the energy of a system is equivalent to the 
minimal energy unit; h, multiplied by the number of those 
minimal energy units (n,). 


[0368] This leads directly to a deeper understanding of 
wave particle duality and the wave nature of matter. 


[0369] This is encapsulated by the quintessential energy 
formulae 


[0370] As conventionally BE/c=p, then 


A=h/p=he/PE (2) 
[0371] and 

E=hn, (1a) 
[0372] then 

h=c/Bng (2b) 
[0373] Importantly, as indicated by equation (2b), energy 


having no quintessence; would have a wavelength of infin- 
ity. Specifically pure energy containing no quintessences, 
would have a lambda of infinity. According to quantum 
mechanics an infinite wavelength would result in the prob- 
ability of that energy being anywhere. As energy itself has 
no electrical charge it would not be impeded by the permit- 
tivity and permeability of the three dimensional space-time 
lattice. Moreover, energy would not be detectable in three 
dimensional space-time, unless it interacted with matter, as 
in the EPR experiments. Indeed, energy is not observed 
when not bound to any form of mass or particle. 


[0374] Thus equation 2b, takes us to our original assertion 
regarding the existence of pure energy. 


-Energy is not bound by the space-time lattice- 


[0375] Thus, as the EPR experiments suggest the exist- 
ence of energy separate from matter and thus separate from 
the three dimensional space-time lattice, it is interesting to 
find that experiment suggests the existence of free energy in 
a continuum separate from space time and matter to produce 
the effects of quantum teleportation.“*fs 19, 11, 12, 13) 


[0376] This is not, however, teleportation across an addi- 
tional dimension, this is a term to describe in partially 
familiar terms the dissociation of energy from the three 
dimensional space-time lattice. As time is inextricably 
linked to each dimension of space, the effects of energy 
would be inextricably linked to the events, such as the 
creation of virtual particles, we see interacting within space- 
time. It is unlikely that observers have any direct day to day 
experience to explain quantum events. Nevertheless, quin- 
tessence theory may have given us a window into the 
hitherto hidden workings of the Universe. Thereby, the 
mystery of the uniformity of the Universe, across distances 
which the speed of light could not apparently traverse, is 
readily explained by the fact that the free energy contained 
in the Universe is not bound by the space-time lattice. 


[0377] In the case of light, due to the exceedingly small 
masses involved, there would be relatively easy exchange of 
matter with free energy within a photon. This would make 
the photon the ideal experimental tool to look for energy 
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which is not bound by matter and in turn energy which is not 
bound in space-time. Indeed, very recently Furusawa et al. 
have reported to have observed the transference of energy as 
photons from A to B, without those photons traversing 
space-time . This finding which has been supported using 
other experimental techniques“*** H- 12, 15», is very impor- 
tant as it suggests the existence of such free energy. 


[0378] Overall, quintessence theory gives an a priori 
explanation for the concept of mass, the elementary par- 
ticles, the forces of nature and quantum effects. It can 
equally be used logically to explain the inner physics of a 
black hole, the missing mass in the Galaxy, the expansion of 
the Universe, Guth’s inflationary theory and predicts the Big 
Bang, from first principles. 


Prior Art 
[0379] Antigravity Systems 


[0380] Recent research at NASA indicates that an anti- 
gravity device may be feasible. This research, however, has 
been undertaken at NASA without fundamental knowledge 
of the theoretical basis of quantum gravity. In these experi- 
ments the use of radio frequency (RF) pulses, such as in 
Nuclear Magnetic resonance, on rotating superconducting 
discs has been attempted, to produce antigravity effects.“ 
21) 


[0381] However, radio frequency pulses are a weak form 
of electromagnetic radiation and are therefore unlikely to 
provide sufficient energy to produce measurable antigravity 
effects. 


[0382] The warp drive technology described in this appli- 
cation is entirely different to previous prior art. The most 
important difference relates to the nature of the invention. In 
this application specifications are given for a direct drive 
system, as opposed to a gravity shield device, which other 
inventions claim. There is of course a vast difference as a 
shield device, merely reduces the force of gravity, but does 
not directly produce drive. 


[0383] The references specifically relating to the shield 
effect are: 


SCHNURER: WO 98/23976 14 Nov. 1996 
MODANESE + arXiv:gr-qc/9612022 v4, 19 Feb. 1998 
SCHNURER: 
PODKLETNOV: arXiv:cond-mat/9701174 v3, 16 Sep. 1997 
PODKLETNOV + Physica C, Vol 203, 441-444, 9 Sep. 1992 
NIEMINEN: 


[0384] Other devices produce an attractive effect, as in an 
electromagnet magnet, which is again entirely different to 
the direct production of drive. 


[0385] HOOPER U.S. Pat. No. 3,610,971 Apr. 15, 1969 


[0386] In these and other antigravity devices the use of 
equal and opposite currents in a superconductor to produce 
anti-gravity effects are disclosed, as in: 


[0387] BETTELS DE19832001 Jul. 16, 1988 


[0388] In this application for Warp Drive technology, there 
is a differential current applied. Thus the differential speed 
of the electrons will, in accordance with relativity, produce 
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differential mass, which will in turn result in a differential 
graviton release. Thus this invention is very different to 
previous disclosed inventions, as it is the differential gravi- 
ton release, which produces the effective warping of space- 
time, to produce a direct warp drive system, which operates 
by the warping of space-time. 


SUMMARY OF THE INVENTION 
[0389] Principles of Warp Drive Systems 


[0390] The theoretical understanding of quantum gravity 
allows the design of warp drive systems from first principles. 
It is unlikely that gravitons can be controlled in a precise 
way using current technology. Nevertheless, an understand- 
ing of three dimensional space-time and matter, does allow 
the design of elementary warp drive systems. That is, 
systems whose propulsion rely on warping space-time as 
opposed to the ejection of material to provide thrust. 


[0391] The background for these systems are already 
partially understood and quintessence theory allows their 
further development. For instance, the formation of black 
holes, represents a crucial step in understanding the mecha- 
nisms that underlay gravitational physics and in turn the 
warping of space-time. The existence of black holes, implies 
that the warping of space-time allows a powerful system for 
driving matter. In this instance the space-time lattice would 
be repelled by gravitons in such a way as to disperse 
Space-time quintessence in a circular fashion, producing an 
event horizon. Similarly if we suppose that gravitons could 
be controlled and collimated in a single direction similar to 
a laser using photons, it would be possible to focus such a 
graviton beam ahead of an object. This in turn would 
dissipate the space-time lattice in front of that object, 
thereby allowing the theoretical potential for what is termed 
Warp drive. 


[0392] Essentially, these are systems whose propulsion 
relies on warping space-time, as opposed to the ejection of 
material to provide thrust. This does not, of necessity, mean 
that superluminal velocities are produced, but that the drive 
is based on the warping of space-time in accordance with 
general relativity. However, it would in the future theoreti- 
cally be possible for an object to achieve speeds greater than 
that of light, as superluminal velocities produced by the 
warping of space-time do not contravene general relativity. 


[0393] Indeed according to the standard model, if the 
horizon distance is taken as the maximum distance which 
light could have travelled, then two points on opposite sides 
of the Universe are as far apart as ninety times the horizon 
distance, which indicates that components of the Universe 


themselves have effectively far exceeded the speed of light. 
(ref 20a) 


[0394] With current technology warp drive systems (not of 
necessity superluminal) could be achieved by rotating inter- 
mediate sized superconducting masses at ultracentrifuga- 
tional velocities. The release of gravitons could be con- 
trolled by differentially governing the electron flow through 
these masses with the use of powerful electric currents. In 
turn the differential direction of flow of gravitons would 
determine the direction of motion through the space time 
lattice. 


[0395] In order to design a mechanism for elementary 
warp drive we may utilise either a normal conductive 
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material or preferably a superconducting material, or a 
combination of both. It may be possible to use any shape, 
such as a disc, cylinder or preferably a sphere. It would also 
be possible to use dual counter rotating discs to minimize the 
net angular momentum of the system. In the case of a sphere, 
this is rotated along its horizontal axis in a clockwise fashion 
at ultracentrifugational speeds. A differential current is then 
applied from left to right in such a way as to pass through 
the entire sphere in this direction. 


[0396] The electric charge in the upper half of the sphere 
would be maximised. The electrons will have a vector in the 
left to right direction as the sphere spins clockwise. If a 
maximised current is applied to the sphere in the same 
direction this will result in a increase in the velocity of the 
electrons relative to the centre of gravity of the rotating 
object, due to the flow of current. In turn, according special 
relativity and to the space-time lattice model, this wilt result 
in an increase in the relativistic mass if the electrons and in 
turn by general relativity an increase in the release of 
gravitons. 


[0397] Conversley in the lower half of the sphere the 
electrons wilt have a vector of motion in the right to left 
direction due to the spin of the sphere. This will be relativ- 
istically slowed by the differential current applied in the 
same direction as the current above, and hence in the 
opposite direction to the direction of rotation. The charge 
can be separately applied and adjusted to ensure that the 
electrons are relativistically stationary relative to the centre 
of gravity. In turn this will minimize the relativistic mass and 
result in a decrease in the release of gravitons for the lower 
half of the sphere. 


[0398] The overall result will be a greater release of 
gravitons in the upward direction and a lesser release of 
gravitons in the downward direction. The effect will be 
enhanced by the use of a multi-phasic current simulta- 
neously applied. This will result in the release of multi- 
phasic gravitons which will disperse space time above the 
sphere with increase in density below the sphere which will 
effectively reverse the effects of Earths gravity. Importantly 
this effect can also be produced with the use radio frequency 
pulses. This obviates the need for commutator devices. 
Nevertheless, the radio frequency pulses must be designed 
to produce a change in the spin of the particle to enhance the 
release of gravitons in the upward direction, and moreover 
with current technology theses RF pulses contain too little 
energy to effect a significant change in the gravitational 
field. 


[0399] With the use of large currents the drift velocity of 
the electrons could be greatly increased. The use of super- 
conducting devices would greatly enhance the efficiency of 
such systems as the electrical resistance is virtually elimi- 
nated. Thereby allowing large currents to be used with 
minimum total power output. 


[0400] The technological crux of the device is to produce 
electrons of high speed and hence high relativistic mass in 
the top half of the sphere, whilst producing low speed and 
thus low mass electrons at the bottom of the sphere, in 
accordance with special relativity. The imbalance in the 
rotating sphere will be continuously present impelling the 
device upwards. In effect the differential current flow, will 
produce differential graviton production and in turn, by 
general relativity, the warping of space-time 
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TECHNICAL EXAMPLE 1 


[0401] A small scale device, which produces warp thrust 
can be readily constructed using current technology. 


[0402] This wilt require a sphere, cylinder or disc of 
superconducting material. A dual disc either co rotating or 
counter rotating could also be used, counter rotating discs 
have the advantage that the total angular momentum is 
effectively zero. Any of the superconductors may be used 
such as Ag,F, C¿K or SnTe. However for their tensile 
strength and/or magnitude of critical current density (J.), 
Nb¿Sn or Ag,F is recommended. Normal conductive mate- 
rial may be used but due to electrical resistance the power 
required (see superconductivity theory pg. 9) would be in the 
order of 10°” times greater. 


[0403] ‘Taking a sphere of Nb¿Sn, made hollow to reduce 
the mass of the sphere, with an external radius 0.25 m and 
an internal radius of 0.20 m; the total volume of Nb,Sn 
required would be 3.19x10* cm”. As Nb¿Sn has a density of 
7.86 g/cm” the total mass of superconducting material would 
hence be 250 kg. 


[0404] This sphere is required to be mounted upon two 
ultracentrifugational spindles which themselves are on the 
horizontal axis. The untracentrifugational spindles would be 
powered to rotate the sphere to produce an enhanced g force, 
as in a centrifuge. 


[0405] The superconductive sphere would require a super- 
cooloed jacket of liquid Helium, and would require to be in 
a vacuum. The power source, motors and refrigeration 
system should be placed outside the supercooled jacket. In 
addition these ancillary elements of the device may be either 
placed outside the system as a whole, or within it, if the 
device is designed as a self contained vehicle. The device 
may also be mounted upon vertical rails to experimentally 
demonstrate vertical lift. (See FIGS. 1, 2) 


[0406] A high current needs to be applied, by means of a 
commutator device, to produce a current passing through the 
sphere. If the negative terminal were placed on the left of the 
sphere and the positive terminal on the right this would 
produce electrons flowing from left to right. The commuta- 
tor device would be split to allow a smaller current to be 
applied to the lower half of the sphere. 


[0407] The power expenditure for this is reduced by using 
a superconducting material. If the sphere were rotating from 
left to right 1.e clockwise the drift velocity of the electrons 
would be advanced in the upper half of the sphere, and 
retarded in the lower half of the sphere by the differential 
current induced flow of the electrons. 


[0408] According to relativity, as defined in the theoretical 
sections above, it is accepted that the mass of the electrons 
in the upper half, relative to the centre of gravity, of the 
sphere can thus be increased by using the standard relativ- 
istic formula: 


m'=mo (1-10 (50) 


[0409] Thus by inducing a relative drift velocity differ- 
ence, the mass of the electrons at the top of the sphere can 
be increased, and the mass of the electrons at the bottom of 
the sphere can be reduced relative to the centre of gravity. 


[0410] If the object is set to rotate, centrifugal forces can 
be used to increase this mass difference. This can be used to 
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increase the net momentum of the object in the upwards 
direction, to produce upwards thrust. 


[0411] Given that there are approximately 10% per cm? 
free electrons in a niobium conductor then in the total sphere 
there will be approx. 10°°x3.19x10* cm?=3.19x10°’ free 
electrons in the sphere. If each electron weighs 9.11x107?* 
kg; then the total mass of free electrons in the upper half of 
the sphere is 1.453 grams. 


[0412] If we take the maximum zero voltage current 
density (J,) in Nb¿Sn or another suitable superconducting 
device as approximately 10x10** Amps/m', the drift veloc- 
ity in the electrons can be calculated. Given that the average 
surface area of the hollow sphere is approximately 350 cm” 
or 3.5x10 7 m”, then the max current applicable is 3.5x10* 
Amps. Thus the drift velocity of the electrons would be 
6.3x10 m/sec. The velocity of the electrons in the upper part 
of the sphere would be advanced relative to the centre of 
gravity. The relative velocity to this centre would be equiva- 
lent to the velocity of the sphere plus the velocity of the 
electrons in the upper half. 


[0413] Ifthe drift velocity of the electrons in the lower half 
were separately, induced by the current so that these elec- 
trons were stationary relative to the centre of gravity, those 
in the lower half of the sphere would be relatively retarded. 
The current applied to the lower half of the sphere to make 
the lower electrons, relative to the centre of gravity, station- 
ary (given a rotation rate of 3.14x10* revs/sec) would be 
2.46x10 Amps. 


[0414] This differential current would allow the electrons 
to have a differential velocity and in turn a different mass 
relative to the centre of gravity. The relative velocity would 
be approximately 6.3x10° m/sec. Using the standard equa- 
tion for relativity (50) would give a relative mass difference 
ratio of 2.21x10™*. 


[0415] The effective total mass difference between the 
upper and lower half of the sphere would thus be the mass 
of the electrons times the relative mass difference which is 
1.45 grammesx2.21x107*=3.2x10"” kg. 


[0416] Overall, as the acceleration due to gravity is 9.81 
m/sec”; to produce upwards lift on a sphere of 250 kg in 
Earth’s gravitational field would require a force of about 
2,500N. In order to produce in excess of this force the 
acceleration produced by the ultracentrifuge device would 
need to be about=8.76x10° m/sec”. Thus according to the 
formula a=(w211)”/r (where the average radius, r of the 
device is 0.225 m) the rotation rate required would be 
3.142x10 revs/sec or approximately 1,880,000 revs/min to 
produce sufficient acceleration to allow the device to com- 
pletely self levitate. Thus as F=ma, then the force produced 
by the device is 


3.2x107’ kgx8.76x10° m/sec*=2,800 N 


[0417] A detectable anti-gravtiy effect could, however, be 
realised at much lower spin rates. Standard ultracentrifuga- 
tion devices can rotate at 600,000 revs/min. Thus even at 
standard ultracentrifuge speeds the g forces produced would 
be sufficient to produce approximately 12.8% lift, using 
these anti-gravity techniques. 


TECHNICAL EXAMPLE 2 


[0418] For this example we will use a large scale device, 
which would therefore deliver sufficient thrust to power a 
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vehicle beyond Earth’s gravitational field. Under terrestrial 
conditions the entire devise would be required to be encased 
in a liquid helium jacket, with an internal vacuum to reduce 
friction due to air. However, the tatter two constraints need 
not be in place if the device is to be used in space as, very 
conveniently, space is both a vacuum, and when shielded 
from the rays of the sun the ambient temperature is less than 
that of liquid helium. Indeed the large mass of the super- 
conductor becomes less relevant as weightlessness exists in 
space, so that the size of the object may be increased 
substantially. 


[0419] ‘Taking a sphere of 1 meter in radius of a super- 
conductive material. The volume is “smr°=4.2x10° cm?. If 
the high temperature superconductors are used such as 
YBa,Cu,0., or Nd, ¿sCe, ,;CuO,, which are ceramic in 
nature, the specific density is approximately 3 g/cm”, Hence 
the total mass of the sphere would be approximately 12,600 
kg or 12.6 metric tonnes. If the standard superconductors are 
used, for instance Nb¿Sn with a density of 7.86 g/cm? the 
sphere becomes heavier at 33 metric tonnes 


[0420] This sphere is required to be mounted upon two 
ultracentrifugational spindles which themselves are on the 
horizontal axis. The untracentrifugational spindles would be 
powered to rotate the sphere to produce an enhanced g force, 
as in a centrifuge. The sphere would need to be carefully 
constructed to be exactly balanced in all directions. 


[0421] Nevertheless, a high current does still need to be 
applied, by means of a commutator device, to produce a 
current. If the negative terminal were placed on the left of 
the sphere and the positive terminal on the right this would 
produce electrons flowing from left to right. The power 
expenditure for this is reduced by using a superconducting 
material. If the sphere were rotating from left to right 1.e 
clockwise the drift velocity of the electrons would be 
advanced in the upper half of the sphere, and retarded in the 
lower half of the sphere by the current induced flow of the 
electrons. The split commutator device allows a differential 
current to be applied to the upper and lower halves of the 
sphere respectively. 


[0422] According to the model in the preceding sections 
this will result in an increase in the mass of the electrons in 
the upper sphere and hence an increase in graviton produc- 
tion in the upper half of the sphere. Indeed, this model is in 
agreement mathematically with general and special relativ- 
ity. 

[0423] Given that there are approximately 10% per em? 
free electrons in a copper conductor then in the total sphere 
there will be approx. 10%x4.2x10%=4.2x107 free electrons 
in the sphere. If each electron weighs 9.11x10~*" kg; then 
the total mass of free electrons in the upper part of the sphere 
is 0.191 kg. 


[0424] If we take the maximum zero voltage current 
density (J,) in Nb¿Sn, or another suitable superconducting 
device, as approximately 10x10** Amps/m°, the drift veloc- 
ity in the electrons can be calculated. Given that the average 
surface area of the sphere is approximately 1.57xmY, then 
the max current applicable is 1.57x10% Amps. Thus the drift 
velocity of the electrons would be 6.3x10° m/sec. 


[0425] At the same time the current in the lower half of the 
sphere would be adjusted to retard the electrons so that they 
remain stationary relative to the centre of gravity. If the 
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sphere were rotating at 2.6x10* revs/sec this would require 
a current of 2.04x10'° Amps. This differential current would 
induce a differential velocity in the electrons and in turn a 
mass difference. 


[0426] By inducing a difference of mass as little as one 
part in a thousand in these electrons we can achieve signifi- 
cant lift. Thus by the above equation if we induce a drift 
velocity of 6.3x10° m/sec (as in technical example 1), given 
that the velocity of the electrons in the upper part of the 
sphere would be advanced relative to the centre of gravity 
and those in the lower half of the sphere relatively station- 
ary; then the relative velocity would be approximately 
6.3x10 m/sec. Thus between the upper and lower half of the 
electrons we increase the relative mass of the electrons in the 
upper half by a factor of 2.21x10~, as in technical example 


[0427] Thus the difference in mass in the upper half of the 
sphere due to the moving electrons would be 0.191 
kex2.21x10 =4.22x10~° kg., relative to the lower half elec- 
trons. This difference is enhanced by producing a centrifugal 
force by rotating the sphere. 


[0428] | If we rotate the large superconducting sphere at 
2.6x10 revs/sec or 1,560,000 revs/min we can achieve 
accelerations of 1.33x10"° m/sec? (given an average radius 
of 0.5 m) by the formula a=(m2ar)~/r. 


[0429] Thus as F=ma, where m is the relative mass dif- 
ference of the electrons the thrust produced in the device 
would be equivalent to: 
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4.22x10? kgx1.33x10*% m/sec*=5.88x10° N 


[0430] Thus in Earth’s gravitational field this force would 
be capable of levitating 60 metric tonnes. 


[0431] The estimated current required to produce the drift 
velocity of the electrons for this effect would be approx. 
1.57x10" Amps. The power usage is given by; P=I°R, under 
non-superconducting conditions, given that Niobium has a 
resistivity of 15.2x107* Q/m the sphere would have a 
resistance of approximately 10°’ Q. The power used by a 
non-superconducting device would thus be 2.46x10% Watts. 
However, due to superconductivity, under standard theory, 
the device has zero resistance and would use no power“ ®, 
Nevertheless, if we wish to use the model described above 
for superconductivity (see superconductivity, page 6) there 
would be a practical power consumption which would 
nevertheless still be low. Thus the power consumption 
would be in the order of 1.6x107*” less than the standard 
power usage, at 3.94x10* Watts. 


[0432] If Nb,Sn is used to make the sphere the mass of the 
sphere would be 33 metric tonnes. If the mass of the 
ancillary ship were 27 metric tonnes, giving a total of 60 
metric tonnes the acceleration produced would be 9.81 
m/sec . This would be equivalent to the force of gravity on 
Earth. Thus an artificial gravitational field would be inci- 
dentally created which would be exactly equivalent to that 
on Earth. Thus the device could also be used for the 
production of artificial gravity. 
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APPENDIX 1 


Particle Physics 


In the overall picture, it is generally accepted that there are three major forces; 
strong, electro-weak and gravity, each mediated by three bosons the, gluon, photon 
and graviton. These in turn are known to influence three types of particle, the 
quark, lepton and by General Relativity, space-time itself . Each of these appear to 
be composed of three particles with multiples of charge of 1/3 and exist in three 
dimensions of space time, which are themselves in three generations. 


' The nature of particles thus, may be revealed by their structure which occurs 
generally in multiples of three. Three quarks in the case of baryons are neccessary to 
make up a particle such as the proton or neutron. The particles that bind the quarks 
(gluons) are themselves required, in stable particles, to have three different colour 
charges, one colour in each dimension, for the particle to exist in three dimensional 
space-time. Furthermore, there are three generations of leptons an indeed quarks. 


Nevertheless, the Standard model itself appears unable to explain the existence of 
these three generations of particles or the fundamental properties of sub atomic 
particles, Furthermore, there appear now to be a total of 60 fundamental particles 
each with their own fundamental properties which are arbitarily defined to fit the 
data. Furthermore, the Standard model only partially explains the decay process of 
the each particle and it does not explain their masses accurately. 


For instance the mass of the up (u), anti-up (_) down (d) and anti-down (_) quarks 
are currently estimated at 0.35 Gev each “*? (although some controversy exists 
about about this basic value). The mass of the proton constituted of three quarks, 
uud, is 0.9383 Gev, which is only approximately equivalent to the total mass of the 
three quarks (1.05 Gev). 


Furthermore, the very process by which the subatomic particles decay cannot be 
explained by the "fundamental" constituents, the quarks. Indeed the known hadron 
decay processes ultimately always end up producing either an electron or positron. 
Indeed the quarks have not been experimentally seen, suggesting that other particles 
may underlay their fundamental structure. 
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Electron Structure 


Given the presence of a quasi electron with a charge of 1/3 e “4, then three of the 
quasi electron vortices, as previously described (ref3) could form an entire electron in 
three dimensional visible space time. Nevertheless, each would have energy and 
hence a wave function which would be present in the other vectors. This electron 
could thus follow the probability functions as described by the Shrodinger wave 
equation for y (otherwise termed as “essence” by Shródinger). 


it is of importance therefore to note that the charge of the electron (e) in Coulombs 
(C), (where ey is the permittivity of free space), can be derived from first principles 
by the equation: 


e=| o a = 1.61x 10%” C (6a) 
| 3 ( 4/3ac’)] 


Equation (1) has a number of special implications, which have been previously 
discussed (p 6) 


The dimensions of the equation can be readily resolved by considering each of the 
three vector dimensions. The exact dimensions of the equation need to be 
considered in the light of the nature of space-time itself, and this is fully addressed 
on pages 82-84. These dimensional equations help explain the nature of matter. 
Indeed the equation for the electron may underly the structure of the subatomic 
particles and may be necessary for the full understanding of gravity. 


Additionally, the square root sphere structure of the electron accounts for its 1/2 
integer spin. This square root structure also forms the basis of the electron pair 
bonding. According to the above equation (6), the electron will tend to form a 
“complete” electron sphere, thereby explaining how the presence of pair bonding 
occurs. 


Thus from the equation (3) for the square root structure of the single electron, it is 
clear that the product of two such spheres will tend to form a complete sphere, 
where: 


e? = £9/3(4/3nc*) (6b) 


In addition, the equation for the quasi electron can be directly derived from eq. Yi 


4 The numbers of students in three classes are shown in the table. 


Number of students 
20 


History 
Geography 23 
Art 31 


Draw a pictogram to show this information. Use one symbol to 
represent 5 students. 


5 The numbers of televisions in 100 houses are shown in the table. 


Number of televisions | Number of houses 
0 2 


Draw a pictogram to show this information. Use a symbol to 
represent 10 houses. 


6 The pictogram shows numbers of aircraft in four airlines. 


Number of aircraft 


Fresh Air 
Air Britain 


Easy Flight | Au As AN AK As A 


Superjet 


AS represents 10 aircraft. Find the number of aircraft in each 
fleet. 


(Contd) 


6. Statistics 1 85 
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Thus in one dimension, a single quasi electron (qe) with charge of 1/3e, can be 
mathematicatly represented, (where the permittivitty of free space for each quasi 
electron is ege = [£0/3*]'?, by the equation : 


Qe = Eqe/ (4/30?) = 1/3e (6c) 


Thereby accounting for the experimental observation of the 1/3e charge of the quasi 
electron $9, Overall knowing the structure of the quasi electron may lead to the 
knowledge of the structures of the the other subatomic particles such as the quarks. 


First Generation Quark Structure 


From these observations we may now examine the derivation of the mathematical 
nature of the proton and in tum the structure of the quarks. Using the above 
equations (eq. 6) enables a far more accurate derivation of the mass of quarks from 
first principles. 


To do so requires calculating the ratio of the mass of the electron (Me = 0.511 Mev) to 
the mass of the proton (mp = 938.3 Mev) 


Thus Me/mp = 0.511/938.3 = 5.44 x 10% 


and me/mp = 5.44 x 10%= (3n/c'°) 


Intruigingly, the term (37/c*%) mathematically determines the ratio of the mass of 
the electron (me) to the proton (mp). Indeed it is this ratio that also leads to the 
mathemaical derivation of the structure of the quarks 


Given the mass of the proton is; 938.3 Mev, then according to the Standard Model, as 
there are three quarks in the proton (uud) of virtually equal mass, then the effective 
mass of each quark would be more accurately given as 312.8 Mev. 


Thence, the structure of the quarks can now be defined by the ratio of the masses of 
the quasi electron to the quark. If the mass of the quasi electron is given as one third 
the mass of the electron 


Mge= 0.511 Mev +3 =0.17033 Mev 
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Then the ratio of the mass of the down quark (d), to the quasi electron is: 
0.17033 Mev/ 312.8 Mev = 5.44 x 10 


We also find that this same ratio of the mass of the quasi electron to the mass of the 
down quark (mg) is mathematically equivalent to 3(x/c*?), thus: 


Mee! Ma = 5.44 x 10% = 3(1/c*) 


From here the equation for the charge and structure of the down quark can be 
accurately defined by combining the equation for the structure of the quasi electron 
Qe = Eqe/ (4/3nc7)' and the ratio of the masses of the quasi electron to the down 
quark (19); hence 


d= Ege.Mg/Mge. (4/307) P.3(1/c*P) 
Hence in short form 


d = (4/31c*yP.3(1/c'?) (16) 
Giving the charge of the down quark as -1/3; and its estimated mass as 312.8 Mev. 


Thus not only can the electron charge be derived from the equation for three spheres 
each with a radius of c (equation 3) ; but the mass, charge and internal structure of 
the down quark can also be derived from the term 3(x/c**). 
Furthermore, the significance of the term 3(x/c**) in this equation, is revealed by 
the Shródinger wave equation. Thus (71/c**) is none other than the solution to the 
Shródinger wave equation for the amplitude of an electron confined in a space 
with radius c "9. If cis the space defined by the equation for the structure of the 
quasi electron. Then the standard Shródinger equation for an object confined in a 
space c is given by the following standard calculation "*?): 


Ey(x) =- h? . d’ w(x) 


2m dx 
If one of the dimensions of space has a length 2L the amplitude can only be non zero 
between x = 0 and X = 2L and the standard solution for the amplitude can be 
determined by using the constant (A) where: 
A=(1/10%) 


Thus in one dimension the solution to the Shródinger wave equation for the 
amplitude of oscillation is conventionally given by “è! : 
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w(x) = (1/11) sin x/L 


Substiuting L for c gives the one dimensional equation (when sin x/L = 1) as a/c’. 
Thus at 90°to the dimensional confinement of the quasi electron, the standard 
solution to the Shródinger wave equation yields an amplitude of x/c!?, which in 
three dimensions gives: 

3(11c%) (22) 


Thus the term 3(x/c**) is not only the ratio of the mass of the electron to the proton 
but is also none other than the standard solution to the Shródinger wave equation 
for an object confined in a space c “**8), 


From here the charge and structure of the up quark (u) can now be derived in a 
similar way to that of the up quark from the mass of two quasi positrons [Map = 
2(0.170 Mev)] and the mass of the up quark (m,) by the equation, 


2Map/My = 2(5.44 x 10%) = 2(3x/c'/) 
Thus: 


U = Ege -2Mqp/Mu.2 (4/31)? (31/c*?) 


Hence in short form 
u = 2°(4/3nc7)'*. (3n/c'/*) (17) 


Giving the charge of the up quark as +2/3, and its mass as 312.8 Mev 

Overall the mathematical structure of all the particles can be shown to be derived 
from the quasi electron. Thus, the first generation particle structures can now be 
derived from first principles. This includes the quasi electron (qe) and electron (e), 


from which the quarks (u,d) and in turn the proton (p) respectively are derived. 


Thus the first generation of particles of the Standard model are given in short form 


as: 
qe = (4/3nc*)'” (6a) 
e = 3 (4/3nc*)'” (6) 
d = “4/30. 3(x/c1?) (16) 


U = 2(4/3nc9)P.3(1/c 7?) (27) 
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The respective force binding particle, the gluon, for the first generation of particles 
is thus given in short form as: 
g= 3(x/c'”) (22) 


_ According to these equations, it is apparent that the down and up quarks appear be 
constituted from quasi electrons and three component gluons, and are themselves 
not fundamental particles. 


Indeed, from these observations it is clear that the structure of the electron, may 
underly the structure of all the elementary particles and nucleons, as it forms a 
"perfect sphere” based on c. As will also be seen later, as this structure. forms the 
basis of matter, it may itself underpin the theory of gravity. Furthermore, these 
obsevations will allow the mathematical estimation of the mass and size of the 
elementary particles, including the second and third generation particles 


Second and Third Genration Lepton Structure 


Thus the structure of the muon (1) can also be derived from the ratio of the mass of 
the electron (me) and the mass of the muon (mp): 


me/m, =4.7x 107 = a/c? 
Thus = 0 me! Mp. 3 (4/3xc 3). (a/c?) 
Where the charge of the muon is in this equation equivalent to that of the electron e. 
In this case (10/c1%) can be considered to represent a specific high energy photon. 
Thus the structure of the muon, written in short form is: 

u = 3 (4/30) 4. (a/c'”?) (14) 
Moreover the structure of the tauon can be calculated from the ratio of the mass of 
the electron and that of the Tauon (1.79 Mev); 
Thus | 0.511 Mev/1.79 Gev = 2.85 x 10“ 


me/m.= (a/c). (a/c)? = 2.85 x 10% 
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As the charge of the tauon is equivalent to the charge of the electron, hence the 
structure of the Tauon is given by the above equation 


€; = Ege-Me/ M,-3 (4/30c?) 7. (n/c). (a/c)? =e 


This equation accurately predicts the charge -1; and mass of the Tauon (-1.78 Gev) 
ref 14. Thus the structure of the Tauon can in short form be given by the equation 


t= 34/30". (icy? (nic)? (15) 


Overall the mathematical structure of all the particles can be derived from the 
quasi electron. Thus, the particle structures can now be derived from first principles. 
This includes the quasi electron (qe) and electron (e), from which the quarks (u,d) 
and in turn the proton (p) respectively are derived. The general structure of the force 
carrying partilcles the photon (y) and the gluon (g) can be given. It will also 
intriguingly be possible to derive the structure of the charm (c), beauty (b, or 
bottom) and truth (t or top) quarks directly from the sructure of the muon (1) and 
Tauon (t). 


The calculations underlying these equations can further accurately reflect their 
measured values, particularly if the effects of gravity are taken into account (see 
Quantum Gravity and the Charge of the Electron.p 30). In addition the neutrino has 
not been included in the equation as its mass is considered to be very small. The 
mathematical proof of these short form equations nevertheless lies in the fact that 
they can closely identify the charge and the masses of these particles, from first 
principles, as in equations (6, 13-27). 4 


Second and third generation Quark Structures 


From here it is possible to derive the basic structure of the remaining quarks 
including the strange (s) quark. 


Thus the ratio of the masses of the quasi electron (Mge = 0.17033 Mev) and the 
strange quark (m, = 0.555 Gev) are given by the equation: 


Mge/ms = 0.17033 Mev/ 0.555 Gev = 3.07 x 10% 


Furthermore the -structure of the gluon in the strange particle, can now be 
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172 


accurately derived by the term; 3(12/c)”” ,(n.b. change of brackets in the gluon 


term). 

Mge/Ms = 3.07 x 10% = 3(x/c)'” 
Thus the equation for the charge and structure of the strange quark (s) is: 

S = Ege,Mge/m; “(4/30 P.3(1/c)P (18) 
This can be written in short form as: 

s = “(4/30 .3(1/cy” 


Giving the strange quark a charge of -1/3 and a mass of 0.555 Gev, in agreement with 
current estimates of its mass - 0.55 Gev “19, This again shows that strange quark is 
derived from a quasi electron and a gluon. 


Thus given that the particle Q is made of three strange quarks (sss) we may derive 
its mass as 3 x 0.555 Gev = 1.67 Gev, which is in accurate aggreement with its known 
mass of Q = 1.67 Gev “12 


From here it is possible to define the structure of the other quarks, using the same 
first principles. As the charmed quark (c), beauty (b, otherwise termed bottom) and 
the truth (t, otherwise termed the top quark), clearly belong to the second and third 
generation of particles, they should be mathematically based on the formula for the 
second and third generation lepton particles, specifically the muon and tauon. 


Indeed the charm derives from the second generation of particles and therefore 
mathematically does qappear to contain the basic muon structure, as given by the 
equation: 

u = 3(4/31009) 2. (n/c?) (14) 


As before, the ratio of the masses of the quasi electron and that of the charm quark 
gives the equation from the structure of the charm (c).Thus the structure of charm 
can be determined from the ratio of the mass of two quasi electrons; Mae = 2(0.17033) 
Mev, and the mass of the charmed quark (m. = 1.518 Gev) 

Thus if: 2Mge/M_ = 2(0.17033 Mev)/1.518 Gev = 2(1.122 x 10) 
and 2Mge/Me = 2(1.122 x 10%= 2(a/c'”*). (a/c) 


Then the structure of the charm quark (c) is: 


C = gae- 2Mae/ Me .2(4/310*). (a/c). (r/c) 
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or in short form 


c = 2°(4/3ac7)”. (nic). (n/c!) (19) 


Thus the charmed quark has a charge of +2/3 and a mass of 1.518 Gev in accordance 
with the previous approximate estimate of its mass - 1.5 Gev. “17 and is derived 
from a muon and a higher order gluon. This gluon itself (/c'’*), is the solution to the 
Shródinger wave equation for the amplitude of an electron confined in a space of 
length c"? "f 9, Thus this gluon now exactly matches the amplitude of the quasi 
electron. 


Furthermore, from this we can deduce the mass of the particle the J/y, whose 
structure is predicted to consist of a charm and anticharm particle in orbit around 
each other, with a minimum mass (including orbital energy) of ~ 3.1 Gev. 


From here we can in a similar fashion determine beauty (b). To be consistant, as 
beauty is a third generation quark it should be defined by the component structure 
of the Tauon. in this case, this is the smaller component of the Tauon, which is 
mathemtaically represented by: 


3(4/3nc3)'?. (a/c) 


indeed the structure can again be determined by the ratio of the mass of the quasi 
electron electron (Mae) to beauty (mp). Such that the ratio can be given by the 
equation 


Mge/Mp = 3.673 x 10%= (a/c'?). (a/c)? 


Thus the structure of beauty is given by the equation 


b = £q0-Mage/ Mp -` (4/3ac7)'. (110%). (a/c) 7 
To confirm this structure, the mass of the beauty quark can be given by the following 
calculation 


Mge/Mp = 3.673 x 107 = 0.17033 Mev /4.64 Gev 


and 
Mel Mp = 3.673 x 10% = (n/c). (n/c)? 


Thus the short form of beangy is: 
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b = "(41/3102 (a/c). (n/c)? (20) 


Thus giving beauty a charge of -1/3, and a mass of 4.64Gev, which is in agreement 
with its current estimated mass of ~ 4.7 Gev "ef", 


To complete the structure of the quarks, we can finally proceed to deduce the truth. 
As the top quark or truth (t) belongs to the third generation of quarks, it is also 
based on the structure of the Tauon. Thus mathematically the truth, primarily 
consists of the third generation, tauon. 


t= 3(4/310 9. (x/c)'3, (n/c)? (15) 


The geometrical structure can be confirmed from the mathematical ratio of the mass 
of the electron to mass of truth (m;), hence the equation for the top quark is given by 
the ratio of the mass of the electron to mass of the truth . 


Thus as mi = 176 Gev 
and as me = 0.511 Mev 
mo/m, = 0.511 Mev/176 Gev = 2.89 x 10° 


and 
Me/M, = 2.89 x 10% = (n/c). (n/c)? (n/c) 


As each quasi positron is associated with each of the gluon complexes, then the 
equation for truth is thus predicted by the equation: 


t = 2(4/3nc?)'*. (a/c)? (asc)? (n/c) (21) 


Which gives the mass of the truth as 176 Gev and a charge of +2/3e. Which is in 
agreement with the known mass of the truth; 176 + 12 Gev; the most accurate 
estimate of the mass of the truth quark being; 175.6 Gev.*?) 


Thus the basic structure of the truth, is that of a pair of quasi anti-tauons complexed 
with a gluon moiety which has an amplitude that, according to the Shradinger wave 
equation (3), exactly matches the amplitude of the quasi electron “*?, 


Mathematically the probability of arriving at all such tightly conformed equations (3, 
16-30), the particles being related only to z and c and its specific powers, by chance 
would have odds of mitlions to one against.! Furthermore these mathematical 
structures are derived from none other than solutions to the Shródinger wave 
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equation itself (3), 


Moerover, the structures of the second and third generation particles, the muon (u), 
and charm (c); tauon (t) and truth (t) quarks have a notable symmetry, with their 
masses and charges accurately given by the following short form equations: 


u = 3 (4/3nc7)'?. (a/c) (14) 
c = 24/3203) *P. (a/c). (a/c) (19) 
1=3 (4/3x07Y%. (n/c)! (n/c) (15) 


t = 2° (4131 (n/c). (n/c)? (n/c) (21) 


Hence, from these equations it can be deduced that the fundamental structure of the 
quasi electron probablistically underpins the mathematical structure of the 
fundamental particles, and that these structures are all related to one another either 
by complexing with a photon [(z/c)'’? ] which matches the frequency of the quasi 
electron or a gluon [(x/c'*)] which according to the Shrodinger wave equation 
accurately matches the amplitude of the quasi electron. This explains the 
fundamental observations that final decay products of hadrons always lead to the 
production of an electron or positron and explains why quarks have not been 
individually seen. 


Particle Decay and the Electroweak Force. 


in order to corroborate the estimated quark structures these structures need to 
explain in detail the pattern of decay of the quarks themselves. We are thus required 
to explain particle decay from first principles including the structures which are 
formed in these decays, such as the mediator of the electro weak force; the 
Intermediate Vector Boson. To see if this is possible the decay of the truth (t, top 
quark) will be examined. According to experiment the truth quark splits into two 
particles, beauty (b, bottom quark) and the intermediate vector boson (W’). It is 
apparent that the truth may yield beauty. f#) 
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Thus: 
2° (4/3nc7)". (a/c) P. (a/c). (x/c)'4 = t 
> (4/13 y 4 (110%) (n/c)? =b 


Thus the two gluon structures, (z/c)'’*; in the truth combine to form the more 
energetic gluon, (x/c)'”*; present in beauty, thus: 


2(a/c)'4 = (n40). (n/c) _ (a/c)? 


and the photon term,(x/c)'”” ; decays into the less energetic photon (x/c'’’) present 
in beauty. Thus the structures in the truth account for the structures in beauty, and 
are produecd via the production of a quasi electron and quasi positron. 


The remaining terms are thus 3 quasi positrons, two high energy photons and a 
remaining low energy photon 


3° (4/3ac7)'/? 
and 


2(n/c)'3 


and 


(n/c)? 


There is also a very considerable amount of energy remaining, the energy difference 
between beauty (b) and truth (t ) being ~ 170 Gev. 


This energy difference allows the transformation of the two high energy photons and 
the low energy photon to two intermediate vector photons, given by the equation. 


2(x/c'’®)? 


This leads to the formation of the intermediate vector boson (W`), which is the 
mediator of the electroweak nuclear force. 


Wr = 3° (4/3nc7)7.2 (1 /c1'6y (24) 


which is also equivalent to 


86 


7 The table shows the numbers of goals scored by ice hockey teams. 
Number of goals 0 1 2 3 4 5 
3 6 53 2 i 
Draw a bar chart to show this information. 


8 The passenger capacities of five types of Boeing aircraft are shown 
in the table. Draw a bar chart to illustrate this information. 


Type of aircraft 747 757 767 TIT 


Passenger capacity 106 426 195 252 281 


9 100 men and 100 women in each of six age groups were asked if 
they wore spectacles. The numbers of men and women who said yes 
are shown in the table. Draw a bar chart to show this information. 


Age group 
(years) 15-24 25-34 35-44 45-54 55-64 65+ 
31 33 38 74 88 90 


10 The bar chart shows the lengths, in years, of the reigns of six 


British monarchs. Find the length of each of their reigns. 


60 
Length of 
reign (years) did 
20 
23 = 2 2 2 
5 Op o E 8 
(0) D O O = > 
ab) — 
SC öö & § => 
Monarch 
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W= 3° (413204. 2(x/c y (a/c 6y 


This probable structure for the (W”), can again be confirmed by the ratio of the mass 
of the electron to the intermediate vector boson (W+), with an estimated mass of 80 
Gev “17. Thus the ratio of the masses is given by 


me/mw. = 0.511 Mev/ 80 Gev = 6.4 x 10° 
and 

Me/Mws = 6.4 x 10% = 2(z/c"6}$ 
Thus 


W* = Eqe-MMe/Mys.3°(4/3002) "2.2 (11011676 
thus in short form: 


W* = 3° (4/3ac°)'*.2(a/c'”*)® 
The true elegance of the structure of the intermediate vector boson can now be 
further explored. The W" can be considered to represent a unification of the 
electromagnetic force and the weak force, in keeping with the theoretical predictions 
of Salam and Weinberg for the nature of the electroweak force. Thus, the 


intermediate vector photons can either decay leptonically or via gluons; as is 
demonstrated by the following interconversions. 


W = 3° (4/3 Y (n/c) 3 (4/3007). Urlc Y (arc sy 
If we examine the further decay of the three dimensional photon structure, (a/c1/$p; 
we have: 
(a/c y => [(a/c)' 1643 B (x/c)'/? 


Where the term (1/c)'”* is none other than the term for a first generation gluon. 


Thus the W* can either decay leptonically or into first generation quarks where it can 
yield an up (u) and an anti-down quark (_), thus: 


W= 3° (430.201 (010 => 3°(4/3nc3)'?, 2, (a/c). [ (n/c) ep 


And 
3°(4/3nc7)?. 21010 P. ao _ 34/31. 2210) 2. (n/c)? 


thus W" decays to: 
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> : (47 3nc3)'7.3 (alc!) =u 


and 


> *(4/31c y? 3(11c'?) = _d 
Leptonically the W* decay yields the standard products including the positron the 
neutrino (v), and energy in the form of photons thus 


W = 3° (4/3203)12.2x/09 _ 3° (413002. 2x1. (u/c 6Y. (uc ey 
and 


=> y (4/32 2[(1/c)' sid a [ore [(a/c)' a l 
3* (4/3xc*)?. 2¢n/cy'?. (a/c). (nic)? 


Thus W* may also decay into the positron the neutrino (v), and energy in the form of 
photons thus: 


> 3° (4/3nc7)'" =e 
and 
=> Vv 
and 
n(x/cy'”? 


Thus according to standard experimental observations the truth quark yields the 
beauty quark and the intermediate vector boson. In turn from these observations we 
may elegantly reveal the structure of truth and beauty and the intermediate vector 
boson and its decay pathways from first mathematical principles. “9 


Gluon Structure and Force Characteristics 


There are in the Standard model (or in this modification) three colour charges for the 
gluons and quarks, each of these represents each of three vectors x, y and z which 
can arise in different combinations. Thus the three gluon colours are required to be 
together (one in each dimension x, y and z) in baryons to form a three dimensional 
objects. There are also noted to be 8 gluons, these in turn gives rise to all the 
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known baryons and mesons 


The structure of these gluons have been previously mathematically identified, and 
this structure mathematically represents a helical ringlet. These are as previously 
given: (z/c); (x/c)""4; (a/c); (a/c*”) [see eq. 25- 25c] 


These four mathematical structures and their antigluons now readily account for the 
eight sluons known to exist, these in turn account for the structure of all the quarks 
as given by equations 3, 15-30, which in turn give rise to all the baryons and mesons 
as described by the Standard model. 


Recent studies show that the proton conventionally consisting of the “fundamental” 
quarks (uud); can by bombardment with high energy electrons produce a Kaon which 
consists of an anti-up and a strange quark (s_). As the standard model predicts quarks 
are fundamental, the proton should not contain a strange quark. The conventional 
explanation for this resides in the proposal that the proton contains virtual strange 
particles. Indeed to explain these new observations each proton is now postulated by 
some physicists to contain 21 or more quarks, 3 of which are real and 18 or more 
which are required to be virtual! (2), 


In the revised Standard model presented here, the process by which a Kaon is 
produced is readily understood by the structural interconversion of the gluon in the 
up quark (1/c'?); to the gluon in the strange quark (x/c)'’” ,(n.b change of brackets) 


Furthermore the most recent experiments on the internal structure of the proton has 
shown that gluons can seperate and recombine. This surprising recent observation 
actually arises from first principles when the mathemtatical structure of the gluon is 
understood. Thus mathematically the gluon structures may easily recombine and 
separate by the equation. “= ?® 


(n/c)? = (uo (a/c) 


Hence this mathematical structure of the gluon allows the observed “recombination” 
and separation to occur in a way which is readily understood. 


in addition, the structure of the gluons can be explained on the basis that these 
structures match the wave function of the quasi electron, thus the gluons match the 
amplitude of the electron as given by the Shródinger wave equation.“*** 


Furthermore, the equations for the gluon present in the quark can explain their force 
characteristics. In the case of the gluon component (z/c); which mathematically 
represents a helical ringlet; if the direction vector is x, then the axis of spin would 
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need be 90° to this, in the y vector in order to match the amplitude of vibration of 
the quasi elelctron/ positron. Thus this spin vector is known to be the same as that of 
electrons. This would account for the particle binding characteristics of the gluon 
force to the quasi electron. Given that the gluon would mathematically require the 
Same spin axis as that of the quasi electron or positron, the gluon would be strongly 
associated with these particles and the force required to part them would increase 
with distance, which explains the characteristics seen experimentally with the gluon 
force. 


Moreover, as will be shown, the photonic component of the subatomic particles given 
in the above equations matches exactly the frequency of rotation of the electron. 


Nucleon Structure 


The mass (mp) and the internal mathematical structure of the proton can now be 
directly calculated form the quarks. Thus the structure of the proton according to the 
Standard model derives the combination of 2 up quarks and one down quark ( p = 
uud). As each quark has an estimated mass of 312.8 Mev (see eq. 13) then the proton 
(p) has in accordance with the Standard model a mass of 3 x 312.8 = 938.3 Mev and a 
charge of +1, and may be given by the mathematical structure of the up and down 
quarks according to eq. 16,17; and is thus given by: | 


2° (4/3nc3)'. (3n/c*?) 
p= (4/3nc*y 9. (31/01?) 
2(4/3nc*y'2. (3/01?) 


Which, gives the proton a net charge +1 and a mass of 938 Mev. 


Fifteen component gluons are required to be present in the proton, three gluons 
associated with each quasi electron particle. 


Therefore the structure of the proton can be mathematically derived by combining 
the structure of the quasi electrons and the term (71/c**). Thus the structure of the 
neutron and indeed the overall structure of the nuclei can be determined. 


Similarty the structure of the neutron is given by the Standard model (n = udd), which 
can be written in short form as: 


(41310?) 2. 3(1/c*%) 
n= 24/3507)? 3(n/c'”) 
(4/30). 3 (a/c) 
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The mystery of the stability of the neutron may now be addressed. A neutron outside 
the nucleus has a half life of approximately 6 seconds. Inside the nucleus however, 
the stability of the neutron, provides the atom with its stability. The three 
dimensional structures described may now provide the clues to this stability. 


The compostion of the quarks now logically explains the apparent “fluid” 
characteristics of the subatomic particles, and some free exchange of the quasi 
electrons and gluons would be expected to occur within a nucleus. 


This would occur to to give the structures stability and this in turn would allow the 
decresed binding energies seen in these structures. As has been shown by the metric 
tensor structure of matter (eq. 4-6), the preferred conformation is a 3 x 3 structure. 


This can be acheived by donating a quasi electron and a quasi positron along with 
three associated gluons each; from the proton structure to that of the neutron. The 
proton would then contain three positrons and a total of nine gluons 


The stable nuclear proton conformation would now be : 
p = 3°(4/3ac?)*.3(a/c'”?) (13) 
This can form a stable 3 x 3 conformation. 


Thus the probable structure of the stable nucleonic neutron (n), would now contain a 
total of three quasi positrons and three quasi electrons along with their respective 
eighteen gluons and is represented by an equation, which also forms a 3 x 3 
conformation: 


*(4/300W?.2(3n/c1). (4/3003) 11? 
n= “4310 '?.2(3n1c 18). (4/303)? (26) 
*(4/3nc? 7. 2(3n/c'7). (4/3003) 1? 


Viewed in three dimensions the configuration will allow the positron components of 
the neutron to be placed interiorly and the electron components exteriorly, in 
keeping with experiments that suggest that the neutron core is positive an the 
exterior is negative. This polarised structure in turn will enable the neutron to bind 
the protons of the nucleus together. 
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Alpha Particle Structure 


importantly it is now possible to derive the mathematical structure of the helium 
nucleus (a particle) containing two protons and two neutrons, along the same lines. 
The proposed basic conformation is again 3 x 3. 


[3(4/3xc°) 4" 7.2 (3x/ c12). (4/31) 
a= [34/31 3)117.2(32/c1). [3(4/30c7) (27) 
[3 (4/30?) 4"> 21/08). [B431] t 


This mathematical expression for the structure of the a particle allows the 
calculation of its binding energy from first principles! Each pair of particles is still 
associated with the equivalent of 18 gluons each, that is 31%.2(31/c1%).3” . 
However, the internal structure has altered, to effectivly reduce the number of quasi 
electrons. Thus as a result of triplet pairing, which has occurred in order to make up 
the helium nucleus, we are left with a reduced number quasi electrons. 


Hence, the number of quasi electrons is reduced by a factor of 3 as a result each of 
the three pairings of the six quasi electron groups. This means the reduction in the 
equivalent number of quasi electron masses (including the electrical kinetic energy 
of the complex vectors) is effectively 37 x6. Each of these weighs 1/3 the rest mass 
of the electron. The total energy therefore liberated is equivalent to 27 x 6 quasi 
electron masses (approximately 27.5 Mev). This agrees with the difference in mass 
between the constituent protons and neutrons and the rest mass of the helium 
nucleus, thus accounting for the binding energy of the helium nucleus. 


This structure is also important for the understanding of the internal structure of 
atomic nucteii, The alpha particle appears to form a natural sphere as indicated by 
the metric tensor structure (see eq. 6-9). In turn the basic structure of atomic nucleii 
appear to form in multiples of alpha particles; the carbon atom for instance forms 
from three, separate, such helium nuclei spheres. 


Furthermore knowledge, of the structure of the a particle may be of considerable 
importance in the understanding of nuclear fusion and the eventual harnessing of 
this technology. 
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Neutrino Structure 


Whilst it has been possible to derive the structure of the fundamental particles form 
their known masses, the mass of the neutrino remains uncertain. However, recent 
evidence does support the contention that the neutrino does indeed have rest mass, 
which is a starting point. 


If the neutrino does have rest mass this suggests it has a basic spherical structure like 
the electron, and will therefore be subject to relativistic changes in mass. Again 
experiment confirms this relativistic component. 


it is also reasonably certain that whilst the neutrino mass is smaller than that of the 
electron, its size is also likely to be smaller, and on the basis of what is known of the 
radius of the electron (see Particle Spin and Size) the essential radius is also likely to 
be related to c. 


indeed as the electron radius is 1/c x 2/spin, where the intrinsic radius is 1/c. 

Then by deduction the neutrino radius is related to 1/c’. Thus the most likely 

equation for the neutrino is: 

ev =[. £0 As [ £0 T7 (6d) 
L 3 [ 4/3n(c*)? J L 3 [ 4/3wmc*) | 


This of course endows the neutrino with a very small charge of: 9.71 x 10°C. (which 
reduces to 9.42 x 10% C, when the neutrino forms a Cooper neutrino pair) 
Nevertheless, if the neutrino has mass, like all other elementary particles we should 
not be surprised if it also has a charge. Furthermore we may use the above formula to 
estimate the neutrino mass itself. 


Without concerning ourselves too much at this point about the exact origin of the 
nature of the mass of the electron (which is addressed in chap. Quintessence and 
Electron Structure). It is reasonable to postulate that, if the radius is related to 1/c” 
then the number of quintessences in the neutrino will be equivalent to the square 
root of the number of quintessences in the electron. Indeed this means that the 
number of quintessences in the electron neutrino is 1.925 x 10’ quintessences. 
Knowing the mass of quintessence; 2.4575 x 10” kg, gives us the mass of the electron 
neutrino (with an estimated error range of: x/+ 3), as: 


Mye = 4.731 x 10% kg = 0.0000265 ev 


We may also deduce the masses of the mu neutrino and the tau neutrino from first 
principles. Interestingly we also know that the po and the tav neutrino can convert 
an electron to a muon or tauon respectively (if the neutrino has sufficient relativistic 
energy). So it is likely that the geometric elements present in the muon and tauon are 
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also present in their respective neutrinos. Thus the short inverted form equations are 
given by: 
va = 3 (4/3008) 77 (m/c) (6d) 


vı = 3 (4/31? (n/c). (n/c) ” (6d) 


These mathematical suffixes are merely the same geometric components, which 
combine with the quasi electron to form the muon and tau. fn the same way the ratio 
of the masses of the muon and tau to the electron, were deduced from first principles 
(see Fundamental Forces and Particle Structure) these equations predict the 
respective masses of these neutrinos (with an error range of x/+ 3), as: 


v, = 0.00546 ev and v, = 0.0927 ev 


indeed recent evidence from the super KamiOkande experiment supports these 
observations with regard the tau neutrino, and places its mass in the range 0.1- 0.03 
ev. 


Quintessence and Internal Electron Structure 


The reason for the value for the mass of the electron, has till now remained a 
mystery. The internal structure of the electron is therefore of considerable 
importance as it may elucidate the underlying reason for the mass of the electron. In 
turn we may derive the mass of all the particles from first principles, as these 
themselves derive from the structure of the electron (see previous chapter; 
Fundamental Forces and Particle Structure). Additionally, it may also be possible to 
estimate the radius of quintessence, from the structure of the electron. 
Quintessence in turn is fundamental to the formulation of quantum gravity. 


We may begin with the formula for the charge of the electron 
e = Eqe/3(4/3nc*)'? (6) 


This demonstrates a square root spherical structure. From here we may deduce the 
most logical internal structure of the quasi electron as derived fram quintessence. 
indeed if the quasi electron has a square root spherical structure, this needs to be 
accounted for when calculating the number of quintessence it contains to account for 
the square root sphere conformation of the electron. 


The structure can be defined using the equation for the surface area of a sphere: 
A=4nr2. Thus the total volume of a single outer layer of quintessence in the quasi 
electron will be the surface area of the quasi electron x the average diameter of 
quintessence [if quintessence is oscillating the average diameter is (2rą + 0)/2 = i’y J. 
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Taking reas the radius of the electron and rą as the radius of quintessence, given that 
there are three quasi electrons in the total electron, the volume of a single outer 
layer of quintessence (V) is: 


V= (4nre) x (19/3)? 


Taking the volume of a single quintessence (Vq); based on a square root electron 
sphere, then: 


Va = (4/3nr y" 


The total number of quintessences in a single outer layer will thus be the total 
volume divided by the volume of a single quintessence itself: V/V,. Thus the number 
of quintessences (na) in a single outer layer is: 


Na = (Antge’) X (14/3(4/3xr 3)" 


This very elegantly reduces to 
Ng = Telfa 


To be further precise (after all quantum dynamics has to be elegant), the total 
number of quintessences in the electron will thus be determined by the number of 
quintessences in a single outer electron layer x the quantum amplitude. The quantum 
amplitude has been previously calculated using the standard Shrödinger wave 
equation (see Fundamental Forces and Particle Physics) and is given by 
(c"?/m). Taking the root mean square of the quantum amplitude, the number of 
quintessences (ng) in the electron is: 


Ng = Telra x v2(c**/5). 
As the radius of the electron is estimated as, re = 6.4 x 10°"? m. (see Particle spin and 
Size), and the radius of quintessence is, rq = 1.35 x 10% m, this allows us to estimate 
the number of quintessences in the electron itself using the above equation, thus: 
Ng = 1.2355 x 10% m 
Thus, given that ma = 7.373 x 10” kg, the mass of the electron is given by 


Me = MgX Ng, = 9.10938 x 10” kg. 


Using the radius for quintessence (the estimated Planck length) then the number 
of quintessences present in the electron and thus its mass, is explained. 
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Therefore, these observations postulate that the internal structure of the electron 
consists of a square root sphere, composed of a single outer layer of quintessence x 
the root mean square of the its quantum amplitude. 


The electron is itself composed of quintessence with a velocity of c and has an 
intrinsic radius of 1/c x 1/spin in metres; and in accordance with its half integer spin 
h/4n; its spin velocity is 2x/c in metres/sec, (see Particle Spin and Size) which in 
vortex mechanics gives it the ideal harmonic balance with quintessence space time. 


Thus given the surface area of the quasi electron in order to fill the outer layer 
allowing for the quantum amplitude of oscillation would require 1.235 x 10% 
quintessences. The total number of quintessence required to fill the whole electron 
would thus be ng = 1.235 x 10%, Overall the number of quintessences required to 
make up the electron can be verified from the internal structure of the electron and 
the radius of quintessence. Thus if rą is equivalent to the given Planck length, then 
accordingly the number of quintessences in the electron is calculated as 1.235 x 10”, 
which gives the mass of the electron me = MaX Ng, hence again: 


Me = Ma X Na, = 9.10938 x 10! kg. 


Intriguingly the derivation of the structure of the electron reflects the volume of 
an ordinary sphere 
V = 4n? x 1/3 = 4/3ar° 


This underpins a fundamental concept, mass determines the shape of space-time and 
in turn the shape determines the amount of mass within it. 


It is important to have a working understanding of why the mass of the electran 
should be what it is from its basic structure. This understanding can now be derived 
from the radius of quintessence, which also corresponds with the Planck length. 


6.5 Pie charts 


Information is often illustrated by means of pie charts. Pie charts 
show the proportions in which a quantity is shared out. You can 
draw a pie chart for the data about the car colours on page 82. 
The 30 cars are shown by a full circle, with an angle of 360° at 

its centre. One car is shown by an angle of 360° + 30 = 12°. The 
13 red cars are shown by an angle of 13 x 12° = 156°. You find the 
other angles similarly, getting 48°, 60° and 96° for the blue, white 
and black cars. With a protractor, draw the pie chart in Figure 6.4 
with these angles at its centre. The ‘slices’ into which the circle is 
divided are called sectors. 


The pie chart on its own does Colours of cars 
not tell you how many cars there 
were of each colour; it shows the 
proportion with each colour. 


An alternative method for finding 
the angles is to use fractions. For 
example, 13 of the 30 cars are red, 
so the angle representing these cars is Blue 
= of 360° = 3 x 360° = 156°. Figure 6.4 


The first method is more straightforward to use if the total number 

of items is a factor of 360. If the numbers are more awkward the 

fraction method is easier. Where appropriate, give angles to the 

nearest degree. 

Insight 
The three-dimensional pie charts and bar charts available in 
many software packages may look attractive, but are often 
misleading. A ‘slice’ at the front of a three-dimensional pie 
chart may appear to have a greater volume than it should, 
while a ‘slice’ at the back will be foreshortened and appear 
too small. 


6. Statistics 1 87 
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Dimensional Equations for Quintessence 


As h= 3m,c* and the dimensions of h are [ML?T?.T] and those of c? are [L*.T*] the 
equational dimensions of quintessence are [M][T], and the dimensions relating to the 
number of quintessences ny is [T*]. Clearly therefore, 


[M] = [MJT] x [T] 


and overall 


M = Mg X Na- 


Dimensional Equations for the Electron 


The dimensions of the equation for the electron, in the light of quintessence, can 
now be fully examined, if 
e? = £0 (6b) 
3 ( 4/3xc°) 
Then taking the dimensions of the equation, e*is the charge [q? ], in Coulombs; ep is 
the permittivity of free space, in Capacitance [C] per metre [L]; and [c] is the speed 
of light, in [L/T]. 


Thus the above equation using dimensions, is given by 


[q] = IC] __ 
[Ljlc*] 
in this case the velocity is given as the velocity of light c, then L =c.T ; 
then 
[q] = IC] _ 
[c*][T] 


As q? = CV? , where V is volts, then: 


[c*v?] = _ IC} 
[cT] 
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and 
[cV] = _1 
[c*]1T] 
as E = CV’, then 
E O =_1_ 
[c*1T] 
and as E =mc?, then 
mc = _ 1 
[c*1[T] 
and hence 
m =_1_ 
[c*]1T] 


The significance of this dimensional analysis, in the first instance, appears obscure. 
Nevertheless, it reveals the very nature of matter and energy. Thus the equation for 
the mass of a structure can be represented by 11c* which represents the six complex 
vectors of matter. 


Interestingly, given it is known that 1/c’ = [1o.£0], then 
m = [Mo.co]J'/T 


Where Ho. and so are again the permeability and permittivity of free space, 
quantities that are inherently caused by the vibration of quintessence. Thus mass 
itself is the result of the vibration of quintessence in the six complex vectors (each 
represented by the fundamental properties of quintessence po or o -Hence, the 
equation for the quasi electron mathematically and geometrically forms the "perfect" 
three dimensional sphere with its mass accounted for by its six complex vectors. 


Energy associated with this matter is in turn is also caused by the the vibration of 
quintessence (including that in the complex vectors, i) such that: 


E = [Ho.£0]*/T 
The dimensions for the equation for energy can also be written as: 


F= 


c.L 


Which indicates that the energy of matter is again related to the dimensions of the 
structure of the electron zo /(4/3xc*) and the permittivity of free space in 
capacitance per meter (C/L) 

Overall the equation for the quasi electron and its dimensions, gives us the origin of 
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mass and energy. The equation for the electron then forms the key to the 
understanding of the nature of the relationship between matter and space-time. 


Indeed we may now even derive Newton's second law of motion (F = ma, and thus the 
other fundamental laws of physics) from first principles to confirm the validity of the 


above. 
If: 
E= 1 
[c*. [7] 
Which is dimensionally equivalent to: 
E= 11] 
[L3 
then as F = E/L: 
F= 11] 
[L”] 
and thus 
F= [T]. AL] 
[L°.T} 115 
Substrituting for m from eq. 18 
m = [T] 
[LUT] 
Then F = ma 


Thus taking into account the whole of these observations enables the laws of motion 
and the equations for energy and mass and their equivalence to be derived from 
geometric first principles. 
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1. A method of generating a force on a body, wherein a 
differential electron flow through the body in rotation is 
directed so as to simultaneously pass through said body in its 
direction of rotation and contrary to its direction of rotation 
to release a directed flow of gravitons. 

2. Amethod of accelerating a body by generating a force 
acting upon it by the method of claim 1. 

3. A method according to claim 1 or 2, wherein electrical 
currents are passed simultaneously through said body in its 
direction of rotation and contrary to its direction of rotation. 

4. A method according to any one of claims 1 to 3, 
wherein the body is a least partly of superconducting mate- 
rial. 

5. A device for generating a force sufficient to accelerate 
a body, the device comprising; 


the body in the form of an electrically conducting mass, 
means for rotating said mass and means for passing 
electrical currents simultaneously through said mass in 
its direction of rotation and contrary to its direction of 
rotation. 

6. A device according to claim 5, wherein the mass is 
spherical, cylindrical or consists of a dual co-rotating or 
counter rotating disc. 

7. A device according to claim 5, wherein the mass is 
cylindrical. 

8. A device according to claim 5, wherein the mass 
consists of a disc. 

9. A device according to claim 5, wherein the mass 
consists of dual co-rotating or counter rotating discs. 
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: Example 6.5.1 


- The pie chart shows information about eye colours of 
150 people. 
(a) What fraction of the people have grey eyes? Give your fraction in 
Its simplest form. 
(b) How many people have brown eyes? 


Green 
Brown 


Grey 


K 
A) 


Blue 


(a) The fraction is = which is 2 in its simplest form. 
(b) The number of people siti bows eyes is 24 x 150 = 64. 
This answer is given to the nearest whole number. 


1 The table shows how a woman spent 24 hours. Draw a pie chart to 
show this information. 


Sleep Work Leisure Meals Travel 


8 7 6 1 2 


2 The favourite types of food of 60 people are shown in the table. 
Draw a pie chart to show this information. 


Type of food | English Italian Indian Chinese Greek 


Number of 11 9 19 14 7 
people 
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WEATHER MODIFICATION BY ARTIFICIAL 
SATELLITES 


This is a divisional of prior application Ser. No. 08/480, 
883 filed Jun. 7, 1995, now U.S. Pat. No. 5,762,298, which 
is a continuation of prior application Ser. No. 07/675,880 
filed Mar. 27, 1991, now abandoned. 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 


This invention relates to solar-based weather modification 
and energy transfer in such a manner as to improve people’s 
living standards by reducing their energy cost and food cost 
and simultaneously improving the environment. 


2. Description of the Prior Art 

Art prior to the present application includes the following: 
U.S. Pat. No. 4,402,480 

Title: Atmosphere Modification Satellite 


Inventor: D. M. Udell, Sep. 6, 1983 
U.S. Pat. No. 3,613,992 


Title: Weather Modification Method 


Inventor: R. J. Knollenberg, Oct. 19, 1971 
U.S. Pat. No. 4,371,135 


Title: Solar Array Spacecraft Reflector 


Inventor: J. E. Keigler, Feb. 1, 1983 

U.S. Pat. No. 4,305,555 

Title: Solar Energy System with Relay Satellite 

Inventor: C. E. Davis, Dec. 15, 1981 
In addition, the following publications are of interest: 

Astronautical Guidance 

by R. H. Battin, McGraw-Hill Book Co. 1964 

Introduction to Radar Systems 

by M. I. Skolnik, McGraw-Hill Book Co. 1962 
and 

Radar and the Atmosphere 

by A. J. Bogush, Jr., Artech House 1989. 

In contrast to much of the prior art, this invention employs 
only solar energy, earth satellites, remote sensing devices 
and ground control computers. No dispensing of chemicals 
is needed. The Satellite Weather Modification System 
(SWMS) is a local as well as a global weather modification 
tool. For example, SWMS can simultaneously bring rain to 
dry regions in southern California and drought regions in 
southern Ethiopia within in a few orbital periods of the 
Satellite Engines. Most remarkable of all is that these and 
many other tasks can all be accomplished by switching 
between some computer codes. 

This invention is based on the realization that natural 
weather patterns always leave opportunities to permit 
regional weather modifications which are within the capa- 
bilities of the proposed Satellite Weather Modification Sys- 
tem (SWMS). A fully developed SWMS has the potential to 
provide the following benefits. 

1. Modify cooling, warming, or precipitations of selected 
regions of earth, thus modifying local and/or global weather 
patterns. 

2. Create and maintain grass or forest lands to balance the 
rise of carbon dioxide contained in the earth’s atmosphere, 
thus reducing the threat of global warming. 

3. Transform some wasteland into productive farmland. 

4. Increase farm, fishery and forestry productions at 
higher latitudes. 

5. Increase electricity production on land directly from 
concentrated solar energy. 
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6. Increase hydroelectricity production by inducing pre- 
cipitation in regions upstream of hydroelectric dams. 

7. Reduce home and industry energy cost. 

8. Reduce environmental damage by harsh weather. 

9. Reduce damage to the environment due to the use of 
fossil fuel and nuclear fuel. 

10. Create a unique self-supporting business based on 
SWMS, which can provide both weather-related and non- 
weather related services. 

SWMS can be implemented employing components 
which are currently available, including means for reflecting 
solar rays or discharging infrared radiation or laser beams or 
incandescent lights. 

SWMS improvements can be augmented gradually, still 
using conventional components, to include discharging fre- 
quency agile and or intensity agile energy beams or pulse 
trains from Satellite Engines (SEs). Each frequency agile 
energy pulse is designed to penetrate a specified air mass 
layer of specified composition. For example, these energy 
pulses can be used to modify a specified air mass inside a 
thick cloud. 


SUMMARY OF THE INVENTION 


This invention is an aerospace system designed to harness 
solar energy to modify the earth’s weather. This system is 
called Satellite Weather Modification System (SWMS). This 
invention disclosure covers three areas. A first area involves 
the design and/or integration of three SWMS key sub- 
systems. A second area involves specifying basic SWMS 
weather modification techniques. A third area involves the 
design of unique SWMS applications into self supporting 
businesses. 


The first area of this invention disclosure covers the three 
SWMS key subsystems. They are: 
1. Satellite Engines (SEs) 


The basic function of an SE 1s to reflect solar energy or to 
transform solar energy into another form of energy before 
discharging it to a specified location. Each SE is a specially 
designed earth satellite. In a mature SWMS, many millions 
of SEs will be operating in a coordinated manner. As a 
minimum capability, each SE will be designed to reflect 
solar energy and simultaneously convert solar energy into 
electricity via solar cells. Advanced SE models will be 
capable of transforming solar energy into energy beams of 
different frequencies before discharging them. These 
advanced SEs can simultaneously discharge solar energy, 
frequency agile and intensity agile MMW (millimeter wave) 
or RE or microwave pulse trains, infrared radiations, laser 
light and incandescent light as the mission may require. All 
physical characteristics of each energy beam (solar or 
otherwise) are adaptively estimated by Ground Control 
Stations (GCSs). GCS also estimates each energy beam’s 
guidance by defining its desired aim point trajectory. The 
criteria used to select and to guide each energy beam are 
based on an estimated specific thermodynamic change tak- 
ing place in a specific air mass that satisfies some required 
weather condition changes. 

Each SE will have gimbals panels (1.e., panels mounted on 
gimbals) on its outer surfaces. Each gimbals panel has a 
reflector on one side and solar cells on the other side. Also, 
gimbals-mounted antennae and lamps are attached to the SE 
structure frame. The SE controls the direction of each energy 
beam by controlling each panel’s two gimbals orientations 
with respect to the SE structure frame. By using flywheels 
(or other methods), each SE also controls its structure frame 
orientation with respect to inertial space. 
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A minimum SWMS configuration requires that all SEs be 
placed in two non-coplanar orbits. These orbits are slightly 
inclined with respect to each other. One orbit will always be 
higher than the other orbit. Each SE structure frame will 
maintain an average angular rate of one revolution per year 
with respect to inertial space. During each orbit around the 
earth an SE will experience two different operating modes, 
depending on whether the SE is inside or outside earth’s 
shadow. These modes are described below: 


When SEs are outside earth’s shadow, SEs in the higher 
orbit will rotate their solar cell panels (on one SE side) 
facing the general direction of the sun. At the same time SEs 
will rotate their reflector panels (on the other side of the SE) 
facing away from the sun. SEs in the lower orbits will have 
their reflector panels (on one SE side) facing the general 
direction of the sun and their solar cell panels (on the other 
side of the SE) facing away from the sun. This arrangement 
allows the solar rays first reflecting from the lower orbit SEs’ 
reflectors to the reflectors on the higher orbit SEs, before 
finally re-reflecting these solar rays to earth (in FIG. 3 see 
incoming solar rays 3a, rays 3b reflected from the lower 
orbit to the higher orbit, and rays 3c reflected from the higher 
orbit into the earth’s atmosphere). 


When SEs are inside earth’s shadow, SEs will rotate their 
reflector panels to face the reflector panels in the other orbit. 
This arrangement allows the solar rays to travel between the 
two orbits inside earth’s shadow before discharge to earth 
(see rays 3z in FIG. 3). 

2. Remote Sensing Devices (RSDs) 

The basic functions of RSDs are to continuously measure 
the actual atmospheric conditions of each specified weather 
cell. Ideally, there will be billions of RSDs of every kind 
distributed over the globe. These RSDs are used to continu- 
ously monitor the actual thermodynamics, dynamics, com- 
positions and other physical conditions of the atmosphere, 
land and water surfaces, subsurfaces, sun and Satellite 
Engines. There will be different kinds of RSDs measuring 
different parameters. Some RSDs will be stationary on earth. 
Other RSDs may be located on Solar Powered Satellite 
Airplanes (SPSAs), on balloons or on SEs. All RSD mea- 
surements are time and location tagged before transmitting 
to their respective local Ground Control Stations (GCSs) for 
data correlation and analysis. Some measurements are sent 
directly to or measured directly by SEs. 

3. Ground Control Stations (GCSs) 


The basic function of GCSs is to provide guidance to each 
SE. This includes defining the characteristic of each energy 
beam and its aim point trajectory as functions of time. Each 
GCS includes a network of supercomputers, special 
algorithms, mathematical models, monitors, control panels, 
data storage devices, electronic libraries, data transmitters 
and data receivers. The main tasks of each GCS are: To 
maintain detailed information about local weather 
conditions, to integrate raw local RDSs measurements with 
filtered information about weather conditions of other loca- 
tions (received from other GCSs), to extrapolate weather 
conditions to future time points, to monitor assigned Satel- 
lite Engines’ (SEs’) status, to evaluate assigned SEs’ 
performances, to identify potential local weather patterns 
which can be modified by SWMS, to estimate potential 
weather modification options, to evaluate desired weather 
condition requests, to select optimal SEs groupings, to 
estimate SEs weather modification tasks options, to coordi- 
nate all SEs tasks, to assign and transmit detailed weather 
modification tasks to each assigned SE (1.e., specify energy 
beam’s characteristic and its aim point trajectory as func- 
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tions of time), to maintain communication between GCSs, 
RSDs and SEs, and, finally, to accept human inputs and 
controls. 


The second area of this invention disclosure involves 
specifying SWMS weather modification techniques. This 
includes: Cooling the earth by reflecting solar rays back into 
deep space, warming local regions by redirecting solar rays 
to local areas, creating clouds by warming local wet surfaces 
and modifying local air mass velocity components by con- 
trolled heating of specific air masses to create pressure 
differentials. 


The third area of this invention disclosure involves orga- 
nizing SWMS unique services into self supporting business 
ventures. The SWMS services include: Weather modifica- 
tions (cooling, warming, altering precipitations, altering air 
mass velocity components), supply of energy (direct solar 
power, indirect wind or hydroelectric power or solar pow- 
ered airplane) and environment improvements (reclaiming 
wasteland, creating greenhouse farms, reducing bad weather 
damages, reducing fossil and nuclear fuels usage). Included 
in SWMS applications is an invention of a Solar Powered 
Satellite Airplane (SPSA). SPSA comprises a hinged zero 
lift solar cell disk supported by two wings as shown in FIG. 
4. These SPSAs can serve as global communication plat- 
forms. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 Satellite Weather Modification System (SWMS) 
key subsystems Functional Flow Overview. 


FIG. 2. External Features of A Typical Satellite Engine 
(SE). FIG. 2 consists of FIG. 2A (top view), FIG. 2B (right 
side view), FIG. 2C (front view), and FIG. 2D, showing a 
typical panel or antenna gimbal rings arrangement. 


FIG. 3. Satellite Engines (SEs) Orbital Operations Over- 
View. 


FIG. 4. Solar Powered Satellite Airplane (SPSA) Design. 
FIG. 4 consists of FIG. 4A, which is a sectional view taken 
along any of the section lines 4A—4A in FIG. 4C and 
looking in the direction of the arrows; 4B, which is a front 
view; 4C, which is a top view; and 4D, which is a side view. 

FIG. 5. Overview Of A Ground Control Station (GCS) 
Functions. 


FIG. 6. Techniques To Modify Air Mass Velocity Com- 
ponent. 


FIG. 7. Some Satellite Weather Modification System 
ications. 
(SWMS) Applicati 


Detailed descriptions of these figures are presented below. 
Important items in each figure are identified in the text by a 
bold faced number representing the figure number. It is then 
followed by a fold faced lower case letter to identify the item 
in the figure. Example: 4d identifies item labeled 4d in FIG. 
4. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENTS 


While there are shown and described the preferred 
embodiments of the invention, it is to be distinctly under- 
stood that the invention is not limited thereto, but may be 
otherwise variously embodied and practiced within the 
scope of the appended claims. 


To facilitate an understanding of the invention, a number 
of features are identified herein by letter(s) and a number 
inside a bold square bracket, as: [letters/number] or [ letter- 
number/number |]. Letter(s) or letter-number before a/0 iden- 


5,984,239 


5 


tify major features of the invention. Each non-zero number 
following the / represents a feature that, while important, is 
less important than the major features. The major features 
are: 


[SWMS/O] = Features relating to Satellite Weather 
Modification System (SWMS) 
designs. 

[SE/0] = Features relating to Satellite Engine 
(SE) designs. 

[OP/O] = Features relating to SEs operations. 

[RSD/O] = Features relating to Remote Sensing 
Devices (RSDs) integration. 

[GCS/O] = Features relating to Ground Control 
Stations (GCSs) designs. 

[C/O] = Features relating to control energy 
beam directions. 

[F/O] = Features relating to Frequency Agile 
and Intensity Agile energy beams’ 
selections. 

[W#/0] = Features relating to SWMS basic weather 
modification techniques (# = 1, 2, 3, 4). 

[A#/0] = Features relating to SWMS weather 


modification applications and non- 
weather related applications 
(# = 1, 2, 3, 4, 5, 6). 


A stand-alone bold faced number followed by a bold 
faced lower case letter refers to a correspondingly labeled 
item in the figure identified by the bold faced number. 
Example: 3c represents an item identified by 3c in FIG. 3. 
V.1 [SWMS/#]: Features Relating to Satellite Weather 
Modification System (SWMS) Design 

A major feature [SWMS/0] is covered in this section. Five 
additional features [SWMS/1], .. . , [SWMS/5] are covered 
in separate paragraphs. 

An elaboration of the features is set out below: 

[SWMS/1] 

The invention employs satellites to harness the solar 
energy and use this energy to modify selected local weather 
conditions and/or supply power to various non-weather 
related applications. 

[SWMS/2] 

The SWMS modified local weather conditions are, under 
certain situations, used to modify global weather conditions. 

[SWMS/3] 

This Satellite Weather Modification System (SWMS) 
includes the following three key subsystems: 


Satellite Engines (SEs) le. 
Remote Sensing Devices (RSDs) 1c. 


Ground Control Stations (GCSs) 1d. 

[SWMS/4] 

Most SEs are in earth orbits, but some SEs can be installed 
on land, or airplanes or on ships. 

[SWMS/5] 

In an SWMS the energy and information flow between 
sun la, earth 1b, RSDs 1c, GCSs 1d and SEs le, as 
represented in FIG. 1, are identified and listed below: 


1f Solar energy from the sun to the SEs. 
lg Solar energy from the sun to earth. 
1h Solar activities, such as sun spots, which can 


affect earth’s weather and which are measurable 
by instruments. 
11 Reflected solar energy beams and/or frequency 
agile energy beams discharged from SEs to earth 
surface or into the atmosphere or to deep space or to Solar 
Powered Satellite Airplanes. 
1j Coded solar or frequency agile energy beams 
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-continued 


reflected back to SEs instruments or to RSDs 
instruments. 
1s Solar energy beams or frequency agile energy 
beams from one SE to another SE. 
Solar energy or frequency agile energy reflected 
back to SEs” reflector panels or the SEs” solar 
cell panels. 
11 Energy or signals from earth or from atmosphere 
received by passive RSDs. 


lm Signals transmitted and received by active RDSs. 

In Time and space tagged measurement data 
transmitted from RSDS to GCSs at regular 
intervals. 

Ip Command and control messages from GCSs to RSDs. 

lq Status reports from SES to GCSs at regular 
intervals. 

1r Time tagged detailed assignments (each energy 
beam's characteristics and its AAP (Adjusted Aim 
Point) trajectory) for each SE from GCSs at 
regular intervals. 

1t Desired local and global weather condition 
requests. 

1x Data and status display to off-line devices. 

ly Off-line analysis to update GCS math models, 
algorithms, operations and library data base. 

1z Data flow between GCSs. Each GCS takes its turn to 
coordinate the activities of all GCSs. 

lu Human (manual) controls. 


V.2 [SE/#]: Features Relating to Satellite Engine (SE) 


Design 

A major feature [SE/O] is covered in this section. Six 
additional features [SE/1], . . . , [SE/6] are covered in 
separate paragraphs. 

[SE/1] 


SEs can have any shape. In this description it is assumed 
that the basic structure frame of each Satellite Engine (SE) 
has an outer contour resembling a flat rectangular box of 
dimension L (Length)xW (Width)xH (Height), where H is 
the smallest dimension. All six outside surfaces of this flat 
box are either fully or partially covered with reflecting 
materials. 

[SE/2] 

On top of each LxW surface is an array of nxm panels. 

[SE/3] 

one side of each nxm panel is made of a reflecting 
material. It is used to reflect solar rays or laser lights. The 
other side of each nxm panel is made of solar cells. They are 
used to convert solar energy into electrical currents. 

[SE/4] 

Each nxm panel is independently mounted on gimbals on 
top of each LxW surface. The construction is in such a way 
that each one of the nxm panels has at least two independent 
degrees of attitude freedom, 2p and 2r, with respect to the 
SE structure frame 2f. 

[SE/5] 

FIG. 2 illustrates nxm panels on each LxW side of a 
Satellite Engine structure frame. Gimbals rings on SE’s LxH 
and WxH sides 2a 2b 2c 2d are designed to provide 
independent attitude controls of antennae or lamps or any 
direction pointing devices. Some antennae are used to dis- 
charge frequency agile and intensity agile energy beams to 
earth. Some antennae are used to transmit or receive fre- 
quency agile energy beams between SEs. Other antennae are 
used for communication purposes. Lamps are used to dis- 
charge to earth infrared radiations, laser lights or incandes- 
cent lights. The number of side gimbals antennae or devices 
are not limited to only four 2a 2b 2c 2d as illustrated in FIG. 
2. 

[SE/6] 

Additional features displayed in FIG. 2 are identified as 
follows: 
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2f SE structure frame. The LxWxH box. 

2h A typical set of gimbals rings which measure and control 
each reflector/solar-cell panel”s attitudes 2r 2p with 
respect to SE structure frame 2f. 

2p One of the two degrees of attitude freedom of each panel 
with respect to SE structure frame. 

2r One of the two degrees of attitude freedom of each panel 
with respect to SE structure frame. 

2q Reflector/solar-cell panel’s possible third degree of 
attitude freedom with respect to SE structure frame. This 
will require larger spacing between panels. 

2a Frequency agile and intensity agile RF or MMW or Microwave 
energy pulse train transmitting antennae. 

2b Reflector/solar-cell panels. 

2c Gimbals mounted infrared lamps or incandescent light lamps 
or laser antenna 

2d Reflector/solar-cell panels. 


In addition, each SE has a number of subsystems residing in 
its structure frame 2f. They are not shown 1n FIG. 2, but they 
are identified below as: 


2w Momentum wheels or other means are used to control and 
maintain attitude stabilization of SE structure frame 2f 
with respect to inertial space (see feature (C/#] below) 

2n Navigation subsystem. 

2p Energy transformation subsystem: Transform de current from 
solar cells into infrared, frequency agile and intensity 
agile energy pulses (see features [F/#]). 

2c Computer subsystem. 

2z Communication subsystem. 

2i Retractile receiver designed to receive energy beams from 
other SEs. 

2y Power regulator. 

2e Energy storage devices are used to store solar energy 
collected when SE is outside earth’s shadow. This energy 
can be used when SE is inside earth’s shadow. 

2u Optical camera package (optional or as part of RSDs). 

2v Synthetic Aperture Radar package and antenna (optional or 
as part of RSDs). 

2w Thermal imaging camera package (optional or as part of 
RSDs). 

2x Infrared camera package (optional or as part of RSDs). 


V.3 [OP/#]: Features Relating to SEs Orbital Operations 

A major feature [OP/1] is covered in this section. Ten 
additional features [OP/1], . . . , [OP/10] are covered in 
separate paragraphs. 

[OP/1] 

As a minimum SWMS configuration, all orbiting SEs are 
placed in a pair of non-coplanar orbits. These orbits are 
inclined slightly with respect to each other. In this case, all 
SEs are apportioned about equally to and distributed uni- 
formly along these two orbits. If both orbits are rotated into 
a single plane, one orbit will always be slightly higher than 
the other orbit. The orbits are thus nonintersecting and 
preferably noncoplanar. Unless otherwise specified, the fol- 
lowing descriptions will be for SEs operations on a pair of 
nonintersecting-noncoplanar orbits. 

[OP/2] 

At the center of each SE will be the origin of two 
coordinate systems both moving with the SE along its orbit. 
One set of solar-fixed axes has one axis that constantly 
points at the center of the sun. These coordinate axes have 
an average angular rate of one revolution per year with 
respect to inertial space. Another set of axes are fixed with 
respect to the SE structure frame. During normal operations 
that set will continuously tilt slightly with respect to the 
solar-fixed axes as required by the mission. 

A third set of completely inertial coordinate axes is 
needed to relate vectors from one set of solar-fixed axes to 
another. 


10 


15 


20 


25 


30 


40 


45 


50 


55 


60 


65 


8 

[OP/3] 

In a typical SWMS operation, each SE 31 in the lower 
orbit maintains its nxm solar reflector panels (on one LxW 
surface) facing the general direction of the sun. 
Simultaneously, each lower orbit SE’s other LxW surface 
will have its nxm solar cell panels facing away from the sun. 
At the same time each SE 3m in the higher orbit will have 
its nxm solar cell panels (on one LxW surface) facing the 
general direction of the sun. Its other nxm solar reflectors 
(on its other LxW surface) will be facing away from the sun. 

Each SE experiences two modes of operation during each 
orbit around the earth. These two modes are defined accord- 
ing to the position of the SE which is inside or outside the 
earth’s shadow. Consider these two cases: 

[OP/4] 

First, when SEs are outside earth’s shadow: In this case 
the SEs’ reflector/solar-cell panel arrangements are as speci- 
fied in section [OP/3]. These arrangements allow incoming 
solar rays 3a from the sun to be reflected as shown at 3b 
from the lower orbit SEs’ reflectors to SEs reflectors on the 
higher orbit before finally being re-reflected as solar rays 3c 
to earth. 

[OP/5] 

The electricity generated by the higher orbit SEs” solar 
cell panels is used to supply each SE’s internal needs. 
Excessive electricity is transformed to different forms of 
energy beams and discharged to earth via antennae or lamps 
or stored for later use. At the same time, each lower orbit 
SE’s 3n solar cell panels on one of its LxW surfaces are 
facing away from the sun. These solar cells receive solar 
rays 3r reflected from earth or 3b reflected from other SEs. 
Electricity generated by these solar cell panels is used to 
supply each SE’s internal needs. Any excess electricity is 
transformed to different forms of energy beams and dis- 
charged to earth via antennae or lamps or to another SE or 
stored for later use. 

[OP/6] 

Second, when SEs are inside earth’s shadow and when 
solar or laser rays are required in the shadow: In this case, 
selected SEs in the shadow and in both orbits 3m' and 3n' 
have their nxm reflector panels facing away from their 
respective SE structure frames. These SEs are identified as 
3m' and 3n' in FIG. 3. This arrangement allows solar rays or 
laser beams to be passed alternately between these SEs 3m' 
and 3,1. This scheme moves energy beams 3z in a zig-zag 
pattern into the earth’s shadow 3: before discharging to earth 
31' or to a high flying SPSA 3p. 

[OP/7] 

Some SEs are equipped with large capacity energy storage 
devices. Energy collected and stored during daytime can be 
discharged during nighttime. 

[OP/8] 

FIG. 3 illustrates a sample case of two nonintersecting- 
noncoplanar orbits slightly inclined with respect to the 
equatorial plane. In FIG. 3, each SE is represented by three 
short dashes parallel and next to a longer dash spanning the 
three short dashes. SEs on the higher orbit 3/ are labeled 3m. 
SEs on the lower orbit 3g are labeled 3x. The three short 
dashes or 3m 3n represent the LxW side of an SE with its 
nxm solar cell panels facing away from the SE structure 
frame. The corresponding longer dash of 3m or 3n represents 
the LxW side of an SE with its nxm reflector panels facing 
away from the SE structure frame. In general, when SEs are 
outside earth’s shadow 3z, all SEs 3m in the higher orbit 3/ 
have their solar cell panels (three short dashes) facing the 
general direction of the sun. Similarly, all SEs 3n on the 
lower orbit 3g have their reflector panels (one long dash) 
facing the general direction of the sun. 
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[OP/9] 
Other features and labels in FIG. 3 are identified as 
follows: 


3a Solar rays directly from the sun. 

3b Solar rays reflected once from one SE to another SE or 
to earth. 

3c Solar rays reflected twice from two SEs (3n and 3m) 
before being reflected to earth or to an SPSA. 

3d Dash lines are used to represent the path of frequency 
agile & intensity agile RE, MMW energy beams, infrared 
radiations, laser beams or incandescent lights emitted 
from SE antennae or lamps. 

3e Earth’s direction of rotation about its spin axis 
(earth being viewed from a position over the northern 
hemisphere). 

3f Direction of earth’s orbit path around the sun (earth 
being viewed from a position over the northern 
hemisphere). 

3g Lower orbit of a typical pair of nonintersecting- 
noncoplanar orbits. 

3h Higher orbit of a typical pair of nonintersecting- 
noncoplanar orbits. 

31 Average velocity vector of an air mass independent of 
current SEs actions. 

3j Average velocity vector of an air mass induced by 
current SEs actions. 

3k Vector sum of 3i and 3j. 


31 Earth’s land surfaces. 

el Illuminated sports stadium (e.g., a stadium lighted 

during night games) or orange groves warmed by solar 

rays 3z during freezing nights. 

SE in higher orbit 3h. Its nxm solar cell panels (on 

one LxW side) face the general direction of the sun 

3a. Simultaneously, its other nxm panels have their 

reflectors facing away from the sun. 

SE on the lower orbit 3g. Its nxm reflector panels 

(on one LxW side) face the general direction of the 

sun 3a. Simultaneously, its other nxm panels have 

their solar cells facing away from the sun. 

3m’ Selected SEs in higher orbit 3h in earth shadow. 
These SEs are used to transmit solar or laser rays 3z 
into the shadow. 


3m 


3n 


3n’ Selected SEs in lower orbit 3g in earth shadow. These 
SES are used to transmit solar or laser rays 3z into 
the shadow. 

3w Earth’s ocean, lake or other wet surface. 

3p High altitude and long endurance Solar Powered 
Satellite Airplanes (see FIG. 4). SPSA continuously 
receives solar rays or MMW energy or laser beams from 
SEs. SPSA can also receive energy from ground. 

3q Cloud or air mass whose compositions, thermodynamic 
and dynamic properties are being modified by SEs. 

3r Reflection of solar enerqy from the clouds, ocean or 


land back to space. 
3t Earth’s cone shaped shadow. 
3z Solar rays reflecting alternatively between SEs 3m’, 
3n” on different orbits 3h, 3g, when these SEs are 
inside earth’s shadow 3t. These energies 3z can be 
used to power SPSAs 3p or to warm cold ground patches 
31” at night. 


[OP/10] 

The nxm panels may be arranged in a way slightly 
different from the one described so far. It is possible to mix 
the number of solar-cell panels and the number of reflector 
panels on each LxW side of each SE. This arrangement 
applies to all SEs in both orbits 3/, 3g as follows: Each LxW 
side of each SE will have (nxm-k) reflector panels and k 
solar-cell panels facing away from its SE structure frame, 
where k=0, 1, ..., (axm). For each LxW side, the exact k 
number is dependent on each SE”s internal power consump- 
tion need and its mission requirements. This arrangement is 
especially useful for SEs in geo-synchronous orbit. 

V.4 [RSD/F]: Features Relating to Remote Sensing Devices 
(RSDs) Integration 

A major feature [RSD/O] is covered in this section. Two 
additional features [RSD/1] and [RSD/2] are covered in 
separate paragraphs. 
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[RSD/1] 

Remote Sensing Devices (RSDs) 1c comprise millions of 
independently operated sensors. These RDSs are located on 
the ground, on the water, in the air, on SPSAs, or on SEs. 
RSDs perform independent measurements such as monitor- 
ing sunspots, measuring the composition and thermodynam- 
ics properties of a particular atmospherical air mass, moni- 
toring the effect of SEs’ energy beams, etc. 

[RSD/2] 

Each sensor continuously makes redundant measure- 
ments. Each measurement is time and location tagged and 
transmitted to a specified Ground Control System (GCS) la 
computers at regular intervals. These data are in standard 
formats so that they can be quickly correlated, analyzed and 
accepted by various algorithms and mathematical models in 
the GCSs 1d computer network. 

V.5 [GCS/#]: Features Relating to Ground Control Stations 
(GCSs) Designs 

GCSs provide the guidance of each energy beam. This 
includes the selection of each energy beam’s characteristic 
and its corresponding Adjusted Aim Point (AAP) trajectory. 
A major feature [GCS/0] is covered in this section. Three 
additional features are [GCS/1], GCSs subsystem overview; 
[GCS/2], simplified GCS tasks design; and [GCS/3], a 
typical matured GCS subsystem tasks design and partition. 

[GCS/1] GCS Overview 

Each Ground Control Station (GCS) 1d’ includes a net- 

work of interconnected supercomputers, electronic libraries, 
data receivers, data storage devices, data transmitters, visual 
display devices and control consoles. There are hundreds of 
GCSs 1d in the SWMS. Each GCS monitors weather con- 
ditions within a designated region of earth. Each GCS 
receives designated RDSs measurements 1n', local weather 
requests 17 and data from other GCSs 1z. Each GCS also 
transmits estimated tasks Ir' to a specified group of SEs and 
receives data from other GCSs 1z. Data generated by each 
GCS are broadcast to all other GCSs 1z. Therefore, each 
GCS will have detailed global weather information and 
status of all SEs at discrete time points. Each GCS will take 
its turn to be the master GCS, which coordinates the 
operations of all GCSs in the SWMS. 
(NOTE: the notations 1d', 1n', 17’, 1¢ represent designated 
GCSs, selected RSDs’ data, specified SEs’ tasks and local 
weather requests respectively. Their corresponding notations 
without the ' given in FIG. 1 are for all GCSs, all RSDs data, 
all SEs tasks and all weather requests.) 

[GCS/2] Simplified GCS Tasks Designs 

In most SWMS applications, SEs’ assignments involve 
only reflecting solar rays. This is the case for SWMS during 
its initial stage of development. In this stage of development 
a GCS’s principal task involves defining AAPs (Adjusted 
Aim Points) trajectories of each energy beam (centerline of 
each reflected solar ray) in some earth fixed coordinate 
system. 

The available solar energy and the directions of incoming 
and reflected solar rays to and from each nxm reflector panel 
can be calculated as a function of time. These calculations 
use measurements of SE structure frame orientations with 
respect to inertial space, orientation measurements of each 
reflector panel gimbals with respect to its SE structure frame 
and orbital mechanics. 

On the other hand, the desired aim point of each reflected 
energy beam and its trajectory are both specified by GCSs. 
This is done by distributing the aim points over the surface 
that is to be warmed by the solar rays. These aim points are 
then adjusted to take into account the atmospherical refrac- 
tion and absorption of each energy beam and transform 


5,984,239 


11 


desired aim points to a corresponding set of AAPs (Adjusted 
Aim Points). A set of AAP vectors will be defined in an 
earth-fixed coordinate system. Each AAP point will be at the 
tip of its corresponding AAP vector. Next, AAPs trajectories 
are defined based on the amount of energy and rate of energy 
that is to be deposited onto the desired space. These esti- 
mated AAPs trajectories are transmitted to their correspond- 
ing SEs. 

An LOS vector is defined as a vector from the center of 
any reflector panel to its corresponding AAP. Both this LOS 
vector and its corresponding reflecting solar ray vector are 
expressed in the same coordinate system, based for example 
on the SE structure frame fixed axes. Then the vector 
difference between these two vectors at a given time defines 
an error vector. This error vector specifies the required 
change of available energy beam’s direction at that time. 

The unit vector of each desired direction will be trans- 
formed to SE structure frame fixed coordinate axes. Assum- 
ing the SE structure frame follows a predetermined orien- 
tation schedule with respect to inertial space, then the 
desired gimbals angles of each reflector panel can be cal- 
culated from its unit desired direction vector. Also, each 
desired direction vector must satisfy the solar rays’ avail- 
ability constraints. 

These computations must be repeated continuously many 
times a minute. This will provide the required error signal to 
the stepping motors to torque each gimbals ring. This 
scheme will control each reflected solar ray to follow its 
AAP trajectory in a timely fashion. 

[GCS/3] Typical Matured GCS Tasks Designs and Parti- 
tions 

FIG. 5 graphically illustrates typical SEs’ assignments 
(energy beams’ characteristic and their AAPs trajectories) 
estimation process designed for a more matured SWMS. 
Key functions are identified by blocks and connected by 
high speed data busses (dashed lines). The main processing 
sequence is: 5b 5d 5e 5f 5e 5k 5m 5n 5b. Other functions of 
FIG. 5 are identified below: 


5a A GCS library. This includes individual mathematical 
models 5q, Integrated global-weather/SWMS (Satellite 
Weather Modification System) model 5p, Historical 
weather statistics 5i, Encyclopedia of energy beam 
transmission, refraction, absorption, and reflection char- 
acteristics in all kinds of weather conditions 31, Encyclo- 
pedia of meteorology 3s, past SEs weather modification 
performance data 5v, Catalogued encyclopedia of SWMS 
Satellite Engines performance 5f permitting rapid search 
for SEs task assignments that will satisfy the new weather 
modification constraints specified by Se. 

5q Individual models include: Sun, sunspots, solar radiation, 
lunar orbital motion, solar wind intensity distribution, 
earth orbital motion, earth’s gravitational model, atmo- 
spherical layer models, ocean current models, earth sur- 
face and subsurface models, natural and man-made 
discharges, absorption, refraction models, etc. Satellite 
Engines model, SE system performance models, interac- 
tions between atmosphere models and all other models, 
etc. 

5i Historical global and local weather data statistics, includ- 
ing such data as annual rainfall distributions, annual 
temperature distributions, seasonal weather conditions, 
etc. 

51 Encyclopedia of the interaction of energy beams with 
atmosphere, land mass and sea surfaces. 

5f Encyclopedia of SEs performance data classified accord- 
ing to: energy types and characteristics, guidance law 
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employed (AAPs” trajectories), initial atmospherical 
conditions, required atmospherical conditions changes, 
Satellite Engines sub-groupings. These data are continu- 
ously updated by off-line simulations 1y and by data from 
actual SEs past performances 5v. Data 5f output back to 
5e will include SEs groupings, each energy beam char- 
acteristics and AAPs’ trajectories, all expressed as func- 
tions of time. 

5/1 Estimate the desired weather conditions in next (Tb, Tc) 
interval based on past weather condition statistics. 
Desired weather is expressed in terms of weather char- 
acteristic vectors for each affected weather cell. 

5g Special desired weather condition requests. All requests 
are expressed in terms of weather characteristic vectors 
sequences for each weather cell. Both weather cells and 
weather characteristic vectors are defined in 5d. 

5b Update integrated mathematical model using designated 
RSDs 171, designated SEs’ status reports 1g', and updated 
data from other GCSs 1z. The results of these updates 
yield an up-to-date integrated global weather math model 
with Satellite Engines’ math models integrated in the total 
model. The resultant model is to be used for further 
extrapolations 5d, for storage in local GCS library 5a and 
for broadcasting to all other GCSs 1z. 

5c Estimations of selected SEs’ task assignments for the 
next (Tb,Tc) interval based on anticipated requirements 
from 5/ and 5g. These estimates are passed on to 5d. 

5v Off-line evaluation of SEs performances in the previous 
(Tb, Tc) interval using actual RSDs measurements 17' and 
previous cycle SEs’ assignments 1r' adjusted by actual 
SEs status reports 1g’. Results of SEs performance evalu- 
ations are used to update GCS library data 5r, 5f and 5q. 

5d Forward extrapolation of integrated mathematical model 
5b, from t=Ta to t=Tc, in equal dT increments, where 
dT=(Tc-Ta)/N and N=a large even integer. If the actual 
RSDs measurements for the (Ta,Tb) interval are in agree- 
ment with previously estimated weather parameters, then 
this extrapolation process can be reduced to only the 
(Tb, Tc) interval. 


The atmosphere is subdivided into weather cells. The 
average thermodynamics, dynamics and air composition 
parameters inside each weather cell are represented by a 
vector called the weather characteristic vector. Each weather 
cell is represented by its weather characteristic vector for a 
fixed time duration. 


5e First, find the required weather changes by taking the 
differences between the extrapolated weather conditions 
from 5d and the corresponding desired weather conditions 
from 5h. This is done by manipulating the corresponding 
weather characteristic vectors. 


Next, initialize a search in 5f for the SEs” task assign- 
ments during the (Tb,Tc) interval. SE task assignments from 
5f will include parameters which define each energy beam’s 
characteristics and its Adjusted Aim Point (AAP) trajectory. 
This search uses the initial weather conditions from 5d, 
required weather changes from 5d and 5h. However, a 
sequence of desired weather conditions from 5/ is selected 
at reduced constraint levels. This will ensure that at least one 
set of the answers found from 5f will later satisfy the criteria 
in 5k. 

Found in 5f are SE’s task assignments which include each 
one of its energy beam’s characteristics as a function of time 
and their corresponding Adjusted Aim Point (AAP) trajec- 
tories. 
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Each SE assignment parameter is found by matching 
stored 5f energy absorption patterns or thermodynamic 
changes patterns with their corresponding required change 
patterns 5e. 


5k The SEs’ tasks assignments found in 5f are evaluated by 
performing parallel simulations. The results of these 
simulations should determine which set of SEs assign- 
ments best satisfies the desired weather conditions 
imposed on the SEs by 5/. All calculations are done in 
terms of weather characteristic vectors at the weather 
cells’ levels 5d. 

5m Define detailed Satellite Engines’ task time lines based 
on optimal selection from 5k. These assignments are 
transmitted to the corresponding SEs Ir’. A second set of 
these assignments is sent to 5c for the next computation 
cycle. A third set of these data is sent to the GCS library 
data bus to be broadcast as indicated at 1z to all GCSs in 
the SWMS. This last step is necessary to take care of 
conditions when a GCS is reassigned to manage a differ- 
ent set of SEs in the next computation cycle. 

5n Initialize the next computation cycle. The current (Tb,Tc) 
interval is shifted down to become the next (Ta,Tb) 
interval, and a new (Tb,Tc) interval is selected with the 
old Tc set to equal to the next Tb. The next computation 
cycle repeats at 5b. 


The descriptions set out above outline a typical process to 
define SEs grouping, each energy beam type, each energy 
beam’s physical characteristics and its Adjusted Aim Point 
(AAP) trajectory. These parameters are transmitted to their 
corresponding SEs Ir’. 

NOTE: 1x, ly, 1z, 17’, 1g' and 1n' refer to the same items 
identified in FIG. 1. The prime ' denotes that these data 
belong to only a subgroup of SEs or subgroup of RSDs. 
V.6[C/#]: Features Relating to Control Energy Beam Direc- 
tions 

One major feature [C/O] is covered in this section. Two 
additional features [C/1] and [C/2] are covered in separate 
paragraphs. 

[C/1] Overview 

Each SE shall release its energy beams in a timely fashion 
following its AAP trajectory as specified by its GCS 5m. 
SE’s control subsystem aims each energy beam at its AAP 
(Adjusted Aim Point) and makes each energy beam follow 
its AAP trajectory in a timely fashion. 

[C/2] Direction Controls 

This energy beam directional control task is partitioned 
into two sub-tasks. First, control the orientation of SE’s 
structure-frame axes with respect to inertial space. This is 
done by using inertial flywheels or other means. Second, 
control the orientation of solar-reflector/solar-cell panels, 
antenna dishes, or lamp axes with respect to the SE’s 
structure-frame axes. This is done by measuring the actual 
gimbals angle settings and torquing each gimbals ring to its 
desired orientation. Each energy beam’s desired orientation 
at a given time is defined by its unit vector from reflector (or 
antenna or lamp) center to its AAP at that time. Using, for 
example, the directional cosine technique, these desired unit 
vectors can be transformed into desired gimbals angles. A 
more detailed description on how this is done has been 
presented above at [GCS/2]. 

V.7 [F/#]: Features Relating to Energy Beam Frequency and 
Intensity Selections 

A major feature [F/O] is covered in this section. Seven 
additional features [F/1], . . . , [F/7] are covered in separate 
paragraphs. 
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Solar rays will be the primary energy beams discharged 
by the SEs. However there are times when other types of 
energy beams are required to penetrate a cloud layer, or to 
heat up a specified air mass of specific composition. In these 
cases, frequency agile and intensity agile energy beams are 
used. The frequency of an energy beam determines its ability 
to penetrate a layer of atmosphere of a specified composi- 
tion. It also determines the degree of absorption of a given 
frequency energy beam by an air mass of a particular 
composition. Weather cells air mass compositions are esti- 
mated by Remote Sensing Devices (RSDs). 

[F/1] 

A specific energy beam’s frequency and intensity will be 
selected to satisfy a given depth of atmospheric penetration 
and to yield a specified energy absorption contour or tem- 
perature elevation contour. 

[F/2] 

The change of energy into heat is monitored by RSDs, 
such as infrared sensors or thermal imagery cameras. Or it 
can be estimated from specially designed ground receivers. 
These receivers measure the presence of frequency agile 
energy beams which are frequency, amplitude or phase 
modulated. These RDSs data are used by GCS or by SEs 
directly, thus enabling adaptive adjustments of energy 
beams’ frequencies and intensities. 

[F/3] 

Energy intensity at a given location is also controlled by 
energy beam guidance laws which specify each energy beam 
Adjusted Aim Point’s (AAP’s) trajectory, the speed AAP 
moves along its trajectory, dwell times, locations on an AAP 
trajectory and the shape of an AAP trajectory. 

[F/4] 

Selection of each frequency agile energy beam’s fre- 
quency rests on the knowledge of the energy beam’s attenu- 
ation due to atmospherical absorption, reflection and refrac- 
tion. These data are stored in the GCS electronic library 5¢ 
as dB/Km (or watts or % transmission loss per kilometer of 
the energy beam path) vs frequencies for different atmo- 
spheric compositions. 

[F/5] 

For a given atmospheric composition the dB/Km values 
show a sharp drop within certain narrow frequency bands 
called windows (Radar and the Atmosphere by A. J. Bogush, 
Jr., Artech House 1989). Near the left end of each window, 
the parameter dB/Km experiences a sharp drop in value 
(1B/Km/f<<0). Near the right end of each window, the 
parameter dB/Km experiences a sharp rise in value (dB/Km/ 
f>>0). The frequency of each frequency agile pulse (or 
beam) is selected near either end of these frequency win- 
dows to permit injection of frequency agile energy pulses 
into selected regions of the atmosphere. 

[F/6] 

Energy levels are selected to achieve the rates at which the 
accumulated energy absorption will change the thermody- 
namic and dynamic parameters of the atmosphere in a 
predetermined way. An example of such a rate is the rate of 
average temperature rise within a group of weather cells. 

[F/7] 

Furthermore, the energy level must satisfy safety require- 
ments (Introduction to Radar Systems by M. I. Skolnik, 
McGraw-Hill Book Co. 1962). 

V.8 | W#/#]: Features Relating to Basic Weather Modifica- 
tion Techniques 

There are four major features [W1/0], . . . , [W4/0] 
covered in respective sections. A total of 12 (=6+2+2+2) 
additional features are set out separately. These additional 
features are: 


5,984,239 


15 

[W1/1],...,[W1/6], 

[W2/1], [W2/2], 

[W3/1], [W3/2], 

[W4/1] and [W4/2]. 

Basic techniques employed by SWMS to modify weather 
are listed below. Other weather modification requirements 
can be met by making different combinations of these basic 
techniques. These techniques are identified as basic weather 
modification techniques #1 through #4 ([W1/0], . .. , 
[W4/0)). 

V.8.1 [W1/#]: Features Relating to Modifying Global 
Weather Conditions 

This technique employs a very large number of Satellite 
Engines (SEs) to modify global weather conditions by 
blocking or redirecting solar rays. One major feature [W1/0] 
is covered in this entire section. Six additional features 
[W1/1], ..., [W1/6] are covered in separate paragraphs. 

[W1/1] 

This method involves using millions (or even billions) of 
Satellite Engines (SEs) to block or redirect solar rays. 
Typically, this requires a large number of low inclination and 
non-coplanar orbits near the equatorial plane. When the 
earth requires cooling, the Ground Control Stations (GCSs) 
simultaneously command all SEs to rotate their nx(m-k) 
(k=0, 1, ...<<m) reflector panels (on one LxW side) to face 
the general direction of the sun and away from earth. These 
SEs block part of the solar energy from reaching the earth by 
reflecting the solar energy away from earth and thus assist 
the earth’s cooling process. 

Each SE will reserve k solar cell panels (along with 
nx(m-k) reflector panels) to face the sun. These solar cell 
panels are used to generate electricity for the SE’s internal 
use. The value of k is such that k=0,1,2,...,<<m. The k=0 
case implies that solar cells located on the back side of each 
reflector panel or on its other LxW surface can generate 
sufficient electricity for the SE’s internal use. 

[W1/2] 

The reflected solar rays’ guidance is done by specifying 
the Adjusted Aim Points (AAPs) of each reflected solar 
energy beam and trajectories of these AAPs in deep space 
away from earth. In this case the AAPs can be simply 
computed as the line-of-sight aim points, because the 
reflected solar rays will have little or no interference 
(refraction) by the atmosphere. 

[W1/3] 

It is to be noted that when the equatorial regions become 
cooler, the average temperature differences between the 
polar regions and the equatorial regions are reduced. There- 
fore this technique may be used to modify global weather 
patterns or to create favorable local weather conditions 
which can be further modified by SWMS. 

[W1/4] 

When controlled cooling is not required, GCSs command 
some or all SEs to direct their collected solar energy to other 
SEs or to earth directly. Again, this is done by specifying the 
AAPs of each energy beam and their trajectories to the 
desired locations on earth or at specified Satellite Engines” 
reflector panels or solar cell panels. This process selectively 
cools certain regions but at the same time heats up other 
regions. This technique can also be used to supply energy to 
specific devices. All these tasks are under GCSs control. 

[W1/5] 

If these temperature differential regions are sufficiently 
close, an air mass motion is introduced which forces the air 
mass to move from the high pressure region to the low 
pressure region. This technique can be used to move an air 
mass of specific composition from one location to another. 
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This technique can also be used to modify the jet stream path 
and therefore modify the weather on either side of the jet 
stream. 

[W1/6] 

Distributing AAPs over a small wet surface and aiming 
solar rays at these AAPs will cause evaporation. This will 
increase the humidity of air above the wet surface. As the 
humid air rises to higher altitudes clouds will form. These 
clouds can be used to cool local regions by blocking the 
sun’s rays. They can also cause precipitation. 

V.8.2 [W2/#]: Features Relating to Modifying Local 
Weather Conditions 

This technique is similar to feature [W1/6] but requires far 
fewer Satellite Engines (SEs). Also, SEs orbits are paired as 
specified in feature [OP/O]. One major feature [W2/0] is 
covered in this entire section. Two additional features [W2/ 
1] and [W2/2] are described in separate paragraphs. 

[W2/1] 

This technique can be used to warm a local region. This 
is done by distributing AAPs (of all SEs” reflected energy 
beams) over the region to be warmed. Each reflected energy 
beam will be assigned to dwell at a given AAP for a given 
duration, or each AAP trajectory will be limited to circle 
within a desired region. 

[W2/2] 

This technique can be used to create a high humidity air 
mass or to form clouds. This is similar to feature [W2/1 | 
above, except that the reflected solar rays are aimed at AAPs 
distributed over a wet surface, such as a lake or a patch of 
ocean. This process is originated by Ground Control Stations 
(GCSs) defining the AAP trajectory of each energy beam 
over the wet surfaces. Satellite Engines (SEs) then reflect 
solar rays to their respective AAPs. This process is essen- 
tially the same as one that occurs in nature, except that both 
the wet surface area and the timing are selected and con- 
trolled by SWMS. Also, the intensity of the solar ray can be 
made more concentrated than what occurs in nature. This 
process will increase the moisture content of the air mass 
above the heated wet surface. As the high humidity air rises 
to higher altitudes, it begins to cool and form clouds. 
V.8.3 [W3/#]: Features Relating to Moving an Air Mass 
Upwards 

One major feature [W3/0] is covered in this entire section. 
Two additional features [W3/1] and [W3/2] are covered in 
separate paragraphs. 

[W3/1] 

This technique is designed to initiate and/or modify an air 
mass’s upward motion. This is done by adaptively aiming 
energy beams of specified characteristics at specified AAPs. 
These AAPs are distributed in a vertical column inside or 
near the air mass that is to be moved. The type, frequency, 
intensity and AAP trajectory of each energy beam are 
adaptively selected based on sensors’ feedback measure- 
ments which lead to optimal upward movement of the air 
mass due to energy absorption. Combinations of energy 
beam characteristics with guidance law (AAPs trajectories) 
options are simulated to obtain an optimum combination. 
One such criterion to judge the optimum combination can be 
a criterion which determines the rate of climb at which this 
air mass will rise to higher altitudes. 

[W3/2] 

Some SEs are located on earth’s surface for this purpose. 
Other SEs may be in the air or move with the rising air 
column. These ground based or sea based SEs are used to 
heat the air column from below. 

V.8.4 [W4/#]: Features Relating to Modifying an Air Mass’s 
Horizontal Velocity Component 


3 A football team played 38 matches. They won 20, drew 11 and 
lost 7. Draw a pie chart to show this information. 


4 Helen watched television for 
3 hours 15 minutes. The figure span oe 
gives information about the 
programmes she watched. 
(a) How long did the news last? Quiz 
(b) How long did the film last? 
(c) For what fraction of her 
time did Helen watch sport? 
Give your answer in its 
simplest form. 


J 


Film 


6.6 Line graphs 


The points plotted on the grid in Figure 6.5 show the temperature 
every four hours throughout a day. 
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As the temperature changes gradually, you can join the points with 
straight lines. You then obtain the line graph in Figure 6.6. 


Line graphs are often used to show data obtained over a period — 
these are sometimes called time-series graphs. You can use a line 
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One major feature [W4/0] is covered in this entire section. 
Two additional features [W4/1] and [W4/2] are covered in 
separate paragraphs. 

The best way to transport an air mass of specific compo- 
sition and thermodynamic properties is to allow it to be 
carried by wind currents that exist in nature at that time. 
However, natural wind does not always satisfy weather 
modification requirements. The following techniques to 
transport an air mass are presented. 

[W4/1] 

This technique includes creating a pressure differential on 
elther horizontal side of the air mass to be moved. This 
technique is similar to the one discussed in section [W1/5], 
except in this case in air mass size and movement are very 
localized. This technique requires unequal distribution of 
energy into two adjacent sides of the air mass to be moved. 
This is done by unequal concentrations of energies, AAPs, 
or energy beams’ dwell times on either side of an air mass. 

[ W4/2] 

This case involves concentrating AAPs trajectories along 
a desired direction of air mass motion. FIG. 6 illustrates this 
concept. Consider the case where an air mass has no initial 
lateral motion component. The objective is to move the air 
mass near 6x to points near 6y. First, define this desired 
direction by an arrow 6y relative to earth 6e, which may be 
inclined at an angle with respect to the local gravity vector. 
Next, imagine a large tube 6í enclosing the air mass to be 
moved and with the desired directional arrow 6v along 
tube’s centerline 6x-6y. Next, define a sequence of AAPs 
(6a', 6b', 6c’, 6d', . . . ), such that the maximum energy 
absorption of each energy beam will be made to concentrate 
near the centerline of the tube (at 6a, 6b, 6c, 6d, etc., 
respectively). All these AAPs are estimated by GCSs and 
transmitted as assignments to the SEs 6s on orbits 64 or 6g. 
Note: each 6s point in FIG. 6 can represent many SEs. These 
SEs will first (at t=ta) concentrate all their energy beams at 
AAP 64' near point 6x. This large input of energy will cause 
the air mass near 6a to absorb the energy and expand rapidly 
in all directions. Assume a constant temperature contour 
(resulting from absorption of these energy beams) can be 
represented by a tear shaped figure labeled 6k. Next (at t=tb), 
let these SEs shift their common aim point to an adjacent 
AAP at 6b'. This will result in rapid heating of another air 
mass centered at 6b. This will cause another tear shaped 
constant temperature contour labeled by 6/. Continuing this 
process is like producing a sequence of small “explosions” 
along the imaginary tube’s centerline. The size of each 
“explosion” is controlled by the number of SEs (or energy 
beams) shearing the same AAP at a given time. The speed 
of the induced air mass velocity component along 6v also 
depends on the spacing and rate of change of these AAPs or 
energy beams dwell times along their AAP trajectories. 
When energy focus reaches the end of the tube 6y, this 
process can be repeated again starting near 6x. 

This concept can be explained in another way by consid- 
ering the rows of small circles in FIG. 6. Each small circle 
represents the expansion due to absorption of concentrated 
energy beams at a given location 6a, 6b, 6c, . . . etc. The 
small arrows radiating out from the center of each small 
circle in FIG. 6 represents the direction of the local air 
velocity. As the energy center moves from 6a to 6b to 6c . 
.., the velocity components between energy centers cancel 
each other out. What is left over is only the velocity 
component in the desired direction 6v. When the energy 
beams are removed, the surrounding cooler air will rush 
back into the imaginary tube 6i and push the air in the 6v 
direction. This technique will always introduce an air mass 
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velocity component in the local vertical direction. This 

vertical velocity component may not be a bad feature in 

many applications, as when moving a humid air mass inland 
and allowing it to condense to rain. The horizontal velocity 
component will move the air mass inland. The vertical 

velocity component will allow the air mass to move to a 

higher and colder altitude. This will delay the air mass’s 

condensation into rain until it has reached its desired loca- 
tion. If the air mass has an initial lateral velocity component 

31, then the final air mass velocity vector 3k is the vector sum 

of its velocity vector caused by its initial velocity 37 plus the 

SWMS induced velocity vector 3). 

The best way to use this technique is to first create a rising 
column of air near 6y using techniques described in section 
[W3/0]. Next, simultaneously applying the teachings at 
[W3/0] and [W4/2] will cause the air mass inside the 
imaginary tube 67 to feed to the rising air column created by 
[W3/0]. 
| A#/#]: Features Relating to Satellite Weather Modification 
System (SWMS) Applications 

There are five major features [A1/0]41A3/01], [A6/0] 
respectively covered in separate sections. There are a total of 
16 (=0+0+3+0+8+5) additional features respectively cov- 
ered in separate paragraphs. These additional features are: 

[A3/1],..., [A3/3], 

[A5/1],..., [A5/8], 

[A6/1],..., [a6/5]. 

Some SWMS applications are designed to employ various 

combinations of the basic weather modification techniques 

described in section V.8. Other applications are related to 
energy supply and solar powered airplanes (FIG. 4). All 
applications are designed to offer unique and useful services. 

All applications are selected to have the potential to compete 

successfully in the real business world. Some of these 

SWMS applications are illustrated in FIG. 7 and described 

below. 

V.9.1 [A#/#]: Features Relating to Increasing Precipitation 
One major feature [ A1/0] is covered in this section. 
[A1/0] 

High humidity air masses are created by application of 
techniques specified in sections [W1/6] AND [W2/2] over 
wet surfaces 7x to cause cloud formation. Cloud tempera- 
tures are maintained by techniques covered in sections [F/O], 
[W3/0] and [W4/2]. The air mass is allowed to move to a 
desired location by natural wind current or by techniques 
specified in sections [W3/0], [W4/1] and [W4/2]. The cloud 
is left to cool down by a natural cooling process. This 
produces precipitation over the desired area. This technique 
can be applied to many dry regions of the world. Potential 
application regions are in southern California 7y, northern 
Ethiopia 7z, etc. 

V.9.2 Omitted 

V.9.3 [A3/#1]: Features Relating to Creating Whirlwinds 
One major feature [ A3/0] is covered in this section. Three 

additional features [A3/1], . . . , [A3/3] are covered in 

separate paragraphs. 

[A3/1] 

Techniques specified in section [W3/0] or [W4/0] can be 
used to move two air masses in opposite directions (or in the 
same direction but at different speeds). These air masses are 
offset by a small distance. This process will create a whirl- 
wind or a small tornado. 

[A3/2] 

Alternatively, the movement of one of the air masses can 
be due to natural causes. 

[A3/3] 

Whirlwind or tornado strength can be increased 
(decreased) by combining and colliding many smaller whirl- 
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winds rotating in the same direction 7j (opposite directions 
7i), thus creating a stronger (weaker) whirlwind. 

V.9.4 [A4/#]: Features Relating to Warming Land, Sea and 
Air 

One independent feature [A4/0] is covered in this section. 

[A4/0] 

Techniques described in sections [W1/4] and [W2/1] can 
be used to warm a land mass directly or to warm the air mass 
immediately above the land mass. This is done by distrib- 
uting the AAPs over the region of interest. That is, the SEs 
are commanded to discharge solar rays or infrared radiations 
at these AAPs for specified durations until the desired 
average temperature rise has been achieved. 

A few degrees rise in temperature, for a few hours during 
extremely cold winter nights, can save many millions of 
dollars worth of fruit crop annually in Florida 7r, California 
7r and many farms at high altitude. This same technique can 
be used to heat large greenhouse farms in the U.S. Northeast 
7w, where the large demand for fresh farm produce now 
necessitates importation from great distances, using large 
amounts of fossil fuels. 

V.9.5 [A5/#]: Features Relating to Solar Powered Satellite 
Airplane (SPSA) Designs and Applications 

One independent feature [ A5/0] is covered in this section. 
Eight additional features [A5/1], . . . , [A5/8] are covered in 
separate paragraphs. 

[AS/1] 

A Solar Powered Satellite Airplane (SPSA) is disclosed 
that utilizes the energy beams discharged or reflected from 
Satellite Engines (SEs) to power its flight at high altitudes. 
As an illustration of this concept, only solar rays reflected 
from SEs are considered here. However, a similar system 
can be designed to receive laser beams or microwave energy 
beam from SEs. The word SATELLITE in SPSA implies this 
airplane’s dependence on Satellite Engines (SEs) and its 
ability to fly indefinitely in circles above the clouds and over 
a fixed land area. This is illustrated by racetrack shaped dash 
circles 7f in FIG. 7. 

[A5/2 | 

FIG. 4 shows a typical SPSA design. This comprises a 
large hinged solar energy collecting disk 4d supported by 
two lift producing wings 4w located on either side of the 
disk. Arrays of solar cells 4s arranged on the disk 4d 
transform solar energy into electrical current. This electricity 
is used to power two electrical motors 4m, located on each 
wing, which drive two propellers 4p. 

[A5/3 | 

Continuously adjusting SPSA headings and adjusting the 
disk tilt angles 4c (disk 4d roll angle about SPSA fuselage 
axis) will ensure that the solar rays reflected from Satellite 
Engines (SEs) 7c are as perpendicular to the disk surface 4s 
as possible at all times. This ensures maximum energy 
reception by the disk. 

[AS/4] 

The energy collecting disk 4d is designed to produce no 
lifting force during normal high altitude level flight. 

[A5/5 | 

This zero lift condition is achieved by the combination of 
three design characteristics: First, the disk 4d has a plane of 
symmetry with respect to both of disk surfaces 4s. 
Therefore, when the angle of attack is zero, this disk will 
only produce a drag force. Second, during normal high 
altitude operations at any disk tilt angle 4c, this disk 4d will 
be maintained at zero angle of attack by its wings 4w. Third, 
independent adjustable slots 4j are arranged over the disk 
surface. Whenever pressure sensors 4: detect a pressure 
differential developing across the disk, these slots 4j will 
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open automatically to let air flow from the high pressure side 
to the low pressure side of the disk, thus killing the lift force 
on the disk. Pressure sensors 4i are also distributed over the 
entire disk 4d and on both sides of the disk. 

[A5/6 | 

During take-off and landing runs, SPSA’s energy collect- 
ing disk 4d is rotated to be parallel to its two wings as 
illustrated in FIG. 4. These wings will control and maintain 
the disk at a non-zero angle of attack position. At the same 
time pressure sensors 4: are turned off. This causes all slots 
4; to lock in closed positions. This scheme can be used to 
create lift force on disk 4d during selected mission phases, 
such as during take-off and landing runs. 

[A5/7] 

Ground Control Stations (GCS) 1d are used to estimate 
which Satellite Engines (SEs) are available to supply power 
7c to which Solar Powered Satellite Airplane (SPSA) 7p. 
GCSs are also used to estimate the direction and intensity of 
each reflected solar ray 7c as functions of time. GCSs must 
focus a group of AAPs at the center of each SPSA disk 4d. 
Also, GCSs will estimate the trajectories of these AAPs’ 
common focal points. The trajectory of one subgroup of 
AAPs” common focal point will become the flight path 71 of 
one SPSA. GCSs will also estimate the disk tilt angle 4c of 
each SPSA. This information is uplinked to each SPSA. 
Software on-board the SPSA will enable it to fly a flight path 
7t specified by its AAPs’ common trajectory 71. At the same 
time the SPSA will tilt its disk 4d following the tilt angle 4c 
time-line specified by GCSs. Periodically, SPSA will shift to 
a different set of SEs, a different AAPs’ trajectory and a 
different disk tilt angle time-line as commanded by a GCS. 

[AS/8] 

FIG. 4 illustrates basic design features of an SPSA. A top 
view and a front view show an SPSA in a take-off or landing 
configuration. Also, a cross-section view shows the disk 
tilting mechanism. Important SPSA features shown in FIG. 
4 are identified below. 


4b Electric motor, gear box and lock mechanism. 

4c Solar energy collecting disk 4d tilt angle. Tilt 
angle is the same as roll angle about the SPSA 
fuselage axis. 

4d Solar energy collecting disk. 

4e Landing gears. 

Af Fuselage. 

4g Gear to tilt and lock disk at desired angle. 

4i Pressure sensors located near slots 4j and 
distributed over both sides of the disk. 

4j Slots distributed over the disk. Slots are 
normally closed. Slots will automatically open 
to balance any local pressure difference 
developed across the disk. 

4k Roller rod bearings distributed over the fuselage 


circumference. They provide smooth tilting 
(roll) of the disk about SPSA fuselage axis. 
4l Payloads. 


4m Electric motor and gear mechanism used to drive 
the propellers. 

4p Propellers. 

4q Gear teeth attached to the disk 4d and arranged 
in a circle around the outer circumference of the 
SPSA fuselage 4f. These gear teeth are used to 
transmit torque which drives disk 4d tilt angles 
Ac. 

4r Rudders. 

4s Solar cell array cover the entire (one or both 
sides) disk 4d surface. 

4t Vertical tails. 

4v direction of SPSA forward motion. 

4w Wings 


V.9.6 [A6/#]: Features Relating to Business Ventures Based 
on SWMS & SWMS/SPSA Services 
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One major feature [A6/0] is covered in this section. Five 
additional features [A6/1], . . . , [A6/5] are covered in 
separate paragraphs. 

[A6/1 | 

Applications of Satellite Weather Modification System 
(SWMS) can be organized into unique global business 
ventures. There are strong demands for the types of services 
offered by SWMS. The services SWMS offers to the world 
are unique and non-existing at the present time. Both SWMS 
manufacture and services will generate new jobs and 
enhance the earth’s environment at the same time. These 
features further strengthen the Satellite Weather Modifica- 
tion System (SWMS) potential as a useful invention. There- 
fore these SWMS business ventures are an important benefit 
of this invention. 

[A6/2] 

Stock can be issued and offered to the public to raise the 
necessary funds to finance these ventures. Raised funds will 
then be used to build prototypes of SWMS subsystems: 
Satellite Engines (SEs), Ground Control Stations (GCSs), 
Remote Sensing Devices (RSDs) and Solar Powered Satel- 
lite Airplanes (SPSAs). 

[A6/3] 

Initially a few basic services will be offered to potential 
customers who can afford to pay for SWMS services. In 
each orbit each SE can sequentially service many locations 
below its orbit. Therefore, by simply changing some com- 
puter codes these SEs can also service some non-paying 
customers as a public service. 

[A6/4] 

Some of the initial services to be offered by SWMS are 
illustrated in FIG. 7. Satellite Engines (SEs) distributed in 
the orbits (7h and 7g) are too small to be shown in FIG. 7. 
Solar rays 7a from the sun are first reflected 7b from the SEs 
in the lower orbit to SEs in the higher orbit before finally 
being reflected to earth 7c. Some initial services to be 
offered by SWMS are described below: 

1. Techniques described in section [A4/0] are used to 
warm local regions during extremely cold winter days. 
Potential paying customers are orange growers in 
Florida 7r and California 7r, greenhouse farms 7w, etc. 
Potential nonpaying customers are small farmers at 
high latitudes, etc. 

2. Solar Powered Satellite Airplanes (SPSAs) 7p 
(described in section [A5/0]) are used to carry com- 
munication relay instruments or weather monitoring 
equipment 4/ over local regions. Potential paying cus- 
tomers are communication companies, news services, 
etc. Potential non-paying customers are public educa- 
tion services, environmental protection agencies, 
weather services, local police departments, etc. It is to 
be noted that when an SPSA flies a closed loop pattern 
7t (dashed line racetrack patterns in FIG. 7) above a 
given land region, it can be used to compete for 
business with satellites in a geo-synchronized orbit. 
The advantages of SPSA include that these SPSAs are 
re-usable and closer to earth and each SPSA carries its 
own reusable launching system. 

3. The technique discussed in section [A1/0] is used to 
bring rain to dry regions in the world. The Satellite 
Engines’ (SEs’) tasks are to warm the ocean surface a 
few miles off the southern California coast 7x. These 
tasks must also be timed with the local ocean wind 
direction, so that the high humidity air mass created by 
SEs over the ocean can be carried inland by the wind. 
To support the energy beams’ direction guidance laws, 
a set of AAPs are defined and distributed over an ocean 
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surface area 7x. The trajectories of these AAPs can 
follow the local water current, be timed in accordance 
with local wind directions, and avoid local cloud for- 
mations. Potential paying customers are southern Cali- 
fornia water authority 7y, etc. Potential non-paying 
customers are drought victims of Ethiopia 7z, etc. 

[A6/5] 

FIG. 7 illustrates some SWMS applications. Items in this 

figure are identified below: 


Ta Solar rays from the sun. 

7b Solar rays reflected from SEs in lower orbit 7g to SEs 
in higher orbit 7h. SEs are too small to be shown in 
these orbits. Each 7b line in FIG. 7 represents solar 
rays from thousands of reflector panels belonging to 
many SEs. 

Te Solar rays reflected from higher orbit 7h to earth or 
to SPSA 7p. SEs are too small to be shown in this 
figure. Each 7c line in FIG. 7 represents solar rays 
reflected from thousands of reflector panels belonging 
to many SEs. These solar rays can be aimed at many 
AAPs on earth or they may be focused on a single AAP 
at the center of an SPSA disk. 

7d Nature generated whirlwinds. 

Te Earth. 

7g Lower orbit of a nonintersecting-noncoplanar orbital 
pair. 

7h Higher orbit of a nonintersecting-noncoplanar orbital 
pair. 

7i Directions of air mass motions induced by SWMS. This 
will create a whirlwind which can be used to cancel an 
existing whirlwind 7d. 

7j Direction of air mass motions induced by SWMS. This 
will create a whirlwind which can be used to increase 
the strength of an existing whirlwind 7d. 

7p Solar Powered Satellite Airplane (SPSA). 

Tr Local region to be warmed by solar energy. 

Tt SPSA flight pattern defined by GCS as focal point of 
thousands of reflecting solar rays. In most cases the 
SPSA flight path is the same as the common AAP 
trajectory defined by GCS. 

Tv Electricity generating stations: direct solar, wind or 
hydroelectric. 

TW Greenhouse farms. 

Tx Ocean or other wet surfaces to be heated by 
concentrated solar energy beams. This is done to 
increase the air mass humidity above 7x. 

Ty Increased precipitation by SWMS in southern 
California 

TZ Increased precipitation by SWMS in northern Ethiopia. 

APPENDIX: ACRONYMS 
AAP Adjusted Aim Point. 
GCS Ground Control Station (see FIG. 1). 
LOS Line-Of-Sight. 
MMW Millimeter Wave. 
RSD Remote Sensing Device (see FIG. 1). 
SE Satellite Engine (See FIG. 2). 
SPSA Solar Powered Satellite Airplane (see FIG. 4). 
SWMS Satellite Weather Modification System (see FIG. 

1). 

[SWMS/#] Invention features relating to Satellite Weather 
Modification System (SWMS) designs 
(#=0,1,...,5). 

[SE/+] Invention features relating to Satellite Engines (SEs) 
designs (# =0,1,2,... ,6). 

[OP/+] Invention features relating to SEs orbital OPerations 
(# =0, 1, 2,... 10). 

[C/+] Invention features relating to SEs’ energy beam 
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-continued 


direction Controls (+ = 0, 1, 2). 


[RSD/#] Invention features relating to Remote Sensing Devices 
(RSDs) integration into the SWMS (# = 0, 1, 2). 

[GCS/#] Invention features relating to Ground Control Stations 
(GCSs) (SEs guidance) designs (# = 0, 1, 2, 3). 

[F/#] Invention features relating to Frequency agile energy 
beams’ frequency and intensity selections 
(#=0,1,...,7). 

[W+/+] Invention features relating to SWMS’s basic Weather 
modification techniques. Four major features are: 
[W1/0], [W2/0], [W3/0] and [W4/0]. 

[W1/#| Invention features relating to modifying global 
weather conditions (# = 0, 1,... ,6). 

[W2/#| Invention features relating to modifying local weather 
conditions (# = 0, 1, 2). 

[W3/#| Invention features relating to moving an air mass in 
a vertical upward direction (# = 0, 1, 2). 

[W4/#| Invention features relating to modifying air mass 
velocity horizontal component (# = 0, 1, 2). 

[A#/# | Invention features relating to SWMS applications. Six 
major features are: [A1/0], [A2/0], [A3/0], [A4/0], 
[AS/0] and [A6/0]. 

[A1/+] Invention features relating to increasing 
precipitation applications (# = 0). 

[A3/#] Invention features relating to creating whirlwinds 
(# = 0, 1, 2, 3). 

[A4/#] Invention features relating to warming local regions 
(# = 0). 

[A5/#] Invention features relating to SPSA design and 
applications (# = 0, 1,... ,8). 

[A6/#] Invention features relating to business ventures based 
on applications of SWMS and SWMS/SPSA services 
(#=0,1,...,5). 
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1. Apparatus comprising: 

a plurality of satellites, each of said satellites being in a 
planetary orbit, and each satellite being under remote 
control and capable of reflecting solar radiation; 

a plurality of detectors for monitoring a planetary region, 
each detector generating at least one signal represen- 
tative of dynamic or thermodynamic conditions in the 
monitored region; and 

at least one control station responsive to the signals from 
the detectors and exercising remote control over the 
satellites for directing solar energy reflected from the 
satellites towards a plurality of distributed aim points to 
achieve desired dynamic or thermodynamic properties 
of the monitored region. 

2. Apparatus according to claim 1 wherein the monitored 

region comprises a land mass. 

3. Apparatus according to claim 1 wherein the monitored 
region comprises a water mass. 

4. Apparatus according to claim 1 wherein the monitored 
region comprises an air mass. 

5. Apparatus according to claim 1 wherein the control 
station comprising means for extrapolating current dynamic 
or thermodynamic atmospheric values to determine corre- 
sponding values at a future time. 

6. Apparatus according to claim 1 wherein the control 
station comprises means for specifying desired dynamic or 
thermodynamic values at desired locations and desired 
times. 

7. Amethod comprising: 


placing each of a plurality of satellites in a planetary orbit, 
each satellite being capable of reflecting solar radiation; 
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selecting a planetary region to be monitored; 


detecting dynamic or thermodynamic conditions at a 
plurality of points in the selected region; 


determining an increment of solar radiation needed to 
substantially conform the detected dynamic or thermo- 
dynamic conditions to desired values; and 


exercising remote control over the satellites so as to direct 
solar energy reflected from the satellites towards a 
plurality of distributed aim points to achieve the deter- 
mined increment. 
8. A method according to claim 7 comprising the step of 
including a land mass in the selected region. 
9. A method according to claim 7 comprising the step of 
including a water mass in the selected region. 
10. A method according to claim 7 comprising the step of 
including an air mass in the selected region. 
11. Apparatus comprising: 


at least one million satellites, each of said satellites being 
in a planetary orbit, and each satellite being under 
remote control and capable of reflecting solar radiation; 


a plurality of detectors for monitoring a planetary region, 
each detector generating at least one signal represen- 
tative of dynamic or thermodynamic conditions in the 
monitored region; and 


at least one control station responsive to the signals from 
the detectors and exercising remote control over the 
satellites for directing solar energy reflected from the 
satellites back into space and away from the planet to 
achieve desired dynamic or thermodynamic properties 
of the monitored region. 

12. Apparatus according to claim 11 wherein: 


the number of said satellites is at least one billion. 

13. Apparatus according to claim 11 wherein the control 
station comprising means for extrapolating current dynamic 
or thermodynamic atmospheric values to determine corre- 
sponding values at a future time. 

14. Apparatus according to claim 11 wherein the control 
station comprises means for specifying desired dynamic or 
thermodynamic values at desired locations and desired 
times. 

15. A method comprising: 


placing each of at least one million satellites in a planetary 
orbit, each satellite being capable of reflecting solar 
radiation; 


selecting a planetary region to be monitored; 


detecting dynamic or thermodynamic conditions at a 
plurality of points in the selected region; 


determining a decrement of solar radiation needed to 
substantially conform the detected dynamic or thermo- 
dynamic conditions to desired values; and 


exercising remote control over the satellites for directing 
solar energy reflected from the satellites back into 
space and away from the planet to achieve the deter- 
mined decrement. 

16. A method according to claim 15 wherein: 


the number of said satellites is at least one billion. 
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graph to read off values between those actually plotted. For example, 
from Figure 6.6, you can estimate the temperature at 2 p.m. as 22°C, 
but you must recognize that this can only be an estimate. 


Joining points with straight lines is only appropriate when a 
quantity is changing gradually. You have to be even more careful 
about predicting future data by extending such a line graph. 


The points plotted on the grid in Figure 6.7 show the average 
number of hours of sunshine each day in Budapest in six months 
of the year. 
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Points in between the plotted points have no meaning. A bar chart 
or a vertical line graph, as in Figure 6.8, would be a suitable way of 
showing this information. 


When a quantity is changing gradually, rather than fluctuating, the 
plotted points may be joined either with straight lines or with a 
curve. 


Example 6.6.1 


The temperature, in °C, at five-minute intervals of a pan of hot 
water cooling down is shown in the table. 


Time (min) 0 5 10 15 20 25 30 


Temperature (°C) |100 60 42 33 28 25 23 
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Preface 


ABOUT THE SERIES 


Welding: Skills, Processes and Practices for Entry-Level Welders is an exciting new 
series that has been designed specifically to support the American Welding 
Society's (AWS) SENSE EG2.0 training guidelines. Offered in three volumes, 
these books are carefully crafted learning tools consisting of theory-based texts 
that are accompanied by companion lab manuals, and extensive instructor sup- 
port materials. With a logical organization that closely follows the modular struc- 
ture of the AWS guidelines, the series will guide readers through the process of 
acquiring and practicing welding knowledge and skills. For schools already in 
the SENSE program, for those planning to join, or for schools interested in 
obtaining certifiable outcomes based on nationally recognized industry stan- 
dards order to comply with the latest Carl D. Perkins Career and Technical Edu- 
cation in requirements, Welding: Skills, Processes and Practices for Entry-Level 
Welders offers a turnkey solution of high quality teaching and learning aids. 

Career and technical education instructors at the high school level are often 
called upon to be multi-disciplinary educators, teaching welding as only one of 
as many as five technical disciplines in any given semester. The Welding: Skills, 
Processes and Practices for Entry-Level Welders package provides these educators 
with a process-based, structured approach and the tools they need to be pre- 
pared to deliver high level training on processes and materials with which they 
may have limited familiarity or experience. Student learning, satisfaction and 
retention are the target of the logically planned practices, supplements and full 
color textbook illustrations. While the AWS standards for entry level welders are 
covered, students are also introduced to the latest in high technology welding 
equipment such as pulsed gas metal arc welding (GMAW-P). Career pathways 
and career clusters may be enhanced by the relevant mathematics applied to 
real world activities as well as oral and written communication skills linked to 
student interaction and reporting. 

Book 1, the core volume, introduces students to the welding concepts cov- 
ered in AWS SENSE Modules 1, 2, 3, 8 and 9 (Occupational Orientation, Safety 
and Health of Welders, Drawing and Welding Symbol Interpretation, Thermal 
Cutting, and Weld Inspection Testing and Codes). Book 1 contains all the mate- 
rial needed for a SENSE program that prepares students for qualification in 
Thermal Cutting processes. The optional Books 2 and 3 cover other important 
welding processes and are grouped in logical combinations. Book 2 corresponds 
to AWS SENSE Modules 5 and 6 (GMAW, FCAW), and Book 3 corresponds to 
AWS SENSE Modules 4 and 7 (SMAW, GTAW). 

The texts feature hundreds of four-color figures, diagrams and tight shots of 
actual welds to speed beginners to an understanding of the most widely used 
welding processes. 


FEATURES 


Produced in close collaboration with experienced instructors from estab- 
lished SENSE programs to maximize the alignment of the content with 
SENSE guidelines and to ensure 100% coverage of Level I-Entry Welder 
Key Indicators. 

Chapter introductions contain general performance objectives, key terms 
used, and the AWS SENSE EG2.0 Key Indicators addressed in the chapter. 
Coverage of Key Indicators is indicated in the margin by a torch symbol 
and a numerical reference. 

Contains scores of fully illustrated Practices, which are guided exercises 
designed to help students master processes and materials. Where appli- 
cable, the Practices reproduce and reference actual AWS technical drawings 
in order to help students create acceptable workmanship samples. 

Each section introduces students to the materials, equipment, setup 
procedures and critical safety information they need in order to weld 
successfully. 

Hundreds of four-color figures, diagrams and tight shots of actual welds 
to speed beginners to an understanding of the most widely used welding 
processes. 

End of chapter review questions develop critical thinking skills and help 
students to understand “why” as well as “how.” 


SUPPLEMENTS 


Each book in the Welding Skills series is accompanied by a Lab Manual that 
has been designed to provide hands-on practice and reinforce the student’s 
understanding of the concepts presented in the text. Each chapter contains prac- 
tice exercises to reinforce the primary objectives of the lesson, including creation 
of workmanship samples (where applicable), and a quiz to test knowledge of the 
material. Artwork and safety precautions are included throughout the manuals. 
Instructor Resources (on CD-ROM), designed to support Books 1-3 and the 
accompanying Lab Manuals, provide a wealth of time-saving tools, including: 


An Instructor’s Guide with answers to end-of-chapter Review Questions 
in the texts and Lab Manual quizzes. 

Modifiable model Lesson Plans that aid in the design of a course of study 
that meets local or state standards and also maps to the SENSE guidelines. 
An extensive ExamView Computerized Test Bank that offers assessments 
in true/false, multiple choice, sentence completion and short answer 
formats. Test questions have been designed to expose students to the 
types of questions they’ll encounter on the SENSE Level 1 Exams. 
PowerPoint Presentations with selected illustrations that provide a 
springboard for lectures and reinforce skills and processes covered in the 
texts. The PowerPoint Presentations can be modified or expanded as 
instructors desire, and can be augmented with additional illustrations 
from the Image Library. 

The Image Library contains nearly all (well over 1000!) photographs and 
line art from the texts, most in four-color. 

A SENSE Correlation Chart that shows the close alignment of the Welding 
series to the SENSE Entry Level 1 training guidelines. Each Key Indicator 
within each SENSE Module is mapped to the relevant text and lab man- 
ual page or pages. 
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OBJECTIVES 


After completing this chapter, the student should be able to 


demonstrate the proper use of personal protective equipment (PPE) for 
gas metal arc welding (GMAW) 


list the various terms used to describe gas metal arc welding 

describe methods of metal transfer including the axial spray metal 
transfer process, globular transfer, pulsed-arc metal transfer (GMAW-P), 
and short-circuiting transfer (GMAW-S) 


list four common shielding gases or gas mixtures used for short- 
circuiting, spray, and pulsed-spray transfer on plain carbon steel 

locate the GMA welding filler metal on a welding procedure specification 
(WPS) 

define deposition efficiency, and tell how a welder can control the depo- 
sition rate 


define voltage, electrical potential, amperage, and electrical current as 
related to GMA welding 


tell how wire-feed speed is determined and demonstrate ¡its relationship 
to welding current 

list five ways the GMAW molten weld pool can be controlled by varying 
the shielding gas, power settings, travel speed, electrode extension, and 
gun angle 

describe and demonstrate the backhand and forehand welding techniques 
and their relationship to weld bead profile and penetration in the short- 
circuiting transfer mode 

list and describe the basic GMAW equipment 


use a chart to select the correct eye and face protective devices for 
working and welding in a shop 

describe what type of general work clothing should be worn in a welding 
shop 


describe special protective clothing worn by welders to protect hands, 
arms, body, waist, legs, and feet 


KEY TERMS 
axial spray metal pinch effect synergic systems 
transfer pulsed-arc metal transfer transition current 
electrode extension short-circuiting transfer welding helmet 
(stickout) slope 


globular transfer 


(a) Plot the values in the table and join the points with a curve. 
(b) Use your graph to estimate 

(i) the temperature of the water after 9 minutes, 

(ii) the time when the temperature was 66°C. 


(a) The graph is an example of a cooling curve. 
(b) (i) Reading up from 9 on 
the time axis and across 
to the temperature axis, 
the temperature at 
9 minutes was 44°C. 

(ii) Reading across from 66 
on the temperature axis 
and down to the time 
axis, the temperature 
was 66°C after 
4 minutes. 


Temperature (°C) 


Oo 5 10 15 20 25 30 


Time (min) 


1 The height, in centimetres, measured every two days over a 
12-day period, of a plant grown from seed is shown in the table. 


mety | o |2] a [o [e | wl 2 


Height (em) | o [215 |e | my ele 


(a) Draw a line graph to show this information. 
(b) Use your graph to estimate the height of the plant after five days. 


2 A tray of water was placed in the freezing compartment of a fridge. 
In the next hour, the temperature, in °C, of the water measured 
every ten minutes. The temperatures are shown in the table. 


Temperature (°C) | 21 


(Contd) 
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AWS SENSE EG2.0 


Key Indicators Addressed in this Chapter: 


Module 2: Safety and Health of Welders 
Key Indicator 1: Demonstrates proper use and inspection of personal 
protection equipment (PPE) 


Module 5: Gas Metal Arc Welding (GMAW-S, GMAW spray 
transfer) 


Key Indicator 1: Performs safety inspections of GMAW equipment and 
accessories 

Key Indicator 3: Sets up for GMAW-S operations on carbon steel 

Key Indicator 8: Sets up for GMAW (spray) operations on carbon 
steel 


INTRODUCTION 


In the 1920s, a metal arc welding process using an unshielded wire was being 
used to assemble the rear axle housings for automobiles. The introduction of 
the shielded metal arc welding electrode rapidly replaced the bare wire. The 
shielded metal arc welding electrode made a much higher-quality weld. In 
1948, the first inert gas metal arc welding (GMAW) process, as it is known 
today, was developed and became commercially available, Figure 1.1. In the 
beginning, the GMAW process was used to weld aluminum using argon (Ar) gas 
for shielding. As a result, the process was known as MIG, which stands for 
metal inert gas welding. The later introduction of CO» and 0; to the shielding 
gas has resulted in the American Welding Society's preferred term gas metal 


SHIELD GAS 
BLANKET 


ARC PLASMA 


SOLIDIFIED MOLTEN MOLTEN METAL 
WELD METAL WELD METAL DROPS 


Figure 1.1 Gas-shielded metal arc welding (GMAW) 


Gas Metal Arc Welding Equipment, Setup, and Operation 


Table 1.1 Methods of Performing Welding Processes 


Semiautomatic Machine Automatic 
Manual (MA) (SA) (ME) (AU) 
(Example: (Example: (Example: (Example: 
Function SMAW) GMAW) GMAW) GMAW) 
Maintain the arc Welder Machine Machine Machine 
Feed the filler metal Welder Machine Machine Machine 
Provide the joint travel Welder Welder Machine Machine 
Provide the joint Welder Welder Welder Machine 


guidance 


arc welding (GMAW). Although the American Welding Society uses the term gas 
metal arc welding to describe this process, it is known in the field by several 
other terms, such as 

e MIG, which is short for metal inert gas welding 


e MAG, which is short for metal active gas welding 
e wire welding, which describes the electrode used 


The GMAW process may be performed as semiautomatic (SA), machine (ME), 
or automatic (AU) welding, Table 1.1. The GMA welding process is commonly 
performed as a semiautomatic process and is often mistakenly referred to as 
“semiautomatic welding.” Equipment is available to perform most of the wire- 
feed processes semiautomatically, and the GMAW process can be fully auto- 
mated. Robotic arc welding often uses GMAW because of the adaptability of 
the process in any position, Figure 1.2. 

The rising use of all the various types of consumable wire welding processes 
has resulted in the increased sales of wire. At one time, wire made up less 
than 1% of the total market of filler metal. The total tonnage of filler metals 
used has grown and so has the percentage of wire. Today, wire exceeds 50% 
of the total tonnage of filler metals produced and used. 

Much of the increase in the use of the wire welding processes is due to the 
increases in the quality of the welds produced. This improvement is due to an 
increased reliability of the wire-feed systems, improvements in the filler metal, 
smaller wire sizes, faster welding speed, higher weld deposition rates, less ex- 
pensive shielding gases, and improved welding techniques. Table 1.2 shows 
the typical weld deposition rates using the GMA welding process. The in- 
creased usage has led to a reduction in the cost of equipment. GMA welding 
equipment is now found even in small shops. 

In this chapter, the semiautomatic GMA welding process will be covered. 
The skill required to set up and operate this process is basic to the under- 
standing and operation of other wire-feed processes. The reaction of the 
weld to changes in voltage, amperage, feed speed, stickout, and gas is similar 
to that of most wire-feed processes. 
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Figure 1.2 GMAW equipment 
(A) Semiautomatic GMA welding setup. (B) Machine GMA welding gun with a friction drive, which provides both uniform nozzle-to-work 
distance and travel speed. (C) Automatic GMA welding. 


Source: Courtesy of Lincoln Electric Company 


Table 1.2 GMA Weld Deposition Rates 


Electrode Diameter Pounds per Hour 
Amperage 0.35 0.45 0.63 
50 2.0 — — 
100 4.8 4.2 — 
150 7.5 6.7 5.1 
200 — 8.7 7.8 
250 = 12.7 11.1 
300 — -— 14.4 


METAL TRANSFER 


When first introduced, the GMA welding process was used with argon as 
a shielding gas to weld aluminum. Even though argon (Ar) was then 
expensive, the process was accepted immediately because it was much 
more productive than the gas tungsten arc (GTA) process and because 
it produced higher-quality welds than the shielded metal arc (SMA) pro- 
cess. This new arc welding process required very little postweld cleanup 
because it was slag and spatter free. 
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Axial Spray Metal Transfer 


The freedom from spatter associated with the argon-shielded GMAW pro- 
cess results from a unique mode of metal transfer called axial spray metal 
transfer, Figure 1.3. This process is identified by the pointing of the wire 
tip from which droplets smaller than the diameter of the electrode wire are 
projected axially across the arc gap to the molten weld pool. There are 
hundreds of drops per second crossing from the wire to the base metal. 
These drops are propelled by arc forces at high velocity in the direction 
the wire is pointing. In the case of plain carbon steel and stainless steels, 
the molten weld pool may be too large and too hot to be controlled in 
vertical or overhead positions. Because the drops are very small and direc- 
ted at the molten weld pool, the process is spatter free. 

The spray transfer mode for carbon steels requires three conditions: 
argon-rich shielding gas mixtures, direct current electrode positive (DCEP) 
polarity (also called direct current reverse polarity, DCRP), and a current 
level above a critical amount called the transition current. The shielding 
gas is usually a mixture of 95% to 98% argon and 5% to 2% oxygen, or 
80% to 90% argon and 20% to 10% carbon dioxide. The added percentage 
of active gases allows greater weld penetration. Figure 1.4 illustrates how 
the rate of drops transferred changes in relationship to the welding current. 
At low currents, the drops are large and are transferred at rates below 
10 per second. These drops move slowly, falling from the electrode tip as 
gravity pulls them down. They tend to bridge the gap between the electrode 


MOLTEN 
METAL 
DROPS 


IONIZED 
ARGON 


METAL VAPOR 


METAL ELECTRODE 
TRANSFERRING TIP PINCH 


| EFFECT 


Figure 1.3 Axial spray metal transfer 
Note the pinch effect of filler wire and the symmetrical metal transfer column. 
Source: Courtesy of Larry Jeffus 
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Figure 1.4 Desirable spray transfer shown schematically 


tip end and the molten weld pool. This produces a momentary short circuit 
that throws off spatter. However, the mode of transfer changes abruptly 
above the critical current, producing the desirable spray. 

The transition current depends on the alloy being welded. It is also 
proportional to the wire diameter, meaning that higher currents are 
needed with larger diameter wires. The need for high current density 
imposes some restrictions on the process. The high current hinders weld- 
ing of sheet metal because the high heat cuts through sheet metal. High 
current also limits its use to the flat and horizontal welding positions. 
Weld control in the vertical or overhead position is very difficult to 
impossible to achieve. Table 1.3 lists the welding parameters for a variety 
of gases, wire sizes, and metal thicknesses for GMA welding of mild steel. 


Table 1.3 GMA Welding Parameters for Mild Steel 


Mild Steel 


Base-material 
Thickness, in. 


0.036 
0.048 
0.060 
0.075 

1/8 

3/16 

1/4 

5/16 

3/8 

1/2 and up 


Wire-feed 
Speed, in./min Voltage, V 

0.035-in. 0.045-in. CO, 75 Ar-25 CO, Ar 98 Ar-20, Current A 
105-115 — 18 16 — — 50—60 
140-160 70 19 17 — — 70-80 
180-220 90-110 20 17.7 — — 90-110 
240-260 120-130 20.7 18 20 — 120-130 
280-300 140-150 21:5 18.5 20.5 — 140-150 
320-340 160-175 22 19 21.5 23.5 160-170 
360-380 185-195 22.7 19.5 22.5 24.5 180—190 
400—420 210-220 23.5 20:5 23:5 25 200-210 
420-520 220-270 25 22 25 26.5 220-250 

— 375 28 26 29 31 300 
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Globular Transfer 


The globular transfer process is rarely used by itself because it transfers 
the molten metal across the arc in much larger droplets. It is used in 
combination with pulsed-spray transfer. 

Globular transfer can be used on thin materials and at a very low cur- 
rent range. It can be used with higher current but is not as effective as 
other welding modes of metal transfer. 


Pulsed-Spray Transfer: GMAW-P 


Because the change from spray arc to globular transfer occurs within a 
very narrow current range and the globular transfer occurs at the rate of 
only a few drops per second, a controlled spray transfer at significantly 
lower average currents is achievable. Gas metal arc welding with 
pulsed-spray transfer (GMAW-P), or pulsed-arc metal transfer involves 
pulsing the current from levels below the transition current to those 
above it. The time interval below the transition current is short enough 
to prevent a drop from developing. About 0.1 second is needed to form a 
globule, so no globule can form at the electrode tip if the time interval at 
the low base current is about 0.01 second. Actually, the energy produced 
during this time is very low—just enough to keep the arc alive. 

The arc’s real work occurs during those intervals when the current 
pulses to levels above the transition current. The time of that pulse is 
controlled to allow a single drop of metal to transfer. This is typical of 
the drops normally associated with spray transfer. In fact, with many 
power supplies, a few small drops could transfer during the pulse inter- 
val. As with conventional spray arc, the drops are propelled across the arc 
gap, allowing metal transfer in all positions. 

The average current can be reduced sufficiently to reduce penetration 
enough to weld sheet metal or reduce deposition rates enough to control 
the molten weld pool in all positions. This level controlling the weld heat 
input and rate of weld metal deposit is achieved by changing the follow- 
ing variables, graphed in Figure 1.5: 


e Frequency—The number of times the current is raised and low- 
ered to form a single pulse; frequency is measured in pulses per 
second. 

e Amplitude—The amperage or current level of the power at the 
peak or maximum, expressed in amperage. 

e Width of the pulses—The amount of time the peak amperage is 
allowed to stay on. 


Figure 1.6 shows a typical pulsed-arc welding system. Although devel- 
oped in the mid-1960s, this technology did not receive much attention 
until solid state electronics were developed to handle the high power 
required of welding power supplies. Solid state electronics provided a 
better, simpler, and more economical way to control the pulsing process. 
The newest generation of pulsed-arc systems interlocks the power supply 
and wire feeder so that the proper settings of the wire-feed and power 
supply are obtained for any given job by adjusting a single knob. Such 
systems have been termed synergic systems. The greatest benefit to 
synergic GMAW-P is that the power supply reacts to changes in the 


The heat produced during 
pulsed-spray transfer welding 
using large-diameter wire or 
high current may be intense 
enough to cause the filter lens 
in a welding helmet to shatter. 
Be sure the helmet is equipped 
with a clear plastic lens on the 
inside of the filter lens. Avoid 
getting your face too close to 
the intense heat. 
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Figure 1.5 Mechanism of pulsed-arc spray transfer at a low average current 


Figure 1.6 GMA pulsed-arc welding system controller 
Source: Courtesy of Thermal Arc, a Thermadyne Company 


work conditions such as inconsistent fitups or operator changes in stick- 
out. For example, with a traditional GMA weld, amperage is reduced as 
the operator increases the stickout; but with synergic GMAW-P, the 
power supply senses the change in stickout and adjusts the current to 
maintain a more consistent weld. 


Gas Metal Arc Welding Equipment, Setup, and Operation 


In some respects, synergic GMAW-P systems are more complex to use 
because the correct relationships between the wire-feed speeds and 
power supply settings must be programmed into the equipment, and 
each wire composition, wire size, and shielding gas requires a special 
program. The manufacturer generally programs the most common com- 
binations, allowing space in the computer for additional user input. In 
addition, welding power supplies that produce synergic pulsation must 
be capable of both constant-current (CC) and constant-voltage (CV) 
power output. 


Shielding Gases for Spray or Pulsed-spray Transfer 


Axial spray transfer is impossible without shielding gases rich in argon. 
Pure argon is used with all metals except steels. As much as 80% helium 
can be added to the argon to increase the heat in the arc without affect- 
ing the desirable qualities of the spray mode. With more helium, the 
transfer becomes progressively more globular, forcing the use of a differ- 
ent welding mode, to be described later. Since these gases are inert, they 
do not react chemically with any metals. This factor makes the GMAW 
process the only productive manual or semiautomatic method for weld- 
ing metals sensitive to oxygen (essentially all metals except iron or 
nickel). The cathodic cleaning action which helps to remove the thin 
layer oxides that form on metals is associated with argon at DCEP 
(DCRP) and is also very important for fabricating metals such as alumi- 
num, which quickly develop these undesirable surface oxides when 
exposed to air. 

This same cleaning action causes problems with steels. Iron oxide in 
and on the steel surface is a good emitter of electrons that attracts the 
arc. But these oxides are not uniformly distributed, resulting in very irre- 
gular arc movement and in turn irregular weld deposits. This problem 
was solved by adding small amounts of an active gas such as oxygen or 
carbon dioxide to the argon. The reaction produces a uniform film of iron 
oxide on the weld pool and provides a stable site for the arc. This discov- 
ery enabled uniform welds in ferrous alloys and expanded the use of 
GMAW to welding those materials. 

The amount of oxygen needed to stabilize arcs in steel varies with the 
alloy. Generally, 2% is sufficient for carbon and low-alloy steels. In the 
case of stainless steels, about 0.5% should prevent a refractory scale of 
chromium oxide, which can be a starting point for corrosion in stainless 
steels. Carbon dioxide can substitute for oxygen. Between 8% and 10% is 
optimum for low-alloy steels. In many applications, carbon dioxide is the 
preferred addition because the weld bead has a better contour and the 
arc appears to be more stable. Gas mixes of 98% argon-2% oxygen as 
well as 98% argon-2% carbon dioxide are commonly used for spray 
transfer GMA welding of stainless steels. 


Buried-arc Transfer 


Carbon dioxide was one of the first gases studied during the development 
of the GMAW process. It was abandoned temporarily because of exces- 
sive spatter and porosity in the weld. After argon was accepted for shield- 
ing, further work with carbon dioxide demonstrated that the spatter was 
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associated with globular metal transfer. The large drops are partially sup- 
ported by arc forces, Figure 1.7. As they become heavy enough to over- 
come those forces and drop into the pool, they bridge the gap between 
the wire and the weld pool, producing explosive short circuits and 
spatter. 

Additional work showed that the arc in carbon dioxide was very force- 
ful. Because of this, the wire tip could be driven below the surface of the 
molten weld pool. With the shorter arcs, the drop size is reduced, and any 
spatter produced as the result of short circuits is trapped in the cavity 
produced by the arc—hence the name buried-arc transfer, Figure 1.8. 
The resultant welds tend to be more highly crowned than those produced 
with open arcs, but they are relatively free of spatter and offer a decided 
advantage of welding speed. These characteristics make the buried-arc 
process useful for high-speed mechanized welding of thin sections, such 
as that found in compressor domes for hermetic air-conditioning and 
refrigeration equipment or for automotive components. 

Because carbon dioxide is an oxidizing gas, its applications to welding 
carbon steels are restricted. It cannot be used to fabricate most nonfer- 
rous materials. Neither should it be used to weld stainless steels, because 
carbon corrodes the weld metal. 

Carbon dioxide and helium are similar in that metal transfer in both 
gases is globular. Helium, too, can be used with the buried-arc techni- 
que. It has the advantage of being inert, potentially making it useful for 
the same types of applications as carbon dioxide but in nonferrous alloys. 


MOLTEN DROP 


Figure 1.7 Globular metal transfer 
Large drop is supported by arc forces. 


Figure 1.8 Buried-arc transfer 
Wire tip is within the weld crater, so spatter is trapped. 
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Short-circuiting Transfer: GMAW-S 


Low currents allow the liquid metal at the electrode tip to be transferred 
by direct contact with the molten weld pool. This process requires close 
interaction between the wire feeder and the power supply. This techni- 
que is called short-circuiting transfer, or gas metal arc welding with 
short-circuiting transfer (GMAW-S). 

The short-circuiting mode of transfer is the most common process 
used with GMA welding 


e on thin or properly prepared thick sections of material 
e ona combination of thick to thin materials 

e with a wide range of electrode diameters 

e with a wide range of shielding gases 

e in all positions 


The 0.023, 0.030, 0.035, and 0.045 wire electrodes are the most com- 
mon diameters for the short-circuiting mode. The most popular shielding 
gases used on carbon steel are 100% carbon dioxide (CO>) or a combina- 
tion of 75% argon (Ar) and 25% CO,. The amperage range may be as 
low as 35 for materials of 24 gauge or as high as 225 for materials up to 
1/8 inch in thickness on square groove weld joints. Thicker base metals 
can be welded if the edges are beveled to accept complete joint weld 
penetration. 

The transfer mechanisms in this process are quite simple and straight- 
forward, as shown schematically in Figure 1.9. To start, the wire is in direct 
contact with the molten weld pool, Figure 1.9A. Once the electrode 
touches the molten weld pool, the arc and its resistance are removed. 
Without the arc resistance, the welding amperage quickly rises as it begins 
to flow freely through the tip of the wire into the molten weld pool. The 
resistance to current flow is highest at the point where the electrode 
touches the molten weld pool. The resistance is high because both the 
electrode tip and weld pool are very hot. The higher the temperature, 
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Figure 1.9 Schematic of short-circuiting transfer 
Source: Courtesy of Larry Jeffus 


(a) Draw a cooling curve for the water. 
(b) Use your graph to estimate 
(i) the temperature after 5 minutes, 
(ii) the time when the temperature was 9°C. 


3 A girl’s height, in centimetres, measured every two years up to the 
age of fourteen is shown in the table. 


Age (years) | 0 2 4 6 8 10 12 14 


Height (cm) | 54 67 89 105 115 120 124 137 


(a) Draw a line graph to show this information. 
(b) Use your graph to estimate her height when she was aged five. 


4 The population, to the nearest million, of the USA every 20 years 
from 1900 to 1980 is shown in the table. 


1900 1920 1940 1960 1980 


Population 76 106 132 179 221 
(millions) 


(a) Draw a line graph to show this information. 
(b) Use your graph to estimate 
(i) the population in 1930, 
(ii) the year in which the population reached 200 million. 


5 London’s average monthly rainfall, in millimetres, in the first six 
months of the year is shown in the table. 


Month Jan 


Average monthly | 45 
rainfall (mm) 


Draw a vertical line graph to show this information. 
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the higher the resistance to current flow. A combination of high current 
flow and high resistance causes a rapid rise in the temperature of the elec- 
trode tip. 

As the current flow increases, the interface between the wire and mol- 
ten weld pool is heated until it explodes into a vapor (Figure 1.9B), estab- 
lishing an arc. This small explosion produces sufficient force to depress 
the molten weld pool. A gap between the electrode tip and the molten 
weld pool (Figure 1.9C) immediately opens. With the resistance of the 
arc reestablished, the voltage increases as the current decreases. 

The low current flow is insufficient to continue melting the electrode 
tip off as fast as it is being fed into the arc. As a result, the arc length 
rapidly decreases (Figure 1.9D) until the electrode tip contacts the mol- 
ten weld pool (Figure 1.9E). The liquid formed at the wire tip during the 
arc-on interval is transferred by surface tension to the molten weld pool, 
and the cycle begins again with another short circuit. 

If the system is properly tuned, the rate of short circuiting can be 
repeated from approximately 20 to 200 times per second, causing a char- 
acteristic buzzing sound. The spatter is low and the process easy to use. 
The low heat produced by GMAW-S makes the system easy to use in all 
positions on sheet metal, low-carbon steel, low-alloy steel, and stainless 
steel ranging in thickness from 25 gauge (0.02 in.; 0.5 mm) to 12 gauge 
(0.1 in.; 2.6 mm). The short-circuiting process does not produce enough 
heat to make quality welds in sections much thicker than 1/4 in. (6 mm) 
unless it is used for the root pass on a grooved weld or to fill gaps in 
joints. Although this technique is highly effective, lack-of-fusion defects 
can occur unless the process is perfectly tuned and the welder is highly 
skilled, especially on thicker metal. For this reason the American Welding 
Society D1.1 code for structural steel does not list short-circuiting GMAW 
as a prequalified process. In this code all short-circuiting procedures 
must be qualified by extensive testing. 

Carbon dioxide works well with this short-circuiting process because 
it produces the forceful, high-energy arc needed during the arc-on inter- 
val to displace the weld pool. Helium can be used as well. Pure argon is 
not as effective because its arc tends to be sluggish and not very fluid. 
However, a mixture of 25% carbon dioxide and 75% argon produces a 
less harsh arc and a flatter, more fluid, and desirable weld profile. 
Although more costly, this gas mixture is preferred. A gas mixture of 
98% argon and 2% oxygen may also be used on thinner carbon steels 
and sheet metal. This mixture produces lower-energy short-circuiting 
transfer and can be an advantage on thin-gauge metals, producing mini- 
mal burn-through at voltages as low as 13 volts. 

New technology in wire manufacturing has allowed smaller wire dia- 
meters to be produced. These smaller diameters have become the 
preferred size even though they are more expensive due to the cost of 
drawing wires down to these desirable sizes. The short-circuiting process 
works better with a short electrode stickout. 

The power supply is most critical. It must have a constant voltage, 
otherwise known as constant-potential output, and sufficient inductance 
to slow the time rate of current increase during the short-circuit interval. 
Too little inductance causes spatter due to high-current surges. Too much 
inductance causes the system to become sluggish. The short-circuiting 
rate decreases enough to make the process difficult to use. Also, the 
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power supply must sustain an arc long enough to premelt the electrode 
tip in anticipation of the transfer at recontact with the weld pool. 


FILLER METAL SPECIFICATIONS 


GMA welding filler metals are available for a variety of base metals, 
Table 1.4. The most frequently used filler metals are AWS specification 
A5.18 for carbon steel and AWS specification A5.9 for stainless steel. 
Wire electrodes are produced in diameters of 0.023, 0.030, 0.035, 0.045, 
and 0.062 inch. Other, larger diameters are available for production work 
and can include wire diameter sizes such as 1/16, 5/64, and 7/64 inch. 
Table 1.5 lists the most common sizes and the amperage ranges for these 
electrodes. The amperage will vary depending on the method of metal 
transfer, type of shielding gas, and base metal thickness. Some steel 
wire electrodes have a thin copper coating. This coating provides some 
protection to the electrode from rusting and improves the electrical con- 
tact between the wire electrode and the contact tube. It also acts as a 
lubricant to help the wire move more smoothly through the liner and 
contact tube. These electrodes may look like copper wire because of 
the very thin copper cladding. The amount of copper is so small that it 


Table 1.4 AWS Filler Metal Specifications for Different Base Metals 


Base Metal Type 

Aluminum and aluminum alloys 
Copper and copper alloys 
Magnesium alloys 

Nickel and nickel alloys 
Stainless steel (austenitic) 
Steel (carbon) 


Titanium and titanium alloys 


AWS Filler Metal Specification 


Table 1.5 Filler Metal Diameters and Amperage Ranges 


Electrode Diameter 


Base Metal Inch 

Carbon Steel 0.023 
0.030 
0.035 
0.045 
1/16 

Stainless Steel 0.023 
0.030 
0.035 
0.045 
1/16 


Millimeter 
0.6 
0.8 
0.9 
1.2 
1.6 
0.6 
0.8 
0.9 
1.2 
1.6 


A5.10 
A5.6 

A5.19 
A5.14 
A5.9 

A5.18 
A5.16 


Amperage 
Range 
35-190 
40-220 
60-280 
125-380 
275-450 
40-150 
60-160 
70-120 
140-310 
280-450 
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either burns off or is diluted into the weld pool with no significant effect 
on the weld deposit. 


The AWS specification for carbon steel filler metals for gas-shielded weld- 
ing wire is A5.18. Filler metal classified within this specification can be 
used for GMAW, gas tungsten arc welding (GTAW), and plasma arc weld- 
ing (PAW) processes. Because in GTAW and PAW the wire does not carry 
the welding current, the letters ER are used as a prefix. The ER is fol- 
lowed by two numbers to indicate the minimum tensile strength of a 
good weld. The actual strength is obtained by adding three zeroes to 
the right of the number given. For example, ER70S-x is 70,000 psi. 

The S located to the right of the tensile strength indicates that this is a 
solid wire. The last number—2, 3, 4, 5, 6, or 7—or the letter G is used to 
indicate the filler metal composition and the weld’s mechanical proper- 
ties, Figure 1.10. 


ER70S-2 

This is a deoxidized mild steel filler wire. The deoxidizers allow this wire 
to be used on metal that has light coverings of rust or oxides. There may 
be a slight reduction in the weld's physical properties if the weld is made 
on rust or oxides, but this reduction is only slight, and the weld will 
usually still pass the classification test standards. This is a general- 
purpose filler that can be used on killed, semikilled, and rimmed steels. 
Argon-oxygen, argon-CO,, and CO, can be used as shielding gases. 
Welds can be made in all positions. 


ERI0S-3 

This is a popular filler wire. It can be used in single or multiple-pass 
welds in all positions. ER70S-3 does not have the deoxidizers required 
to weld over rust, over oxides, or on rimmed steels. It produces high- 
quality welds on killed and semikilled steels. Argon-oxygen, argon-CO,, 
and CO, can be used as shielding gases. This is the low-carbon steel filler 
most commonly used to weld galvanized steel. 


DESIGNATES AN ELECTRODE 


DESIGNATES A CUT LENGTH “ROO” TYPE 
ELECTRODE (CAN BE OMITTED) 


Ll INDICATES THE FILLER METAL COMPOSITION 
AND WELD'S MECHANICAL PROPERTIES 


SOLID WIRE 


INDICATES THE MINIMUM TENSILE STRENGTH 
OF THE DEPOSITED WELD METAL 


Figure 1.10 AWS numbering system for carbon steel filler metal for GMAW 
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ER70S-6 

This is a good general-purpose filler wire. It has the highest levels of 
manganese and silicon. The wire can be used to make smooth welds on 
sheet metal or thicker sections. Welds over rust, oxides, and other surface 
impurities will lower the mechanical properties, but not normally below 
the specifications of this classification. Argon-oxygen, argon-COs, and 
CO, can be used as shielding gases. Welds can be made in all positions. 
This filler wire is not suggested for galvanized steel as its higher silicon 
content may induce cracking. 


The AWS specification for stainless steel-covered arc electrodes is A5.4 
and for stainless steel bare, cored, and stranded electrodes and welding 
rods is A5.9. Filler metal classified within A5.4 uses the letter E as its pre- 
fix, and the filler metal within A5.9 uses the letters ER as its prefix. 

Following the prefix, the three-digit stainless steel number from the 
American Iron and Steel Institute (AISI) is used. This number indicates 
the type of stainless steel in the filler metal, Table 1.6. 


ALUMINUM AND ALUMINUM ALLOYS 


The International Alloy Designation System is the most widely accepted 
naming scheme for aluminum alloys. Each alloy has a four-digit number, 
in which the first digit indicates the major alloying elements. Heat- 
treatable alloys can be strengthened by furnace operations after they are 
produced, while non-heat-treatable alloys are work hardened by plastic 
deformation such as bending and rolling operations. Heat treatment of 
aluminum alloys is sometimes referred to as precipitation hardening, 
and work hardening is sometimes referred to as strain hardening. 


e 1000 series are essentially pure aluminum with a minimum 99% 
aluminum content by weight, and can be work hardened. 

e 2000 series are alloyed with copper, and are heat treatable. 

e 3000 series are alloyed with manganese, and can be work 
hardened. 

e 4000 series are alloyed with silicon and can be work hardened. 

e 5000 series are alloyed with magnesium, derive most of their 
strength from heat treatment, but can also be work hardened. 

e 6000 series are alloyed with magnesium and silicon, are easy to 
machine, and are heat treatable, but not to the high strengths that 
2000, 5000, and 7000 can reach. 

e 7000 series are alloyed with zinc, and can be heat treated to the 
highest strengths of any aluminum alloy. 

e 8000 series are a miscellaneous category where other elements not 
listed above may be used. 


The AWS specifications for aluminum and aluminum alloy filler 
metals are A5.3 for covered arc welding electrodes and A5.10 for bare 
welding rods and electrodes. Filler metal classified within A5.3 uses the 
atomic symbol Al, and in A5.10 the prefix ER is used with the Aluminum 
Association number for the alloy, Table 1.7. 


15 


20 


CHAPTER 1 


Aluminum Bare Welding Rods and Electrodes 
ER1100 


1100 aluminum has the lowest percentage of alloy agents of all the alu- 
minum alloys, and it melts at 1215°F. The filler wire is also relatively 
pure. ER1100 produces welds that have good corrosion resistance and 
high ductility, with tensile strengths ranging from 11,000 to 17,000 psi. 
The weld deposit has a high resistance to cracking during welding. This 
wire can be used with oxyfuel gas welding (OFW), GTAW, and GMAW. 
Preheating to 300°F to 350°F is required for GTA welding on plate or pipe 
3/8 in. and thicker to ensure good fusion. Flux is required for OFW. 1100 
aluminum is commonly used for items such as food containers, food- 
processing equipment, storage tanks, and heat exchangers. ER1100 can 
be used to weld 1100 and 3003 grade aluminum. 


ER4043 

ER4043 is a general-purpose welding filler metal. It has 4.5% to 6.0% sili- 
con added, which lowers its melting temperature to 1155°F. The lower 
melting temperature helps promote a free-flowing molten weld pool. 
The welds have high ductility and a high resistance to cracking during 
welding. This wire can be used with OFW, GTAW, and GMAW. Preheat- 
ing to 300°F to 350°F is required for GTA welding on plate or pipe 3/8 in. 
and thicker to ensure good fusion. Flux is required for OFW. ER4043 can 
be used to weld on 2014, 3003, 3004, 4043, 5052, 6061, 6062, and 6063 
and cast alloys 43, 355, 356, and 214. 


ERD396 

ER5356 has 4.5% to 5.5% magnesium added to improve the tensile 
strength. The weld has high ductility but only an average resistance to 
cracking during welding. This wire can be used for GTAW and GMAW. 
Preheating to 300°F to 350°F is required for GTA welding on plate or pipe 
3/8 in. and thicker to ensure good fusion. ER5356 can be used to weld on 
5050, 5052, 5056, 5083, 5086, 5154, 5356, 5454, and 5456. 


ERS996 

ER5556 has 4.7% to 5.5% magnesium and 0.5% to 1.0% manganese added 
to produce a weld with high strength. The weld has high ductility and 
only average resistance to cracking during welding. This wire can be 
used for GTAW and GMAW. Preheating to 300°F to 350°F is required for 
GTA welding on plate or pipe 3/8 in. and thicker to ensure good fusion. 
ER5556 can be used to weld on 5052, 5083, 5356, 5454, and 5456. 


WIRE MELTING AND DEPOSITION RATES 


The wire melting rates, deposition rates, and wire-feed speeds of the con- 
sumable wire welding processes are affected by the same variables. 
Before discussing them, however, these terms need to be defined. The 
wire melting rate, measured in inches per minute (in/min) or pounds 
per hour (lb/hr), is the rate at which the arc consumes the wire. The 
deposition rate, the measure of weld metal deposited, is nearly always 
less than the melting rate because not all of the wire is converted to 
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weld metal. Some is lost as slag, spatter, or fume. The amount of weld 
metal deposited in ratio to the wire used is called the deposition 
efficiency. 

Deposition efficiencies depend on the process, on the gas used, and 
even on how the welder sets welding conditions. With efficiencies of 
approximately 98%, solid wires with argon-rich shield gas mixes are 
best. Some of the self-shielded cored wires are poorest, with efficiencies 
as low as 80%. 

Welders can control the deposition rate by changing the current, elec- 
trode extension, and diameter of the wire. To obtain higher melting rates, 
they can increase the current or wire extension or decrease the wire dia- 
meter. Knowing the precise constants is unimportant. However, it is 
important to know that current greatly affects melting rate and that the 
electrode extension must be controlled if results are to be reproducible. 


WELDING POWER SUPPLIES 


To better understand the terms used to describe the different welding 
power supplies, you need to know the following electrical terms: 


e Voltage, or volts (V), is a measurement of electrical pressure and is 
the force that causes the current (amperage) to flow, in the same 
way that pounds per square inch is a measurement of water 
pressure. 

e Electrical potential means the same thing as voltage and is usually 
expressed by using the term potential (P). The terms voltage, volts, 
and potential can all be interchanged when referring to electrical 
pressure. 

e Amperage, or amps (A), is the measurement of the total number of 
electrons flowing, in the same way that gallons are a measurement 
of the amount of water flowing. 

e Electrical current means the same thing as amperage and is usually 
expressed by using the term current (C). The terms amperage, 
amps, and current can all be interchanged when referring to elec- 
trical flow. 


GMAW power supplies are constant-voltage, constant-potential (CV, 
CP) machines, unlike shielded metal arc welding (SMAW) power supplies, 
which are constant-current (CC) machines and are sometimes called 
drooping arc voltage (DAV). It is impossible to make acceptable welds 
using the wrong type of power supply. GMAW power supplies are available 
as transformer rectifiers, motor generators, or inverters, Figure 1.11. Some 
newer machines use electronics, enabling them to supply both types of 
power at the flip of a switch; they may be referred to as CC/CV power 
supplies. 

The relationships between current and voltage with different combi- 
nations of arc length or wire-feed speeds are called volt-ampere charac- 
teristics. The volt-ampere characteristics of arcs in argon with constant 
arc lengths or constant wire-feed speeds are shown in Figure 1.12. To 
maintain a constant arc length while increasing current, it is necessary 
to increase voltage. For example, with a 1/8-in. (3-mm) arc length, 
increasing current from 150 to 300 amperes requires increasing the 
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Figure 1.11 Transformer rectifier welding power supply 
Source: Courtesy of ESAB Welding & Cutting Products 
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Figure 1.12 Volt-ampere characteristics of arcs with argon 
The arc length and arc voltage are affected by the welding current and wire-feed speed (0.045-in. [1.43-mm] wire; 1-in. [25-mm] 
electrode extension). 
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voltage from about 26 to 31 volts. The current increase illustrated here 
results from increasing the wire-feed speed from 200 to 500 inches per 
minute. 


The wire-feed speed is generally recommended by the electrode manu- 
facturer and is selected in inches per minute (ipm), or how fast the wire 
exits the contact tube. The welder uses a wire-speed control dial on the 
wire-feed unit to control ipm. It can be advanced or slowed to control the 
burn-off rate, or how fast the electrode transfers into the weld pool, to 
meet the welder's skill in controlling the weld pool. Note the direct rela- 
tionship between current (amps) and wire-feed speed (wfs); as wire-feed 
speed increases, the amperage increases. If wire-feed speed is reduced, 
amperage will decrease, Table 1.8. 

To accurately measure wire-feed ipm, snip off the wire at the contact 
tube. Wearing safety glasses and pointing the contact tube away from your 
face, squeeze the trigger for ten seconds; release and snip off the wire elec- 
trode. Measure the number of inches of wire that was fed out in the ten 
seconds. Now using basic shop math, multiply its total length in inches by 
six. The result is how many inches of wire were fed per minute. 


Power Supplies for Short-circuiting Transfer 


Although the GMA power source is said to have a constant voltage (CV) 
or constant potential (CP), it is not perfectly constant. The graph in 
Figure 1.13 shows that there is a slight decrease in voltage as the amper- 
age increases within the working range. The rate of decrease is known as 
slope. It is expressed as the voltage decrease per 100-ampere increase— 
for example, 10 V/100 A. For short-circuiting welding, some welding 
power supplies are equipped to allow changes in the slope by steps or 
continuous adjustment. 

The slope, which is called the volt-ampere curve, is often drawn as a 
straight line because it is fairly straight within the working range of the 
machine. Whether it is drawn as a curve or a straight line, the slope can 
be found by finding two points. The first point is the set voltage as read 
from the voltmeter when the gun switch is activated but no welding is 


Table 1.8 Typical Amperages for Carbon Steel 


Wire Diameter Amperages 


Wire-feed Speed* -030 in. -035 in. .045 in. .062 in. 
in./min (m/min) (0.8 mm) (0.9 mm) (1.2 mm) (1.6 mm) 
100 (2.5) 40 65 120 190 
200 (5.0) 80 120 200 330 
300 (7.6) 130 170 260 425 
400 (10.2) 160 210 320 490 
500 (12.7) 180 245 365 a 
600 (15.2) 200 265 400 — 
700 (17.8) 215 280 430 ES 


*To check feed speed, run out wire for one minute and then measure its length. 
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WORKING 
AMPERAGE 
RANGE 


OPEN CIRCUIT VOLTAGE (V) 


50 75 100 125 150 175 200 225 250 275 
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Figure 1.13 Constant potential welder slope 


being done. This is referred to as the open circuit voltage. The second 
point is the voltage and amperage as read during a weld. The voltage 
control is not adjusted during the test but the amperage can vary. The 
slope is the voltage difference between the first and second readings. 
The difference can be found by subtracting the second voltage from the 
first voltage. Therefore, for settings over 100 amperes, it is easier to cal- 
culate the slope by adjusting the wire feed so that you are welding with 
100 amperes, 200 amperes, 300 amperes, and so on. In other words, the 
voltage difference can be simply divided by 1 for 100 amperes, 2 for 200 
amperes, and so forth. 

The machine slope is affected by circuit resistance. Circuit resistance 
may result from a number of factors, including poor connections, long 
leads, or a dirty contact tube. A higher resistance means a steeper slope. In 
short-circuiting machines, increasing the inductance increases the slope. 
This increase slows the current’s rate of change during short circuiting 
and the arcing intervals, Figure 1.14. Therefore, slope and inductance 
become synonymous in this discussion. As the slope increases, both the 
short-circuit current and the pinch effect are reduced. A flat slope has 
both an increased short-circuit current and a greater pinch effect. 

The machine slope affects the short-circuiting metal transfer mode 
more than it does the other modes. Too much current and pinch effect 
from a flat slope cause a violent short and arc restart cycle, which results 
in increased spatter. Too little current and pinch effect from a steep slope 
result in the short circuit not being cleared as the wire freezes in the mol- 
ten pool and piles up on the work, Figure 1.15. 
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Figure 1.14 Voltage pattern with and without inductance 
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FLATTER —<——— SLOPE ——>- STEEPER 


Buildup Decreases Increases 
Depth of fusion Increases Decreases 
Spatter Increases Decreases 


Shorting Violently cleared May not clear 


Figure 1.15 Effect of slope 


The slope should be adjusted so that a proper spatter-free metal 
transfer occurs. On machines that have adjustable slopes, this is easily 
set. Experiment 2-2 describes a method of adjusting the circuit resistance 
to change the slope on machines that have a fixed slope. This is done by 
varying the contact tube-to-work distance. The GMA filler wire is much 
too small to carry the welding current and heats up due to its resistance 
to the current flow. The greater the tube-to-work distance, the greater the 
circuit resistance and the steeper the slope. By increasing or decreasing 
this distance, a proper slope can be obtained so that the short circuiting 
is smoother with less spatter. 


Many newer GMA welding power supplies are supplied with an induc- 
tance control. Inductance controls are used primarily in the GMA short- 
circuiting transfer mode, especially when open root joints are involved. 
Inductance controls the rise up to peak current during GMAW short- 
circuiting transfer. A low inductance control setting will provide a greater 
short-circuiting frequency, which may be beneficial in welding thin mate- 
rial where burn-through is an issue. A higher setting will reduce the fre- 
quency of short circuits, creating slightly longer arc periods, which allows 
greater current to go to the work. The greater current can be used to 
increase penetration in thicker sections or where complete penetration 
is required on open root joints welded from one side. 

In the case of the GMA welding arc, the rate of change in the amperage 
relative to the arc voltage determines how the metal droplet detaches from 
the end of the electrode. If the rate of change is too rapid (inductance too 
low), the droplet detaches violently and produces excessive spatter. If the 
rate of change is too slow (inductance too high) the metal droplet doesn’t 
detach cleanly and the arc is unstable. A midrange setting on the induc- 
tance control can be used for general-purpose short-circuit GMA welding 
and adjustments made for thick, thin, or open root conditions. 


MOLTEN WELD POOL CONTROL 


The GMAW molten weld pool can be controlled by varying the following 
factors: shielding gas, power settings, gun manipulation, travel speed, 
electrode extension, and gun angle. 
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6.7 Scatter graphs 


Scatter graphs show if there might be a relationship between two 
sets of data. For example, to investigate the relationship between 
women's heights and their weights, the data shown in the table 
were collected. 


Pol D 152 | 175 |163 |164|169 | 155 [1/1 | 160 | 156 
(cm) 


AER ATA cal 
(kg) 


You can record the data in the table 


on a grid, using height on one axis 5 i 
and weight on the other. This kindof = 70 
graph, shown in Figure 6.9, is called a 5 60 
scatter graph. = 
0 
Notice the zig-zags on the axes. They O 150 160 170 180 
are put there to show that the axes are Height (cm) 
not graduated evenly up from zero. Figure 6.9 


You can, by eye, draw a straight line, called a line of best fit, which 
passes near all these points. This line does not have to go through 
any of the points, although it can. There should be roughly equal 
numbers of points on each side of the line. 


If you can draw a line of best fit, then there may be a relationship, 
called a correlation, between women’s heights and their weights. 


Weight increases as height increases; when one quantity increases 
as the other increases, the correlation is called positive correlation. 


Correlation in which one quantity decreases as the other increases is 
called negative correlation. Figure 6.10 shows negative correlation. 


6. Statistics 1 
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The shielding gas selected for a weld has a definite effect on the weld 
produced. The properties that can be affected include the method of 
metal transfer, welding speed, weld contour, arc cleaning effect, and 
fluidity of the molten weld pool. 

In addition to the effects on the weld itself, the metal to be welded 
must be considered in selecting a shielding gas. Some metals must be 
welded with an inert gas such as argon or helium or mixtures of argon 
and helium. Other metals weld more favorably with reactive gases such 
as carbon dioxide or with mixtures of inert gases and reactive gases such 
as argon and oxygen or argon and carbon dioxide, Table 1.9. The most 
commonly used shielding gases are 75% argon + 25% COs, argon + 1% 
to 5% oxygen, and carbon dioxide, Figure 1.16. 


e Argon: The atomic symbol for argon is Ar, and it is an inert gas. 
Inert gases do not react with any other substance and are insoluble 
in molten metal. One hundred percent argon is used on nonfer- 
rous metals such as aluminum, copper, magnesium, nickel, and 
their alloys; but 100% argon is not normally used for making welds 
on ferrous metals. 

Because argon is denser than air, it effectively shields welds by 
pushing the lighter air away. Argon is relatively easy to ionize. 
Easily ionized gases can carry long arcs at lower voltages. This 
makes it less sensitive to changes in arc length. 

Argon gas is naturally found in all air and is collected in air 
separation plants. There are two methods of separating air to 
extract nitrogen, oxygen, and argon. In the cryogenic process, air is 
super-cooled to temperatures that cause it to liquefy and the gases 
are separated. In the noncryogenic process, molecular sieves 
(strainers with very small holes) separate the various gases, much 
like using a screen to separate sand from gravel. 

e Argon gas blends: Oxygen, carbon dioxide, helium, and nitrogen 
can be blended with argon to change argon’s welding 
characteristics. Adding reactive gases (oxidizing), such as oxygen or 
carbon dioxide, to argon tends to stabilize the arc, promote 
favorable metal transfer, and minimize spatter. As a result, the 
penetration pattern is improved, and undercutting is reduced or 
eliminated. Adding helium or nitrogen gases (nonreactive or inert) 
increases the arc heat for deeper penetration. 

The amount of the reactive gases, oxygen or carbon dioxide, 
required to produce the desired effects is quite small. As little as a 
half percent change in the amount of oxygen will produce a 
noticeable effect on the weld. Most of the time, blends containing 
1% to 5% of oxygen are used. Carbon dioxide may be added to 
argon in the range of 10% to 30%. Blends of argon with less than 
10% carbon dioxide may not have enough arc voltage to give the 
desired results. The most commonly used blend for short- 
circuiting transfer is 75% argon and 25% COs. 

When using oxidizing shielding gases with oxygen or carbon 
dioxide added, a suitable filler wire containing deoxidizers should 
be used to prevent porosity in the weld. The presence of oxygen in 
the shielding gas can also cause some loss of certain alloying 


Table 1.9 (A) Metals Matched with GMAW Shielding Gases and Gas Blends; (B) GMAW Shielding Gases and Gas Blends Matched with Metals 


Gases/ 
Blend 


Ar + 5% 
COs 


Ar + 10% 
CO» 


Ar + 25% 
CO» 


Gas 
Reaction 


Oxidizing 


Oxidizing 


Oxidizing 


GMAW Shielding Gas, Gas Blends, Metals, and Welding Process 


Application 


Low-alloy steel 


Low-alloy steel 


Mild, low-alloy steels 
and stainless steel 


Remarks 


Pulse spray and short-circuit 
transfer in out-of-position 


welds 


Same as above with a wider, 
more fluid weld pool 


Gas/ 
Blend 


Ar + COs + 
O2 


Ar + COs + 
N 


Smooth weld surface, reduces He + 7.5% 


penetration with short- 
circuiting transfer 


Ar + 2.5% 
CO» 


(B) 


Gas 
Reaction 


Oxidizing 


Almost inert 


Almost inert 


Application 


Low-alloy steel and 
some stainless steels 


Stainless steel 


Stainless steel and 
some low-alloy steels 


Remarks 


All metal transfer for automatic 
and robotic applications 


All metal transfer, excellent for 
thin gauge material 


Excellent toughness, arc 
stability, wetting 
characteristics, and bead 
contour, little spatter with 
short-circuiting transfer 
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ARGON + OXYGEN ARGON + CO, CARBON DIOXIDE 


Figure 1.16 Effect of shielding gas on weld bead shape 


elements, such as chromium, vanadium, aluminum, titanium, 
manganese, and silicon. 

e Helium: The atomic symbol for helium is He, and it is an inert gas 
that is a product of the natural gas industry. It is removed from 
natural gas as the gas undergoes separation (fractionation) for 
purification or refinement. 

Helium is lighter than air; thus its flow rates must be about 
twice as high as argon’s for acceptable stiffness in the gas stream to 
be able to push air away from the weld. Proper protection is 
difficult in drafts unless high flow rates are used. It requires a 
higher voltage to ionize, which produces a much hotter arc. There 
is a noticeable increase in both the heat and temperature of a 
helium arc. This hotter arc makes it easier to make welds on thick 
sections of aluminum and magnesium. 

Small quantities of helium are blended with heavier gases. 
These blends take advantage of the heat produced by the 
lightweight helium and weld coverage by the other heavier gas. 
Thus, each gas is contributing its primary advantage to the 
blended gas. 

e Carbon dioxide: Carbon dioxide is a compound made up of one 
carbon atom (C) and two oxygen atoms (Oz), and its molecular 
formula is CO2. One hundred percent carbon dioxide is widely 
used as a shielding gas for GMA welding of steels. In the short- 
circuiting transfer mode it allows higher welding speed, better 
penetration, good mechanical properties, and costs less than the 
inert gas mixes. The chief drawback in the use of carbon dioxide is 
the less-steady arc characteristics and a considerable increase in 
weld spatter. The spatter can be kept to a minimum by 
maintaining a very short, uniform arc length and strict attention to 
amperage and voltage parameters. CO, can produce sound, 
spatter-free welds of the highest quality, provided established 
procedures are followed and a filler wire having the proper 
deoxidizing additives is selected. 

e Nitrogen: The atomic symbol for nitrogen is N. It is not an inert 
gas but is relatively nonreactive to the molten weld pool. It is often 
used in blended gases to increase the arc’s heat and temperature. 
One hundred percent nitrogen can be used to weld copper and 
copper alloys and is an economical choice for gas purging of some 
austenitic stainless steel pipe welds. 


Power Settings 


As the power settings, voltage, and amperage are adjusted, the weld 
bead is affected. Making an acceptable weld requires a balancing of the É Module 5 
voltage and amperage. If either or both are set too high or too low, the Key Indicator 3, 8 
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Module 5 Y 


Key Indicator 3, 8 


weld penetration can decrease. A GMA welding machine has no direct 
amperage settings. Instead, the amperage at the arc is adjusted by 
changing the wire-feed speed. As a result of the welding machines main- 
taining a constant voltage when the wire-feed speed increases, more 
amperage flows across the arc. This higher amperage is required to melt 
the wire so that the same arc voltage can be maintained. The higher 
amperage is used to melt the filler wire and does not increase the pene- 
tration. In fact, the weld penetration may decrease significantly. 

Increasing and decreasing the voltage changes the arc length; how- 
ever, it may not put more heat into the weld. Like changes in the amper- 
age, these voltage changes may decrease weld penetration. 


The GMA welding process is greatly affected by the location of the elec- 
trode tip and molten weld pool. During the short-circuiting process if the 
arc is directed to the base metal and outside the molten weld pool, the 
welding process may stop. Without the resistance of the hot molten 
metal, high-amperage surges occur each time the electrode tip touches 
the base metal, resulting in a loud pop and a shower of sparks. It is 
something that occurs each time a new weld is started. So when making 
a weave pattern, which is a gun manipulation technique of moving side 
to side in order to produce a wider weld bead, you must keep the arc and 
electrode tip directed into the molten weld pool. Other than the sensitiv- 
ity to arc location, most of the SMAW weave patterns that keep the elec- 
trode wire at or near the leading edge of the weld pool can be used for 
short-circuiting GMA welds. 


Travel Speed 


Because the location of the arc inside the molten weld pool is important, 
the welding travel speed cannot exceed the ability of the arc to melt the 
base metal. Too high a travel speed can result in overrunning of the weld 
pool and an uncontrollable arc. Fusion between the base metal and filler 
metal can completely stop if the travel rate is too fast. If the travel rate is 
too slow and the weld pool size increases excessively, it can also restrict 
fusion to the base plate. 


Electrode Extension 


The electrode extension (stickout) is the distance from the contact tube 
to the arc measured along the wire. Adjustments in this distance cause a 
change in the wire resistance and the resulting weld bead, Figure 1.17. 

GMA welding currents are relatively high for the wire sizes, even for the 
low current values used in short-circuiting arc metal transfer, Figure 1.18. 
As the length of wire extending from the contact tube to the work 
increases, the voltage, too, should increase. Since this change is impossible 
with a constant-voltage power supply, the system compensates by redu- 
cing the current. In other words, by increasing the electrode extension 
and maintaining the same wire-feed speed, the current has to change to 
provide the same resistance drop. This situation leads to a reduction in 
weld heat, penetration, and fusion, and an increase in buildup. On the 
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Figure 1.17 Electrode-to-work distances 
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Figure 1.18 Heat buildup due to the extremely high current for the small conductor 
(electrode) 


other hand, as the electrode extension distance is shortened, the weld 
heats up, penetrates more, and builds up less, Figure 1.19. 

Experiment 2-3 explains the technique of using varying extension 
lengths to change the weld characteristics. Using this technique, a welder 
can make acceptable welds on metal ranging in thickness from 16 gauge 
to 1/4 in. (6 mm) or more without changing the machine settings. When 
using this technique, the nozzle-to-work distance should be kept the 
same so that enough shielding gas coverage is provided. Some nozzles 
can be extended to provide coverage. Others must be exchanged with the 
correct-length nozzle, Figure 1.20. 


The GMA welding gun may be held so that the relative angle between 


the gun, work, and welding bead being made is either vertical or has a 
drag angle or a push angle. Changes in this angle will affect the weld 
bead. The effect is most noticeable during the short-circuiting arc and 
globular transfer modes. 

Backhand welding is the welding technique that uses a drag angle, 
Figure 1.21. The welding technique that uses a push angle is known as 
forehand welding, Figure 1.22. 


Y Module 5 
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Figure 1.19 Using the changing tube-to-work distance to improve both the starting and stopping points of a weld 
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Figure 1.20 Nozzle-to-work distance can differ from the contact tube-to-work distance 


Figure 1.21 Backhand welding, or drag angle Figure 1.22 Forehand welding, or push angle 


Source: Courtesy of Larry Jeffus Source: Courtesy of Larry Jeffus 
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Backhand Welding Y Modules 

A dragging angle, or backhand, welding technique directs the arc 
force into the molten weld pool of metal. This action, in turn, forces the 
molten metal back onto the trailing edge of the molten weld pool and 
exposes more of the unmelted base metal, Figure 1.23. The digging 
action pushes the penetration deeper into the base metal while building 
up the weld head. If the weld is sectioned, the profile of the bead is nar- 
row and deeply penetrated, with high buildup. 


Key Indicator 3, 8 


Forehand Welding Y Module 5 
In a push angle, or forehand, welding technique, the arc force pushes Key Indicator 3, 8 
the weld metal forward and out of the molten weld pool onto the cooler 
metal ahead of the weld, Figure 1.24. The heat and metal are spread out 
over a wider area. The sectional profile of the bead is wide, showing shal- 
low penetration with little buildup. 
The greater the angle, the more defined is the effect on the weld. As 
the angle approaches vertical, the effect is reduced. This allows the 
welder to change the weld bead as effectively as the changes resulting 
from adjusting the machine current settings. 


EQUIPMENT Y Module 5 


Key Indicator 3, 8 
The basic GMAW equipment consists of the gun, electrode (wire) feed Á 


unit, electrode (wire) supply, power source, shielding gas supply with 
flowmeter/regulator, control circuit, and related hoses, liners, and cables, 
Figure 1.25 and Figure 1.26. Larger, more complex systems may have 
water for cooling, solenoids for controlling gas flow, and carriages for 
moving the work or the gun or both, Figure 1.27. The system may be 


SOLIDIFIED 
WELD METAL 


SOLIDIFIED 


SLAG SHIELDING DIRECTION 
GAS OF TRAVEL 
= 


BASE METAL 


MOLTEN WELD 
METAL 


DEEP PENETRATION — NARROW 
AND HIGH BEAD CONTOUR 


Figure 1.23 Backhand welding, or dragging angle 
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Figure 1.24 Forehand welding, or pushing angle 


stationary or portable, Figure 1.28. In most cases, the system is meant to 
be used for only one process. Some manufacturers, however, do make 
power sources that can be switched over for other uses. 


Power Source 


The power source may be either a transformer rectifier, inverter, or gen- 
erator type. The transformers are stationary and commonly require a 
three-phase power source. The inverter power sources are smaller, 
lighter, and may be designed to accept a variety of different electrical 
inputs, from 208 volts to 440 volts, single or three-phase. Engine genera- 
tors are ideal for portable use or where sufficient power is not available. 
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Figure 1.25 Schematic of equipment setup for GMA welding 


Source: Courtesy of Hobart Brothers Company 
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Figure 1.26 Small 110-V GMA welder 


Source: Courtesy of Thermal Arc, a Thermadyne Company 


Figure 1.27 Robot welding 
Source: Courtesy of ESAB Welding & Cutting Products 


Typical GMA welding machines produce a DC welding current ran- 
ging from 40 amperes to 600 amperes with 10 volts to 40 volts, depending 
upon the machine. In the past, some GMA processes used AC welding 
current, but DCRP is used almost exclusively now. Typical power sup- 
plies are shown in Figure 1.29. 

Because many GMAW power supplies are used in automation and 
require long periods of continuous use, it is not unusual for GMA weld- 
ing machines to have a 100% duty cycle. This allows the machine to be 
run continuously at its highest-rated output without damage. 


Figure 1.28 Portable water cooler 
for GMA welding equipment 


Source: Courtesy of Lincoln Electric Company 


36 CHAPTER 1 


OPTIONAL SPOT/STITCH/ANTI-STICK 
DIGITAL VOLT/AMMETER MODULE CONTROL MODULE 


SPOOL ON GUN CONTROL 


WIRE FEED SPEED CONTROL CONNECTION/OPERATION 


SECONDARY WELDING 
CONNECTIONS 
VOLTAGE CONTROL 
(Coarse and Fine | EN 
Range Adjustment) 
(A) 


Figure 1.29 Two power supplies for multipurpose GMAW applications 
(A) An expensive 200-ampere constant-voltage power supply, and (B) a 650-ampere constant-voltage and constant-current power supply. 
Source: (A) Courtesy of ESAB Welding & Cutting Products (B) Courtesy of Lincoln Electric Company 
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Scatter graphs can show not only whether there is any correlation 
but also, if there is, how close the correlation is. On the scatter 
graph Figure 6.10, for example, all the points are close to the 

line of best fit and so this could be described as high, or strong, 
negative correlation. 


When the scatter diagram has 
no pattern to it, as in Figure 
6.11, there is no correlation 
between the two sets of data. 


If all the points lie on a line, 
the correlation is called perfect. 
If the points are not close to the 
line of best fit, the correlation 
is called low, or weak. Figure 
6.12 and Figure 6.13 show low 
positive correlation and low 
negative correlation. 


Example 6.7.1 


The table shows the engine size in cubic centimetres (cc) and the 
fuel consumption in miles per gallon (mpg) of ten cars. 


Engine size (cc) 1000 | 1100 | 1300 | 1400 | 1600 
Fuel consumption (mpg) 


Engine size (cc) 1800 | 2000 | 2500 | 2700 | 2900 
Fuel consumption (mpg) | 46 43 40 37 35 


(a) Draw a scatter graph to show this information. 

(b) Draw a line of best fit on your scatter graph. 

(c) Describe the correlation. 

(d) Estimate the fuel consumption of a car with a 2300 cc engine. 


Gas Metal Arc Welding Equipment, Setup, and Operation 


Electrode (Wire) Feed Unit 


The purpose of the electrode feeder is to provide a steady and reliable 
supply of wire to the weld. Slight changes in the rate at which the wire 
is fed have distinct effects on the weld. 

The motor used in a feed unit is usually a DC type that can be con- 
tinuously adjusted over the desired range. Figure 1.30 and Figure 1.31 
show typical wire-feed units and accessories. 


Push-type Feed System 


The wire rollers are clamped securely against the wire to provide the 
necessary friction to push the wire through the conduit to the gun. The 
pressure applied on the wire can be adjusted. A groove is provided in 
the roller to aid in alignment and to lessen the chance of slippage. Most 
manufacturers provide rollers with smooth or knurled U-shaped or 
V-shaped grooves, Figure 1.32. Knurling (a series of ridges cut into the 
groove) helps grip larger-diameter wires so that they can be pushed 
along more easily. Soft wires, such as aluminum, are easy to damage if 
knurled rollers are used. Soft wires are best used with U-grooved rollers. 
Even V-grooved rollers can distort the surface of the wire, causing pro- 
blems. V-grooved rollers are best suited for hard wires, such as mild 
steel and stainless steel. It is also important to use the correct-size 
grooves in the rollers. 

Variations of the push-type electrode wire feeder include the pull type 
and push-pull type. The difference is in the size and location of the drive 
rollers. In the push-type system, the electrode must have enough 
strength to be pushed through the conduit without kinking. Mild steel 
and stainless steel can be readily pushed 15 to 20 ft (4 to 6 m), but alu- 
minum is much harder to push more than 10 ft (3 m). 


i 
ELECTRIC 


DOUBLE HEADER DH-10 


(A) 


Figure 1.30 Examples of wire feeders 

(A) A 90-ampere power supply and wire feeder for welding sheet steel with carbon dioxide 
shielding. (B) Modern wire feeder with digital preset and readout of wire-feed speed and 
closed-loop control. 

Source: (A) Courtesy of Lincoln Electric Company (B) Courtesy of ESAB Welding & Cutting Products 
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(D) (E) (F) 


Figure 1.31 A variety of accessories are available for most electrode feed systems. 
(A) Swivel post, (B) boom hanging bracket, (C) counterbalance mini-boom, (D) spool cover, (E) wire feeder wheel cart, and (F) carrying handle. 
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0000 


Figure 1.32 Feed rollers 


Pull-type Feed System 


In pull-type systems, a smaller but higher-speed motor is located in the 
gun to pull the wire through the conduit. Using this system, it is possible 
to move even soft wire over great distances. The disadvantages are that 
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the gun is heavier and more difficult to use, rethreading the wire takes 
more time, and the operating life of the motor is shorter. 


Push-pull-type Feed System 


Push-pull-type feed systems use a synchronized system with feed motors 
located at both ends of the electrode conduit, Figure 1.33. This system 
can be used to move any type of wire over long distances by periodically 
installing a feed roller into the electrode conduit. Compared to the pull- 
type system, the advantages of this system include the ability to move 
wire over longer distances, faster rethreading, and increased motor life 
due to the reduced load. A disadvantage is that the system is more 
expensive. 


linear Electrode Feed System 


Linear electrode feed systems use a different method to move the wire 
and change the feed speed. Standard systems use rollers that pinch the 
wire between the rollers. A system of gears is used between the motor 
and rollers to provide roller speed within the desired range. The linear 
feed system does not have gears or conventional-type rollers. 

The linear feed system uses a small motor with a hollow armature 
shaft through which the wire is fed. The rollers are attached so that they 
move around the wire. Changing the roller pitch (angle) changes the 
speed at which the wire is moved without changing the motor speed. 


Figure 1.33 Wire-feed system that enables the wire to be moved through a longer cable 
Source: Courtesy of Lincoln Electric Company 
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This system works in the same way that changing the pitch on a screw, 
either coarse threads or fine threads, affects the rate that the screw will 
move through a spinning nut. 

The advantage of a linear system is that the bulky system of gears is 
eliminated, thus reducing weight, size, and wasted power. The motor 
operates at a constant high speed where it is more efficient. The reduced 
size allows the system to be housed in the gun or within an enclosure in 
the cable. Several linear wire feeders can be synchronized to provide an 
extended operating range. The disadvantage of a linear system is that the 
wire may become twisted as it is moved through the feeder. 


A spool gun is a compact, self-contained system consisting of a small 
drive system and a wire supply, Figure 1.34A. This system allows the 
welder to move freely around a job with only a power lead and shielding 
gas hose to manage. The major control system is usually mounted on the 
welder. The feed rollers and motor are found in the gun just behind the 
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Figure 1.34 Feeder/guns for GMA welding 
Source: Courtesy of ESAB Welding & Cutting Products 
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nozzle and contact tube, Figure 1.34B. Because of the short distance the 
wire must be moved, very soft wires (aluminum) can be used. A small 
spool of welding wire is located just behind the feed rollers. The small 
spools of wire required in these guns are often very expensive. Although 
the guns are small, they feel heavy when being used. 


The electrode conduit or liner guides the welding wire from the feed roll- 
ers to the gun. It may be encased in a lead that contains the shielding gas. 

Power cable and gun switch circuit wires are contained in a conduit 
that is made of a tightly wound coil having the needed flexibility and 
strength. The steel conduit may have a nylon or Teflon liner to protect 
soft, easily scratched metals, such as aluminum, as they are fed. 

If the conduit is not an integral part of the lead, it must be firmly 
attached to both ends of the lead. Failure to attach the conduit can result 
in misalignment, which causes additional drag or makes the wire jam com- 
pletely. If the conduit does not extend through the lead casing to make a 
connection, it can be drawn out by tightly coiling the lead, Figure 1.35. Coil- 
ing will force the conduit out so that it can be connected. If the conduit is 
too long for the lead, it should be cut off and filed smooth. Too long a lead 
will bend and twist inside the conduit, which may cause feed problems. 


The welding gun attaches to the end of the power cable, electrode con- 
duit, and shielding gas hose, Figure 1.36. It is used by the welder to pro- 
duce the weld. A trigger switch is used to start and stop the weld cycle. 
The gun also has a contact tube, which is used to transfer welding cur- 
rent to the electrode moving through the gun, and a gas nozzle, which 
directs the shielding gas onto the weld, Figure 1.37. 


CONDUIT 
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Figure 1.35 Tightly coiled lead casing will force the liner out of the gun 
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Safety glasses and/or flash 
glasses must be worn to protect 
the eyes from flying sparks. 


Figure 1.36 A typical GMA welding gun 

Guns like this are used for most welding processes with a heat shield attached to protect the 
welder's gloved hand from intense heat generated when welding with high amperages. 

Source: Courtesy of Tweco, a Thermadyne Company 


SPOT WELDING 


GMA can be used to make high-quality arc spot welds. Welds can be 
made using standard or specialized equipment, Figure 1.38. The arc 
spot weld produced by GMAW differs from electric resistance spot weld- 
ing. The GMAW spot weld starts on one surface of one member and 
burns through to the other member, Figure 1.39. Fusion between the 
members occurs, and a small nugget is left on the metal surface. 

GMA spot welding has some advantages such as the following: 
(1) welds can be made in thin-to-thick materials; (2) the weld can be 
made when only one side of the materials to be welded is accessible; 
and (3) the weld can be made when there is paint on the interfacing sur- 
faces. The arc spot weld can also be used to assemble parts for welding to 
be done at a later time. 

Thin metal can be attached to thicker sections using an arc spot weld. 
If a thin-to-thick butt, lap, or tee joint is to be welded with complete joint 
penetration, often the thin material will burn back, leaving a hole, or 
there will not be enough heat to melt the thick section. With an arc spot 
weld, the burning back of the thin material allows the thicker metal to be 
melted. As more metal is added to the weld, the burn-through is filled, 
Figure 1.39. 

The GMA spot weld is produced from only one side. Therefore, it can 
be used on awkward shapes and in cases where the other side of the sur- 
face being welded should not be damaged. This makes it an excellent 
process for auto body repair. In addition, because the metals are melted 
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.023 in. MorL 052i SorM Y / ie #12 Spot. #10 
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(B) capacity of a MIG torch. 


Figure 1.37 GMA welding gun parts 
(A) Typical replaceable parts of a GMA welding gun. (B) Accessories and parts selection guide for a GMA welding gun. 
Source: Courtesy of ESAB Welding & Cutting Products 


and the molten weld pool is agitated, thin films of paint between the 


members being joined need not be removed. This is an added benefit 
for auto body repair work. 


Specially designed nozzles provide flash protection, part alignment, Tie a nak adac abe oran pol 


and arc alignment, Figure 1.40. As a result, for some small jobs it is pos- welding work requiring more 
sible to perform the weld with only safety glasses. The optional control than just a few spot welds to 
timer provides weld time and burn-back time. To make a weld, the be done without full welder's 


safety gear. Prolonged exposure 
to the reflected ultraviolet light 
will cause skin burns. 


amperage, voltage, and length of welding time must be set correctly. The 
burn-back time is a short period at the end of the weld when the wire 
feed stops but the current does not. This allows the wire to be burned 
back so it does not stick in the weld, Figure 1.39D. 
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Figure 1.39 A GMA spot weld 


(A) The arc starts, (B) a hole is burned through the first plate, (C) the hole is filled with weld metal, and (D) the wire feed stops and the 


arc burns the electrode back. 


Module 2 Y 


Key Indicator 1 


Module 5 
Key Indicator 1 


FACE, EYE, AND EAR PROTECTION 
Face and Eye Protection 


Eye protection must be worn in the shop at all times. Eye protection can 
be safety glasses with side shields, Figure 1.41, goggles, or a full face 
shield. To give better protection when working in brightly lit areas or out- 
doors, some welders wear flash glasses, which are special, lightly tinted, 
safety glasses. These safety glasses provide protection from both flying 
debris and reflected light. 
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SIDE SHIELDS 


OPENING TO 
ALLOW HOT 
GASES AND 
SPARKS OUT , , | 
FLAT OUTSIDE CORNER TEE OR FILLET 
Figure 1.40 Specialized nozzles for GMA spot welding Figure 1.41 Safety glasses with side shields 


Suitable eye protection is important because eye damage caused by 
excessive exposure to arc light is not noticed. Welding light damage often 
occurs without warning, like a sunburn’s effect that is felt the following day. 
Therefore, welders must take appropriate precautions in selecting filters or 
goggles that are suitable for the process being used, Figure 1.42. Selecting 
the correct shade lens is also important, because both extremes of too light 
or too dark can cause eye strain. New welders often select too dark a lens, 
assuming it will give them better protection, but this results in eye strain in 
the same manner as if they were trying to read in a poorly lit room. In reality, 
any approved arc welding lenses will filter out the harmful ultraviolet light. 
Select a lens that lets you see comfortably. At the very least, the welder's eyes 
must not be strained by excessive glare from the arc. 

Ultraviolet light can burn the eye in two ways. This light can injure 
either the white of the eye or the retina, which is the back of the eye, 
Figure 1.43. Burns on the retina are not painful but may cause some 
loss of eyesight. The whites of the eyes are very sensitive, and burns are 
very painful. The eyes are easily infected because, as with any burn, 
many cells are killed. These dead cells in the moist environment of the 
eyes will promote the growth of bacteria that cause infection. When the 
eye is burned, it feels as though there is something in the eye. Without a 
professional examination, however, it is impossible to tell if there is 
something in the eye. Because there may actually be something in the 
eye and because of the high risk of infection, home remedies or other 
medicines should never be used for eye burns. Anytime you receive an 
eye injury you should see a doctor. 


Welding Helmets 

Even with quality welding helmets, like those shown in Figure 1.44, the 
welder must check for potential problems that may occur from accidents 
or daily use. Small, undetectable leaks of ultraviolet light in an arc weld- 
ing helmet can cause a welder's eyes to itch or feel sore after a day of 
welding. To prevent these leaks, make sure the lens gasket is installed 
correctly, Figure 1.45. The outer and inner clear lenses must be plastic. 
As shown in Figure 1.46, a lens can be checked for cracks by twisting it 
between your fingers. Worn or cracked spots on a helmet must be 
repaired. 
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Goggles, flexible nr » Goggles, flexible | 
fitting, regular venti- f fitting, hooded f 
lation aW ae PES ventilation 


Goggles, cushioned 
fitting, rigid body 


4 5 6 
| ar) Spectacles 3 | : Spectacles, eyecup Spectacles, semi- 
y Y x _™ type eyeshields | an flat-fold side shields 


7A 8 8A 


Welding goggles, Chipping goggles, EE HD Welding goggles, Chipping goggles, 
eyecup type, tinted eyecup type, tinted | Na coverspec type, coverspec type, 
lenses lenses ole tinted lenses clear safety lenses 


9 si E 10 11 


“SL Welding helmet 
Welding goggles, Ț o Face shield, plastic 


coverspec type, e or mesh window 
tinted plate lens | (see caution note) 


*Non-side-shield spectacles are available for limited hazard use requiring only frontal protection. 


Applications 


Operation Hazards Protectors 


Acetylene-burning Sparks, harmful rays, 
Acetylene-cutting molten metal, 789 
Acetylene-welding flying particles 


Chemical handling Splash, acid burns, fumes 2 (for severe exposure add 10) 
Chipping Flying particles 1,2,4,5,6,7A,8A 

Sparks, intense rays, 
molten metal 


Furnace operations Glare, heat, molten metal 7,8,9 (for severe exposure add 10) 
Grinding—light Flying particles 1,3,5,6 (for severe exposure add 10) 
Grinding—heavy Flying particles 1,3,7A,8A (for severe exposure add 10) 
Chemical splash, 
glass breakage 
Machining Flying particles 1,3,5,6 (for severe exposure add 10) 

Molten metals Heat, glare, sparks, splash 7,8 (10 in combination with 5,6 in tinted lenses) 

Spot welding Flying particles, sparks 1,3,4,5,6 (tinted lenses advisable, for severe exposure add 10) 
CAUTION: 

Face shields alone do not provide adequate protection. Plastic lenses are advised for protection against molten metal splash. 


Contact lenses, of themselves, do not provide eye protection in the industrial sense and shall not be worn in a hazardous environment 
without appropriate covering safety eyewear. 


Electric (arc) welding 11 (in combination with 4,5,6 in tinted lenses advisable) 


Laboratory 2 (10 when in combination with 5,6) 


Figure 1.42 Huntsman selector chart 
Source: Courtesy of Kedman Co., Huntsman Product Division 


(a) and (b) These are in the diagram. 
(c) There is a high negative 
correlation. 
(d) Using the line of best fit, 
and following the arrow 
shown in the diagram, the 
petrol consumption of a : 
car with a 2300 cc engine is o 1000 2000 3000 : 
about 42 mpg. Engine size (cc) 


Petrol consumption 


1 The table shows the engine size and the top speed of ten cars in 
miles per hour (mph). 
Engine size (cc) 1600 1800 2000 2500 2900 
Top speed (mph) 111 121 129 130 140 


Engine size (cc) 1400 1300 1100 1000 2700 
Top speed (mph) 105 95 89 80 136 


(a) Draw a scatter graph to show this information. 
(b) Draw a line of best fit on your scatter graph. 
(c) Describe the correlation. 


2 The outdoors temperature, in °C, at noon on ten days and the 
number of units of electricity used in heating a house on each of 
those days are shown in the table. 


Noon temperature (°C)| 7 11 9 2 4 7 0 10 5 3 


Units of electricity used | 32 20 27 37 32 28 41 23 33 36 


(a) Draw a scatter graph to show this information. 

(b) Draw a line of best fit on your scatter graph. 

(c) Describe the correlation. 

(d) Use your line of best fit to estimate the number of units of 
electricity used in heating a house on a day when the outdoors 
temperature at noon was 8°C. (Contd) 
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ULTRAVIOLET (UV) LIGHT 


Xx 


Figure 1.43 The eye can be burned on the white or on the retina by ultraviolet light 


Figure 1.44 Typical arc welding helmets for eye and face protection during welding 
Source: Courtesy of Hornell, Inc. 


Safety Glasses 

Safety glasses with side shields are adequate for general use, but if heavy 
grinding, chipping, or overhead work is being done, goggles or a full face 
shield should be worn in addition to safety glasses, Figure 1.47. Safety 
glasses are best for general protection. They must be worn under an arc 
welding helmet at all times. 
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HELMET 


GASKET 


CLEAR PLASTIC LENS 


SHADE LENS 


Figure 1.45 Correct placement of the gasket around the shade lens 
Correct gasket placement around the shade lens of a welding helmet is important because it 
can stop ultraviolet light from bouncing around the lens assembly. 


Figure 1.47 Full face shield 


Ear Protection 


The welding environment can be very noisy. The sound level is at times 
high enough to cause pain and some loss of hearing if the welder's ears 
are unprotected. Hot sparks can also drop into an open ear, causing severe 
burns. 

Ear protection is available in several forms. One form of protection is 
earmuffs that cover the outer ear completely, Figure 1.48. Another form 
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Figure 1.48 Earmuffs 
Earmuffs provide complete ear protection and can be worn under a welding helmet. 
Source: Courtesy of Mine Safety Appliances Company 


Figure 1.49 Earplugs 
Earplugs are used as protection from noise only. 
Source: Courtesy of Mine Safety Appliances Company 


of protection is earplugs that fit into the ear canal, Figure 1.49. Both of 
these protect a person’s hearing, but only the earmuffs protect the outer 


ear from burns. 
Damage to your hearing caused 


by high sound levels may not be 
detected until later in life, and 


GENERAL WORK CLOTHING the resulting loss in hearing is 


permanent. Your hearing will 
Special protective clothing cannot be worn at all times. It is, therefore, not improve with time, and each 
important to choose general work clothing that will minimize the possi- exposure to high levels of sound 
bility of getting burned because of the high temperature and amount of Lia nearing. 
hot sparks, metal, and slag produced during welding, cutting, or brazing. 
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Work clothing must also stop ultraviolet light from passing through it. 
This is accomplished if the material chosen is a dark color, thick, and tightly 
woven. The best choice is 100% wool but it is difficult to find. Another good 
choice is 100% cotton clothing, the most popular fabric used. 

You must avoid wearing synthetic materials including nylon, rayon, 
and polyester. They can easily melt or catch fire. Some synthetics pro- 
duce a hot, sticky residue that can make burns more severe. Others 
may produce poisonous gases. 

The following are some guidelines for selecting work clothing: 


e Shirts must be long-sleeved to protect the arms, have a high- 
buttoned collar to protect the neck, Figure 1.50, be long enough to 
tuck into the pants to protect the waist, and have flaps on the 
pockets to keep sparks out (or have no pockets). 

e Pants must have legs long enough to cover the tops of the boots 
and must be without cuffs that would catch sparks. 

e Boots must have high tops to keep out sparks, have steel toes to 
prevent crushed toes, Figure 1.51, and have smooth tops to prevent 
sparks from being trapped in seams. 

e Caps should be thick enough to prevent sparks from burning the 
top of a welder's head. 


Figure 1.50 Neck protection 

The top button of the shirt worn by the welder should always be buttoned in order to avoid 
severe neck burns. 

Source: Courtesy of Larry Jeffus 


Figure 1.51 Safety boots with steel toes are required by many welding shops 
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All clothing must be free of frayed edges and holes. The clothing must 
be relatively tight-fitting in order to prevent excessive folds or wrinkles 
that might trap sparks. 

Some welding clothes have pockets on the inside to prevent the pock- 
ets from collecting sparks. However, it is not safe to carry butane lighters 
or matches in these or any pockets while welding. Lighters and matches 
can easily catch on fire or explode if they are subjected to the heat and 
sparks of welding. 


SPEGIAL PROTEGTIVE CLOTHING 


General work clothing is worn by each person in the shop. In addition to 
this clothing, extra protection is needed for each person who is in direct 
contact with hot materials. Leather is often the best material to use, as it 
is lightweight, is flexible, resists burning, and is readily available. Syn- 
thetic insulating materials are also available. Ready-to-wear leather pro- 
tection includes capes, jackets, aprons, sleeves, gloves, caps, pants, knee 
pads, and spats, among other items. 


Hand Protection 


All-leather, gauntlet-type gloves should be worn when doing any welding, 
Figure 1.52. Gauntlet gloves that have a cloth liner for insulation are best 
for hot work. Noninsulated gloves will give greater flexibility for fine 
work. Some leather gloves are available with a canvas gauntlet top, 
which should be used for light work only. 

When a great deal of manual dexterity is required for gas tungsten arc 
welding, brazing, soldering, oxyfuel gas welding, and other delicate pro- 
cesses, soft leather gloves may be used, Figure 1.53. All-cotton gloves are 
sometimes used when doing very light welding. 


Figure 1.52 All-leather, gauntlet-type welding gloves 
Source: Courtesy of Larry Jeffus 
gloves can be worn. 
Source: Courtesy of Larry Jeffus 


Figure 1.53 Soft leather gloves 
For welding that requires a great deal of manual dexterity, soft leather 


There is no safe place to carry 
butane lighters or matches while 
welding or cutting. They can 
catch fire or explode if subjected 
to welding heat or sparks. Bu- 
tane lighters may explode with 
the force of a quarter of a stick 
of dynamite. Matches can erupt 
into a ball of fire. Both butane 
lighters and matches must 


always be removed from the 
welders pockets and placed a 
safe distance away before any 
work is started. 
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Body Protection 


Full leather jackets and capes will protect a welder’s shoulders, arms, and 
chest, Figure 1.54. A jacket, unlike the cape, protects a welder's back and 
complete chest. A cape is open and much cooler but offers less protec- 
tion. The cape can be used with a bib apron to provide some additional 
protection while leaving the back cooler. Either the full jacket or the cape 
with a bib apron should be worn for any out-of-position work. 


Waist and Lap Protection 


Bib aprons or full aprons will protect a welder’s lap. Welders will espe- 
cially need to protect their laps if they squat or sit while working and 
when they bend over or lean against a table. 


Arm Protection 


For some vertical welding, a full or half sleeve can protect a person's arm, 
Figure 1.55. The sleeves work best if the work level is not above the 
welder’s chest. Work levels higher than this usually require a jacket or 
cape to keep sparks off the welder’s shoulders. 


Leg and Foot Protection 


When heavy cutting or welding is being done and a large number of 
sparks are falling, leather pants and spats should be used to protect the 
welder’s legs and feet. If the weather is hot and full leather pants are 
uncomfortable, leather aprons with leggings are available. Leggings can 
be strapped to the legs, leaving the back open. Spats will prevent sparks 
from burning through the front of lace-up boots. 


Figure 1.54 Full leather jacket 
Source: Courtesy of Larry Jeffus 
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Figure 1.55 Full leather sleeve 


Source: Courtesy of Larry Jeffus 


SUMMARY 
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The keys to producing quality GMA welds are equipment, setup, and 
adjustments. Once you have mastered these skills the only remaining 
obstacle to your producing consistent, uniform, high-quality welds is 
your ability to follow, or track, the joint consistently. Some welders find 
that lightly dragging their glove along the metal surface or edge of the 
fabrication can aid them in controlling the weld consistency. One of the 
advantages of the GMA welding process is its ability to produce long, 
uninterrupted welds. However, this often leads to welder fatigue. Finding 
a comfortable welding position that you can maintain for several minutes 
at a time will both improve your weld quality and reduce your fatigue. 

Selecting the proper method of metal transfer—short arc, globular, or 
spray transfer—is normally done by the welding shop foreman or super- 
visor. He or she makes these selections based on the material being 
welded, the welding position, and other factors, including welding proce- 
dure specifications and applicable codes. A welder must be proficient 
with each of the various methods of metal transfer. It is therefore impor- 
tant that you spend time practicing and developing your skills with each 
of these processes. 
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. Why is usage of the term GMAW preferable to MIG for gas metal arc 


welding? 


. Using Table 1.1, answer the following: 


a. What maintains the arc in machine welding? 

b. What feeds the filler metal in manual welding? 

c. What provides the joint travel in automatic welding? 

d. What provides the joint guidance in semiautomatic welding? 


. What factors have led to increased usage of the GMAW process? 
. In what form is metal transferred across the arc in the axial spray 


metal transfer method of GMA welding? 


. What three conditions are required for the spray transfer process to 


occur? 


. Using Table 1.3, answer the following: 


a. What should the wire-feed speed and voltage ranges be to weld 
1/8-in. metal with 0.035-in. wire using argon shielding gas? 

b. What should the amperage and voltage ranges be when using 98% 
Ar + 2% O, to weld 1/4-in. metal with 0.045-in. wire? 


. What ranges does the pulsed-arc metal transfer shift between? 
. How do frequency, amplitude, and width of the pulses affect the 


GMA pulse welding process? 


. How have electronics helped the pulsed-arc process? 
. Why is helium added to argon when making some spray or pulsed- 


spray transfer welds? 


. Why does DCEP help with welds on metals such as aluminum? 

. Why is CO, added to argon when making GMA spray transfer welds? 
. Why should CO, not be used to weld stainless steel? 

. How is the metal transferred from the electrode to the plate during 


the GMAW-S process? 


. Using Figure 1.12, what should be the approximate voltage at 175 


amps at 200 in./min when using 0.035-in. ER70S-6 electrode wire? 


. Using Table 1.8, what would the amperage be for 0.035-in. (0.9-mm) 


wire at 200 in./min (5 m/min)? 


. Using Table 1.9, what shielding gas should be used for welding on 


copper? 


. What may happen if the GMA welding electrode is allowed to strike 


the base metal outside the molten weld pool? 


. What effect does shortening the electrode extension have on weld 


penetration? 


. Describe the weld produced by a backhand welding angle. 

. Describe the weld produced by a forehand welding angle. 

. What components make up a GMA welding system? 

. Why must GMA welders have a 100% duty cycle? 

. What can happen if rollers of the wrong shape are used on aluminum 


wire? 


. Where is the drive motor located in a pull-type wire-feed system? 
. How is the wire-feed speed changed with a linear feed system? 

. What type of liner should be used for aluminum wire? 

. What parts of a typical GMA welding gun can be replaced? 

. Describe the spot welding process using a GMA welder. 


OBJECTIVES 


After completing this chapter, the student should be able to 


set up a GMA welding work station 
thread the electrode wire on a GMAW machine 
set the shielding gas flow rate on a GMAW machine 


use various settings on a GMA welding machine, and compare the effects 
on a weld 


demonstrate the effect of changing the electrode extension on a weld 
describe the effects of changing the welding gun angle on the weld bead 


list six variables to consider when selecting the shielding gas for a par- 
ticular application 


evaluate weld beads made with various shielding gas mixtures 


explain why hot-rolled steel should be cleaned to bright metal before 
welding 


make GMA welds in butt joints, lap joints, and tee joints in all positions 
that will pass a specified standard's visual or destructive examination 
criteria 


KEY TERMS 
bird-nesting contact tube spool drag 
cast feed rollers wire-feed speed 
conduit liner flow rate 


AWS SENSE EG2.0 


Key Indicators Addressed in this Chapter: 


Module 1: Occupational Orientation 


ly Key Indicator 1: Prepares time or job cards, reports or records 

Key Indicator 2: Performs housekeeping duties 

Key Indicator 3: Follows verbal instructions to complete work 
assignments 

Key Indicator 4: Follows written details to complete work assignments 

Module 2: Safety and Health of Welders 


i Í Key Indicator 1: Demonstrates proper use and inspection of personal 
protection equipment (PPE) 
Key Indicator 2: Demonstrates proper work area operation 
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Key Indicator 3: Demonstrates proper use and inspection of ventilation 
equipment 

Key Indicator 4: Demonstrates proper hot zone operation 

Key Indicator 7: Demonstrates proper inspection and operation of equip- 
ment for each welding or thermal cutting process used 
(This is best done as part of the process module/unit for 
each of the required welding and thermal cutting 
processes.) 

Module 3: Drawing and Welding Symbol Interpretation 


Key Indicator 1: Interprets basic elements of a drawing or sketch 
Key Indicator 2: Interprets welding symbol information 

Key Indicator 3: Fabricates parts from a drawing or sketch 
Module 5: Gas Metal Arc Welding [GMAW-S, GMAW (spray) ] 


Key Indicator 1: Performs safety inspections of GMAW equipment and 
accessories 

Key Indicator 2: Makes minor external repairs to GMAW equipment and 
accessories 

Short-circuit Transfer 

Key Indicator 3: Sets up for GMAW-S operations on carbon steel 

Key Indicator 4: Operates GMAW-S equipment on carbon steel 

Key Indicator 5: Makes GMAW-S fillet welds, in all positions, on carbon 
steel 

Key Indicator 6: Makes GMAW-S groove welds, in all positions, on carbon 
steel 

Key Indicator 7: Passes GMAW-S welder performance qualification test 
(workmanship sample) on carbon steel 


Spray Transfer 

Key Indicator 8: Sets up for GMAW (spray) operations on carbon steel 

Key Indicator 9: Operates GMAW (spray) equipment on carbon steel 

Key Indicator 10: Makes GMAW (spray) fillet welds, in the 1F and 2F 
positions, on carbon steel 

Key Indicator 11: Makes GMAW (spray) groove welds, in the 1G position, 
on carbon steel 

Key Indicator 12: Passes GMAW (spray) welder performance qualification 
test (workmanship sample) on carbon steel 


$ Module 9: Welding Inspection and Testing Principles 


Key Indicator 1: Examines cut surfaces and edges of prepared base metal 
parts. 

Key Indicator 2: Examines tacks, root passes, intermediate layers, and 
completed welds 


INTRODUCTION 


Performing a satisfactory GMA weld requires more than just manipulative skill. 
The setup, voltage, amperage, electrode extension, and welding angle, as well 
as other factors, can dramatically affect the weld produced. The very best 
welding conditions are those that will allow a welder to produce the largest 
quantity of successful welds in the shortest period of time with the highest 
productivity. Because these are semiautomatic or automatic processes, in- 
creased productivity may require only that the welder increase the travel 


3 The table shows the number of goals scored and the number of 
goals conceded by ten soccer teams. What can you deduce from it? 


Number of goals | 13 16 18 19 22 24 26 30 33 34 
scored 


Number of goals | 20 26 15 11 23 18 11 25 12 19 
conceded 


6.8 Discrete and continuous data 


There are two types of numerical statistical data: discrete data and 
continuous data. 


Discrete data can take only exact values. Discrete data are often 
obtained by counting, in which case the values will be whole 
numbers. Examples of discrete data are the number of goals scored 
in an ice hockey match and the number of baked beans in a tin. 


Continuous data are obtained by measuring, using an instrument 
such as a ruler or a thermometer, and cannot, therefore, be exact. 
Examples of continuous data are the length of a room and the 
weight of an apple. 
Insight 
Non-numerical data, such as eye colour or favourite film 
genre, is called categorical data. Categorical data is displayed 
using a bar chart, pie chart or pictogram. 


1 State whether each of these types of data is discrete or continuous. 
(a) The number of brothers and sisters you have. 
(b) The time it takes you to walk a mile. 
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speed and current. This does not mean that the welder will work harder but, 
rather, that the welder will work more productively, resulting in a greater cost 
efficiency. 

The more cost efficient welders can be, the more competitive they and 
their companies become. This can make the difference between being awarded 
a job or losing work. 


SETUP 


The same equipment may be used for semiautomatic GMAW, flux 
cored arc welding (FCAW), and submerged arc welding (SAW). Often, 
FCAW and SAW equipment have a higher amperage range. In addi- 
tion, equipment for FCAW and SAW is more likely to be automated 
than that for GMAW. However, GMA welding equipment can easily be 
automated. 

The basic GMAW installation consists of the following: welding gun, 
gun switch circuit, electrode conduit or liner, welding contractor control, 
electrode feed unit, electrode supply, power source, shielding gas supply, 
shielding gas flowmeter regulator, shielding gas hoses, and both power 
and work cables. Typical water-cooled and air-cooled guns are shown in 
Figure 2.1. The equipment setup in this chapter is similar to equipment 
built by other manufacturers, which means that any skills developed can 
be transferred easily to other equipment. 


Figure 2.1 GMA welding guns are available in a variety of sizes and shapes 
Source: Courtesy of ESAB Welding & Cutting Products 
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PRACTICE 2-1 


GMAW Equipment Setup 


Key Indicator a j 1 Ñ For this practice, you will need a GMAW power source, a welding gun, 
_— an electrode feed unit, an electrode supply, a shielding gas supply, a 
Module 2 Y shielding gas flowmeter regulator, electrode conduit, power and work 
Key Indicator 1, 2, 3, 4, 7 leads, shielding gas hoses, assorted hand tools, spare parts, and any 
Module 5 Ý other required materials. In this practice, you will properly set up a 

GMA welding installation. 
Key Indicator 3 If the shielding gas supply is a cylinder, it must be chained securely in 
Spray Transfer place before the valve protection cap is removed, Figure 2.2. Standing to 
Key Indicator 8 one side of the cylinder and making sure no bystanders are in line with 
the valve, quickly crack the valve to blow out any dirt in the valve before 
the flowmeter regulator is attached, Figure 2.3. With the flowmeter regu- 


Short-circuit Transfer 


Figure 2.2 Make sure the gas cylinder is chained securely in place before removing the 
safety cap 
Source: Courtesy of Larry Jeffus 


Figure 2.3 Attaching the flowmeter regulator 
Be sure the tube is vertical. 
Source: Courtesy of Larry Jeffus 
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lator attached securely to the cylinder valve, attach the correct hose from 
the flowmeter to the “gas-in” connection on the electrode feed unit or 
machine. 

Install the reel of electrode (welding wire) on 
the holder and secure it, Figure 2.4. Check the 
feed roller size to ensure that it matches the 
wire size, Figure 2.5. The conduit liner size 
should be checked to be sure that it is compa- 
tible with the wire size. Connect the conduit to 
the feed unit. The conduit or an extension 
should be aligned with the groove in the roller 


and set as close to the roller as possible without HB-28 a 
touching, Figure 2.6. Misalignment at this point i Leeds ds aaySh 
can contribute to a bird’s nest, Figure 2.7. Bird- == say ait” 20277 11 
nesting of the electrode wire results when the = $305408 — 033 


feed roller pushes the wire into a tangled ball, 
like a bird’s nest, because the wire would not 
go through the outfeed side conduit. 


Figure 2.4 Wire label 

When installing the spool of wire, check the label to be sure that the 
wire is the correct type and size. 

Source: Courtesy of Larry Jeffus 


FEED ROLLER SIZE 


FEED ROLLERS 


WIRE FEED ROLLERS SIZING 


FILLER 
WIRE 


(a) Rollers Too Small (b) Correct Roller Size (c) Rollers Too Large 


Figure 2.5 Checking feed roller size 

(A) Check to be certain that the feed rollers are the correct size for the wire being used. (B) If the wirefeed rollers are too small, the 
welding wire could be damaged. If the wirefeed rollers are too large, the rollers will not grip the wire. 

Source: (A) Courtesy of Larry Jeffus 


ELECTRODE 


ALIGN SIDE TO SIDE TOP VIEW FEED ROLLERS 


NOTE: DO NOT TOUCH 


f 
: 


ALIGN TOP TO BOTTOM 


ELECTRODE 


FRONT VIEW 


Figure 2.6 Feed 


Figure 2.7 “Bird's nest” in the filler wire at the feed rollers 
Source: Courtesy of Larry Jeffus 


Be sure the power is off before attaching the welding cables. The elec- 
trode and work leads should be attached to the proper terminals. The 
electrode lead should be attached to the terminal marked electrode or 
positive (+). If necessary, it is also attached to the power cable part of 
the gun lead. The work lead should be attached to the terminal marked 
work or negative (-). 

The shielding “gas-out” side of the solenoid is then also attached to 
the gun lead. If a separate splice is required from the gun switch circuit 
to the feed unit, it should be connected at this time, Figure 2.8. Check to 
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see that the welding contractor circuit is connected from the feed unit to 
the power source. 

The welding gun should be securely attached to the main lead cable 
and conduit, Figure 2.9. There should be a gas diffuser attached to the 
end of the conduit liner to ensure proper alignment. A contact tube 
(tip) of the correct size to match the electrode wire size being used 
should be installed, Figure 2.10. A shielding gas nozzle is attached to 
complete the assembly. 

Recheck all fittings and connections for tightness. Loose fittings can 
leak; loose connections can cause added resistance, reducing the welding 


MIRE FEEDER NN “ES 


WELDER 


| == 
> Bk, 


CABLES, WIRES 


N 


Figure 2.8 GMAW station setup 
(A) Typical GMA welding machine. (B) Typical interconnecting cables and wires for a semiautomatic GMA welding station. 
Source: (A) Courtesy of Lincoln Electric Company (B) Courtesy of Dynatorque 


CONDUIT ALLEN WRENCH 
Mwn 
GAS DIFFUSER 


Figure 2.9 GMA welding gun assembly 


Source: Courtesy of Larry Jeffus 
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CONDUIT LINER 


GAS 
e DIFFUSER 


LINER 
SETSCREW 


THE WIRE PICKS UP 
THE WELDING CUR- 
RENT IN THIS AREA. 


CONTACT TUBE 


(A) 


a 


~~ NOTE: ARC SPOTS ON WIRE MAGNIFIED 100 TIMES, es 


(B) (C) 


Figure 2.10 The contact tube must be the correct size 
(A) Too small a contact tube will cause the wire to stick. (B) Too large a contact tube can cause arcing to occur between the wire and 


tube. (C) Heat from the arcing can damage the tube. 
Source: (B) Courtesy of Brett V. Hahn (C) Courtesy of Larry Jeffus 


efficiency. Some manufacturers include detailed setup instructions with 
their equipment, Figure 2.11. 
Module 1 Y Complete a copy of the “Student Welding Report” listed in Appendix I 
Key Indicator 1, 2, 3, 4 or provided by your instructor. 


Module 2 Y 
Key Indicator 1, 2, 3, 4, 7 PRACTICE 2-2 


Module 5 avi Threading GMAW Wire 


Short-circuit Transfer , , , 
Using the GMAW machine that was properly assembled in Practice 2-1, 


Key Indicator 3 
Spray Transfer you will turn the machine on and thread the electrode wire through the 


Key Indicator 8 system. 


Open the side cover. 


Remove the empty wire 
spool. 


Release upper feed 
roller. 


Reload the wire spool 
with the free end unreel- 
ing from the bottom. 


Thread wire through 
guide between rollers 
and into wire cable. 


Set the polarity as DCEP 
from GMA welding. 


Turn the input switch on. 


Figure 2.11 Example of manufacturer's setup instructions 
Source: Courtesy of Lincoln Electric Company 
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With the gun trigger 
pressed, adjust the feed 
roller tension. 


Check the setting guide 
inside the machine door. 


Set the voltage and wire 
feed for the metal you 
are going to be welding. 


Attach work cable clamp 
to work to be welded. 


Connect gas to coupling 
at rear of case and turn 
on shielding gas. 


ALWAYS WEAR PROPER 
SAFETY EQUIPMENT. Pull 
trigger and weld. 


64 CHAPTER 2 


If the wire stops feeding before 
tt reaches the end of the contact 
tube, stop and check the system. 
If no obvious problem can be 
found, mark the wire with tape 
and remove it from the gun. It 
then can be held next to the 
system to determine the location 
of the problem. 


Check to see that the unit is assembled correctly according to the 
manufacturer’s specifications. Switch on the power and check the gun 
switch circuit by depressing the switch. The power source relays, feed 
relays, gas solenoid, and feed motor should all activate. 

Cut the end of the electrode wire free. Hold it tightly so that it does 
not unwind. The wire has a natural curve that is known as its cast. The 
cast is measured by the diameter of the circle that the wire would make if 
it were loosely laid on a flat surface, Figure 2.12. The cast helps the wire 
make a good electrical contact as it passes through the contact tube. 
However, the cast can be a problem when threading the system. To 
make threading easier, straighten about 12 in. (305 mm) of the end of 
the wire and cut any kinks off. 

Separate the wire feed rollers and push the wire first through the 
guides, Figure 2.13, then between the rollers, and finally into the conduit 
liner. Reset the rollers so there is a slight amount of compression on the 
wire, Figure 2.14. Set the wire-feed speed control to a slow speed. Hold 
the welding gun so that the electrode conduit and cable are as straight as 
possible. 

With safety glasses on and the gun pointed away from the welder's 
face, press the gun switch, or the cold feed switch if your wire feeder is 
equipped with one. The cold feed switch feeds wire without delivering 
current to the gun. The wire should start feeding into the liner. Watch 
to make certain that the wire feeds smoothly and release the gun switch 
as soon as the end comes through the contact tube. 

With the wire feed running, adjust the feed roller compression so that 
the wire reel can be stopped easily by a slight pressure. Too light a roller 
pressure will cause the wire to feed erratically. Too high a pressure can 
turn a minor problem into a major disaster. If the wire jams at a high 
roller pressure, the feed rollers keep feeding the wire, causing it to bird- 
nest and possibly short out. With a light pressure, the wire can stop, pre- 
venting bird-nesting. This is very important with soft wires. The other 


HELIX CAUSES TWISTING 
FOR MORE UNIFORM 
CONTACT TIP WEAR 


CAST CAUSES IMPROVED 
ELECTRICAL CONTACT 


Figure 2.12 Cast of a welding wire 

The cast of the welding wire causes it to rub firmly inside the contact tube for good electrical 
contact. The helix causes the electrode to twist inside the contact tube so that the tube is 
worn uniformly. 


Figure 2.13 Push the wire through the guides by hand 


Source: Courtesy of Larry Jeffus 


WIRE FEED 


DRIVE ROLLER: W p7 
TENSIONER Se 


Figure 2.14 Adjust the wire-feed tensioner 
Source: Courtesy of Larry Jeffus 


advantage of a light pressure is that the feed will stop if something like 
clothing or a gas hose is caught in the reel. 

With the feed running, adjust the spool drag so that the reel stops 
when the feed stops. The reel should not coast to a stop because the 
wire can be snagged easily. Also, when the feed restarts, a jolt occurs 
when the slack in the wire is taken up. This jolt can be enough to 
momentarily stop the wire, possibly causing a discontinuity in the weld. 

When the test runs are completed, the wire can either be rewound or 
cut off. Some wire-feed units have a retract button. This allows the feed 
driver to reverse and retract the wire automatically. To rewind the wire 
on units without this retraction feature, release the rollers and turn 
them backward by hand. If the machine will not allow the feed rollers 
to be released without upsetting the tension, you must cut the wire. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


GAS DENSITY AND FLOW RATES 


Density is the chief determinant of how effective a gas is for arc shielding. 
The lower the density of a gas, the higher will be the flow rate required 
for equal arc protection. Flow rates, however, are not in proportion to the 
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Do not discard pieces of wire on 
the floor. They present a hazard 
to safe movement around the 
machine. In addition, a small 
piece of wire can work its way 
into a filter screen on the weld- 
ing power source. If the piece of 
wire shorts out inside the ma- 
chine, it could become charged 
with high voltage, which could 
cause injury or death. Always 
wind the wire tightly into a ball 
or cut it into short lengths be- 
fore discarding it in the proper 
waste container. 
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If you need more shielding gas 
coverage in a windy or drafty 
area, use both a larger-diameter 
gas nozzle and a higher gas flow 
rate. The larger the nozzle size, 
the higher the permissible flow 
rate without causing turbu- 
lence. Larger nozzle sizes may 
restrict your view of the weld. 
You might also consider setting 
up a wind barrier to protect 
your welding from the wind, 
Figure 2.16. 


Module 1 Y 


Key Indicator 1, 2, 4 


Module 5 Y 


Short-circuit Transfer 


Key Indicator 3 
Spray Transfer 
Key Indicator 8 


densities. Helium, with about one-tenth the density of argon, requires 
about twice the flow for equal protection. 

The correct flow rate can be set by checking welding guides that are 
available from the welding equipment and filler metal manufacturers. 
These welding guides list the gas flow required for various nozzle sizes 
and welding amperage settings. Some welders feel that a higher gas 
flow will provide better weld coverage, but that is not always the case. 
High gas flow rates waste shielding gases and may lead to contamination. 
The contamination comes from turbulence in the gas at high flow rates. 
Air is drawn into the gas envelope by the venturi effect around the edge 
of the nozzle. Also, the air can be drawn in under the nozzle if the torch 
is held at too sharp an angle to the metal, Figure 2.15. 


EXPERIMENT 2-1 
Setting Gas Flow Rate 


Using the equipment setup as described in Practice 2-1, and the 
threaded machine as described in Practice 2-2, you will set the shielding 
gas flow rate. 

The exact flow rate required for a certain job will vary depending 
upon welding conditions. This experiment will help you determine how 
those conditions affect the flow rate. You will start by setting the shield- 
ing gas flow rate at 35 cubic feet per hour (cfh) (16 L/min). 

Standing to one side, turn on the shielding gas supply valve. If the 
supply is a cylinder, the valve is opened all the way. With the machine 
power on and the welding gun switch depressed, you are ready to set 


KEY 
O ARC SPOT 
Ol PURE SHIELDING GAS 
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AND SHIELDING GAS 


Figure 2.15 The welding gun angle affects the shielding gas coverage for the molten weld pool. 


(c) The temperature in NewYork at noon. 

(d) The score on dice. 

(e) The number of seeds in a packet. 

(f) Your weight. 

(g) Your height. 

(h) Your shoe size. 

(i) The volume of wine in a bottle. 

(j) The number of words on a page in this book. 


6.9 Grouping data 
Here are the marks gained by 40 candidates in an examination. 


4 9 11 14 18 20 24 25 28 31 
32 32 35 38 39 40 41 41 43 44 
46 46 48 49 52 55 56 58 538 60 
65 67 69 74 75 78 80 83 86 94 


A vertical line graph shows the frequency of every individual mark 
but it does not give a helpful picture of the results, as it shows too 
much detail. 


Grouping the marks gives a clearer picture. The marks could be 
grouped 0-19, 20-39, 40-59 and so on. These are called the class 
intervals. These intervals must not overlap. You could not, for 
example, use class intervals of 0-20, 20-40, 40-60, etc., as you 
would not know where to put a mark of 20. It could go in more 
than one class interval. 


The number of candidates with marks in each class interval is 
shown in the grouped frequency table. 


0-19 20-39 40-59 60-79 80-99 
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Figure 2.16 A wind screen can help prevent the shielding gas from being blown away. 


the flow rate. Slowly turn in the adjusting screw and watch the float ball 
as it rises in a tube on a column of gas. The faster the gas flows, the 
higher the ball will float. A scale on the tube allows you to read the flow 
rate. Different scales are used with each type of gas being used. Since 
various gases have different densities (weights), the ball will float at vary- 
ing levels even though the flow rates are the same, Figure 2.17. The line 
corresponding to the flow rate may be read as it compares to the top, 
center, or bottom of the ball, depending upon the manufacturer’s 
instructions. There should be some marking or instruction on the tube 
or regulator to tell how it should be read, Figure 2.18. 


(A) (©) 


Figure 2.18 Three methods of 
Figure 2.17 Reading gas flow rates reading a flowmeter 

Each of these gases is flowing at the same cfh (L/min) rate. Because helium (He) is less dense, its (A) Top of ball, (B) center of ball, and 
indicator ball is the lowest. Be sure that you are reading the correct scale for the gas being used. (C) bottom of ball. 
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Module 1 Y 


Key Indicator 1, 2, 4 


Module 5 Y 


Short-circuit Transfer 
Key Indicator 4 
Spray Transfer 

Key Indicator 9 


Release the welding gun switch, and the gas flow should stop. Turn off 
the power and spray the hose fittings with a leak-detecting solution. 

When you stop for more than a short period, close the shielding gas 
supply valve and release the hose pressure. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


ARC-VOLTAGE AND AMPERAGE CHARACTERISTICS 


The arc-voltage and amperage characteristics of GMA welding are differ- 
ent from those for most other welding processes. The voltage is set on the 
welder, and the amperage is set by changing the wire-feed speed. At any 
one voltage setting the amperage required to melt the wire must change 
as it is fed into the weld. More amperage is required to melt the wire the 
faster it is fed, and less the slower it is fed. 

Because changes in the wire-feed speed directly change the amper- 
age, it is possible to set the amperage by using a chart and measuring 
the length of wire fed per minute, Table 2.1. The voltage and amperage 
required for a specific metal transfer method differ for various wire sizes, 
shielding gases, and metals. 

The voltage and amperage setting will be specified for all welding 
done according to a welding procedure specification (WPS) or other 
codes and standards. However, most welding—like that done in small 
production shops, as maintenance welding, for repair work, in farm 
shops, and the like—is not done to a specific code or standard and there- 
fore no specific setting exists. For that reason, it is important to learn to 
make the adjustments necessary to allow you to produce quality welds. 


EXPERIMENT 2-2 


Setting the Current 


Using a properly assembled GMA welding machine, proper safety pro- 
tection, and one piece of mild steel plate approximately 12 in. (305 mm) 
long x 1/4 in. (6 mm) thick, you will change the current settings and 
observe the effect on GMAW. On a scale of 0 to 10, set the wire-feed 
speed control dial at 5, or halfway between the low and high settings of 


Table 2.1 Typical Amperages for Carbon Steel 


Wire Diameter 


Wire-feed Speed* .030 in. .035 in. .045 in. .062 in. 
(in./min) (0.8 mm) (0.9 mm) (1.2 mm) (1.6 mm) 
100 (2.5) 40 65 120 190 
200 (5.0) 80 120 200 330 
300 (7.6) 130 170 260 425 
400 (10.2) 160 210 320 490 
500 (12.7) 180 245 365 — 
600 (15.2) 200 265 400 — 
700 (17.8) 215 280 430 — 


*To check feed speed, run out wire for one minute and then measure its length. 


the unit. The voltage is also set at a point halfway between the low and 
high settings. The shielding gas can be CO,, argon, or a mixture. The gas 
flow should be adjusted to a rate of 35 cfh (16 L/min). 

Hold the welding gun at a comfortable angle, lower your welding 
hood, and pull the trigger. As the wire feeds and contacts the plate, the 
weld will begin. Move the gun slowly along the plate. Note the following 
welding conditions as the weld progresses: voltage, amperage, weld 
direction, metal transfer, spatter, molten weld pool size, and penetration. 
Stop and record your observations in Table 2.2. Evaluate the quality of 
the weld as acceptable or unacceptable. 

Reduce the voltage somewhat and make another weld, keeping all 
other weld variables (travel speed, stickout, direction, amperage) the 
same. Observe the weld and upon stopping record the results. Repeat 
this procedure until the voltage has been lowered to the minimum 
value indicated on the machine. Near the lower end the wire may stick, 
jump, or simply no longer weld. 

Return the voltage indicator to the original starting position and make 
a short test weld. Stop and compare the results to those first observed. 
Then slightly increase the voltage setting and make another weld. Repeat 
the procedure of observing and recording the results as the voltage is 
increased in steps until the maximum machine capability is obtained. 
Near the maximum setting the spatter may become excessive if CO, 
shielding gas is used. Care must be taken to prevent the wire from fusing 
to the contact tube. 

Return the voltage indicator to the original starting position and make 
a short test weld. Compare the results observed with those previously 
obtained. 

Lower the wire-feed speed setting slightly and use the same proce- 
dure as before. First lower and then raise the voltage through a complete 
range and record your observations. After a complete set of test results 
are obtained from this amperage setting, again lower the wire-feed 
speed for a new series of tests. Repeat this procedure until the amperage 
is at the minimum setting shown on the machine. At low amperages and 
high voltage settings, the wire may tend to pop violently as a result of the 
uncontrolled arc. 

Return the wire-feed speed and voltages to the original settings. Make 
a test weld and compare the results with the original tests. Slightly raise 
the wire speed and again run a set of tests as the voltage is changed in 
small steps. After each series, return the voltage setting to the starting 
point and increase the wire-feed speed. Make a new set of tests. 

All of the test data can be gathered into an operational graph for the 
machine, wire type, size, and shielding gas. Set up a graph like that in 
Figure 2.19 to plot the data. The acceptable welds should be marked on 


Table 2.2 Setting the Current 


Weld Molten 
Acceptability Voltage Amperage Spatter Pool Size Penetration 
Good 20 75 Light Small Little 


Electrode diameter 0.035 in. (0.9 mm) 
Shielding gas COs 
Welding direction Backhand 
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Figure 2.19 Graph for GMAW machine settings 


the lines that extend from the appropriate voltages and amperages. Upon 
completion, the graph will give you the optimum settings for the opera- 
tion of this particular GMAW setup. The optimum settings are along a 
line in the center of the acceptable welds. 

Experienced welders will follow a much shorter version of this type of 
procedure anytime they are starting to work on a new machine or testing 
for a new job. This experiment can be repeated using different types of 
wire, wire sizes, shielding gases, and weld directions. Turn off the weld- 
ing machine and shielding gas and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


ELECTRODE EXTENSION 


Because of the constant-potential (CP) power supply, the welding current 
will change as the distance between the contact tube and the work 
changes. Although this change is slight, it is enough to affect the weld 
being produced. The longer the electrode extension, the greater the 


resistance will be to the welding current flowing through the small weld- 
ing wire. This results in some of the welding current being changed to 
heat at the tip of the electrode, Figure 2.20. With a standard constant- 
current (CC) power supply for SMA welding, the heat buildup would 
also reduce the arc voltage, but with a CP power supply the voltage 
remains constant and the amperage increases. If the electrode extension 
is shortened, the welding current decreases. 

The increase in current does not result in an increase in penetration, 
because the current is being used to heat the electrode tip and not being 
transferred to the weld metal. Penetration is reduced and buildup is 
increased as the electrode extension is lengthened. Penetration is 
increased and buildup decreased as the electrode extension is shortened. 
Controlling the weld penetration and buildup by changing the electrode 
will help maintain weld bead shape during welding. It will also help you 
better understand what may be happening if a weld starts out correctly 
but begins to change as it progresses along the joint. You may be chan- 
ging the electrode extension without noticing the change. Short electrode 
stickout gives a hotter weld, and long stickout results in a cooler weld. 


EXPERIMENT 2-3 


Electrode Extension 


Using a properly assembled GMA welding machine, proper safety pro- 
tection, and a few pieces of mild steel, each about 12 in. (305 mm) long 
and ranging in thickness from 16 gauge to 1/2 in. (13 mm), you will 
observe the effect of changing electrode extension on the weld. 

Start at a low current setting. Using the graph developed in Experi- 
ment 2.2, set both the voltage and amperage. The settings should be 
equal to those on the optimum line established for the wire type and 
size being used with the same shielding gas. 

Holding the welding gun at a comfortable angle and height, lower your 
helmet and start to weld. Make a weld approximately 2 in. (51 mm) long. 
Then reduce the distance from the gun to the work while continuing 
to weld. After a few inches, again shorten the electrode extension even 


HEAT 
BUILDUP 


Figure 2.20 Heat buildup due to the extremely high current for the small conductor 
(electrode) 
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more. Keep doing this in steps until the nozzle is as close as possible to the 
work. Stop and return the gun to the original starting distance. 

Repeat the process just described but now increase the electrode 
extension and make welds of a few inches at each extension. Keep 
increasing the electrode extension until the weld will no longer fuse or 
the wire becomes impossible to control. 

Change the plate thickness and repeat the procedure. When the series 
has been completed with each plate thickness, raise the voltage and 
amperage to a medium setting and repeat the process. Upon completing 
this series of tests, adjust the voltage and amperage upward to a high 
setting. Make a full series of tests using the same procedures as before. 

Record the results in Table 2.3 after each series of tests. The final 
results can be plotted on a graph, as was done in Figure 2.21, to establish 
the optimum electrode extension for each thickness, voltage, and amper- 
age. Turn off the welding machine and shielding gas and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Table 2.3 Electrode Extension 


Weld Electrode Contact Tube to Bead 
Acceptability Voltage Amperage Extension Work Distance Shape 
Poor 20 100 1 in. 1-1/4 in. Narrow, high, 
(25 mm) (31 mm) with little 
penetration 


Electrode diameter: 0.035 in. (0.9 mm) 
Shielding gas: COs 
Welding direction: Forehand 


INCHES 


Co|— B|= œj% NI= ojo IW CIN 
MILLIMETERS 


ELECTRODE EXTENSION 


INCREASE BEAD HEIGHT => 
DECREASE IN BEAD PENETRATION = = = > 


ELECTRODE DIAMETER 0.035 IN. (0.9 MM) 
SHIELDING GAS CO, 
WELDING DIRECTION FOREHAND 


Figure 2.21 Plot of Experiment 2-3 results 


WELDING GUN ANGLE 


The term welding gun angle refers to the angle between the GMA welding 
gun and the work as it relates to the direction of travel. Backhand weld- 
ing, or dragging angle, Figure 2.22, produces a weld with deep penetra- 
tion and higher buildup. Forehand welding, or pushing angle, Figure 2.23, 
produces a weld with shallow penetration and little buildup. 

Slight changes in the welding gun angle can be used to control the 
weld as the groove spacing changes. A narrow gap may require more 
penetration, but as the gap spacing increases a weld with less penetration 
may be required. Changing the electrode extension and welding gun 
angle at the same time can result in a quality weld being made under 
less than ideal conditions. 


EXPERIMENT 2-4 


Welding Gun Angle 


Using a properly assembled GMA welding machine, proper safety 
protection, and some pieces of mild steel, each approximately 12 in. 
(305 mm) long and ranging in thickness from 16 gauge to 1/2 in. 
(13 mm), you will observe the effect of changing the welding gun angle 
on the weld bead. 

Starting with a medium current setting and a plate that is 1/4 in. 
(6 mm) thick, hold the welding gun at a 30° angle to the plate in the 
direction of the weld, Figure 2.24. Lower your welding hood and depress 
the trigger. When the weld starts, move in a straight line and slowly pivot 
the gun angle as the weld progresses. Keep the travel speed, electrode 
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Figure 2.22 Backhand welding, or dragging angle Figure 2.23 Forehand welding, or pushing angle 
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Figure 2.24 Welding gun angle 
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extension, and weave pattern (the side-to-side motion, if used) constant 
so that any change in the weld bead is caused by the angle change. 

The pivot should be completed in the 12 in. (305 mm) of the weld. You 
will proceed from a 30° pushing angle to a 30° dragging angle. Repeat this 
procedure using different welding currents and plate thicknesses. 

After the welds are complete, note the differences in width and rein- 
forcement along the welds. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


EFFECT OF SHIELDING GAS ON WELDING 


Shielding gases in the gas metal arc process are used primarily to protect 
the molten metal from oxidation and contamination. Other factors must 
be considered, however, in selecting the right gas for a particular applica- 
tion. Shielding gas can influence arc and metal transfer characteristics, 
weld penetration, width of fusion zone, surface shape patterns, welding 
speed, and undercut tendency. Inert gases such as argon and helium 
provide the necessary shielding because they do not form compounds 
with any other substance and are insoluble in molten metal. When used 
as pure gases for welding ferrous metals, argon and helium may produce 
an erratic arc action, promote undercutting, and result in other flaws. 

It is therefore usually necessary to add controlled quantities of reac- 
tive gases to achieve good arc action and metal transfer with these mate- 
rials. Adding oxygen or carbon dioxide to the inert gas tends to stabilize 
the arc, promote favorable metal transfer, and minimize spatter. As a 
result, the penetration pattern is improved and undercutting is reduced 
or eliminated. 

Oxygen or carbon dioxide is often added to argon. The amount of 
reactive gas required to produce the desired effects is quite small. As little 
as 0.5% of oxygen will produce a noticeable change; 1% to 5% of oxygen 
is more common. Carbon dioxide may be added to argon in the 10% to 
30% range. Mixtures of argon with less than 10% carbon dioxide may not 
have enough arc voltage to give the desired results. 


Adding oxygen or carbon dioxide to an inert gas causes the shielding 
gas to become oxidizing. This in turn may cause porosity in some ferrous 
metals. In this case, a filler wire containing suitable deoxidizers should be 
used. The presence of oxygen in the shielding gas can also cause some 
loss of certain alloying elements, such as chromium, vanadium, alumi- 
num, titanium, manganese, and silicon. Again, the addition of a deoxidi- 
zer to the filler wire is necessary. 

Pure carbon dioxide has become widely used as a shielding gas for 
GMA welding of steels. It allows higher welding speed, better penetration 
in the short-circuiting transfer mode, and good mechanical properties, 
and it costs less than the inert gases. The chief drawback in the use of 
carbon dioxide is the less-steady-arc characteristics and considerable 
weld-metal-spatter losses. The spatter can be kept to a minimum by 
maintaining a very short, uniform arc length. Consistently sound welds 
can be produced using carbon dioxide shielding, provided that a filler 
wire having the proper deoxidizing additives is used. 


EXPERIMENT 2-5 


Effect of Shielding Gas Changes 


Using a properly assembled GMA welding machine; proper safety pro- 
tection; a source of CO,, argon, and oxygen gases or a variety of premixed 
shielding gases; two flowmeters (or one two-gas mixing regulator); and 
some pieces of mild steel plate, each about 12 in. (305 mm) long and 
ranging in thickness from 16 gauge to 1/2 in. (13 mm), you will observe 
the effect of various shielding gas mixtures on the weld. 

Using a mixing flowmeter regulator will allow the gases to be mixed in 
any desired mixture. A mixing ratio chart to be used to arrive at the 
approximate gas percentages appears in Figure 2.25. The exact ratios 
are not so important to you, as a student, as they are on code work. 


CO, PERCENTAGE 0% 10 20 30 40 50 60 70 80 90 100% 
Ar PERCENTAGE 100% 90 80 70 60 50 40 30 20 10 0% 


Figure 2.25 Gas mixing percentages 
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EXAMPLE: 
10 CFH 
25 CFH 
35 CFH 


4.75 L/MIN 
11.75 L/MIN 
16.5 L/MIN 


CO» = 28% 
Ar = 72% 
TOTAL = 100% 
CO, = 28% 
Ar = 72% 


TOTAL = 100% 
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With a medium voltage and amperage setting and using a 100% car- 
bon dioxide (CO3) shielding gas, start making a weld. Either change the 
mixture after each weld or have another person change the shielding gas 
during the weld. Keep the total flow rate the same by adding argon (Ar) 
while reducing the CO, to preserve the same flow rate. During the 
experiment, change over the shielding gas to 100% argon (Ar). 

After the weld is complete, evaluate it for spatter, penetration, under- 
cut, buildup, width, or other noticeable changes along its length. Using 
Table 2.4, record the results of your evaluation. 

Repeat the procedure just explained two times more with both low 
and high power settings. Again, record your observations. 

Starting with 100% argon (Ar), add oxygen (O») to the shielding gas. 
The oxygen percentage will range from 0% to 10%, Figure 2.26. Very 
slight changes in the percentage will have dramatic effects on the weld. 
You will make three welds using low, medium, and high power settings. 
For each weld, you will record your observations. 


Table 2.4 Shielding Gas Mixtures 


Weld Puddle Bead 

Acceptability Voltage Spatter Penetration Size Appearance 

Good 75 Ar 25 COs Very little Deep Large Wide with 
little buildup 


Electrode diameter: 0.035 in. (0.9 mm) 
Welding direction: Backhand 

Voltage: 25 

Amperage: 150 
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Figure 2.26 Ar and 0, Mixture Percentages 
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You can show this information on the bar chart shown in 
Figure 6.14. 


You could also draw without gaps between the bars, as in 
Figure 6.15. 
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Another way to show the information is with a frequency polygon, 


obtained by joining the mid-points of the tops of the bars with straight 


lines, as in Figure 6.16. Figure 6.17 shows the frequency polygon. 
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Examination marks are discrete data. Grouping continuous data 
is different in two ways. One of these is the way in which class 
intervals are defined. For example, with class intervals which 


During some of the welding tests, you will notice a change in the 
method of metal transfer, weld heat, and general weld performance with- 
out a change in the current settings. The shielding gas mixture can have 
major effects on the rate of metal transfer and the welding speed, as well 
as other welding variables. Higher speeds and greater production can be 
obtained by using some gas mixtures. However, the savings can be com- 
pletely offset by the higher gas cost. Before making a final decision about 
the gas to be used, all the variables must be compared. Table 2.5 lists 
premixed shielding gases and their uses. 

Turn off the welding machine and shielding gas and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICES 


The practices in this chapter are grouped according to those requiring 
similar techniques and setups. To make acceptable GMA welds consis- 
tently, the major skill required is the ability to set up the equipment 
and weldment. Changes such as variations in material thickness, posi- 
tion, and type of joint require changes in both technique and setup. A 
correctly set up GMA welding station can, in many cases, be operated 
with minimum skill. Often the only difference between a welder earning 
a minimum wage and one earning the maximum wage is the ability to 
make correct machine setups. 

Ideally, only a few tests would be needed for the welder to make the 
necessary adjustments in setup and manipulation techniques to achieve 


Table 2.5 Shielding Gases and Gas Mixtures Used for Gas Metal Arc Welding 


Shielding Gas Chemical Behavior Uses and Usage Notes 


1. Argon Inert 


2. Helium Inert Al and Cu alloys for greater heat and to minimize porosity 


3. Ar and He Inert Al and Cu alloys for greater heat and to minimize porosity but 


Gas Metal Arc Welding 


Welding virtually all metals except steel 


(20% to 80% with quieter, more readily controlled arc action 


to 50% to 50%) 


4. No Reducing On Cu, very powerful arc 


5. Ar + 25% to 30% No Reducing 


6. Ar + 1% to 2% Os Oxidizing Stainless and alloy steels, also for some deoxidized copper 
alloys 
7. Ar + 3% to 5% O> Oxidizing Plain carbon, alloy, and stainless steels (generally requires 
highly deoxidized wire) 
8. Ar + 3% to 5% O» Oxidizing Various steels using deoxidized wire 
9. Ar + 20% to 30% Os Oxidizing Various steels, chiefly with short-circuiting arc 
10. Ar + 5% O» + 15% CO» Oxidizing Various steels using deoxidized wire 
11. CO> Oxidizing Plain-carbon and low-alloy steels, deoxidized wire essential 
12. COs + 3% to 10% O» Oxidizing Various steels using deoxidized wire 


13. COs + 20% O» Oxidizing Steels 


On Cu, powerful but smoother operating, more readily 
controlled arc than with No 
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a good weld. The previous welding experiments should have given the 
welder a graphic set of comparisons to help that welder make the correct 
changes. In addition to keeping the test data, you may want to keep the 
test plates for a more accurate comparison. 

The grouping of practices in this chapter will keep the number of vari- 
ables in the setup to a minimum. Often, the only change required before 
going on to the next weld is to adjust the power settings. 

Figures that are given in some of the practices will give the welder 
general operating conditions, such as voltage, amperage, and shielding 
gas or gas mixture. These are general values, so the welder will have to 
make some fine adjustments. Differences in the type of machine being 
used and the material surface condition will affect the settings. For 
this reason, it is preferable to use the settings developed during the 
experiments. 


METAL PREPARATION 


All hot-rolled steel has an oxide layer, which is formed during the rolling 
process, called mill scale. Mill scale is a thin layer of dark gray or black 
iron oxide. Some hot-rolled steels that have had this layer removed either 
mechanically or chemically can be purchased. However, almost all of the 
hot-rolled steel used today still has this layer because it offers some pro- 
tection from rusting. 

Mill scale is not removed for noncode welding, because it does not 
prevent most welds from being suitable for service. For practice welds 
that will be visually inspected, mill scale can usually be left on the plate. 
Filler metals and fluxes usually have deoxidizers added to them so that 
the adverse effects of the mill scale are reduced or eliminated, Table 2.6. 
But with GMA welding wire it is difficult to add enough deoxidizers to 
remove all effects of mill scale. The porosity that mill scale causes is most 
often confined to the interior of the weld and is not visible on the surface, 
Figure 2.27. Because it is not visible on the surface, it usually goes unno- 
ticed and the weld passes visual inspection. 

If the practice results are going to be destructively tested or if the work 
is of a critical nature, then all welding surfaces within the weld groove 
and the surrounding surfaces within 1 in. (25 mm) must be cleaned to 
bright metal, Figure 2.28. Cleaning may be either grinding, filing, sand- 
ing, or blasting. 


Table 2.6 Deoxidizing Elements in Filler Wire 


Deoxidizing Element Strength 
Aluminum (Al) Very strong 
Manganese (Mn) Weak 
Silicon (Si) Weak 
Titanium (Ti) Very strong 


Zirconium (Zr) Very strong 


SECTION A-A 


Figure 2.27 Uniformly scattered porosities 
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Figure 2.28 Clean all surfaces to bright metal before welding 


FLAT POSITION, 1G AND 1F POSITIONS 


PRAGTIGE 2-3 


Stringer Beads Using the Short-circuiting Metal Transfer Method 
in the Flat Position 


Using a properly set up and adjusted GMA welding machine, Table 2.7, 
proper safety protection, 0.035-in. and/or 0.045-in. (0.9-mm and/or 
1.2-mm) diameter wire, and two or more pieces of mild steel sheet 12 in. 
(305 mm) long and 16 gauge and 1/8 in. (3 mm) thick, you will make a 
stringer bead weld in the flat position, Figure 2.29. 

Starting at one end of the plate and using either a pushing or dragging 
technique, make a weld bead along the entire 12-in. (305-mm) length of 
the metal. After the weld is complete, check its appearance. Make any 
needed changes in voltage, wire feed speed, or electrode extension to 
correct the weld (refer to Figure 2.19 and Figure 2.21). Repeat the weld 
and make additional adjustments. After the machine is set, start to work 
on improving the straightness and uniformity of the weld. 

Keeping the bead straight and uniform can be hard because of the 
limited visibility due to the small amount of light and the size of the mol- 
ten weld pool. The welder's view is further restricted by the shielding gas 
nozzle, Figure 2.30. Even with limited visibility, it is possible to make a 


Table 2.7 Typical Welding Current Settings for Short-circuiting Metal Transfer 
for Mild Steel 


Amperage Voltage 
Wire Range Range Shielding 
Process Diameter (Optimum) (Optimum) Gas 


Short-circuiting 0.030 60 (100) 140 14(15)16 100% COs 


0.035 90 (130) 150 16(17)20 Ar + 25% CO, 
98% Ar + 2% O 


Y Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 5 


Short-circuit Transfer 
Key Indicator 4 
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Welding: Skils, Processes and Practices 


MATERIAL: 

16 GA AND 1/8" MILD STEEL SHEET 12" X 3" 
PROCESS: 

GMAW STRINGER BEAD FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 2-3 SEAN MURPHY 


Figure 2.29 Stringer beads in the flat position 


MOLTEN WELD POOL 


NOZZLE WATCH FOR FUSION 


WELD WIDTH 
DIRECTION 


Figure 2.30 Watching the weld in forehand welding 
The shielding gas nozzle restricts the welder's view of the weld bead when pushing. 


satisfactory weld by watching the edge of the molten weld pool, the 
sparks, and the weld bead produced. Watching the leading edge of the 
molten weld pool (forehand welding, pushing technique) will show you 
the molten weld pool fusion and width. Watching the trailing edge of the 
molten weld pool (backhand welding, dragging technique) will show you 
the amount of buildup and the relative heat input, Figure 2.31. The quan- 
tity and size of sparks produced can indicate the relative location of the 
filler wire in the molten weld pool. The number of sparks will increase as 
the wire strikes the solid metal ahead of the molten weld pool. The gun 
itself will begin to vibrate or bump as the wire momentarily pushes 
against the cooler, unmelted base metal before it melts. Changes in 
weld width, buildup, and proper joint tracking can be seen by watching 
the bead as it appears from behind the shielding gas nozzle. 


MOLTEN WELD POOL 


NOZZLE 


REDNESS (HEAT INPUT) 
/ BUILDUP 


AE, BEAD 

WELD \ WIDTH 
i 

DIRECTION REDNESS (HEAT INPUT) 


Figure 2.31 Watching the weld in backhand welding 
Watch the trailing edge of the molten weld pool. 


Repeat each type of bead as needed until consistently good beads are 
obtained. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRAGTIGE 2-4 
Flat Position Butt Joint, Lap Joint, and Tee Joint 


Using the same equipment, materials, and procedures listed in 
Practice 2-3, make welded butt joints, lap joints, and tee joints in the 
flat position, Figure 2.32A, 2.32B and 2.32C. 


e Tack weld the sheets together and place them flat on the welding 
table, Figure 2.33. 
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Y Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


avi Module 5 


Key Indicator 5, 6 

This exercise addresses the 
“Flat” position portion of the 
all-position requirement. 


Welding: Skils, Processes and Practices 


* THIS DIMENSION WILL DECREASE AS THE OLD MATERIAL: 


WELD IS CUT OUT SO THE METAL CAN BE REUSED. 16 GA AND 1/8" MILD STEEL SHEET 1 2” X 3" 
PROCESS: 


GMAW BUTT JOINT FLAT POSITION 


NUMBER: 


DRAWN BY: 
PRACTICE 2-4 SEAN MURPHY 


Figure 2.32 (A) Butt joint in the flat position 
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pa 
*THIS DIMENSION WILL DECREASE (305 mm) 1" 
(13 mm) 


AS THE OLD WELD IS CUT OUT 5 
SO THE METAL CAN BE REUSED. IS THE MAXIMUM 


OVERLAP TO 
CONSERVE METAL. 


Welding: Skils, Processes and Practices 
MATERIAL: 
16 GA AND 1/8" MILD STEEL SHEET 12" X 3" 
PROCESS: 
GMAW LAP JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 2-4 SEAN MURPHY 


Figure 2.32 (B) Lap joint in the flat position 


Welding: Skils, Processes and Practices 


MATERIAL: 

16 GAAND 1/8" MILD STEEL SHEET 12" X 3" 
PROCESS: 

GMAW TEE JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 2-4 SEAN MURPHY 


Figure 2.32 (C) Tee joint in the flat position 
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Figure 2.33 Tack welds 


Use enough tack welds to keep the joint in alignment during welding. Small tack welds are easier to weld over without adversely 


affecting the weld. 


Source: Courtesy of Larry Jeffus 


e Starting at one end, run a bead along the joint. Watch the molten 
weld pool and bead for signs that a change in technique may be 
required. 

e Make any needed changes as the weld progresses. By the time the 
weld is complete, you should be making the weld nearly perfectly. 

e Using the same technique that was established in the last weld, 
make another weld. This time, the entire 12 in. (305 mm) of weld 
should be flawless. 


Repeat each type of joint with both thicknesses of metal until consis- 
tently good beads are obtained. Turn off the welding machine and shield- 
ing gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-5 


Flat Position Butt Joint, Lap Joint, and Tee Joint, All with 100% 
Penetration 


Using the same equipment, materials, and setup listed in Practice 2-3, 
make a welded joint in the flat position with 100% penetration along the 
entire 12-in. (305-mm) length of the welded joint. Repeat each type of 
joint until consistently good beads are obtained. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Y Module 1 


Key Indicator 1, 2, 3, 4 
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Key Indicator 1, 2, 3, 4, 7 
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Key Indicator 5, 6 

This exercise addresses the 
“Flat” position portion of the 
all-position requirement. 
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Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 5 Y 


Key Indicator 5, 6 

This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 


Figure 2.34 Vertical up position 


Source: Photo courtesy of Larry Jeffus 


VERTICAL UP 3G AND 3F POSITIONS 
PRACTICE 2-6 
Stringer Bead at a 45° Vertical Up Angle 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make a vertical up stringer bead on a plate at a 45° inclined angle. 

Start at the bottom of the plate and hold the welding gun at a slight 
pushing or upward angle to the plate, Figure 2.34. Brace yourself, lower 
your hood, and begin to weld. Depending upon the machine settings and 
type of shielding gas used, you will make a weave pattern. 

If the molten weld pool is large and fluid (hot), use a “C” or “J” weave 
pattern to allow a longer time for the molten weld pool to cool, Figure 2.35. 
Do not make the weave so long or fast that the wire is allowed to strike the 
metal ahead of the molten weld pool. If this happens, spatter increases and 
a spot or zone of incomplete fusion may occur, Figure 2.36. 

If the molten weld pool is small and controllable, use a small “C,” zig- 
zag, or “J” weave pattern to control the width and buildup of the weld. A 
slower speed can also be used. Watch for complete fusion along the lead- 
ing edge of the molten weld pool. Figure 2.37 shows a weld that did not 
fuse with the plate. 


Figure 2.35 Vertical up weld patterns 
Left, “C” pattern; right, “J” pattern. 


Figure 2.36 Burst of spatter caused by incorrect electrode 
contact with base metal 
Source: Courtesy of Larry Jeffus 


» “ga il | ri ey a T HU 
III. = 
IIA 27 


” ay y 
3 i 
ha j 
7 
- f 


y)) ny? 


Le 


Figure 2.37 Weld separated from the plate 
There is no fusion between the weld and plate. 
Source: Courtesy of Larry Jeffus 


A weld that is high and has little or no fusion is too “cold.” Changing 
the welding technique will not correct this problem. The welder must 
stop welding and make the needed adjustments. 

As the weld progresses up the plate, the back or trailing edge of the 
molten weld pool will cool, forming a shelf to support the molten metal. 
Watch the shelf to be sure that molten metal does not run over, forming 
a drip. When it appears that the metal may flow over the shelf, either 
increase the weave lengths, lengthen the electrode extension, or stop 
and start the current for brief moments to allow the weld to cool. Stop- 
ping for brief moments will not allow the shielding gas to be lost. 

Continue to weld along the entire 12-in. (305-mm) length of the plate. 
Repeat this weld until a straight and uniform weld bead is produced. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-7 
Stringer Bead in the Vertical Up Position 


Repeat Practice 2-6 and increase the angle of the plate until you have 
mastered a straight and uniform weld bead in the vertical up position. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-8 


Butt Joint, Lap Joint, and Tee Joint in the Vertical Up Position 
at a 45° Angle 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make vertical up welded joints on a plate at a 45° inclined angle. 

Tack weld the metal pieces together and brace them in position. 
Check to see that you have free movement along the entire joint to 
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avi Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 5 


Short-circuit Transfer 
Key Indicator 4 


Y Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 5 


Key Indicator 5, 6 

This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 
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Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 5 Y 


Key Indicator 5, 6 

This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 5 YX 


Short-Circuit Transfer 
Key Indicator 4 


prevent stopping and restarting during the weld. Avoiding stops and 
starts both speeds up the welding time and eliminates discontinuities. 

The weave pattern should allow for adequate fusion on both edges of 
the joint. Watch the edges to be sure that they are being melted so that 
adequate fusion and penetration occur. 

Repeat each type of joint as needed until consistently good beads are 
obtained. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-9 


Butt Joint, Lap Joint, and Tee Joint in the Vertical Up Position 
with 100% Penetration 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will increase the plate angle gradually as you develop skill until you are 
making satisfactory welds in the vertical up position. 

Repeat each type of joint as needed until consistently good beads are 
obtained. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


VERTICAL DOWN 3G AND SF POSITIONS 


The vertical down welding technique can be useful when making some 
types of welds. The major advantages of this technique are the following: 


e Speed—Very high rates of travel are possible. 

e Shallow penetration—Thin sections or root openings can be 
welded with little burn-through. 

e Good bead appearance—The weld has a nice width-to-height ratio 
and is uniform. 


Vertical down welds are often used on thin sheet metals or in the root 
pass in grooved joints. The combination of controlled penetration and 
higher welding speeds makes vertical down the best choice for such 
welds. The ease with which welds having a good appearance can be 
made is deceiving. Generally, more skill is required to make sound 
welds with this technique than in the vertical up position. The most com- 
mon problem with these welds is lack of fusion or overlap. To prevent 
these problems, the arc must be kept at or near the leading edge of the 
molten weld pool. 


PRACTICE 2-10 
Stringer Bead at a 45° Vertical Down Angle 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make a vertical down stringer bead on a plate at a 45° inclined 
angle. 


have gaps, such as 60-64, 65-69 and so on, where would you 
put a value of 64.8? 


Extending the 60-64 interval up to but not including 65 overcomes 
this problem. One way of writing such a class interval is 60 < w < 65, 
where w represents the quantity being measured. 60 < w < 65 is 
read as ‘w is greater than or equal to 60 and less than 65”. 


The other difference concerns bar charts which show continuous 
data. The numbers on the horizontal axis are written in the usual 
way and there must not be any gaps between the bars. 


Example 6.9.1 


The table gives information about the weights, in kg, of 50 men. 


Weight (w kg) 
60<w<65 
65 =w = 70 


TOW, are 
75<w< 80 
80<w<85 
85 <w< 90 


Show this information on 
(a) a bar chart (b) a frequency polygon. 


(a) (b) 
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6. Statistics 1 99 


Holding the welding gun at the top of the plate with a slight dragging 
angle, Figure 2.38, will help to increase penetration, hold back the molten 
weld pool, and improve visibility of the weld. Be sure that your move- 
ments along the 12-in. (305-mm) length of plate are unrestricted. 

Lower your hood and start the weld. Watch both the leading edge and 
the sides of the molten weld pool for fusion. The leading edge should 
flow into the base metal, not curl over it. The sides of the molten weld 
pool should also show fusion into the base metal and not be flashed 
(ragged) along the edges. 

The weld may be made with or without a weave pattern. If a weave 
pattern is used, it should be a “C” pattern. The “C” should follow the 
leading edge of the weld. Some changes on the gun angle may help to 
increase penetration. Experiment with the gun angle as the weld 
progresses. 

Repeat these welds until you have established a rhythm and techni- 
que that work well for you. The welds must be straight and uniform and 
have complete fusion. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Bee 30° TO 45° A 


Figure 2.38 Vertical down position 


Source: Courtesy of Larry Jeffus 
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Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 5 Y 


Key Indicator 5, 6 

This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 5 Y 


Key Indicator 5, 6 

This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 


PRACTICE 2-11 


Stringer Bead in the Vertical Down Position 


Repeat Practice 2-10 and increase the angle of the plate until you have 
developed the skill to repeatedly make good welds in the vertical down 
position. The weld bead must be straight and uniform and have complete 
fusion. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-12 


Butt Joint, Lap Joint, and Tee Joint in the Vertical Down Position 


Using a properly set up and adjusted GMA welding machine, Table 2.7, 
proper safety protection, 0.035-in. and/or 0.045-in. (0.9-mm and/or 
1.2-mm) diameter wire, and two or more pieces of mild steel sheet 12 in. 
(305 mm) long and 16 gauge and 1/8 in. (3 mm) thick, you will make ver- 
tical down welded joints. 

Holding the welding gun at the top of the plate with a slight dragging 
angle, Figure 2.38, will help to increase penetration, hold back the molten 
weld pool, and improve visibility of the weld. Be sure that your move- 
ments along the 12-in. (305-mm) length of plate are unrestricted. 

Lower your hood and start the weld. Watch both the leading edge and 
sides of the molten weld pool for fusion. The leading edge should flow 
into the base metal, not curl over it. The sides of the molten weld pool 
should also show fusion into the base metal and not be flashed (ragged) 
along the edges. 

The weld may be made with or without a weave pattern. If a weave 
pattern is used, it should be a “C” pattern. The “C” should follow the lead- 
ing edge of the weld. Some changes on the gun angle may help to increase 
penetration. Experiment with the gun angle as the weld progresses. 

Repeat these welds until you have established a rhythm and techni- 
que that work well for you. The welds must be straight and uniform and 
have complete fusion. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-13 


Butt Joint and Tee Joint in the Vertical Down Position with 100% 
Penetration 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make welded joints with 100% weld penetration. 

It may be necessary to adjust the root opening to meet the penetra- 
tion requirements. The lap joint was omitted from this practice because 
little additional skill can be developed with it that is not already acquired 
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with the tee joint. Repeat each type of joint until consistently good welds 
are Obtained. Turn off the welding machine and shielding gas and clean 
up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


HORIZONTAL 2G AND 2F POSITIONS 
PRACTICE 2-14 


Horizontal Stringer Bead at a 45° Angle Y Module 1 

Using the same equipment, materials, and setup as listed in Practice 2-3, Key Indicator 1, 2, 3, 4 
you will make a horizontal stringer bead on a plate at a 45° reclined angle. Y Modules 

Start at one end with the gun pointed in a slightly upward direction, 
Figure 2.39. You may use a pushing or a dragging (a leading or a trail- 
ing) gun angle, depending upon the current setting and penetration Y Module 5 
desired. Undercutting along the top edge and overlap along the bottom Short-circuit Transfer 
edge are problems with both gun angles. Careful attention must be Key Indicator 4 
paid to the manipulation “weave” technique used to overcome these 
problems. 

The most successful weave patterns are the “C” and “J” patterns. The 
“J” pattern is the most frequently used. It allows weld metal to be depos- 
ited along a shelf created by the previous weave, Figure 2.40. The length 
of the “J” can be changed to control the weld bead size. Smaller weld 
beads are easier to control than large ones. 

Repeat these welds until you have established the rhythm and techni- 
que that work well for you. The weld must be straight and uniform and 
have complete fusion. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Key Indicator 1, 2, 3, 4, 7 
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Figure 2.39 45° horizontal position 
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Key Indicator 1, 2, 3, 4 
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This exercise addresses the 
“Horizontal” position portion of 
the all-position requirement. 


SECTION A-A = SECTION B-B SECTION C-C SECTION D-D 


Figure 2.40 Sections of a “J” weave pattern 
The actual size of the molten weld pool remains small along the weld. 


PRACTICE 2-15 


Stringer Bead in the Horizontal Position 


Repeat Practice 2-14 and increase the angle of the plate until you have 
developed the skill to repeatedly make good horizontal welds on a verti- 
cal surface. The weld bead must be straight and uniform and have com- 
plete fusion. Turn off the welding machine and shielding gas and clean 
up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-16 


Butt Joint, Lap Joint, and Tee Joint in the Horizontal Position 


Using the same equipment, materials, and setup listed in Practice 2-3, 
you will make horizontal welded joints. 

Tack weld the pieces of metal together and brace them in position 
using the same skills developed in Practice 2-14. Starting at one end, 
make a weld along the entire length of the joint. When making the butt 
or lap joints, it may help to recline the plates at a 45° angle until you have 
developed the technique required. Repeat each type of joint as needed 
until consistently good welds are obtained. Turn off the welding machine 
and shielding gas and clean up your work area when you are finished 
welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-17 


Butt Joint and Tee Joint in the Horizontal Position with 100% Penetration 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make overhead joints having 100% penetration in the horizontal 
position. 

It may be necessary to adjust the root opening to meet the penetra- 
tion requirements. Repeat each type of joint as needed until consistently 
good welds are obtained. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


OVERHEAD 4G AND 4F POSITIONS 


There are several advantages to the use of short-circuiting arc metal 
transfer in the overhead position, including the following: 


e Small molten weld pool size—The smaller size of the molten weld 
pool allows surface tension to hold it in place. Less molten weld 
pool sag results in improved bead contour with less undercut and 
fewer icicles, Figure 2.41. 

e Direct metal transfer—The direct metal transfer method does not 
rely on other forces to get the filler metal into the molten weld 
pool. This results in efficient metal transfer and less spatter and 
loss of filler metal. 


PRACTICE 2-18 


Stringer Bead in the Overhead Position 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make a welded stringer bead in the overhead position. 

The molten weld pool should be kept as small as possible for easier 
control. A small molten weld pool can be achieved by using lower cur- 
rent settings, by using a longer wire stickout, by traveling faster, or by 
pushing the molten weld pool. The technique used is the welder's choice. 
Often a combination of techniques can be used with excellent results. 


UNDERCUT 


N ICICLES 


Figure 2.41 Overhead weld 


Gas Metal Arc Welding 91 


Y Module 1 


Key Indicator 1, 2, 3, 4 
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Key Indicator 5, 6 

This exercise addresses the 
“Horizontal” position portion 
of the all-position requirement. 
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Figure 2.42 Two methods of 
concentrating heat at the beginning 
of a weld bead to aid in penetration 
depth 
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Figure 2.43 Shielding gas flow affected by excessive weld spatter 


in nozzle 


Lower current settings require closer control of gun manipulation to 
ensure that the wire is fed into the molten weld pool just behind the 
leading edge. The low power will cause overlap and more spatter if this 
contact position of wire to molten weld pool is not closely maintained. 

Faster travel speeds allow the welder to maintain a high production rate 
even if multiple passes are required to complete the weld. Weld penetration 
into the base metal at the start of the bead can be obtained by using a slow 
start or quickly reversing the weld direction. Both the slow start and reversal 
of weld direction put more heat into the start to increase penetration, Fig- 
ure 2.42. The higher speed also reduces the amount of weld distortion by 
reducing the amount of time that heat is applied to a joint. 

The pushing, or trailing, gun angle forces the bead to be flatter by 
spreading it out over a wider area as compared to the bead resulting from 
a dragging, or backhand, gun angle. The wider, shallow molten weld pool 
cools faster, resulting in less time for sagging and the formation of icicles. 

When welding overhead, extra personal protection is required to reduce 
the danger of burns. Wear leather sleeves or a leather jacket, and a cap. 

Much of the spatter created during overhead welding falls into the 
shielding gas nozzle. The effectiveness of the shielding gas is reduced, Fig- 
ure 2.43, and the contact tube may short out to the gas nozzle, Figure 2.44. 
Turbulence caused by the spatter obstructing the gas may lead to weld 
contamination. The shorted gas nozzle may arc to the work, causing 
damage both to the nozzle and to the plate. To control the amount of spat- 
ter, a longer stickout and/or a sharper gun-to-plate angle is required to 
allow most of the spatter to fall clear of the gas nozzle. The nozzle can be 
dipped, sprayed, or injected automatically, Figure 2.45, with antispatter to 
help prevent the spatter from sticking. Applying antispatter will not stop 
the spatter from building up, but it does make its removal much easier. 
Ensure that the antispatter gel does not restrict the flow of shield gas 
from the nozzle. 


Figure 2.44 Gas nozzle damaged after shorting out 
against the work 
Source: Courtesy of Larry Jeffus 
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ANTISPATTER UNIT - MODEL 4050 


SOLENOID VALVE 


CONNECTOR 
PRESSURE GAUGE 


INJECTION RESERVOIR 


Figure 2.45 Automatic antispatter system that can be added to a GMA welding gun 


Make several short weld beads using various techniques to establish 
the method that is most successful and most comfortable for you. After 
each weld, stop and evaluate it before making a change. When you have 
decided on the technique to be used, make a welded stringer bead that is 
12 in. (305 mm) long. 

Repeat the weld until it can be made straight, uniform, and free from 
any visual defects. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-19 


Butt Joint, Lap Joint, and Tee Joint in the Overhead Position avi Module 1 


. a i : . : Indi 1, 2 
Using the same equipment, materials, and setup as listed in Practice 2-3, KEN ACAL A ed 


you will make an overhead welded joint. Dvi Module 2 
Tack weld the pieces of metal together and secure them in the over- Key Indicator 1, 2, 3, 4, 7 
head position. Be sure you have an unrestricted view and freedom of h edule 
movement along the joint. Start at one end and make a weld along the 
joint. Use the same technique developed in Practice 2-18. This exercise addresses thè 
Repeat the weld until it can be made straight, uniform, and free from “Overhead” position portion 
any visual defects. Turn off the welding machine and shielding gas and of the all-position requirement. 
clean up your work area when you are finished welding. 
Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Key Indicator 5, 6 


Y Module 1 


Key Indicator 1, 2, 3, 4 


PRACTICE 2-20 Wi nies 
BA a a a a | odule 


Butt Joint and Tee Joint in the Overhead Position with 100% Penetration Key Indicator 1, 2, 3, 4, 7 
Using the same equipment, materials, and setup as listed in Practice 2-3, Y Module 5 
you will make overhead welded joints having 100% penetration. Key Indicator 5, 6 
Tack weld the metal together. It may be necessary to adjust the root This exercise addresses the 
opening to allow 100% weld metal penetration. During these welds, it “Overhead” position portion 


may be necessary to use a dragging, or backhand, torch angle. When of the all-position requirement. 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 5 Y 


Spray Transfer 
Key Indicator 9 


ROOT OPENING 


\ 
man 


KEY HOLE 


WELD POOL 


Figure 2.46 Overhead welding 


used with a “C” or “J” weave pattern, this torch angle helps to achieve the 
desired depth of penetration. A key hole just ahead of the molten weld 
pool is a good sign that the metal is being penetrated, Figure 2.46. 

Repeat the weld until it can be made straight, uniform, and free from 
any visual defects. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


AKIAL SPRAY TRANSFER 
PRAGTIGE 2-21 


Stringer Bead, 1G Position 


Using a properly set up and adjusted GMA welding machine (see 
Table 2.8), proper safety protection, 0.035-in. and/or 0.045-in. (0.9-mm 
and/or 1.2-mm)-diameter wire, and two or more pieces of mild steel 
plate 12 in. (305 mm) long x 1/4 in. (6 mm) thick, you will make a welded 
stringer bead in the flat position. 

Start at one end of the plate and use either a push or drag technique to 
make a weld bead along the entire 12-in. (305-mm) length of the metal 
using spray or pulsed-arc metal transfer. After the weld is complete, 
check its appearance and make any changes needed to correct the weld, 
Figure 2.47. Repeat the weld and make any additional adjustments 
required. After the machine is set, start working on improving the straight- 
ness and uniformity of the weld. Turn off the welding machine and shield- 
ing gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Table 2.8 Typical Welding Current Settings for Axial Spray Metal Transfer for Mild Steel 


Amperage Voltage 
Wire Range Range Shielding 
Process Diameter (Optimum) (Optimum) Gas 
Axial spray 0.030 115-200 15-27 98% Ar + 2% Os 
0.035 165-300 18-32 


0.045 200-450 20-34 


GOOD FUSION ALONG SIDES 


NOTE SMOOTH 
UNIFORM BEAD 
SURFACE 


Figure 2.47 Weld bead made with GMAW axial spray metal transfer 


Source: Courtesy of Larry Jeffus 


PRACTICE 2-22 
Butt Joint, Lap Joint, and Tee Joint Using the Spray Transfer Method 


Using the same equipment, materials, and setup as listed in Practice 2-21, 
you will make a flat and horizontal weld using spray transfer or pulsed-spray 
metal transfer, Figure 2.48. 

Tack weld the metal together and place the assembly in the flat posi- 
tion on the welding table. Start at one end and make a uniform weld 
along the entire 12-in. (305-mm) length of the joint. Watch the sides of 
the fillet weld for signs of undercutting. 

Repeat the weld until it can be made straight, uniform, and free from 
any visual defects. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-23 
Butt Joint and Tee Joint 


Using the same equipment, materials, and setup as listed in Practice 2-21, 
you will make a flat weld using spray transfer. Each weld must pass the 


Figure 2.48 GMAW axial spray metal transfer 


Source: Courtesy of Larry Jeffus 
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avi Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


É Module 5 


Spray Transfer 
Key Indicator 10, 11 


Y Module 1 


Key Indicator 1, 2, 3, 4 


avi Module 2 


Key Indicator 1, 2, 3, 4, 7 


avi Module 5 


Spray Transfer 
Key Indicator 10, 11 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 3 
Key Indicator 1, 2, 3 


Module 5 
Short-circuit Transfer 
Key Indicator 3, 4, 5, 6, 7 


Module 9 
Key Indicator 1, 2 


guided bend test. Repeat each type of weld joint as needed until the bend 
test can be passed. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-24 


Gas Metal Arc Welding—Short-Circuit Metal Transfer (GMAW-S) 
Workmanship Sample 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 2-24 Date: 


Title: 
Welding GMAW-S of plate to plate. 


Scope: 
This procedure is applicable for square groove and fillet welds within the 
range of 10 ga. (3.4 mm) through 14 ga. (1.9 mm). 

Welding may be performed in the following positions: all. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1 Group 
1 or 2. 

Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. E70S-X from 
AWS specification A5.18. This filler metal falls into F-number F-6 and 
A-number A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: 

CO, at 30 to 50 cfh or 75% Ar/25% CO, at 30 to 50 cfh. 


Joint Design and Tolerances: 


1 Here are the numbers of days 30 people were absent from work in 
a month. 


000 0O O 1 1 1 2 2 3 3 3 4 5 

5 6 6 6 8 9 10 10 11 13 14 16 18 19 22 

(a) Using groups of 0-4, 5-9 etc., show this data in a grouped 
frequency table. 

(b) Draw a bar chart and a frequency polygon to show the data. 


2 The numbers of letters in each of the first 25 words in a book are 
listed below. 


2 6 8 1 113 7 3 > 9 6 2 6 
2 3 4 2 122 4 8 106 2 5 


(a) Using groups of 1-3, 4-6, 7-9 and 10-12, show this 
information in a grouped frequency table. 

(b) Draw a bar chart and a frequency polygon to show the 
grouped data. 


3 The grouped frequency table gives information about the times, in 
minutes, 25 people take to travel to work. 


Time (t minutes) 


O<t< 5 
5<t< 10 


10<t<15 
15<t<20 
20<t<25 


Use the data to draw 
(a) abarchart, (b) a frequency polygon. 
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Preparation of Base Metal: 
All parts may be mechanically cut or machine PAC unless specified as 
manual PAC. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 1 
in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct-current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 


Electrode Welding Power Shielding Gas 
Type Size Amps Wire-feed Speed, Volts Type Flow 
ipm (cm/min) 
E70S-X 0.035 in. 90 to 120 180 to 300 15to19 CO» or 30 to 50 
(0.9 mm) (457 to 762) 75% Ar/ 
CO» 25% 
E70S-X 0.045 in. 130to200 125 to 200 17 to 20 COs or 30 to 50 
(1.2 mm) (318 to 508) 75% Ar/ 
CO» 25% 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 

Using a 1/2-in. (13-mm) or larger gas nozzle for all welding, first tack 
weld the plates together according to the drawing. Use the E70S-X filler 
metal to fuse the plates together. Clean any silicon slag, being sure to 
remove any trapped silicon slag along the sides of the weld. 

Using the E70S-X arc welding electrodes, make a series of stringer 
beads, no thicker than 3/16 in. (4.7 mm). The 1/8-in. (3.1-mm) fillet 
welds are to be made with one pass. All welds must be placed in the 
orientation shown in the drawing. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must 
not be quenched in water. 


Gas Metal Arc Welding 


Base Metal 
Type Thickness 

Low- 1/4 in. to 1/2 in. 
carbon (6mm to 13 mm) 
steel 

Low- 1/4 in. to 1/2 in. 
carbon (6&6 mm to 13 mm) 
steel 
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This practice parallels an AWS 
D1.1 structural steel limited 
thickness welder performance 
qualification test. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 3 
Key Indicator 1, 2, 3 


Module 5 
Short-circuit Transfer 
Key Indicator 3, 4, 5, 6 


Module 9 
Key Indicator 1, 2 


Cleaning: 

Any slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, 
or a needle-scaler. All weld cleaning must be performed with the test 
plate in the welding position. 


Visual Inspection: 
Visually inspect the weld for uniformity and discontinuities. 


1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds 
except as permitted for partial joint penetration welds. 

3. The Test Supervisor shall examine the weld for acceptable 
appearance, and shall be satisfied that the welder is skilled in using 
the process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal 
thickness or 1/32 in. (0.8 mm). 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of the 
Test Supervisor. 

6. The frequency of porosity shall not exceed one in each 4 in. (100 
mm) of weld length and the maximum diameter shall not exceed 
3/32 in. (2.4 mm) 

7. Welds shall be free from overlap. 


Sketches: 
See Figure 2.49. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-25 


Gas Metal Arc Welding—Short-Circuit Metal Transfer (GMAW-S) Limited 
Thickness Welder Performance Qualification Test Plate for 2G, 3G, and 4G 
Positions without Backing 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 2-25 Date: 


Title: 
Welding GMAW-S of plate to plate. 


Scope: 
This procedure is applicable for V-groove, bevel, or single-bevel welds 
within the range of 1/8 in. (3.2 mm) through 3/4 in. (19 mm). 

Welding may be performed in the following positions: all. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1 Group 
1 or 2. 

Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. E70S-X from 
AWS specification A5.18. This filler metal falls into F-number F-6 and 
A-number A-1. 
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2.49 GMAW-S workmanship qualification test 


Figure 


Source: Courtesy of the American Welding Society 
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Electrode 
Type Size 
E70S-X 0.035 in. 
(0.9 mm) 
E70S-X 0.045 in. 
(1.2 mm) 


Amps 


90 to 
120 


130 to 
200 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: CO, at 30 to 50 cfh or 75% Ar/25% CO, at 30 to 50 cfh. 


Joint Design and Tolerances: 


< 7 


Preparation of Base Metal: 

The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 1 
in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct-current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 


Welding Power Shielding Gas Base Metal 

Wire-feed Speed, Volts Type Flow Type Thickness 

ipm (cm/min) 

180 to 300 15to 19 CO; or 30 to 50 Low- 1/4 in. to 1/2 in. 

(457 to 762) 75% Ar/ carbon (6 mm to 13 mm) 
COs 25% steel 

125 to 200 17 to 20  CO»5 or 30 to50 Low- 1/4 in. to 1/2 in. 

(318 to 508) 75% Ar/ carbon (6 mm to 13 mm) 
COs 25% steel 


Preheat: 
The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 

Using a 1/2-in. (13-mm) or larger gas nozzle for all welding, first tack 
weld the plates together according to the drawing. There should be 
about a 1/8-in. (1.6-mm) root gap between the plates with V-grooved or 
beveled edges and 1/16-in. root faces. Use the E70S-X filler wire to make 
a root pass to fuse the plates together. Clean any silicon slag from the 
root pass, being sure to remove any trapped silicon slag along the sides 
of the weld. 

Using the E70S-X filler wire, make a series of stringer or weave filler 
welds, no thicker than 1/4 in. (6.4 mm), in the groove until the joint is 
filled. Note: The horizontal (2G) weldment should be made with stringer 
beads only. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must 
not be quenched in water. 


Cleaning: 

Any slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, 
or a needle-scaler. All weld cleaning must be performed with the test 
plate in the welding position. 


Visual Inspection:* 
Visually inspect the weld for uniformity and discontinuities. 

1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds 
except as permitted for partial joint penetration welds. 

3. The Test Supervisor shall examine the weld for acceptable 
appearance, and shall be satisfied that the welder is skilled in using 
the process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal 
thickness or 1/32 in. (0.8 mm) 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of the 
Test Supervisor. 


*From Table 3, AWS SENSE QC-10 2004 (Courtesy of the American Welding Society) 
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6. The frequency of porosity shall not exceed one in each 4 in. (100 mm) 
of weld length and the maximum diameter shall not exceed 3/32 in. 
(2.4 mm). 

7. Welds shall be free from overlap. 


Bend Test: 

The weld is to be mechanically tested only after it has passed the visual 
inspection. Be sure that the test specimens are properly marked to iden- 
tify the welder, the position, and the process. 


Specimen Preparation: 

For 3/8-in. test plates, two specimens are to be located in accordance 
with the requirements of the figure below left. One is to be prepared for 
a “transverse face bend,” and the other is to be prepared for a “transverse 
root bend.” 

Transverse face bend. The weld is perpendicular to the longitudinal axis 
of the specimen and is bent so that the weld face becomes the tension 
surface of the specimen. Transverse face-bend specimens shall comply 
with the requirements of the figure below bottom. 

Transverse root bend. The weld is perpendicular to the longitudinal axis 
of the specimen and is bent so that the weld root becomes the tension 
surface of the specimen. Transverse face-bend specimens shall comply 
with the requirements of the figure below bottom. 


3" 
8 
6" 
MIN 
ROOT-BEND 
SPECIMEN 


Acceptance Criteria for Face and Root Bends:* 
For acceptance, the convex surface of the face- and root-bend specimens 
shall meet both of the following requirements: 


*From Table 4, AWS-SENSE QC-10:2004 (Courtesy of the American Welding Society) 


1. No single indication shall exceed 1/8 in. (3.2 mm), measured in any 
direction on the surface. 

2. The sum of the greatest dimensions of all indications on the surface, 
which exceed 1/32 in. (0.8 mm) but are less than or equal to 1/8 in. 
(3.2 mm), shall not exceed 3/8 in. (9.6 mm). 


Cracks occurring at the corner of the specimens shall not be consid- 
ered unless there is definite evidence that they result from slag inclusion 
or other internal discontinuities. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-26 


Gas Metal Arc Welding Spray Transfer (GMAW) Workmanship Sample 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 2-26. Date: 


Title: 
Welding GMAW of plate to plate. 


Scope: 
This procedure is applicable for V-groove and fillet welds within the 
range of 1/8 in. (3.2 mm) through 1-1/2 in. (38 mm). 

Welding may be performed in the following positions: 1G, 1F, 2F. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1, Group 
1 or 2. 

Backing material specification: none. 


Filler Metal: 

The 0.035 to 0.045 dia. filler metal shall conform to AWS specification no. 
E70S-X from AWS specification A5.18. This filler metal falls into F-number 
F-6 and A-number A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions: 
98% Ar/2% O, or 90% Ar/10% COs. 


Preparation of Base Metal: 

The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 
l in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct-current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 
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É Module 1 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 3 
Key Indicator 1, 2, 3 


Module 5 
Spray Transfer 
Key Indicator 8, 9, 10, 11, 12 


Module 9 
Key Indicator 1, 2 
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Electrode 
Type Size 
E70S-X 0.035 in. 
(0.9 mm) 
E70S-X 0.045 in. 
(1.2 mm) 


Amps 


180 to 230 


260 to 340 


Welding Power Shielding Gas Base Metal 

Wire-feed Speed, Volts Type Flow Type Thickness 

ipm (cm/min) 

400 to 550 25to27 Ar plus 2% 30 to 50 Low- 1/4 in. to 1/2 in. 

(1016 to 1397) O, or 90% Ar/ carbon (6 mm to 13 mm) 
10% CO» steel 

300 to 500 25to 30 Ar plus 2 30 to 50 Low- 1/4 in. to 1/2 in. 

(762 to 1270) O, or 90% Ar/ carbon (6 mm to 13 mm) 
10% COs steel 

Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
Using a 3/4-in. (19-mm) or larger gas nozzle for all welding, first tack weld 
the plates together according to the drawing. There should be about a 
1/16-in. (1.6-mm) root gap between the plates with V-grooved or beveled 
edges. Use the E70S-X arc welding electrodes to make a root pass to fuse 
the plates together. Clean any silicon slag from the root pass, being sure to 
remove any trapped silicon slag along the sides of the weld. 

Using the E70S-X arc welding electrodes, make a series of stringer or 
weave filler welds, no thicker than 1/4 in. (6.4 mm), in the groove until the 
joint is filled. The 1/4-in. (6.4-mm) fillet welds are to be made with one pass. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F 
(175°C) during the welding process. After each weld pass is completed, 
allow it to cool but never to a temperature below 50°F (10°C). The weld- 
ment must not be quenched in water. 


Cleaning: 

Any slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, 
or a needle-scaler. All weld cleaning must be performed with the test 
plate in the welding position. 


Inspection:* 
Visually inspect the weld for uniformity and discontinuities. 

1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds 
except as permitted for partial joint penetration welds. 

3. The Test Supervisor shall examine the weld for acceptable 
appearance, and shall be satisfied that the welder is skilled in using 
the process and procedure specified for the text. 

*From Table 3, AWS SENSE QC-10:2004 (Courtesy of the American Welding Society) 


4. Undercut shall not exceed the lesser of 10% of the base metal 
thickness or 1/32 in. (0.8 mm) 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of the 
Test Supervisor. 

6. The frequency of porosity shall not exceed one in each 4 in. (100 
mm) of weld length and the maximum diameter shall not exceed 
3/32 in. (2.4 mm). 

7. Welds shall be free from overlap. 


Sketches: 
See Figure 2.50. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-27 


Gas Metal Arc Welding (GMAW) Spray Transfer Limited Thickness Welder 
Performance Qualification Test Plate for 1-G, Position, with Backing 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice (2-27). Date: 


Title: 
Welding GMAW of plate to plate. 


Scope: 
This procedure is applicable for V-groove and fillet welds within the 
range of 1/8 in. (3.2 mm) through 1-1/2 in. (38 mm). 

Welding may be performed in the following positions: 1G, 2F. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1, Group 1 or 2. 
Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. 0.035 to 0.045 dia. 
E70S-X from AWS specification A5.18. This filler metal falls into F-number 
F-6 and A-number A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: 98% Ar/2% O, or 90% Ar/10% CO, 


Joint Design and Tolerances: 
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avi Module 1 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 3 
Key Indicator 1, 2, 3 


Module 5 
Spray Transfer 
Key Indicator 8, 9, 11 


Module 9 
Key Indicator 1, 2 
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Figure 2.50 GMAW (spray transfer) workmanship qualification test 


Source: Courtesy of the American Welding Society 


4 Here are the number of hours of sunshine recorded on each of 
20 days in a town. 


73 21 52 07 20 64 60 98 18 4.0 
3.7 30 4.1 39 49 80 19 3:1 50 01 


(a) Use the data to make a grouped frequency table using 


intervals O<t<2,2<t<4, etc. 
(b) Draw a bar chart to show the grouped data. 
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Preparation of Base Metal: 

The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 1 
in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct-current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 


Electrode Welding Power Shielding Gas 
Type Size Amps Wire-feed Speed Volts Type Flow 
ipm (cm/min) 

E70S-X 0.035 in. 180 to 230 400 to 550 25to 28 Ar plus 2% O, or 30 to 50 
(0.9 mm) (1016 to 1397) 90% Ar/10% CO» 

E70S-X 0.045 in. 260 to 340 300 to 500 25 to 30 Ar plus 2 O» or 30 to 50 
(1.2 mm) (762 to 1270) 90% Ar/10% CO» 

Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
Using a 3/4-in. (19-mm) or larger gas nozzle for all welding, first tack 
weld the plates and backing strip together according to the drawing 
below. There should be about a 1/4-in. (1.6-mm) root gap between the 
plates with V-grooved or beveled edges. Use the E70S-X arc welding elec- 
trodes to make a root pass to fuse the plates together. Clean any silicon 
slag from the root pass, being sure to remove any trapped silicon slag 
along the sides of the weld. 

Using the E70S-X arc welding electrodes, make a series of stringer fil- 
ler welds, no thicker than 1/4 in. (6.4 mm), in the groove until the joint is 
filled. 


Interpass Temperature: 
The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
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Low- 1/4 in. to 1/2 in. 
carbon (6mm to 13 mm) 
steel 

Low- 1/4 in. to 1/2 in. 
carbon (6 mm to 13 mm) 
steel 
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cool but never to a temperature below 50°F (10°C). The weldment must 
not be quenched in water. 


Cleaning: 

Any slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, 
or a needle-scaler. All weld cleaning must be performed with the test 
plate in the welding position. 


Visual Inspection:* 
Visually inspect the weld for uniformity and discontinuities. 

1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds 
except as permitted for partial joint penetration welds. 

3. The Test Supervisor shall examine the weld for acceptable 
appearance, and shall be satisfied that the welder is skilled in using 
the process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal 
thickness or 1/32 in. (0.8 mm). 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of the 
Test Supervisor. 

6. The frequency of porosity shall not exceed one in each 4 in. (100 
mm) of weld length and the maximum diameter shall not exceed 
3/32 in. (2.4 mm). 

7. Welds shall be free from overlap. 


Sketches: 


DIRECTION 
OF ROLLING 


MIN 


ROOT BEND 
SPECIMEN 


Bend-Test: 

The weld is to be mechanically tested only after it has passed the visual 
inspection. Be sure that the test specimens are properly marked to iden- 
tify the welder, the position, and the process. 


Specimen Preparation 

For 3/8-in. test plates, two specimens are to be located in accordance with 
the requirements below. One is to be prepared for a transverse face bend, 
and the other is to be prepared for a transverse root bend. 


*From Table 3, AWS SENSE QC-10:2004 (Courtesy of the American Welding Society) 


Transverse face bend. The weld is perpendicular to the longitudinal axis 
of the specimen and is bent so that the weld face becomes the tension 
surface of the specimen. Transverse face bend specimens shall comply 
with the requirements below. 

Transverse root bend. The weld is perpendicular to the longitudinal axis 
of the specimen and is bent so that the weld root becomes the tension 
surface of the specimen. Transverse root bend specimens shall comply 
with the requirements below. 


ROOT-BEND 
SPECIMEN 


Acceptance Criteria for Face and Root Bends* 
For acceptance, the convex surface of the face and root bend specimens 
shall meet both of the following requirements: 


1. No single indication shall exceed 1/8 in. (3.2 mm), measured in any 
direction on the surface. 

2. The sum of the greatest dimensions of all indications on the surface, 
which exceed 1/32 in. (0.8 mm), but are less than or equal to 1/8 in. 
(3.2 mm), shall not exceed 3/8 in. (9.6 mm). 


Cracks occurring at the corner of the specimens shall not be consid- 
ered unless there is definite evidence that they result from slag or inclu- 
sions or other internal discontinuities. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


*From Table 4, AWS SENSE QC-10:2004 (Courtesy of the American Welding Society) 
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SUNIMARY 


Slight changes in welding gun angle and electrode extension can make 
significant differences in the quality of the weld produced. As a new 
welder you might find it difficult to tell the effect of these changes if 
they are slight. Therefore, as you start to learn this process it is a good 
idea to make more radical changes so it is easier for you to see their 
effects on the weld. Later as you develop your skills you can use these 
slight changes to aid in controlling the weld's quality and appearance as 
it progresses along the joint. Small adjustments in your welding techni- 
que are required to compensate for slight changes that occur along a 
welding joint, such as joint gap and the increasing temperature of the 
base metal. 

Variations in conditions can significantly affect welding setup for the 
GMA process. Before starting an actual weld in the field you should prac- 
tice to test your setup. Practice on scrap metal of a similar thickness and 
type of metal to be welded. A practice weld before you begin welding can 
significantly increase the chances that your weld will meet standards or 
specifications. Making these sample or test welds is more important 
when you are welding in the field, since welds outside the shop are 
more difficult to control and anticipate. Think of this much as an athlete 
warms up before competing. 

You will find it beneficial when you are initially setting up your welder 
to have someone assist you, so that he or she can make changes in the 
welding machine’s settings as you are welding. This teamwork can signifi- 
cantly increase your setup accuracy and reduce setup time. Later on in the 
field, having developed a keen eye for watching the weld, you can then 
make these adjustments for yourself more rapidly and accurately. Working 
with another student in a group effort like this will also give you a better 
understanding of how other individuals’ setup preferences affect their 
welds. Welding is an art, and therefore each welder may have slight differ- 
ences in preference for voltage, amperage, gas flow, and other setup vari- 
ables. This gives you an opportunity to learn more from others. 


. What items make up a basic semiautomatic welding system? 

. What must be done to the shielding gas cylinder before the valve 
protection cap is removed? 

3. Why is the shielding gas valve “cracked” before the flowmeter 
regulator is attached? 

. What causes the electrode to bird-nest? 

. Why must all fittings and connections be tight? 

. What parts should be activated by depressing the gun switch? 

. What benefit does a welding wire's cast provide? 

. What can be done to determine the location of a problem that stops 
the wire from being successfully fed through the conduit? 

9. What are the advantages of using a feed roller pressure that is as light 

as possible? 


DN = 


ONO 0H 


10. 
11. 
12. 
13. 
14. 
15. 
16. 
17. 
18. 
19. 
20. 
21, 
22. 
23. 
24. 
25. 


26. 


Why should the feed roller drag prevent the spool from coasting to a 
stop when the feed stops? 

Why must you always wind the wire tightly into a ball or cut it into 
short lengths before discarding it in the proper waste container? 
Why would the flowmeter ball float at different heights with different 
shielding gases if the shielding gases are flowing at the same rate? 
Using Table 2.1, determine the amperage if 400 in. (10.2 m) of 
0.45-in. (1.2-mm) steel wire is fed in one minute. 

How is the amperage adjusted on a GMA welder? 

What happens to the weld as the electrode extension is lengthened? 
What is the effect on the weld of changing the welding angle from a 
dragging to a pushing angle? 

What are the advantages of adding oxygen or CO, to argon for welds 
on steel? 

What are the advantages of using CO, for making GMA welds on 
steel? 

What is mill scale? 

What type of porosity is most often caused by mill scale? 

What should the welder watch if the view of the weld is obstructed by 
the shielding gas nozzle? 

When you are making a vertical weld and it appears that the weld 
metal is going to drip over the shelf, what should you do? 

What are the advantages of making vertical down welds? 

How can small weld beads be maintained during overhead welds? 
How can spatter be controlled on the nozzle when making overhead 
welds? 

How should the electrode be manipulated for the deepest penetra- 
tion when using the pulsed-arc metal transfer process? 
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OBJECTIVES 


After completing this chapter, the student should be able to 


describe the flux cored arc (FCA) welding process 
list the equipment required for an FCA welding workstation 
list five advantages of FCA welding, and explain four of its limitations 


tell how electrodes are manufactured and explain the purpose of the 
electrode cast and helix 


list four things flux can provide to the weld and how fluxes are classified 


explain what each of the digits in a standard FCAW electrode identifica- 
tion number mean 


describe the proper care and handling of FCAW electrodes 


list two common shielding gases used in FCAW, and contrast their bene- 
fits related to cost, productivity, and quality 


list three differences in an FCA weld when the gun angle is changed 


identify the two modes of metal transfer and contrast them in regard to 
application and quality 


list four effects that electrode extension has on FCA welding 
list three things that can cause weld porosity and how it can be prevented 


KEY TERMS 
air-cooled flux cored arc welding slag 
coils (FCAW) smoke extraction nozzles 
deoxidizers lime-based flux spools 
dual shield rutile-based flux water-cooled 


self-shielding 


AWS SENSE EG2.0 


Key Indicators Addressed in this Chapter: 


Module 6: Flux Cored Arc Welding (FCAW-G, FCAW-S) 


Key Indicator 1: Performs safety inspections of FCAW-G/GM, FCAW-S 
equipment and accessories 

Key Indicator 2: Makes minor external repairs to FCAW-G/GM, FCAW-S 
equipment and accessories 

Key Indicator 3: Sets up for FCAW-G/GM, FCAW-S operations on carbon steel 
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INTRODUCTION 


Flux cored arc welding (FCAW) is a fusion welding process in which weld 
heating is produced from an arc between the work and a continuously fed filler 
metal electrode. Atmospheric shielding is provided completely or in part by 
the flux sealed within the tubular electrode, Figure 3.1. Extra shielding may 
Or may not be supplied through a nozzle in the same way as in GMAW. 

Although the process was introduced in the early 1950s, it represented less 
than 5% of the total amount of welding done in 1965. In 2005, it passed the 
50% mark and is still rising. The rapid rise in the use of FCAW has been due to 
a number of factors. Improvements in the fluxes, smaller electrode diameters, 
increased reliability of the equipment, better electrode feed systems, and im- 
proved guns have all led to the increased usage. Guns equipped with smoke 
extraction nozzles and electronic controls are the latest in a long line of 
improvements to this process, Figure 3.2. 


PRINCIPLES OF OPERATION 


FCA welding is similar in a number of ways to the operation of GMA 
welding, Figure 3.3. Both processes use a constant-potential (CP) or 
constant-voltage (CV) power supply. Constant potential and voltage are 
terms that have the same meaning. CP power supplies provide a con- 
trolled voltage (potential) to the welding electrode. The amperage (cur- 
rent) varies with the speed that the electrode is being fed into the molten 
weld pool. Just as in GMA welding, higher electrode feed speeds produce 
higher currents and slower feed speeds result in lower currents, assum- 
ing all other conditions remain constant. 

The effects on the weld of electrode extension, gun angle, welding 
direction, travel speed, and other welder manipulations are similar to 
those experienced in GMA welding. As in GMA welding, having a cor- 
rectly set welder does not ensure a good weld. The skill of the welder is 
an important factor in producing high-quality welds. 

The flux inside the electrode protects the molten weld pool from the 
atmosphere, improves strength through chemical reactions and alloys, 
and improves the weld shape. 

Atmospheric contamination of molten weld metal occurs as it travels 
across the arc gap and within the pool before it solidifies. The major 
atmospheric contaminations come from oxygen and nitrogen, the major 
elements in air. The addition of fluxing and gas-forming elements to the 
core electrode reduces or eliminates their effects. 

Improved strength and other physical or corrosion-resistant properties 
of the finished weld are improved by the flux. Small additions of alloying 
elements, deoxidizers, and gas-forming and slag agents all can improve 
the desired weld properties. Carbon, chromium, and vanadium can be 
added to improve hardness, strength, creep resistance, and corrosion 
resistance. Aluminum, silicon, and titanium all help remove oxides and/ 
or nitrides in the weld. Potassium, sodium, and zirconium are added to 
the flux and form a slag. 
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| GAS NOZZLE 
WIRE GUIDE AND í P 
CONTACT TUBE ) 


MOLTEN SLAG SHIELDING 
GAS 


FLUX-FILLED TUBULAR 


SLAG WIRE ELECTRODE 


POWDERED METAL FLUX AND 
SLAG-FORMING MATERIALS 


ARC AND METAL 


TRANSFER 
MOLTEN 
BASE METAL eee eee 
(A) GAS-SHIELDED FLUX CORED ARC WELDING (FCAW-G) 
INSULATOR 
CONTACT TUBE 


MOLTEN SLAG 


SLAG FLUX-FILLED TUBULAR WIRE ELECTRODE 


POWDERED METAL FLUX AND 
SLAG-FORMING MATERIALS 


ARC SHIELDING COMPOSED OF 
VAPORIZED COMPOUNDS 


ARC AND METAL TRANSFER 


BASE METAL MOLTEN WELD POOL 


(B) SELF-SHIELDED FLUX CORED ARC WELDING (FCAW-S) 


Figure 3.1 Two types of flux cored arc welding 
FCA welding may have extra shielding provided by a gas nozzle (A), or be self-shielding only (B). 


Source: Courtesy of the American Welding Society 


A discussion of weld metal additives and flux elements and their 
effects on the weld can be found later in this chapter. 

The flux core additives that serve as deoxidizers, gas formers, and slag 
formers either protect the molten weld pool or help to remove impurities 
from the base metal. Deoxidizers may convert small amounts of surface 
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(C) 


Figure 3.2 Smoke extraction 


(A) FCA welding without smoke extraction and (B) with smoke extraction. (C) Typical FCAW smoke extraction gun. (D) Typical smoke 


exhaust system. 
Source: Courtesy of Lincoln Electric Company 


oxides like mill scale back into pure metal. They work much like the ele- 
ments used to refine iron ore into steel. 

Gas formers rapidly expand and push the surrounding air away from 
the molten weld pool. If oxygen in the air were to come in contact with 
the molten weld metal, the weld metal would quickly oxidize. Sometimes 
this can be seen at the end of a weld when the molten weld metal erupts 
in a shower of tiny sparks. 
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THINGS TO REMEMBER 


> A survey is one method of data collection. Normally a sample 


of a whole population is taken. 


The results of a survey can be shown in a frequency table. For 
each group in the table the frequency (how many times that 
particular group occurs in the sample) is shown. 


You can display non-numerical or categorical data using: 
> a pictogram (or pictograph), in which pictures are used 
to show the frequency of each group 
> a bar chart in which the height of each bar shows the 
frequency 
> a pie chart in which the area of each ‘slice’ is proportional 
to the frequency. 


Line graphs are often used to show data obtained over a 
period. The points should only be joined when the points in 
between the plotted points have meaning, otherwise a vertical 
line graph is more appropriate. 


Scatter graphs show if there might be a relationship between 
two sets of data. 


A scatter graph may have correlation. 
> This scatter graph shows high 
negative correlation. 


> This scatter graph shows weak 
positive correlation. 
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Figure 3.3 Large-capacity wire-feed unit used with FCAW or GMAW 


Source: Courtesy of Lincoln Electric Company 


SLAG 
COVERING 


HEAT FROM 
WELDING 


Figure 3.4 Slag blanketing the weld 
The slag covering keeps the welding heat from escaping quickly, thus slowing the cooling rate. 


The slag covering of the weld is useful for several reasons. Slag is a 
nonmetallic product resulting from the mutual dissolution of the flux and 
nonmetallic impurities in the base metal. Slag helps the weld by protecting 
the hot metal from the effects of the atmosphere, controlling the bead 
shape by serving as a dam or mold, and serving as a blanket to slow the 
weld's cooling rate, which improves its physical properties, Figure 3.4. 


EQUIPMENT 


Power Supply 


The FCA welding power supply is the same type that is required for 
GMAW, called constant-potential, constant-voltage (CP, CV). The words 
potential and voltage have the same electrical meaning and are used inter- 
changeably. FCAW machines can be much more powerful than GMAW 
machines and are available with up to 1500 amperes of welding power. 


FCA welding guns are available as water-cooled or air-cooled, Figure 3.5. 
Although most of the FCA welding guns that you will find in schools are 
air-cooled, our industry often needs water-cooled guns because of the 


Y Module 6 


Key Indicator 1, 2, 3 
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Figure 3.5 Typical FCA welding guns 
(A) 350 ampere rating self-shielding, (B) 450 ampere rating gas-shielding, and (C) 600 ampere 
rating gas-shielding. 


Source: Courtesy of Lincoln Electric Company 


higher heat caused by longer welds made at higher currents. The water- 
cooled FCA welding gun is more efficient than an air-cooled gun at 
removing waste heat. The air-cooled gun is more portable because it has 
fewer hoses, and it may be made lighter so it is easier to manipulate than 
the water-cooled gun. 

Also, the water-cooled gun requires a water reservoir or another sys- 
tem to give the needed cooling. There are two major ways that water can 
be supplied to the gun for cooling. Cooling water can be supplied directly 
from the building’s water system, or it can be supplied from a recircula- 
tion system. 

Cooling water supplied directly from the building’s water system is 
usually dumped into a wastewater drain once it has passed through the 
gun. When this type of system is used, a pressure regulator must be 
installed to prevent pressures that are too high from damaging the 
hoses. Water pressures higher than 35 psi (241 kg/mm”) may cause the 
water hoses to burst. Check valves must also be installed in the supply 
line to prevent contaminated water from being drawn back into the 
water supply. Some cities and states have laws that restrict the use of 
open systems because of the need for water conservation. Check with 
your city or state for any restrictions before installing an open water- 
cooling system. 

Recirculating cooling water systems eliminate any of the problems 
associated with open systems. Chemicals may be added to the water in 
recirculating systems to prevent freezing, to aid in pump lubrication, and 
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to prevent algae growth. Only manufacturer-approved additives should 
be used in a recirculation system. Read all of the manufacturer’s safety 
and data sheets before using these chemicals. 


smoke Extraction Nozzles 


Because of the large quantity of smoke that can be generated during FCA 
welding, systems for smoke extraction that fit on the gun have been 
designed, Figure 3.2B. These systems use a vacuum to pull the smoke 
back into a specially designed smoke extraction nozzle on the welding 
gun. The disadvantage of this slightly heavier gun is offset by the system's 
advantages. The advantages of the system are as follows: 


e Cleaner air for the welder to breathe because the smoke is 
removed before it rises to the welder’s face. 

e Reduced heating and cooling cost because the smoke is concen- 
trated, so less shop air must be removed with the smoke. 


Electrode feed systems are similar to those used for GMAW; in fact many 
feed systems are designed with dual feeders so that solid wire and flux 
core may be run in sequence. The major difference is that the more 
robust FCAW feeders are designed to use large-diameter wire and most 
often have two sets of feed rollers. The two sets of rollers help reduce the 
drive pressure on the electrode. Excessive pressure can distort the elec- 
trode wire diameter, which can allow some flux to be dropped inside the 
electrode guide tube. 


ADVANTAGES 


FCA welding offers the welding industry a number of important 
advantages. 


High rates of depositing weld metal are possible. FCA welding deposition 
rates of more than 25 lb/hr (11 kg/hr) of weld metal are possible. This 
compares to about 10 lb/hr (5 kg/hr) for shielded metal arc (SMA) weld- 
ing using a very large-diameter electrode of 1/4 in. (6 mm). 


The FCA method makes efficient use of filler metal; from 75% to 90% of 
the weight of the FCAW electrode is metal, the remainder being flux. 
SMAW electrodes have a maximum of 75% filler metal; some SMAW elec- 
trodes have much less. Also, a stub must be left at the end of each SMA 
welding electrode. The stub will average 2 in. (51 mm) in length, result- 
ing in a loss of 11% or more of the SMAW filler electrode purchased. FCA 
welding has no stub loss, so nearly 100% of the FCAW electrode pur- 
chased is used. 
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60° TO 90° GROOVE 
ANGLE 


35” GROOVE 


A ANGLE F 


Figure 3.6 Narrower groove angle for FCAW 
The narrower groove angle for FCAW compared to other welding processes saves on filler metal, 
welding time, and heat input into the part. 


Because of the deep penetration characteristic of FCAW, no edge- 
beveling preparation is required on some joints in metal up to 1/2 in. 
(13 mm) in thickness. When bevels are cut, the joint-included angle can 
be reduced to as small as 35°, Figure 3.6. The reduced groove angle 
results in a smaller-sized weld. This can save 50% of filler metal with 
about the same savings in time and weld power used. 


Minimum Precieaning 


The addition of deoxidizers, which combine with and remove harmful 
oxides on the base metal or its surface, and other fluxing agents permits 
high-quality welds to be made on plates with light surface oxides and 
mill scale. This eliminates most of the precleaning required before GMA 
welding can be performed. Often it is possible to make excellent welds on 
plates in the “as cut” condition; no cleanup is needed. 


Small-diameter electrode sizes in combination with special fluxes allow 
excellent welds in all positions. The slags produced assist in supporting 
the weld metal. This process is easy to use, and, when properly adjusted, 
it is much easier to use than other all-position arc welding processes. 


Flexibility 

Changes in power settings can permit welding to be done on thin-gauge 
sheet metals or thicker plates using the same electrode size. Multipass 
welds allow joining metals with no limit on thickness. This, too, is attain- 
able with one size of electrode. 


High Quality 


Many codes permit welds to be made using FCAW. The addition of the 
flux gives the process the high level of reliability needed for welding on 
boilers, pressure vessels, and structural steel. 
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Excellent Gontrol 


The molten weld pool is more easily controlled with FCAW than with 
GMAW. The surface appearance is smooth and uniform even with less 
operator skill. Visibility is improved by removing the nozzle when using 
self-shielded electrodes. 


LIMITATIONS 


The main limitation of flux cored arc welding is that it is confined to fer- 
rous metals and nickel-based alloys. Generally, all low- and medium- 
carbon steels and some low-alloy steels, cast irons, and a limited number 
of stainless steels are presently weldable using FCAW. 

The equipment and electrodes used for the FCAW process are more 
expensive. However, the cost is quickly recoverable through higher 
productivity. 

The removal of postweld slag requires another production step. The 
flux must be removed before the weldment is finished (painted) to pre- 
vent crevice corrosion. 

With the increased welding output comes an increase in smoke and 
fume generation. The existing ventilation system in a shop might need 
to be increased to handle the added volume. 


ELECTRODES 


The electrodes have flux tightly packed inside. One method used to make 
them is to first form a thin sheet of metal into a U-shape, Figure 3.7. A mea- 
sured quantity of flux is poured into the U-shape before it is squeezed shut. 
The wire is then passed through a series of dies to size it and further com- 
pact the flux. 

A second method of manufacturing the electrode is to start with a 
seamless tube. The tube is usually about 1 in. in diameter. One end of 
the tube is sealed, and the flux powder is poured into the open end. 
The tube is vibrated during the filling process to ensure that it fills com- 
pletely. Once the tube is full, the open end is sealed. The tube is now 
sized using a series of dies, Figure 3.8. 

In both these methods of manufacturing the electrode, the sheet and 
tube are made up of the desired alloy. Also in both cases, the flux is com- 
pacted inside the metal skin. This compacting helps make the electrode 
operate more smoothly and consistently. 

Electrodes are available in sizes from 0.030 in. to 5/32 in. (0.8 mm to 
3.9 mm) in diameter. Smaller-diameter electrodes are much more expen- 
sive per pound than the same type in a larger diameter due to the high 
cost of drawing and filling cored wires to small sizes. Larger-diameter 
electrodes produce such large welds they cannot be controlled in all posi- 
tions. The most popular diameters range from 0.035 in. to 3/32 in. (0.9 mm 
to 2.3 mm). 

The finished FCA filler metal is packaged in a number of forms for pur- 
chase by the end user, Figure 3.9. The AWS has a standard for the size of 
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Figure 3.7 Putting the flux in the flux cored wire 
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Figure 3.8 One method of filling seamless FCA welding filler metal with flux 
The vibration helps compact the granular flux inside the tube. 
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Figure 3.9 A few packaged forms of FCA filler metal 
FCAW filler metal weights are approximate. They will vary by alloy and manufacturer. 
Source: Courtesy of Lincoln Electric Company 


each of the package units. Although the dimensions of the packages are 
standard, the weight of filler wire is not standard. More of the smaller- 
diameter wire can fit into the same space compared with a larger- 
diameter wire, so a package of 0.030-in. (0.8-mm) wire weighs more than 
the same-sized package of 3/32-in. (2.3-mm) wire. The standard packing 
units for FCAW wires are spools, coils, reels, and drums, Table 3.1. 
Spools are made of plastic or fiberboard and are disposable. They are 
completely self-contained and are available in approximate weights from 


Table 3.1 Packaging Size Specification for Commonly Used FCA Filler Wire 


Packaging Outside Diameter Width Arbor (Hole) Diameter 
Spools 4 in. (102 mm) 1-3/4 in. (44.5 mm) 5/8 in. (16 mm) 
8 in. (203 mm) 2-1/4 in. (57 mm) 2-1/16 in. (52.3 mm) 
12 in. (305 mm) 4 in. (102 mm) 2-1/16 in. (52.3 mm) 
14 in. (356 mm) 4 in. (102 mm) 2-1/16 in. (52.3 mm) 
Reels 22 in. (559 mm) 12-1/2 in. (318 mm)  1-5/16 in. (33.3 mm) 
30 in. (762 mm) 16 in. (406 mm) 1-5/16 in. (33.3 mm) 
Coils 16-1/4 in. (413 mm) 4 in. (102 mm) 12 in. (305 mm) 
Outside Diameter Inside Diameter Height 


Drums 23 in. (584 mm) 16 in. (406 mm) 34 in. (864 mm) 
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HELIX 


Figure 3.10 Method of measuring 
cast and helix of FCAW filler wire 


1 lb up to around 50 lb (0.5 kg to 25 kg). The smaller spools, 4 in. and 8 in. 
(102-mm and 203 mm), weighing from 1 lb to 7 lb, are most often used 
for smaller production runs or for home/hobby use; 12-in. and 14-in. 
(305-mm and 356-mm) spools are often used in schools and welding fab- 
rication shops. 

Coils come wrapped and/or wire tied together. They are unmounted, 
so they must be supported on a frame on the wire feeder in order to be 
used. Coils are available in weights around 60 lb (27 kg). Because FCAW 
wires on coils do not have the expense of a disposable core, these wires 
cost a little less per pound, so they are more desirable for higher- 
production shops. 

Reels are large wooden spools, and drums are shaped like barrels. 
Both reels and drums are used for high-production jobs. Both can con- 
tain approximately 300 lb to 1000 lb (136 kg to 454 kg) of FCAW wire. 
Because of their size, they are used primarily at fixed welding stations. 
Such stations are often associated with some form of automation, such 
as turntables or robotics. 


To see the cast and helix of a wire, feed out 10 ft of wire electrode and 
cut it off. Lay it on the floor and observe that it forms a circle. The dia- 
meter of the circle is known as the cast of the wire, Figure 3.10. 

Note that the wire electrode does not lay flat. One end is slightly 
higher than the other. This height is the helix of the wire. 

The AWS has specifications for both cast and helix for all FCA welding 
wires. 

The cast and helix cause the wire to rub on the inside of the contact 
tube, Figure 3.11. The slight bend in the electrode wire ensures a positive 
electrical contact between the contact tube and filler wire. 


AS CONTACT 


Figure 3.11 Cast forces the wire to make better electrical contact with the tube 


FLUK 
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The fluxes used are mainly based on lime or rutile (a mineral compound 
consisting of titanium dioxide, usually with a little iron). The purpose of 
the fluxes is the same as in the shielded metal arc welding (SMAW) pro- 
cess. That is, they can provide all or part of the following to the weld: 


Deoxidizers: Oxygen that is present in the welding zone has two 
forms. It can exist as free oxygen from the atmosphere surrounding 
the weld. Oxygen can also exist as part of a compound such as an 
iron oxide or carbon dioxide (CO). In either case it can cause 
porosity in the weld if it is not removed or controlled. Chemicals 
are added that react to the presence of oxygen in either form and 
combine to form a harmless compound, Table 3.2. The new com- 
pound can become part of the slag that solidifies on top of the 
weld, or some of it may stay in the weld as very small inclusions. 
Both methods result in a weld with better mechanical properties 
because of lower porosity. 

Slag formers: Slag serves several vital functions for the weld. It can 
react with the molten weld metal chemically, and it can affect the 
weld bead physically. In the molten state it moves through the 
molten weld pool and acts as a magnet or sponge to chemically 
combine with impurities in the metal and remove them, Figure 3.12. 
Slags can be refractory, so that they become solid at a high 
temperature. As they solidify over the weld, they help it hold its 
shape and they slow its cooling rate. 

Fluxing agents: Molten weld metal tends to have a high surface 
tension, which prevents it from flowing outward toward the edges 
of the weld. This causes undercutting along the junction of the 


Table 3.2 Deoxidizing Elements Added to Filler Wire (to Minimize Porosity in the Molten 


Weld Pool) 

Deoxidizing Element Strength 
Aluminum (Al) Very strong 
Manganese (Mn) Weak 
Silicon (Si) Weak 
Titanium (Ti) Very strong 
Zirconium (Zr) Very strong 


Figure 3.12 Impurities being floated to the surface by slag 
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weld and the base metal. Fluxing agents make the weld more fluid 
and allow it to flow outward, filling the undercut. 

Arc stabilizers: Chemicals in the flux affect the arc resistance. As 
the resistance is lowered, the arc voltage drops and penetration is 
reduced. When the arc resistance is increased, the arc voltage 
increases and weld penetration is increased. Although the 
resistance within the ionized arc stream may change, the arc is 
more stable and easier to control. It also improves the metal 
transfer by reducing spatter caused by an erratic arc. 

Alloying elements: Because of the difference in the mechanical 
properties of metal that is formed by rolling or forging and metal 
that is melted to form a weld bead, the metallurgical requirements 
of the two also differ. Some elements change the weld's strength, 
ductility, hardness, brittleness, toughness, and corrosion 
resistance. Other alloying elements in the form of powder metal 
can be added to increase deposition rates. 

Shielding gas: As elements in the flux are heated by the arc, some 
of them vaporize and form voluminous gaseous clouds hundreds 
of times larger than their original volume. This rapidly expanding 
cloud forces the air around the weld zone away from the molten 
weld metal, Figure 3.13. Without the protection this process affords 
the molten metal, it would rapidly oxidize. Such oxidization would 
severely affect the weld's mechanical properties, rendering it unfit 
for service. 


All FCAW fluxes are divided into two groups based on the acid or 
basic chemical reactivity of the slag. The AWS classifies T-1 as acid and 
T-5 as basic. 


Figure 3.13 Rapidly expanding gas cloud 


Source: Courtesy of Larry Jeffus 


> This scatter graph shows no 
correlation. 


A line of best fit is a straight line which passes near all of 
the points on a scatter graph. There should be roughly equal 
numbers of points on each side of the line. 


Discrete data are obtained by counting and can take only 
exact values, for example the number of people watching 


a film. 


Continuous data are obtained by measuring and is not exact, 
for example the height of a person. 


Discrete and continuous data can be grouped and organized in 
a grouped frequency table and displayed in a bar chart. 


A frequency polygon is obtained from a bar chart by joining 
the mid-points of the tops of the bars with straight lines. 


6. Statistics 1 
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The rutile-based flux is acidic, T-1. It produces a smooth, stable arc 
and a refractory high-temperature slag for out-of-position welding. These 
electrodes produce a fine drop transfer, a relatively low fume, and an 
easily removed slag. The main limitation of the rutile fluxes is that their 
fluxing elements do not produce as high a quality deposit as do the T-5 
systems. 

The lime-based flux is basic, T-5. It is very good at removing certain 
impurities from the weld metal, but its low-melting-temperature slag is 
fluid, which makes it generally unsuitable for out-of-position welding. 
These electrodes produce a more globular transfer, more spatter, more 
fume, and a more adherent slag than do the T-1 systems. These charac- 
teristics are tolerated when it is necessary to deposit very tough weld 
metal and for welding materials having a low tolerance for hydrogen. 

Some rutile-based electrodes allow the addition of a shielding gas. 
With the weld partially protected by the shielding gas, more elements 
can be added to the flux, which produces welds with the best of both 
flux systems, high-quality welds in all positions. 

Some fluxes can be used on both single- and multiple-pass welds, and 
others are limited to single-pass welds only. Using a single-pass welding 
electrode for multipass welds may result in an excessive amount of man- 
ganese. The manganese is necessary to retain strength when making 
large, single-pass welds. However, with the lower dilution associated 
with multipass techniques, it can strengthen the weld metal too much 
and reduce its ductility. In some cases, small welds that deeply penetrate 
the base metal can help control this problem. 

Table 3.3 lists the shielding and polarity for the flux classifications of 
mild steel FCAW electrodes. The letter G is used to indicate an unspeci- 
fied classification. The G means that the electrode has not been classified 
by the American Welding Society. Often the exact composition of fluxes is 
kept as a manufacturer's trade secret. Therefore, only limited information 
about the electrode's composition will be given. The only information 
often supplied is current, type of shielding required, and some strength 
characteristics. 


Table 3.3 Welding Characteristics of Seven Flux Classifications 


Classification Comments 


T-1 Requires clean surfaces and produces little spatter. It can be used for 
single- and multiple-pass welds in all positions. 

T-2 Requires clean surfaces and produces little spatter. It can be used for 
single-pass welds in the flat (1G and 1F) and horizontal (2F) positions 
only. 

T-3 Used on thin-gauge steel for single-pass welds in the flat (1G and 1F) 
and horizontal (2F) positions only. 

T-4 Low penetration and moderate tendency to crack for single- and 
multiple-pass welds in the flat (1G and 1F) and horizontal (2F) positions. 

T-5 Low penetration and a thin, easily removed slag, used for single- and 
multiple-pass welds in the flat (1G and 1F) position only. 

T-6 Similar to T-5 without externally applied shielding gas. 

T-G The composition and classification of this electrode are not given in the 


preceding classes. It may be used for single- or multiple-pass welds. 


Shielding Gas 


Carbon dioxide (CO3) or 
argon/carbon dioxide mixes 


Carbon dioxide (CO3) 


None 


None 


(COz) 


None 


With or without shielding 
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With or without carbon dioxide 
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Table 3.4 Ferrite-forming Elements Used in FCA Welding Fluxes 


Element Reaction in Weld 

Silicon (Si) Ferrite former and deoxidizer 
Chromium (Cr) Ferrite and carbide former 
Molybdenum (Mo) Ferrite and carbide former 
Columbium (Cb) Strong ferrite former 
Aluminum (Al) Ferrite former and deoxidizer 


As a result of the relatively rapid cooling of the weld metal, the weld 
may tend to become hard and brittle. This factor can be controlled by 
adding elements to the flux that affect the content of both the weld and 
the slag, Table 3.4. Ferrite is the softer, more ductile form of iron. The 
addition of ferrite-forming elements can control the hardness and brittle- 
ness of a weld. Refractory fluxes are sometimes called “fast-freeze” 
because they solidify at a higher temperature than the weld metal. By 
becoming solid first, this slag can cradle the molten weld pool and con- 
trol its shape. This property is very important for out-of-position welds. 

The impurities in the weld pool can be metallic or nonmetallic com- 
pounds. Metallic elements that are added to the metal during the manu- 
facturing process in small quantities may be concentrated in the weld. 
These elements improve the grain structure, strength, hardness, resis- 
tance to corrosion, or other mechanical properties in the metal's as- 
rolled or formed state. But the deposited weld metal, or weld nugget, is 
like a small casting because the liquid weld metal freezes in a controlled 
shape, and some alloys adversely affect the properties of this casting 
(weld metal). Nonmetallic compounds are primarily slag inclusions left 
in the metal from the fluxes used during manufacturing. The welding 
fluxes form slags that are less dense than the weld metal so that they 
will float to the surface before the weld solidifies. 


The American Welding Society revised its A5.20 Specification for Car- 
bon Steel Electrodes for Flux Cored Arc Welding in 1995 to reflect changes 
in the composition of the FCA filler metals. Table 3.5 lists the AWS spe- 
cifications for flux cored filler metals. 


Mild Steel 
The electrode number E70T-10 is used as an example to explain the clas- 
sification system for mild steel FCAW electrodes (Figure 3.14): 


e E—+Electrode. 
e 7—Tensile strength in units of 10,000 psi for a good weld. This 
value is usually either 6 for 60,000 or 7 for 70,000 psi minimum 


Table 3.5 Filler Metal Classification Numbers 


Metal AWS Filler Metal Classification 
Mild steel A5.20 
Stainless steel A5.22 


Chromium—molybdenum A5.29 
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DESIGNATES AN ELECTRODE 


INDICATES THE MINIMUM TENSILE STRENGTH OF THE 
DEPOSITED WELD METAL IN A TEST WELD MADE WITH 
THE ELECTRODE AND IN ACCORDANCE WITH SPECIFIED 
WELDING CONDITIONS 


INDICATES THE PRIMARY WELDING POSITION FOR WHICH 


THE ELECTRODE IS DESIGNED: 
0 — FLAT AND HORIZONTAL POSITIONS 
1 — ALL POSITIONS 
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| 


INDICATES A FLUX CORED ELECTRODE 


Figure 3.14 Identification system for mild steel FCAW electrodes 


Source: Courtesy of the American Welding Society 


weld strength. An exception is for the number 12, which is used to 
denote filler metals having a range from 70,000 to 90,000 psi. 

e 0—0 is used for flat and horizontal fillets only, and 1 is used for all- 
position electrodes. 

e T—Tubular (flux cored) electrode. 

e 10—The number in this position can range from 1 to 14 and is 
used to indicate the electrode’s shielding gas if any, number of 
passes that may be applied one on top of the other, and other 
welding characteristics of the electrode. The letter G is used to 
indicate that the shielding gas, polarity, and impact properties are 
not specified. The letter G may or may not be followed by the letter 
S. S indicates an electrode suitable only for single-pass welding. 


The electrode classification E70T-10 can have some optional identifiers 
added to the end of the number, as in E70T-10MJH8. These additions are 
used to add qualifiers to the general classification so that specific codes or 
standards can be met. These additions have the following meanings: 


e M—Mixed gas of 75% to 80% Ar and CO, for the balance. If there is 
no M, either the shielding gas is CO, or the electrode is self- 
shielded. 

e J—Describes the Charpy V-notch impact test value of 20 ft-lb at 
40°F. 

e H8—Describes the residual hydrogen levels in the weld: H4 equals 
less than 4 ml/100 g; H8, less than 8 ml/100 g; H16, less than 16 
ml/100 g. 


Stainless Steel Electrodes 

The AWS classification for stainless steel for FCAW electrodes starts with 
the letter E as its prefix. Following the E prefix, the American Iron and 
Steel Institute’s (AISI) three-digit stainless steel number is used. This 
number indicates the type of stainless steel in the filler metal. 


E INDICATES USABILITY AND PERFORMANCE CAPABILITIES 
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The powdered metal added to 
the core flux can provide addi- 
tional filler metal and/or alloys. 
This is one way the micro-alloys 
can be added in very small and 
controlled amounts, as low as 
0.0005% to 0.005%. These are 
very powerful alloys that dra- 
matically improve the metal's 
mechanical properties. 


To the right of the AISI number, the AWS adds a dash followed by a 
suffix number. The number 1 is used to indicate an all-position filler 
metal, and the number 3 is used to indicate an electrode to be used in 
the flat and horizontal positions only. 


The addition of metal powders to the flux core of FCA welding electrodes 
has produced a new classification of filler metals. The new filler metals 
evolved over time, and a new identification system was established by 
the AWS to identify these filler metals. Some of the earlier flux cored fil- 
ler metals that already had powder metals in their core had their num- 
bers changed to reflect the new designation. The designation was chan- 
ged from the letter T for tubular to the letter C for core. For example, 
E70T-1 became E70C-3C. The complete explanation of the cored elec- 
trode E70C-3C follows: 


e E—Electrode. 

e 7—Tensile strength in units of 10,000 psi for a good weld. This 
value is usually either 6 for 60,000 or 7 for 70,000 psi minimum 
weld strength. An exception is for the number 12, which is used to 
denote filler metals having a range from 70,000 to 90,000 psi. 

e 0—0 is used for flat and horizontal fillets only, and 1 is used for all- 
position electrodes. 

e C—Metal-cored (tubular) electrode. 

e 3—3 is used for a Charpy impact of 20 ft-lb at 0°F, and 6 represents 
a Charpy impact of 20 ft-lb at 20°F. 

e C—The second letter C indicates CO». The letter M in this position 
would indicate a mixed gas, 75% to 80% Ar, with the balance being 
CO». If there is no M or C, then the shielding gas is CO». The letter 
G is used to indicate that the shielding gas, polarity, and impact 
properties are not specified. The letter G may or may not be fol- 
lowed by the letter S. S indicates an electrode suitable only for 
single-pass welding. 


Wire electrodes may be wrapped in sealed plastic bags for protection 
from the elements. Others may be wrapped in a special paper, and 
some are shipped in cans or cardboard boxes. 

A small paper bag of a moisture-absorbing material, crystal desiccant, 
is sometimes placed in the shipping containers to protect wire electrodes 
from moisture. Some wire electrodes require storage in an electric rod 
oven to prevent contamination from excessive moisture. Read the manu- 
facturer’s recommendations located in or on the electrode shipping con- 
tainer for information on use and storage. 

Weather conditions affect your ability to make high-quality welds. 
Humidity increases the chance of moisture entering the weld zone. 
Water (H20), which consists of two parts hydrogen and one part oxygen, 
separates in the weld pool. When only one part of hydrogen is expelled, 
hydrogen entrapment occurs. Hydrogen entrapment can cause weld 
beads to crack or become brittle. The evaporating moisture will also 
cause porosity. 
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To prevent hydrogen entrapment, porosity, and atmospheric contam- 
ination, it may be necessary to preheat the base metal to drive out moist- 
ure. Storing the wire electrode in a dry location is recommended. The 
electrode may develop restrictions due to the tangling of the wire or 
become oxidized with excessive rusting if the wire electrode package is 
mishandled, thrown, dropped, or stored in a damp location. 


SHIELDING GAS 


FCA welding wire can be manufactured so that all of the required shield- 
ing of the molten weld pool is provided by the vaporization of some of 
the flux within the tubular electrode. When the electrode provides all of 
the shielding, it is called self-shielding and the welding process is abbre- 
viated FCAW-S (S for self-shielding). Other FCA welding wire must use 
an externally supplied shielding gas to provide the needed protection of 
the molten weld pool. When a shielding gas is added, the combined 
shielding is called dual shield and the process is abbreviated FCAW-G 
(G for gas). 

Note: Sometimes the shielding gas(es) are referred to as the shielding 
medium. For example, the shielding gas, or medium, for E71T-5 is either 
75% argon with 25% CO, or 100% COs. 

Care must be taken to use the cored electrodes with the recom- 
mended gases, and not to use gas at all with the self-shielded electrodes. 
Using a self-shielding flux cored electrode with a shielding gas may pro- 
duce a defective weld. The shielding gas will prevent the proper disinte- 
gration of much of the deoxidizers. This results in the transfer of these 
materials across the arc to the weld. In high concentrations, the deoxidi- 
zers can produce slags that become trapped in the welds, causing unde- 
sirable defects. Lower concentrations may cause brittleness only. In 
either case, the chance of weld failure is increased. If these electrodes 
are used correctly, there is no problem. 

The selection of a shielding gas will affect the arc and weld properties. 
The weld bead width, buildup, penetration, spatter, chemical composi- 
tion, and mechanical properties are all affected as a result of the shield- 
ing gas selection. 

Shielding gas comes in high-pressure cylinders. These cylinders are 
supplied with 2000 psi of pressure. Because of this high pressure, it is 
important that the cylinders be handled and stored safely. For specific 
cylinder safety instructions see Chapter 2 in Introduction to Welding, 
the first book in this series. 

Gases used for FCA welding include CO, and mixtures of argon and 
COs. Argon gas is easily ionized by the arc. Ionization results in a highly 
concentrated path from the electrode to the weld. This concentration 
results in a smaller droplet size that is associated with the axial spray 
mode of metal transfer, Figure 3.15. A smooth, stable arc results and 
there is a minimum of spatter. This transfer mode continues as CO, is 
added to the argon until the mixture contains more than 25% of COs. 

As the percentage of CO, increases in the argon mixture, weld pene- 
tration increases. This increase in penetration continues until a 100% CO, 
shielding gas is reached. But as the percentage of CO, is increased the 
arc stability decreases. The less stable arc causes an increase in spatter. 


Always keep the wire electrode 
dry and handle it as you would 
any important tool or piece of 
equipment. 
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Never use an FCA welding elec- 
trode with a shielding gas it is 
not designated to be used with. 
The weld it produces may be 
unsafe. 


MOLTEN FLUX —> 


Figure 3.15 Axial spray transfer mode 
Source: Courtesy of Larry Jeffus 


A mixture of 75% argon and 25% CO, works best for jobs requiring a 
mixed gas. This mixture is sometimes called C-25. 

Straight CO, is used for some welding. But the CO, gas molecule is 
easily broken down in the welding arc. It forms carbon monoxide (CO) 
and free oxygen (O). Both gases are reactive to some alloys in the elec- 
trode. As these alloys travel from the electrode to the molten weld pool, 
some of them form oxides. Silicon and manganese are the primary alloys 
that become oxidized and lost from the weld metal. 

Most FCA welding electrodes are specifically designed to be used with 
or without shielding gas and for a specific shielding gas or percentage 
mixture. For example, an electrode designed specifically for use with 
100% CO, will have higher levels of silicon and manganese to compen- 
sate for the losses to oxidization. But if 100% argon or a mixture of argon 
and CO, is used, the weld will have an excessive amount of silicon and 
manganese. The weld will not have the desired mechanical or metallur- 
gical properties. Although the weld may look satisfactory, it will probably 
fail prematurely. 


WELDING TECHNIQUES 


A welder can control weld beads made by FCA welding by making 
changes in the techniques used. The following explains how changing 
specific welding techniques will affect the weld produced. 


Gun angle, work angle, and travel angle are terms used to refer to the 
relation of the gun to the work surface, Figure 3.16. The gun angle can 
be used to control the weld pool. The electric arc produces an electrical 
force known as the arc force. The arc force can be used to counteract the 
gravitational pull that tends to make the liquid weld pool sag or run 
ahead of the arc. By manipulating the electrode travel angle for the flat 
and horizontal position of welding to a 20° to 45° angle from the vertical, 
the weld pool can be controlled. A 40° to 50° angle from the vertical plate 
is recommended for fillet welds. 
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Figure 3.16 Welding gun angles 


Changes in this angle will affect the weld bead shape and penetration. 
Shallower angles are needed when welding thinner materials to prevent 
burn-through. Steeper, perpendicular angles are used for thicker 
materials. 

FCAW electrodes have a flux that is mineral based, often called low- 
hydrogen. These fluxes are refractory and become solid at a high tem- 
perature. If too steep a forehand, or pushing, angle is used, slag from 
the electrode can be pushed ahead of the weld bead and solidify quickly 
on the cooler plate, Figure 3.17. Because the slag remains solid at higher 
temperatures than the temperature of the molten weld pool, it can be 
trapped under the edges of the weld by the molten weld metal. To 
avoid this problem, most flat and horizontal welds should be performed 
with a backhand angle. 

Vertical up welds require a forehand gun angle. The forehand angle is 
needed to direct the arc deep into the groove or joint for better control of 
the weld pool and deeper penetration, Figure 3.18. Slag entrapment asso- 
ciated with most forehand welding is not a problem for vertical welds. 

A gun angle around 90° to the metal surface either slightly forehand or 
backhand works best for overhead welds, Figure 3.19. The slight angle 
aids with visibility of the weld, and it helps control spatter buildup in 
the gas nozzle. 


SLAG SOLID 


Figure 3.17 Problem of trapped slag 
Large quantities of solid slag in front of a weld can cause slag to be trapped under 
the weld bead. Figure 3.18 Vertical up gun angle 
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Figure 3.19 Weld gun position to control spatter buildup on an overhead weld 


Forehand/Perpendicular/Backhand Techniques 


Forehand, perpendicular, and backhand are the terms most often used to 
describe the gun angle as it relates to the work and the direction of travel. 
The forehand technique is sometimes referred to as pushing the weld 
bead, and backhand may be referred to as pulling or dragging the weld 
bead. The term perpendicular is used when the gun angle is at approxi- 
mately 90° to the work surface, Figure 3.20. 


Advantages of the Forehand Technique 
The forehand welding technique has several advantages: 


e Joint visibility—You can easily see the joint where the bead will be 
deposited, Figure 3.21. 

e Electrode extension—The contact tube tip is easier to see, making 
it easier to maintain a constant extension length. 

e Less weld penetration—It is easier to weld on thin sheet metal 
without melting through. 

e Out-of-position welds—This technique works well on vertical up 
and overhead joints for better control of the weld pool. 


Disadvantages of the Forehand Technique 
The disadvantages of using the forehand welding technique are the 
following: 


e Weld thickness—Thinner welds may occur because less weld rein- 
forcement is applied to the weld joint. 
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Figure 3.20 Gun angles 
Changing the welding gun angle between forehand, perpendicular, and backhand angles will change the shape of the weld bead 
produced. 
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Figure 3.21 Welder’s view with a forehand angle 
This angle keeps the shielding gas nozzle from restricting the welder's view. 


Welding speed—Because less weld metal is being applied, the rate 
of travel along the joint can be faster, which may make it harder to 
create a uniform weld. 

Slag inclusions—Some spattered slag can be thrown in front of the 
weld bead and be trapped or included in the weld, resulting in a 
weld defect. 

Spatter—Depending on the electrode, the amount of spatter may 
be slightly increased with the forehand technique. 


Advantages of the Perpendicular Technique 
The perpendicular welding technique has the following advantages: 


Machine and robotic welding—The perpendicular gun angle is 
used on automated welding because there is no need to change 
the gun angle when the weld changes direction. 

Uniform bead shape—The weld’s penetration and reinforcement 
are balanced between those of forehand and backhand techniques. 


Disadvantages of the Perpendicular Technique 
The disadvantages of using the perpendicular welding technique are the 
following: 


Limited visibility—Because the welding gun is directly over the 
weld, there is limited visibility of the weld unless you lean your 
head way over to the side. 

Weld spatter—Because the weld nozzle is directly under the weld in 
the overhead position, more weld spatter can collect in the nozzle, 
causing gas flow problems or even shorting the tip to the nozzle. 


Advantages of the Backhand Technique 
The backhand welding technique has the following advantages: 


Weld bead visibility—It is easy to see the back of the molten weld 
pool as you are welding, which makes it easier to control the bead 
shape, Figure 3.22. 

Travel speed—Because of the larger amount of weld metal being 
applied, the rate of travel may be slower, making it easier to create 
a uniform weld. 

Depth of fusion—The arc force and the greater heat from the 
slower travel rate both increase the depth of weld joint penetration. 
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Figure 3.22 Welder's view with a backhand angle 
Watch the trailing edge of the molten weld pool. 


Disadvantages of the Backhand Technique 
The disadvantages of the backhand welding technique are the following: 


e Weld buildup—The weld bead may have a convex (raised or 
rounded) weld face when you use the backhand technique. 

e Postweld finishing—Because of the weld bead shape, more work 
may be required if the product has to be finished by grinding 
smooth. 

e Joint following—It is harder to follow the joint because your hand 
and the FCAW gun are positioned over the joint, and you may 
wander from the seam. 

e Loss of penetration—An inexperienced welder sometimes directs 
the wire too far back into the weld pool causing the wire to build 
up in the face of the weld pool reducing joint penetration. 


Travel Speed 


The American Welding Society defines travel speed as the linear rate at 
which the arc is moved along the weld joint. Fast travel speeds deposit 
less filler metal. If the rate of travel increases, the filler metal cannot be 
deposited fast enough to adequately fill the path melted by the arc. This 
causes the weld bead to have a groove melted into the base metal next to 
the weld and left unfilled by the weld. This condition is known as 
undercut. 

Undercut occurs along the edges or toes of the weld bead. Slower 
travel speeds will, at first, increase penetration and increase the filler 
weld metal deposited. As the filler metal increases, the weld bead will 
build up in the weld pool. Because of the deep penetration of flux cored 
wire, the angle at which you hold the gun is very important for a suc- 
cessful weld. 

If all welding conditions are correct and remain constant, the pre- 
ferred rate of travel for maximum weld penetration is a travel speed that 
allows you to stay within the selected welding variables and still control 
the fluidity of the weld pool. This is an intermediate travel speed, or pro- 
gression, which is not too fast or too slow. 

Another way to figure out correct travel speed is to consult the man- 
ufacturer’s recommendations chart for the inches per minute (ipm) 
burn-off rate for the selected electrode. 


Directed numbers 


In this chapter you will learn: 

e about the meaning of negative numbers and directed 
numbers 

e howto order directed numbers 

e howto add and subtract directed numbers 

e how to multiply and divide directed numbers. 


71 Introduction 


Numbers greater than zero are called positive. You can write them 
with a + sign in front of them but they are usually written without 
a sign and assumed to be positive. Numbers less than zero are 
called negative numbers. You must write a — sign in front of them. 
Collectively, they are called directed numbers. Positive numbers 
may be represented in one direction (usually to the right or 
upwards on a number line), and negative numbers in the opposite 
direction. 


Hindu mathematicians were, from the seventh century AD, the 
first to make a detailed study of negative numbers. It was not, 
however, until the Renaissance, 1000 years later, that, through 
the work of Fermat, Descartes and others, the concept was fully 
understood. 
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Mode of Metal Transfer 


The mode of metal transfer is used to describe how the molten weld 
metal is transferred across the arc to the base metal. The mode of metal 
transfer that is selected, the shape of the completed weld bead, and the 
depth of weld penetration depend on the welding power source, wire 
electrode size, type and thickness of material, type of shielding gas 
used, and best welding position for the task. 


Spray Transfer with FCAW-G 
The spray transfer mode is the most common process used with gas- 
shielded FCAW (FCAW-G), Figure 3.15. 

As the gun trigger is depressed, the shielding gas automatically flows 
and the electrode bridges the distance from the contact tube to the base 
metal, making contact with the base metal to complete a circuit. The elec- 
trode shorts and becomes so hot that the base metal melts and forms a 
weld pool. The electrode melts into the weld pool and burns back toward 
the contact tube. A combination of high amperage and the shielding gas 
along with the electrode size produces a pinching effect on the molten elec- 
trode wire, causing the end of the electrode wire to spray across the arc. 

The characteristic of spray-type transfer is a smooth arc, through 
which hundreds of small droplets per second are transferred through 
the arc from the electrode to the weld pool. At that moment a transfer 
of metal is taking place. Spray transfer can produce a high quantity of 
metal droplets, up to approximately 250 per second above the transition 
current, or critical current. This means the current required for a spray 
transfer to take place is dependent on the electrode size, composition of 
the electrode, and shielding gas. Below the transition current (critical 
current), globular transfer takes place. 

In order to achieve a spray transfer, high current and larger-diameter 
electrode wire are needed. A shielding gas of carbon dioxide (CO3), a 
mixture of carbon dioxide (CO2) and argon (Ar), or an argon (Ar) and 
oxygen (O,) mixture is needed. FCAW-G is a welding process that, with 
the correct variables, can be used 


e on thin or properly prepared thick sections of material 
e ona combination of thick to thin materials 

e with small or large electrode diameters 

e with a combination of shielding gases 


Globular Transfer with FCAW-G 

Globular transfer occurs when the welding current is below the transition 
current, Figure 3.23. The electrode forms a molten ball at its end that 
grows in size to approximately two to three times the original electrode 
diameter. These large molten balls are then transferred across the arc at 
the rate of several drops per second. 

The arc becomes unstable because of the gravitational pull from the 
weight of these large drops. A spinning effect caused by a natural phe- 
nomenon takes place when argon gas is introduced to a large ball of mol- 
ten metal on the electrode. The molten ball spins as it transfers across 
the arc to the base metal. This unstable globular transfer can produce 
excessive spatter. 
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Figure 3.23 Globular transfer method 


Both FCAW-S and FCAW-G use direct current electrode negative 
(DCEN) when welding on thin-gauge materials to keep the heat in the 
base metal and the small-diameter electrode at a controllable burn-off 
rate. The electrode can then be stabilized, and it is easier to manipulate 
and control the weld pool in all weld positions. Larger-diameter electro- 
des are welded with direct current electrode positive (DCEP) because the 
larger diameters can keep up with the burn-off rates. 

The recommended weld position means the position in which the 
workpiece is placed for welding. All welding positions use either spray 
or globular transfer, but for now we will concentrate on the flat and hor- 
izontal welding positions. 

In the flat welding position the workpiece is placed flat on the work 
surface. In the horizontal welding position the workpiece is positioned 
perpendicular to the workbench surface. 

The amperage range may be from 30 to 400 amperes or more for weld- 
ing materials from gauge thickness up to 1-1/2 inches. On square groove 
weld joints, thicker base metals can be welded with little or no edge pre- 
paration. This is one of the great advantages of FCAW. If edges are prepared 
and cut at an angle (beveled) to accept a complete joint weld penetration, 
the depth of penetration will be greatly increased. FCAW is commonly used 
for general repairs to mild steel in the horizontal, vertical, and overhead 
welding positions, sometimes referred to as out-of-position welding. 


Electrode Extension 


The electrode extension is measured from the end of the electrode contact 
tube to the point the arc begins at the end of the electrode, Figure 3.24. 
Compared to GMA welding, the electrode extension required for FCAW is 
much greater. The longer extension is required for several reasons. The 
electrical resistance of the wire causes the wire to heat up, which can 
drive out moisture from the flux. This preheating of the wire also results 
in a smoother arc with less spatter. 


Porosity 


FCA welding can produce high-quality welds in all positions, although por- 
osity in the weld can be a persistent problem. Porosity can be caused by 
moisture in the flux, improper gun manipulation, or surface contamination. 
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Figure 3.24 Self-shielded electrode nozzle 


Source: Courtesy of the American Welding Society 


The flux used in the FCA welding electrode is subject to picking up 
moisture from the surrounding atmosphere, so the electrodes must be 
stored in a dry area. Once the flux becomes contaminated with moisture, 
it is very difficult to remove. Water (H20) breaks down into free hydrogen 
and oxygen in the presence of an arc, Figure 3.25. The hydrogen can be 
absorbed into the molten weld metal, where it can cause postweld crack- 
ing. The oxygen is absorbed into the weld metal also, but it forms oxides 
in the metal. 

If a shielding gas is used, the FCA welding gun gas nozzle must be close 
enough to the weld to provide adequate shielding gas coverage. If there is 
a wind or if the nozzle-to-work distance is excessive, the shielding will be 
inadequate and allow weld porosity. If welding is to be done outside or in 
an area subject to drafts, the gas flow rate must be increased or a wind 
shield must be placed to protect the weld, Figure 3.26. 

A common misconception is that the flux within the electrode will 
either remove or control weld quality problems caused by surface con- 
taminations. That is not true. The addition of flux makes FCA welding 
more tolerant to surface conditions than GMA welding, although it still 
is adversely affected by such contaminations. 

New hot-rolled steel has a layer of dark gray or black iron oxide called 
mill scale. Although this layer is very thin, it may provide a source of 
enough oxygen to cause porosity in the weld. If mill scale causes porosity, 
it is usually uniformly scattered through the weld, Figure 3.27. Unless it is 
severe, uniformly scattered porosity is usually not visible in the finished 
weld. It is trapped under the surface as the weld cools. 
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Figure 3.25 Water and porosity 
Water (H20) breaks down in the presence of the arc and the hydrogen (H) is dissolved in the 
molten weld metal. 


Figure 3.26 Wind and draft protection 
A wind screen can keep the welding shielding from being blown away. 


Figure 3.27 Uniformly scattered porosity 


Flux Cored Arc Welding Equipment, Setup, and Operation 141 


1" 1" 
(25 mm) Bä (25 mm) 


Figure 3.28 Grinding requirements 
Grind mill scale off plates within 1 in. (25 mm) of the groove. 


Because porosity is under the weld surface, nondestructive testing 
methods, including X ray, magnetic particle, and ultrasound, must be 
used to locate it in a weld. It can be detected by mechanical testing 
such as guided bend, free bend, and nick-break testing for establishing 
weld parameters. Often it is better to remove the mill scale before weld- 
ing rather than risking the production of porosity. 

All welding surfaces within the weld groove and the surrounding sur- 
faces within 1 in. (25 mm) must be cleaned to bright metal, Figure 3.28. 
Cleaning may be either grinding, filing, sanding, or blasting. 

Any time FCA welds are to be made on metals that are dirty, oily, 
rusty, or wet or that have been painted, the surface must be precleaned. 
Cleaning can be done chemically or mechanically. 

One advantage of chemically cleaning oil and paint is that it is easier 
to clean larger areas. Both oil and paint smoke easily when heated, and 
such smoke can cause weld defects. They must be removed far enough 
from the weld so that weld heat does not cause them to smoke. In the 
case of small parts the entire part may need to be cleaned. 


SUMMARY 


Chemically cleaning oil and 
paint off metal must be done 
according to the cleaner manu- 
facturer's directions. The work 
must be done in an appropriate, 
approved area. The metal must 
be dry, and all residues of the 
cleaner must be removed before 
welding begins. 


Flux cored arc welding is used to produce more tons of welded fabrica- 
tions than any other process. The ability to produce high-quality welds 
on a wide variety of material thicknesses and joint configurations has 
led to its popularity. As you learn and develop these skills, you will there- 
fore be significantly increasing your employability and productivity in the 
welding industry. 

A wide variety of filler metals and shielding gas combinations for flux 
cored arc welding are available to you in industry. These various materi- 
als aid in producing welds of high quality under various welding condi- 
tions. Although the selection of the proper filler metal and gas coverage, 
if used, will significantly affect the finished weld’s quality in the field, 
there are very few differences in manipulation and setup among these 
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filler metals. Therefore, as you practice welding in a school or training 
program and learn to use a specific wire and shielding gas mixture, 
these skills are easily transferable to the next group of materials you will 
encounter on the job. 


m U N e 


. List some factors that have led to the increased use of FCA welding. 
. How is FCAW similar to GMAW? 

. What does the FCA flux provide to the weld? 

. What are the major atmospheric contaminations of the molten weld 


metal? 


. How does slag help an FCA weld? 
. What is the electrical difference between a constant-potential and a 


constant-current power supply? 


. How can FCA welding guns be cooled? 

. What problems does excessive drive roller pressure cause? 

. List the advantages that FCA welding offers the welding industry. 

. Describe the two methods of manufacturing FCA electrode wire. 

. Why are large-diameter electrodes not used for all-position welding? 
. How do deoxidizers remove oxygen from the weld zone? 

. What do fluxing agents do for a weld? 

. Why are alloying elements added to the flux? 

. How does the flux form a shielding gas to protect the weld? 

. What are the main limitations of the rutile fluxes? 

. Why is it more difficult to use lime-based fluxed electrodes on out- 


of-position welds? 


. What benefit does adding an externally supplied shielding gas have 


on some rutile-based electrodes? 


. How do excessive amounts of manganese affect a weld? 

. Why are elements added that cause ferrite to form in the weld? 

. Why are some slags called refractory? 

. Why must a flux form a less dense slag? 

. Referring to Table 3.5, what is the AWS classification for FCA welding 


electrodes for stainless steel? 


. Describe the meaning of each part of the following FCA welding 


electrode identification: E81T-5. 


. What does the number 316 in E316T-1 mean? 
. What is the advantage of using an argon-CO, mixed shielding gas? 
. What are the primary alloying elements lost if 100% CO, shielding 


gas is used? 


. What can cause porosity in an FCA weld? 
. What happens to water in the welding arc? 
. What is the thin, dark gray or black layer on new hot-rolled steel? 


How can it affect the weld? 


. Why is uniformly scattered porosity hard to detect in a weld? 
. What cautions must be taken when chemically cleaning oil or paint 


from a piece of metal? 


. What can happen to slag that solidifies on the plate ahead of the weld? 
. How is the electrode extension measured? 


OBJECTIVES 


ly 


After completing this chapter, the student should be able to 


KEY TERMS 


amperage range 
conduit liner 
contact tube 
critical weld 


AWS SENSE EG2.0 


set up the FCA weld station 

thread the electrode wire through the system 

list three disadvantages of having to bevel a plate before welding 
make root, filler, and cover passes with the FCAW process 


make butt welds in all positions that can pass a specified standard's 
visual or destructive examination criteria 


make fillet welds in tee joints and lap joints in all positions that can 
pass a specified standard's visual or destructive examination criteria 


feed rollers 
lap joint 


tee joint 
voltage range 
root face weave bead 


stringer bead wire-feed speed 


Key Indicators Addressed in this Chapter: 


Module 1: Occupational Orientation 


Key Indicator 1: 
Key Indicator 2: 
Key Indicator 3: 


Key Indicator 4: 


Prepares time or job cards, reports, or records 
Performs housekeeping duties 

Follows verbal instructions to complete work 
assignments 

Follows written instructions to complete work 
assignments 


Module 6: Flux Cored Arc Welding (FCAW-G/GM, FCAW-S) 


Key Indicator 1: 
Key Indicator 2: 


Gas Shielded 

Key Indicator 3: 
Key Indicator 4: 
Key Indicator 5: 


Performs safety inspections of FCAW equipment and 
accessories 

Makes minor external repairs to FCAW equipment and 
accessories 


Sets up for FCAW-G/GM operations on carbon steel 
Operates FCAW-G/GM equipment on carbon steel 
Makes FCAW-G/GM fillet welds, in all positions, on 
carbon steel 
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FCA welding produces a lot of 
ultraviolet light, heat, sparks, 
slag, and welding fumes. Proper 
personal, protective clothing 
and special protective clothing 
must be worn to prevent burns 
from the ultraviolet light and 
hot weld metal. Eye protection 
must be worn to prevent injury 
from flying sparks and slag. 
Forced ventilation and possibly 
a respirator must be used to 
prevent fume-related injuries. 
Refer to the safety precautions 
provided by the equipment and 
electrode manufacturers and to 
Chapter 2 in Welding Skills, Pro- 
cesses and Practices for Entry- 
Level Welders: Book One for ad- 
ditional safety help. 


Key Indicator 6: Makes FCAW-G/GM groove welds, in all positions, on 
carbon steel 

Key Indicator 7: Passes FCAW-G/GM welder performance qualification 
testing (workmanship sample) on carbon steel 


Self Shielded 

Key Indicator 8: Sets up for FCAW-S operations on carbon steel 

Key Indicator 9: Operates FCAW-S equipment on carbon steel 

Key Indicator 10: Makes FCAW-S fillet welds, in all positions, on 
carbon steel 

Key Indicator 11: Makes FCAW-S groove welds, in all positions, on 
carbon steel 

Key Indicator 12: Passes FCAW-S welder performance qualification test 
(workmanship sample) on carbon steel 

Module 9: Welding Inspection and Testing Principles 


Key Indicator 1: Examines cut surfaces and edges of prepared base metal 
parts 

Key Indicator 2: Examines tacks, root passes, intermediate layers, and 
completed welds 


INTRODUCTION 


Setup of the flux cored arc welding (FCAW) work station is the key to making 
quality welds. It may be possible, using a poorly set up FCA welder, to make 
an acceptable weld in the flat position. The FCA welding process is often for- 
giving; thus welds can often be made even when the welder is not set cor- 
rectly. However, such welds will have major defects such as excessive spatter, 
undercut, overlap, porosity, slag inclusions, and poor weld bead contours. Setup 
becomes even more important for out-of-position welds. Making vertical and 
overhead welds can be difficult for a student welder with a properly set up 
system, but 1t becomes impossible with a system that is out of adjustment. 

Learning to set up and properly adjust the FCA welding system will allow 
you to produce high-quality welds at a high level of productivity. 

FCAW is set up and manipulated in a manner similar to that of GMAW. The 
results of changes in electrode extension, voltage, amperage, and torch angle 
are essentially the same. 

Although every manufacturer's FCA welding equipment is designed differ- 
ently, all equipment is set up in a similar manner. It is always best to follow 
the specific manufacturer's recommendations regarding setup as provided in 
its equipment literature. You will find, however, that, in the field, manufac- 
turers’ literature is not always available for the equipment you are asked to 
use. It is therefore important to have a good general knowledge and under- 
standing of the setup procedure for FCA welding equipment. Figure 4.1 shows 
all of the various components that make up an FCA welding station. 
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Figure 4.1 Basic FCA welding equipment identification 
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PRACTICES 


The practices in this chapter are grouped according to those requiring 
similar techniques and setups. Plate welds are covered first, then sheet 
metal. The practices start with 1/4-in. (6-mm) mild steel plates; they are 
used because they require the least preparation times. The thicker 3/8-in. 
(9.5-mm) plates provide the basics of practicing groove welding. The 3/ 
4-in. (19-mm) and thicker plates are used to develop the skills required 
to pass the unlimited thickness test often given to FCA welders. Sheet 
metal is grouped together because it presents a unique set of learning 
skills. 

The major skill required for making consistently acceptable FCA welds 
is the ability to set up the welding system. Changes such as variations 
in material thickness, position, and type of joint require changes both in 
technique and setup. A correctly set up FCA welding station can, in many 
cases, be operated by a less-skilled welder. Often the only difference 
between a welder earning a minimum wage and one earning the maxi- 
mum wage is the ability to correct machine setups. 

For several reasons the FCA welding practice plates will be larger than 
most other practice plates. Welding heat and welding speed are the 
major factors that necessitate this increased size. FCA welding is both 
high energy and fast, and the welding energy (heat) input is so great 
that small practice plates may glow red by the end of a single weld 
pass. This would seriously affect the weld quality. To prevent this from 
happening, wider plates are used. Because of the higher welding speeds, 
longer plates are usually used. 

Plates less than 1/2 in. (13 mm) will be 12 in. (305 mm) long for most 
practices. In addition to controlling the heat buildup, the longer plates 
are needed to give the welder enough time to practice welding. Learning 
to make longer welds is a skill that must also be practiced, because the 
FCA welding process is used in industry to make long production welds. 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Key Indicator 2 
Gas Shielded 
Key Indicator 3 
Self Shielded 
Key Indicator 8 


Plates thicker than 1/2 in. (13 mm) can be shorter than 12 in. (305 
mm). Most codes allow test plates of “unlimited thickness” to be as 
short as 7 in. (178 mm). 


PRACTICE 4-1 
FCAW Equipment Setup 


For this practice, you will need a semiautomatic welding power 
source approved for FCA welding, welding gun, electrode feed unit, elec- 
trode supply, shielding gas supply, shielding gas flowmeter regulator, 
electrode conduit, power and work leads, shielding gas hoses (if 
required), assorted hand tools, spare parts, and any other required mate- 
rials. In this practice, you will demonstrate to a group of students and 
your instructor how to properly set up an FCA welding station. Some 
manufacturers include detailed setup instructions with their equipment. 
If such instructions are available for your equipment, follow them. Other- 
wise, use the following instructions. 

If the shielding gas is to be used and it comes from a cylinder, the 
cylinder must be chained securely in place before the valve protection 
cap is removed, Figure 4.2. Standing to one side of the cylinder, make 
sure nobody is in line with the valve and quickly crack the valve to blow 
out any dirt in the valve before the flowmeter regulator is attached, Fig- 
ure 4.3. Attach the correct hose from the regulator to the “gas-in” con- 
nection on the electrode feed unit or machine. 

Install the reel of electrode (welding wire) on the holder and secure it, 
Figure 4.4. Check the feed roller size to ensure that it matches the wire 
size, Figure 4.5. Also check the conduit liner size for compatibility with 
the wire size. Connect the conduit to the feed unit. The conduit or an 
extension should be aligned with the groove in the roller and set as 
close to the roller as possible without touching, Figure 4.6. Misalignment 
at this point can contribute to a bird’s nest, Figure 4.7. Bird-nesting of the 
electrode wire, so called because it looks like a bird’s nest, results when 
the feed roller pushes the wire into a tangled ball because the wire would 
not go through the outfeed side conduit. 


Figure 4.2 Make sure the gas cylinder is chained securely in place before removing the 
safety cap 
Source: Courtesy of Larry Jeffus 


7.2 Ordering directed numbers 


Negative numbers are used on 
thermometers to show temperatures 
below freezing, that is, below 0°C. The 
thermometer in Figure 7.1 shows a 
temperature of —10°C. 


You can see from the scale that —5°C 
is a higher temperature than —10°C, 
that is, -5 > —10, and that —20°C is a 
lower temperature than —10°C, that 
is, =20 < -10. 


=10 
—15 
=20 


Figure 7.1 


A number line like that in Figure 7.2 might help you decide, for 
example, whether —1 is larger than —3 or not. As —1 is to the right 
of —3 on the number line, it is larger than —3, so -1 > -3. 


ee 
-5—4 -3-2-1 0 12 3 4 5 


Figure 7.2 


You should say ‘negative 3’ or ‘minus 3” for —3 and 


‘positive 5” or ‘plus 5” for +5. 


1 Which temperature is lower, —7°C or —5°C? 


2 Which number is greater, —9 or —10? 


3 Insert either < or > appropriately between these pairs of numbers. 


(a) -3,-1 (b)0,-2 (e) -12,-15 


4 Which of the temperatures —8°C, 0°C, —6°C, 2°C, 1°C is 


(a) the highest, (b) the lowest? 


5 Write these numbers in order of size, starting with the lowest. 


2,—1,5, 0, -4, -3 


7. Directed numbers 105 
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LATCH LOCKED IN PLACE 


PAE 


a 


Figure 4.3 Attaching the flowmeter regulator Figure 4.4 Wire reel may be secured by a center nut or 
Be sure the tube is vertical. locking lever 
Source: Courtesy of Larry Jeffus Source: Courtesy of Larry Jeffus 


FEED ROLLER SIZE 


FEED ROLLERS 


Figure 4.5 Checking feed roller size 
Check to be certain that the feed rollers are the correct size for the wire being used. 
Source: Courtesy of Larry Jeffus 
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ALIGN SIDE TO SIDE 


NOTE: DO NOT TOUCH 


ALIGN TOP TO BOTTOM 
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TOP VIEW 


FRONT VIEW 


ELECTRODE 


FEED 
ROLLERS 


ELECTRODE 


Figure 4.7 “Bird's nest” in the filler wire at the feed rollers 
Figure 4.6 Feed roller and conduit alignment Source: Courtesy of Larry Jeffus 


Be sure the power is off before attaching the welding cables. The elec- 
trode and work leads should be attached to the proper terminals. The elec- 
trode lead should be attached to the electrode or positive (+) terminal. If 
necessary, it is also attached to the power cable part of the gun lead. The 
work lead should be attached to the work or negative (-) terminal. 

The shielding “gas-out” side of the solenoid is then also attached to 
the gun lead. If a separate splice is required from the gun switch circuit 
to the feed unit, it should be connected at this time. Check that the weld- 
ing contactor circuit is connected from the feed unit to the power source. 

The welding cable liner or wire conduit must be securely attached to the 
gas diffuser and contact tube, Figure 4.8. The contact tube (tip), Figure 3.1, 
must be the correct size to match the electrode wire size being used. If a 
shielding gas is to be used, a gas nozzle would be attached to complete 
the assembly. If a gas nozzle is not needed for a shielding gas, it may still 
be installed. Because it is easy for a student to touch the work with the con- 
tact tube during welding, an electrical short may occur. This short-out of 
the contact tube will immediately destroy the tube. Although the gas nozzle 
may interfere with some visibility, it may be worth the trouble for a new 
welder. FCA welding is more sensitive to changes in arc voltage than is 
SMA (stick) welding. Such variations in FCA welding voltage can dramati- 
cally and adversely affect your ability to maintain weld bead control. 

A loose or poor connection will result in increased circuit resistance 
and a loss of welding voltage. To be sure that you have a good work 


CONDUIT ALLEN WRENCH 


GAS DIFFUSER 


Figure 4.8 Securely attach conduit to gas diffuser and contact tube to prevent wire jams 
caused by misalignment 
Source: Courtesy of Larry Jeffus 


connection, remove any dirt, rust, oil, or other surface contamination at 
the point where the work clamp is connected to the weldment. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-2 


Threading FCAW Wire 


Using the FCAW machine that was properly assembled in Practice 4-1, 
you will turn the machine on and thread the electrode wire through the 
system. 

Check that the unit is assembled correctly according to the manufac- 
turer’s specifications. Switch on the power and check the gun switch cir- 
cuit by depressing the switch. The power source relays, feed relays, gas 
solenoid, and feed motor should all activate. 

Cut off the end of the electrode wire if it is bent. When working with 
the wire, be sure to hold it tightly. The wire will become tangled if it is 
released. The wire has a natural curl known as cast. Straighten out about 
12 in. (300 mm) of the curl to make threading easier. Separate the wire 
feed rollers and push the wire first through the guides, then between the 
rollers, and finally into the conduit liner, Figure 4.9. Reset the rollers so 
there is a slight amount of compression on the wire, Figure 4.10. Set the 
wire-feed speed control to a slow speed. Hold the welding gun so that 
the electrode conduit and cable are as straight as possible. 

Wearing safety glasses and pointing the gun away from the welder’s 
face, press the gun switch or the cold feed switch on the feeder. Pressing 
the gun switch to start the wire feeder is called triggering the gun. The 
cold feed switch on the feeder is a safety option built into some equip- 
ment that advances the wire without current being sent to the gun. The 
wire should start feeding into the liner. Watch to make certain that the 
wire feeds smoothly and release the gun switch as soon as the end 
comes through the gun. 

If the wire stops feeding before it reaches the end of the gun, stop and 
check the system. If no obvious problem can be found, mark the wire 
with tape and remove it from the gun. It can then be held next to the 
system to determine the location of the problem. 


FILLER WIRE 
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Dvi Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 6 


Key Indicator 2 
Gas Shielded 


Key Indicator 3 
Self Shielded 
Key Indicator 8 


Figure 4.9 Push the wire through the guides by hand Figure 4.10 Adjust the wire-feed tensioner 


Source: Courtesy of Larry Jeffus Source: Courtesy of Larry Jeffus 
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Figure 4.11 Wire protection 


With the wire feed running, adjust the feed roller compression so that 
the wire reel can be stopped easily by a slight pressure. Too light a roller 
pressure will cause the wire to feed erratically. Too high a pressure can 
crush some wires, causing some flux to be dropped inside the wire liner. 
If this happens, you will have a continual problem with the wire not feed- 
ing smoothly or jamming. 

With the feed running, adjust the spool drag so that the reel stops 
when the feed stops. The reel should not coast to a stop, because it 
allows slack in the wire that can easily be snagged. Also, when the feed 
restarts, a jolt occurs when the slack in the wire is taken up. This jolt can 
be enough to momentarily stop the wire, possibly causing a discontinuity 
in the weld. 

When the test runs are completed, you can either rewind or cut off the 
wire. Some wire-feed units have a retract button. This allows the feed 
driver to reverse and retract the wire automatically. To rewind the wire 
on units without this retraction feature, release the rollers and turn 
them backward by hand. If the machine will not allow the feed rollers 
to be released without upsetting the tension, you must cut the wire. 
Some wire reels have covers to prevent the collection of dust, dirt, and 
metal filings on the wire, Figure 4.11. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


(A) Covered wire reel. (B) Wire cover on a dual wire-feed system. 


Source: Courtesy of Lincoln Electric Company 
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FLAT-POSITION WELDS F u 
odule 1 
PRAGTIGE 4-3 Key Indicator 1, 2, 3, 4 


Stringer Beads, Flat Position Dvi Module 2 
. . , Key Indicator 1, 2, 3, 4, 7 
Using a properly set up and adjusted FCA welding machine, Table 4.1, 
Y Module 6 


proper safety protection, E70T-1 and/or E71T-11 electrodes of diameter 
0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces 
of mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) or thicker, you 
will make a stringer bead weld in the flat position, Figure 4.12. 


Key Indicator 1 
Gas Shielded 
Key Indicator 4 
Self Shielded 
Key Indicator 9 


Table 4.1 FCA Welding Parameters for Use if Specific Settings Are Unavailable from Electrode Manufacturer (base metal 
thickness 1/4 to 1/2 inch) 


Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thickness 
ipm (cm/min.) 

E7OT-1 0.035 in. 130 to 150 288 to 380 22to25 None n/a Low-carbon 1/4 in. to 1/2 in. 
E71T-1 (0.9 mm) (732 to 975) steel (6 mm to 13 mm) 
E7OT-1 0.045 in. 150to 210 200 to 300 28 to 29 None n/a Low-carbon 1/4 in. to 1/2 in. 
E71T-1 (1.2 mm) (508 to 762) steel (6 mm to 13 mm) 
E70T-5 0.035 in. 130 to 200 288 to 576 20 to 28 75% argon 30 cfh Low-carbon 1/4 in. to 1/2 in. 
E71T-11 (0.9 mm) (732 to 1463) 25% CO» steel (6 mm to 13 mm) 
E7OT-5 0.045 in. 150to 250 200 to 400 23to29 75% argon 35 cfh Low-carbon 1/4 in. to 1/2 in. 
E71T-11 (1.2 mm) (508 to 1016) 25% CO» steel (6 mm to 13 mm) 


APPROX. 3" 
(76 mm) 


Welding: Skills, Processes and Practices 


MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 


12" X 3" (305 mm X 76 mm 
PROCESS: 


FCAW STRINGER BEAD FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-3 JESSICA ALVAREZ 


Figure 4.12 FCAW stringer bead, 1/4 in. mild steel, flat position 
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Starting at one end of the plate and using a dragging technique, make 
a weld bead along the entire 12-in. (305-mm) length of the metal. After 
the weld is complete, check its appearance. Make any needed changes to 
correct the weld. Repeat the weld and make additional adjustments. After 
the machine is set, start to work on improving the straightness and uni- 
formity of the weld. Use weave patterns of different widths and straight 
stringers without weaving. 

Repeat with both classifications of electrodes until beads can be made 
straight, uniform, and free from any visual defects. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


SQUARE-GROOVE WELDS 


One advantage of FCA welding is the ability to make 100%-joint-penetrat- 
ing welds without beveling the edges of the plates. These full-joint-pene- 
trating welds can be made in plates that are 1/4 in. (6 mm) or less in 
thickness. Welding on thicker plates risks the possibility of a lack of 
fusion on both sides of the root face, Figure 4.13. 

There are several disadvantages of having to bevel a plate before 
welding: 


e Beveling the edge of a plate adds an operation to the fabrication 
process. 

e Both more filler metal and welding time are required to fill a 
beveled joint than are required to make a square jointed weld. 

e Beveled joints have more heat from the thermal beveling and 
additional welding required to fill the groove. The lower heat input 
to the square joint means less distortion. 


The major disadvantage of making square jointed welds is that as 
the plate thickness approaches 1/4 in. (6 mm) or if the weld is out of 


Figure 4.13 A beveled joint may or may not have a flat surface, called a root face 
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position, a much higher level of skill is required. The skill required to 
make quality square welds can be acquired by practicing on thinner 
metal. It is much easier to make this type of weld in metal 1/8 in. (3 
mm) thick and then move up in thickness as your skills improve. 


PRACTICE 4-4 


Butt Joint 1G 
Using a properly set up and adjusted FCA welding machine, proper ú Module 1 


safety protection, E70T-1 and/or E71T-11 electrodes of diameter 0.035 Key Indicator 1, 2, 3, 4 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces Y Module 2 
of mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) or less in Key Indicator 1, 2, 3, 4, 7 
thickness, you will make a groove weld in the flat position, Figure 4.14. 
Y Module 6 
e Tack weld the plates together and place them in position to be Gas Shielded 
welded. Key Indicator 6 
e Starting at one end, run a bead along the joint. Watch the molten Self Shielded 
weld pool and bead for signs that a change in technique may be Key Indicator 11 
required. This practice addresses the 
e Make any needed changes as the weld progresses in order to pro- “Flat” position portion of the 
duce a uniform weld. all-position requirement of 


6 and 11. 
Repeat with both classifications of electrodes until defect-free welds 
can consistently be made in the 1/4-in.-thick (6-mm-thick) plate. Turn 


6 mm) 


i 


12" (305 mm ) ————_ > 


= 


APPROX. 3" 
(76 mm) 


d 


Welding: Skills, Processes and Practices 


MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW BUTT JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-4 JESSICA ALVAREZ 


Figure 4.14 FCAW butt joint, 1/4 in. mild steel, flat position 
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off the welding machine and shielding gas and clean up your work area 
when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


V-GROOVE AND BEVEL-GROOVE WELDS 


Although for speed and economy engineers try to avoid specifying welds 
that require beveling the edges of plates, it is not always possible. Any- 
time the metal being welded is thicker than 1/4 in. (6 mm) and a 100% 
joint penetration weld is required, the edges of the plate must be pre- 
pared with a bevel. Fortunately, FCA welding allows a narrower groove 
to be made and still achieve a thorough thickness weld, due to the dee- 
per penetration characteristics of the FCAW process, Figure 4.15. 

All FCA groove welds are made using three different types of weld 
passes, Figure 4.16. 


e Root pass: The first weld bead of a multiple-pass weld. The root 
pass fuses the two parts together and establishes the depth of weld 
metal penetration. 

e Filler pass: Made after the root pass is completed and used to fill 
the groove with weld metal. More than one pass is often required. 

e Cover pass: The last weld pass on a multipass weld. The cover pass 
may be made with one or more welds. It must be uniform in 
width, reinforcement, and appearance. 


60° 
\ / 
Ed 4 


Figure 4.15 Reduced groove angle for FCAW 
A smaller groove angle reduces both weld time and filler metal required to make the weld. 


COVER 
A 


ate nad 


Figure 4.16 Three types of weld passes make up a weld 


Root Pass 


A good root pass is needed in order to obtain a sound weld. The root 
may be either open or closed using a backing strip, Figure 4.17. 

The backing strips are usually made from a piece of metal 1/4 in. 
(6 mm) thick and 1 in. (25 mm) wide, and should be 2 in. (50 mm) 
longer than the base plates. The strip is attached to the plate by tack 
welds made on the sides of the strip, Figure 4.18. 

Most production welds do not use backing strips, so they are made as 
open root welds. Because of the difficulty in controlling root weld face 
contours in FCAW, however, open-root joints are often avoided on criti- 
cal welds. If an open-root weld is needed because of weldment design, 
the root pass may be put in with an SMAW electrode or the root face of 
the FCA weld can be retouched by grinding and/or back welding. 

Care must be taken with any root pass not to have the weld face too 
convex, Figure 4.19. Convex weld faces tend to trap slag along the toe of 


BOON PARS OPEN ROOT 


BACKING STRIP 


Figure 4.17 Root pass 
The maximum deposit for a root pass is 1/4 in. (6 mm) thick. 


TEST PLATES 


Figure 4.18 Backing strip 
Securely tack weld the backing strip to the test plates. 
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SLAG TRAPPED 


Figure 4.19 Slag trapped beside weld bead is hard to remove 


CONCAVE FACE 
NO SLAG TRAPPED 


Figure 4.20 Flat or concave weld faces are easier to clean off 


the weld. FCA weld slag can be extremely difficult to remove in this area, 
especially if there is any undercutting. To avoid this, adjust the welding 
power settings, speed, and weave pattern so that a flat or slightly concave 
weld face is produced, Figure 4.20. 


Filler Pass 


Filler passes are made with either stringer beads, which are made with a 
straight progression and very little gun manipulation, or weave beads, in 
which the operator oscillates the gun from side to side in order to widen 
the weld profile. Either bead type works well for flat or vertically positioned 
welds, but stringer beads work best for horizontal and overhead-positioned 
welds. When multiple-pass filler welds are required, each weld bead must 
overlap the others along the edges. Edges should overlap smoothly enough 
so that the finished bead is uniform, Figure 4.21. Stringer beads usually 
overlap about 25% to 50%, and weave beads overlap approximately 10% 
to 25%. 


SMOOTH BEAD CONTOUR 


BEAD OVERLAP 
OF WELDS 


Figure 4.21 The surface of a multipass weld should be as smooth as if it were made by 
one weld 


7.3 Addition and subtraction 


If a temperature of —3°C increases by 5 degrees, the new temperature 
is 2°C. You can express this as an addition, —3 + 5 = 2, and illustrate it 
on a number line as in Figure 7.3. You start at —3 and go 5 to the right. 
+5 
e 
I I 
-5-4 -3-2-1 012345 
Figure 7.3 


You can also obtain similar results such as —3 + 2 = —1 and -3 + 3 = 0. 
If a temperature of 2°C falls by 3 degrees, the new temperature is —1°C. 
You can express this as a subtraction, 2 — 3 = —1, and illustrate it on 
a number line as in Figure 7.4. You start at 2 and go 3 to the left. 
-3 
¡A 
I I 
-5-4-3-2-1 01234 5 
Figure 7.4 
In a similar way, you could obtain results such as -2 -1 =-3. 


An addition like 4 + (-1) has to be written in a different form 
before you can apply this method. These three simple additions can 
be used to introduce the different form. 


4+2=6 4+1=5 4+0=4 


Continuing the pattern, 4 + (-1) = 3. However, as 4 — 1 is also 3, 
this suggests that adding —1 is the same as subtracting 1. 


Example 7.3.1 
Work out —2 + (-5). 


Adding —5 is the same as subtracting 5. 
So —2 + (-5) =-2-5=-7. 


Each weld bead must be cleaned before the next bead is started. The 
filler pass ends when the groove has been filled to a level just below the 
plate surface. 


Cover Pass 


The cover pass may or may not simply be a continuation of the weld 
beads used to make the filler pass(es). The major difference between 
the filler pass and the cover pass is the weld face importance. Keeping 
the face and toe of the cover pass uniform in width, reinforcement, and 
appearance and free of defects is essential. Most welds are not tested 
beyond a visual inspection. For that reason the appearance might be 
the only factor used for accepting or rejecting welds. 

The cover pass must meet a strict visual inspection standard. The 
visual inspection looks to see that the weld is uniform in width and rein- 
forcement. There should be no arc strikes or hammer marks from chip- 
ping or slag removal operations on the plate other than those on the weld 
itself. The weld must be free of both incomplete fusion and cracks. The 
weld must be free of overlap, and undercut must not exceed either 10% 
of the base metal or 1/32 in. (0.8 mm), whichever is less. Reinforcement 
must have a smooth transition with the base plate and be no higher than 
1/8 in. (3 mm), Figure 4.22. 


PRACTICE 4-5 


Butt Joint 16 


Use a properly set up and adjusted FCA welding machine, Table 4.1; 
proper safety protection; E70T-1 and/or E71T-11 electrodes of diameter 
0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of 
mild steel plate, beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; 
and a backing strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. 
(6 mm) thick. You will make a groove weld in the flat position, Figure 4.23. 

Tack weld the backing strip to the plates. There should be a root gap 
of approximately 1/8 in. (3 mm) between the plates. The beveled surface 
can be made with or without a root face, Figure 4.24. 


ARC STRIKE 


POROSITY 


= EXCESSIVE 
REINFORCEMENT 
INCLUSION 


SLAG 


EXCESSIVE 
WIDTH 


Figure 4.22 Common discontinuities found during a visual examination 


Flux Cored Arc Welding 157 


Y Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 6 


Gas Shielded 

Key Indicator 6 

Gas Shielded 

Key Indicator 11 

This practice addresses the 
“Flat” position portion of the 
all-position requirement of 

6 and 11. 
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12" (305 mm ) ——_ > 
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APPROX. 3" 
(76 mm) 


Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12"X 3" (305 mmX 76 mm 
PROCESS: 
FCAW BUTT JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-5 JESSICA ALVAREZ 


Figure 4.23 FCAW butt joint, 3/8 in. mild steel, flat position 


Place the test plates in position at a comfortable height and location. 
Be sure that you have complete and free movement along the full length 
of the weld joint. It is often a good idea to make a practice pass along the 
joint with the welding gun without power to make sure nothing will inter- 
fere with your making the weld. Be sure the welding cable is free and will 
not get caught on anything during the weld. 

Start the weld outside the groove on the backing strip tab, Figure 4.25. 
This is done so that the arc is smooth and the molten weld pool size is 


ROOT FACE 
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ROOT EDGE 


Figure 4.25 Using the ends of a backing strip 
Run-off tabs, in which the weld starts and stops on the ends of 
the backing strip, help control possible underfill or burn-back at 


Figure 4.24 Groove layout with and without a root face the starting and stopping points of a groove weld. 
Source: Courtesy of Larry Jeffus 


established at the beginning of the groove. Continue the weld out onto 
the tab at the outer end of the groove. This process ensures that the 
end of the groove is completely filled with weld. 

Repeat with both classifications of electrodes until consistently defect- 
free welds can be made. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-6 


Butt Joint 1G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of 
mild steel plate, beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) 
thick; and a backing strip 14 in. (355 mm) long, 1 in. (25 mm) wide, 
and 1/4 in. (6 mm) thick. You will make a groove weld in the flat posi- 
tion, Figure 4.26. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-5, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


3" 
ata | 8 (9.5 mm) 


12" (305 mm) ————————_—> 
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CUT OUT FOR TESTING 


ll (152 mm) 
APPROX. 
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Y Module 1 


Key Indicator 1, 2, 3, 4 


É Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 6 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Flat” position portion of the 
all-position requirement of 

6 and 11. 


Welding: Skills, Processes and Practices 
MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 


PROCESS: 


12" X 3" (305 mm X 76 mm 


FCAW BUTT JOINT FLAT POSITION 


DRAWN BY: 
PRACTICE 4-6 DEIRDRE McMULLEN MD. 


NUMBER: 


Figure 4.26 FCAW butt joint, 3/8 in. mild steel, flat position 
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FILLET WELDS 


A fillet weld is the type of weld made on a lap joint and a tee joint. It 
should be built up equal to the thickness of the plate, Figure 4.27. On 
thick plates the fillet must be made up of several passes as with a groove 
weld. The difference with a fillet weld is that a smooth transition from the 
plate surface to the weld is required. If this transition is abrupt, it can 
cause stresses that will weaken the joint. 

The lap joint is made by overlapping the edges of the plates. They 
should be held together tightly before tack welding them together. A small 
tack weld may be added in the center to prevent distortion during welding, 
Figure 4.28. Chip and wire brush the tacks before you start to weld. 

The tee joint is made by tack welding one piece of metal on another 
piece of metal at a right angle, Figure 4.29. After the joint is tack welded 
together, the slag is chipped from the tack welds. If the slag is not 
removed, it will cause a slag inclusion in the final weld. 


SMOOTH WELD 
TRANSITION 


LEG 
THICKNESS o 


SMOOTH WELD 
TRANSITION 


Figure 4.27 The legs of a fillet weld should generally be equal to the thickness of the 
base metal 


SMALL 
TACK WELDS 
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Figure 4.28 Tack welding the plates of a lap joint together 
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TACK WELDS 


Figure 4.29 Tack welding both sides of a tee joint 
Tack welding will help keep the tee square for welding. 


Holding thick plates tightly together on tee joints may cause under- 
bead cracking, or lamellar tearing, Figure 4.30. On thick plates the weld 
shrinkage can be great enough to pull the metal apart well below the 
bead or its heat-affected zone. In production welds, cracking can be con- 
trolled by not assembling the plates tightly together. The space between 
the two plates can be set by placing a small wire spacer between them, 
Figure 4.31. 

A fillet welded lap or tee joint can be strong if it is welded on both 
sides, even without having deep penetration, Figure 4.32. Some tee joints 
may be prepared for welding by cutting either a bevel or a J-groove in the 
vertical plate. This cut is not required for strength but may be necessary 
because of design limitations. Unless otherwise specified, most fillet 
welds will be equal in size to the plates welded. A fillet weld will be as 
strong as the base plate if the size of the two welds equals the total thick- 
ness of the base plate. The weld bead should have a flat or slightly concave 
appearance to ensure the greatest strength and efficiency, Figure 4.33. 

The root of fillet welds must be melted to ensure a completely fused 
joint. A notch along the root of the weld pool is an indication that the root 
is not being fused together, Figure 4.34. To achieve complete root fusion, 
move the arc to a point as close as possible to the leading edge of the 
weld pool, Figure 4.35. If the arc strikes the unmelted plate ahead of the 
molten weld pool, it may become erratic, which will increase weld spatter. 


Figure 4.30 Underbead cracking, 
or lamellar tearing, of the base plate 


WELD WELD 
RODS SIZE SIZE 
Figure 4.31 Spacers in tee joints Figure 4.32 Fillet weld size 
Base plate cracking can be controlled by placing spacers in the If the total weld sizes are equal, then both tee joints would have 


joint before welding. equal strength. 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Flat” position portion of the 
all-position requirement for 
5 and 10. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 
Key Indicator 5 
Self Shielded 
Key Indicator 10 


Figure 4.34 Watch the root of the weld 
bead to be sure there is complete fusion 
Source: Courtesy of Larry Jeffus 


-m FORCE -< FORCE 


FLAT TO 
CONCAVE 
CONTOUR 


CONVEX 
CONTOUR 


STRESS LINES 


Figure 4.33 Fillet weld shape 
The stresses are distributed more uniformly through a flat or concave fillet weld. 


ARC POINT 


Figure 4.35 Moving the arc as close as 
possible to the leading edge of the weld will 
provide good root fusion. 


PRACTICE 4-7 


Lap Joint and Tee Joint 1F 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 electrodes of diameter 0.035 in. 
and/or 0.045 in. (0.9 mm and/or 1.2 mm); and one or more pieces of mild 
steel plate, beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick. You 
will make a fillet weld in the flat position. 

Tack weld the pieces of metal together and brace them in position. 
When making the lap or tee joints in the flat position, the plates must be 
at a 45° angle so that the surface of the weld will be flat, Figure 4.36A and 
Figure 4.36B. Starting at one end, make a weld along the entire length of the 
joint. 

Repeat each type of joint with both classifications of electrodes until 
consistently defect-free welds can be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-8 


Tee Joint 1F 


Use a properly set up and adjusted FCA welding machine, Table 4.2; 
proper safety protection; E70T-1 and/or E71T-11 electrodes of diameter 
0.035 in. and/or through 1/16 in. (0.9 mm and/or through 1.6 mm); one 
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Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12" X 3" (305 mm X 76 mm 
PROCESS: 
FCAW LAP JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-7 HEATHER AGA 


Figure 4.36 (A) FCAW lap joint, 3/8 in. mild steel, flat position 


Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12"X3"(305 mm X 76 mm 
PROCESS: 
CAW TEE JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-7 MATTIE AGA 


Figure 4.36 (B) FCAW tee joint, 3/8 in. mild steel, flat position 
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Table 4.2 FCA Welding Parameters for Use if Specific Settings Are Unavailable from Electrode Manufacturer (base metal 
thickness 1/2 to 3/4 inch) 


Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thickness 
ipm (cm/min) 

E7OT-1 0.035 in. 130 to 150 288 to 380 22to25 None n/a Low-carbon 1/2 in. to 3/4 in. 
E71T-1 (0.9 mm) (732 to 975) steel (13 mm to 19 mm) 
E7OT-1 0.045 in. 150 to 210 200 to 300 28 to 29 None n/a Low-carbon 1/2 in. to 3/4 in. 
E71T-1 (1.2 mm) (508 to 762) steel (13 mm to 19 mm) 
E7OT-1 .052 in. 150 to 300 150 to 350 25 to 33 None n/a Low-carbon 1/2 in. to 3/4 in. 
E71T-1 (1.4 mm) (381 to 889) steel (13 mm to 19 mm) 
E7OT-1 1/16 in. 200 to 400 150 to 300 27 to 33 None n/a Low-carbon 1/2 in. to 3/4 in. 
E71T-1 (1.6 mm) (381 to 762) steel (13 mm to 19 mm) 
E7OT-5 0.035 in. 130to 200 288 to 576 20to28 75% argon 30 cfh Low-carbon 1/2 in. to 3/4 in. 
E71T-11 (0.9 mm) (732 to 1463) 25% CO» steel (13 mm to 19 mm) 
E7OT-5 0.045 in. 150to 250 200 to 400 23 to 29 75% argon 35cfh Low-carbon 1/2 in. to 3/4 in. 
E71T-11 (1.2 mm) (508 to 1016) 25% CO» steel (13 mm to 19 mm) 
E7OT-5 0.052 in. 150to 300 150 to 350 21 to 32 75% argon 35cfh Low-carbon 1/2 in. to 3/4 in. 
E71T-11 (1.4 mm) (381 to 889) 25% CO» steel (13 mm to 19 mm) 
E7OT-5 1/16 in. 180 to 400 145 to 350 211034 75% argon 40cfh Low-carbon 1/2 in. to 3/4 in. 
E71T-11 (1.6 mm) (368 to 889) 25% CO» steel (13 mm to 19 mm) 

or more pieces of mild steel plate, beveled, 7 in. (178 mm) long and 3/4 in. 

(19 mm) thick or thicker. You will make a fillet weld in the flat position. 

Following the same instructions for the assembly and welding proce- 

dure outlined in Practice 4-7, repeat each type of joint with both classifi- 

cations of electrodes until consistently defect-free welds can be made. 

Turn off the welding machine and shielding gas and clean up your work 

area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
Module 1 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Key Indicator 1, 2 
Gas Shielded 

Key Indicator 3 
Gas Shielded 

Key Indicator 4 
Self Shielded 

Key Indicator 8 
Self Shielded 

Key Indicator 9 


Butt Joint at a 45° Vertical Up Angle 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, 0.035-in. and/or 0.045-in. (0.9-mm and/or 1.2-mm)- 
diameter E71T-1 and/or E71T-11 electrodes, and one or more pieces of 
mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) thick or thin- 
ner, you will increase the plate angle gradually as you develop skill until 
you are making satisfactory welds in the vertical up position, Figure 4.37. 


e Start practicing this weld with the plate at a 45° angle. 

e Gradually increase the angle of the plate to vertical as skill is 
gained in welding this joint. A straight stringer bead or slight zigzag 
will work well on this joint. 

e Establish a molten weld pool in the root of the joint. 

e Cool, chip, and inspect the weld for uniformity and defects. 


Figure 4.37 Start making welds with the plate at a 45° angle 
As your skill develops, increase the angle until the plate is vertical. 


It is easier to make a quality weld in the vertical up position if lower 
settings are used in both the amperage range and voltage range. This 
will make the molten weld pool smaller, less fluid, and easier to control. 
A problem with lower power settings is that the weld bead often can be 
very convex, Figure 4.38. Faster travel speed and/or slightly wider weave 
patterns can be used to control the bead shape. 

Start at the bottom of the plate and hold the welding gun at a slight 
upward angle to the plate, Figure 4.39. Brace yourself, lower your hood, 
and begin to weld. Depending on the machine settings and type of elec- 
trode used, you will make a weave pattern. 

If the molten weld pool is large and fluid (hot), use a C or J weave pat- 
tern to allow a longer time for the molten weld pool to cool, Figure 4.40. 
Do not make the weave so long or fast that the electrode is allowed to 
strike the metal ahead of the molten weld pool. If this happens, spatter 
increases and a spot or zone of incomplete fusion may occur. 

A weld that is high and has little or no fusion is too “cold.” Changing the 
welding technique will not correct this problem. The welder must stop 
welding and make the needed adjustments to the power supply or electrode 
feeder. Continue to weld along the entire 12-in. (305-mm) length of plate. 

Repeat welds with both electrodes until defect-free welds can be con- 
sistently made vertically in the 1/4-in. (6-mm)-thick plate. Turn off the 


Figure 4.38 Low amperage causes too much buildup and not enough penetration 
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Figure 4.39 45” vertical up 


Module 1 ah 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Vertical” portion of the 
all-position requirement. 


o (78 mm) m 


Figure 4.41 FCAW 3G butt joint, 1/4 in. mild steel 


THIS SHAPE INDICATES 
CORRECT THAT WELD POOL IS 
WELD POOL COOLING TOO SLOWLY 


SIZE AND SHAPE 


Figure 4.40 The shape of the weld pool can indicate the 
temperature of the surrounding base metal 


welding machine and shielding gas and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRAGTIGE 4-10 


Butt Joint 3G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. 
and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces of mild 


12" (305 mm) 


Welding: Skills, Processes and Practices 


MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 
n 12" X 5" (5305 mm X 76 mm 
Y (6 mm) PROCESS: 
4 


FCAW 3G BUTT JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-10 AMY JEFFUS 


You can devise a method for a subtraction like 5 — (-1) using a similar 
approach but in this case you start with three simple subtractions. 


Se 25 5-1=4 SS 


Continuing the pattern, 5 — (-1) = 6. However, as 5 + 1 is also 6, 
this suggests that subtracting —1 is the same as adding 1. 
Insight 
You can think of adding and subtracting negative numbers in 
the same way as adding and subtracting debt; when you add 
debt (a negative) the amount in your bank account decreases 
and when you take away some debt (subtract a negative) 
your net worth increases. 


Example 7.3.2 
Work out —7 — (-3). 


Subtracting —3 is the same as adding 3. 
So —7 — (-3) =-7 + 3 = —4. 


Ea A E 
When you add or subtract directed numbers, look at the signs 
in the middle of the calculation: 


Same signs > add so 6+ (+4) =6+4=10 
and 6-(-4)=6+4=10 

Different signs > subtract so 6+ (4)=6-4=2 
and 6-(+4)=6-4=2 


1 The temperature rises by 6 degrees from —1°C. Work out the new 
temperature. 
2 The temperature falls by 7 degrees from 3°C. Find the new 


temperature. 
(Contd) 
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steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) thick or thinner, you 
will make a groove weld in the vertical position, Figure 4.41. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-9, repeat with both classifications of electro- 
des until defect-free welds can be consistently made in the 1/4-in. 
(6-mm)-thick plate. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-11 


Butt Joint 3G 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of mild steel plate, 
beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; and a backing 
strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. 
You will make a groove weld in the vertical position. 

Following the same instructions for assembly and welding procedure 
as outlined in Practice 4-9, repeat with both classifications of electrodes 
until defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-12 


Butt Joint 3G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of mild steel plate, 
beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; and a backing 
strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. 
You will make a groove weld in the vertical position, Figure 4.42. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-9, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-13 


Butt Joint 3G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E71T-1 and/or E71T-11 electrodes of diameter 0.045 
in. and/or through 1/16 in. (0.9 mm and/or through 1.6 mm); one 
or more pieces of mild steel plate, beveled, 7 in. (178 mm) long and 
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Y Module 1 


Key Indicator 1, 2, 3, 4 


avi Module 2 


Key Indicator 1, 2, 3, 4, 7 


avi Module 6 
Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Y Module 1 


Key Indicator 1, 2, 3, 4 


avi Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 6 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Y Module 9 


Key Indicator 1, 2 

This practice addresses the 
“Vertical” component of the 
all-position requirement 

of 6 and 11. 


Y Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 6 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Y Module 9 


Key Indicator 1, 2 

This practice addresses the 
“Vertical” portion of the 
all-position requirement 
of 6 and 11. 
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Figure 4.42 FCAW 3G butt joint, 3/8 in. mild steel 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 

Key Indicator 1, 2 
Gas Shielded 
Key Indicator 3 
Gas Shielded 
Key Indicator 4 
Self Shielded 
Key Indicator 8 
Self Shielded 
Key Indicator 9 
Self Shielded 
Key Indicator 10 
Self Shielded 
Key Indicator 11 
Self Shielded 
Key Indicator 12 


Module 9 Y 


Key Indicator 1, 2 


Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) GAUGE MILD STEEL PLATE 
12"Xx3"(305 mm X 76 mm 
PROCESS: 


FCAW 3G BUTT JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-12 AMY JEFFUS 


3/4 in. (19 mm) thick or thicker; and a backing strip 9 in. (230 mm) long, 
1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. You will make a groove 
weld in the vertical position, Figure 4.43. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-9, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-14 


Fillet Weld Joint at a 45° Vertical Up Angle 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces 
of mild steel plate, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick, 
you will increase the plate angle gradually as you develop skill until you 
are making satisfactory welds in the vertical up position, Figure 4.44. 

Tack weld the metal pieces together and brace them in position. Check 
to see that you have free movement for your gun along the entire joint to 
prevent stopping and restarting during the weld. Avoiding stops and starts 
both speeds up the welding time and eliminates discontinuities. 

It is easier to make a quality weld in the vertical up position if both 
the amperage and voltage are set at the lower end of their ranges. This 
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Welding: Skills, Processes and Practices 


MATERIAL: 3/4" (19 mm) MILD STEEL PLATE 
m 12"X 3"(178 mm X 76 mm 
pesmi” 4 | ) FCAW 3G BUTT JOINT 
NUMBER: DRAWN BY: 
PRACTICE 4-13 AMY JEFFUS 


Figure 4.43 FCAW 3G butt joint, 3/4 in. mild steel 


Figure 4.44 45° vertical up fillet weld 


will make the molten weld pool smaller, less fluid, and easier to control. 
A problem with the lower power settings is that the weld bead often is 
very convex. A convex face on a weld bead often makes it more difficult 
to remove the slag along the toe of the weld. 

The weave pattern should allow for adequate fusion on both edges of 
the joint. Watch the edges to be sure that they are being melted so that 
adequate fusion and penetration occur. 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 
Key Indicator 5 
Self Shielded 
Key Indicator 10 


Module 9 Y 


Key Indicator 1, 2 

This practice addresses the 
“Vertical” position component 
of the all-position requirement. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Vertical” component of the 
all-position requirement for 
5 and 10. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Horizontal” component of the 
all-position requirement for 

5 and 10. 


Repeat the weld with each electrode type until defect-free welds can 
consistently be made vertically. Turn off the welding machine and shield- 
ing gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-15 


Lap Joint and Tee Joint 3F 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); and one or more pieces 
of mild steel plate, beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) 
thick. You will make a fillet weld in the vertical position. 

Following the same instructions for assembly and welding procedure 
as outlined in Practice 4-14, repeat each type of joint with both classifica- 
tions of electrodes until you can make welds with 100% penetration that 
will pass the test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-16 


Tee Joint 3F 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.045 in. 
and/or through 1/16 in. (0.9 mm and/or through 1.6 mm), and one or 
more pieces of mild steel plate, 7 in. (178 mm) long and 3/4 in. (19 mm) 
thick, you will make a fillet weld in the vertical position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-14, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


HORIZONTAL WELDS 
PRACTICE 4-17 


Lap Joint and Tee Joint 2F 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 (or E71T-1 and/or E70T-5) 
electrodes of diameter 0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 
mm); and one or more pieces of mild steel plate, beveled, 12 in. (305 
mm) long and 3/8 in. (9.5 mm) thick. You will make a fillet weld in the 
horizontal position, Figure 4.45A and Figure 4.45B. 
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Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12" X 3" (305 mm X 76 mm 
PROCESS: 
FCAW 2F LAP JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-17 NEIL SCHWARTZ 


Figure 4.45 (A) FCAW 2F lap joint, 3/8 in. mild steel 


12" (305 mm ) ————_ > 


d 


Welding: Skills, Processes and Practices 


MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 
12" X 3" (305 mm X 76 mm 
PROCESS: 
FCAW 2F TEE JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-17 ADAM SCHWARTZ 


(6 mm) 


Figure 4.45 (B) FCAW 2F tee joint, 1/4 in. mild steel 
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OVERLAP 


TRAPS SLAG. MN 


Figure 4.46 Slag can be trapped along the side of the root 


pass 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Horizontal” component of the 
all-position requirement for 

5 and 10. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 


Figure 4.47 FCAW weld bead positions for a 100% penetration 
grooved tee joint 


The root weld must be kept small so that its contour can be controlled. 
Too large a root pass can trap slag under overlap along the lower edge of 
the weld, Figure 4.46. Clean each pass thoroughly before the weld bead is 
started. Follow the weld bead sequence shown in Figure 4.47. Use stringer 
beads rather than weave beads in order to eliminate overlap. Keeping all of 
the weld beads small will help control their contour. 

Repeat each type of joint with both classifications of electrodes until 
defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-18 


Tee Joint 2F 


Use a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 (or E71T-1 and/or E70T-5) 
electrodes of diameter 0.045 in. and/or through 1/16 in. (0.9 mm and/ 
or through 1.6 mm), and one or more pieces of mild steel, beveled, 
7 in. (178 mm) long and 3/4 in. (19 mm) thick or thicker. You will 
make a fillet weld in the horizontal position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-17, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-19 


Butt Joint 2G 


Use a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 (or E71T-1 and/or E70T-5 elec- 
trodes) of diameter 0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), 
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Welding: Skills, Processes and Practices 
MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 


12" X 3" (305 mm X 76 mm 
PROCESS: 


FCAW 2G BUTT JOINT 


DRAWN BY: 
PRACTICE 4-19 SCOTT SCHWARTZ 


NUMBER: 


Figure 4.48 FCAW 2G butt joint, 1/4 in. mild steel 


and one or more pieces of mild steel plate, 12 in. (305 mm) long and 
1/4 in. (6 mm) thick or thinner. You will make a groove weld in the hor- 
izontal position, Figure 4.48. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made in the 1/4-in. (6-mm)-thick plate. Turn off the 
welding machine and shielding gas and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-20 


Butt Joint 2G 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 or 5 (or E71T-1 and/or E70T-5) 
electrodes of diameter 0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); 
one or more pieces of mild steel plate, beveled, 12 in. (305 mm) long and 
3/8 in. (9.5 mm) thick; and a backing strip 14 in. (355 mm) long, 1 in. 
(25 mm) wide, and 1/4 in. (6 mm) thick. You will make a groove weld in 
the horizontal position. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Y Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 6 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Horizontal” position portion 
of the all-position requirement 
of 6 and 11. 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 Y 


Key Indicator 1, 2 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 avi 


Self Shielded 

Key Indicator 6 

Gas Shielded 

Key Indicator 11 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 
Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 Y 


Key Indicator 1, 2 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 


PRACTICE 4-21 


Butt Joint 2G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 or 5 (or E71T-1 and/or E70T-5) 
electrodes of diameter 0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); 
one or more pieces of mild steel plate, beveled, 12 in. (305 mm) long and 
3/8 in. (9.5 mm) thick; and a backing strip 14 in. (355 mm) long, 1 in. 
(25 mm) wide and 1/4 in. (6 mm) thick. You will make a groove weld in 
the horizontal position. 

Repeat the weld using each electrode classification until you can make 
welds with 100% penetration that will pass a bend test. Turn off the weld- 
ing machine and shielding gas and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-22 


Butt Joint 2G 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 electrodes (or E71T-1 and/or 
E70T-5) of diameter 0.035 in. and/or through 1/16 in. (0.9 mm and/or 
through 1.6 mm); one or more pieces of mild steel plate, beveled, 7 in. 
(178 mm) long and 3/4 in. (19 mm) thick or thicker; and a backing strip 
9 in. (230 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. You 
will make a groove weld in the horizontal position, Figure 4.49. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-23 


Butt Joint 2G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 electrodes (or E71T-1 and/or 
E70T-5) of diameter 0.045 in. and/or through 1/16 in. (0.9 mm and/or 
through 1.6 mm); one or more pieces of mild steel plate, beveled, 7 in. 
(178 mm) long and 3/4 in. (19 mm) thick or thicker; and a backing strip 
9 in. (230 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. You 
will make a groove weld in the horizontal position. 

Repeat the weld until you can use each electrode type to make welds 
with 100% penetration that will pass a bend test. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Welding: Skills, Processes and Practices 
MATERIAL: 5/4" (19 mm) MILD STEEL PLATE 


PROCESS: 


7" X 3" (178 mm X 76 mm) 


FCAW 2G BUTT JOINT 


DRAWN BY: 
PRACTICE 4-22 GEORGE ALVAREZ 


NUMBER: 


Figure 4.49 FCAW 2G butt joint, 3/4 in. mild steel 


OVERHEAD-POSITION WELDS 
PRACTICE 4-24 


Butt Joint 4G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces 
of mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) thick or 
thinner, you will make a groove weld in the overhead position. 

The molten weld pool should be kept as small as possible for easier 
control. A small molten weld pool can be achieved by using lower cur- 
rent, faster traveling speeds, and settings. 

Lower current settings require closer control of gun manipulation to 
ensure that the electrode is fed into the molten weld pool just behind 
the leading edge. The low power will cause overlap and more spatter if 
this electrode-to-molten weld pool contact position is not closely main- 
tained. 

Faster travel speeds allow the welder to maintain a high production 
rate even if multiple passes are required to complete the weld. Weld pene- 
tration into the base metal at the start of the bead can be obtained by 
using a slow start or quickly reversing the weld direction. Both the slow 
start and reversal of weld direction put more heat into the weld start to 
increase penetration. The higher speed also reduces the amount of weld 
distortion by reducing the amount of time that heat is applied to a joint. 


Y Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 6 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Overhead” position portion 
of the all-position requirement 
of 6 and 11. 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 $ 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 Y 


Key Indicator 1, 2 

This practice addresses the 
“Overhead” position portion of 
the all-position requirement 
of 6 and 11. 


Figure 4.50 Hold the gun so that weld spatter will not fall onto the gun 


Source: Courtesy of Larry Jeffus 


For overhead welding, extra personal protection is required to reduce 
the danger of burns. Leather sleeves or leather jackets should be worn. 

Much of the spatter created during overhead welding falls into or on 
the nozzle and contact tube. The contact tube may short out to the gas 
nozzle. The shorted gas nozzle may arc to the work, causing damage 
both to the nozzle and to the plate. To control the amount of spatter, a 
longer stickout and/or a sharper gun-to-plate angle is required to allow 
most of the spatter to fall clear of the gun or nozzle, Figure 4.50. 

Make several short weld beads using various techniques to establish 
the method that is most successful and most comfortable for you. After 
each weld, stop and evaluate it before making a change. When you have 
decided on the technique to be used, make a welded stringer bead that is 
12 in. (305 mm) long. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made in the 1/4-in. (6-mm)-thick plate. Turn off the 
welding machine and shielding gas and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-25 


Butt Joint 4G 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces 
of mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) thick, you 
will make a groove weld in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


3 The temperature rises from —8°C to 3°C. By how many degrees 
does the temperature rise? 

4 The temperature falls from —2°C to —9°C. By how many degrees 
does the temperature fall? 

5 Work out these additions and subtractions. 
(a)-3+4 (b)-5+2 (c)-4+4 (d) 4-7 (e) 3-2 
(f)-6+5 (g)-1-8 (h)-2+5-8 (i)-4-5+9 (j)7-8-3 

6 Work out these additions and subtractions. 
(a)5+(-4) — (b)4-(=3) — (c)-2+(=7) — (d)-6- (55) 
(e) -3-(-9) (f)5+(=5) — (8)-8+(=2) — (h)-8- (-1) 


7.4 Multiplication and division 


You may have used a table like the one below to find the product 
(see Section 1.2) of multiplying two numbers together. 


You can extend the table to include negative numbers and zero. 
Then you can complete the rest of the table by continuing the 
number patterns. For example, the products in the right-hand 
column are 16, 12, 8 and 4, where each number is 4 less than 

the one above it. So the next five products will be 0, -4, -8, -12 
and -16. You can complete the top left and bottom right sections 
of the table similarly. 


The numbers in the left-hand column of the extended table are 
—16, -12, -8, 4 and 0; that is, each number is 4 more than the one 
above it. So the next four numbers will be 4, 8, 12 and 16. You can 
now complete the table with positive numbers in the bottom left 
section. 
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PRACTICE 4-26 


Butt Joint 4G 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of mild steel plate, 
beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; and a backing 
strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. 
You will make a groove weld in the overhead position, Figure 4.51. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat with both classifications of electro- 
des until defect-free welds can consistently be made. Turn off the weld- 
ing machine and shielding gas and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-27 


Butt Joint 4G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of mild steel plate, 
beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; and a backing 
strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. 
You will make a groove weld in the overhead position. 
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Y Module 1 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 6 

Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Overhead” position portion 
of the all-position requirement 
of 6 and 11. 


Y Module 1 


Key Indicator 1, 2, 3, 4 


Y Module 2 


Key Indicator 1, 2, 3, 4, 7 


Y Module 6 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 

Key Indicator 1, 2 

This practice addresses the 
“Overhead” position portion 
of the all-position requirement 
of 6 and 11. 


Welding: Skills, Processes and Practices 
MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 


PROCESS: 


12" X 3" (305 mm X 76 mm 


FCAW 4G BUTT JOINT 


NUMBER: 


PRACTICE 4-26 


Figure 4.51 FCAW 4G butt joint, 3/8 in. mild steel 


DRAWN BY: 
AMY JEFFUS 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Overhead” position portion of 
the all-position requirement 
of 6 and 11. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 Y 


Key Indicator 1, 2 

This practice addresses the 
“Overhead” position portion of 
the all-position requirement 
of 6 and 11. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Overhead” component of the 
all-position requirement 

for 5 and 10. 


Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-28 


Butt Joint 4G 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.045 in. and/or 
through 1/16 in. (0.9 mm and/or through 1.6 mm); one or more pieces of 
mild steel plate, beveled, 7 in. (178 mm) long and 3/4 in. (19 mm) thick or 
thicker; and a backing strip 9 in. (230 mm) long, 1 in. (25 mm) wide, and 
1/4 in. (6 mm) thick. You will make a groove weld in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat with both classifications of elec- 
trodes until defect-free welds can consistently be made. Turn off the weld- 
ing machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-29 


Butt Joint 4G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E71T-1 and/or E71T-11 electrodes of diameter 0.045 in. 
and/or through 1/16 in. (0.9 mm and/or through 1.6 mm); one or more 
pieces of mild steel plate, beveled, 7 in. (178 mm) long and 3/4 in. 
(19 mm) thick or thicker; and a backing strip 9 in. (230 mm) long, 1 in. 
(25 mm) wide, and 1/4 in. (6 mm) thick. You will make a groove weld 
in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass a bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-30 


Lap Joint and Tee Joint 4F 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); and one or more pieces of mild steel 
plate, beveled, 12 in. (305 mm) long and 3/4 in. (19 mm) thick. You will 
make a fillet weld in the overhead position, Figure 4.52A and Figure 4.52B. 
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Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12" X 3" (305 mm X 78 mm 
PROCESS: 
FCAW 4F LAP JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-30 WENDY JEFFUS 


Figure 4.52 (A) FCAW 4F lap joint, 3/8 in. mild steel 


3" (78 mm) 


== 


Welding: Skills, Processes and Practices 


MATERIAL: 3/4" (9.5 mm) MILD STEEL PLATE 
12" X 3" (305 mm X 78 mm 
PROCESS: 
FCAW 4F TEE JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-30 WENDY JEFFUS 


Figure 4.52 (B) FCAW 4F tee joint, 3/4 in. mild steel 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Avi 


Gas Shielded 
Key Indicator 5 
Self Shielded 
Key Indicator 10 


Module 9 Y 


Key Indicator 1, 2 

This practice addresses the 
“Overhead” component of 
the all-position requirement 
for 5 and 10. 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-31 


Tee Joint 4F 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E71T-1 and/or E71T-11 electrodes of diameter 0.045 in. 
and/or through 1/16 in. (0.9-mm and/or through 1.6-mm); and one or 
more pieces of mild steel plate, beveled, 7 in. (178 mm) long and 3/4 in. 
(19 mm) thick or thicker. You will make a fillet weld in the overhead 
position. 

Following the same instructions for the assembly and welding proce- 
dure as outlined in Practice 4-24, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass the bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


THIN-GAUGE WELDING 


The introduction of small electrode diameters has allowed FCA welding to 
be used on thin sheet metal. Usually these welds will be a fillet type, the 
easiest weld to make on thin stock. An effort should be made when possi- 
ble to design the weld so it is not a butt-type joint. A common use for FCA 
welding on thin stock is to join it to a thicker member, Figure 4.53. This 
type of weld is used to put panels in frames. 

The following practices include some butt-type joints. You will find 
that the vertical down welds are the easiest ones to make. If it is possible 
to position the weldment for a vertical down weld, production speeds for 
butt joints can be increased. 


PRACTICE 4-32 


Butt Joint 16 


Use a properly set up and adjusted FCA welding machine, Table 4.3; 
proper safety protection; E71T-1 and/or E70T-5 or E70T-1 and/or E71T- 
11 electrodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 
mm); and one or more pieces of mild steel sheet, 12 in. (305 mm) long 


O a E 


Figure 4.53 FCA welding of thin to thick metal 
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Table 4.3 FCA Welding Parameters for Use if Specific Settings Are Unavailable from Electrode Manufacturer 


Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thick 
ipm (cm/min) 

E7OT-1 0.030 in. 40 to 145 90 to 340 20to 27 None n/a Low-carbon 16 gauge to 
E71T-1 (0.8 mm) (228 to 864) steel 18 gauge 
E7OT-1 0.035 in. 130 to 200 288 to 576 20 to 28 None n/a Low-carbon 16 gauge to 
E71T-1 (0.9 mm) (732 to 1463) steel 18 gauge 
E7OT-5 0.035 in. 90 to 200 190 to 576 16to29 57% argon 35cfh Low-carbon 16 gauge 
E71T-11 (0.9 mm) (483 to 1463) 25% CO» steel 18 gauge 


and 16-gauge to 18-gauge thick. You will make a butt weld in the flat 
position, Figure 4.54. 

Do not leave a root opening for these welds. Even the slightest open- 
ing will result in a burn-through. If a burn-through occurs, the welder 
can be pulsed off and on so that the hole can be filled. This process will 
leave a larger than usual buildup. Excessive buildup could be ground off 
if necessary as part of the postweld cleanup. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
provided by your instructor. 
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Welding: Skills, Processes and Practices 


MATERIAL: 16 TO 18 GAUGE MILD STEEL SHEET 
12" X 3" (305 mm X 76 mm 


PROCESS: 


FCAW IG BUTT JOINT 


NUMBER: 


PRACTICE 4-32 


Figure 4.54 FCAW 1G butt joint, 16- to 18-gauge mild steel 


DRAWN BY: 
AMY JEFFUS 
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Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 Y 


Key Indicator 1, 2 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 5 

Gas Shielded 

Key Indicator 10 

This practice addresses the 
“Flat” component of the 
all-position requirement 
for 5 and 10. 


PRACTICE 4-33 


Butt Joint 1G 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E70T-5 or E70T-1 and/or E70T-11 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a butt weld in the flat position, 
Figure 4.55. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass a bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-34 


Lap Joint and Tee Joint 1F 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030-in. and/or 0.035-in. (0.8-mm and/or 0.9-mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a fillet weld in the flat position. 
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Welding: Skills, Processes and Practices 


MATERIAL: 16 TO 18 GAUGE MILD STEEL SHEET 
12"X3"(305 mm X 76 mm 


PROCESS: 

FCAW IG BUTT JOINT 
NUMBER: 

PRACTICE 4-33 


DRAWN BY: 
AMY JEFFUS 


Figure 4.55 FCAW 1G butt joint, 16- to 18-gauge mild steel 


Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-35 


Lap Joint and Tee Joint 1F 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a fillet weld in the flat posi- 
tion, Figure 4.56A and Figure 4.56B. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until you can make welds with 100% penetration 
that will pass the bend test, Figure 4.57A and Figure 4.57B. Turn off the 
welding machine and shielding gas and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-36 


Butt Joint 3G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.030 in. 
and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces of mild 
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“Vertical” position portion of 
the all-position requirement 
of 6 and 11. 


Welding: Skills, Processes and Practices 


MATERIAL: 16 TO 18 GAUGE MILD STEEL SHEET 


2" X 3" (305mm X 78 mm 


PROCESS: 
DRAWN BY: 
PRACTICE 4-38 


NUMBER: 


Figure 4.56 (A) FCAW 1F lap joint, 16- to 18-gauge mild steel 
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Figure 4.57 (A) 180° bend to test 
lap weld quality 


Module 1 Y 


Key Indicator 1, 2, 3, 4 


Module 2 Y 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Y 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Vertical” component of the 
all-position requirement 

for 5 and 10. 


Welding: Skills, Processes and Practices 


12"X3"(305 mm X 78 mm 
PROCESS: 
FCAW IF TEE JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-35 AMY JEFFUS 


Figure 4.56 (B) FCAW 1F tee joint, 16- to 18-gauge mild steel 


TEE JOINT TEE JOINT 
BEFORE BENDING AFTER BENDING 


ROOT 
WELD 
WELD 


Figure 4.57 (B) Bend the test strip to be sure the weld had good root fusion 


steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge thick, you will 
make a butt weld in the vertical up or down position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat with both classifications of electrodes 
until defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRAGTIGE 4-37 


Lap Joint and Tee Joint 3F 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.030 in. 


and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces of mild 
steel sheet, 12 in. (305 mm) long and 16-gauge to 18- gauge thick, you will 
make a fillet weld in the vertical up or down position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-38 


Lap Joint and Tee Joint 3F 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.030 
in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces 
of mild steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge 
thick, you will make a fillet weld in the vertical up or down position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until you can make welds with 100% penetration 
that will pass the test. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-39 


Lap Joint and Tee Joint 2F 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 electrodes of diameter 0.030 
in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces 
of mild steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge 
thick, you will make a fillet weld in the horizontal position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-40 


Lap Joint and Tee Joint 2F 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
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for 5 and 10. 
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This practice addresses the 
“Overhead” position portion of 
the all-position requirement 
of 6 and 11. 


16-gauge to 18-gauge thick, you will make a fillet weld in the horizontal 
position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until you can make welds with 100% penetration 
that will pass the bend test. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-41 


Butt Joint 2G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a butt weld in the horizontal 
position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat with both classifications of electrodes 
until defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-42 


Butt Joint 2G 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a butt weld in the horizontal 
position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass a bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-43 


Butt Joint 4G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-5 electrodes of diameter 0.030 in. 
and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces of 
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Reading from the table, (-3) x (-2) = 6, 3 x (-2) = —6 and 
(-3) x 2 = —6. 


6 
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This suggests that if two numbers have the same sign (both positive 
or both negative) their product is positive. 


If two numbers have different signs, their product is negative. 


To multiply directed numbers, use these rules to decide if the 
product is positive or negative; then multiply the numbers, 
‘ignoring’ the signs. 


Example 7.4.1 
Work out (a) 6 x (-5) (b) (-9) x (-4)  (c) (-7) x 0 


(a) The numbers have different signs (the 6 is the same as +6) 
so their product is negative. Ignoring the signs, 6 x 5 = 30, 
so 6 x (-5) =-30. 

(b) As the numbers have the same sign, their product is positive. 
Ignoring the signs, 9 x 4 = 36, so (-9) x (-4) = 36. 

(c) O multiplied by any number is still O, so (-7) x 0 = 0. 


7. Directed numbers 
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mild steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge thick, 
you will make a butt weld in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat with both classifications of electrodes 
until defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-44 


Butt Joint 4G 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-5 electrodes of diameter 0.030 in. 
and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces of 
mild steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge thick, 
you will make a butt weld in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass a bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-45 


AWS SENSE Entry-Level Welder Workmanship Sample for Flux Cored Arc 
Welding, Gas-Shielded (FCAW) 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 4-45. Date: 


Title: 
Welding FCAW of plate to plate. 


Scope: 
This procedure is applicable for V-groove, bevel, and fillet welds within 
the range of 1/8 in. (3.2 mm) through 1-1/2 in. (38 mm). 

Welding may be performed in the following positions: all. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1, Group 1 or 2. 
Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. E71T-1 from AWS 
specification A5.20. This filler metal falls into F-number F-6 and A-num- 
ber A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: 

CO, at 30 to 50 cfh or 75% Ar/25% CO, at 30 to 50 cfh. 
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Electrode 
Type Size 
E71T-1 0.035 in. 
(0.9 mm) 
E71T-1 0.045 in. 
(1.2 mm) 


Amps 


130 to 150 


150 to 210 


Joint Design and Tolerances: 


7 


> +b- 
- 8 
Preparation of Base Metal: 


The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 
l in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 


Welding Power Shielding Gas Base Metal 

Wire-feed Speed, Volts Type Flow Type Thickness 

ipm (cm/min) 

288 to 380 22 to 25 CO» or 75% Ar/ 30 to 50 Low-carbon 1/4 in. to 1/2 in. 

(732 to 975) COs 25% steel (6 mm to 13 mm) 

200 to 300 28 to 29 COs or 75% Ar/ 30 to 50 Low-carbon 1/4 in. to 1/2 in. 

(508 to 762) COs 25% steel (6 mm to 13 mm) 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 

Using a 1/2-in. (13-mm) or larger gas nozzle and a distance from contact 
tube to work of approximately 3/4 in. (19 mm) for all welding, first tack 
weld the plates together according to Figure 4.58. There should be a root 
gap of about 1/8 in. (3.2 mm) between the plates with V-grooved or bev- 
eled edges. Use an E71T-1 arc welding electrode to make a root pass to 
fuse the plates together. Clean the slag from the root pass, being sure to 
remove any trapped slag along the sides of the weld. 

Using an E71T-1 arc welding electrode, make a series of stringer or 
weave filler welds, no thicker than 1/4 in. (6.4 mm), in the groove until 
the joint is filled. The 1/4-in. (6.4-mm) fillet welds are to be made with 
one pass. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350% (175° 
C) during the welding process. After each weld pass is completed, allow it 
to cool but never to a temperature below 50°F (10°C). The weldment 
must not be quenched in water. 


Cleaning: 

The slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, or 
a needle-scaler. All weld cleaning must be performed with the test plate in 
the welding position. A grinder may not be used to remove weld control 
problems such as undercut, overlap, or trapped slag. 


Inspection: 

Visually inspect the weld for uniformity and discontinuities. There shall 
be no cracks, no incomplete fusion, and no overlap. Undercut shall not 
exceed the lesser of 10% of the base metal thickness or 1/32 in. (0.8 mm). 
The frequency of porosity shall not exceed one in each 4 in. (100 mm) 
of weld length, and the maximum diameter shall not exceed 3/32 in. 
(2.4 mm). 


Sketches: 
See Figure 4.58. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-46 


AWS SENSE Entry-Level Welder Workmanship Sample for Flux Cored Arc 
Welding Self-Shielded (FCAW) 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 4-46 Date: 


Title: 
Welding FCAW of plate to plate. 


Flux Cored Arc Welding 
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4.58 FCAW-G workmanship qualification test 


Figure 


Source: Courtesy of the American Welding Society 


Scope: 
This procedure is applicable for V-groove, bevel, and fillet welds within 
the range of 1/8 in. (3.2 mm) through 1 1/2 in. (38 mm). 

Welding may be performed in the following positions: all. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1, Group 1 
or 2. 

Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. 0.035 to 0.0415 
dia. E71T-11 from AWS specification A5.20. This filler metal falls into F- 
number F-6 and A-number A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: none. 


Joint Design and Tolerances: 


oO! 


ll plap 
— j 16 


Preparation of Base Metal: 

The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 
l in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 
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Electrode 
Type Size 
E71T-11 0.035 in. 
(0.9 mm) 
E71T-11 0.045 in. 
(1.2 mm) 


Amps 


130 to 150 


150 to 210 


Electrical Characteristics: 
The current shall be direct current electrode negative (DCEN). The base 
metal shall be on the positive side of the line. 


Welding Power Shielding Gas Base Metal 

Wire-feed Speed, Volts Type Flow Type Thickness 

ipm (cm/min) 

150 to 225 221025 None — Low-carbon 1/4 in. to 1/2 in. 

(381 to 571) steel (6 mm to 13 mm) 

105 to 195 15to 18 None — Low-carbon 1/4 in. to 1/2 in. 

(266 to 495) steel (6 mm to 13 mm) 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
Using a 1/2-in. (13-mm) or larger gas nozzle and a distance from contact 
tube to work of approximately 3/4 in. (19 mm) for all welding, first tack 
weld the plates together according to Figure 4.59. There should be a root 
gap of about 1/8 in. (3.2 mm) between the plates with V-grooved or bev- 
eled edges. Use an E71T-11 arc welding electrode to make a root pass to 
fuse the plates together. Clean the slag from the root pass, being sure to 
remove any trapped slag along the sides of the weld. 

Using an E71T-11 arc welding electrode, make a series of stringer or 
weave filler welds, no thicker than 1/4 in. (6.4 mm), in the groove until the 
joint is filled. The 1/4-in. (6.4-mm) fillet welds are to be made with one pass. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must 
not be quenched in water. 


Cleaning: 

The slag must cleaned off between passes. The weld beads may be cleaned 
by a hand wire brush, a hand chipping, a punch and hammer, or a needle- 
scaler. All weld cleaning must be performed with the test plate in the weld- 
ing position. A grinder may not be used to remove weld control problems 
such as undercut, overlap, or trapped slag. 


Inspection: 

Visually inspect the weld for uniformity and discontinuities. There shall be 
no cracks, no incomplete fusion, and no overlap. Undercut shall not exceed 
the lesser of 10% of the base metal thickness or 1/32 in. (0.8 mm). The fre- 
quency of porosity shall not exceed one in each 4 in. (100 mm) of weld 
length, and the maximum diameter shall not exceed 3/32 in. (2.4 mm). 
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Shop Projects 
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Furniture Projects 
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To carry out a division such as 20 + 4 you need to ask ‘What 
number do you multiply 4 by to get 20?” Then 20 + 4 = 5 because 
4 x 5 = 20. The quotient (see Section 1.2) is 5. 


In the same way, (-20) + (-4) = 5 and -20 + 5 = 4, because 
5 x (-4) = -20. Similarly 20 + (-4) =—5, because (—4) x (-5) = 20. 


The rules for dividing directed numbers are the same as those for 
multiplying. If two numbers have the same sign, their quotient is 
positive. If the signs are different, their quotient is negative. 


To divide directed numbers, use these rules to decide if the quotient 
is positive or negative. Then do the division, ‘ignoring’ the signs. 


Example 7.4.2 
Work out (a) (-24) + (-3) (b)= = (c) 0+(-5) 


(a) As the numbers have the same sign, the quotient is positive. 
Ignoring the signs, 24 + 3 = 8, so (-24) + (-3) = 8. 

(b) = is the same as (-28) + 4. The numbers have different signs so 
the quotient is negative. Ignoring signs, 28 + 4 =7, so H%=-—7. 

(c) O divided by any number is still O, so O + (-5) = 0. 


Insight 
You can use this memory aid to help you remember the rules 
for multiplying and dividing a pair of directed numbers: 


SAME signs > POSITIVE answer 
DIFFERENT signs > NEGATIVE answer 
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1 Use the table to write down these products. 
(a) 2 x (-4) (b) (+4) x (53) (c) O x (72) 
(d) (53) x 4 (e) (4) x (+4) 


110 


Corner Coatrack 
Kitchen Appliance Stand 
Wall Hung Plate Rack 
Wine Rack 
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Outdoor Projects 
Stair Railing 
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Critter Boot Brush 
Disk Fountain 
Arbor 


Glossary 
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A simple flame-cut silhouette is a charming addition to any garden. 


photo/OJohn Gregor 


INTRODUCTION 


Welding is a practical skill that is also great fun. The number of welded items in 
our everyday lives is practically uncountable—the spot welds on the bodies of 
our automobile, the welded railing on our front steps, the superstructure of the 
buildings in which we work, and the bridges over which we drive. But welding 
also makes smaller, more delicate functional and decorative items possible, like 
patio chairs and trellises, wine racks and candleholders, baker’s shelves and 
headboards. The photos on these pages reveal only a fraction of what welding 
artisans have created with heat and metal. 


The strength and malleability of steel makes it perfectly suitable for forming whimsical structures like this 
candelabra. 


OMillet/Inside/Beateworks 


Cutting and welding creates beautiful and useful household items, like this fireplace screen. 


Photo courtesy of Sleeper Welding/Tom Sleeper 


The costs involved in setting up a well-equipped home welding shop are 
comparable to setting up a well-equipped woodworking shop. A great advantage 
of welding is that the materials are generally inexpensive, yet you can create 
items that sell in shops for hundreds of dollars. Because fewer people are 
knowledgeable about welding, there is always a rewarding “awe” factor to 
showing off what you have created. 


This book provides basic directions and step-by-step photos that illustrate the 
four major welding processes and the two major cutting processes. You also will 
find quick reference charts that describe electrode and filler wire choices, metals 
and their weldability, and joint and weld types. Suggestions for setting up a 
welding shop, detailed safety guidelines, and ideas for finishing your metal 
projects are also included. 


Simple and graceful arches and trellises are easily made from mild steel. A few bends, decorative finials, 
and a handful of welds are all it took to make this simple garden archway. 


Photo courtesy of Gardeners Supply Company 
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A variety of metals, shapes, and joining techniques were combined to create this beautiful artwork. 


Photo courtesy of Gene Olson/Photo by Ytsma Photography 


Best of all, this book includes detailed directions for 23 practical and decorative 
projects. You can make a welding and cutting table for your welding shop, a 
scrolled desktop lamp, a wrought iron railing, or a cute critter boot brush. You 
can practice your techniques and make accessories for your own home or as 
gifts. We also encourage you to use the project ideas to branch out and create 
your own versions of a baker’s rack, coffee table, or kitchen accessory stand. 


, 
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These colorful puppies are cut from junked car hoods. 


Photo courtesy of Lizard Breath Ranch, Inc. 


Creating fanciful creatures from garden tools is a rewarding welding project. 


Photo courtesy of Heebie GBS Metalworks 


Scales of sheet metal, springy legs, and mesh trolleys—what a fun piggy collection. 


Photo courtesy of Dave Johnson/Birds & Beasts 


2 Work out these multiplications. 
(a) (+5) x 4 (b) (+6) x (+4) (c) (-7) x 3 
(d) (+9) x 0 (e) (6) x (-6) (f) 8 x (-8) 
(g) (-5) x (=7) (h) 0x3 (i) (+8) x 9 
3 Work out these divisions. 
(a) 18 + (-3) (b) (=32) + (4)  (c) = 
(d) = (e) 5 (f) 3 
(g) (-32)+8 (h) (-36)+(-9) (i) 49 + (-7) 


7.5 Using a calculator 


You can use a calculator to answer questions involving negative 
numbers, and a calculator is particularly helpful when the numbers 
are either large or not whole numbers. Calculators vary in the 

way they deal with negative numbers, but to key in a negative 
number, you usually have to key in the figures first and then 

press the +/- key. 


Referring to the instructions if necessary, use your calculator to 
answer some of the questions in earlier exercises in this chapter. 
When you have done this successfully, use your calculator to carry 
out the calculations in Exercise 7.4. 


1 Carry out the following calculations. 
(a) 23 — 431 (b) -37 — (-93) (c) -96 + (-43) 
(d) (-442) + 17 (e)-1.7-3.4 (f) -4.3 — (-2.7) 
(g) 3.8 x (-0.7) (h) (-2.88) + (-0.6) 


7. Directed numbers 
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Old tools and recycled metal odds and ends make this gate geometrically pleasing. 


Photo courtesy of Heebie GBS Metalworks 


Old farm implements and spare parts are great sources of weldable material. This chicken shows what a 
little imagination can do with a pile of parts. 


Photo courtesy of Dave Johnson/Birds & Beasts 


The strength of steel allows for solid yet airy structures like this plant stand. 


Photo courtesy of Gardeners Supply Company 


NOTICE To READERS: 


Welding is a dangerous activity. Failure to follow safety procedures may 
result in serious injury or death. This book provides useful instruction, but we 
cannot anticipate all of your working conditions or the characteristics of your 
materials and tools. For safety, you should use caution, care, and good 
judgment when following the procedures described in this book. Consider 
your own skill level and the instructions and safety precautions associated 
with the various tools and materials shown. The publisher cannot assume 
responsibility for any damage to property or injury to persons as a result of 
misuse of the information provided. 


Introduction to Welding 


Welding is all about heat, about using heat to melt separate pieces of metal so 
they will flow together and fuse to form a single, seamless piece. Regardless of 
the welding or cutting process, your ability to control the heat generated by the 
flame or arc determines the quality of your welds and cuts. 


Certain terms are used to describe the heat and action of all the welding 
processes. The parts being welded together are referred to as the base metal. 
Additional metal, called filler, is often added to the weld. The molten puddle is 
the area of melted base metal and filler metal that you maintain as you create 
your weld. To have fusion of metals, the base metal and filler metals must be the 
same composition. Methods for joining metal without fusion are called 
soldering, brazing, and braze welding. These methods can be used to join similar 
or dissimilar metals. 


Oxyacetylene welding and cutting use flames to generate the heat to melt the 
metal. Shielded metal arc, gas metal arc, and gas tungsten arc welding and 
plasma cutting use an electric arc for heat generation. With oxyacetylene 
welding, you have time to watch the puddle develop as the metal turns red, then 
glossy and wet looking, then finally melts. With the arc processes, the puddle 
forms quickly and may be difficult to see because of the intensity of the arc. It is 
important to have ample lighting and clear vision so you can watch the puddle 
and move it steadily. 


Oxyacetylene welding 


Penetration of the weld is also a critical heat dependent factor. A strong weld 
penetrates all the way through the base metal. Matching filler material size and 
heat input to the thickness of the base metal is important. It is easy to get a good 
looking weld that has not penetrated the base metal at all and merely sits on the 
surface. At the opposite end of the spectrum from a “cold,” non-penetrating weld 
is burn through — where the base metal has gotten too hot and is entirely burned 
away, leaving a hole in the base metal and the weld. 


Heat distortion is a by-product of all welding and cutting processes. It is obvious 
that applying a flame to metal in the oxyacetylene process makes the metal hot 
—and the electrical arcs are actually four to five thousand degrees hotter than 
the oxyacetylene flame. When metal is heated it expands; when it cools it 
contracts. If not taken into consideration, this expansion and contraction may 
cause parts to move out of alignment. This is why tack welding and clamping 
project pieces is critical to successful welding. It is also important to match the 
welding process to the base metal thickness. For example, shielded metal arc 
welding is generally not used on materials less than 1/8" thick. The process is 
too hot and too difficult to control on thin material. On the other hand, gas metal 
arc welding works well on very thin sheet metal, if you are able to adjust the 
machine to a low enough voltage. 
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Shielded metal arc welding 


Gas metal arc welding 


Protecting the molten puddle from oxygen is also an important part of welding. 
Oxygen makes steel rust and causes corrosion in other metals. The exclusion of 
oxygen from the weld when it is in the molten state makes a stronger weld. This 
is accomplished in a variety of ways. A properly adjusted oxyacetylene flame 
burns off the ambient oxygen in a small zone around the weld puddle. Gas metal 
arc and gas tungsten arc welding bathe the weld in an inert gas from a 
pressurized cylinder. These inert gases keep oxygen away from the molten 
puddle. Flux cored arc welding and shielded metal arc welding use fluxes in or 
on the welding filler metal. When these fluxes burn, they produce shielding 
gases and slag, both of which protect the weld area until it has cooled. 


Gas tungsten arc welding 


Plasma cutting 


Welding well is difficult and takes years to master, but it is possible to make 
many useful and decorative items with basic knowledge and a little practice. If 
you wish to move beyond the decorative projects outlined in this book, it is a 
good idea to talk with a welder and have him or her evaluate some of your 
welds. Remember, the safety of others is involved when you choose to make a 
utility trailer or spiral staircase. Take the time and make the effort to ensure that 
any structural project you make is safe. 


This book is intended as a reference for people who have had some exposure to 
welding and need reminders about what steps to follow and precautions to take. 
It is not intended to teach welding to someone who has never handled welding 
equipment. Many community colleges, technical schools, and art centers offer 
welding classes. Such classes are an ideal way to learn the basics of welding, 
proper techniques for each process, and welding safety. 


Oxyacetylene cutting 
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THINGS TO REMEMBER 


» 


Positive numbers are greater than zero. They can be written 
with a + sign in front of them. 


Negative numbers are less than zero. They are written 
with a — sign in front of them, e.g. —3. 


Directed numbers are positive and negative numbers. 
When a number is written without a sign, it is positive. 
You can visualize a thermometer scale to help you order 


negative numbers. A temperature of —7°C is lower than a 
temperature of —4°C, so -4 > -7 or -7 < —4. 


When you add or subtract directed numbers you can look at 

the signs in the middle of the calculation: 

Same signs > add so  6+(+4)=6+4=10 
and  6-(4)=6+4=10 

Different signs > subtract so 6+(-4)=6-4=2 


and 6-(+4)=6-4=2 


When you multiply or divide directed numbers: 

Step 1: Carry out the multiplication or division ignoring the 
signs. 

Step 2: Look at the signs: 
differeNt signs then the answer is Negative 
Same signs then the answer is poSitive 


When you use a calculator for negative numbers, you usually 
have to key in the figures first and then press the +/- key. 


Safety 


Welding can be a dangerous activity. Possibilities exist for getting cut, burned, 
electrocuted, and causing fires or explosions. Preparations for welding— 
grinding, burnishing, and sawing—are also dangerous. That said, it is absolutely 
possible, with a little care and diligence, to weld for years and never suffer more 
than a burnt thumb from being too eager to examine a just-completed weld. 


It is very important to follow manufacturer’s specific instructions and 
recommendations for equipment and product use and to follow general welding 
safety rules. Whether you are welding in a dedicated welding shop or have set up 
your own shop at home, you need to be aware of a number of specific safety 
concerns. 


Welding safety includes protecting yourself with protective gear, following manufacturer's instructions, 
and being aware of the surroundings in which you are welding. 


Fumes. Welding produces hazardous smoke and fumes. It is always important to 
keep your face out of the weld plume. Welding indoors requires either a 
ventilation fan, exhaust hood, or fume extractor. Wear an OSHA approved N99 
particle mask or a respirator. If you are pregnant or plan to become pregnant, a 
respirator is a necessity. 


Burns. Hot sparks and flying slag can cause burns. Protect your hands, head, 
and body with natural fibers—leather, wool, or cotton. Manufactured fibers such 
as nylon and polyester melt when ignited, which causes serious burns. Wear 
leather slip-on boots, and make sure your pant legs fall over the top of your 
footwear. Cuffed pants and pants with frayed edges are fire hazards. Also, 
welding sparks will find tiny holes, so don’t wear holey jeans. Wear a welding 
cap and tie back long hair and keep it tucked under your shirt or cap. 


Arc burn. Welding arcs produce ultraviolet and infrared light. Both of these can 
damage your eyes permanently, burn your skin, and potentially lead to skin 
cancer. A welding helmet with a filter lens protects your eyes and face, while 
long sleeve shirts and long pants protect your skin. Remember, you are also 
responsible for protecting the vision of curious neighbors, passersby, and pets. 
Use welding screens and have an extra helmet on hand for observers. 


Fire. The area you’re working in should be cleared of any flammable items such 
as lumber, rags, dropcloths, cigarette lighters, and matches. Absolutely do not 
weld or grind metal in a sawdust-filled shop. Sparks from welding and grinding 
can ignite airborne dust or fumes, or travel across the floor and come to rest 
against flammable materials. A fire extinguisher rated ABC is a must—mount it 
next to a first aid kit so you know where both are. Check your welding area one 
half hour after welding to make sure no sparks have found a place to smolder. 


MINIMUM LENS SHADE NUMBERS FOR WELDING 


APPLICATION SUGGESTED SHADE # 
Shielded Metal 
Arc Welding (SMAW) 

1/16 to 5/32" electrodes 10 


3/16 to 1/4" electrodes 12 


5/16 to 3/8" electrodes 14 


Gas Metal 

Arc Welding (GMAW) 
1/16 to 5/32" non-ferrous 11 
1/16 to 5/32" ferrous 12 


Gas Tungsten 


Arc Welding (GTAW) 10 to 14 
Plasma Cutting 8 
Oxyacetylene Welding 5 
Oxyacetylene Cutting 5 
Brazing 3to5 


Welding helmets are typically available with filter lenses in either 2" x 4- 
1/4" or 4-1/2" x 5-1/4" sizes. Helmets with auto-darkening lenses are also 
available. Full-face protective shields are available in clear, for grinding or 
chipping, and with a #5 filter for oxyacetylene operations. 


Explosion. Even non-flammable gases such as carbon dioxide are stored in 
cylinders at such high pressure that they can easily become dangerous missiles. 
Keep the cylinder’s protective cap on if regulators are not installed, and keep 
cylinders chained or strapped at all times. Cylinders should never be used as 
rollers or supports, and cylinders and protective caps should never be welded on. 
Shut acetylene and oxygen cylinder valves if you're away for more than 10 
minutes. Cylinders must be transported right side up and chained, even if empty. 


Another explosion hazard is concrete. Because of the amount of water contained 
in concrete, it can become a steam bomb if welded upon. Tack welding on 
concrete is acceptable, but using a concrete surface to back your welds is not. 
Use fire bricks, which have been cured to have very low water content. Never 
weld or cut on any closed container, tank, or cylinder. Even if it has been empty 
for years, it might have enough residual material to release toxic fumes or 
explode. Always bring tanks of any sort to a tank welding specialist for repair. 


Other hazards include noise from grinding, sawing, sanding, and plasma cutting; 
laceration from sharp metal edges; electrocution during arc welding; and 
asphyxiation from inert shielding gases. Carefully read all manufacturers” 
instructions before starting any welding process. 


Welding safety equipment includes: A. safety glasses, B. particle mask, C. low-profile respirator, D. leather 
slip-on boots, E. fire-retardant jacket, F. fire-retardant jacket with leather sleeves, G. welding cap, H. 
leather cape with apron, I. leather gloves with gauntlets, J. heavy-duty welding gloves, K. welding helmet 


with auto-darkening lens, L. welding helmet with flip-up lens, M. full-face #5 filter, N. full-face clear 
protective shield. 


Setting Up Shop 


If you plan to weld on a regular basis, it makes sense to set up a welding shop. 
The primary concern with welding is containing the hot sparks or slag and the 
flammable elements while exhausting dangerous fumes. It is possible to weld 
outside, but not all processes allow that. Gas metal and gas tungsten arc welding 
require that the surrounding air be still so the shielding gas is not disturbed. All 
the arc processes must be done in dry conditions to prevent electrical shock. 
Cold metals do not respond as well as metals at 70° F and may not be weldable 
using certain processes. A heated garage or outbuilding is best suited for a 
welding shop. A basement is not suitable due to the dangers of fire and 
compressed gases next to living spaces. Additionally, your homeowner’s 
insurance may not cover a welding shop if it is inside your living area as 
opposed to in a detached garage or shop building. 


Shop space with a concrete floor and cement block walls is ideal for welding. Good ventilation is also 
important. 


It is important to remember that tiny sparks and pieces of hot slag may scatter up 
to 30 or 40 feet from the source. If they come to rest on flammable materials, 
they may smolder, and given the right conditions, can ignite the material. 
Always check your welding area one half hour after you have completed 
welding to make certain no sparks are smoldering. A wooden table covered with 
metal is not a good work surface, as the transferred heat may cause the wood to 
smolder. Any wooden jigs or clamping devices should be doused with water to 
extinguish smoldering embers or stored outside after use. 


Shop Tools 


Power tools such as the reciprocating saw, angle grinder, portable band saw, and 
chop saw are useful when cutting and fitting metal parts to be welded. A drill 
press and metal cutting band saw are also useful tools for welding. 


Specific metal working tools, including metal brakes and metal benders, are 
available for all sizes of metal. These can range from inexpensive sheet metal 
tools, such as the scroll bender shown on page 108, to expensive hydraulic tools. 
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Power tools for a welding shop (above photo) include: A. reciprocating saw, B. chop saw, C. portable band 
saw, D. angle grinder. 


Standard tools for a welding shop include: A. magnetic clamp, B. center punch, C. metal file, D. C-clamp, 
E. corner clamp, F. tape measure, G. cold chisel, H. carpenter's square, l. combination square, J. ball peen 
hammer, K. clamping pliers, L. magnetic level, M. hacksaw. 


Metal Basics 


Weldability & Cutability 


Different metals have different characteristics that affect their ability to be 
welded or cut with any of the processes described in this book. In general, only 
metals of the same type are welded together because welding involves melting 
the base metal parts and adding melted filler metal. In order to accomplish this, 
the parts and filler must have the same melting temperature and characteristics. 
Dissimilar metals can be joined by brazing and braze welding because these 
processes do not actually melt the base metal. 


Stainless steel 


Graphs 1 


In this chapter you will learn: 
e howto use coordinates 


e howto drawand use straight-line graphs 


e about lines parallel to the axes 
e about regions and inequalities. 


8.1 Coordinates 


Coordinates are used in mathematics to describe the position of a 
point. The most common system of coordinates uses rectangular or 


cartesian coordinates. 


In Figure 8.1, the horizontal line 
is called the x-axis and the vertical 
line is called the y-axis. The two 
axes meet at the point O, which 
is called the origin. If you start 
from the origin and go 3 units to 
the right and then 2 units up, you 
reach the point A, which is said to 
have coordinates (3, 2). The first 
number, 3, is the x-coordinate of 
A and the second number, 2, is 
the y-coordinate of A. 


2 


Figure 8.1 


8. Graphs 1 
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Metals are divided into the categories of ferrous and non-ferrous. Ferrous metals 
contain iron and will generally be attracted to a magnet. Cast iron, forged steel, 
mild steel, and stainless steel all contain iron, along with varying amounts of 
carbon and other alloying elements. 


Mild steel, which has a low carbon content, is the most commonly used type of 
steel and the easiest with which to work. Mild steel can be welded with all the 
processes covered in this book and can be cut with either oxyfuel or plasma 
cutting. It makes up most of the metal items you commonly use, make, or repair, 
such as automobile bodies, bicycles, railings, patio furniture, file cabinets, and 
shelving. Adding more carbon to steel makes it harder, more brittle, and more 
difficult to cut and weld. High carbon steel is called tool steel and is used to 
make drill bits and other metal cutting tools. 


CUTTING 
METAL WELDING PROCESS PROCESS 
Mild steel All welding processes Oxyfuel, plasma 
rra Gas tungsten arc, gas aa 
metal arc 
Gas tungsten arc, gas 
Stainless steel metal arc, shielded metal Plasma 


arc 


Chrome moly steel Gas tungsten arc, oxyfuel Plasma 


Titanium Gas tungsten arc Plasma 
Shielded metal arc, 
Cast iron Plasma 
brazing 
Brass Braze welding Plasma 


METAL MELTING POINTS 


METAL MELTING POINT (F) 


Aluminum 1217" 
Brass 1652-1724" 
Bronze 1566-1832" 
Chromium 3034" 
Copper 19819 

Gold 1946" 

Iron 2/86" 

Lead 621° 

Mild steel 2462-2786° 
Titanium 3263° 
Tungsten 9432° 

Zinc 786° 


Other elements are added to steel to make a variety of alloys, such as chrome 
moly steel and stainless steel. These additions may make the steel non-magnetic. 
Because stainless steel does not oxidize (rust) easily, it is difficult to cut with 
oxyfuel. When welding steel alloys, the filler material must be matched to the 
alloy to get a high-quality weld. 


In addition to alloying, many metals are heat-treated to improve characteristics 
such as hardness. Because welding and cutting would reheat these metals and 
destroy those characteristics, heat-treating is an important factor to consider. 
Many vehicle chassis parts, including motorcycles and bicycles, are made of 
heat-treated metals. 


Aluminum is a widely used non-ferrous metal because of its light weight and 
corrosion resistance. Like steel, it is available in many alloys and is often heat 
treated. Aluminum is used for engine parts, boats, bicycles, furniture, and 
kitchenware. Various characteristics make aluminum difficult to weld 
successfully—it does not change color when it melts, it conducts heat rapidly, 
and it immediately develops an oxidized layer. 


Metal Shapes & Sizes 


Mild steel (and most other metals) come in a variety of shapes, sizes, and 
thicknesses. Metal thickness may be given as a fraction of an inch, a decimal, or 
a gauge (see following chart). 


Rectangular tube (A) and square tube (B) are used for structural framing, 
trailers, and furniture. Dimensions for rectangular and square tubing are given as 
width x height x wall thickness x length. 


Rail cap (C) is used for making handrails. Rail cap dimensions are the overall 
width and the widths of the channels on the underside. 


Channel (D) is often used for making handrails. Very large channel is used for 
truck bodies. The legs, or flanges, make it stronger than flat bars. Dimensions for 
channel are given as flange thickness x flange height x channel (outside) height 
x length. 


Round tube (E) is not the same as pipe. Round tube is used for structures, and 
pipe is used for carrying liquids or gases. Dimensions for round tube are given as 
outside diameter (O.D.) x wall thickness x length. Pipe dimensions are nominal, 
that is, in name only. They are given as nominal inside diameter (I.D.) x length. 


T-bar (F) dimensions are given as width x height x thickness of flanges x 
length. 


Angle or angle iron (G) has many structural and decorative uses. Dimensions 
for angle iron are flange thickness x flange width x flange height x length. 


Square bar (H), round bar (1), and hexagonal or hex bar (J) dimensions are 
given as width or outside diameter x length. 


Flat bar or strap (not pictured) is available in many sizes. Dimensions are given 
as thickness x width x length. 


Sheet metal (not pictured) is 9/16" or less in thickness and is often referred to by 


gauge. Plate metal is more than 3/16" thick and is referred to by fractions or 
inches. 


INCH EQUIVALENT FOR GAUGE THICKNESS 


GAUGE INCHES 


24 0.020 
22 0.026 
20 0.032 
18 0.043 
16 0.054 
14 0.069 
12 0.098 
11 0.113 
10 0.128 


Metal less than 1/8" thick is often referred to by gauge. For reference, the 
decimal equivalent of 1/8" is 0.125. 


Purchasing Metal 


Finding a metal supplier can be a challenging task. The materials that are readily 
available may not be the sizes and shapes needed for a project and may be 
expensive. Metal dealerships may not be friendly to small accounts. Because 
steel is so heavy, Internet or catalog shopping carries prohibitive shipping costs. 
With some searching, however, most necessary materials can be found. 


Metal is generally priced by weight, unless you are purchasing it at a retail store. 
The price for small pieces of mild steel at a home center or hardware store work 
out to be as much as $2 to $3 per pound. The price per pound for small orders at 
a steel dealership may be in the range of 50 cents. Large orders or repeat orders 
may be priced as low as 30 cents per pound. Many metal suppliers have an odds 
and ends bin or rack where pieces may be as low as 10 cents per pound. 
Specialty metals such as stainless steel and aluminum start at $2 to $3 per pound. 


Smaller sizes and shapes of mild steel and aluminum are available at home 
improvement and hardware stores in three-, four-, and six-foot lengths. Welding 
supply stores often have a selection of ten- and twelve-foot lengths of the 
commonly used sizes. Steel dealers have most common sizes in stock and will 
order other sizes for you. Most mild steel shapes and sizes come in twenty-foot 
lengths, and many steel dealers will make one free courtesy cut per piece. You 
might want to have the metal delivered, depending on the amount of material 
you are purchasing. You can order metal through catalogs or the Internet, but 
remember that shipping is expensive. 


Some steel dealers are distributors for decorative metal products, but many 
specialty items such as wrought iron railing materials, decorative items, and 
weldable hardware are only available by catalog. A number of catalog supply 
houses sell to the public and have varied selections and reasonable prices. (See 
Resources, page 140.) 


A | Ñ | 
> 


l 


y We y ¥ 


Sheet metal is available as pierced or expanded. Wall plates, hooks, rings, balls, bushings, candle cups, 
drip plates, and stamped or cast items are available in a wide variety of shapes, sizes, and metals. 


Preparing Metal for Welding 


A successful weld begins with a well-prepared piece of metal. The cleaner the 
pieces to be welded, the better the weld quality and appearance. When working 
with mild steel, it is possible to clean batches of parts ahead of time. When 
working with aluminum, parts need to be cleaned immediately before welding 
due to aluminum's nearly instant formation of a protective layer of oxidation. 
Mild steel is usually covered with mill scale and, often, oil or grease. Round and 
square tubes are usually thickly coated with oil, which helps in the 
manufacturing process. This oil can be removed with denatured alcohol, acetone, 
or a commercial degreaser. 


y» 


Cleaning the mill scale off mild steel is an important step. A bench mounted power wire brush works well 
on small pieces. Wire brushing the entire project prior to finishing is critical for good paint adhesion. 


After the oil has been cleaned off, the mill scale can be removed by wire 
brushing manually or with a bench-mounted or hand-held power wire brush, 
with sandpaper or sanding screens, or with an angle or bench grinder. Aluminum 
and stainless steel need to be brushed with stainless steel brushes that are 
dedicated to cleaning only that metal. Small particles of mild steel will 
contaminate aluminum and stainless steel welds. 


Finishing Metal 


Though most commercially available metal items—patio furniture, indoor 
furniture, and garden accessories—have rough welds and spatter still present, it 
is nice to grind these down on your projects. An angle grinder is good for flat 
area welds, and a small rotary grinding tool can get into nooks and crannies. 
You’ ll be pleased with the results of a nicely ground, good weld because it looks 
like a solid piece of metal. Wire brushing, sanding, or sandblasting the entire 
piece will further prepare it for finishing. 


Painting metal projects is best accomplished by spraying, not brushing. You will 
need to thoroughly clean all oil, dirt, slag, and spatter from the project because 
even advanced rusty metal primers will not to stick to dirty, oily areas. Metal 
Spray paints are available in various finishes and a huge array of colors. 


Powder coating and brass plating are other, more expensive, finish options. 
Various antiquing and rusting finishes are available as well, or you can let the 
piece slowly rust on its own if you prefer this look. 


The x-coordinate and the y-coordinate of the origin are both 0 so 
the coordinates of the origin are (0, 0). 


The concept of coordinates is ancient. Egyptian surveyors laid 

out towns in the form of a rectangular grid and the Greeks 

used the idea of coordinates to study curves. Most significantly, 
however, it was a coordinate system which enabled René Descartes 
(1596-1650) to use algebra for solving geometrical problems, 

thus creating analytical geometry. It is from his surname that the 
adjective ‘cartesian’ is derived. 


Squared paper or graph paper is 
normally used for plotting points 
whose coordinates are given. You 
may omit some numbers from 

the scales on the axes. This saves 
time and avoids cluttering up the 
diagram. To describe the positions 
of points left of the y-axis or below 
the x-axis, you have to extend both 
scales below zero using negative Figure 8.2 
numbers (see Figure 8.2). 


You can give the coordinates of a point by giving first its 
x-coordinate and then its y-coordinate. For example, in 
Figure 8.2, the x-coordinate of A is —3 and its y-coordinate is 2. 
So the coordinates of A are (—3, 2). Similarly, the coordinates 
of B are (—3, —2), the coordinates of C are (3, -2) and D is the 
point (-2, 0). 
Insight 
There are several different ways to remember the right order 
for coordinates: 


“Along the corridor and then up the stairs’ reminds you that 


the first number in the coordinate pair is along from the 
origin and the second number is up (or down). 
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An angle grinder works well for beveling edges on thick material. Grinding down welds gives projects a 
finished look. 


Metal Shaping Techniques 


There are a number of ways to bend and shape mild steel. Bending tools for 
creating right angle bends are called metal brakes. Rollers create circles, punches 
make holes, and shearers make cuts. You can purchase simple hand-powered 
metalworking tools, though they can be costly—the higher the quality or larger 
the capacity, the higher the price. (See page 108 for a photo of a scroll bender.) 
Powerful hydraulic metal shaping tools made for commercial use can cost 
thousands of dollars. 


Simple bending jigs can be made using any round, rigid, strong form, such as 
pipe and salvaged flywheels, pulley wheels, or wheel rims. Using these jigs, it is 
fairly easy to bend round rod up to 1/4" in diameter and flat bars up to 1/8" thick 
into complex shapes. Rebar up to 3/8" can be bent into large curves by clamping 
it into a bench vise. Tubing can be bent using an electrical conduit bender. Thick 
material such as rail cap can be heated and bent. 


You can bend materials more easily if you have a long end to apply pressure to, 
so you may want to cut pieces to length after bending. Whenever you shape 
metal into sharp angles, take into account the length needed for the radius of the 
bend. Also, cold-formed metal will spring back somewhat, so it may take trial 
and error to find what size jig will make the size bend you desire. 


Use a sturdy hacksaw, jig saw, or reciprocating saw with bi-metal blades to saw 
metal. A miter box will help you make accurate cuts. A metal band saw, either 
portable or bench mounted, is handy if you will be making many projects that 
require numerous cuts. You can drill metal with a power drill or drill press, using 
metal cutting bits and oiling the bit often to prevent overheating. Large holes or 
holes in very thick material might be made more easily with an oxyfuel cutter or 
plasma cutter. An angle grinder or bench grinder can be used to create tapers or 
to correct miscut items to get better fit ups for welding. 


Bending jigs can be made from any rigid circular item. An engine fly-wheel, toilet flange, and various 
pipe sizes are shown here. 


Use a vise style pliers to hold the metal to the jig. Wrap the metal around the jig in a smooth motion. 


Use a slower drill speed and a metal cutting bit for metal drilling. Frequent application of oil prevents 
overheating. 


Joint Types 


The basic joints in welding are the butt joint, lap joint, corner joint, T-joint, edge 
joint, and saddle joint. 


The butt joint is two pieces in the same plane butted against each other. The gap 
between the pieces is determined by the thickness of the pieces. Whether or not 
the surfaces need to be ground down (beveled) is also determined by the plate 
thickness. The type of weld used for a butt joint is a groove weld. The butt joint 
is a weak joint and should be avoided if at all possible. 


A lap joint is two pieces in the same plane overlapped. The type of weld used 
for a lap joint is called a fillet weld. The strongest lap joint has welds on both 
sides. 


A corner joint is two pieces coming together to make a right angle at a corner. 
The joint can be open, partially open, or closed. An open corner takes a fillet 
weld, but other corner joints may take groove welds. For hobby welding on 
metal 3/16" and thinner, an open corner joint is stronger and allows more 
penetration. A closed corner joint may be weakened if the weld is ground. 


A T-joint is two pieces placed together to make a right angle T shape. Again, it 
is welded with a fillet weld. A T-joint is stronger if both sides are welded. 


The edge joint, or flange joint, as it is sometimes called, is predominantly used 
to join thin sheet metal components. The turned up edge lessens the heat 
distortion to the thin sheets. With the advent of cooler welding processes, the 
need for the edge joint has diminished. 


The saddle joint, or fishmouth joint, is used to join structural tubing. The tubes 
may join at any angle, and more than two tubes may be part of the joint. A fillet 
weld is used, most often all the way around the joint. 


Butt joint 


Lap joint 


— 


SHOWN IN CROSS SECTION 


Open corner joint 


> 


Closed corner joint 


> 


SHOWN IN CROSS SECTION 


T-joint 


Edge or 
flange joint 


SHOWN IN CROSS SECTION 


Saddle or 
fishmouth joint 


Anses 


Weld Symbols & Weld Types 


Welding blueprints use specific symbols to denote weld types, locations, and 
other factors. The basic symbol consists of an arrow and a reference line with 
weld symbol. The weld symbol is placed above the reference line if the weld is 
located on the side opposite the arrow, and below the reference line for a weld 
located on the same side as the arrow. Weld symbols above and below the 
reference line indicate to weld both sides. A circle at the junction of the arrow 
line and reference line means to weld all around. Most hobby welders will not 
encounter these symbols. 


The most common weld types used for home welding are the fillet and groove 
welds. 


The fillet weld is roughly triangular in shape. It is made when welding most 90° 
angle joints. I-joints, open corner joints, lap joints, and saddle joints all take 
fillet welds. 


The groove weld is made in a groove between pieces. The groove may be square 
grooved (straight sides), beveled (flat angled sides), or U shaped. The groove 
weld is used for butt joints, edge joints, and closed comer joints. 


WELDING SYMBOLS 


Other side 
Arrow side 


Other side Arrow side 


‘x is before y in the alphabet’ reminds you that the first 
number in the coordinate pair is the x-coordinate (horizontal 


axis) and the second number is the y-coordinate (vertical axis). 


1 Write down the coordinates 
of the points shown in the 
diagram. 


2 (a) Draw x- and y-axes from O to 5. 


(b) Plot and label the points A (2, 3), B (5, 1), C (1, 0) and D (0, 4). 


3 (a) Draw x-and y-axes from 0 to 6. 
(b) Plot and label the points E (2, 1), F (2, 4) and G (6, 4). 
(c) EFGH is a rectangle. Find the coordinates of the point H. 

4 Write down the 
coordinates of the points 
shown in the diagram. 


In questions 5-8, draw x- and y-axes from —5 to 5. 

5 Plot and label the points A (-3, 4), B (-2, -3), C (4, -5), D (0, -4) 
and E (-4, 0). 

6 (a) Plot and label the points D (2, 2), E (-3, -1), F (2, -4) and 

G (4, -1). Join the points in order with straight lines. 

(b) What type of quadrilateral is DEFG? 

7 (a) Plot and label the points P (3, 2), Q (-2, 2) and R (-4, —2). 
(b) PQRS is a parallelogram. Find the coordinates of S. 


8 Find the coordinates of the mid-point of the line joining the points 


(—5, 4) and (3, 2). 


8. Graphs 1 
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Other side 
Arrow side 


Arrow side 


Other side 


Repairing Metal 
Once you begin welding, you will encounter numerous opportunities to repair 


items. When your friends and neighbors discover you can do repairs, even more 
challenges will come your way. 


Performing welded repairs can be very tricky. It is important to assess your 
welding skills, the difficulty of the repair, and the intended use of the repaired 
item. Any structural or vehicle repairs, such as stairways, ladders, trailers, or 
truck chassis, need to meet the same safety standards as they did in their original 
condition. 


The first step in considering a repair is determining why the item broke. If a 
weld was poorly executed, the repair might simply be to prepare the area and 
perform a good weld. If a piece has broken due to metal fatigue, simply 
“patching” over the crack will only cause more cracks outside the patched area. 
Cast iron and cast aluminum may have broken due to imperfections or inclusions 
in the casting, or they may have gone through rapid heating and cooling that 
caused cracking. Very often things break because they have been misused— 
which means your repair will likely be broken unless the behavior of the user 
changes. 


All parts need to be carefully prepared before attempting a repair. Paint needs to be ground or sanded off 
and grease and oil need to be cleaned away. This cast iron part is being beveled to allow greater weld 
penetration. 


The next step in a repair is determining what the base metal is. A magnet will be 
attracted to any metal with a certain concentration of iron in it, but stainless steel 
(which is sometimes non-magnetic), mild steel, and cast iron require very 
different welding techniques. Aluminum is non-magnetic and is discernable 
from stainless steel by its light weight—but which alloy is it? In the case of 
aluminum, some alloys are not weldable. Unfortunately, many manufactured 
metal items are made of alloys and may have been heat treated. Without access 
to the manufacturer’s specifications, it might be impossible to determine what 
the base metal composition is. It is important to understand the effects of 
welding on these materials before attempting a welded repair. 


Once you have determined the feasibility of a repair on a particular piece, the 
piece must be prepared carefully. All rust, paint, and finishes must be removed 
from the area of the weld, and, if you are arc welding, from an area for the work 
clamp. Grease and oil must be cleaned off. If the break is on a weld joint, the old 
weld bead needs to be ground down. 


Mild steel is the easiest material to repair. Simply prepare the material as for any 
other weld, and weld using any of the welding processes. 


Cast iron and cast aluminum need to be preheated before welding to prevent 
cracking due to temperature fluctuations. If the piece is small enough, you can 
put it in the oven and heat it to 400 to 500° F. Otherwise, use an oxyacetylene or 
propane rosebud tip. Temperature crayons, which melt at specific temperatures, 
are available for marking metal to be preheated. Cast iron can be brazed if the fit 
between the broken parts is good, or it can be braze welded or welded with 
shielded metal arc. Specific electrodes for cast iron are available. Cast aluminum 
can be brazed, braze welded, or welded with gas tungsten or gas metal arc 
welding. Allow cast parts to cool slowly after welding. 


Some aluminum is not weldable. If the piece to be repaired has been welded, you 
can perform a welded repair. If you can determine the composition of aluminum 
parts, match the electrode or filler rod to that. Some filler rods and electrodes are 
multipurpose and can be used on more than one alloy. Gas tungsten arc welding 
is the best choice for aluminum, but it can also be welded with gas metal arc, or 
it can be brazed. 


Stainless steel comes in numerous alloys, and it is important to match the filler 
material to the base metal. Do not clean stainless steel with a steel wire brush, as 


the mild steel wires may contaminate the stainless steel. Stainless steel is best 
repaired with gas tungsten arc welding, although it can be brazed as well. 


If you are unsure of any aspect of a potential repair, consult with your welding 
supply dealer or an expert welder. 


Remove the paint and finish from the weld area. If you are arc welding, also remove the paint from an 
area close to the weld for attaching the work clamp. 


Cast iron can be braze welded as shown here, or shielded metal arc welded with cast iron electrodes. 
Either way, the metal needs to be preheated to 450° F before being welded. 


WELDING & CUTTING 
PROCESSES 


The following chapters give basic background information on the four major 
welding processes and two cutting processes that home hobbyists are most likely 
to use. Each chapter includes the equipment needed for the process and safety 
precautions. How-to photographs with step-by-step directions show specific 
techniques for each process. Tip sections offer suggestions for improving skills 
and keeping equipment in good condition. A separate chapter on electricity 
covers some basic points that are important to all of the arc processes. 


Oxyacetylene Welding 26 
Electricity for Welding 38 
Shielded Metal Arc Welding 40 
Gas Metal Arc Welding 44 
Gas Tungsten Arc Welding 54 
Plasma Cutting 64 
Oxyacetylene Cutting 68 


OXYACETYLENE WELDING 


An oxyacetylene welding rig consists of two cylinders—oxygen and acetylene, regulators, hoses, and a 
torch with tip. 


Oxyfuel welding is the process that uses the heat from a gas flame to melt base 
materials and cause them to join together. The gas flame is created by the 
combustion of oxygen and a fuel gas. Fuel gases are: acetylene, propane, butane, 
hydrogen, natural gas, and MPS (methyl acetylene-propa-diene, formerly known 
as MAPP gas). Oxygen and acetylene burn in a neutral flame at a temperature 
between 5600 and 6300" E, the hottest of any gas flame and capable of melting 
most metals. Other oxygen-fuel gas combinations are hot enough to use for 
soldering and brazing, but not hot enough for welding. Oxyfuel welding with 
acetylene is called oxyacetylene welding, but it is often simply referred to as gas 
welding. 


The oxyacetylene process is versatile, as it can be used for both welding and 
cutting materials (see page 68) as well as heating, soldering, and brazing. It can 
be much less expensive than arc welding and is very portable because it needs no 
electrical power source. Oxyacetylene can be used to weld any thickness of 
metal, but sections over 1/4" are difficult to weld. Unfortunately, the techniques 
of oxyacetylene welding can be very hard to master, and there are serious safety 
concerns with the extreme flammability of acetylene and the high pressure gas 
cylinders. 


Oxyacetylene welding equipment consists of an oxygen cylinder and an 
acetylene cylinder, each with regulators and gauges, oxygen hose, acetylene 
hose, torch, and tips. 


Oxyacetylene welding may use fusion welding, where the base metals are melted 
together without filler material, or, more commonly, it may use a filler metal. 


SAFETY 


e Welding helmet or face shield with #5 filter 


e Leather, wool, or cotton long pants, long sleeve shirt, and 
hat 


e Leather gloves with gauntlet 
e |. eather boots or shoes 


e Ventilation 


8.2 Straight-line graphs 


You can use straight-line graphs to show a relationship between 
two quantities. For example, the amounts of petrol used by a car in 
travelling certain distances are given in the table. 


Distance travelled in km O 100 200 300 
Petrol used in litres 0 12 24 36 


You can draw a graph r 
oe : = 40 
to show this information E 
by plotting points with 3 
coordinates (0, 0), (100, 12), E 
(200, 24) and (300, 36) 3 
(see Figure 8.3). 0 


0 100 200 300 
Distance travelled (km) 


Figure 8.3 


Insight 
In fact, you only need two points to draw a straight-line graph. 
However, it is useful to plot at least three in case of mistakes. 
You can read information from the graph but you have to be 
careful reading the scales. 


For example, to estimate the amount of petrol used to travel 220 km, 
read up to the line from 220 on the distance axis and then read across 
to the petrol axis. It is about 26 litres. Reverse the process to estimate 
the distance the car will travel on 14 litres. This is about 117 km. 


You can also use straight-line graphs to convert systems of units. 
The graph in Example 8.2.1 converts metric to imperial units. This 


type of graph is called a conversion graph. 


You can also use a conversion graph to convert one currency to 
another. 
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THE EQUIPMENT 


Cylinders. Oxygen comes in high pressure cylinders (sometimes called bottles 
or tanks) at 2200 pounds per square inch (psi) or more when full. The oxygen 
cylinder has a valve, and it always comes with a safety cap that screws on to the 
top to protect the valve. Never use the safety cap to lift an oxygen tank. The 
oxygen cylinder has a safety valve that will rupture to relieve tank pressure if the 
tank becomes overheated. Oxygen tanks should always be stored and transported 
in the upright position. 


Acetylene. Acetylene is an extremely unstable gas. It cannot be pressurized 
above 15 psi in a free state. To safely pressurize the acetylene to 225 psi, the 
acetylene cylinder is filled with a porous material and acetone. When 
pressurized, the acetylene is absorbed by the acetone, which stabilizes it. When 
the pressure is released (the valve opened) the acetylene bubbles out of solution. 
Acetylene cylinders have fusible plugs that will melt in case of a fire and allow 
the gas to slowly escape rather than explode. Acetylene cylinders should always 
be stored in an upright position. Using an acetylene tank at an angle will allow 
acetone through the regulator and hoses, which will destroy them. 


Cylinders should always be kept upright and secured with a chain or strap to 
prevent them from falling over. Never use a cylinder as a roller for moving 
heavy objects or for any purpose other than their intended use. 


Tools for oxyacetylene welding include fire bricks, pliers, striker, tip cleaner, and acetylene tank wrench. 


Cylinder Valves. Each type of cylinder has a valve that controls the flow of gas 
from the cylinder. A handwheel or valve wrench is used to open the valve. The 
oxygen cylinder valve should always be opened fully, as it is a backseating 
valve. A backseating valve is leakproof when closed and fully opened, but not 
otherwise. The acetylene valve should never be opened more than 3/4 to 1 1/2 
turns. Less than this may lead to insufficient amounts of fuel and backflash; 
more than this makes it difficult to turn the acetylene off quickly in case of an 
emergency. If the acetylene valve is opened all the way, or opened suddenly, the 
acetone may escape from the cylinder, just like an overflowing soda can. 
Acetone can destroy the hoses and regulator fittings. 


Pressure Regulators and Gauges. Pressure regulators reduce the pressure of 
the gas leaving the cylinder. A single-stage regulator reduces the cylinder 
pressure to working pressure in one step. A two-stage regulator reduces the 
cylinder pressure to working pressure in two steps. A two- stage regulator is 
better because it gives more precise control over gas flow. but it is substantially 
more expensive. The regulator adjusting screw turns clockwise to increase 
pressure and counterclockwise to reduce pressure. The regulator is completely 
off when the adjusting screw is loose or “backed out.” Always back out 
adjusting screws as part of your post-welding routine. 


Hoses. The flexible rubber hoses that move the gas from the regulator to the 
torch are designed to be leakproof and withstand high pressure. The oxygen hose 
is green, and the acetylene or fuel hose is red. Hoses are available either as a 
single hose or a dual hose where the oxygen and fuel hoses are paired together. 
The dual hoses are more common and more convenient. Always protect hoses 
from damage by moving them off the floor when not in use, keeping them 
behind the welding area so they are not burned with sparks, and keeping them 
out of traffic lanes so they are not stepped on or run over by vehicles. Hoses 
should not be allowed to come in contact with oily surfaces and should be 
protected from sunlight and chemical fumes to keep them in good condition. 
Always drain hoses when you have finished your welding session. 


Oxygen and acetylene regulators. 


Available tips for an oxyacetylene torch body include cutting head, rosebud heating tip, and welding tip. 


Oxygen and acetylene hoses with flashback arrestors, torch body, and welding tip. 


Fittings. Fittings connect the hoses to the regulator at one end and the torch at 
the other. For safety, the nut for the fuel hose (red hose) is left-hand threaded and 
has a groove machined around the nut. The oxygen (green) hose nut is right- 
hand threaded and has no groove. Never interchange the oxygen and fuel hoses 
or fittings. Never force a fitting—brass is a very soft metal, and it is easy to 
damage the fitting threads. Always hand thread and hand tighten fittings before 
using a wrench, and be careful not to overtighten them. Never use pliers to 
tighten fittings, as they will damage the brass nuts. 


Check Valves and Flashback Arrestors. Check valves and flashback arrestors 
are two Safety features to prevent reverse gas flow or flashbacks. The check 
valve allows gas to flow from the hose to the torch. If gas pressure within the 
torch exceeds the hose pressure, a spring closes the valve to prevent back flow. 
In the event of a flashback, the check valve needs to be replaced. A flashback 
arrestor is installed between the torch and hose, and offers more protection than 
the check valve. The flashback arrestor prevents burning oxygen and fuel from 
flashing back into the hoses and regulator, which could cause an explosion. The 
flashback arrestor consists of a check valve, pressure-sensitive valve, stainless 
steel filter, and heat sensitive check valve. In the event of a flashback, the 
flashback arrestor does not need to be replaced. 


Torch. The torch mixes and controls the flow of the fuel gas and oxygen. The 
torch consists of valves, torch body, mixing chamber, and tips. The torch is 
sometimes referred to as a blowpipe, but this is not technically correct. 


Tips. Tips attach to the torch body and come in many sizes to create different 
size flames. A cutting tip, also called a cutting head or cutting torch, is attached 
to the torch body to use for flame cutting. A cutting tip has a number of holes for 
the preheating flames around a center hole for the pure oxygen. Cutting tips also 
come in a variety of sizes and with different numbers of preheating holes. 
Heating, or rosebud, tips are used to preheat metals to improve their weldability. 
Welding tips come in a wide range of sizes to match the thickness of the metal 
being welded. Matching the tip size to the welding material and gas pressure is 
critical for creating quality welds. 


Setting Up an Oxyacetylene Outfit 


| Secure the cylinders in an upright position, chained to a cart or strapped to a wall or post. Remove the 
protective cylinder caps. Wipe off the cylinder valve seats, regulator connections, and hose connections 
with a clean cloth. Crack open each cylinder valve briefly to expel any trapped dirt particles. “Flat top" 
acetylene cylinders (inset) may have antifreeze in the recessed valve seat. Use a clean rag to remove the 
liquid and dry the valve seat. This style acetylene cylinder requires a cylinder wrench to open the valve. 


2 Attach the regulators to the cylinders. (The acetylene connectors have left-hand threads.) Always hand 
tighten, then use a fixed wrench, not a pliers or an adjustable wrench, to tighten. Do not overtighten—a 
firm seating is all that is necessary. Attach the hoses to the regulators. The acetylene hose is red and left- 
hand threaded. The oxygen hose is green. NEVER use grease, oil, or pipe dope to lubricate fittings. Grease 
and oil can ignite spontaneously when they come in contact with oxygen—even without a spark or flame 
present. 


3 Turn the regulator adjustment screws on the oxygen and acetylene regulators counterclockwise until 
they are loose. (Some regulators may have a knob.) 


4 Open the oxygen valve slowly all the way, while standing to the side in case the regulator gauge glass 

shatters. Turn the regulator adjustment screw until oxygen begins to flow through the hose, then loosen 

the regulator adjustment screw to stop the oxygen flow. Slowly turn the acetylene cylinder valve 3/4 to 1 
1/2 turns. 


Example 8.2.1 


The diagram is a conversion graph between kilograms (kg) and 
pounds (lb). 
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(a) Convert 38 lb to kilograms. 
(b) Convert 12 kg to pounds. 


(a) Read from 38 on the pounds axis up to the line and then follow 
the arrow across to the kilograms axis to the number 17. Thus, 
38 lb is about 17 kg. 

(b) Read across to the line from 12 on the kilograms axis and then 
follow the arrow down to the pounds axis. So 12 kg is about 
26 lb. 


Notice that the answers are approximate, that is, they are not exact. 


In this book, most graphs are drawn without the small grid 
of squares. This will enable you to see more clearly what is 
happening. For your own work, you should use graph paper. 


Another type of straight-line 40 
graph is the distance-time graph 
(sometimes called a travel graph) 
which is used to represent a 
journey. Use the horizontal axis 
for time and the vertical axis 0 

for distance. Figure 8.4 shows 0900 1000 1100 1200 
a distance-time graph for a dle 

cycle ride. Figure 8.4 


20 


Distance (miles) 


Between 0900 and 1000, the cyclist travels 16 miles. 
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5 Adjust the acetylene regulator valve until the gas begins to flow, then loosen the regulator adjustment 


screw to stop the flow. Attach the torch to the hoses. Be sure to pressurize the system and check for leaks 
before lighting. 


Make sure both torch valves are off. Turn both regulator adjustment screws counterclockwise until loose. 
Slowly turn the oxygen cylinder valve on. Once open, turn the valve all the way open to ensure proper 
seating without leaks. Turn the oxygen regulator adjustment screw clockwise until the gauge reads the 
desired pressure. (Refer to the manufacturer's specific instructions for operating pressures.) Open the 
oxygen valve on the torch to check the flowing oxygen pressure. Adjust if necessary and close the torch 
valve. Slowly open the acetylene cylinder valve 3/3 to 11/1 turns. (Leave the wrench on the valve if it is a 


wrench-style valve.) Turn the acetylene regulator pressure adjustment screw until the desired pressure 
reads on the regulator gauge. Open the acetylene valve on the torch briefly to make sure the flowing 
pressure matches the desired working pressure. If not, adjust the regulator until the proper pressure is 
reached. 


Checking for Leaks 


Apply leak-detecting solution to all connections with a small brush. (You can use soap and water so long 
as the soap is not petroleum based.) If any connections cause bubbles in the solution, tighten the 
connections and check again. 


BACKFIRE & FLASHBACK: 


Backfire and flashback are two hazardous situations that can be caused by 
improper gas pressures. Backfire is the pre-ignition of the acetylene and 
oxygen inside the tip that causes a popping sound. This may damage the tip or 
spray molten metal from the weld area. Flashback is the flame burning 
backward into the torch or hoses, causing a popping or squealing noise. 
Flashback can cause an explosion in the hoses. Avoid both hazards by 
matching the tip size to the material being welded and by using the proper 
pressure settings. Using lower pressures than recommended can cause 
backfire and possibly flashback. 


Lighting the Torch 


| Hold the torch in one hand with the thumb and forefinger on the acetylene torch valve. Hold the 
striker in front of the torch about 3" to 6" away at a slight angle. Turn on the acetylene torch valve 1/1 
to 1/1 turn. 


3 Put the striker down and adjust the acetylene torch valve with your right hand so the flame is burning 
without producing soot. The flame should not be separated from the torch (inset). Open the oxygen torch 
valve slowly. Adjust the oxygen to get a bright white inner flame and a bluish outer flame. Turn down the 


acetylene to eliminate the excess acetylene feather if present. When you have finished welding, turn off 
the oxygen first, then the acetylene. 


Flame € Flame States 


The flame of an oxyacetylene torch has two parts—the inner or primary flame 
and the outer or secondary flame. The flame has different temperatures at 
different locations. The outside edges are cooler because they are burning with 
the ambient air, which is only 21% oxygen. The torch tip is cooler because 
complete combustion hasn’t been reached. The hottest area is the tip of the 
primary or inner flame cone. Here the gases are completely combusted and are 
insulated by the secondary flame. There are three flame states for the 
oxyacetylene flame: carburizing, neutral, and oxidizing. 


The carburizing or reducing flame has an excess of fuel. This is a useful flame as it will break down metal 
oxides to get at the oxygen, thus cleaning the weld area to a small degree. This process adds carbon to 
welds, which makes them harder. The carburizing flame has a bright white primary flame, an acetylene 
"feather" around the primary flame, and a bluish white secondary flame with orange edging. 


The neutral flame is the exact point where the feather and the inner cone come together. In this flame, 
there is exactly enough oxygen present to provide total combustion of the fuel gas. Most welding and 
cutting operations use a neutral flame. The neutral flame has a bright white primary flame and a colorless 
to bluish secondary flame. 


The oxidizing flame has an excess of oxygen. The white cone of this flame is small and pointed and 
somewhat paler than the neutral flame. A hissing sound often accompanies this flame. This flame is not 


particularly useful as it hastens oxidizing, which is not desirable in welding. lt can, however, be used for 
removing carbon from molten metal, thus softening the metal. 


Pre-welding Checklist: 


e Check hoses for damage before pressurizing the system. 

e Prepare metal for welding by wire brushing or sanding off mill scale and 
rust. Use acetone or denatured alcohol to remove oil or other chemical 
residues. 

e Use fire bricks to avoid unnecessary heat loss and prevent welding to the 
welding table. 

e See manufacturer’s recommendations for appropriate tip sizes and gas 
pressures. 

e Set up materials and clamp if necessary. 


NOTE: The directions for oxyacetylene welding are for right-handed welding. 
Reverse the directions for left-handed welding, or if you find it easier to 
manipulate the filler rod with your right hand. 


Welding with Oxyacetylene 


| Select an appropriate filler rod and lay it on the table next to the bricks. Light the torch and adjust to 
a neutral flame. Pull down your face shield. Place small fusion tack welds at each end of the joint and in 
the middle if it is a long joint. (A fusion weld uses no filler rod.) Turn off the torch, oxygen first then 
acetylene, and check that your tacked piece is still in the desired position. If not, use a hammer to move it 
into position or break the tack weld and reposition. 


2 With the torch at a 45° angle to the right and oscillating the torch in a 1/4" to 1/2" circle over both 
metal pieces, create a weld puddle at the right end of your workpiece. 


Insight 
Notice that the line between 0900 and 1000 is steeper 
than the line between 1030 and 1200. A steeper line 
shows that the cyclist has travelled a greater distance 
in a given time, hence the steeper the line the greater the 


Between 1000 and 1030 (the horizontal part of the graph), the 
cyclist is stationary, resting perhaps. 


Finally, between 1030 and 1200, the cyclist travels a further 
20 miles. 


You can work out the average speed for the whole journey using 


distance travelled 
average speed = — 
time taken 
The cyclist travelled a distance of 36 miles in 3 hours, so 
the average speed is 36 + 3 = 12. As the distance is measured 
in miles, and the time in hours, the speed is in miles per hour 


(mph). 


1 The diagram shows the 
number of electricity units 2 H Am 


used by a 60 watt light bulb 3 MA 
left on for up to 30 hours. S 
(a) How many units of 5 i 
electricity ay used in 5 BREED” 40 REE Re ee O O O O O O O O O OS 
(i) 7 hours __——— 
(ii) 23 hours? 0 
(b) For how many hours was Time (hours) 
the bulb left on if it used 
(i) 0.7 units, 


(ii) 1.1 units? 
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3 When a molten puddle has formed, move the filler rod close to the puddle and flame, but not in it. 
Begin moving slowly to the left while oscillating and maintaining the molten puddle. Dip the filler rod 
into the middle of the molten puddle and remove it, but keep it within the heat zone. 


4 Continue dipping, oscillating, and moving to the left. As you reach the end of the weld, the cumulative 
heat build-up may make it necessary to adjust to a shallower angle to deflect heat away from the puddle 
and prevent burn through. When finished, turn off the oxygen torch valve first, then the acetylene torch 
valve. The weld should penetrate to the back without burning through. 


Depressurizing an Oxyacetylene Outfit: 


When you have finished welding, or if you are going to stop welding for more 
than 10 or 15 minutes, depressurize your setup. The hoses and regulators are 
designed to leak small amounts of fuel and oxygen if they are pressurized and 
not being used, so it is important for safety and economy to depressurize 
them. You will soon be so comfortable with the pressurizing and 
depressurizing steps that it won't seem like an inconvenience at all. It is 
important to do the fuel gas and oxygen in separate steps, to prevent having 
mixed, unburned oxyacetylene in the torch. 

e Close the fuel gas cylinder valve. 

e Open the fuel gas torch valve until both gauges read zero. 

e Loosen (counterclockwise) the fuel gas regulator adjustment screw. 


GAS OPTIONS: 


The most useful fuel gas for oxyfuel welding is acetylene. Its neutral flame 
generates the highest heat and heat concentration with the lowest chemical 
interactions with the molten metal. Other fuel gases, such as MPS or MAPP 
and propylene can be used for brazing and cutting applications. Natural gas 
and propane can be used for brazing and heating operations. Make sure that 
the equipment—hoses, regulators, torches, and tips—are designed for use 
with the gas you choose. 


TEMPERATURE OF 
GAS DENSITY (Air = 1) NEUTRAL FLAME 
WITH OXYGEN 


Acetylene 0.906 95897 F 


Methylacetylene- 
propadiene (MPS) 


Natural gas 0.62 4600° F 
Propane 152 4579° F 
Propylene 1.48 5250° F 


1.48 93007 F 


FIRE BRICKS: 


Fire bricks are specially made bricks that have little water content so they 
will not explode when heated to high temperatures. Fire bricks do not pull 
the heat from your weld or braze, and you cannot weld your material to 
them. 


Brazing 


Brazing is very similar to soldering since flux is applied to tightly fitted metal 
parts that are then heated to the point where filler material will melt and be 
drawn into the joint. Silver soldering and hard soldering are terms incorrectly 
used to refer to brazing. Brazing is different from soldering because it takes 
place at temperatures over 840° F and below the melting point of the base 
metals. The metals are not fused, but held together by the filler metal adhering to 
the base metals through capillary action. 


>, 


Brazing supplies include flux and silver solder (left). Braze welding requires flux coated rods, or separate 
flux and rods. 


There are a number of industrial brazing processes, such as dip brazing, furnace 
brazing, and induction brazing. ‘The home welder is likely only to do torch 
brazing. Torch brazing can be done with an oxyfuel torch using acetylene as the 
fuel gas, or any of the other fuel gases (see page 35). NOTE: Different fuel gases 
require different regulators, hoses, torches, and tips. 


For brazing to work, the gap between the parts must be between 0.002 and 0.010 
inches. If the gap is too tight, the flux and filler will not flow evenly through the 
joint. If the gap is too big, the strength of the joint is lessened. Gaps between 
parts can be measured with a feeler tool, available at automotive stores. Items to 
be brazed must be absolutely clean and free from rust, corrosion, grease, oil, and 
cleaning compound residues. 


Brazing is often used commercially to join dissimilar metals such as tungsten 
carbide saw teeth to a steel saw blade. Another common use for brazing is in 
lugged bicycle frames. Because nearly every metal can be joined using brazing, 
it is highly suitable for art applications. 


a” 


Thoroughly clean and flux both sides of the joint area. Using a small torch tip, heat the entire joint area 
until the flux turns clear and starts to run. Add enough filler metal to fill the joint. (Silver alloy is 
shown.) After the metal has cooled, the flux residue can be removed with hot water. 


Braze Welding 


Braze welding is similar to standard oxyacetylene gas welding except the parent 
or base metals are not melted, so there is no molten puddle. Instead of a steel 
alloy filler rod, a flux coated brass filler rod is used. Braze welding is often 
incorrectly referred to as brazing. Braze welding does not use capillary action to 
pull filler material into the joint—the filler metal is deposited as fillet or groove 
welds. 


The brazing rod is melted by the heat of the metal and the flame, but it should 
not be held in the flame itself. The parts for braze welding should fit tightly, but 
the gap is not as important as with brazing. 


Braze welding is used for joining dissimilar metals and for metals of different 
thicknesses. This technique is often used to repair cracked or broken cast iron. 


Braze welding has less distortion than oxyacetylene welding because less heat is 
applied to the parts. A disadvantage is that it is not as strong as welding where 
the base metal is melted, but a well-made braze weld is still sufficient for most 
non-structural applications. Because the base metals do not need to be melted, 
braze welding can be done with any of the fuel gases listed on page 35. 


If you are creating a piece that will be welded and braze welded, you must be 
careful to complete the non-brazed welds first. The heat involved with all other 
welding processes will boil off the brass alloy of a braze weld, ruining the weld 
and creating toxic fumes. 


1 Braze welding is useful for joining thin metals, like this expanded metal, to thicker metals. Heat both 
parts, directing more heat toward the thicker part. It may take a long time for the thicker metal to heat. 
Using fire bricks will prevent a metal table top from absorbing any heat. 


2 When both parts glow a dull cherry red, touch the flux coated rod to the joint. The flux and the filler 
metal will melt. If the metal is molten or the fluxed rod comes in contact with the flame, the flux will 
burn and the filler metal will boil. This results in a poor joint in addition to giving off toxic fumes. 


ELECTRICITY FOR WELDING 


Arc welding and cutting processes—shielded metal arc, gas metal arc, gas 
tungsten arc welding, and plasma cutting—all use electricity to generate the 
necessary heat. Understanding electricity is not necessary to use these 
processes, but knowing basic terms and concepts will help you understand 
why certain welding events occur. 


Electric current is the flow of electrons through a conductor from a high 
concentration of electrons (negative charge) to a low concentration of 
electrons (positive charge). As electricity flows through a conductor, it 
generates heat based on how much resistance the conductor offers. An arc is 
simply a sustained electrical discharge across an air gap. Because air is 
highly resistant to electron flow, an enormous amount of heat is generated by 
the movement of electrons across this gap. The heat generated by an arc is in 
the area of 11,000° F, but about half of this heat is dissipated. 


ELECTRICAL UNITs. The units used to refer to electricity are voltage, 
amperage, and wattage. 


Voltage or volts (v) is the measure of electric potential or the electric 
pressure. The voltage controls the size of the air gap that the arc can cross. 
The higher the voltage, the larger the gap the arc can cross. 


Amperage or amps (a) is the volume of electrons flowing through a 
conductor. The amperage controls the size of the arc. 


Wattage or watts (w) is the measurement of the amount of electrical energy 
Or power contained in the arc. Wattage affects the width and depth of a weld. 


Volts, amps, and watts are related to each other in such a way that volts x amps = watts. 


2 The graph converts miles to o 


kilometres and vice versa. 9 = A 
(a) Convert to kilometres 3 EHHH 
(ii) 42 miles. HHHH 
(b) Convert to miles PEPER 
(i) 35 km, 
(ii) 88 km. 


3 This graph is used to convert 
petween pounds (e) andes (€) Eiki 
(a) Convert to euros A En 

(i) £38, (ii) £26. AA A A A 
(b) Convert to pounds 
(i) €75, (ii) €48. 
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4 Mrs Ford drove from London to Brighton and back. The diagram 
shows the distance—time graph for her journey. 


Distance from 
London (miles) 
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(a) At what time did she reach Brighton? 
(b) For how long did she stay in Brighton? 
(c) Work out her average speed for the whole journey. 
(d) Work out her average speed for the journey from London to 
Brighton. (Hint: You do not work out 60 + 1.15.) 
(Contd) 
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WELDING POWER. Power for welding may be supplied in one of the 
following ways: 


Constant Voltage (CV). The arc voltage is maintained even when the 
current (amps) changes. This means if the arc length is changed, which 
changes the current flow, the voltage stays relatively the same. 


Constant Current (CC). As the amperage fluctuates, the voltage increases 
or decreases to keep the total power (wattage) output the same. 


OPEN CIRCUIT AND OPERATING VOLTAGE. The open circuit voltage is the 
voltage that exists at the electrode tip when the machine is on but no arc has 
been struck. The higher the open circuit voltage, the easier it is to strike an 
arc. Open circuit voltage is usually between 50 and 80 volts. The higher the 
voltage, the greater the risk of electrical shock. 


The operating voltage is the voltage when the arc is struck and the circuit is 
completed. This is usually between 17 and 32 volts depending on the arc 
length, the type of electrode, the type of current, and the polarity. 


POWER SOURCES FOR WELDING. There are three sources for producing the 
low-voltage high-amperage combination that arc welding needs. 


A mechanical generator produces power through the use of a gasoline or 
diesel engine. 


A step-down transformer takes available high voltage alternating current 
and changes it to a low-voltage high-amperage current. 


An inverter uses solid state electronics to change the current without the 
weight of a transformer. 


CURRENTS USED FOR WELDING. The type of current used and the polarity 
is important to welding. 


Alternating Current (AC) is standard available household current. The 
electron flow changes direction two times per cycle. Welding with AC 
means that the electrode and the workpiece alternate between positive and 
negative, so the welding heat is distributed evenly to both. This balances 


penetration and build-up. 


Direct Current (DC) electrons flow in one direction only. A rectifier is used 
to convert alternating current to direct current. With direct current, there are 
two polarity options: 


Direct Current Electrode Negative (DCEN)—formerly called straight 
polarity—means the electrode is negative, the workpiece is positive; 
electrons are flowing from the electrode to the workpiece and the heat 
is concentrated in the electrode. 


Direct Current Electrode Positive (DCEP)—formerly called reverse 
polarity—means the electrode is positive, the workpiece is negative; the 
electrons are flowing from the workpiece to the electrode. DCEP 
produces the best welding arc characteristics. 


Duty CyYcLE. The duty cycle is the amount of continuous running time at a 
given power output for a welding machine, given as a percentage for a ten 
minute period. Because welding machines produce heat internally, they need 
a certain amount of cooling time. A 60% duty cycle means that a machine 
can run continously at that setting for six minutes, then it will need to cool 
for four minutes. Duty cycle is critical in construction and industrial 
applications, and it can be important for home shop use. A 10% duty cycle at 
the maximum setting means one minute of welding and nine minutes of 
cooling. This could be a problem for large projects on thick material. The 
higher the duty cycle, the more expensive the machine. 


IN 


Alternating current alternates between positive and negative polarities, passing through a zero, or no 
current point, between the two. 


NOTE: 


Work leads and work clamps are sometimes referred to as ground leads 
and ground clamps. This is not technically correct, as the electricity is not 
being grounded. Instead, the work lead and clamp are allowing for 
completion of the circuit back to the machine. 


SHIELDED METAL ARC WELDING 


¢ i 
, 
} 


A shielded metal arc welder consists of a power source, electrode holder, and work clamp. 


Shielded metal arc welding (SMAW) is also referred to as arc or stick welding. 
The process involves the heating of the base metal to fusion or welding 
temperature by an electric arc that is created between a covered metal electrode 
and the base metal. The coating or covering on the electrode provides both flux 
and shielding gas for the weld. The electrodes come in 9" to 15" straight lengths 
in a range of wire thicknesses from 1/1" to 3/8", hence the name “stick.” SMAW 
is used extensively for fabrication, construction, and repair work because the 
machinery is inexpensive and fairly simple, and the electrodes are inexpensive. 
There are drawbacks to SMAW: It doesn’t work well on thin materials (less than 
1/8" is difficult), electrodes need to be changed frequently as they are used up, 
and the protective slag coating must be chipped off each weld. 


Safety. Shielded metal arc welding uses electricity, so there is always the 
possibility of receiving an electric shock or being electrocuted. When an 
electrode (stick) is placed into the electrode holder, it is “live.” If the electrode 
touches anything that the work clamp is in contact with, the circuit will be 
completed and an arc will be struck. To prevent this from happening, always 
remove the electrode from the holder when you are not actively welding. Do not 
use your bare hands to insert or remove electrodes—always touch electrodes 
with dry gloves. Remember that water and electricity never mix well, so do not 
weld while standing on a wet or damp floor or ground, and do not weld outdoors 
in the rain. The electrode will be hot after use, so take care where you dispose of 
electrode stubs. A metal bucket is a good addition to your SMAW workshop. 


SAFETY 


e Welding helmet with #10 to #14 filter 

e Leather, wool, or cotton long pants; leather jacket 
e Heavy-duty welding gloves 

e Safety glasses 

e Hat 

e Leather boots or shoes 


e Ventilation 


SMAW welding produces ultraviolet and infrared rays, harmful fumes, and hot 
spatter. Protect your eyes with a #10 to #14 filter in a full-face welding helmet or 


hood. Heavy-duty leather welding gloves and a welding jacket with leather 
sleeves are necessary to protect you from the molten spatter. Proper ventilation 
from an exhaust hood or fan is important since many of the chemicals used in 
the electrode coatings are hazardous if inhaled. Also, it is a good idea to screen 
off your welding area so others are protected from the intense light of the arc. 


The Equipment. SMAW machines are available as either alternating current 
(AG), direct current (DC), or with the capability of switching between the two. 
The machine itself is simple in that it merely converts high-voltage low- 
amperage line current into low-voltage high-amperage welding current. Output 
is controlled with one knob. You often will hear SMAW machines referred to as 
“buzz boxes.” 


AC welding machines meet most home and small shop needs, are inexpensive, 
and are readily available. Because the alternating current cycles through a zero 
current between the positive and negative polarities, it can be difficult to strike 
and maintain an arc. DC machines are easier to use and have many home and 
hobby applications, but they are more expensive. Because DC current can have 
its flow reversed (see page 39), a DC machine has more versatility in terms of 
the electrodes that can be used. This allows for a wider range of welding 
positions, metal thicknesses, and metal types that can be welded. This versatility 
makes a DC shielded metal arc welder well worth the extra expense. 


The equipment itself consists of the welding machine, which usually has one 
adjustment knob, an electrode lead with electrode holder (sometimes called a 
stinger), and a work lead with work clamp. You will often see work leads and 
work clamps referred to as ground leads and ground clamps. The work lead and 
clamp are not grounding the electricity, they are completing the circuit back to 
the machine. 


Useful tools for shielded metal arc welding are a pliers, chipping hammer, and wire brush. 


SMAW Electrodes. SMAW electrodes are solid, round, metal wires coated with 
flux and other components. In addition to producing shielding gas and flux, the 
covering may also contain additional metals for filler or alloying elements for 
the weld. 


The American Welding Society (AWS) publishes standards for the electrodes. 
Electrodes come in diameters ranging from 1/16" to 3/8" in increments of 1/32". 
The electrode diameter measures the wire itself, not the diameter of the wire 
with the covering. The electrode designation is inked onto the covering near the 
bare end of the electrode. The number classification for SMAW electrodes 
begins with the letter E because they are electrodes. The first two or three 
numbers on the left denote the tensile strength of the properly completed weld in 
thousands of pounds per square inch. The second number from the right 
indicates the welding position appropriate for that electrode: 1 = all, 2 = flat 
srooves and flat or horizontal fillet weld, 3 = flat only, 4 = all. The last two 
numbers designate the current and polarity uses and other special notes. There 
also may be electrode suffixes that denote alloys that have been added to the 
electrode. 


SMAW electrodes are sold in 5- or 10-pound boxes. Specialty electrodes may be bought a pound at a 
time. It is important to keep electrodes dry, either in the original box or a storage container. 


Each electrode manufacturer may have a number of electrodes of a specific 
AWS designation that are slightly different and have been tailored to specific 
uses. The diameter of the electrode will determine which amperage to use. Use 
the manufacturer’s guidelines to determine amperage. If not available, start with 
90 to 120 amps minimum range for a 1/8" electrode and add 40 amps for each 
1/1" increase in diameter. This will give you a rough minimum starting 
amperage. 


Electrodes for SMAW are stamped with a numeric code. 


The most commonly used electrodes are 6011, 6013, 7014, and 7018. The 6011 
and 6013 electrodes will work with AC power, the 7000 electrodes will not. For 
a beginner, 6013 with DC power is generally the easiest electrode to use in terms 
of striking an arc and maintaining a consistent arc. It is always a good idea to 
talk with your welding supplies dealer about what type of welder you are using, 
the type of welds you are making, and the materials you are working on to get 
the best electrode for your purposes. 


Slag. Shielded metal arc welding produces a weld that is covered with a coating 
of ceramic-like slag. The flux and other components in the covering clean the 
material to be welded and also float out impurities in the weld. These impurities 
and flux solidify on top of the weld which protects the cooling weld from the 
effects of oxygen in the atmosphere. The slag must be scraped or chipped away 
before the weld bead is covered with another weld layer or before the weld is 
painted or finished. Safety glasses should be worn during this procedure. 


120 


5 (a) Using a scale of 1 cm to 5 gallons on the horizontal axis and a 


scale of 1 cm to 25 litres on the vertical axis, plot the points 
given by the pairs of values in the table. Join the points with a 
straight line. 


catons | 0 [10 [20] 30 | 0 
tives [o [4s [0 [135] 160 


(b) Convert 18 gallons to litres. 
(c) Convert 120 litres to gallons. 


(a) Using £20 = $39 and £40 = $78, draw a graph which you 
can use to convert between pounds and dollars for amounts 
up to £50. 

(b) Convert £17 to dollars. 

(c) Convert $53 to pounds. 


7 Acyclist set off from home at 8 a.m., and at 9.30 a.m. had covered 


30 km. He rested for half an hour and then cycled a further 15 km 

in an hour. Finally, he cycled back home, arriving at 1 p.m. 

(a) Draw a distance—time graph for the journey. 

(b) Calculate his average speed for the whole journey. 

(c) Calculate his average speed for the first 30 km of his 
journey. 


8 The time, in minutes, needed to cook a chicken is given by this rule 


‘Multiply the weight in pounds by 20 and then add 20.’ 
(a) Use the rule to complete the table. 


| Weight in pounds | 1 | 2 |3 |4|5| 6 


Time inminutes | [eo] | | [wo 


(b) Draw a graph to show this information. (You should not join 
the straight line to the origin.) 
(c) Find the time needed to cook a 4.2 pound chicken. 


Shielded Metal Arc Welding 


| Set up your material to be welded. Make sure the electrode holder is not touching the workpiece or 
worktable. Attach the work cable clamp to the table (inset) or workpiece. Turn on machine. Adjust the 
range switch for the desired amperage. Wearing leather gloves, place an electrode in the electrode holder. 
Position the electrode over the area to be tacked, flip down your helmet, and tap or scratch the electrode 
on the area to be tacked to strike an arc. After making your tack welds, remove the electrode from the 
electrode holder. Check to see that the tacked pieces are aligned properly. If not, use a hammer to move 
them into alignment or break the tack welds and retack. Chip slag from tack welds so it does not 
contaminate the final weld. 


2 Replace the electrode in the electrode holder, and position the electrode over the left side of the area 


to be welded. Hold the electrode at a 10° to 20° angle to the right. Flip down your hood and scratch or 
tap to strike an arc. The distance between the metal and electrode should not exceed the thickness of the 


electrode bare wire diameter. Move slowly to the right until the weld is completed. 


3 To remove Slag, hold the workpiece with pliers at an angle and scrape or knock the slag with the flat 


blade of the chipping hammer. Wear safety glasses when chipping slag. 


GAS METAL ARC WELDING 


A gas metal arc welding setup consists of a power source, wire feed, work cable with clamp, supply cable 
with gun, and gas cylinder with regulator. 


Gas metal arc welding (GMAW), also referred to as MIG (metal inert gas) or 
wire feed, is a process where a consumable electrode (wire) is automatically fed 
through a welding gun along with a continuous flow of a shielding gas. The 
actual application of filler metal is achieved with most small machines through 
the short circuit transfer method. Other transfer methods used by more powerful 
machines are short circuit globular and spray pulse. 


The GMAW process has a number of advantages. The gun or torch can be held 
at a uniform distance from the weld, unlike shielded metal arc welding where the 
distance from the electrode holder to the weld becomes shorter as the electrode 
is consumed. The trigger power control on the welding gun also makes it 
possible to be completely positioned and ready to weld without accidentally 
striking an arc. When ready to weld, the welder can flip down the helmet and 
pull the trigger without getting off target. Because the electrode is the filler, the 
welder does not need to coordinate a filler rod in one hand and the torch in the 
other. The GMAW gun can be held steady with both hands to create a uniform 
bead. Because of the shielding gas, GMAW welds are smooth and clean, with no 
slag to chip or grind. The GMAW process can operate at very low amperages 
and is a relatively cool welding process, so 22 and 24 gauge sheet metals can be 
welded without distortion. The process also requires narrower beveling for 
thicker plate welds, so less time is spent on grinding. 


SAFETY 


e Welding helmet with #11 to #12 filter 


e Leather, wool, or cotton long pants, long sleeve shirt, and 
hat 


e Leather gloves with gauntlet 
e Leather boots or shoes 


e Ventilation 


Some disadvantages of GMAW are that the shielding gas nozzle does not allow 
for welding in tight spaces without some modifications. Because the shielding 
gas can be disrupted or blown away by drafts easily, the process is not suited for 
working outdoors. 


THE EQUIPMENT 


Power supply. In the small GMAW units, the power supply and wire feed are 
integrated into the same cabinet. In larger, multipurpose machines, the wire feed 
is a separate unit. The power supply converts the standard alternating current 
(AC) into direct current (DC). Alternating current is not appropriate for gas 
metal arc welding because its constantly switching flow does not yield a steady, 
consistent arc. On the machine, you will be able to adjust the voltage, polarity, 
and wire feed rate; the machine adjusts the amperage. When using the power 
source to weld with a shielding gas, the machine should generally be set up for 
electrode positive, that is, the electrode is positive and the workpiece is negative. 
If used without shielding gas and with flux cored wire, the polarity usually needs 
to be switched to electrode negative. This is achieved by switching the contact 
wires within the machine. Larger, multipurpose machines may have a switch to 
change the polarity. Always check manufacturers recommendations for polarity 
settings. 


A MIG pliers is a handy tool for gas metal arc welding. 


Wire feed. The wire feed consists of a spool of wire, a tension controller, and 
rollers and a roller motor. The wire speed is set by the speed adjustment knob, 
depending on the thickness of the material being welded. The rollers have V or 
U grooves sized to match particular wires. Most machines come with two-sided 
rollers that can be switched over to handle two different size wires. 


The wire feeding mechanism consists of a spindle to hold the wire spool, drive wheels, rollers, and a 
tension adjustment. Most welders now have a reference chart with recommended settings. 


Gun. The GMAW gun, sometimes referred to as a torch, is attached to the 
welding machine via the supply cable. The cable carries the power, the power 
control, the wire in a special liner, and the shielding gas. The gun has a trigger 
that turns the power on and off, which also starts the wire feed and the shielding 
gas flow. The gun generally has a goose neck shape, although straight neck and 
flexible neck guns are available. A contact tip is screwed or cam locked into the 
gun. This tip has an orifice the same size as the wire being used. It is important 
that this be sized correctly—too large and good electrical contact between the 
source and the electrode will not be made, too small and the wire will not fit. 
The shielding gas is directed toward the work area with a nozzle. On most home 
versions, the relationship between the contact tip and the gas nozzle stickout is 
not adjustable; larger welders have a wider variety of nozzle sizes and shapes. It 
may be worthwhile to purchase an aftermarket adjustable system. When using 
the GMAW process, it is important that the supply cable be kept as straight as 
possible to prevent kinking the wire or impeding the gas flow. 


Aluminum wire spool 


Spool gun 


Diffuser 


Contact tip 


Gas metal arc gun 


A spool gun is used for feeding aluminum wire because it often breaks or misfeeds through a standard 
cable. A standard gas metal arc gun consists of a handle, gas diffuser, contact tip, and nozzle. 


The final piece of equipment is the work cable with clamp. This is clamped to 
the workpiece or to a metal work surface that the piece sits on to complete the 
circuit. 


Electrodes. When choosing an electrode (wire), consider the composition 
properties, cleanliness of the base metal, and the shielding gas. If you will be 
welding out of position, this will also be a factor. There are dozens of wire 
choices for GMAW. 


Most home GMAW welders use 1-pound or 10-pound wire spools. Larger spools are generally less 
expensive. 


Electrodes are labeled with alpha-numeric codes that describe their type, tensile 
strength of the weld, whether it is solid or tubular (tubular is flux cored), and 
chemical composition. For mild steel, ER70S-3 is a good general purpose wire. 
ER70S-4 and ER70S-6 are good wires for dirty or rusty metals. Wire also is 
available for welding aluminum and stainless steel. Available wire sizes are 
0.024, 0.030, 0.035, and 0.045 inches. 


Using a wire feed machine without shielding gas requires the use of flux cored 
wire (often called innershield), and the process is then called flux cored arc 
welding (FCAW). Because the wire makes the electrical contact as it travels 
through the contact tip, the flux must be inside the wire, which makes flux cored 
wire more expensive than regular GMAW wire. Commercial welders may use a 
“dual shield” flux cored wire that does use a shielding gas. Welds made with this 
process are as clean as regular GMAW welds. 


Flux cored arc welding can be done outdoors because there is no shielding gas to 
be disturbed by wind and weather. Unfortunately, using flux cored wire results in 
a less attractive weld due to the presence of slag and more spatter. The flux cored 
wire usually has greater penetration and is often used to stretch the capabilities 
of a small welding machine. Because 0.035" is the smallest diameter for flux 
cored wire, it is not appropriate for welding thin sheet metal. The lowest setting 
for this size wire is still too hot for this application. 


Shielding Gas. The shielding gas for GMAW is supplied by a cylinder with a 
flow regulator and connecting hoses. The gas line is connected to the welding 
machine, which directs it through the cable. 


Carbon dioxide is suitable for general GMAW welding. It gives good penetration 
and is inexpensive compared to other gases. Argon and carbon dioxide in a 75% 
argon and 25% carbon dioxide mix is the standard GMAW shielding gas. It is 
slightly more expensive than pure carbon dioxide, but it yields welds with less 
Spatter. Pure argon is used for shielding aluminum welds. If you choose to use 
pure carbon dioxide, select an electrode that performs well with this shielding 
gas. 


8.3 Lines parallel to the axes 


Points with coordinates (3, 4), (3, 1) 
and (3, —2) all lie on the vertical line 
shown in Figure 8.5. 


The three points have the same 
x-coordinate, 3. In fact, every point 
on that vertical line has 3 as its 
x-coordinate; x = 3 is called the 
equation of the line. Any vertical 
line, therefore, has an equation of the 
form x = c, where c is the value of x 
where the line crosses the x-axis. The 
equation of the y-axis is x = 0. 


You can use a similar approach to 
find the equation of a horizontal line, 
except that, in this case, it will be the 
y-coordinates which are equal. So the 
equation of a horizontal line has the 
form y = d, where d is the value of y 
where the line crosses the y-axis. The 
equation of the x-axis is y = 0. 


Figure 8.6 


In Figure 8.6 the region to the right of the line x = 1 has been 


shaded. The x-coordinate of all the points in the shaded region is 


greater than 1. 


The line x = 1 is drawn as a solid line, without gaps, which tells 


you that the region includes the line x = 1. (If the line had not been 
part of the region, it would be a dotted line.) The x-coordinate of 
every point in the region is, therefore, equal to or greater than 1. 
The inequality x > 1 describes the region. 


In a similar way, you can also describe regions which have one or 


more edges parallel to the x-axis using inequalities. 
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A flow meter registers gas flow with a small floating ball. 


Gas Cylinder Safety. Gas cylinders store compressed gases at pressures up to 
and greater than 2000 psi. This is sufficient pressure to send a tank through a 
concrete wall if the cylinder valve should be damaged. It is important to be 
extremely careful with gas cylinders even when they hold the non-flammable 
gases used in GMAW welding. Gas cylinders should always be upright and 
chained or strapped to a wall, post, or cart. Never drag a cylinder; never lay one 
down or roll it flat. To move a cylinder, chain it to a handcart first. If you must 
move a cylinder without a handcart, tip it slightly and roll it. Never weld 
anything to the cylinder or safety cap—and be careful to never accidentally 
strike an arc against a cylinder. If you do, you will have to purchase that 
cylinder. 


Setting Up the Wire Feed 


1 Contact tubes are stamped with their size. Make sure the contact tube and the drive roll grooves are 
the correct size for the electrode you are using. Place the wire spool on the spindle, and secure it with the 
pin lock, lock ring, or wing nut. Make sure it is feeding in the proper direction. 


GUN TRIGGER CONNECTION 
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2 After releasing and cutting off the crimped wire end, hold the wire firmly with a pliers. The wire is 
tensioned and the entire spool will rapidly unroll if you do not hold it firmly. Swing the tension arm or 
pressure roll out of the way. Push the wire through the inlet wire guide, through the groove on the drive 
roll, and out through the outlet wire guide. 


NOTE: 


Unless your machine has an inch switch for advancing wire or a purge 
switch for activating gas flow, you will use the gun trigger to accomplish both 
tasks. Using the gun trigger means the wire is “live” and will arc to anything 
the work clamp is touching. 
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3 Swing the tension arm or pressure roll back into position. Adjust tension according to manufacturer's 
directions. On a new machine, the drive roll pressure will already be set. Make sure the wire is aligned 
perfectly straight—not up and down or side to side—on the drive roll. Turn the machine on, turn the wire 
speed to its highest setting, pull the cable straight, and depress the trigger. Some machines have an inch 
button that feeds the wire without supplying power to the contact tip or wasting shielding gas while 


loading wire. 


Setting Up the Shielding Gas Flow Meter 
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1 Open the cylinder valve briefly to clear out any dirt. Wipe the cylinder threads with a clean, dry cloth. 


2 Attach the flow meter to the cylinder. Use a fixed wrench to prevent damaging the brass fittings. 


3 Turn the knob on the flow meter clockwise to tighten it so no gas can flow through it. If the flow 
meter is open when you open the cylinder valve, the high pressure can damage the flow meter. 
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4 Attach the hose to the flow meter and to the welding machine. Slowly open the cylinder valve, then, 
once it is open, open the cylinder valve completely. To set the flow rate, turn on the machine. Depress the 


trigger to activate the gas flow, and turn the flow meter knob counterclockwise. While gas is flowing, 
continue turning the knob until the meter registers the proper flow rate. Make sure that the flow meter 
or flow gauge is rated for use with the shielding gas you are using. For example, an argon/carbon dioxide 
flow meter cannot handle pure carbon dioxide. 


: Example 8.3.1 


Draw regions to illustrate the inequalities 
(a) y < 2 (b) 1<y<2 


(a) 


Start by drawing the line y = 2 but it must be dotted, as points 
on the line y= 2 are not in the region. Points below the line 
have a y-coordinate less than 2, so you shade the region below 
the line as shown above. 


(b) The inequality —1 <y < 2 is a combination of the inequalities 
—1 <y and y < 2. As —1 <y is the same as y >—1 the region 
which represents —1 <y < 2 combines the regions which 
represent y > —1 and y < 2. This is shown below. 


Insight 
In this chapter, required regions are shown by shading but, 
sometimes, unwanted regions are shaded. Always make sure 
that you know which convention is being followed. 


Gas Metal Arc Welding 
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1 Prepare and fit up the material to be welded. Attach the work cable clamp to your welding table (inset) 
or the workpiece. Turn on the machine and shielding gas. Adjust the wire speed and voltage according to 
the manufacturer's recommendations. Cut the electrode to 3/3" stickout. Put the tip of the electrode at 
the point of the first tack weld, flip down your helmet, and pull the trigger. Place tack welds evenly 
around the weld area. Trim the electrode for proper stickout at the end of each use. Check to see that the 
workpiece is still aligned properly. If not, adjust with a hammer or break the tack welds and retack. 


2 Start at the left end of the weld. Hold the gun with both hands and position it at a 20° angle with the 
tip pointing to the left. Put the tip of the electrode at the beginning of the weld, flip down your helmet, 
and pull the trigger. 


3 Begin welding, moving steadily to the right. GMAW has a distinctive sizzling sound. Popping and 
snapping indicate dirty material or an improper voltage or wire speed adjustment. 


4 A finished GMAW is smooth with even ripples or weave pattern, no slag, and little spatter. 


FLUX CORED ARC WELDING: 


Flux cored arc welding uses the same wire feed and power supply as gas metal 
arc welding but usually without the gas shielding. This is convenient for 
welding outdoors in windy conditions, but the weld is not as clean. To use flux 
cored wires, most welding machines need to be converted. Usually this 
involves changing the output polarity, and installing a gasless nozzle. It also 
might require installing proper drive rolls and a different cable liner. 
Otherwise, follow the same steps to weld with flux cored wire as with solid 
wire. 


Flux cored wire welds are covered with a layer of slag. 


Post-welding Sequence: 


When you have finished welding with a GMAW rig, it is important to shut it 
down properly so you are set for your next welding session. If you do not turn 


off your shielding gas, you will lose much of it to bleed off even if you weld 
the next day. 


e Close the gas cylinder valve. 


e Press the gun trigger or purge switch until the flow meter or flow gauge 
reads zero. 


e Turn off the flow meter. 
e Turn off the machine. 


e Coil the supply and work cables and store them off the floor. 


Maintenance € Troubleshooting 


A small amount of maintenance on your GMAW equipment will result in better, 
more consistent welds and longer lasting equipment. Spatter—tiny pieces of the 
electrode or base metal that have sizzled off—builds up on the nozzle and the 
contact tip. Remove this spatter frequently as you weld so it does not interfere 
with gas flow or electrical conductivity. Turn off the machine, remove the 
nozzle, and use the closed point of the MIG pliers (page 45) to ream out the 
nozzle and file the end of the contact tip. An anti-spatter gel is available in which 
to dip the hot nozzle and contact tip. Anti-spatter spray can be used to coat the 
contact tip and the nozzle. This spray is also useful for coating your welding 
table to prevent spatter from sticking to your work surface. Eventually you will 
need to replace the nozzle, but regular maintenance and proper welding 
techniques will extend the life of a nozzle considerably. 


Contact tubes become worn because they are a soft copper alloy and the 
electrode is steel. The electrode will wear through the contact tip, possibly 
making the electrical flow irregular. Contact tips should be visually inspected for 
wear on a regular basis. The orifice on a worn contact tip will appear oval 
instead of round. Tips generally are good for about eight hours of continuous 
welding use. NOTE: Always turn off the welder before changing the contact tip. 


It is important to keep the welder fan motor and rectifier free of dirt and dust to 
prevent it from overheating. If your welder is stored in a dusty shop, or you use 
it infrequently, keep it covered. Use low pressure air to blow dust and dirt from 
these assemblies. Use a vacuum to remove dirt from the wire feed mechanism. 


The supply cable needs to be cleaned occasionally as well. Check the 
manufacturers recommendations for frequency, but they generally recommend 
cleaning after you've used 50 pounds of flux cored wire or 300 pounds of solid 
wire. With the power off, remove the cable from the machine. Remove the gas 
nozzle and contact tip from the gun, lay out the cable straight, and use low 
pressure air to blow into the gun end. (Using high pressure air may create a dirt 
plug that will clog the cable permanently.) 


Always store the supply and work cables and the gas hose off the floor and away 
from chemicals, hot sparks, and sunlight. 
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Use dippable anti-spatter gel to prevent spatter build up on the nozzle and contact tip. Simply dip the hot 


nozzle into the gel. 


REMOVING A BIRD'S NEST: 


A “bird’s nest” is a tangle of wire in the wire drive mechanism. This 
happens when the wire drive rolls continue feeding wire but the cable is 
blocked, the outfeed tube is misaligned, the wire is stubbing out on the base 
metal, or the wire has been welded to the contact tip. The drive rolls are set to 
slip in these cases, but if the tension has been adjusted too tightly, they may 
continue to push wire. 

To fix a bird’s nest, turn off the machine and cut the wire as it comes off 
the spool. Remember the wire is under tension, so you must hold the spool 
end, then tie it off through one of the spool holes. The tangled wire also may 
be storing tension, so it may fly out of the drive roll area. Release the tension 
arm or roller arm. Pull the wire out of the drive mechanism and the supply 
cable. Wear safety glasses when removing a bird’s nest. 
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"bird's nest" is a tangle of wire in the drive roll mechanism. 


STUB OUT OR STUBBING: 


“Stub out” is when the electrode welds to the base metal without melting or 
breaking off. This is caused by the voltage being too low, the wire feed being set 
too fast, or holding the gun too close to the work when starting. Correct the 
settings, grind off the stub outs, and restart the weld. 
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Stub out results in short sections of wire poking out of the weld. 


GMAW TROUBLESHOOTING: 


PROBLEM SOLUTION 


e Check to see that work clamp is 


Wire feeds, but no arc can be struck 
connected 


e Make sure shielding gas is on 
e Adjust shielding gas to a higher 
flow 
e Eliminate drafts 
e Verify correct polarity 


Weld bead is full of holes like a 
sponge (porosity) rate 


e Make sure voltage setting is 


GAS TUNGSTEN ARC WELDING 


A gas tungsten arc welding setup consists of a power source, work cable and clamp, supply cable and 
torch, foot control, and gas cylinder with regulator. 


1 Write down the 


. a R 
equations of lines 
P, Q, R and S shown 
in the diagram. 
-4 4 xX 
S 


2 Draw x- and y-axes from —5 to 5, and draw the following lines. 
(a) x=—4 (b) y = 1 (c)x=1 (d) y = 1 


3 Use inequalities to describe the shaded region in each figure. 


(a) y (b) y 


4 Draw regions to illustrate the following inequalities. 
(a) y > 2 (b)x<0 
(c) 3<x<1 (d) -3<y<0 
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Gas tungsten arc welding (GIAW), commonly called TIG (tungsten inert gas), 
and sometimes referred to as Heliarc (the L-TECH trade name), is a process that 
generates an arc between a non-consumable tungsten electrode and the work- 
piece. The electrode and the weld are protected by a shielding gas, and filler 
metal may or may not be used. 


Gas tungsten arc welding differs from the other arc welding processes because 
the electrode is non-consumable and not used as filler material. GTAW is more 
like oxyfuel welding in terms of the skills needed to manipulate the torch with 
one hand and the filler rod with the other. GTAW requires another layer of 
coordination because most machines also use a foot activated amperage control. 


Like gas metal arc welding, gas tungsten arc welding is a clean process because 
the shielding gas eliminates the need for flux and the resultant slag. 


Safety. Because gas tungsten arc welding is such a clean process, welders often 
are tempted to weld without gloves or in short sleeve shirts. This is not 
recommended. The arc most likely produces more ultraviolet rays than other 
processes, and because there are no fumes or smoke, those rays are entirely 
unfiltered. It is important to cover all exposed skin to prevent UV burns. Filter 
requirements are a minimum #10 shade, and if you have an auto-darkening hood, 
be sure that it is rated for the GTAW process. Some entry level auto-darkening 
hoods are not. The arc may produce ozone, which is hazardous to breathe over 
long periods. Make sure your gloves, clothes, and work area are dry. Always 
turn off the power when changing electrodes. 


SAFETY 


e Welding helmet with #10 to #14 filter 
e Long pants, long sleeved shirt, and hat 
e Leather gloves 
e Leather boots or shoes 
e Ventilation 
The Equipment. The basic equipment needed for GTAW is a constant current 


welding machine, cable with torch, work cable and clamp, electrode, and inert 
gas cylinder with regulator and flow meter. Optional equipment includes a 


remote amperage control and a water cooled torch with water cooler and hoses. 


Although a mid-range shielded metal arc machine can be used to deliver the 
current for gas tungsten arc welding, a dedicated, good quality GTAW machine 
delivers the current as AC or DC, provides an optional high frequency output for 
no touch arc starting, has a remote control option for foot pedal control, and has 
a solenoid for shielding gas control. The combination of AC and high frequency 
makes it possible to weld aluminum with good results. The newest electronic 
GTAW machines have advanced current control capabilities and are becoming 
more and more affordable. 


Torch & Cables. The GTAW torch holds the electrode and delivers the shielding 
gas. It can be air or water cooled. The torch parts are the cup or nozzle, collet 
body, collet, end cap, and torch body. The collet and collet body hold the 
electrode firmly and establish electrical contact with the electrode. The cup 
directs the shielding gas. A torch may be air cooled for use below 200 amps, but 
over 200 amps the torch usually is water cooled. The supply cable supplies 
electricity, shielding gas, and coolant to the torch. This may be an integrated 
cable or individual cables. A work cable with clamp is also necessary. 


Some GTAW torches have flexible necks, which allows them to be bent into the 
most convenient angle for supporting the torch. Unfortunately, the non-flexible 
torches will bend if forced, and then they will be ruined. Some torches also have 
a gas on/ off valve. This is necessary for machines that are simply power sources 
with no internal gas flow controls. 


The collet body, collet, end cap, and cups all come in a variety of sizes. The 
collet body and collet are sized to match electrode diameters. Each part is 
stamped with its size. The end caps come in a variety of lengths—some 
accommodate an entire 7" electrode, others are shorter for more clearance while 
welding. 


Pliers and a stainless steel wire brush are handy for gas tungsten arc welding. 


Cups come in a variety of sizes denoted by 1/16" increments. A #4 nozzle is 
4/16", a #8 is 8/16". Cups should ideally be 4 to 6 times the size of the electrode. 
A cup that is too large will not direct the gas in a proper stream, a cup that is too 
small may not provide adequate steady flow. A gas lens or screen in the torch 
balances the gas flow. Good shielding designs allow you to use a lower gas flow. 
Higher flow creates turbulence and jetting, which disturbs the shielding—more 
does not equal better when it comes to shielding gas flow. Cups also are 
available in different lengths. A longer nozzle increases the electrode extension 
from the collet, which may increase the electrode temperature. Use either lower 
amperage or larger diameter electrodes if you are using a longer nozzle. Shorter 
nozzles may be necessary for tight working conditions. Nozzles are also 
available in clear (fused quartz) types, which are more expensive but give 
greater visibility, especially in cramped quarters. 


A gas tungsten arc welding torch includes the electrode, collet body, collet, cup, backcap, and torch body 
with heat shield. 


Shielding Gases. Two inert shielding gases are used for gas tungsten arc 
welding: argon and helium. They may be used alone or in combination with one 
another. Argon yields better starts and better arc maintenance. Helium gives a 
hotter arc and allows faster travel speeds. Helium, however, is very expensive. 
Argon and helium are both contained in standard cylinders, and a pressure 
regulator flow meter combination will need to be attached. Because of the 
density difference between the two, either a separate flow meter needs to be used 
for each, or use a flow meter that has calibrations for each type of gas. Argon 
flow rates for up to 1/8" steel is 8-10 cubic feet per hour (CFH), for stainless 
steel 11-13 CFH, and 12-20 CFH for aluminum. Drafty locations may require 
higher flow rates. Check the manufacturer’s recommendations. 


Electrodes. The electrode for gas tungsten arc welding is always a tungsten or 
tungsten alloy rod with either a pointed or rounded end. The electrodes come in 
a variety of diameters. 
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Tungsten is very brittle, so electrodes can be scored with a file, then snapped over a sharp table edge. 


Preparing the Electrode. Prior to use, the cut end of the electrode must be 
sharpened to a point or melted to a ball. The tip may be ground to a point or 
chemically sharpened. The electrodes come in 7" lengths. To increase the 
number of points available, score the electrode with a file or cut-off wheel, and 
snap it in half. Tungsten is very hard but brittle, so it is easy to grasp each end of 
the electrode with pliers and snap it in half over a sharp table edge. 


ELECTRODE CHARACTERISTICS: 


ALLOY AC/DC TRAITS €: USES COLOR 
Pure tungsten AG nde GPA ane Green 
e Forms ball at tip 
Primarily e Easier arc starts 
1% Thorium oxide DC, 
e Carries more current Yellow 
(thoriated) but also i . 
e Low level radioactive 
AC 
2 onin ole DE Long Lk Red 
e Fasier arc starts 
Zirconium oxide AC f olea Lo puro ingles lui Brown 
Carries more current 
2% Cerium oxide e Not as good as thoriated but not 
DC . Orange 
(ceriated) radioactive 


Lanthanum oxide DC e Similar to ceriated Black 


Because all tungsten electrodes look and feel the same regardless of their 
composition, it is important to keep them clearly separated by type. The color 
codes will wear off, or, if you point each end of your electrode, be ground off. It 
is helpful to have clearly labeled containers for each type of electrode. 


Two critical factors in grinding the electrodes are the grinding wheel and the 
grinding direction. You must use a hard, fine grinding wheel dedicated 
exclusively to tungsten. Metal particles left on the wheel from grinding 
aluminum or steel would contaminate the tungsten, which causes erratic arc 
behavior and poor weld quality. An extremely hard material, tungsten will 
become hot as it is ground. Sharpen the electrode tip so that grinding marks run 
lengthwise down the tip, not in a circular or crosswise pattern. Lengthwise 
grinding focuses the electron flow toward the tip; circular grinding causes the arc 
to be unfocused and possibly jump sidewise from the electrode rather than off 
the tip point. Chemical means also can be used to sharpen tungsten by dipping a 
hot tungsten rod into a chemical agent. The length of the taper on the tungsten 
tip should be two to three times the diameter of the tungsten. 
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To safely hold tungstens for sharpening with a grinder, insert them into the chuck of a drill. Running the 
drill while sharpening the tungsten ensures a uniform point. Move the tungsten across the wheel to 
prevent grooves in the wheel face. 


Chemical sharpeners are available for sharpening tungsten. 


Welding with AC current requires that the tip of the electrode be balled, which is 
accomplished by running DC electrode positive or AC current and striking an 
arc on copper or brass. The ball should not extend beyond the diameter of the 
electrode, although many sources recommend a ball one and one half times the 
diameter of the tungsten. 


If you touch the weld puddle or filler rod with the electrode during welding, you 
must change to a fresh electrode. Any time the electrode tip becomes pitted or 
blackened, is no longer pointed, or the ball becomes too large, you must change 
to a fresh electrode. This will happen often, so it is best to have a number of 
electrodes sharpened and ready to go. If you forget to turn on the shielding gas 
or the flow is interrupted, the electrode will give off a thick yellow tungsten 
oxide smoke. This smoke is hazardous, so resume welding only after the smoke 
has cleared. You will need to change electrodes if this happens. 
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Tightening the back cap locks the tungsten electrode into place. The tip of the electrode should extend 
beyond the end of the cup by a distance of three times the electrode's diameter. 


Anatomy of the GTAW Machine 
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Setting Up the GTAW Machine: 


Dedicated GTAW machines, like this one and the one pictured on page 54, 
have many advanced features. The basic setup, however, is the same. 


The positive and negative output receptacles are for the torch and work clamp 
connections. 


The gas outlet connects to the torch gas hose. 


The remote control socket is for the foot or finger control. Using a remote 
control allows the welder to control the amount of current while welding. 


The operating mode selects high frequency or scratch starts. 


Polarity selects either AC or DC. 


THINGS TO REMEMBER 


> The position of a point is given by an ordered pair of 
numbers called coordinates, for example (4, -1). 
The first number, 4, in the pair is the x-coordinate and 
the second number, —1, is the y-coordinate. 


> The x-axis is the horizontal axis and the vertical axis is the 
y-axis. The plural of axis is axes. 


> The origin, O, is the point (0, 0) where the two axes meet. 


> A straight-line graph can be used to show a relationship 
between two quantities. 


> A conversion graph is used to convert systems of units, 
for example to convert between miles and kilometres. 


> Ona distance-time graph or travel graph the horizontal axis is 
time and the vertical axis is distance. The steeper the line, the 
greater the speed of the object. A horizontal line shows that 
the object is stationary. 


distance travelled 
average speed = — —= 
time taken 
> A vertical line has an equation of the form x = c, where c is the 
value of x where the line crosses the x-axis. The equation of 


the y-axis is x = 0. 


> A horizontal line has an equation of the form y = d, where d is 
the value of y where the line crosses the y-axis. The equation 
of the x-axis is y = 0. 


> Regions can be shown using inequalities. The inequality x > 2 
describes the region to the right of, and including, the line 
x = 2. The inequality 2 < y < 3 describes the region between 
the lines y = 2 and y = 5, not including the lines. 
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AC balance control allows for adjusting AC power to be more positive or 
more negative to create either more cleaning action or deeper penetration. 
Advanced machines can adjust the AC power to be as much as 90% positive 
or negative, rather than the 50% for standard AC power. 


Start current controls the current for arc starting. 


Welding current sets the range for welding. The foot or finger control then 
operates within this range. 


Slope down time gradually reduces power to the arc with-out extinguishing 
the arc. This allows for the weld crater to fill before the arc is extinguished. 


Gas post flow controls how long the shielding gas will flow after the arc is 
extinguished. 


Pre-welding Checklist: 


e If using a water cooled torch, check for leaking. 
e Check all cables for wear and damage. 
e Clean and fit up parts to be welded. 


Welding with GTAW 


| Set the controls based on manufacturer's recommendations for the material to be welded. Turn on the 
machine, and turn on the water pump, if available. Attach the work clamp to the welding table or 
workpiece. Flip down your helmet, activate the foot or finger control if using one, and strike an arc by 
scratching the tip of the tungsten against the base metal. If your welder has a high frequency option, you 
do not need to scratch start the arc. Place a tack weld at each end of the joint to be welded. You may be 
able to tack the joint by simply fusing the two pieces with the heat of the torch, or you may have to use 


filler rod. 


2 Position yourself to weld from right to left (if you are right handed) with the torch at a 15° angle to 
the right of center. Hold the filler rod in your left hand. Position yourself so you can comfortably hold the 
torch and filler rod for the duration of the weld. 


STRIKING AN ARC: 


Unless you have a high frequency option, you will need to physically strike 
an arc—called a scratch start. Rest the cup on the work-piece at a sharp angle. 
Move the tip until it briefly contacts the work, then angle it back again to start 
the arc. After the arc is started, lift the cup off the workpiece and establish the 
proper torch angle. 

High frequency allows the arc to jump the gap without needing to create 
physical contact between the electrode and the workpiece. 


3 When a molten puddle has formed, dip the tip of the filler rod into the middle of the molten puddle. 
Keep the filler rod at a low angle to prevent disturbing the shielding gas. Keep the tip of the filler rod 
near—but not in—the puddle. Move the electrode to the left and continue the melting and dipping 
process. 


4 As you approach the end of your weld, you may need to adjust your travel speed because the buildup 
of heat in the material makes the molten puddle form more quickly at the end of the weld than at the 
beginning. You also may need to adjust the torch angle to be more shallow (not shown here) so that less 
heat is directed into the base metal. 


Post-welding Sequence: 


e Turn off cylinder valve. 

e Purge gas from gas line. 

¢ Turn off flow meter or gauge. 

e Turn off machine. 

e Coil hoses and cables off the floor. 


Troubleshooting 


Filler metal for gas tungsten arc welding comes in rod form and ranges from 
1/16" to 3/16" in size. Rods are available in a variety of alloys, including 
aluminum, chromium and chromium nickel, copper, nickel and nickel alloys, 
magnesium, titanium, and zirconium. Specific alloy compositions are available 
for creating specific weld types on specific base metals. These filler metals are 
similar to those used in oxyfuel welding, with the exception of the carbon steel 
rods, which are not copper coated as they are for oxyfuel. 


Becoming proficient in gas tungsten arc welding takes practice, and identifying problem welds is an 
important step. Weld A is too hot. Increase the travel speed or decrease the amperage. Weld B is too cold 
and is simply sitting on top of the base metal rather than penetrating it. Decrease the travel speed or 
increase the amperage. Weld C was done too quickly. Travel speed needs to be controlled and consistent. 
Weld D is a good quality weld with even ripples, good penetration, and a moderate crown. 


A well-done gas tungsten arc weld on aluminum has even ripples and good penetration. This sample weld 
shows two passes to create a fillet weld on 1/4" stock. 


GIAW TROUBLESHOOTING: 


PROBLEM SOLUTIONS 


e Make sure shielding gas is on and is correct 
type 
e Make sure shielding gas cylinder is not empty 
Weld looks porous or sooty + Eliminate drafts 
e Make sure base metal is totally dry 
e Clean base metal thoroughly 
e Increase gas flow rate 


e Tack weld parts before welding 
Base metal distorts e Clamp parts down to rigid surface 
e Scatter welds to diminish heat buildup 


e Adjust electrode to work angle 

e Clean base metal thoroughly 
Unstable arc e Clean electrode 

e Connect work clamp to workpiece 

e Bring arc closer to work 


e Make sure polarity and current settings are 
correct 


PLASMA CUTTING 
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A plasma cutter consists of a power source with a compressed air or inert gas connection, work cable with 
clamp, supply cable, and torch. 


Plasma cutting and welding are arc processes. Plasma is a gas that can conduct 
electricity because it is in a highly ionized form. The gas transfers the arc, but 
because of the constriction of the gas, the gas resistance is very high, which 
creates the extreme heat for plasma processes. Plasma cutting uses a very 
constricted arc to melt the base metal while compressed air or other gas blows 
the melted metal out of the kerf. This process can be used on any conductive 
metal —aluminum, brass, cast iron, copper, steel, stainless steel, and titanium— 
which sets it apart from oxy-acetylene cutting, which is only useable on 
oxidizable metals. 


Though the plasma arc temperature is 40,000" F, it is so constricted and the 
cutting speed is so fast that the thermal distortion to the metal being cut is low. 
Plasma cuts are clean and are often weldable with no additional clean up if the 
base metal was initially clean. Properly done, the kerf is fairly straight sided, and 
no slag is present. 


Safety. Plasma cutting produces sparks, smoke, and fumes. When cutting 
materials that contain chromium and nickel (such as stainless steel) or materials 
that have been galvanized or zinc coated, many toxins will be present in the 
fumes. When cutting through painted, bonded, or dirty metals, these surface 
additions often burn off, producing hazardous smoke. Plasma cutting often 
produces ozone and various nitrogen oxides that are colorless and can be 
odorless; both are hazardous. Therefore, good ventilation is important even when 
plasma cutting. 


SAFETY 


e Welding helmet with #8 filter 


e Leather, wool, or cotton long pants, long sleeve shirt, and 
hat 


e Heavy duty welding gloves 
e Leather boots or shoes 
e Ventilation 
Plasma cutting may not seem as bright as other arc processes, but it is. It 


produces ultraviolet rays, so it is important to protect your skin and eyes. 
Because of the high level of open circuit voltage, plasma cutting has added 


electrical shock hazard. Make sure all surfaces around the cutting area are dry 
and all your clothing and gloves are dry. Turn off the power to the machine 
before changing any torch parts. 


Never cut containers, tanks, or cylinders that may have held flammable 
materials. Even a small amount of flammable residue can cause an enclosed 
vessel to explode when cut. 


Equipment. Plasma cutting machines are expensive, but as technological 
advances are made and demand increases, more companies are introducing 
smaller, less expensive home and small shop equipment. If you regularly need to 
cut stainless steel, aluminum, or the high strength steel now used in automobile 
bodies, this machine can be worth the cost. Small, 115-volt plasma cutters are 
available that will cut up to 3/8" material. Larger, 220-volt machines can cut 
thicker materials and have higher duty cycles. Aluminum and stainless steel 
require higher amperages, so check whether the machine easily can cut the 
materials with which you typically work. 


Most plasma cutters require a compressed air source. Any shop air compressor 
that can deliver 65 psi is sufficient. It is critical that a filter be installed to keep 
the air dry and oil free. Follow the manufacturer’s directions for installing the 
filter. Some plasma cutters have an internal air compressor. These units often 
require more maintenance than models that utilize a separate compressor. 


The plasma torch consists of a shield cup, cutting tip, starter cartridge, electrode, 
and torch handle. Most plasma torches have a manual switch on the torch body. 
The cutting tip and electrode are consumable parts. Check them frequently for 
wear and replace them when necessary. 


Measurement 


In this chapter you will learn: 

e about the metric system 

e howto convert between metric units 

e about imperial units and how to convert between them 
¢ howto convert between metric and imperial units 

e howto choose suitable units. 


9.1 The metric system 


The metric system is a system of units based on the metre (meter in the 
USA), which is derived from the Greek metron, meaning ‘measure’. 
It was proposed in 1670 by Gabriel Mouton, a priest in Lyons. In the 
1790s, France became the first country to adopt the metric system 
when the revolutionary government introduced it to bring order to 
the chaotic diversity of traditional units then in use. Subsequently, 
the metric system of weights and measures has been adopted by the 
majority of countries and is used by scientists throughout the world. 
Insight 

A metre was originally defined as one ten-millionth of 

the distance around the Earth from the North Pole to the 

equator. It has been redefined several times since and is 


currently defined as the distance travelled by light in 33 
of a second. 
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A dehumidifying filter is very important for the compressed air source for plasma cutting. 


The plasma cutting torch consists of (left to right) a shield cup, cutting tip, starter cartridge, electrode, 
and torch handle. 


How to Plasma Cut 


YE 


1 Check the manufacturer's recommended settings for the material to be cut. Arrange the material on a 


cutting table and determine the most comfortable cutting position. Attach the work clamp to the 
workpiece or welding table. Dry run through the cutting motion to practice speed and cutting position. 
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2 Check manufacturer's directions for arc starting procedure. Most current machines are designed to drag 
the nozzle directly on the material's surface. Activate the arc and hold the torch perpendicular to the 


surface of the material. Move steadily and smoothly along the entire length of the cut. Do not stop the 
arc until you have passed through the end of the cut. 
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3A good plasma cut has squared edges, small vertical ripples, and little or no slag. 


Troubleshooting and Techniques 


A high-quality circle cutting attachment for a plasma cutter is expensive, but worth the investment if you 
will be making repeated circle cuts. This unit comes with a magnetic pivot holder for steel and a suction 
cup pivot holder for all other metals. 


PLASMA TROUBLESHOOTING: 


PROBLEM SOLUTIONS 


e Connect work clamp to workpiece 

e Turn on power source 

e Tighten cable connections 

e Make sure electrode is in working condition 


Arc does not start 


e Cut more slowly 
e Make sure torch is held perpendicular to 


material 
Cut does not penetrate ae 
e Make sure machine is capable of 
through material l I 
cutting that thickness 


e Increase amperage setting 
e Verify correct air flow and pressure 


e Increase cutting speed 

e Decrease torch standoff distance 
e Replace worn torch parts 

e Adjust amperage setting 


Excessive slag or dross 


e Install or replace air filter to prevent oil or 
Torch parts consumed water from reaching torch 
quickly e Cut metal within the capability of the machine 
e Make sure gas pressure is correct 


Tip: 
Making a good-quality plasma cut is dependent on a consistent travel 
speed. Consult the owner’s manual for cutting speeds for different material 


thicknesses and amperage settings. With the machine off, practice moving 
across the planned cut at the correct speed. 


OXYACETYLENE CUTTING 
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Oxyacetylene cutting equipment consists of two cylinders—oxygen and acetylene—regulators, hoses, and a 
cutting torch with tip. 


Oxyacetylene cutting uses acetylene and oxygen to preheat metal to a 
temperature of 16007 E, then uses pure oxygen to burn away the heated metal. 
Because the cutting is achieved by oxidation of the metal, oxyacetylene cutting 
only works on metals that are readily oxidized at this temperature. Metals that 
can be cut with the oxyacetylene process are mild steel and low alloy steels. 
Oxyacetylene cutting can be used to cut thicknesses from less than 1/8" up to 
12". Oxyacetylene cutting is inexpensive compared to machine cutting. It is very 
portable because no external power source is necessary, and it is faster than 
machine cutting. It is, however, limited to steel. The molten slag presents a fire 
and burn hazard, and the heat input to the base metal may cause distortion or 
changes to the properties of the steel. 


Safety. The risk of starting a fire or being burned is high with oxyacetylene 
cutting. It is important to prevent molten slag and sparks from coming into 
contact with skin and flammable materials. Make sure you are wearing heavy- 
duty leather gloves with gauntlets, a leather jacket or leather-sleeved jacket, and 
leather boots. The work area should be cleared of flammable materials. If an 
item will be cut in place, make sure surrounding areas are protected from heat, 
sparks, and dropping slag. Never cut sealed tanks, cylinders, or items that have 
contained flammable materials. Never cut near gasoline tanks or fuel lines. 


The Equipment. The basic equipment for oxyacetylene cutting is the same as 
for oxyacetylene gas welding, with the addition of a cutting torch or cutting 
attachment. An oxyacetylene cutting setup consists of an oxygen cylinder, an 
acetylene cylinder, regulators and hoses, and a torch with cutting attachment or a 
dedicated cutting torch. Cutting attachments and dedicated cutting torches have 
levers to activate the oxygen flow. 


e Full-face #5 filter 


e Leather, wool, or cotton long pants, leather jacket, and hat 
e Heavy-duty welding gloves 

e Leather boots or shoes 

e Ventilation 


Cutting Torch & Tips. Most oxyacetylene welding sets come with a cutting 
accessory that attaches to the torch body in the same way that the welding tips 


do. A dedicated cutting torch is a one-piece unit that has its own mixing 
chamber. Its greater overall length allows for more distance between the heat 
zone and the operator, and it can handle higher oxygen flow rates. A dedicated 
cutting torch is usually fairly expensive and not necessary unless very thick 
metals will be cut, which requires greater oxygen flow. 


Both the cutting torch and the cutting attachment take a variety of cutting tip 
sizes. The cutting tip has a number of preheat holes surrounding the pure oxygen 
orifice. It is important to match the cutting tip to the thickness of the metal being 
cut. A welder often takes a one-size-fits-all approach to cutting tips, which 
always results in poor-quality cuts. Thinner metals require fewer preheat holes 
and a smaller oxygen orifice; thicker metals require more preheat holes and a 
larger oxygen orifice. Cutting tips are made of copper and can be damaged 
easily. They need to be cleaned regularly with an appropriately sized tip cleaner. 


Fuel Gas Options. Because the metal being cut does not need to be brought to 
the melting point, various gases other than acetylene can be used. Propane, 
natural gas, propylene, and methylacety-lene-propadiene can be used as the 
preheating fuel source. Each of these gases requires specific regulators and may 
require different torches and torch tips. Check manufacturer’s recommended 
usage before substituting an alternate fuel gas. 


A striker, tank wrench, pliers, and tip cleaner are needed for oxyacetylene cutting. 


A dedicated cutting torch (top) is a one-piece unit with one oxygen and one fuel-gas valve. A cutting tip 
is attached to a standard torch body (bottom) and includes an additional oxygen valve. A range of tip 
sizes is available for both torch styles. 


Pre-cutting Checklist: 


The symbol ‘m’ after a number means that the number is a 
measurement in metres. Thus 100 m means 100 metres. 


Latin prefixes are used to express fractions of a metre. The prefix 
‘milli? means 755. Thus, 1 millimetre = zy metre. The short form 
for a millimetre is mm so 1 mm = z5 mM. Thus 1 m= 1000 mm. 


The prefix ‘centi’ means 35. Thus 1 centimetre = 3,5 metre so 
1 metre = 100 centimetres. The short form of centimetre is cm, 
so 1 cm = 7 m, and 1 m = 100 cm. 


Since 1 m = 1000 mm and 1 m= 100 cm, 10 mm = 1 cm. 


Greek prefixes are used to express multiples of a metre. For 
example, 1 kilometre, written 1 km, is 1000 metres, so 
1 km = 1000 m. 


These prefixes are also used with other metric units. 


The main metric units of mass, often called weight, are grams (g), 
milligrams (mg) and kilograms (kg). For large masses, the tonne (t) 
(= 1000 kg) is used. 


The main metric units of capacity, which is the amount a container 
can hold, are litres (1), centilitres (cl) and millilitres (ml). 


To convert from one metric unit to another, you multiply or divide 
by 10 or 100 or 1000, as appropriate. 
Insight 
To convert to a larger unit, you divide, and to convert to a 
smaller unit, you multiply. 


+10 +100 +1000 
For example, mm ———> cm ————> m ———> km and 


1 1 10 
km x 1000 m x 100 cm x mm 
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How to Cut with Oxyacetylene 
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| See pages 30 to 32 to learn how to set up, pressurize, and light an oxy-acetylene torch. Set up the 
material to be cut on a cutting table. Use soapstone to mark the cutting line, and practice your cutting 
position and bracing. Hold the torch in your left hand with your thumb and forefinger on the acetylene 
valve. Hold the striker in your right hand, 3" to 6" from the torch tip. Turn the acetylene valve 1/4 to 1/9 


turn and strike sparks. 


2 Adjust the acetylene so the flame is not smoking and is not separated from the tip (see page 32). Add 
oxygen to create a neutral flame. With a dedicated cutting torch, depress the oxygen lever to make sure 
neutral flame is maintained; if necessary, adjust with the oxygen lever depressed. With a cutting tip on a 
torch base, depress the oxygen lever and use the cutting tip adjustment valve to adjust the oxygen. 


3 Release the oxygen lever, flip down your face shield, and direct the flames at the edge of the cut. Once 
the metal begins to glow red and appears shiny but not yet molten, depress the oxygen lever. If it fails to 
pierce a hole immediately, release and continue to heat until depressing the lever pierces a hole. Move 
slowly and steadily along the cutting line, holding the torch at a 90° angle. 


4 The finished cut should have very small vertical ridges (drag-lines), very little slag on the bottom, and 
the top edges should not be rounded over. 


Oxyacetylene Cutting Tips 


PIERCING HOLES AND MAKING CUTOUTS: 


Piercing a hole: Preheat the material to a dull red. Pull back the torch from 
the surface and angle slightly. Squeeze the oxygen lever. As soon as the 
material has been pierced, return the torch tip to the perpendicular position 
and move back to just above the surface. Complete the hole. 


Making a cutout: Begin in the center of the cutout and move to the cutout 
line after piercing a hole. A spiral approach to the edge works best. To give 
maximum protection to the surrounding material when piercing a hole, drill a 
3/16" hole to start the piercing action. 


Circle cutting guides are available for making accurate circle cuts. If you need to make several circle 
cutouts, this can be a handy tool. 


CUTTING DEFECTS: 


A good oxyacetylene cut has square edges, small vertical draglines, and little 
slag. A dirty cutting tip is the cause of many poor-quality cuts. Clean the 
orifices with a properly-sized tip cleaner and use very fine sandpaper on a flat 
surface to polish the flat surface of the tip. Here are a few possibilities for 
causes of cutting defects: 


Kerf is wider at the bottom than at the top (bell-mouthed). 
Oxygen pressure is too high. 


Top edge melted over. 
Cutting speed is too slow or preheat flames are too long. 


Irregular cut edge. 
Speed is too fast or too slow, oxygen pressure is too high, or cutting tip is too 
small or too large. 


WARNING: 


e Never cut into a sealed container. 


e Never cut into a tank or container that contains or may have contained 
flammable materials. 


e Never cut near a gasoline tank or fuel lines. 


Oxyacetylene Cutting Safety 


Oxyacetylene cutting produces molten slag, sparks, and hot metal scraps. Move 
items that are to be cut away from burnable material. If the item cannot be 
moved, protect surrounding areas with sheet metal and fire retardant welding 
blankets (not tarps). Make sure sparks and slag will not fall into cracks, holes, or 
ventilation grates in the floor. Wet down any wooden material around the cutting 
area. Have water, sand, or a fire extinguisher on hand, and monitor the area for 
one half hour after cutting is completed. Plan where cut metal will fall so it does 
not hit your arms, legs, gas hoses, or cylinders. 


Use a piece of angle iron as a brace to support the torch or to hold pipe in place for cutting. 


WELDING PROJECTS 


Here”s a chance to put all these welding and cutting techniques to use. The 
following chapters have directions for creating 23 different projects. Each 
contains a detailed cutting list, technical drawing, and step-by-step directions. 

Among the shop projects you will find a sturdy welding table and a handy 
welding machine cart. The lighting projects feature a variety of candleholders 
and lamps. Included in the furniture projects are a delightful wine rack and a 
handy solution to creating a coffee table out of a slab of stone or wood. The 
outdoor projects will spark your creativity with an add-your-own-found-objects 
gate. 


Shop Projects 74 
Lighting Projects 90 
Furniture Projects 104 
Outdoor Projects 122 


SHOP PROJECTS 


Rolling Welding Curtain 76 
Welding Table 78 

Welding Machine Cart 82 
Cylinder Cart 84 

Grinder Stand 88 


Example 9.1.1 


Convert the following, using appropriate abbreviations for the units. 
(a) 38 millimetres to centimetres (b) 2.41 metres to centimetres 


(c) 8753 grams to kilograms (d) 5.7 litres to millilitres 
(a) 38 mm=3.8 cm (b) 2.41 m= 241 cm 
(c) 8753 g=8.753 kg (d) 5.7 1=5700 ml 


1 Convert these quantities. 
(a) 79 millimetres to centimetres (b) 850 cm to metres 


(c) 3240 grams to kilograms (d) 4125 millilitres to litres 
(e) 1.8 kilometres to metres (f) 400 metres to kilometres 
(g) 9.4 centimetres to millimetres (h) 0.94 litres to millilitres 
(i) 2.3 kilograms to grams (j) 3.72 tonnes to kilograms 


2 Measure the length of this line. Write your answer in 


(a) centimetres (b) millimetres. 
A A A 


3 A dishwasher uses 25 g of powder for each wash. For how many 
washes will a 3 kg box of powder last? 

4 A paper towel is 242 mm long. There are 230 paper towels on a 
roll. Find the length, in metres, of the roll. 

5 At birth, a baby weighed 3.29 kg. She gained 160 g each week. 
Find her weight, in kilograms, after 13 weeks. 


6 Claire takes 3 teaspoons of medicine twice a day. A teaspoon holds 
5 ml. How many days will 1 litre of medicine last? 


9.2 Imperial units 
English weights and measures, usually called imperial units, are 


gradually being superseded by metric units. Indeed, at the time of 
writing (2010), the only imperial units which still have legal status 


9. Measurement 


127 


Caster 
mounting 
detail 


Rolling Welding Curtain 


For arc welding and plasma cutting, it is very important to screen your work 
area so other shop workers, passersby, family members, and pets are not exposed 
to the damaging rays. This rolling curtain is quick and easy to make, and it offers 
the necessary screening while you work. You can purchase ready made welding 
tarps in a variety of colors, shapes, and sizes (see Resources, page 140). Or you 
can make your own welding tarp with 12-ounce cotton duck, fire retardant, and 


grommets. 
PART NAME DIMENSION 
A Sides 1 x 1" square tube x 72" 
B Wheel supports 1 x 1" square tube x 24" 
G Top crossbar 1 x 1" square tube x 64" 
D Bottom crossbar 1 x 1" square tube x 62" 


Sixteen gauge or “thin wall” tube is sufficient for this project. 


MATERIALS 


e 1 x 1" square tube (27 feet) 

e 4 threaded swivel casters, at least one locking 
e 5 x 5 foot welding tarp 

e Zip ties 


QUANTITY 
2 


2 
1 
1 


How to Build a Rolling Welding Curtain 
Attach the Wheel Supports to the Sides 


1. Clean all parts with denatured alcohol, acetone, or degreaser. Prepare weld 
joint areas by wire brushing until shiny. 


2. Cut the sides and wheel supports (A & B) to size. 


3. Clamp one side piece to the work surface. Center a wheel support at the end of 
the side piece to form a T. 


4. Check for square and tack weld along the butt joint between the two parts. 
Turn the assembly over and reclamp it to the work surface. Check that the wheel 
support is still square to the side piece. Make a final weld along the butt joint. 


5. Repeat steps 3 and 4 to assemble the second side piece and wheel support. 


Weld the Wheel Support T-joints 


1. Clamp a side and wheel support assembly to the work surface so the wheel 
supports hang over the edge. 


2. Weld the T-joint between the wheel support and the side piece. Turn the 
assembly over and weld the second T-joint. 


3. Repeat steps 1 to 2 for the second side and wheel support. 


Install the Crossbars 
1. Cut the top and bottom crossbars (C & D) to size. 


2. Place the top crossbar over the side pieces (see photo). Check for square, 
clamp in place, and tack weld. 


3. Make a mark 10" up from the bottom of each wheel support. Align the lower 
edge of the bottom crossbar with the marks, check for square, and tack in place. 


4. Flip the assembly over and check for square by measuring across both 
diagonals. If the measurements are equal, the structure is square. Clamp the 
assembly in place and complete the welds. Flip the assembly over and finish the 
welds on the other side. 


Apply Finishing Touches 
1. Paint the framework, if desired. 


2. Drill holes for the threaded post swivels, 1/2" from the end of the wheel 
supports. Install the casters. 


3. Attach the tarp to the framework with zip ties. 


Clamp the sides to the table with the wheel supports hanging over the edge. Finish weld the wheel 
supports to the sides, then weld the top and bottom crossbars to the sides. Make sure the plywood work 
surface does not have smoldering embers when you are finished. 


Overall Dimensions 
48 x 36" 


Welding Table 


Use it for arc welding, cutting, or oxyfuel welding—this welding table is a 
versatile addition to your shop. It is sized to allow you to work while sitting on a 
stool or while standing. You may want to check the scrap bin at the local steel 
yard to see what size plate steel can be gotten for a reasonable price. Some yards 
sell plate in 4 foot by 2 foot pre-cut sections that you can cut to size. Or you can 
have the piece custom cut. You can use material thinner than 3/16"—or thicker. 
Thicker material is better as the table top will have less distortion from the 
welding heat and the heat generated when you grind spatter off from the table 
top. You may be able to purchase a small piece of cutting grate; we’ve 
constructed our own. Use the sheet metal for the table top on top of sawhorses or 
a workbench as a work surface to build the rest of the table. You can enclose the 
area under the cutting table with sheet metal and a door to contain cutting slag 
and sparks. 


PART NAME DIMENSIONS QUANTITY 
A Table top supports (front 1/8 x 1 1/2 x 1 1/2" angle iron > 
back) x 24" 
Table top supports 1/8 x 1 1/2 x 1 1/2" angle iron 
B | i 3 
(sides) x 24 
C Cutting table supports 1/8 x 1 1/2 x 1 1/2" angle iron > 
(front & back) x 12" 
1/8 x 1-1/4 x 1-1/4" square 
D Right side legs tube x 36" 2 
1/8 x 1-1/4 x 1-1/4" square 
E Left side legs tube x 34 1/2" 2 
1/8 x 1-1/4 x 1-1/4" square 
F Stretcher (rear) tube x 36"* 1 
1/8 x 1-1/4 x 1-1/4" square 
G Stretcher (sides) tube x 21 1/2"* 2 
H Cutting table top 1/4 x 1 1/2" flat bar x 23- 7 


7/8"* 
I Table top 3/16" sheet metal 24 x 24" 1 


* Approximate dimensions, cut to fit 


MATERIALS 


e 1/8 x 1 1/2 x 1 1/2" angle iron (12 feet) 

e 1/8 x 1-1/4 x 1-1/4" square tube (19 feet) 
e 1/4 x 1 1/2" flat bar (14 feet) 

e 3/16" sheet metal (2 x 2 feet) 

e 4 leg levelers 


Weld the cutting table section to the table top assembly. The angle iron flange for the table top will face 
up to support the table top. The angle iron flange for the cutting table will face down to form a well to 
support the cutting table strips. 


How to Build a Welding Table 
Weld the Table Top Supports 


Cutting notches at the end of the side supports is easier than cutting 45° miters 
and provides more welding surface area. 


1. Cut the table top supports (A & B) and cutting table supports (C) to size. Cut 1 
1/2" notches at each end of the three side supports (B) to create a 90° angle joint. 


2. Place the table top front support (A) and a table top side support (B) together 
to form a right angle. Check for square and tack weld. 


3. Repeat step 2 using the table top back support and another side support. 


4. Assemble these two right angles to make a square. Check all corners for 
square, and check the assembly for square by measuring both diagonals—they 
should be equal. If not, adjust the supports so the assembly is square. 


5. Complete each outside corner weld, re-checking for square as you go. Flip the 
assembly over and complete the remaining welds of the joints. 


in the United Kingdom are miles and pints, although several others 
are still in everyday use. Here are the most common ones and the 
relationships between them. 


Length 12 inches (in) = 1 foot (ft) 
3 feet (ft) = 1 yard (yd) 
1760 yards (yd) = 1 mile 
Mass 16 ounces (oz) = 1 pound (lb) 
Capacity 8 pints (pt) = 1 gallon 


Some imperial units have interesting backgrounds. If you stretch 
your arm out sideways, you will find that the distance from the end 
of your nose to the tip of your fingers is almost exactly a yard, a 
fact used by King Henry I when he fixed this measurement, taken 
from his own body, as the standard yard. 


‘Mile’ comes from the Latin mille, meaning a thousand. A mile was 
the distance covered in a thousand paces, a pace being two strides. 
Insight 
Over the centuries, the British made adjustments to imperial 
units to correct inconsistencies but these changes were not 
always implemented in their colonies. Consequently, colonial 
weights and measures were sometimes slightly different from 
those in Britain. For example, a British gallon is equal to 
1.201 US gallons. 


1 Express the given quantity in the new unit. 


(a) 8 feet to inches (b) 40 pints to gallons 
(c) 48 ounces to pounds (d) 7 gallons to pints 
(e) 24 feet to yards (f) 3 miles to yards 

(g) 5 ft 10 in to inches (h) 3 lb 7 oz to ounces 


(i) 43 inches to feet and inches (j) 57 oz to pounds and ounces 
2 Paul is 5 ft 10 in tall. Peter is 4 inches taller than Paul. Find Peter’s 
height in feet and inches. 
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Complete the Table Top Supports 


The cutting table supports are positioned with the flange at the bottom to hold 
the 1/4" strips. The table top supports are positioned with the flange at the top to 
support the table top (see photo). 


1. Place the remaining side support (B) and the front and back cutting table 
supports (C) at right angles to form three sides of a rectangle. Check the corners 
for square and tack weld the pieces together. 


2. Assemble the pieces so the table top supports have the flange at the top, the 
cutting table supports have the flange at the bottom, and the cutting table 
supports are abutting the table top supports. Tack weld where the table top sides 
butt together (see photo). Turn the assembly over and weld the remaining joints. 


Prepare the Leg Assembly 
1. Cut the legs (D « E) to size. 


2. Measure the completed table-top. It may be slightly more or less than 24" 
deep and 36" wide. Adjust the stretcher lengths (F € G) to those measurements, 
minus the 1-1/4" for each leg thickness. Cut the stretchers to size. 


Place the back stretcher between the right and left side leg assemblies. Make sure the stretcher is square 
to the legs, then weld in place. 


3. Mark both sets of side legs 5" up from the bottom. Starting with the right side 
legs (D), place a side stretcher (G) between the legs with the bottom of the 
stretcher aligned with the 5" mark. 


4. Align the stretcher at a 90° angle to the side legs and clamp the assembly to 
your work surface. Tack weld the top inside angle at each end of the stretcher. 


5. Repeat this process for the left side legs. 


Finish the Leg Assembly 


1. Place the leg assemblies on their sides with the rear side down, and clamp to 
your work surface. 


2. Position the rear stretcher (F) between the right and left leg assemblies, 
aligning the bottom of the stretcher with the 5" mark. 


3. Align the stretcher at a 90° angle to the assemblies and clamp in place. Tack 
weld the inside angles (see photo, below left). 


Assemble the Table 


The right legs fit inside the corner made by the angle iron, while the left legs are 
set back 1/8" from the edges of the angle iron. 


1. Turn the table top and cutting table assembly upside down, then set the leg 
assembly into it. 


2. Clamp the pieces in place. Check for square on both sides, front, and back. 


3. Tack weld all corners. Check for square again, then weld all pieces into place. 


Install the Cutting Table Top 


Tack welding the cutting table grating allows you to remove and replace the 1/4" 
strips as they become worn from the cutting torch. 


1. Cut the cutting table top grating (H) to size. 


2. Place a strip of grating into the well formed by the cutting table top supports, 
1-1/2" from the table top edge. 


3. Tack weld the top edge of the grating to the angle iron. 


4. Place another grating strip 1 1/2" from the first strip and tack weld in place. 
Continue building the cutting table top in this manner until complete (see photo, 
above). 


5. Grind down the welds on the top of the table top support assembly. 


Finish the Table 


1. Place the table top (1) onto the assembly and tack weld twice on each side. 


2. Weld the table top to the supports using 1" or 2" weld beads at both sides of 
each corner and twice along each side. 


3. Grind down the welds, if desired. Wire brush, sand, or sandblast the entire 
table. 


4. Paint the table, but do not paint the table top or cutting grate. 


5. Install leg levelers as needed. 


Tack weld grating strips to the angle iron every 1-1/2" to form the cutting table top. 


PART 


NAME 


Bottom front € 


back 
1/8 x 11/2 x 1 1/2" 
angle iron x 16" 


Bottom sides 


Tray 


Top front & back 


Top sides 


Overall dimensions 
36 x 16 x 24" 


DIMENSIONS 


1/8 x 1 1/2 x 1 
1/2" angle iron x 
36" 


1/8" sheet x 16 x 
36"* 


1/8 x 1 1/2 x 1 
1/2" angle iron x 
IE" 


1/8 x 1 1/2 x 1 
1/2" angle iron x 


QUANTITY 


Welding Machine Cart 


You’ll want a cart for your GMAW or GTAW machine and gas cylinder— 
why not build it as your first project? It’s good practice, and the materials will 
cost much less than most commercial carts. If you keep your eyes open, you can 
probably pick up the angle iron for free the next time a neighbor throws away an 
old bedframe. Remember, however, to grind off the paint at the joints, otherwise 
you’ll have nasty fumes and poor quality welds. 

Include a rubber pad and insulated chain for the gas cylinder (not shown) so 
an arc can’t accidentally be struck against the cylinder. 


3 Bill is 6 ft 3 in tall and Ann is 5 ft 7 in. How many inches taller is 
Bill than Ann? 

4 Margaret drinks a pint of milk every day. How many gallons of milk 
will she drink in 16 weeks? 

5 The biggest beer tankard in the world holds 615 gallons. How 
many pints is this? 

6 My stride is 32 inches long. How many strides do | make in walking 
1 mile? 


9.3 Converting between metric and imperial units 


It is useful to be able to convert between metric and imperial 
units in common use. For most practical purposes, approximate 
equivalents are adequate. Here are the main ones. 


Length 1 inch = 2.5 centimetres 

1 metre = 3 feet 

1 mile = 1.6 kilometres 
i.e. 5 miles = 8 kilometres 

Mass 1 kilogram = 2.2 pounds 

1 ounce = 25 grams 
Capacity 1 litre = 13 pints 

1 gallon = 4.5 litres 


Example 9.3.1 


(a) Convert 15 centimetres to inches. 
(b) Convert 30 miles to kilometres. 


(a) There are 2.5 cm in 1 inch. In 15 cm there are 15 + 2.5 in=6 in. 
(b) One mile is 1.6 km, so 30 miles is 30 x 1.6 km = 48 km. 
Alternatively, you could use 5 miles = 8 km. 
You must multiply 5 by 6 to get 30, so 30 miles = 6 x 8 km = 
48 km. 
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How to Build a Welding Machine Cart 
Assemble the Base & Tray 


1. Cut the bottom front and back (A) to size. Cut the bottom side pieces (B) to 
size. Instead of mitering the corners, cut a 1 1/2" notch at each end (see 
diagram). 


2. Arrange the front, back, and side pieces to form a rectangle. Check the corners 
for square, clamp in place, and tack weld the pieces together. 


3. Measure diagonally across the corners to make sure they are square. If the 
measurements are equal, the base is square. If they are not, adjust the pieces until 
they are. 


4. Clamp the base in place. Weld each outside corner. Turn the base over and 
weld each joint. Do not weld inside the base, as the weld beads will interfere 
with the tray and leg placement. 


5. Measure the inside dimensions of the base and cut the tray (C) to size. 


6. Insert the tray into the angles of the base. Tack weld the tray at points along 
the perimeter. 


7. Turn the assembly over and place three 1" welds along each long side, and 
two 1" welds along each short side to join the tray to the base. 


Assemble the Top 


1. Cut the top front and back (D) and top side pieces (E) to size. Cut a 1 1/2" 
notch at each end of the side pieces. 


2. Arrange the front, back, and side pieces to form a rectangle. Check the corners 
for square, clamp in place, and tack weld the pieces together. 


3. Measure diagonally across the corners to make sure they are square. If the 
measurements are equal, the top assembly is square. If they are not, adjust the 
pieces until they are. 


4. Clamp the pieces in place. Weld each outside corner. Turn the assembly over 
and weld each joint. Do not weld inside the top assembly, as the weld beads will 
interfere with the top and leg placement. 


5. Measure the top assembly to allow a 1/8" setback on all sides, and cut the top 
(G) to size. 


6. Grind down the welds and place the top over the assembly. Tack weld the top 
along the perimeter, then finish weld with two 1" welds per side. 


Attach the Legs 
1. Cut the legs (F) and brace (H) to size. 


2. Turn the top upside down. Place a leg in one of the corners. Use a scrap piece 
of angle iron to assist in clamping (see photo). Make sure the leg is square to the 
top and tack weld into place. 


3. Repeat step 2 to attach the other three legs to the corners of the top. 


4. Place the legs and top assembly into the bottom assembly. The back legs 
should fit into the corners of the bottom assembly, and the front legs into the 
angles of the side pieces of the base. 


5. Make sure the legs are square to the base, clamp, and tack weld. 


6. Measure across the diagonals between the base and the top to make sure the 
unit is square. Adjust, if necessary, and finish welding the legs to the top and 
base. 


7. Measure 12" from the bottom of the front legs Center the brace over the 
marks, check it for square, and clamp in place. Weld the brace to the front legs. 


Add Finishing Touches 


1. Sand and clean the cart, and paint. 


2. Drill holes 2" in from the ends of the brace and attach the eyebolts. Use the 
threaded chain links to attach the chain. 


3. Turn the cart over. Grind down the welds at the corners and attach the casters. 
If you are welding the casters, make sure you grind off the zinc coating. 


Use a scrap of angle iron to hold the legs in place for tacking. 


Handle upright 
detail 


Overall dimensions 
18 x 13 x 48" 


Overall dimensions 
18 x 13 x 48" 


Cylinder Cart 


You can purchase a cylinder cart for your oxyfuel rig—your dealer might 
even give you a discount—but it's fun and challenging to make your own. This 
cart is constructed with 1/8” stock, which is oxyfuel weldable, but we used 
GMAW. The base platform and back support can be flame or plasma cut. If you 
have access to a heavy-duty metal brake, you can make the base platform and 
back support from one 16-1/4 x 17-3/4” piece and bend it to 90° (allow 1/4” for 
the radius of the bend). 


PART NAME DIMENSIONS QUANTITY 
A Base back is sho tie pde 1 
angle iron x 18 
B Base sides shies a ii més 2 
angle iron x 10 

C Base 1/8" sheet x 10 x 17- 1 
platform 3/4"* 

D iii 1/8" sheet x 6 x 17-3/4"* 1 
support 

F Handle 1/8 x 1" round tube x > 
uprights 60"* 

F Handle 1/8 x 1 rouina tube x 1 

18 

G Axle 5/8" round bar x 22"* 1 

H de 1/8" sheet x 4 x 4 1/2" 2 
brackets 
Bracket 1/8 x 1 1/2" flat bar x 

I i 2 
supports o 

1/8 x 1 1/2" flat bar x 
J Crosspieces TE 3 
K Side 1/8 x 1-1/4" flat bar x > 


supports 24 "* 


L Base 1/8 x 1 1/2" flat bar x 1 
support LZ" 


* Approximate 
dimensions, cut to fit 


MATERIALS 


e 1/8 x 11/2 x 1 1/2” angle iron (3 1/2 feet) 
e 1/8” sheet metal (18 x 24” sheet) 

e 1/8 x 1” round tube (12 feet) 

e 5/8” round bar (2 feet) 

e 1/8 x 1 1/2” flat bar (7 feet) 

e 1/8 x 1-1/4” flat bar (4 feet) 

e 1” eyebolts with nuts (3) 

e Chain 

e Snap closures or threaded chain links (3) 
e 8” wheels with hubs (2) 

e Washers and cotter pins (2) 


After welding the base back and sides, cut the base platform and back support to fit, then weld them in 
place. 


Tack the axle brackets to the base assembly. Insert the axle to check for proper alignment, then finish 
weld the bracket joints. 


How to Build a Cylinder Cart 
Prepare the Cart Base 


1. Cut the base back (A) and base sides (B) to size. Rather than mitering the 
corners, cut a 1 1/2” notch in each end of the base back (see diagram). 


2. Mark and cut a triangular section off the front end of each base side to soften 
the edge. 


3. Lay out the base back and sides to form a three sided rectangle. Square the 
corners and clamp the assembly to your work surface. 


4. Tack the joints at both ends of the base back. Turn the assembly over and weld 
the corner and butt joints. 


00 


10 


11 


Convert the first quantity to the second. 
(a) 6 inches to centimetres (b) 35 centimetres to inches 


(c) 4 metres to feet (d) 45 miles to kilometres 
(e) 150 grams to ounces (f) 5 kilograms to pounds 
(g) 12 litres to pints (h) 54 litres to gallons 


(i) 96 kilometres to miles (j) 14 pints to litres 

The waist size of a pair of trousers is 32 inches. How many 
centimetres is this? 

A tin contains 425 g of soup. How many ounces is this? 

The chest size of a sweater is 105 cm. How many inches is this? 
The capacity of a car’s petrol tank is 36 litres. How many gallons is 
this? 

David weighs 85 kg. Express his weight in pounds. 

The distance from London to Birmingham is 120 miles. Express 
this in kilometres. 

Barbara’s height is 175 cm. Express this in feet and inches. 

The distance from London to Cardiff is 248 km. Express this in 
miles. 

Delia needs 10 lb of sugar to make jam. Sugar is sold in 1 kg bags. 
How many bags must she buy? 

A car travels 45 miles on one gallon of petrol. How many 
kilometres will it travel on one litre of petrol? 


9.4 Choosing suitable units 


Before you measure something, you must decide which units to 

use. To measure the width of this page in metric units, for example, 
centimetres or millimetres are the most appropriate. Expressed in 
these units, the width is 12.7 cm or 127 mm. If you used metres or 
kilometres, you would need numbers less than 1 for your answers. 


On the other hand, the most sensible metric units for the weight 
of a car are kilograms or tonnes. 2200 kg or 2.2 tonnes are 
reasonable ways of expressing the weight of a Ford Mondeo, 
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Install the Base Platform & Back Support 


1. Measure the inside width of the base assembly and cut the base platform (C) 
and back support (D) to size. 


2. Place the base platform into the base assembly and tack weld it into place 
along the base sides.(Do not weld along the base back, as that would prevent the 
back support from fitting flat against the base platform.) 


3. Turn the base over and place two 1” welds along each side where the base 
platform meets the back and sides. 


4. Set the base flat on the work surface, right side up, and place the back support 
upright against the inside of the base back (see photo). 


5. Clamp the back support to the base back. Place three 1” welds on the back 
side of the support where it meets the angle iron. 


6. Place two 1” welds on the inside T-joint, making sure not to weld within two 
inches of the corner. 


Attach the Axle Brackets 
1. Cut the axle brackets (H) to size. 


2. Place the base assembly on its side and align an axle bracket along the top 
edge of the base side, resting it on top of the back support and extending 3” off 
the back side. 


3. Measure 4” up from the bottom of the base assembly and 1 1/2” from the back 
edge to mark the axle location on the axle bracket. Drill, flame cut, or plasma cut 
a 5/8” hole at the mark. 


4. Tack weld the axle bracket in place (see photo, above left). Insert the axle to 
check for proper alignment, then weld both sides of the T-joint between the 
bracket and the back support. 


5. Weld the outside butt joint between the bracket and the base side. 


6. Repeat steps 2 to 5 to weld an axle bracket to the other side of the base 
assembly. 


Prepare the Handle Uprights 
1. Cut the handle uprights (E) to length. 


2. Make a 20° to 30° bend in one of the handle uprights, 13” from one end, using 
a heavy-duty conduit bender. Bend the other handle upright to match. 


3. Cut both pieces so the curve is 12” from the top end and the overall upright 
height of each is 48”. Grind the tops of both handle uprights so they fit around 
the handle tube. 


Assemble & Install Handle Uprights 


1. Place a handle upright against the inside corner of the base assembly. Turn the 
handle so the curve points straight back. Tack weld the handle in place. Repeat 
this process for the other handle upright. 


2. Cut the handle (F) to size. 


3. Place the cart on its back. Set the handle against the cutouts in the handle 
uprights, keeping an equal amount of overhang on each end, and tack weld in 
place. 


4. Finish weld the handle uprights to the base assembly. Place welds between the 
handle uprights and top back support, and between the handle uprights and axle 
brackets. 


Attach the Crosspieces 


1. Measure and cut the crosspieces (J) so they are slightly recessed against the 
handle uprights. 


2. Drill three 3/16” holes—one in the center and one on each end of one cross- 
piece. Place this crosspiece 21” up from the base. 


3. Set the remaining crosspieces at 13” and 30” from the base on the forward 
side of the handle uprights, and weld in place (see photo). 


Attach the Supports 


1. Turn the assembly on its side. Place a bracket support (1) in position across the 
handle upright and the axle bracket. Mark the angles on the support and cut it to 
size. 


2. Weld the bracket support in place against the handle upright and axle bracket. 


3. Set the side support (K) in position against the base side and the handle 
upright. Mark the angles and cut to fit. Weld the support in place. 


4. Turn the assembly on its opposite side and repeat steps 1 to 3. 


5. Mark the angles and cut the base support (L) to size to fit between the base 
platform and the base back. 


6. Center the base support from side to side on the base assembly. Weld both 
sides of each T-joint. 


Complete the Cart 


1. Center the axle (G) between the axle brackets. Place the wheels on the axle to 
make sure the wheels barely make contact with the floor (see photo, right). 


2. Mark the axle for its final length and cut to size. Drill holes in each end of the 
axle to fit the cotter pins. 


3. Center the axle between the axle brackets and weld in place. 

4. Complete any unfinished welds. 

5. Wire brush or sandblast the cart. Clean the cart and paint as desired. 
6. Attach the wheels to the axle. Insert cotter pins in the axle holes. 


7. Affix eyebolts with nuts in the 3 holes in the middle crosspiece. Attach the 
chain to the eyebolts with snap closures or threaded chain links. 


Lay the crosspieces across the handle uprights at the proper heights. Weld the pieces to the uprights. 
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Trial fit the wheels before welding the axle into place. The wheels should just barely make contact with 
the floor. 
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Top view 
B 


Overall dimensions 


16 x 16 x 35" 


Grinder Stand 


This is a good project to make with angle iron from the discount bin at the 
local steel supply center. You can often buy short pieces for 10 cents a pound 
rather than the 30 to 50 cents you would normally pay. Take along your calipers 
or micrometer to measure thicknesses, as well as your measuring tape, cutting 
list, and tough gloves so you don’t get cut digging through the scrap pile. 


PART NAME DIMENSIONS QUANTITY 
A Legs 3/16 x 1 1/2 x 1 1/2" angle iron x 32" 4 
B Top 3/16 x 1 1/2 x 1 1/2" angle iron x 8 1/2" 4 
C Bottom 3/16 x 1 1/2 x 1 1/2" angle iron x 16" 4 
D Platform 3/16 to 1/2" plate 8 x 8" 1 
MATERIALS 


e 3/16 x 1 1/2 x 1 1/2" angle iron (19 feet) 
e 3/16" plate (8 x 8") 


How to Build a Grinder Stand 
Build the Top €: Bottom Assemblies 


1. Cut the top and bottom pieces (B € C) to length. Miter the corners at 45° or 
cut 1 1/2" notches into the pieces. 


2. Assemble pairs of bottom pieces into right angles. Clamp the pieces to your 
work surface and tack weld at each corner. 


3. Assemble the two right angles into a square. Check for square by measuring 
across each diagonal—if the measurements are equal, the assembly is square. 
Tack weld the corners. 


4. Repeat steps 2 to 3 to assemble the top. 


but if you used grams or milligrams you would require very large 
numbers for your answers. 


1 Write down the name of 
(i) an appropriate metric unit and 
(ii) an appropriate imperial unit 
for measuring each of the following. 
(a) the height of the Eiffel Tower 
(b) the weight of a coin 
(c) the amount of water in a kettle 
(d) the radius of the Earth 
(e) the amount of water in a pond 
(f) the weight of a television 
2 Complete each if these sentences by writing an appropriate metric 
unit to make the statement true. 
(a) A tin of soup weighs 425 ........... 
(b) A large bottle of lemonade holds 3 ........... 
(c) A ball of wool weighs 25 ........... 
(d) There are about 5 ........... of blood in the human body 
(e) A teaspoon holds about 5 ........... 
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Mark & Cut the Legs 
1. Cut the legs (A) to size. 


2. Place the bottom assembly on your work surface and loosely clamp the legs 
into each corner. 


3. Set the top assembly over the legs and clamp it in place. Make sure the top is 
level. 


4. Mark each leg at the top and bottom where they cross the platforms (see 
photo). 


5. Unclamp the legs and cut to size. 


Assemble the Stand 


1. Place one leg on top of a corner of the bottom assembly and tack weld it in 
place. Tack weld the other three legs in the corners the same way. 


2. Align a corner of the top assembly with the top of one leg and tack it in place. 
Tack weld the top assembly to the other three legs the same way. 


3. Adjust the stand so the top is level. You may need to remove tack welds and 
grind down some angles. 


4. When you are satisfied with the alignment, complete the welds. To minimize 
distortion, alternate between the sides, top, and bottom as you weld. 


Attach the Platform Plate 


1. Cut the platform plate (D) to size. Drill four holes in the face to match your 
grinder mounting holes. 


2. Set the plate over the top of the stand, aligning the edges with the outside of 
the top pieces. Weld the plate to the stand. 
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Assemble the grinder stand using clamps. Mark the top and bottom of each leg and cut to fit. 


LIGHTING PROJECTS 


Scroll Desk Lamp 92 

Three Post Floor Lamp 94 
Chandelier 96 

Wall-mounted Candleholder 98 
Tree-shaped Candleholder 100 
Fireplace Candleholder 102 
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Scroll Desk Lamp 


In this project, you will make simple scrolls—or you can purchase wrought 
iron scrolls from a wrought iron supplier or blacksmith. (See Metal Shaping 
Techniques, page 19, or Resources, page 140.) Either way, this makes a 
delightful little desk lamp. 


PART NAME DIMENSIONS QUANTITY 
A Bases 1/8 x 3/4" flat bar x 5" 3 
B Shaft 1/2 " round tube x 9" 1 
C Scrolls 1/8 x 1/2" flat bar x 12" 3 
MATERIALS 


e 1/8 x 3/4" flat bar (15") 

e 1/2" round tube (9") 

e 1/8 x 1/2" flat bar (36") 

e 1/2", 1" and 2" pipe 

* Lamp hardware and shade 

e 1/8" hollow threaded rod (1") 


How to Make a Scroll Desk Lamp 
Assemble the Base 
1. Cut the base pieces (A) and shaft (B) to size. 


2. Round one end of each base piece using a bench or angle grinder. Clamp the 
rounded ends to a 1/2" pipe. Curl the ends to form an arc. 


3. Turn the base pieces upside down and arrange them so they are equally spaced 
at the 12, 4, and 8 o’clock positions (120° between adjacent pieces at their 
centerlines). 


4. Use a grinder to shape the flat end on each base piece to fit against the other 
two legs. Once the pieces are fitted, center the 1/2" tube on the arranged pieces 
and mark around the tube. 


5. Grind the legs so the tube fits in the shaped opening, but don't insert the shaft 
at this time. 


6. Tack weld the undersides of the legs at each contact point. 


Attach the Tube 


1. Turn the base assembly right side up and insert the tube. Check for square and 
tack weld at three points. 


2. Check for square again, adjust the pieces if necessary, and complete the weld 
around the base of the tube. (You can weld the tube from the bottom side only, 
but a solid weld all around the top looks nice.) 


Prepare & Attach Scrolls 
1. Cut the scrolls (C) to size. 
2. Round both ends of the scroll pieces with a grinder. 


3. Using a 1" pipe, make a 1" circle at one end of each scroll. Using a 2" pipe, 
make a 2" circle at the other end of the scrolls, facing the opposite direction. 
(Because of the springiness of the steel, the final circles will be slightly larger.) 


4. Place one scroll against the base and the shaft, arranging it in a pleasing 
manner. Tack weld it in place where it touches the base and shaft. 


5. Place and tack weld the second and third scrolls, taking care to align them 
carefully. When satisfied with the placement and alignment, tack weld on the 
opposite sides of the scrolls (see photo). 


THINGS TO REMEMBER 


> The main metric units of length are millimetres (mm), 
centimetres (cm), metres (m) and kilometres (km). 


> The conversions for metric units of length are: 
> 1cm=10 mm 
> 1m=100 cm = 1000 mm 
> 1km= 1000 m 


+10 +100 +1000 
mm ———> cm ——- m ————!” km 
x 100 


1 1 
km — 1, m SS cm — > mm 


> The main metric units of mass (weight) are milligrams (mg), 
grams (g), kilograms (kg) and tonnes (t). 


> The conversions for metric units of mass are: 
> 1g=1000 mg 
> 1 kg= 1000 g 
> 1 tonne = 1000 kg 


+1000 


mg — 0" > g — = kg" 5 tonne 
tonne — 0 > kg —" 39" _; mg 


> The main metric units of capacity (volume) are millilitres (ml), 
centilitres (cl) and litres (l). 


> The conversions for metric units of capacity are: 
> 11=1000 ml 
> 1cl=10 ml 
> 1l=100 cl 


ml = 10 cl +100 l 


l x 100 cl x 10 ml 
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Apply Finishing Touches 
1. Clean up the welds, and apply the finish of your choice. 


2. Tap threads in the top of the shaft (or weld a small nut to the top of the shaft), 
and insert the hollow threaded rod. Thread the wire through the shaft and rod. 
Thread the washer, and place the harp holder over the threaded rod. Screw on the 
socket cap, and tighten the set screw. Wire the fixture (see diagram). Press the 
socket assembly into the socket cap, place the harp in the harp holder, and install 
the lightbulb and shade. 


Arrange the scrolls against the base and shaft, then weld the scrolls in place on both sides. 


Three Post Floor Lamp 


A welded lamp has a nice heft to it—with this 10" square base, it will be 
difficult to tip, no doubt! We used fully twisted rod because it creates a simple 
contrast of square twists and smooth rounds and is available in longer lengths. 
Partially twisted rod is also available. You also could use any of a variety of 
decorative hammered square bars or tubes from the sources listed in the 
Resource section on page 140. While you’re making a floor lamp, you could 
make a desk lamp to match. Just adjust the dimensions to fit. 


PART NAME DIMENSIONS QUANTITY 
A Base 3/16" sheet 10 x 10" 1 
B End caps 3/16" flat bar 2 x 4" 2 
C Center post 1/2" round tube 48-3/8" 1 
D Side posts 1/2" twisted rod 48" 2 
MATERIALS 


e 1/2" round tube (48-3/8") 

e 1/2" twisted square rod (96") 
e 3/16" sheet (10 x 10") 

e 3/16 x 2" flat bar (8") 

e 1" round balls (4) 

* Lamp hardware and shade 


How to Make a Three Post Floor Lamp 
Prepare the Work Pieces 


1. Cut the end caps (B) to size. Cut the center post (C) and side posts (D) to size. 


2. Mark the end caps at 3/4", 2", and 3 1/4" from one end. Make a mark 
lengthwise through the center of each end cap. 


3. At the intersection of the 2" and the centerline marks in each end cap, drill a 
1/2" diameter hole. 


Attach the Center Post to the End Caps 


1. Insert the center post into the hole in one of the end caps. Check the post for 
square, then tack weld the post at the bottom. 


2. Repeat step 1 to tack weld the other end cap onto the opposite end of the 
center post. 


3. Stand the center post and end caps upright and carefully weld around the post. 


Attach the Side Posts 


1. Place the lamp assembly flat on your work surface. Center a side post over the 
3/4" mark on one of the end caps. Check the post for square and tack weld in 
place. 


2. Place the side post in position on the second end cap. Check for square and 
tack weld. 


3. Repeat steps 1 and 2 to attach the second side post to the end caps at the 3- 
1/4" marks. 


4. Square all the parts and complete each weld all around each post and end cap 
(see photo). 


Attach the Post Assembly to the Base 


1. Cut the base (A) to size. 


2. Make a line 3" in from each side of the base and 4" in from the top and 
bottom. Draw lines at 5" lengthwise and widthwise to mark the center point. 


3. Drill a 1/2" diameter hole at the center of the base for the cord. 
4. Weld a 1" ball 1/2" from the edges at each corner of the base for the feet. 


5. Turn the base right side up. Clamp the post assembly to the base, centering the 
base on the lines marked in step 2. The holes for the cord should line up. If not, 
enlarge the hole in the base. 


6. Tack weld the post assembly to the base on two sides. Check for square. 
Complete the fillet weld around the base. Weld toward the tack points to 
minimize distortion. 


Apply Finishing Touches 
1. Grind down any spatter or uneven welds. Apply the finish of your choice. 


2. Tap threads in the top of the shaft (or weld a small nut to the top of the shaft), 
and insert the hollow threaded rod. Thread the wire through the shaft and rod. 
Place the washer and harp holder over the threaded rod. Screw on the socket cap, 
and tighten the set screw. Wire the fixture (see diagram, page 92). Press the 
socket assembly into the socket cap, place the harp in the harp holder, and install 
the lightbulb and shade. 


Make sure the posts are square to the end caps, then weld them in place. 


> The main imperial units are: 
Length 12 inches (in) = 1 foot (ft) 
3 feet (ft) = 1 yard (yd) 
1760 yards (yd) = 1 mile 
Mass 16 ounces (oz) = 1 pound (Ib) 
Capacity 8 pints (pt) = 1 gallon 


> Approximate conversions from imperial to metric are: 
Length 1 inch = 2.5 centimetres 
1 metre = 3 feet 
1 mile = 1.6 kilometres 
i.e. 5 miles = 8 kilometres 


Mass 1 kilogram = 2.2 pounds 
1 ounce = 25 grams 
Capacity 1 litre = 13 pints 


1 gallon = 4.5 litres 
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Chandelier 


This delightful candle chandelier is a wonderful accent for cabins, porches, or 
even outside dining. Making the scrolls is easy, but if you want something a bit 
fancier, you can purchase wrought iron scrolls. Place the scrolls carefully around 
the couplers to ensure the fixture will hang straight. If you do not want to 
purchase a long section of round tube for two 2" pieces and can’t find any in the 
scrap bin at the steel yard, use threaded black pipe couplers. 


PART NAME DIMENSIONS QUANTITY 
A C scrolls 1/8 x 3/4" flat bar x 16" 5 
B S scrolls 1/8 x 3/4" flat bar x 24" 5 
C Couplers 2-1/4" round tube x 2" 2 
D Insert 1/8 x 3/4" flat bar x 4" 1 
E Bobeches 2-1/2" 5 


How to Make a Chandelier 
Prepare the C Scroll Blanks 
1. Cut the C scroll (A) and S scroll (B) blanks to size. 


2. Clamp a C scroll blank to the 10" bending form. Shape the entire length of the 
scroll blank. Lightly tap the scroll with a hammer, if necessary, to get it to 
conform. 


3. Remove the scroll from the form. Reclamp one end of the scroll to the 1" form 
and shape that end into a tight curve. Repeat this step to shape the opposite end. 


4. Repeat steps 2 and 3 to shape the remaining C scrolls. 


Prepare the S Scroll Blanks 


1. Mark each S scroll blank 9-1/2" from one end. Clamp the marked end to the 
6" bending form. 


2. Wrap the bar around the form, shaping it just past the mark. 


3. Clamp that same end to the 2" form. Wrap the bar almost all the way around 
the form. 


4. Unwrap the large curve slightly, refining the scroll into a pleasing shape. 


5. To curve the other end in the opposite direction, turn the piece over and clamp 
it to the 2" form. Wrap the bar almost all the way around. 


Assemble the Scrolls 


1. Set a straightedge on a large piece of paper. Lay out one C scroll and one S 
scroll along the straightedge, and adjust them until they form a pleasing shape. 
Mark the contact point on the bars. 


2. Remove the scrolls from the paper and weld them together at the contact 
point. 


3. Trace the outline of this assembly on the paper (see photo, top right). Use this 
pattern to arrange and assemble the remaining arms. 


Assemble the Chandelier 
1. Cut the couplers (C) and insert (D) to length. 


2. Drill a hole in the center of the insert large enough for the threaded nipple. 
Bend tabs on each end of the insert so it will fit inside a coupler. 


3. Place the insert into a coupler, with the tabs pointing down. Weld the insert to 
the coupler along the tabs. This forms the top coupler. 


4. Draw a line around the outside of each coupler on paper. 


5. Mark five equidistant points around the coupler outline. Place the coupler 
back on the paper and transfer the lines onto the coupler, using a combination 
square (see photo). 


6. Weld the arms to the couplers. Weld the bobeches to the arms. 


Apply Finishing Touches 


1. Place a lock washer and threaded brass washer on the threaded nipple. Set this 
in the hole in the insert and secure it with another lock washer and threaded 
brass washer. 


2. Add a threaded brass washer and a finial. 
3. Wire brush and clean the chandelier. Apply your choice of finish. 
4. Clip the chain into the finial, and it’s ready to hang. 


a 


After welding the first set of scrolls, trace the outline on a sheet of paper. Use this pattern to arrange the 
remaining scrolls. 


Use a combination square to mark the arm placement on each coupler. 


Overall dimensions 
32 x 3 x 12%," 


Wall-mounted Candleholder 


This wall-mounted candleholder is perfect for a patio wall or over a buffet 
table. The length and height can be adjusted easily to suit your particular wall 
space. Or it easily can be turned to run vertically rather than horizontally. Candle 
drip trays, or bobeches, do not have holes, while bobeches for electrical fixtures 
do. See Resources, page 140, for bobeche sources. Clean all weld areas prior to 
welding. When hanging the candleholder, use hangers rated to hold 25 pounds. 
(The holder will weigh about 13 pounds, plus candles. Remember never to leave 


burning candles unattended.) 


PART NAME DIMENSIONS 
A Horizontal bars 1/2 " square bar x 32" 
B Vertical bars 1/2 " square bar x 11-1/2" 
C Bobeches 2-1/4" 
MATERIALS 


e 1/2" square bar (14 feet) 
e 2-1/4" bobeche (9) 
e Candles (9) 


QUANTITY 


2 
9 
9 


How to Build a Wall mounted Candleholder 
Assemble the Horizontal €: Vertical Bars 
1. Cut the horizontal (A) and vertical (B) bars to length. 


2. Butt a vertical bar against the inside left edge of the top horizontal bar. Use a 
framing square to ensure the pieces are set at a 90° angle. Tack weld the inside 
of the angle. 


3. Butt another vertical bar against the inside right end of the bottom horizontal 
bar. Make sure the angle is 90% and tack weld on the inside. 


4. Place the two angled pieces together to make a rectangle, with the vertical 
bars on the inside of the horizontal bars. Use the framing square to adjust the 
angles to 90° and clamp in place. 


5. Measure diagonally across the corners. If the measurements are the same, the 
piece is square. If not, adjust the bars so the measurements are equal. 


6. Tack the two corners, and check again for square. Weld all four outside 
corners. 


Attach the Vertical Bars 


1. Place the remaining vertical bars at 4" intervals between the end pieces. Make 
sure the spacing is even, then mark where each vertical piece should go. 


2. Check each piece for square and weld in place. 


Perimeter and area 


In this chapter you will learn: 

e howto find and use the perimeter of a rectangle 

e about the meaning of area 

¢ howto find and use the area of rectangles, triangles, 
parallelograms and trapeziums. 


10.1 Perimeter 


The perimeter of a shape is the length of its boundary. The word 
‘perimeter’ is derived from the Greek peri and metron, meaning 
‘around’ and ‘measure’. 


For example, to find the perimeter of a triangle with sides of length 
2 cm, 3 cm and 4 cm you add the three lengths. So the perimeter of 
this triangle is (2 + 3 +4) cm = 9 cm. 


To find the perimeter of a square with sides of 3 cm, you could 
work out the sum 3 + 3 + 3 + 3 but it is quicker to find the product 
(4 x 3) cm = 12 cm. Similarly, to find the perimeter of a rectangle 

6 cm long and 5 cm wide, you could work out the sum 6 +5+6+5, 
Alternatively, you could double both the length and width and 
then add the two results, giving a perimeter of (2 x 6 +2 x 5) cm = 
(12 + 10) cm = 22 cm. 
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Attach the Bobeches 


1. Place the bobeches (C) on the vertical bars in a pleasingly staggered pattern. 


2. Clean the edge of each bobeche and the areas on the bars where they will be 
placed to ensure a good weld. 


3. Use a magnetic clamp to hold the bobeche at a right angle to the bar and weld 
from the top side (see photo). When welding, direct most of the heat toward the 
bar since it is much thicker than the bobeche. 


4. Remove the clamp. Make sure the bobeche still meets the vertical bar at a 
right angle and is level from side to side. Weld the bobeche from the bottom 
side. 


5. Repeat steps 3 to 4 to attach the remaining bobeches. 


Apply Finishing Touches 
1. Grind down the welds for a smooth look. 


2. Finish the piece as desired. A rusted metal finish is appropriately rustic for 
outdoor use. 


Place the bobeche at a right angle to the vertical bar using a magnetic clamp. Weld the bobeche in place, 
directing most of the heat toward the bar. 


Tree-shaped Candleholder 


This tree-shaped candleholder displays an assortment of votive candles. The 
tree shape is also handy as a photo display area, if you aren't interested in a 
candle-holder. An option is to use square tubing and make a four-sided tree— 
perhaps even a larger version as a dramatic substitute for a Christmas tree. Most 
steel supply shops have pre-cut squares of steel sheet and plate in a variety of 
sizes. A smaller, thicker base would be just as stable. You may opt to make the 
base round and give the tree trunk a pointed top, if you will be cutting your own 
pieces. Some steel distributors and welding shops do custom shearing. 
(Remember not to leave burning candles unattended.) 


PART NAME DIMENSIONS QUANTITY 
A Base 3/16" sheet x 8 x 10" 1 
B Trunk 3/16 x 2" flat bar x 20" 1 
C Bottom branches 3/16 x 2" flat bar x 8" 2 
D Middle branches 3/16 x 2" flat bar x 6" 2 
E Top branches 3/16 x 2" flat bar x 4" 2 
MATERIALS 


e 3/16" sheet (8 x 10") 

e 3/16" x 2" flat bar (5 feet) 
e Votive holders and candles 
e Silicone adhesive 


How to Make a Tree-shaped Candleholder 
Assemble the Trunk 
1. Cut the base (A), trunk (B), and branches (C, D, & E) to size. 


2. Place the trunk upright in the center of the base, parallel to the 8" sides of the 
base. Clamp the trunk at a 90° angle to the base using a magnetic clamp. 


3. Tack weld the trunk at each end on both sides. 


4. Remove the clamp. Make sure the trunk is still square, then complete the 
welds. 


Attach the Branches 


1. Place the bottom branch 3-1/2" up from the base and magnetically clamp it in 
place at a 90° angle to the trunk. 


2. Tack weld the branch to the trunk at each end on the top side (see photo). 
3. Remove the clamp and complete the weld. 


4. Place the second bottom branch on the opposite side of the trunk, 5-1/2" from 
the base. Weld in place. 


5. Repeat the process by setting the middle branches 9-1/2" and 11-1/2" from the 
base, and the top branches 15-1/2" and 17-1/2" from the base. 


Apply Finishing Touches 
1. Clean the metal and the welds with a wire brush. 
2. Finish the candleholder as desired. 


3. Use silicone adhesive to attach a votive holder to the end of each branch if 
desired. 


Overall dimensions 
16 x 11 x 6" 


A right angle magnetic clamp makes welding the branches an easy task. 


Fireplace Candleholder 


In the summertime, place this candleholder in your fireplace to enjoy 
flickering flames of firelight without the heat of the fire. This project uses forged 
scrolls, but you can bend your own, if you wish. 


PART NAME DIMENSIONS QUANTITY 
A Scrolls 4 x 8" 2 
B Center post 1/2 " twisted square rod x 5" 1 
C Front extenders 1/2 " square rod x 1" 2 
D Middle extenders 1/2 " square rod x 2" 2 
E Rear extender 1/2 " square rod x 3" 1 
F Rear posts 1/2 " square rod x 6" 2 
G Crosspieces 1/2 " square rod x 16"* 2 
H Side pieces 1/2 " square rod x 10" 2 
I Bobeches 3-3/8" 8 


* Approximate dimensions, cut to fit 


MATERIALS 


e 4 x 8" scrolls (2) 

e 1/2" twisted square rod (5") 
e 1/2" square rod (7 feet) 

e 3-3/8" bobeches (8) 

e Candles (8) 


In general, 


Insight 
To work out the perimeter of a more complicated shape, 
cross off each side as you go round the shape. 


DO un h WN 


The lengths of the sides of a triangle are 8 cm, 5 cm and 4 cm. 
Find its perimeter. 
The length of each side of a triangle is 9 cm. Find its perimeter. 
Find the perimeter of a square with sides 9.3 cm long. 
A rectangle is 6.7 cm long and 4.8 cm wide. Find its perimeter. 
Find the perimeter of a regular pentagon with sides 7.2 cm long. 
For international matches, the length of a soccer pitch must be 
between 100 m and 110 m. Its width must be between 64 m and 
73 m. Find the perimeter which is 
(a) the least possible, (b) the greatest possible. 
On separate diagrams, plot the following points and join them in 
the order given. Find the perimeter of each shape. 
(a) (1, 1), (1, 4), (3, 4), (3, 3), (5, 3), (5, 2), (4, 2), (4, 1) 
(b) (1, 2), (1, 3), (3, 3), (3, 5), (5, 5), (5, 1), (4, 1), (4, 2) 
A soccer pitch is 100 m long and 75 m wide. A man runs around 
the pitch, travelling 7 km. How many times did he run round? 
The figure shows six squares 
shaded on a centimetre grid 
measuring 4 cm by 2 cm. 
(a) Find the perimeter of the 

shaded area. 
(b) Draw as many more 

arrangements of six squares 

on this grid as you can; find 

the perimeter of each one. 
(c) What is the greatest perimeter 

you can get? (Contd) 
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How to Build a Fireplace Candleholder 
Assemble the Scrolls 
1. Cut the center post (B) to size. 


2. Place the scrolls (A) on their sides with the small circles butted against the 
center post. (If the scroll ends have been hammered out to form a flared end, you 
will need to use shims to make the pieces lie flat.) 


3. Clamp the workpieces to your work surface, and weld the scrolls to the center 
post. 


Assemble the Holder Base 


1. Measure the length of the two scrolls and center post, and subtract 1". Cut the 
crosspieces (G) to this length. 


2. Cut the rear posts (F) and side pieces (H) to size. 


3. Place the crosspieces between the side pieces; one at one end and one in the 
middle. Weld the crosspieces in place. 


4. Mark 2" up from the bottom of the rear posts. (Depending on the size of scroll 
you are using, you may want to make this higher or lower.) Clamp the rear posts 
to the work surface, and align the cross and side piece assembly with the 2" 
marks. Weld into place. 


5. Weld this assembly to the back of the scrolls, making sure the side pieces are 
level. 


Attach the Bobeches 
1. Cut the front (C), middle (D), and rear (E) extenders to size. 


2. Weld the front extenders to the tops of the scrolls. Center the rear extender 
over the rear crosspiece and weld in place. Set the middle extenders 4" from 
each end of the middle cross piece and weld in place (see photo). 


3. Center a bobeche (I) over each extender, rear post, and center post. Make sure 
the bobeches are level, and weld in place. You may need to grind down the tops 
of the posts to get a level seating for the bobeches. 


4. Wire brush, clean, and apply the finish of your choice. 


Weld the extenders into place. 


FURNITURE PROJECTS 
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Decorative scroll layout detail 


Baker”s Shelves 


Baker’s shelves are a great welding project—the possibilities are nearly 
endless. Many gift and furnishing stores sell various baker’s shelves, but if you 
look closely, many have sloppy welds and thin wire scrolls. On our project, the 
shelves feature 1/4" round bar scrolls and a nice zigzag trim. You can make the 
scrolls with the homemade jigs featured on page 19, which works nicely. We 
also tried out a scroll making attachment for a hand-powered metal bender. This 
scroller was meant to use flat bar stock, but by grinding the round bar ends 
slightly, we could bend round stock. The ground ends actually added a nice 
touch to the scrolls. The metal bender could be used for the zigzag as well. 


PART NAME DIMENSIONS QUANTITY 
A C scrolls 1/4" round bar x 26-1/2" 4 
B Top S scrolls 1/4" round bar x 35" 4 
C Side S scrolls 1/4" round bar x 24-1/2" 8 
D Back legs 3/4" round tube x 44" 2 
E Front legs 3/4" round tube x 36" 2 
F Shelf supports, front & back 1/2 " round tube x 34-1/2" 8 
G Shelf supports, sides 1/2 " round tube x 8-1/2" 8 
H Zig zag trim 1/4" round bar x 48" 4 
I Finials 1" brass or wood ball 2 

MATERIALS 


e 1/4" round bar (54 feet) 

e 16 gauge x 3/4" round tube (13-1/2 feet) 
e 16 gauge x 1/2" round tube (29 feet) 

e 4 x 6 foot plywood 

e 2 x 4 foot plywood 

e 1 x 2 lumber x 36" (7) 

e Drywall screws 

e 2 x 2 lumber x 36" 


Use a scroll bender to bend the decorative scrolls. 


How to Build Baker’s Shelves 


Prepare the Scrolls 
1. Cut the C scrolls (A) and top S scrolls (B) to size. 


2. Mark a stop point 10-3/4" from each end of a C scroll. Insert one end into the 
scroll maker (flatten the end by grinding, if necessary), and bend it to the stop 
point. Do the same for the other end (see photo). 


3. Repeat step 2 to shape the remaining three C scrolls. 


4. Mark a stop point 20" from one end of a top S scroll. Mark a stop point 8" 
from the other end. 


5. Insert the 20" end of the S scroll into the scroll maker and bend to the stop 
point for the large circle. Insert the opposite end into the scroll maker and bend 
to the 8" mark for the small circle. 


6. Repeat steps 4 to 5 to shape the other S scrolls. 


Assemble the Scrolls 
1. On a 2 x 4 foot sheet of plywood, lay out the scroll pattern shown below. 


2. Draw a line 6" in from one side of the plywood. Draw parallel lines at 18" and 
36" from this line to mark the outside edges of the back legs and the center line. 
Draw a perpendicular line across the bottom of these lines for the base line. 


3. On the center line, mark a point 16" up from the baseline to mark the base of 
the uppermost C scroll pair. On the side lines, mark points 12" up from the 
baseline to mark the base of the side C scrolls. The back legs will meet the C 
scrolls at the underside of the scroll. The S scroll will butt up against the back 
leg. (Because the scrolls you turn will be slightly smaller or larger, you may need 
to adjust the layout dimensions as you go.) 


4. Lay out the scrolls on the pattern. When you are satisfied with the layout of 
the scrolls, weld them together at the contact points. 


Create the Assembly Jig 


1. Use drywall screws to fasten a 3-foot piece of 1 x 2 along the long edge of a 4 
x 6 piece of plywood. Attach another 3-foot piece of 1 x 2 parallel to the first 
piece, 36" apart. These mark the outside edges of the legs. 


2. Attach a third piece of 1 x 2 across the bottom of these two, making sure the 
corners are square. This will align the bottom of the legs. 


3. Attach four 24" pieces of 1 x 2 perpendicular to the sides at 3", 13", 23" and 
33" to mark the shelf heights. Center these pieces between the side pieces. 


Lay out the scroll design dimensions on a piece of plywood. Place the scrolls into the layout, and weld at 
each contact point. 


10 The table shows the number of rolls of wallpaper needed for a 
room, if the perimeter and the height of the room are known. 


Height Perimeter not over 


daba 
215-230] 5 | 5 | 6 | 7 | 8 | 9110110 
230-245] 5 | 6 | 7 | 8 | 8 | 9 | 10 | 11 


asas s [6] 7 | s o [mo] m [z 
2co-275| s |6 |7 | 8 o || 1] 2 
275290 6 |7 [eones 
2s0-305| 6 |7 | 8] 9lw[n| 2] 13 
305320[ 7 [8 |o [no [i2 [os [ul is 


Find the number of rolls of wallpaper needed for a room with 
(a) a height of 2.40 m and a perimeter of 21 m, 
(b) a height of 2.65 m and a perimeter of 18 m, 
(c) a height of 2.53 m and a perimeter of 16.15 m. 

11 Use the table in question 10 to find the number of rolls of 
wallpaper needed for a rectangular room which is 
(a) 5 m long, 4.5 m wide and 2.84 m high, 
(b) 6.24 m long, 4.86 m wide and 2.95 m high. 

12 The figure, which is not to scale, shows 4.47 m 
the plan of a room. The height of the 
room is 2.5 m. How many rolls of 


it? 
wallpaper are needed for it: ore 


3.68 m 


3.06 m 


10.2 Area 


Area is a measurement of amount of surface. To find the area of a 
surface, you need to cover it with squares without leaving any gaps, 
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Assemble the Legs €: Shelf Supports 


1. Cut the back legs (D), front legs (E), and shelf supports (F & G) to size. Grind 
the ends of the shelf supports slightly to fit around the curve of the legs. 


2. Clamp the back legs to the side 1 x 2s, making sure the leg ends are firmly 
against the bottom crosspiece. 


3. Clamp the back shelf supports to the four shelf crosspieces of the jig. 
4. Weld the back shelf supports to the back legs. 
5. Repeat steps 2 to 4 to attach the front legs to the front shelf supports. 


Attach the Shelf Sides 


1. Stand the back legs and shelf support assembly upright. Use a magnetic clamp 
to hold a shelf side support even with a back shelf support. Tack weld into place. 


2. Stand the front legs and shelf support assembly upright. Align with the back 
assembly, and tack weld the shelf side support even with its corresponding front 
shelf support. 


3. Continue to line up and attach the shelf side supports. 


4. Place the shelf assembly on its back, and align it with the scroll assembly. 
Weld the two assemblies together at all contact points. 


Install the ZigZag ‘Trim 
1. Cut the zigzag blanks (H) to length. 


2. Bend the zigzag trim to shape. Create a bending jig by attaching a 3-foot 
length of pre-drilled flat bar to a 3-foot length of 2 x 2. Drill 1" deep holes 
through every other hole. Use 2-1/2" bolts as the bending posts. Insert two bolts 
into the jig, and clamp the zigzag blank between them. Bend the metal around 
the second bolt and insert a third bolt, bend the metal around that, and continue 
(see photo). As you get toward the end, if you need more leverage, slip a piece 
of 1/2" tube over the rod. 


3. Cut the zigzag trim to fit between the front legs. 
4. Weld the zigzag trim to the legs and to points on the underside of each shelf. 


Attach the Side S Scroll 
1. Cut the side S scrolls (C) to size. 


2. Mark a stop point 11-7/8" from one end for the large circle of the scroll, and 
6-3/8" from the opposite end for the small circle. Do this for each S scroll. 


3. Bend the scrolls at the marks. 


4. Place the scrolls between the front and back legs, setting the scrolls 1/2" 
above the shelf supports to allow room for the glass shelf. 


5. Weld the scrolls to the front and back legs. 


Add Finishing Touches 


1. Grind down all welds and spatter. Clean and wire brush or sandblast the 
baker’s shelves. Apply the finish of your choice. 


2. Install glides or rubber tips on the legs. Place finials on the front leg tops. 


3. Measure the shelf dimensions, including the cutout dimensions to fit around 
the legs, and order tempered glass shelves cut to fit. 
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Use pre-drilled 3/4" on center flat bar attached to a 2 x 2 to create a bending jig for the zig zag trim. 
Clamp the rod between the first two bolts and bend. Continue adding bolts and bending until complete. 


Overall dimensions* 
35 x 15 x 19" 


Coffee Table 


A nice slab of stone or a cross section of a tree makes an appealing coffee 
table, but how do you support it simply and easily? A table base welded from 1" 
angle iron and 1/2" square bar can support the weight of stone or wood without 
being cumbersome or bulky. This design is for a triangular base to suit the piece 
of marble being used. Creating a layout with tape allows you to experiment with 
different sizes and locations for your triangle. If you are using fence pickets, as 
we have here, make sure the length of the longest side of the triangle does not 
exceed the length of the picket. Pickets are generally 35 to 39" long. 


PART NAME DIMENSIONS QUANTITY 
A Top supports 1/8 x 1 x 1" angle iron* 3 
B Legs 1/2 " square bar x 20" 3 
C Wavy crosspieces 1/2 " wavy bar fence pickets* 3 


*Side pieces and top supports must be cut to fit the particular tabletop. 


MATERIALS 


e 1/8" x 1 x 1" angle iron (amount will vary) 

e 1/2" square bar (5 feet) 

e 1/2" wavy bar fence pickets (3) 

e Construction adhesive, silicone glue, or screws 
e Masking tape 

e Table top 


How to Build a Coffee Table 
Create the Triangle 


1. Turn the table top upside down, and use masking tape to lay out a triangle. 
The triangle should be at least 3" in from the edges of the table top material, but 
not so far in that the table will tip easily. 


2. Measure each side of the triangle. Cut the top support pieces (A) to match 
these three measurements. Miter both ends of the longest piece. 


3. Place the longest support piece on top of the second longest support. Set both 
pieces on the tape layout on the table top. Mark the angle and notch on the 
second support where it intersects the first support (see photo) to allow these 
pieces to butt together. Cut out the notch and angle on the support. 


4. Place the two supports back together on the triangle layout. Set the third 
support on the layout under the first two support pieces. Mark the notches and 
angles at the intersections. Cut the third support piece. (You may need to make 
an additional angle cut on the second long piece, depending on the triangle.) 


5. On a work surface, arrange the support pieces to form the triangle. Weld the 
outside corners. Turn the assembly over and weld the top butt joints. 


6. Use an angle grinder to smooth the top joints so the table top rests on a flat 
surface. 


Install the Legs 
1. Cut the legs (B) to size. 


2. Mark each leg 4" from one end. Place a leg in a bench vise, lining up the mark 
with the edge of the vise jaws, and bend the leg end 15°. Repeat this process for 
the other two legs. 


3. Turn the top assembly upside down on your work surface. Place a leg in a 
corner with the bend of the leg pointing outward in the same line as the point of 
the triangle. 


4. Check to make sure the leg is perpendicular to the top assembly, then tack 
weld in place. Tack weld the other two legs in the remaining corners the same 
way. 


Attach the Side Pieces 


1. Measure the distance between the legs. Cut one wavy crosspiece (C) to fit 
each of the three sides. Bevel the ends to fit the angled legs. 


2. Clamp a crosspiece against two legs, 7” from the top assembly. Check for 
square and tack weld. Install the remaining crosspieces the same way. 


3. Turn the assembly right side up and check for square and level. Make 
adjustments if necessary. Complete all the welds. 


and then count the number of squares used. A square with sides 1 cm 
long has an area of 1 square centimetre, which is written as 1 cm?. 


Figure 10.1 Figure 10.2 


For example, the shape shown in Figure 10.1 contains 4 full 
squares and 3 half squares. So its area is (4 + 15) cm? = $5 cm’. 


You cannot always find the area of a shape exactly. For awkward 
shapes, like that in Figure 10.2, you have to approximate. One 
way is to count the number of complete squares inside the shape 
(one in this case) and those which are half or more inside (four). 


If less than half a square is covered by the shape, ignore it. So the 
approximate area is 5 cm’. 


1 Find the areas of the shapes shown in parts (a) to (f). 


(a) (b) 


(c) (d) (Contd) 
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Complete the Table 


1. Grind down the welds, if desired. (You may also want to grind down the feet 
of the table so they make flat contact with the floor.) Clean or wire brush the 
assembly. Apply your choice of finish. 


2. Drill holes in the angle iron and attach a wooden table top with screws, or use 
silicone or construction adhesive to attach a stone top. 
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Place the mitered long support piece on top of the second longest support piece. Mark the angle and 
notch needed to fit the pieces together. 


Overall dimensions 
18 x 18 x 8" 
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PART NAME DIMENSIONS QUANTITY 
A Rack top 1/8 x 1-1/4" flat bar x 36" 1 
B Rack bottom 1/8 x 3/4" flat bar x 36" 1 
C Hooks 1/8 x 3/4" flat bar x 12" 4 
D Rack front 1/8 x 1-1/4" flat bar x 38"* 1 
E Shelf Expanded sheet metal 1 


*approximate dimension, cut to fit 


Corner Coatrack 


In a small hallway with limited or no closet space, a corner coat-rack is one of 
the handiest things you can add. The expanded sheet metal used for the shelf is 
available in a variety of thicknesses and hole sizes. You may choose to use 
patterned sheet metal, which is available in many designs and gauges—see the 
Resources section on page 140. If the shelf will be used for items heavier than 
hats and mittens, you will need to use thicker gauge sheet metal or add some 
crosspieces for support. The mounting holes are spaced to account for 16" on- 
center studs. If you know where you will be hanging your coatrack, locate the 
studs and space the mounting holes accordingly. 


MATERIALS 


e 1/8 x 1-1/4" flat bar (7 feet) 

e 1/8 x 3/4" flat bar (7 feet) 

e Expanded sheet metal (2 x 2 feet) 
e 2" pipe 

e Hanging hardware 


How to Make a Corner Coatrack 

Prepare the Rack Top €: Bottom 

The bend in the rack top and rack bottom takes 1/4" of material. By bending the 
pieces at the 17-3/4" mark, both legs will be equal length. 

1. Cut the rack top (A) and rack bottom (B) to size. 


2. Drill 1/4" holes in the top piece at 1", 17", 19", and 35". (These are the rack 
mounting holes.) 


3. Mark the top piece 17-3/4" from one end. Place the piece in a bench vise with 
the mark at the edge of the vise and the longer end extending upward. Bend the 
end to 90°. 


4. Repeat step 3 with the rack bottom piece. 


Assemble the Rack 
1. Cut the hooks (C) to size. 


2. Grind one end of each hook into a smooth, rounded semi-circle. Make a 2"- 
radius bend in the rounded ends by clamping them to a section of 2" pipe and 
bending the hooks. 


3. Lay the rack top and rack bottom on one side on your work surface, keeping 
them 4" apart. Make sure the ends are aligned and the bars are parallel. 


4. Place a coat hook over the rack top and bottom, flush with the ends and with 
the top of the rack. Make sure the corners are square, then clamp the workpieces 
in place. Tack weld the coat hook to each bar. 


5. Place the second hook 8-1/2" from the outside edge of the first hook. Check 
for square, clamp in place, and tack weld to each bar. 


6. Rotate the rack so the other side is flat on the work surface. Repeat steps 4 to 
5 to attach the hooks to that side. 


7. Make sure that all hooks are still square to the rack. Weld the hooks to each 
bar, starting on the side opposite the tack. 


Attach the Rack Front 


1. Bend the rack front (D) into an 18"-radius arc. (The easiest way to do this is to 
place the bar over a table edge and make a slight bend every 2" along the length 
of the bar. Keep making bends until the proper radius is formed.) 


2. Place one end of the arc against an end of the rack top. Make a mark where 
the other end of the arc meets the other end of the rack top. Cut the arc to size. 


3. Place the arc against the rack top, leaving an open corner for the weld. Tack 
weld in place. 


4. Position the other end of the arc against the opposite end of the rack top. Tack 
weld in place. Make sure the arc is aligned properly and not twisted. Complete 
the corner welds. 


Attach the Shelf & Finish 


1. Place the rack upside down on top of the decorative sheet metal (E), with the 
90° corner of the assembly 1" from the comer of the sheet metal. Using a 
permanent marker, trace the inside of the arc onto the sheet metal. Draw 1/2" 
tabs at regular intervals in front of the arc (see photo). Trace along the sides of 
the rack so you will know where to bend the sides. 


2. Cut the sheet metal with a plasma cutter, tin snips, or a jig saw with a bi-metal 
blade. Cut a notch at the 90° corner so the sides can be bent. Bend the front tabs 
and sides to 90°. 


3. With the rack upside down, place the shelf inside the rack so the top is flush 
with the top of the rack. Clamp it in place and weld the sheet metal to the rack. 


4. Clean and finish the rack as desired. 


Mark the 1/7" tabs at regular intervals on the outside. 


Shelf 
corner 


detail 


Kitchen Appliance Stand 


This freestanding table is sized to be placed next to a stove, but it could go 
anywhere in the house as an incidental table or plant stand. 

The stand is lightweight and easy to move, yet sturdy enough to support a 
good deal of weight. The decorative bushings and feet provide a touch of 
elegance and give the stand decorative appeal. 


MATERIALS 


e 1/8 x 1 x 1" Tobar (6-1/2 feet) 

e 1/8 x 1 x 1" angle iron (6-1/2 feet) 
e 1/2" round bar (12 feet) 

e Decorative bushings (4) 

e Decorative feet (4) 

e Ceramic tile or wood top 

e Ceramic tile or wood shelf 

e Felt bumpers (4) 


How to Build a Kitchen Appliance Stand 
Build the Top 


1. Cut the top sides (A) and the top front and back (B) to size. Rather than 
mitering the corners, cut a 1" notch at each end of the front and back pieces. 


2. Position the top front and a side piece at a right angle. (Because the T-bars do 
not sit flat on the table top, it can be difficult to assemble the top pieces. Use 
shims or create a wooden clamping jig to hold the pieces securely while you 
align them.) 


3. Check the top front and side piece for square and tack weld the corner. 


4. Place the top back and other side piece together at a right angle. Check the 
corner for square and tack weld. 


5. Assemble the two pieces to make a rectangle. Check for square by measuring 
diagonally between the corners. If the measurements are equal, the assembly is 
square. If it is not square, adjust until both measurements are equal. 


6. Tack weld the top pieces together. Recheck the assembly for square, then 
finish the corner welds. 
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For questions 2 and 3 use centimetre squared paper. 
2 Plot the following points and join them in the order given. Find the 
area of each shape. 
(a) (1, 1), (1, 3), (4,3), (4,1) (b) (1, 1), (3, 3), (6, 3), (4, 1) 
(c) (1, 2), (4, 5), (7, 2) (d) (2, 1), (4, 5), (7, 2) 
(e) (1, 2), (2, 5), (6, 6), (5, 1) (f) (2 , 1), (2, 5), ES 5), (5, 3) 


3 Draw a circle with a radius of 3 cm. (Set your compasses to 3 cm.) 
Find its approximate area. 


10.3 Area of a rectangle 


The rectangle in Figure 10.3 is 3 cm long 

and 2 cm wide. It contains 6 centimetre 

squares, so its area is 6 cm?. But you 

could count the squares differently, by 

saying that there are two rows of three 3 cm 
squares, that is 3 x 2 = 6. Figure 10.3 


2cm 


This is equivalent to multiplying the length of the rectangle by its 
width. Thus the area of the rectangle is (3 x 2) cm? = 6 cm’. 


In general: 


eeoeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeweeeeweeeweeeeeeeeeeeeeeeeeeeeeeeeeee 


You must use the same units for both length and width: if they are 
both centimetres, the units of the area will be cm’; if they are both 
metres, the units of the area will be m?. 


Build the Shelf 
1. Cut the shelf sides (C) and the shelf front and back (D) to size. 


2. Cut a 1/2" notch at both ends of all four shelf pieces to create a hole for the 
legs to fit through (see Shelf Corner Detail in diagram). 


3. Position the shelf front and a shelf side piece at a right angle. Check the pieces 
for square and tack weld the corner. 


4. Repeat step 3 to weld the shelf back to the other shelf side piece. 


5. Assemble the two pieces to make a rectangle. Check the assembly for square 
and tack weld together. 


6. Recheck the assembly for square, then finish the corner welds. 


Attach the Legs 
1. Cut the legs (E) to size. 


2. Insert the legs through the cutouts in the shelf. If using decorative slide-on 
bushings, position them on the legs and tack weld in place. 


3. Place the top over the legs. Make sure the legs are flush against the T-bar and 
tack weld in place. 


4. Measure 9" from the bottom of the legs and make a mark. Align the shelf with 
the marks and tack weld in place. 


5. Stand the unit upright. Check the top and shelf for level. If they are not level, 
break the tack welds and adjust until level. Complete the welds between the legs 
and the top, and the legs and the shelf. 


Attach the Feet & Finish 


1. Weld, braze, or braze weld the feet in place (see photo). 


2. Wire brush or sandblast the appliance stand and apply the finish of your 
choice. 


3. Attach felt bumpers to the feet. 


4. Make shelves of wood, stone, or ceramic tile, and place them on the shelf and 
the top. 


Weld around the joint between the decorative feet and the leg. 


Wall Hung Plate Rack 


This rack offers a nice way to display plates and makes a great gift for a plate 
collector. You can use any variety of bends and scrolls to add detail to the rack. 
The only difficult part is the three dimensional aspect of the racks—it can be 
hard to follow the bend direction. You may want to adjust the spacing or the 
number of plate racks to fit the plates to be displayed. These directions assume a 
10" diameter plate. 


MATERIALS 


e 3/16" round rod (13 feet) 
e 1/2" and 3" pipe for bending jig 


How to Make a Plate Rack 
Prepare the Side Supports 
1. Cut the side supports (A) to size. 


2. Using the bending methods on page 19, make a 3" radius half circle at one end 
of each side support. 


3. At the other end of the supports, make a 90° bend 6" from the end. Curl these 
ends into a 3" radius half circle. Make sure your work piece does not twist. 


Prepare the Racks 

1. Cut the racks (C) to size. 

2. Make marks at 2", 4", and 5" from each end of the racks for bending points. 
3. Bend a 1/2" radius curve at the first mark on each end of the racks. 


4. Make a 90° bend at each of the other marks using a bench vise and ball peen 
hammer (see photo). Refer to the diagram on the opposite page for the 
orientation of the bends. 


Assemble the Structure 

1. Cut the top piece (B) to size. 

2. Make a mark 1" down from the top of the two side supports. 
3. Weld the top piece to the side supports at the 1" marks. 


4. Place the first plate rack 3" from the bottom of the side supports. Square the 
rack to the sides and weld in place. 


5. Set the remaining racks at 12" and 24" from the bottom rack. Make sure the 
racks are square to the sides, then weld in place. 


6. Turn the rack over and weld the back side of each joint. 


Apply Finishing Touches 
1. Clean the structure with a wire brush. 


2. Apply your choice of finish to the rack. 


Make the right angle bends using a bench vise and a ball peen hammer. 


Overall dimensions 
12 x 12 x 41" 


PART NAME DIMENSIONS QUANTITY 
A Top 1/8 x 1 x 1" angle iron x 12"* 4 
B Legs 1/2 " square bar x 40" 4 
C Rack supports 1/2 " square bar x 11" * 8 
D Bottle holders 1/2 " square bar x 12" * 12 


*Cut to fit selected tile top 


A square is a rectangle whose length and width are equal. 


So the formula for area becomes: 
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You can sometimes find the area of a shape by dividing it into 
rectangles. 


Example 10.3.1 


Find the area of the shape in the figure. The dotted lines divide the 
shape into three rectangles A, B and C. 


2 cm 


6 cm 


<m i 8 cm — > 


Area A = (8 x 2) cm? = 16 cm? 
Areas =(3 x 2) cm? = 6 cm’ 

Area C =(6 x 3) cm? = 18 cm? 

By adding, the total area is 40 cm. 


Insight 
Sometimes a shape has a hole cut out. In that case 
the total area = area of outside shape — area of the hole. 


1 Arectangle is 12 cm long and 7 cm wide. Find its area. 
2 Arectangle is 8 m long and 6 m wide. Find its area. 
(Contd) 
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Wine Rack 


This wine rack is designed so you can install a wall or floor tile as the top 
surface. Measure the tile and cut the top pieces to fit. Butcher block or marble 
would also make a nice looking top. The decorative frieze stamping and 
squashed ball are available from Architectural Iron Designs—see Resources on 
page 140. 


MATERIALS 


e 1/8 x 1 x 1" angle iron (4-1/2 feet) 
e 1/2" square bar (33 feet) 

e Decorative frieze (4-1/2 feet) 

e 2" Squashed balls (4) 

e 12" floor or wall tile (1) 


How to Make a Wine Rack 
Assemble the Top 


1. Cut the top pieces (A) to size to fit your top surface, mitering the corners at 
45°. 

2. Clamp two top pieces together with a comer clamp. Use a carpenter’s square 
to check the pieces for square, and tack weld. 

3. Repeat step 2 to assemble the other two top pieces. 


4. Clamp the two L-shaped top pieces together, and check for square by 
measuring across both diagonals. If the measurements are equal, the assembly is 
square. If it is not square, adjust until both measurements are equal. 


5. Tack weld the two corners. Unclamp the pieces and recheck for square. Finish 
welding the comer joints. 


Assemble the Stand 
1. Cut the legs (B), rack supports (C), and bottle holders (D) to size. 


2. Mark the legs at 5", 13", 21", and 29" from one end. Mark the rack supports at 
2-1/2", 5-1/2" and 8-1/2" from one end. 


3. Position four rack supports between two of the legs at the marks. Check the 
pieces for square and tack weld in place. 


4. Repeat step 3 to tack weld the remaining four rack supports to the other two 
legs. 


5. Stand the leg assemblies upright and clamp a bottle holder centered on the 5- 
1/2" mark on the bottom rack support. Clamp the other end of the bottle holder 
to the other leg assembly. Check for square and tack weld the bottle holder in 
place. 


6. Repeat step 5 to attach a bottle holder at the 5-1/2" marks on the other three 
rack supports (see photo). 


7. Make sure the legs assemblies and bottle holders are square, then add the 
remaining bottle holders at the 2-1/2" and 8-1/2" marks. Finish all welds. 


Attach the Top, Legs, & Frieze 
1. Place the top onto the legs and weld in place. 
2. Center a squashed ball at the bottom end of each leg and weld in place. 


3. Bend or cut the decorative frieze to fit around the top of the legs and top. 
Braze, braze weld, or tack weld the frieze into place at the top of the legs and 
slightly below the top. 


4. Grind down the welds as needed. Wire brush or sand-blast the wine rack, then 
apply the finish of your choice. 


5. Place the tile into the top. 


Clamp the center bottle holders to the leg assemblies and tack weld in place. 


Headboard 


A custom headboard for your bed is a great welding project. Here's an 
example using decorative fence and gate materials. We used top scrolls 
numbered 3-1/3 and 3-1/2 from Architectural Iron Designs, and hot pierced bar 
number SF 422US and hammered bar SF 5995 from Triple-S Steel Supply. (See 
Resources on page 140.) 


PART NAME DIMENSIONS QUANTITY 
a eee 1/8 x 1" round tube x 57” 2 
bars 
B End posts 1/8 x 2-1/4" round tube x 48" 2 
Horizontal 5/8 x 3-7/8" on center decorative pierced 

C ; 3 
inserts bar x 51-1/2" 
Vertical 

D 5/8" hammered bar style rod x 18 12 
inserts 

E Finials/caps 2 

MATERIALS 


e 1/8 x 1" round tube (9-1/2 feet) 

e 1/8 x 2-1/4" round tube (8 feet) 

e 5/8 x 3-7/8" pierced bar (13 feet) 

¢ 5/8" hammered rod (18 feet) 

e Decorative scrolls (2) 

e Ball post finals/caps (2) 

e 3/8 x 2-3/4" machine bolts with washer and nuts (4) 


How to Build a Headboard 
Assemble the Grid 
1. Cut the top and bottom bars (A) and end posts (B) to size. 


2. Cut the horizontal inserts (C) to size, cutting at the outside edge of the pierced 
circle at each end. Cut the vertical inserts (D) to size. 


3. Insert the vertical inserts through the holes in the horizontal inserts. Adjust the 
inserts so they are square. 


4. Mark the top and bottom bars 3-1/2" from each end. Align the first and last 
vertical inserts with the marks. Tack weld the end inserts to the bars. 


5. Check the assembly for square by measuring the diagonals. If the diagonal 
measurements are equal, the assembly is square. Weld each vertical insert to the 
top and bottom bars. 


6. Adjust the horizontal inserts so they are spaced evenly. Weld them to the 
vertical inserts at each end and at one or two points in the middle. 


Insert the Grid into the End Posts 


1. Place an end post in a piece of channel or angle iron and mark a straight line 
down the side of the post. Mark a point 1-1/2" down from the top of the post and 
centered on this line. 


2. Cut a 1" diameter hole centered at the mark, using a hole saw with a bi-metal 
blade or a plasma or flame cutter. 


3. Align the top bar with the hole in the end post. Mark the placement of the hole 
for the bottom bar, also centered along the same line on the end post. Cut the 
hole in the post. 


4. Repeat steps 1 to 3 to cut holes in the second end post. 


5. Insert both ends of the grid assembly into the holes in the end posts (see 
photo). The distance between the posts should be 55". Make sure the cross bars 
are square to the end posts, then weld in place. 


Attach Decorative Scrolls 


1. Place the decorative scrolls on top of the top bar, centering them between the 
end posts. Weld the scrolls in place. 


2. Set the post caps on top of the end posts and weld in place. 


3. Wire brush or sandblast the headboard clean. Finish with your choice of 
finish. 


4. Mark the location of the bed-frame bolt holes onto the end posts. Drill 3/8" 
holes through the end posts. Attach the bedframe to the posts with 3/8 x 2-3/4" 
machine bolts. 


Cut holes in the end posts. Insert the grid assembly into the holes and weld in place. 


OUTDOOR PROJECTS 


Stair Railing 124 
Gate 128 

Critter Boot Brush 130 
Disk Fountain 132 
Arbor 134 


3 Each side of a square is 9 cm long. Find its area. 

4 Arectangle is 2.3 m long and 60 cm wide. Find its area 
(a) in m?, (b) in cm’. 

5 Each side of a square is 100 cm long. Find its area 
(a) in m?, (b) in cm’. 

6 Find the areas of the shapes shown in the diagrams. The lengths 
are in centimetres, and the diagrams are not drawn to scale. 


6 10 7 
2 2 
3 5 2 2 
2 
2 3 4 
(a) (b) (c) 


7 Find the areas of the shaded regions in the diagrams. The lengths 
are in centimetres, and the diagrams are not drawn to scale. 


(a) 


8 A room is 3 m high and its floor is a rectangle 5 m by 4m. 
(a) Find the total area of the walls. 
(b) Find the area of the ceiling. 
(c) One litre of paint covers 12 m?. How many litres of paint are 
needed for the walls and the ceiling? 
9 A carpet which is 3 m by 2 m is placed on a floor which is 5 m by 
3 m. What area of the floor is not covered by the carpet? 
10 A rectangular lawn is 9 m by 7 m. There is a path which is 1 m 
wide all around the outside of the lawn. Find the area of the path. 
11 The length of each side of a square is 100 m. The square has an 
area of 1 hectare. Find its area in m°. 
12 The floor of a room is a rectangle 3.5 m by 3 m. How many square 
carpet tiles, each 50 cm by 50 cm, are needed to cover the floor? 
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Stair Railing 


With the number of companies selling decorative metal pickets and newel 
posts, it is easy to create a railing distinctly your own. The railing we are making 
is for a two step concrete stairway. 

Some important information about creating railings: 

The rail top should not be interrupted by knobs or other decorations—it must 
allow continuous hand to rail contact and should be between 1-1/2" and 2" in 
diameter to ensure easy gripping. 

Some railings—like one that is mounted against a wall or in an area where the 
Stair surface is not raised above the surrounding surface, like the stairs in the 
slope of your lawn—can be a single rail at the appropriate height. A railing that 
separates the stair, landing, balcony, or deck from a vertical drop has to conform 
to certain safety standards. The pickets or balusters must not have any gaps 
larger than 5-1/2" to prevent children from poking their heads through and 
setting stuck. The lower rail should not be more than 2 inches from the floor 
surface. If the vertical drop from the floor line is more than 6 feet, the railing 
must be a minimum of 34" tall. If the vertical drop is less than 6 feet, the railing 
must be a minimum of 32" in height. Railings must have turn-outs or roundovers 
at their ends to prevent blunt projections. The safest handrails continue 12" 
beyond the top and bottom stairs. Railings must be able to withstand a 250 
pound force in any direction without giving way. 

You can purchase rail cap, also called cap rail or handrail, at most steel supply 
centers. Handrail terminations come in a variety of styles. Those that scroll in an 
S shape are called “lamb tongues.” A volute is a spiral termination, and a lateral 
is a flat curl to the side. These may be ordered through specialty railing 
distributors. (See Resources page 140.) 


MATERIALS 


e 1-3/4" rail cap (as needed) 

e 1” square tube (as needed) 

e 1/2" square rod (as needed) 

e 1/2" decorative pickets (as needed) 
e 1/8 x 1/2 x 1" channel (as needed) 
e Lamb tongue rail termination 

e Mounting hardware 


PART NAME DIMENSIONS 

A Handrail 1-3/4" rail cap x 64"* 

B Newel posts 1/8 x 1 x 1" square tube x 36" 
C Plain pickets 1/2 " square rod x 30" 

D Decorative pickets 1/2 " decorative pickets x 30" 
E Flat bottom rail 1/8 x 1/2 x 1" channel x 40"* 
F Angled bottom rail 1/8 x 1/2 x 1" channel x 24"* 
G Rail termination 


QUANTITY 
1 
JA 


*Dimensions and quantities must be adjusted to fit the particular stairs. 


Heat the bending point of the handrail to red hot with an acetylene torch or cutting tip to make the 
metal easy to bend. 


How to Build Stair Railing 
Cut the Handrail to Length 


1. Measure from the edge of the house to the edge of the landing. Measure from 
the edge of the landing to where the newel post will be located. Add these two 
measurements to get the length of the handrail. 


2. Cut the handrail (A) to size. 


Shape the Handrail 


It is a good idea to create an angle guide for bending the handrail by screwing 
two pieces of wood together at the length and angle to match the stairway. 


1. Set the handrail on the landing with one end butting against the house. Mark 
the handrail at the edge of the landing. 


2. Clamp the railing in a bench vise and heat the bending point red hot with an 
acetylene torch (see photo). A cutting torch preheat works best, just make sure 
you don’t hit the oxygen and accidentally cut the metal. 


3. When the metal is red hot, bend it to create the angle. It is helpful if you pull 
on the longer end of the rail to bend so you have more leverage. 


4. When finished bending the handrail, place it on the stairs to make sure the 
bend is correct. 


Lay Out the Newel Posts & Pickets 


The newel posts will be anchored in the concrete or attached using square 
footings that will bolt into the concrete, so they have to be far enough from the 
edge not to destroy the edge of the concrete. 


1. Determine the number of plain pickets (C), decorative pickets (D), and newel 
posts (B) you need. 


2. Place the bent handrail on the floor or a large work surface. Place newel posts 
at each end of the handrail and near the bend. 


3. Lay out the pickets in a pleasing pattern, making sure they are no more than 5- 
1/2" apart (see photo). 


4. Mark and cut the two bottom rails (E & F) to fit between the newel posts, 
once you have the layout determined. Place the channel flat side up, with the 
legs down. Mark the picket locations on the railings. 


OPTION: When you look at railings, you will see that some railings have the 
pickets and newel posts welded directly to the rail cap, as you see here. Other 
railings have a piece of channel welded into the underside of the rail cap and the 
pickets are welded to the flat side of the channel. Punched channel can be 
purchased with 1/2 x 1/2" square holes pierced through it. This is welded under 
the rail cap, and the pickets are inserted through the punched holes and welded 
in place. You also can use the punched channel for the bottom rail. Using 
punched channel means you cannot adjust spacing to account for the unique 
shapes and sizes of decorative pickets. 


Cut the Posts & Pickets to Length 


Purchased decorative pickets range from 36" to 39". When cutting decorative 
pickets, cut equal amounts from each end unless you wish the pattern to be off 
center. 


1. Determine the height of your handrail and the depth that the newel posts will 
be footed in the concrete (if they are to be footed, otherwise measure to the top 
of the concrete). 


2. Cut the newel posts and pickets to length. Cut the appropriate angle for the 
Stair pickets. 


Assemble the Railing 
Concrete can explode when heated, so it is best to do your welds on a sheet of 
plywood that can be doused with water when you have finished. 


1. Tack weld the newel posts to the rail cap. Tack weld the bottom rails to the 
newel posts. 


2. Place the rail assembly on the stairs to make sure the dimensions are correct. 
If they are not, break or grind off the tack welds and make adjustments. 


3. Return the assembly to the work surface, and tack weld the pickets in place, 
maintaining the proper spacing. Use a combination square to check each piece 
for square before welding. 


4. Make the final welds. Weld the lamb tongue termination to the end of the rail 
cap. 


5. Grind down any rough or unsightly welds. Wire brush or sandblast the rail 
assembly. 


6. Install the railing by cementing the newel posts into the stairs or using bolt- 
down flange shoes. 


7. Prime and paint the railing with a high quality outdoor metal paint. 


Lay out the pickets and newel posts in a pleasing arrangement, keeping them no more than 51/5" apart. 


Overall dimensions 
u" 


10.4 Area of a parallelogram 


To find the area of the parallelogram in Figure 10.4, remove 
the shaded triangle and replace it at the other end to make a 
rectangle. This rectangle must have the same area as the original 
parallelogram. So 

aréa-=(3 * 2) cm? = 6 cm. 


Remember that the ‘height’ is the vertical (or perpendicular) height, 
which is sometimes called the altitude. In other words, it is the 
distance between the parallel lines. 


10.5 Area of a triangle 


Starting with any triangle, you can 
construct a parallelogram which has 
twice the area of the original triangle Figure 10.5 
(see Figure 10.5). So 


Again, remember that ‘height’ means vertical height. 


10. Perimeter and area 
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Gate 


This gate framework can be used to hold a collection of found metal objects. 
Use brazing or braze welding to join non-matching metals or thicknesses of 
metals. Rusty objects will need to be cleaned at the point of contact. If the 
objects you find are large, you may want to space the uprights at 8", rather than 
4". The 4" spacing meets code requirements for gates and fences—this spacing 


prevents children from getting their heads stuck between uprights. 


PART 
A 
B 


NAME 
Sides 
Crosspieces 
Interior 


crosspiece 


Vertical inserts 


DIMENSIONS 
16 gauge 1 x 1" square tube x 46" 
16 gauge 1 x 1" square tube x 40" 


16 gauge 1 x 1" square tube x 38" 


16 gauge 1/2 x 1/2" square tube x 
40" 


MATERIALS 


e 16 gauge 1 x 1" square tube (17-1/2 feet) 
e 16 gauge 1/2 x 1/2" square tube (30 feet) 
e 4" weldable barrel hinges (2) 

e Gate latch hardware 
e Found objects 


e Wood and brass spacers 


QUANTITY 
2 
2 


1 


How to Make a Gate 
Assemble the Frame 
1. Cut the sides and crosspieces (A & B) to size, mitering the ends at 45°. 


2. Place the left side piece and bottom crosspiece together at a 90° angle to form 
one corner of the rectangle. Check the pieces for square, and clamp in place. 
Tack weld the pieces together. 


3. Place the right side piece and top crosspiece together to form another corner 
of the rectangle. Check for square, clamp in place, and tack weld together. 


4. Join the two pieces to form the rectangle. Check the corners for square and 
clamp in place. Tack weld the corners together. 


5. Measure the diagonals of the rectangle to check for square. If the 
measurements of both diagonals are equal, the assembly is square. If it is not 
square, pull or push it into alignment. When aligned, clamp it in place, and finish 
the corner welds. 


6. Turn the assembly over, and complete the welds. 


Attach the Interior Crosspiece & Inserts 
1. Cut the interior crosspiece (C) and vertical inserts (D) to size. 


2. Place the interior crosspiece against the inside edges of the side pieces, 5" 
down from the top crosspiece. Check the pieces for square, and clamp in place. 
Weld the interior crosspiece to the sides. 


3. Place the vertical inserts at 4" intervals between the interior and bottom 
crosspieces. Make sure the spacing is even—you might need to adjust to slightly 
less or more than 4" if the miter cuts are slightly off. Keep the outside edge of 
the inserts flush with the outside edge of the crosspieces. 


4. When the spacing is adjusted properly and the inserts are square to the 
crosspieces, tack weld each insert at both ends. 


5. Check the assembly and inserts for square one more time. Turn the assembly 
over, and weld each upright in place. 


Attach the Found Objects 


Objects other than mild steel will need to be brazed or braze welded. Connect 
non-metallic objects by wrapping or folding a thin strip of mild steel sheet metal 
or a short piece of 1/8" steel rod around an edge. Weld the ends of the rod or 
strap to the framework. 


1. Arrange your found objects artfully across the interior space. 


2. Carefully clean rust or paint from the areas where the found objects contact 
the uprights. 


3. Weld the found objects in place. 


Attach the hinges 


Our gate is made to hang attached to a metal gate post. We chose to use barrel 
style hinges. 


1. Place the gate between the gate posts. Use wood spacers and braces to 
position the gate between the gate posts, and clamp or brace solidly in place. 


2. Line up the hinges on the post and the gate (see photo). Use a level to check 
for plumb. (For the gate to swing properly, the hinges need to be installed 
perfectly plumb.) Tack weld the hinges to the gate and post. 


3. Remove the bracing, and check that gate swings freely. When it does, 
complete the hinge welds. 


4. Install the gate latch hardware. If the hardware is painted or zinc coated, grind 
off the coating before welding, or install with screws. 


| 


| 


Brace the gate in position between the gate posts. Clamp a wood spacer between the gate post and the 
gate side. Position the hinge and check for plumb. 


Critter Boot Brush 


A critter boot brush is a fun and functional addition to your back door area. 
This critter is made to be stuck in the ground (then the mud flies on the grass, not 
around the door!) but it can be mounted in cement or even on a hefty chunk of 
wood. This plan is for a cat because the brush mimics the classic upright fur look 
of an angry cat, but any animal could have this scratchy back. 


PART NAME DIMENSIONS QUANTITY 
A Legs 3/8 or 1/2" rebar x 30" 2 
B Neck 3/8 or 1/2" rebar x 12" 1 
C Body 1/8 or 3/16 x 3" flat bar x 6" 1 
D Tail 16 gauge sheet metal x 4 x 14" 1 
E Face 3/8 or 1/4" plate x 5 x 5" 1 
F Whiskers 16 gauge wire x 4" 6 


How to Make a Critter Boot Brush 


MATERIALS 


e 1/8 or 1/2" rebar (6 feet) 

e 1/8 or 3/16 x 3" flat bar (6") 

e 16 gauge sheet metal (4 x 14") 

e 1/8 or 1/4" plate (5 x 5") 

e Wire or bristle brush with handle hole 
e 2" machine bolt, washer, and nut 

e 16 gauge wire (24") 


Prepare the Legs & Neck 
1. Cut the legs (A) to length. 


2. Mark each leg 12" from each end. Using a bench vise, bend the legs at the 
marks to a 75° to 85° angle. 


3. Cut the neck (B) to length. 
4. Make a mark 3" from one end of the neck. Bend the neck at the mark to 85°. 


Assemble the Body 
1. Cut the body (C) to size. 


2. Drill, flame cut, or plasma cut a hole through the center of the body for the 
placement of the brush. 


3. Place the legs lengthwise along the edges of the body, and weld in place. 


4. Position the hole in the brush over the hole in the body to get the spacing for 
the neck extension (if the neck is set back too far, the brush will not lay flat). 


5. Weld the neck in place. 


To find the area of triangle ABC in C 
Figure 10.6, for example, measure 
the length of the base AB (3 cm) 


and measure the length of CD, the úl D Š 
perpendicular distance from C on to Figure 10.6 
AB (1 cm). 


Area of triangle ABC = (4 x 3 x 1) cm” = 15 cm? 


Alternatively, you could use AC or BC 


as the “base”. If you used AC as the eae 
base, you would have to extend AC, aa" 
before you could draw and measure p 
BE, the ‘vertical height from B to AC A SB 


(see Figure 10.7). Figure 10.7 

Then AC = 2.2 cm and BE = 1.35 cm. 

So area of triangle ABC = 4 x 2.2 x 1.35 cm” = 1.485 cm? x 1.5 cm? 
The symbol ~ means ‘is approximately equal to’. 


You can sometimes find the area of a shape by dividing it into 
rectangles and triangles, or by ‘boxing’ it. 


: Example 10.5.1 


- Find the area of the trapezium in the figure. 
: The dotted line divides the trapezium into a rectangle A and a triangle B. 
6cm 


5 cm 


< Ocom- > 


Area of rectangle A = (6 x 5) cm? = 30 cm? 
: Area of triangle B = (4 x 4 x 5) cm? = 10 cm? 
So total area = 40 cm’. 
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Attach the Tail 


1. Use flame or plasma cutting to cut the tail (D), leaving a minimum of 4" of 
straight flat metal for attachment. 


2. Remove any slag from the tail, and weld in place between the legs at the 
opposite end from the neck (see photo). 


Prepare & Attach the Face 


If using a flame cutter for the face, you will get the best results if you allow the 
metal to cool between cutting each individual feature. If you don’t let it cool, the 
metal begins to melt and round over, making it difficult to get a sharp outline of 
the features. 


1. Use flame or plasma cutting to cut out the face shape (E) and features. 


2. Remove any slag from the back side of the face. Cut the whiskers (F) to size 
and attach to the face. 


3. Position the face and weld it to the end of the neck. 


Attach Brush & Set in Place 
1. Bolt the brush onto the body and adjust the tail in an upright position. 


2. Push the legs into the ground or mount the critter in a concrete base. 


Cut and bend the legs and neck to size, then weld the legs, neck, and tail to the body. 


Overall dimensions 
20 x 20 x 40" 


PART NAME DIMENSIONS QUANTITY 
A Basin 9 gauge x 20" plow disk 1 
B Legs Decorative pickets x 35" 3 
C Supply pipe 1/8 x 1" round tube x 35-1/2" 1 
D Flange 3/16" sheet metal x 3" circle 1 
E Base 1/4" plate x 12 x 12" 1 


Disk Fountain 


This fountain uses a plow disk, which can be found at farm implement stores, 
and three decorative fence pickets. Decorative scrolls also could be used. You”]l 
get to see how watertight your welds are, because you’|l need to weld the supply 
pipe and a flange to the disk. You could use a slightly smaller disk for the base— 
we Simply used a square plate. 


MATERIALS 
e 9 gauge x 20" plow disk (1) 
e Decorative fence pickets (3) 
e 1/8 x 1" round tube (3 feet) 
e 3/16" sheet metal (3" circle) 
e 1/4" plate (12 x 12") 
e Fountain and pump 


How to Make a Disk Fountain 

Assemble the Flange 

You can purchase round metal blanks in 3" sizes, or you can cut your own. We 
purchased one at a steel surplus store. 

1. Cut the supply pipe (C), flange (D), and base (E) to size. 

2. Cut a 1" diameter hole in the center of the flange and the center of the base. 


3. Place the hole in the flange over the end of the supply pipe and weld all 
around. 


4. Grind down the weld until it is flush. 


Attach the Basin 


1. Grind off the paint from the basin (A) in a 4" diameter circle around the center 
hole. 


2. Turn the basin over and place the flange and pipe assembly on top of it, 
centering it over the hole in the basin. 


3. Tack weld the flange to the disk in at least three places. Make sure the supply 
pipe is perpendicular to the basin, then complete the weld all around the flange. 


Attach the Legs 


1. Tack weld the legs to the basin assembly (see photo), keeping an equal 
distance between each leg. 


2. Insert the supply pipe into the hole in the base and tack in place. 


3. Turn the assembly upright, and check for level. Adjust if necessary. Complete 
the welds for the legs and the base. 


Apply Finishing Touches 
1. Grind down all rough welds. Thoroughly wire brush or sandblast the fountain. 
2. Prime and paint the fountain with a high quality outdoor metal paint. 


3. Place the fountain on a brick or cement block base in a pool or over an 
appropriately sized reservoir. 


4. Install the fountain hardware and tubing following manufacturer’s directions. 


Tack weld the pickets to the basin and to the supply tube. 


ME Æ 4 n 


Overall dimensions 
44 x 16% x 84" 


Example 10.5.2 5 cm 3 cm 


Find the area of the shaded triangle. 4 cm y ee | 

Area of rectangle (8 x 6) cm? = 48 cm? 
pia A 

Area of triangle A = (5 x 4 x 5) cm? = 10 cm? 8 cm 

Area of triangle B = (5 x 6 x 3) cm? = 9 cm? 


Area of triangle C = (5 x 8 x 2) cm? = 8 cm’? 


Sum of areas of triangles A, B and C= (10 + 9 + 8) cm? = 27 cm? 
Area of shaded triangle = (48 - 27) cm? = 21 cm? 


1 Find the areas of the following shapes. The units are centimetres. 


A A A A 
Lx RL ALN 
6 3 8 9 
(a) (b) (c) (d) 
6 4 a 
IX MN A. QO 
5 8 7 
(e) (f) (g) (h) 


2 Make appropriate measurements to find the areas of these 


shapes. 
(a) (b) 


(Contd) 
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Side Panel Detail 


Arbor 


This distinctive arbor will add a touch of class to any garden. Modeled after 
the “Prairie Style,” its clean lines are straightforward to cut and weld, and they 
provide plenty of climbing support for a variety of vines. The 1/2" inserts are 
placed flush with the back of the 1" sides and ends, eliminating the need for 
difficult centering and giving an increased sense of depth. The arbor can be 
made from the 6-foot steel lengths available at home improvement centers, but 
because of the amount of steel used, a trip to a steel supplier might be 
worthwhile, especially if you have a way to transport 20-foot lengths. The 1/2" 
Square tube bows quite easily, so if you do buy 20 foot lengths, make sure they 
are well supported in transit. Otherwise, they will bow and not be suitable for the 
vertical inserts. 


PART NAME DIMENSIONS QUANTITY 
A Panel sides 16 gauge 1 x 1" square tube x 72" 4 
p Panel ends 16 gauge 1 x 1 square tube x 15- 4 
1/2 
Panel vertical 16 gauge 1/2 x 1/2" square tube x 
C : 6 
inserts 63-1/2 

D Horizontal inserts AS a ne 100 

E Diagonal inserts ieee te wre acacia 24 

F Roof ends 16 gauge 1 x 1 sparg tube x 15- 4 
1/2 

G Roof sides 16 gauge 1 x 1 al tube x 25- 4 
1/2 

H Roof vertical 16 gauge 1/2 x 1/2" square tube x 6 


inserts 23-1/2" 


* Approximate dimension, cut to fit 


MATERIALS 


e 16 gauge 1 x 1" square tube (44 feet) 
e 16 gauge 1/2 x 1/2" square tube (100 feet) 
e Wood scraps 


Check the panel for square by measuring the diagonals. If the measurements are equal, the assembly is 
Square. 


How to Build an Arbor 
Assemble the Panels 


Set up the project on a sheet of 3/4" plywood placed on sawhorses. Make sure 
the plywood is not bowed or it will cause misalignment of the project pieces. 
Working on a raised surface is easier than working on the floor, and you can 
clamp the metal to the plywood. Remember to clamp your work cable to the 
workpiece. If you want the arbor wider or narrower than 44", you must adjust the 
miter angles for the roof and side panels. 


1. Cut the panel sides (A) to size, mitering one end at 30°. The mitered end is the 
top. Cut the panel ends (B), vertical inserts (C), and horizontal inserts (D) to 
SIZE. 


2. Place a panel end between the top of two panel sides, keeping the outside edge 
of the panel end flush with the short ends of the mitered panel sides. Clamp the 
pieces in place. 


3. Position three vertical inserts between the two panel sides. (This is just to hold 
the bottom panel end in place. The exact location of the inserts is not important 
at this time.) 


4. Place the bottom panel end between the panel sides, keeping it snug against 
the vertical inserts. Clamp the bottom panel end in place. 


5. Remove the vertical inserts. Use a carpenter’s square to check the panel sides 
and ends for square. Tack weld each corner. Check for square again by 
measuring the two diagonals (see photo, page 135). If the measurements are 
equal, the panel is square. If not, adjust the workpieces until the diagonals are 
the same. 


6. Turn the panel over and complete the welds at the four corners. Grind the tack 
welds flat so the panel lays flat on the work surface. 


Attach the Vertical & Horizontal Inserts 


1. Replace the vertical inserts between the panel sides. Place several horizontal 
inserts between the vertical inserts and the panel sides to ensure the correct 
Spacing of the vertical inserts. 


2. Weld the vertical inserts to the panel top and bottom. 


3. Place the horizontal inserts into the vertical framework every 3-1/2". (Use 
horizontal inserts as spacers.) 


4. Starting at the top of the panel, use a combination square to align the first row 
of horizontal inserts. Once they are aligned, weld them in place. 


5. Continue aligning and welding the inserts one row at a time. If the vertical 
inserts are bowed side to side, use a clamp to hold them against the inserts. If 
they bow upward, weight them down with a sandbag or other weight. 


Insert the Diagonal Inserts 
1. Cut four diagonal inserts (E) to size, mitering one end at 45°. 


2. Place two diagonal inserts against the bottom edge of the top panel. The 
mitered ends of the inserts should butt together over the middle vertical insert. 
Mark the other end of the diagonal inserts where they cross the top panel so they 
will fit in the corner. 


3. Make the angled cuts on the diagonal inserts. 


4. Grind down the welds that will be underneath the diagonal inserts so they will 
lie flat. Weld the diagonal inserts in place (see photo). 
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Weld the diagonal inserts to the panel framework and to the center vertical insert. 


Make clamping blocks out of wood scraps. Clamp the roof panels to the blocks. Place two or three tack 
welds along the joint between the panel ends. 


5. Repeat steps 2 to 4 to weld the diagonal inserts to the bottom of the panel. 
6. Cut four more diagonal inserts, mitering both ends at 45°. 


7. Center these four inserts over the eighth row of horizontal inserts to form a 
diamond shape. Weld the inserts in place. 


8. Repeat this entire process to construct a second panel. 


Build the Roof Panels 


1. Construct two roof panels following the same procedure used for the side 
panels, except there is no central diamond insert. 


2. Stand the roof panels on edge and join the mitered ends to form the 120° angle 
for the roof peak. 


3. Clamp the roof panels in place. (You may need to attach temporary wooden 
clamping points to the work surface by fastening 1 x 2 or 2 x 4 scraps to match 
the layout. Clamp the panels to the scraps.) Place two or three tack welds along 
the joint between the panel ends (see photo). 


Fasten the Roof to the Sides 


1. Place a side panel on edge, and set it against one side of the roof panel. Line 
them up so the mitered edge of the side panel is making contact with the bottom 
edge of the roof panel. Clamp the panels in place. 


2. Tack weld the panels at two points along the joint (see photo). 
3. Repeat steps 1 and 2 for the other side panel. 


4. Measure the distance between the tops and the bottoms of the side panels to 
ensure the panels are an equal distance apart at both ends. 


5. Check the panels for square by measuring the diagonals. Make any necessary 
adjustments, and make sure the roof assembly is still fitted against the side 
panels. 


6. Weld all the mitered roof peak joints and the mitered joints between the side 
panels and the roof panels. 


3 Find the shaded areas. The units are centimetres. 


4 Using the method of Example 10.5.2, find the area of the triangle 
with its vertices at (0, 1), (3, 3) and (4, O). 

5 The diagonals of a rhombus are 10 cm and 8 cm long. Find its area. 
(Hint: the diagonals of a rhombus cross at right angles.) 

6 The diagonals of a kite are 12 cm and 10 cm long. Find its area. 


10.6 Area of a trapezium 


To find the area of the trapezium shown in Figure 10.8, join it to a 
congruent trapezium to form a parallelogram. (See Figure 10.9.) 


8 cm 12cm 8 cm 
| | 
12cm 8 cm 12cm 
Figure 10.8 Figure 10.9 


| senate | sight EIA O IE E E EA E 


Congruent shapes are exactly the same shape and size. 


The length of the base of the parallelogram is 
(12 + 8) cm = 20 cm 


So the area of the parallelogram is 
(20 x 5) cm? = 100 cm? 


The area of the trapezium is half that of the parallelogram, that is 
(4x 20 x 5) cm? = 50 cm? 
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Finishing Touches 


To prevent putting stress on the welds, and to maintain the arbor’s shape, clamp 
wooden crosspieces between the panel sides before moving it. 


1. The easiest finish for the arbor is to allow it to gently rust over the years. You 
may want to place plastic end caps over the exposed tube ends on the roof, or 
you can weld on small caps. 


2. The arbor can sit on the ground or can be mounted in concrete footings. If you 
live in a windy location, you may want to drive four lengths of rebar into the 
ground and slip the arbor legs over them. 


“ln 
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Place tack welds along the joint between the roof and side panels. 


(GLOSSARY 


Active gas 


Alloy 


Arc welding 


Backfire and 
flashback 


Base metal 


Bead or weld 
bead 


Braze 


Braze 
welding 
Butt joint 


Carburizing 
flame 


Consumable 
electrode 


Corner joint 


Cutting tip 


A gas, such as oxygen, that will react with other substances. 


A substance composed of two or more metals or a metal and 
other non-metal material. 


Welding processes that use an electric arc to produce heat to 
melt and fuse the base metals. Often used to refer specifically to 
shielded metal arc welding. 


Combustion taking place inside the oxyacetylene torch creating 
a loud pop or explosion. 


The metal that is being welded, brazed, braze welded, or cut. 


The seam between workpieces that have been joined with 
welding. 


A process used to join metals using a non-ferrous material that 
melts above 850° F but below the melting point of the base 
metal. Brazing uses capillary action to join closely fitted parts. 


A process used to join metals with a filler material that melts 
above 840° F and below the melting point of the base metal 
where the filler metal is not distributed by capillary action. 


A joint between two workpieces in the same plane. 


An oxyfuel flame with an excess of fuel. 


An electrode that also serves as the filler material. 
A joint between workpieces meeting at right angles and 
forming an L shape. 


Converts an oxyfuel welding torch into an oxyfuel cutting 
torch. 


Direct 
current 
electrode 
negative 


Direct 
current 
electrode 
positive 


Duty cycle 


Edge joint 
Electrode 


FCAW 


Filler, filler 
metal 


Fillet weld 


Flame 
cutting 


Flux 


Flux core, 
flux cored 
wire 


Flux cored 
arc welding 
(FCAW) 


Gas metal 
arc welding 
(GMAW) 


Direct current welding where the electrode is negative and the 
workpiece is positive. 


Direct current welding where the electrode is positive and the 
workpiece is negative. 


The amount of continuous time in a 10-minute period that an 
arc welder can run before it needs to cool down. Expressed as a 
percentage at a given amperage output. 


A joint between parallel workpieces. 


The conductive element that makes the connection with the 
workpiece to create an electrical arc. 


Flux cored arc welding. 
Metal added to a welded joint. 


A triangular shaped weld between two members that meet at 
90° angles. 


See oxyfuel cutting. 


A chemical compound that produces cleaning action and 
reduces the formation of oxides when heated. 


An electrode for flux cored arc welding that contains flux 
within a wire tube. 


A semi-automatic arc welding process using an electrode wire 
that contains flux. 


A semi-automatic arc welding process using a wire electrode 
which also is the filler material. An inert gas is distributed over 
the weld area to shield the molten metal from oxygen. 


Gas tungsten 
arc welding 
(GTAW) 


GMAW 
Groove weld 
GTAW 
Heliarc 
Inert gas 
Kerf 

Lap joint 
MIG 


Oxyacetylene 
cutting 


Oxyacetylene 
welding 


Oxyfuel 
cutting 


Oxyfuel 
welding 


Plasma 
cutting 


Plate 
Saddle joint 


Sheet metal 
Shielded 


Commonly referred to as MIG (metal inert gas) or wire feed. 


An arc welding process using a tungsten electrode, hand-held 
filler material, and an inert shielding gas. Also referred to as 
TIG (tungsten inert gas) and Heliarc. 


Gas metal arc welding. 

A weld made in grooves between workpieces. 

Gas tungsten arc welding. 

Gas tungsten arc welding. 

A non-reactive or non-combining gas such as argon or helium. 
The width of a cut. 

A joint between overlapping workpieces. 


Metal inert gas—see gas metal arc welding. 


Oxyfuel cutting using acetylene as the fuel gas. 


Oxyfuel welding using acetylene as the fuel gas. 


Cutting process using the combustion of a pressurized fuel gas 
and oxygen to heat steel to 1600° F at which time a pure 
oxygen stream is delivered to burn through the metal. Also 
called flame cutting. 


Welding process that uses the heat produced by the combustion 
of a pressurized fuel gas and pressurized oxygen. A hand-held 
filler material is used. Also called gas welding. 


An arc cutting process using a constricted arc. Compressed air 
or inert gas blows the molten metal from the kerf 


Flat metal thicker than 3/16". 


A joint between round tubes where one tube has been cut to fit 
around the other. 


Flat metal 3/16" or less in thickness. 


metal arc An arc welding process using a flux coated consumable 


welding electrode. Also referred to as arc welding or stick welding. 
(SMAW) 


A gas that prevents contaminants from entering the molten weld 


Shielding gas pool 


Oxidized impurities formed as a coating over the weld bead; 
waste material found along the bottom edge of an oxyfuel cut. 


SMAW Shielded metal arc welding. 


Slag 


Small droplets or balls of metal stuck to the base metal around 
Spatter the weld. Produced by shielded metal arc, gas metal arc, and 
flux cored arc welding. 


Stick welding Shielded metal arc welding. 


A joint between workpieces meeting at right angles and 


Aui forming a T shape. 


TIG Tungsten inert gas—see gas tungsten arc welding. 


Wire feed See gas metal arc welding. 
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Heebie GBS Metalworks 
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Lizard Breath Ranch, Inc. 

Critters from the "Hood" 

(free standing animals cut from truck roofs and hoods) 
www.lizardbreathranch.com 

505-534-4881 


Sleeper Welding 
www.sleeperwelding.com 
603-524-1597 


INDEX 


Acetylene, 27, 35 
See also: Oxyacetylene cutting, Oxyacetylene welding 
Air compressors, 64, 65, 66 
Alloys, 15, 22, 57, 62 
Aluminum, 15 
preparing, 18 
repairing, 22, 23 
Amperage, 38-39, 42, 43, 65 
Angle iron, 16 
Arbor, 134-137 
Arc welding, 
electricity, 38-39 
preparing for, 23 
See also: Flux cored arc welding, 
Gas metal arc welding, Gas tungsten 
arc welding, Shielded metal arc 
welding 
Arcs, 38, 64, 66 
burn, 10 
striking, 60 
Artwork, 4, 5, 6, 7, 36 
Auto-darkening lenses, 11, 54 
See also: Helmets 


Backfire, 31 

Backseating valve, see: Cylinders 

Baker”s shelves, 106-109 

Base metals, 
identifying, 22 
matching electrode size, 8, 23 
matching filler material, 8, 23 
matching welding process, 9 
See also: Metals 

Bird’s nests, 53 

Blowpipes, see: Torches Boot brush, 130-131 

Brakes, 19 

Braze welding, 14, 37 

Brazing, 11, 14, 35, 36 

Burns, 10, 68 

Burn through, 8, 34 

Butt joint, 20 


Candelabra, 5 
Candleholders, 
chandelier, 96-97 
fireplace, 102-103 
tree-shaped, 100-101 
wall-mounted, 98-99 
Carburizing flames, 33 
Carts, see: Cylinders, Welding machines 
Cast aluminum, see: Aluminum 
Cast iron, repairing, 23 
Chandelier, 96-97 
Channel, 16 
Chemical sharpeners, 57, 58 
Circle cutting, 67, 71 
Clothing, protective, 10, 11, 27, 41, 45, 54, 55, 65, 68, 69 
Coatrack, 112-113 
Coffee table, 110-111 
Collet and collet body, see: Torches 
Concrete, risk of explosion, 11 
Corner joint, 20 
Corrosion, 9, 15 
Costs, 5, 17, 26, 65, 67, 68, 69 
Cutouts, making, 71 
Cutting processes, 14, 38-39 
See also: Oxyacetylene cutting, 
Plasma cutting 
Cylinders, 
cart, 85-87 
gas metal arc welding, 44, 47, 49 
gas tungsten arc welding, 54, 55, 61 
oxyacetylene cutting, 68 
oxyacetylene welding, 26, 30 
risk of explosion, 11, 28, 65 
safety, 27, 47, 68, 71 
valves, 27, 29, 31, 32, 49 
wrenches, 30, 31 


Decorative metal products, 17, 94-95, 102-103, 110-111, 114-115, 118-119, 120-121, 124-127 
Duty cycles, 39, 65 


Edge joint, 20 

Electrical shocks, 11, 12, 40, 65 

Electricity, 38-39, 41, 55, 59, 64 

Electrodes, 8, 23, 40, 42, 44, 46, 50, 52, 54, 55, 58, 65 


- Area of a trapezium 
= 1 x sum of parallel sides x vertical distance between them 


Example 10.6.1 


Find the area of the trapezium in the figure. 


6 cm 
| 
4 cm 
| 
10 cm 


Area = 5 x (10 + 6) x 4 cm? 
= V2 om 


You can sometimes find the area of a shape by dividing it into 
trapeziums. 


Example 10.6.2 

Find the area of the pentagon in the figure. 

Divide the pentagon into trapeziums A and B. Then: 
Area of A =+ x (3 + 9) x 4 cm? = 24 cm? 


Area of B=5 x (9 + 5) x 8 cm* =56 cm? 


4 cm 8 cm 


Area of pentagon = (24 + 56) cm? = 80 cm? 


10. Perimeter and area 


145 


characteristics, 57 
holders, 40, 41, 43 
leads, 41, 43 
stub out or stubbing, 53 
tungsten, 56, 57 
Equipment, see: Air compressors, 


Cylinders, Electrodes, Fillers, Fire bricks, Fittings, Flashback arrestors, Flow meters, Foot control, Gases, 
Gauges, Guns, Hoses, Power supply, Regulators, Supply cables, Tips, Tools, Torches, Welding machines, 
Wire feed, Work cables/leads and clamps 


Explosions, risk of, 11, 28, 65 


FCAW, see: Flux cored arc welding 
Ferrous metals, 14 
Fillers, 8, 15, 23, 34, 42 
braze welding, 37 
brazing, 36 
gas metal arc welding, 44 
gas tungsten arc welding, 54, 58, 60—61, 62 
oxyacetylene welding, 26 
Fillet weld, 20, 21, 37, 63 
Filters, 10, 11, 27, 41, 45, 55, 65, 69 
See also: Shades, Shields Finishes, 18 
Fire bricks, 11, 27, 34, 35, 37 
Fire extinguishers, 10, 71 
Fires, risk of, 10, 12, 68 
Fishmouth joint, 20 
Fittings, oxyacetylene, 28 
Flame cutting, see: Oxyacetylene cutting 
Flames, 32, 33, 70 
Flange joint, 20 
Flashback, 28, 31 
arrestors, 29 
Flat bar, 16 
Flow meters, 47, 49, 50, 51, 55, 56, 61 
Flux, 9, 36, 37, 42, 45 
Flux cored arc welding, 9, 47, 51 
Foot control, 54, 55, 60 
Fountain, 132-133 
Fuel gases, see: Gases 
Fumes, 10, 12, 41, 64 
Furniture projects, 104-121 
Fusion welding, 26, 34 
Gas leaks, 30, 31 
Gas metal arc welding, 8, 9, 53 


electricity, 38-39 
equipment, 44, 45-47, 52 
maintenance, 52-53 
safety, 47 
shades/lenses, 11, 45 
troubleshooting, 52-53 
See also: Flux cored arc welding 
Gas tungsten arc welding, 9, 54-63 
electricity, 38-39, 59, 60 
equipment, 54, 59-56, 59 
preparing the electrode, 56-58 
safety, 54, 55 
shades/lenses, 11, 54 
troubleshooting, 62-63 
Gas welding, see: Oxyacetylene welding 
Gases, 
fuel, 26, 35, 69 
shielding, 42, 44, 45, 46, 47, 49, 50, 51, 54, 55, 56, 61 
Gates, 7, 129 
Gauges, 30, 31 
Gauge thickness, inch equivalents, 17 
Glasses, safety, 11 
GMAW, see: Gas metal arc welding Grinder stand, 88-89 
Groove weld, 20, 21, 37 
Ground leads and clamps, see: Work cables/leads and clamps 
GTAW, see: Gas tungsten arc welding 
Guns, 44, 45, 48, 50, 51, 52 
spool, 46 
Hard soldering, 36 
Headboard, 120-121 
Heat distortion, 8 
Heat-treated metals, 15, 22 
Heliarc, see: Gas tungsten arc welding, 54 
Helmets, 11, 27, 41, 45, 55, 65 
auto-darkening lenses, 11, 54 
See also: Filters, Shades, Shields Hexagonal bar, 16 
High-carbon steel, 15 
Holes, piercing, 71 
Hooks, making, 113 
Hoses, 
gas metal arc welding, 47, 49, 50, 52 
gas tungsten arc welding, 61 
oxyacetylene cutting, 68, 70 


oxyacetylene welding, 26, 28, 29, 30, 34, 35 


Infrared light, safety, 10, 41 
Innershield, see: Flux cored arc welding 
Insurance, 12 


Jigs, 19, 108, 109, 115, 117 
Joints, 20 


Kerf, 64, 71 
Kitchen appliance stand, 114-115 


Lamps, 92-93, 94-95 
Lap joint, 20 
Lighting projects, 90-103 


Melting points, 15 
Metal inert gas (MIG), see: Gas metal arc welding 
Metals, 14-23 

braze welding, 37 

brazing, 36 

cutability, 14, 19 

finishing, 18 

heat-treated, 15 

measuring, 16-17 

melting points, 15 

painting, 18 

preheating, 23, 69, 71 

preparing, 18, 22, 34 

purchasing, 17, 79, 88, 92, 125, 132-133, 140 

repairing, 22—23 

shapes, 16 

shaping, 19, 93, 97, 108, 109, 117 

sizes, 16 

types, 14-15 

weldability, 14 

See also: Decorative metal products, 

Fillers 
Metalworking tools, 19, 107, 108, 109, 117 
MIG, see: Gas metal arc welding MIG pliers, 45, 52 
Mild steel, 14, 16 

preparing, 18 

repairing, 22 
Mill scale, 18, 34 
Molten puddle, 8, 9, 58, 60 


Neutral flames, 33, 35, 70 
Non-ferrous metals, 14 
Nozzles, see: Tips 


Outdoor projects, 122-137 
Oxidizing flames, 33 
Oxyacetylene cutting, 9, 68—71 
equipment, 68—69 
pressuring the system, 30, 31, 70 
safety, 7, 68, 69, 71 
setting up, 30, 70 
shades/lenses, 11, 69 
tools, 69, 71 
Oxyacetylene welding, 8, 26-37 
depressurizing the system, 35 
equipment, 26-29 
leaks, 30, 31 
pressuring the system, 30, 31, 34 
safety, 27, 28, 29, 31, 32 
setting up, 30 
shades/lenses, 11, 27 
tools, 27 
Oxyfuel brazing, see: Brazing 
Oxyfuel cutting, see: Oxyacetylene cutting 
Oxyfuel welding, 26 
See also: Oxyacetylene welding 
Oxyfuels, 26, 35 
Oxygen, 9 


Particle masks, 10, 11 
Penetration of the weld, 8, 22 
Pipe, 16 
Plant stand, 7, 114 
Plasma cutting, 9, 64-67 
electricity, 38-39 
safety, 11, 64-65 
shades/lenses, 11, 65 
troubleshooting, 67 
Plate metal, 16 
Plate rack, 116-117 
Power supply, 39, 40, 44, 45, 51, 54, 64 
Preheating metals, 23, 69, 71 
Pressure regulators, see: Regulators 
Puddle, see: Molten puddle 


Purchasing metal, 17, 79, 88, 92, 125, 132-133, 140 
Racks, 
corner, 112-113 
Plate, 116-117 
wine, 118-119 
Rail cap, 16, 125 
Railing, see: Stair railing 
Rectangular tube, 16 
Reducing flames, 33 
Regulators, 
gas metal arc welding, 44, 47, 50 
gas tungsten arc welding, 54, 55 
oxyacetylene cutting, 68, 69 
oxyacetylene welding, 26, 28, 30, 31, 32, 35 
Repairing metal, 22-23 
Resources, 140 
Respirators, 10, 11 
Round bar, 16 
Round tube, 16 
Rust, 9, 15, 34 


Saddle joint, 20 
Safety, 7, 9, 10-11, 12, 22, 27, 28, 29, 31, 32, 40, 41, 47, 54, 55, 64-65, 68, 69, 71, 125, 128 
Scratch starts, 60 
See also: Arcs 
Scrolls, making, 92-93, 96-97, 102, 107-109, 116-117 
Shades, 11 
See also: Filters, Shields 
Sheet metal, 16, 17 
Shelves, 
baker’s shelves, 107—109 
corner coatrack, 112-113 
kitchen appliance stand, 114-115 
Shielded metal arc welding, 8, 9, 43 
electricity, 38-39 
equipment, 40, 41-42 
safety, 40-41 
shades/lenses, 11, 41 
Shielding gases, 9, 12, 42, 44, 45, 46, 47, 49, 50, 51, 54, 55, 56, 61 
Shields, for helmets, 11, 27 
See also: Filters, Shades 
Shocks, see: Electrical shocks 
Shops, welding, 
projects, 74-89 


safety, 12, 40 
See also: Costs 
Slag, 9, 40, 42, 43, 47, 51, 70, 71, 79 
burns, 10, 68 
risk of fire, 12, 68 
SMAW, see: Shielded metal arc welding 
Smoke, 10, 58, 64 
Soldering, see: Brazing 
Spark lighter, 27, 32, 69, 70 
Sparks, 64, 68, 71, 79 
burns 10 
risk of fire, 12 
Spatter, 41, 47, 50, 52 
Square bar, 16 
Square tube, 16 
Stainless steel, repairing, 23 
Stair railing, 125-127 
Stands, 
grinder stand, 88-89 
kitchen appliance, 114-115 
See also: Tables 
Starter cartridge, see: Plasma cutting 
Stick welding, see: Shielded metal arc 
welding 
Strap, see: Flat bar 
Stub out or stubbing, 53 
Suppliers, 17, 140 
Supply cables, 44, 45, 50, 51, 52, 55, 64 
Tables, see: Coffee table, Welding table 
See also: Stands 
Tanks, see: Cylinders 
Tbar, 16 
Temperature crayons, 23 
TIG, see: Gas tungsten arc welding 
Tip cleaner, 27, 69, 71 
Tips, 
cutting head, 28, 29, 65, 70 
gas metal arc welding, 46, 50-51, 52 
matching to material or process, 29, 31, 34 
oxyacetylene cutting, 68, 69, 70, 71 
oxyacetylene welding, 26, 28, 29 
rosebud heating, 28, 29 
‘T-joint, 20 


Tools, 13, 97, 99, 101, 119 
gas metal arc welding, 45 
gas tungsten arc welding, 55, 57 
metalworking, 19, 107, 108, 109, 117 
oxyacetylene cutting, 69, 71 
oxyacetylene welding, 27 
plasma cutting, 65 
shielded metal arc welding, 41 
Torches, 
flames, 32, 33, 70 
gas tungsten arc welding, 54, 55 
lighting, 32 
oxyacetylene cutting, 68, 69, 70 
oxyacetylene welding, 26, 29, 31, 32 
plasma cutting, 64, 65 
valves, 32 
See also: Guns, Tips 
Tungsten inert gas (TIG), see: Gas tungsten arc welding 


Ultraviolet light, safety, 10, 41, 54, 65 


Valves, see: Cylinders, Torches 
Ventilation, 10, 12, 27, 41, 43, 45, 55, 64, 65, 66, 69, 70 
Voltage, 8, 39, 50-51, 65 


Wattage, 38—39 
Welding curtain, rolling, 76-77 
Welding machines, 40, 41, 43, 44, 45, 46, 47, 49, 52, 53, 55, 59 
cart, 82-83 
Welding processes, 14 
See also: Flux cored arc welding, 
Gas metal arc welding, Gas tungsten 
arc welding, Oxyacetylene welding, 
Shielded metal arc welding 
Welding table, 79-81 
Welding tarp, see: Welding curtain 
Welds, 
fillet weld, 20, 21 
groove weld, 20, 21 
symbols, 21 
troubleshooting, 62-63 
Wine rack, 118-119 
Wire brushing, 18, 23, 34, 41 
Wire feed, 44, 45, 46, 51, 53 


bird’s nests, 53 
Setting up, 48 
Wire speed, 8, 45, 48, 50-51 
Wire spools, 46 
Wires, 
tangles, see: Bird’s nests 
See also: Electrodes 
Work cables/leads and clamps, 39, 40, 41, 43, 44, 46, 50, 51, 52, 54, 55, 61, 64, 66 


Zigzag trim, 106-109 
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1 Find the area of each of the trapeziums shown. The lengths are in 


centimetres. 
9 8 
/ NZ S“ 
5 7 
| | 
13 11 
(a) (b) 
9 5 
O ch 
7 3 
(c) (d) 


By taking measurements, find the area of this trapezium. 


N 


3 Find the areas of trapeziums with vertices at 
(a) (1, 1), (2, 3), (5, 3), (8, 1) (b) (2, 2), (2, 4), (5, 5), (5, 0) 
(c) (2, 3), (2, 6), (6, 6), (6, 1) 


4 Find the area of these polygons. The units are centimetres. 


3 6 
sE 3 5 3 a 
(a) (b) 


5 Two of the vertices of an isosceles trapezium are at (1, 1) and 
(3, 2). The line with equation y= 3 is a line of symmetry. Find the 
area of the trapezium. 


6 Three of the vertices of a hexagon are at (1, 1), (3, 2) and (1, 3). 
The line with equation x= 4 is a line of symmetry. Find the area 
of the hexagon. 
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THINGS TO REMEMBER 


The perimeter of a shape is the length of its boundary. 
Perimeter of a rectangle = 2 x length + 2 x width 
Area is a measurement of amount of surface. 

Area of a rectangle = length x width 

Area of a square = length of side x length of side 

Area of parallelogram = base x height 

Area of triangle = 1 x base x height 


Area of a trapezium = t x sum of parallel sides x vertical 
distance between them. 
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Introduction 


Welding is a practical skill that is also great fun. The number of welded items in our 
everyday lives is practically uncountable—the spot welds on our cars and tractors, the 
welded railing on our front steps, the superstructure of the buildings in which we work, 
and the bridges over which we drive. Welding also makes everyday yard and interior 
items possible, like patio trellises, wine racks, tables, and shelves. 


This book thoroughly discusses welding basics and techniques such as safety, setting up 
shop, tools, metals, and welding types. Once you have covered the basics, you can move 
on to the specific projects in this bobok—complete with how-to instructions, tools and 
materials lists, and illustrated plans—to develop your welding skills. At the same time, 
you’ ll benefit from a wide range of new furnishings in and around your home. 


The home décor section includes instructions for practical and useful items commonly 
used in homes, such as mirrors, coat hooks, tables, and shelves, as well as decorative 
items like the iron cross and fireplace candelabrum. 


The outdoor chapter includes heavy-duty projects suitable for hardworking DIYers, 
including a yard trailer and truck rack. There are also common exterior home 
improvement projects such as the stair railing, arbor, gate, and firepit. 


Notice To Readers 


Welding is a dangerous activity. Failure to follow safety procedures may result in 
serious injury or death. This book provides useful instruction, but we cannot anticipate 
all of your working conditions or the characteristics of your materials and tools. For 


safety, you should use caution, care, and good judgment when following the 
procedures described in this book. Consider your own skill level and the instructions 
and safety precautions associated with the various tools and materials shown. The 
publisher cannot assume responsibility for any damage to property or injury to 
persons as a result of misuse of the information provided. 


Welding is all about heat, about using heat to melt separate pieces of metal so they will 
flow together and fuse to form a single seamless piece. Regardless of the welding or 
cutting process, your ability to control the heat generated by the flame or arc determines 
the quality of your welds and cuts. 


Certain terms are used to describe the heat and action of all the welding processes. The 
parts being welded together are referred to as the base metal. Additional metal, called 
filler, is often added to the weld. The molten puddle is the area of melted base metal and 
filler metal that you maintain as you create your weld. To have fusion of metals, the base 
metal and filler metals must have the same composition. Methods for joining metal 
without fusion are called soldering, brazing, and braze welding. These methods can be 
used to join similar or dissimilar metals. 


Oxyacetylene welding and cutting use flames to generate the heat to melt the metal. 
Shielded metal arc, gas metal arc, gas tungsten arc welding, and plasma cutting use an 
electric arc for heat generation. With oxyacetylene welding, you have time to watch the 
puddle develop as the metal turns red, then glossy and wet looking, then finally melts. 
With the arc processes, the puddle forms quickly and may be difficult to see because of 
the intensity of the arc. It is important to have ample lighting and clear vision so you can 
watch the puddle and move it steadily. 


Penetration of the weld is also a critical heat-dependent factor. A strong weld penetrates 
all the way through the base metal. Matching filler material size and heat input to the 
thickness of the base metal is important. It is easy to get a good-looking weld that has 
not penetrated the base metal at all and merely sits on the surface. At the opposite end of 
the spectrum from a “cold,” nonpenetrating weld is burn through—where the base metal 
has gotten too hot and is entirely burned away, leaving a hole in the base metal and the 
weld. 


Heat distortion is a byproduct of all welding and cutting processes. It is obvious that 
applying a flame to metal in the oxyacetylene process makes the metal hot—and the 
electrical arcs are actually four to five thousand degrees hotter than the oxyacetylene 
flame. When metal is heated, it expands; when it cools, it contracts. If not taken into 
consideration, this expansion and contraction may cause parts to move out of alignment. 
This is why tack welding and clamping project pieces is critical to successful welding. It 
is also important to match the welding process to the base metal thickness. For example, 
shielded metal arc welding is generally not used on materials less than t/s” thick. The 
process is too hot and too difficult to control on thin material. On the other hand, gas 
metal arc welding works well on very thin sheet metal, if you are able to adjust the 
machine to a low enough voltage. 


Oxyacetylene welding 


Shielded metal arc welding 


Gas metal arc welding 


Gas tungsten arc welding 


Plasma cutting 


Oxyacetylene cutting 


Protecting the molten puddle from oxygen is also an important part of welding. Oxygen 
makes steel rust and causes corrosion in other metals. The exclusion of oxygen from the 
weld when it is in the molten state makes a stronger weld. This is accomplished in a 
variety of ways. A properly adjusted oxyacetylene flame burns off the ambient oxygen in 
a small zone around the weld puddle. Gas metal arc and gas tungsten arc welding bathe 
the weld in an inert gas from a pressurized cylinder. Inert gas keeps oxygen away from 
the molten puddle. Flux cored arc welding and shielded metal arc welding use fluxes in 
or on the welding filler metal. When these fluxes burn, they produce shielding gases and 
slag, both of which protect the weld area until it has cooled. 


Welding well is difficult and takes years to master, but it is possible to make many useful 
and decorative items with basic knowledge and a little practice. If you wish to move 
beyond the projects outlined in this book, it is a good idea to talk with a welder and have 
him or her evaluate some of your welds. Remember the safety of others is involved when 
you choose to make a utility trailer or spiral staircase. Take the time and make the effort 
to ensure that any project you make is safe. 


This book is intended as a reference for people who have had some exposure to welding 
and need reminders about what steps to follow and precautions to take. It is not intended 
to teach welding to someone who has never handled welding equipment. If you wish to 
further your welding skills, many community colleges, technical schools, and art centers 
offer welding classes. Such classes are an ideal way to learn the basics of welding, 
proper techniques for each process, and welding safety. 


Algebraic expressions 


In this chapter you will learn: 

e howto write and simplify algebraic expressions 
e howto evaluate algebraic expressions 

e howto use brackets 

¢ about indices 

e howto use the laws of indices. 


11.1 Introduction — what is algebra? 


The Arabic word algebra originally meant the study of equations 
but has come to mean the whole branch of mathematics in which 
letters and symbols are used to generalize mathematical relations. 


Many of the techniques of solving equations were known to the 
ancient Babylonians about 4000 years ago but modern, symbolic 
algebraic notation was not invented until the seventeenth century. 


11.2 Writing expressions 


Suppose that you are driving along the road, and that you are going 
at 50 mph. In one hour you will go 50 miles, and in 3 hours you 
will go 150 miles. To find the distance you travel, you multiply the 
speed by the time. So if you travel for t hours, then you would travel 
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Basics 


The costs involved in setting up a well-equipped home welding shop are comparable to 
setting up a well-equipped woodworking shop. A great advantage of welding is that the 
materials are generally inexpensive, yet you can create items that sell in shops for 
hundreds of dollars and make repairs that would carry a considerable cost. Because 
fewer people are knowledgeable about welding, there is always a rewarding “awe” factor 
to showing off what you have created. 


IN THIS CHAPTER: 
Safety 

Setting Up Shop 
Shop Tools 

Metal Basics 

Metal Shapes & Sizes 
Purchasing Metal 
Repairing Metal 
Cleaning Metal 


Safety 


When safety measures are overlooked or ignored welders can encounter such dangers as 
electric shock, overexposure to fumes and gases, arc radiation, and fire and explosion; 
which may result in serious or even fatal injuries. Preparations for welding—grinding, 
burnishing, and sawing—are also potentially dangerous. Familiarize yourself with the 
American National Standard Safety in Welding and Cutting practices (see Resources, 


page 220). 


Always read, understand, and follow manufacturers? material safety data sheets (MSDS), 
which include specific instructions and recommendations for equipment and product use. 
Also follow general welding safety rules. 


Fumes. Welding produces potentially hazardous fumes and gases. Always keep your 
face out of the weld plume and avoid breathing concentrations of those fumes. Welding 
indoors requires special precautions when considering ventilation and may require a 
ventilation fan, exhaust hood, or fume extractor. If you cannot provide adequate 
ventilation, an OSHA-approved respirator or particle mask may be needed. If you may 
be pregnant or plan to become pregnant, consult your physician. 


Burns. Hot sparks and flying slag can cause burns. Protect your hands, head, and body 
with natural fibers—leather, wool, or cotton. Synthetic fibers such as nylon and polyester 
melt when ignited, which causes serious burns. Wear leather slip-on boots and pants that 
fall over the top of the boots. Cuffed pants, frayed edges, and pants with holes are fire 
hazards. Wear a welding cap and keep hair tucked away. 


Arc burn. Welding arcs produce ultraviolet and infrared light. Both of these can damage 
your eyes permanently, burn your skin, and potentially lead to skin cancer. A welding 
helmet with a filter lens protects your eyes and face, while long-sleeve shirts and long 
pants protect your skin. Remember to use welding screens and have an extra helmet on 
hand for observers. 


Fire. Remove flammable items such as lumber, rags, dropcloths, cigarette lighters, and 
matches from the work area. Do not grind or weld in a sawdust-filled shop—the sparks 
can ignite airborne dust and fumes or ignite flammable materials. Mount an ABC-rated 
fire extinguisher and first aid kit in the work area. Periodically check your welding area 
up to one half hour after welding to make sure no sparks have found a place to smolder. 


Explosion. Non-flammable gases such as carbon dioxide are stored in high-pressure 
cylinders that can be dangerous. If regulators are not installed, keep the cylinder’s 
protective cap on and keep cylinders chained or strapped. Never use cylinders as rollers 
or supports, and never weld protective caps to anything. Shut acetylene and oxygen 


cylinder valves if you're away for more than 10 minutes. Cylinders must be transported 
right side up and chained, even if empty. Similarly, never weld or cut on any closed 
container, tank, or cylinder. Bring tanks to a welding specialist for evaluation and repair. 
Another explosion hazard is concrete. Tack welding is acceptable, but using a concrete 
surface for welds is dangerous due to the amount of water contained in concrete. Use fire 
bricks instead. 


Welding safety includes protecting yourself with protective gear, following manufacturer’s instructions, 
and being aware of the surroundings in which you are welding. 


Electric Shock. Be sure to insulate yourself from the work piece and ground using dry 
insulation. Always wear dry, hole-free gloves. Do not touch electrically “hot” parts or 
electrode with bare skin or wet clothing. Only use electrode holders and cable insulation 
in good condition. 


Other hazards include noise from grinding, sawing, sanding, and plasma cutting; 
laceration from sharp metal edges; electrocution during arc welding; and asphyxiation 
from inert shielding gases. Carefully read all manufacturers” instructions before starting 
any welding process. 


Minimum Lens 


Shade Numbers 
for Welding 


SUGGESTED 

APPLICATION SHADE 
Shielded Metal 
Arc Welding (SMAW) 

e to %2" electrodes 10 

%6 to %" electrodes 12 

As to%' electrodes 14 
Gas Metal 
Arc Welding (GMAW) 

“Ye to %22" non-ferrous ait 

Yo to %2" ferrous 12 


Gas Tungsten 
Arc Welding (GT AW) 10 to 14 


Plasma Cutting 8 
Oxyacetylene Welding 5 
Oxyacetylene Cutting 5 
Brazing 3to5 


Welding helmets are typically available 
with filter lenses in either 2" x 4%" or 4%" 
x 5%" sizes. Helmets with auto-darkening 
lenses are also available. Clear, full-face 
protective shields are available for grind- 
ing or chipping, and with a #5 filter for 
oxyacetylene operations. 


Welding safety equipment includes: (A) safety glasses, (B) particle mask, (C) low-profile respirator, (D) 
leather slip-on boots,(E) fire-retardant jacket, (F) fire-retardant jacket with leather sleeves, (G) welding 
cap, (H) leather cape with apron, (1) leather gloves with gauntlets, (J) heavy-duty welding gloves, (K) 
welding helmet with auto-darkening lens, (L) welding helmet with flip-up lens, (M) full-face +5 filter, 
(N) full-face clear protective shield. 


Setting Up Shop 


Shop space with a concrete floor and cement block walls is ideal for welding. Good ventilation is also 
important. 


If you plan to weld on a regular basis, it makes sense to set up a welding shop. The 
primary concern with welding is containing the hot sparks or slag and the flammable 
elements while exhausting dangerous fumes. It is possible to weld outside, but not all 
processes allow that. Gas metal and gas tungsten arc welding require that the 
surrounding air be still so the shielding gas is not disturbed. All the arc processes must 
be done in dry conditions to prevent electrical shock. Cold metals do not respond as well 
as metals at 70°F and may not be weldable using certain processes. A heated garage or 
outbuilding is best suited for a welding shop. A basement is not suitable due to the 
dangers of fire and compressed gases next to living spaces. Additionally, your 
homeowner’s insurance may not cover a welding shop if it is inside your living area 
instead of in a detached garage or shop building. 


It is important to remember that tiny sparks and pieces of hot slag may scatter up to 30 or 
AO feet from the source. If they come to rest on flammable materials, they may smolder, 
and given the right conditions they can ignite the material. Always check your welding 
area one half hour after you have completed welding to make certain no sparks are 
smoldering. A wooden table covered with metal is not a good work surface, as the 


transferred heat may cause the wood to smolder. Any wooden jigs or clamping devices 
should be doused with water to extinguish smoldering embers or stored outside after use. 


50 x t miles. The letter t stands for a number. Using the expression 
50 x t, you can calculate the distance travelled for any time. 


As letters stand for numbers, you will want to add, subtract, 
multiply and divide them. You can do all these processes with 
letters but, sometimes, the answers are written in shortened forms. 


Insight 
A common mistake is to think of the letters standing for 
words. So you can’t use a and b to stand for apples and 
bananas, but they could represent the cost in pence of an 
apple and a banana. 
If y stands for a number and you were asked to write down a 
number which is 3 more than y, think how you would answer the 
question if it were asked with numbers instead of letters. Just as 
4 + 3 is 3 more than 4, so y + 3 (or 3 + y) is 3 more than y. 
Similarly, the number which is 3 less than y is y — 3. This is not 
the same as 3 — y, which is the number that is y less than 3. 


The number which is 5 times greater than y could be written as 

5 x y (or y x 5), but the multiplication sign is usually omitted and 
this would be written as 5y. Notice that the number is written in 
front of the letter. In the same way, the distance travelled by car 
earlier in the section would be written as 50% miles. The number 
which is 3 of y is written 5 or 3 y. It is not usual, but it is not wrong, 
to have division signs in algebraic expressions. 


Example 11.2.1 


The sum of two numbers is 9. One of the numbers is x. Write down 
an expression for the other number. 


The other number must be x less than 9, which is 9 — x. 
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Shop Tools 


Power tools such as the reciprocating saw, angle grinder, portable band saw, and chop 
saw are useful when cutting and fitting metal parts to be welded. A drill press and metal 
cutting band saw are also useful tools for welding. 


Specific metal-working tools, including metal brakes and metal benders, are available for 
all sizes of metal. These can range from inexpensive sheet metal tools, such as the scroll 
bender shown on page 37, to expensive hydraulic tools. 


Standard tools for a welding shop include: (A) hacksaw, (B) combination square, (C) ball peen hammer, 
(D) framing square, (E) various sizes of C-clamps, (F) center punches, (G) alternative C-clamp, (H) 
measuring tape, (I) magnetic clamp, (J) cold chisel, (K) circular saw, (L) portable band saw, (M) air 

compressor, (N) angle grinder, (O) angle pointer/calculator, (P) level, (Q) metal file, (R) reciprocating 
saw, (S) oxyacetylene and oxygen (including regulators, hoses, torch with tip). 


Standard tools for a welding shop include: (T) plasma cutter, (U) TIG stick welder, (V) multiple-purpose 
cut-off saw, (W) MIG welder. 


Metal Basics 


Stainless steel 


Different metals have different characteristics that affect their ability to be welded or cut 
with any of the processes described in this book. In general, only metals of the same type 
are welded together because welding involves melting the base metal parts and adding 
melted filler metal. In order to accomplish this, the parts and filler must have the same 
melting temperature and characteristics. Dissimilar metals can be joined by brazing and 
braze welding because these processes do not actually melt the base metal. 


Metals are divided into the categories of ferrous and non-ferrous. Ferrous metals contain 
iron and will generally be attracted to a magnet. Cast iron, forged steel, mild steel, and 
stainless steel all contain iron, along with varying amounts of carbon and other alloying 
elements. 


Mild steel, which has a low carbon content, is the most commonly used type of steel and 
the easiest with which to work. Mild steel can be welded with all the processes covered 
in this book and can be cut with either oxyfuel or plasma cutting. It makes up most of the 
metal items you commonly use, make, or repair, such as automobile bodies, bicycles, 
railings, patio furniture, file cabinets, and shelving. Adding more carbon to steel makes it 
harder, more brittle, and more difficult to cut and weld. High- carbon steel is called tool 
steel and is used to make drill bits and other metal cutting tools. 


METAL WELDING PROCESS CUTTING PROCESS 
Mild steel All welding processes Oxyfuel, plasma 

Aluminum Gas tungsten arc, gas metal arc Plasma 2 
Stainless steel Gas tungsten arc, gas metal arc, shielded metal arc Plasma l 
Chrome moly steel Gas tungsten arc, oxyfuel Plasma EEN 
Titanium Gas tungsten arc Plasma EN 
Cast iron Shielded metal arc, brazing Plasma | 


Brass Braze welding Plasma TOM 


Metal Melting Points 


METAL MELTING 
POINT (F) 


Aluminum Zines 

Brass 1652 - 1724° 
Bronze 1566 - 1832° 
Chromium 3034° 
Copper 1981° 

Gold 1946° 

Iron 2786” 

Lead 02 

Mild steel 2462 - 2786” 
Titanium e Dd 
Tungsten 5432" 

Zinc 786° 


Other elements are added to steel to make a variety of alloys, such as chrome moly steel 
and stainless steel. These additions may make the steel non-magnetic. Because stainless 
steel does not oxidize (rust) easily, it is difficult to cut with oxyfuel. When welding steel 
alloys, the filler material must be matched to the alloy to get a high-quality weld. 


In addition to alloying, many metals are heat treated to improve characteristics such as 
hardness. Because welding and cutting would reheat these metals and destroy those 
characteristics, heat treating is an important factor to consider. Many vehicle chassis 
parts, including motorcycles and bicycles, are made of heat-treated metals. 


Aluminum is a widely used non-ferrous metal because of its light weight and corrosion 
resistance. Like steel, it is available in many alloys and is often heat treated. Aluminum 
is used for engine parts, boats, bicycles, furniture, and kitchenware. Various 
characteristics make aluminum difficult to weld successfully—it does not change color 
when it melts, it conducts heat rapidly, and it immediately develops an oxidized layer. 


Metal Shapes & Sizes 


Mild steel (and most other metals) come in a variety of shapes, sizes, and thicknesses. 
Metal thickness may be given as a fraction of an inch, a decimal, or a gauge (see chart, 


page 18). 


Rectangular tube (A) and square tube (B) are used for structural framing, trailers, and 
furniture. Dimensions for rectangular and square tubing are given as width x height x 
wall thickness x length. 


Rail cap(C) is used for making handrails. Rail cap dimensions are the overall width and 
the widths of the channels on the underside. 


Channel (D) is often used for making handrails. Very large channels are used for truck 
bodies. The legs, or flanges, make it stronger than flat bars. Dimensions for channel are 
given as flange thickness x flange height x channel (outside) height x length. 


Round tube (E) is not the same as pipe. Round tube is used for structures, and pipe is 
used for carrying liquids or gases. Dimensions for a round tube are given as outside 
diameter (O.D.) x wall thickness x length. Pipe dimensions are nominal, that is, in name 
only. They are given as nominal inside diameter (1.D.) x length. 
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Example 11.2.2 


A man drives at s miles per hour for t hours. Write down an 
expression for the distance he travels. 


To find the distance he travels, multiply his speed by the time that 
he drives. The distance he travels is s x t miles, or st miles. 
Notice that s x t is acceptable as an answer but you would 
normally omit the multiplication sign and write the answer as 
st miles. 


In general, you write numbers first and then letters, so 3a and 


not a3 for 3 x a. You normally write letters in alphabetical order, 
so ab not ba. 


In each case, write your answer in the form without multiplication 
or division signs. 


1 xis a number. Write down an expression for a number which is 


(a) 2 more than x (b) 1 less than x 
(c) 4 times x (d) 3 of x 
2 pand q are two numbers. Write down an expression for 
(a) the sum of p and q, (b) the product of p and q. 


3 The product of two numbers is 8. One of the numbers is x. 
Write down an expression for the other number. 

4 aandb are two numbers and a is greater than b. Write down an 
expression for the difference between the numbers. 

5 There are 30 students in a class and b of them are boys. Write 
down an expression for the number of girls in the class. 

6 Write these expressions in their simplest forms. 
(a)6xx  (bjy=5 (c) xx y (d) 3xxx y 
(e)x+y  (f)5xx=y  (g)xxy=5 (hxxyxz 


T-bar (F) dimensions are given as width x height x thickness of flanges x length. 


Angle or angle iron (G) has many structural and decorative uses. Dimensions for angle 
iron are flange thickness x flange width x flange height x length. 


Square bar (H), round bar (1), and hexagonal or hex bar (J) dimensions are given as 
width or outside diameter x length. 


Flat bar or strap (not pictured) is available in many sizes. Dimensions are given as 
thickness x width x length. 


Sheet metal (not pictured) is °/,," or less in thickness and is often referred to by gauge. 
Plate metal (not pictured) is more than °/,," thick and is referred to by fractions or 
inches. 


Diamond plate is used as a heavy-duty siding for toolboxes and carts because of its durability and 
strength. It is also used for decorative applications. It is sold as length x width x thickness. 


Perforated sheet metal is used for industrial shelving, fences, stair treads, grates for floor drains, and a 
host of decorative sidings and top treatments. There are numerous shapes and styles available. They are 
sometimes referred to as perforated metal screens. Perforated sheets are sold as length x width x 
thickness. Lighter-weight sheets are sold by the yard in a roll. 


Manganese 
Steel 


Stainless Steel 


Low Carbon 
Steel (mild steel 
<.30% carbon) 


Medium 
Carbon Steel 
(.30 to .45% 
carbon) 


High Carbon 
Steel (>.45% 
carbon) 


Wrought Iron 


Cast Iron 


High Sulfur 
Steel 


Dull cast finish 
Bright, smooth 
surface lines 


Gray, fine 


Gray finish 


Dark gray, 
smooth finish 


Gray, fine sur- 
face lines 


Rough, very 
dull gray 


Dark Gray 


Metal Identification Chart 


Rough grained 


Bright appear- 
ance 


Gray, bright 
crystalline 


Light gray 


Light gray- 
white, finer 
grained than 
low carbon 
steel 

Fibrous struc- 
ture, split in 
same direction 
of fibers 


Brittle gray 


Gray, very fine 
grain 


Non-magnetic 


Depends on 
exact composi- 
tion 

Highly mag- 
netic 


Highly mag- 
netic 


Highly mag- 
netic 


Highly mag- 
netic 


Highly mag- 


netic 


Highly mag- 
netic 


Turns bright 
red, melts 
quickly 

Turns bright 
red, melts 
quickly 

Gives off 
sparks when 
melted, pool 
solidifies rap- 
idly 

Melts quickly, 
gives off some 
sparks 


Melts quickly, 
molten metal 
is brighter than 
low carbon 
steel 

Melts quickly, 
slight tendency 
to spark 


Turns dull red, 
first puddle is 
very fluid, no 
sparks 

Melts quickly, 
turns bright red 
before melting 


Hard to chip 


Smooth chip, 
smooth bright 
color 

Chips easily, 
smooth and 
long chip 


Chips easily, 
smooth and 
long chip 


Difficult to chip, 
brittle 


Chips eas- 
ily, continuous 
chip 


Very small and 
brittle chips 


Chips easily, 
smooth and 
long chips 


Bright white 
bursts, heavy 
pattern 


Very few short 
full red sparks 
with few forks 
Long white 
sparks, some 
forks near end 
of stream 


Long white 
sparks with 
secondary 
bursts along 
stream 


Large volume 
of brilliant white 
sparks 


Straw-colored 
sparks near 
wheel, few 
white forks 
near stream 
end 

Dull red sparks 
formed close to 
wheel 


Bright carrier 
lines with cigar- 
shaped swells 


Moderately large 


Moderately large 


Moderately large 


Purchasing Metal 


Finding a metal supplier can be a challenging task. The materials that are readily 
avallable at home centers and hardware stores may not be the sizes and shapes needed 
for a project and tend to be expensive. Because steel is so heavy, Internet or catalog 
shopping entails significant shipping costs. With some searching, however, most 
materials can be found. 


Metal is generally priced by weight, unless you are purchasing it at a retail store. The 
price for small pieces of mild steel at a home center or hardware store work out to be as 
much as $3 to $5 per pound. The price per pound for small orders at a steel dealership 
may be in the range of $1. Large orders or repeat orders may be priced as low as 50 cents 
per pound. Many metal suppliers have an odds and ends bin or rack where pieces may be 
as low as 10 cents per pound. Specialty metals such as stainless steel and aluminum start 
at $2 to $3 per pound. 


Smaller sizes and shapes of mild steel and aluminum are available at home improvement 
and hardware stores in three-, four-, and six-foot lengths. Welding supply stores often 
have a selection of ten- and twelve-foot lengths of the commonly used sizes. Steel 
dealers have most common sizes in stock and will order other sizes for you. Most mild 
steel shapes and sizes come in twenty-foot lengths, and many steel dealers will make one 
free courtesy cut per piece. You might want to have the metal delivered, depending on 
the amount of material you are purchasing. 


Some steel dealers are distributors for decorative metal products, but many specialty 
items such as wrought iron railing materials, decorative accessories, and weldable 
hardware are only available by catalog. A number of catalog supply houses sell to the 
public and have varied selections and reasonable prices. (See Resources, page 220.) 


Inch Equivalent for 
Gauge Thickness 


Metal less than 14" thick is 

often referred to by gauge. For 
reference, the decimal equivalent 
of Ys” is 0.125. 


Wall plates, hooks, rings, balls, bushings, candle cups, drip plates, and stamped or cast items are 
available in a wide variety of shapes, sizes, and sheets. 


Repairing Metal 


Once you begin welding, you will encounter numerous opportunities to repair items. 
When your friends and neighbors discover you can do repairs, even more challenges will 
come your way. 


Performing welded repairs can be very tricky. It is important to assess your welding 
skills, the difficulty of the repair, and the intended use of the repaired item. Any 
structural or vehicle repairs, such as stairways, ladders, trailers, or truck chassis, need to 
meet the same safety standards as they did in their original condition. 


The first step in considering a repair is determining why the item broke. If a weld was 
poorly executed, the repair might simply be to prepare the area and perform a good weld. 
If a piece has broken due to metal fatigue, simply patching over the crack will only cause 
more cracks outside the patched area. Cast iron and cast aluminum may have broken due 
to imperfections or inclusions in the casting, or they may have gone through rapid 
heating and cooling that caused cracking. 


The next step in a repair is determining the base metal. A magnet will be attracted to any 
metal with a certain concentration of iron in it, but stainless steel (which is sometimes 
non-magnetic), mild steel, and cast iron require very different welding techniques. 
Aluminum is non-magnetic and is discernable from stainless steel by its light weight— 
but which alloy is it? In the case of aluminum, some alloys are not weldable. 
Unfortunately, many manufactured metal items are made of alloys and may have been 
heat treated. Without access to the manufacturer’s specifications, it might be impossible 
to determine what the base metal composition is. It is important to understand the effects 
of welding on these materials before attempting a welded repair. 


Once you have determined the feasibility of a repair on a particular piece, the piece must 
be prepared carefully. All rust, paint, and finishes must be removed from the area of the 
weld, and, if you are arc welding, from an area for the work clamp. Grease and oil must 
be cleaned off. If the break is on a weld joint, the old weld bead needs to be ground 
down. 


Mild steel is the easiest material to repair. Simply prepare the material as for any other 
weld, and weld using any of the welding processes. 


7 Write down an expression for the number of days in w weeks. 
Write down the number of metres in d centimetres. 
9 Arailway carriage has p seats. Write down an expression for the 
number of seats in n carriages. 
10 When a apples are shared among b children, none are left over. 
Write down the number of apples each child receives. 


00 


11.3 Simplifying expressions 


It is useful to be able to make algebraic expressions simpler if 
possible. For example: 


a+a+da+ais written as 4a,soa+a+a+a=4a. 
3b + 2b is written as 5b, so 3b + 2b = Sb. 
7c — 4c is written as 3c, so 7c — 4c = 3c. 

Insight 


You can see this works for any number because: 


§+54+54+5=4 lots of 5or4x5 

3 lots of 7 + 2 lots of 7 = 5 lots of 7 

7 lots of 8 — 4 lots of 8 = 3 lots of 8 
However, in the expression 3d + Se + 4d — 2e, the d's and the e’s 
must be dealt with separately. As 3d + 4d = 7d and Se - 2e = 3e, 
3d + Se + 4d - 2e = 7d + 3e. 


Similarly, Sa — 2b — 3a + b=2a- b. Notice that 1b = b; that is, it is 
conventional to leave out the 1. 


In the expression 7d + 3e, 7d and 3e are called terms. Terms such 


as 3b and 2b are called like terms, and terms such as 7d and 3e are 
called unlike terms. 


11. Algebraic expressions 151 


All parts need to be carefully prepared before attempting a repair. Paint needs to be ground or sanded off 
and grease and oil need to be cleaned away. This cast iron part is being beveled to allow greater weld 
penetration 


Cast iron and cast aluminum need to be preheated before welding to prevent cracking 
due to temperature fluctuations. If the piece is small enough, you can put it in the oven 
and heat it to 400 to 500°F. Otherwise, use an oxyacetylene or propane rosebud tip. 
Temperature crayons, which melt at specific temperatures, are available for marking 
metal to be preheated. Cast iron can be brazed if the fit between the broken parts is good, 
or it can be braze welded or welded with shielded metal arc. Specific electrodes for cast 
iron are available. Cast aluminum can be brazed, braze welded, or welded with gas 
tungsten or gas metal arc welding. 


Some aluminum is not weldable. If the piece to be repaired has been welded, you can 
perform a welded repair. If you can determine the composition of aluminum parts, match 
the electrode or filler rod to that. Some filler rods and electrodes are multipurpose and 
can be used on more than one alloy. Gas tungsten arc welding is the best choice for 
aluminum, but it can also be welded with gas metal arc, or it can be brazed. 


Stainless steel comes in numerous alloys, and it is important to match the filler material 
to the base metal. Do not clean stainless steel with a steel wire brush, as the mild steel 
wires may contaminate the stainless steel. Stainless steel is best repaired with gas 
tungsten arc welding, although it can be brazed as well. 


Remove the paint and finish from the weld area. If you are arc welding, also remove the paint from an 
area close to the weld for attaching the work clamp. 


Cast iron can be braze welded as shown here, or shielded metal arc welded with cast iron electrodes. 
Either way, the metal needs to be preheated to 450° F before being welded. 


Cleaning Metal 


A successful weld begins with a well-prepared piece of metal. The cleaner the pieces to 
be welded, the better the weld quality and appearance. Steel is not available in a pre- 
cleaned state, so you will need to clean all project parts by removing oil, mill scale, dirt, 
and rust. Although this can be a tedious step, a well-cleaned project lasts many years and 
you soon forget the time spent conscientiously cleaning every piece. 


For any project that will be painted, it is important to thoroughly clean the entire part. 
For objects that will be allowed to rust gracefully outdoors, thoroughly clean the joint 
areas and allow the weather to clean the remainder. 


The first step in cleaning is to wipe down the part with denatured alcohol, acetone, or a 
commercial degreaser to remove oil and dirt. The alcohol works best as it has little odor, 
unlike the degreaser, and it won’t dissolve plastics, like the acetone will. Both acetone 
and degreasers tend to leave a residue that may diminish the quality of the final finish. 


Once the grease, oil, and dirt have been removed from the surface, the mill scale (often 
found on mild steel) must be removed. Mill scale is a dark gray flaky oxide layer that 
forms on the steel as it cools. Cold-rolled steel often has a thinner layer of scale than hot- 
rolled steel, but even the thin layer needs to be removed before welding and finishing. 
Manufacturers use a pickling bath to remove scale; except for very small projects, it is 
unlikely that a home do-it-yourselfer would want to work with the hot acid bath needed 
for pickling. The remaining options are wire brushing, grinding, sanding, or 
sandblasting. 


A bench-mounted power wire brush is perfect for cleaning the ends of parts. 
Unfortunately, it is not suitable for cleaning the remaining surfaces. For this you will 
need an angle grinder outfitted with a wire brush cup or flap sander. A drill or rotary tool 
with a wire brush wheel, wire brush cup, or flap sander also works well. When working 
with power wire brushes it is crucial you wear appropriate protective gear. A full face 
mask and long sleeves protect your eyes and arms from wire fragments that are thrown 
from the brush. Heavy leather gloves will protect your fingertips from getting skinned. 
These tools operate at very high speeds and can quickly do serious damage to eyes and 
skin. 


Once the metal has been cleaned and de-scaled, it is important that you complete the 
project in a timely manner before the metal parts. 


Apply denatured alcohol with a clean rag to clean dirt and oil from project parts. Wear rubber gloves to 
protect your hands. 


Cleaning the mill scale off mild steel is an important step. A bench-mounted power wire brush works 
well on small pieces. Wire brushing the entire project prior to finishing is critical for good paint 
adhesion. 


Techniques 
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In this chapter, all of the basic welding skills are covered—from cleaning to cutting and 
jointing to jigging. These are the techniques that you will use again and again regardless 
of the type of welding you pursue. This chapter also provides basic directions and step- 
by-step photos that illustrate major welding and cutting processes. You will find quick 
reference charts that describe electrode and filler wire choices, metal types and 
weldability, and joint and weld types. 


IN THIS CHAPTER: 

Mechanical Cutting 

Plasma Cutting 

Oxyacetylene Cutting 

Shaping 

Finishing 

Oxyacetylene Welding 

Shielded Metal Arc Welding (SMAW) 
Gas Metal Arc Welding (GMAW/MIG) 
Gas Tungsten Arc Welding (GTrAW/TIG) 


Mechanical Cutting 


For some projects, cutting the metal is the most difficult step. A variety of tools exist for 
cutting metal, but the thicker and larger the stock, the fewer your choices. If you want to 
build muscle, a hacksaw is great for tubes, rods, and bars, but a large project will soon 
have you wishing for some more powerful cutters. Cutting thin-gauge sheet metal can be 
done with sheet metal snips, but thicker gauges and plates require shears or cutting 
torches. You can spend a few hundred dollars or a few thousand dollars on power metal 
cutting tools. Here are some of your options. 


Bimetal saw blades are the best for cutting metal, whether you are using them in your 
hacksaw or bandsaw. Make the blades in your hacksaw and portable bandsaw last longer 
not by forcing the cuts, but by allowing the saw to cut slowly and steadily. Excess 
pressure simply wears the blades out before their time. 


A horizontal metal-cutting bandsaw is a bench-mounted bandsaw with clamps to hold 
work pieces, and an automatic shut-off feature that turns off the saw when the cut is 
completed. The most common cutting capacity is 4 x 6", which can cut through a 
rectangular piece of that dimension or a 4%" round. A portable metal-cutting bandsaw is 
slightly less expensive than the bench version and obviously more portable. The most 
common size cuts 4" stock. It is more difficult to create accurate cuts with the portable 
bandsaw, but the portability makes the machine more versatile in a do-it-yourself shop. 
A distinct advantage of the bandsaws is the very small kerf (less than t46"). 


Metal-cutting chop saws, cut-off machines, and angle grinders use abrasive wheels for 
cutting. Most of these produce a great deal of heat and metal dust, and cut pieces 
typically have burred edges. Metal-cutting circular saws with carbide blades produce 
cleaner cuts with less heat. They are also faster than chop saws. Both of these types of 
saws have larger kerfs (at least °/,,") than the bandsaw. A portable steel saw looks and 
operates like a standard circular saw, but is capable of cutting up to 4" sheet metal, as 
well as cutting tubes and rods. Reciprocating saws can also be used for cutting rods and 
tubes. 


Manual or hydraulic metal shears and punches in small sizes suitable for home shops are 
relatively inexpensive. They are limited to thin-gauge materials, usually less than 16 
gauge. And the heavier the material capacity is, the more expensive the machine. 


Manual snips are sufficient for cutting curves in sheet metal thinner than 18 gauge. 
Power nibblers make quick work of curves but are commonly available for 18-gauge or 
thicker. 


Thus, in the expression 2a + 3b + 4a — 2c, there are four terms. 
Two of them, 2a and 4a, are like each other, and the other terms 
are unlike each other and unlike the terms 2a and 4a. 


Like terms can be combined by adding and subtracting them. 
This process is called collecting like terms. When the like terms 
have been collected, the expression is said to be simplified. 


Unlike terms cannot be collected together in the same way. 


: Example 11.3.1 
Simplify (a) 6f+5 + 2f-3, (b) 3ab + 2bc - ab - abc. 


(a) Collecting like terms gives 6f + 2f = 8f and 5-3 = 2, so 
6f+5+2f-3 = 8f + 2. You will usually write this straight 
down without intermediate steps. 

(b) The only like terms are 3ab and - ab so 
3ab + 2bc- ab - abc = 2ab + 2bc - abc. 


: Example 11.3.2 


: The length of each side of an equilateral triangle is d centimetres. 
- Write down, in its simplest form, an expression for its perimeter. 


} The perimeter is d+ d + d, but it is not in its simplest form, which is 
> d+d+d=3d 


1 The length of each side of a regular pentagon is / centimetres. 
Write down and simplify an expression for its perimeter. 

2 The length of a rectangle is a centimetres and its width is b 
centimetres. Write down an expression, in its simplest form, for 
(a) its perimeter, (b) its area. 
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Power tools for a welding shop include: (A) reciprocating saw, (B) cut-off saw, (C) portable band saw, 
(D) angle grinder. 


Plasma Cutting 


Plasma cutting is an arc process. Plasma is a gas that can conduct electricity because it is 
in a highly ionized form. The gas transfers the arc, but because of the constriction of the 
gas, the gas resistance is very high, which creates the extreme heat for plasma processes. 
Plasma cutting uses a very constricted arc to melt the base metal while compressed air or 
other gas blows the melted metal out of the kerf. This process can be used on any 
conductive metal —aluminum, brass, cast iron, copper, steel, stainless steel, and titanium 
—which sets it apart from oxyacetylene cutting, which is only useable on oxidizable 
metals. 


Though the plasma arc temperature is 40,000°F, it is so constricted and the cutting speed 
is so fast that the thermal distortion to the metal being cut is low. Plasma cuts are clean 
and are often weldable with no additional cleanup if the base metal was initially clean. 
Properly done, the kerf is fairly straight sided, and no slag is present. 


Safety: Plasma cutting produces sparks, smoke, and fumes. When cutting materials that 
contain chromium and nickel (such as stainless steel) or materials that have been 
galvanized or zinc coated, many toxins will be present in the fumes. When cutting 
through painted, bonded, or dirty metals, these surface additions often burn off, 
producing hazardous smoke. Plasma cutting often produces ozone and various nitrogen 
oxides that are colorless and can be odorless; both are hazardous. Therefore, good 
ventilation is important even when plasma cutting. 


m 


A plasma cutter consists of a power source with a compressed air or inert gas connection, work cable 
with clamp, supply cable, and torch. 


e Welding helmet with #8 filter 


e Leather, wool, or cotton long pants, long-sleeve shirt, and hat 
e Heavy-duty welding gloves 
e Leather boots or shoes 


e Ventilation 


Plasma cutting may not seem as bright as other arc processes, but it is. It produces 
ultraviolet rays, so it is important to protect your skin and eyes. Because of the high level 
of open circuit voltage, plasma cutting has added electrical shock hazard. Make sure all 
surfaces around the cutting area are dry, as well as your clothing and gloves. Turn off the 
power to the machine before changing any torch parts. 


Never cut containers, tanks, or cylinders that may have held flammable materials. Even a 
small amount of flammable residue can cause an enclosed vessel to explode when cut. 


Equipment: Plasma cutting machines are expensive, but as technological advances are 
made and demand increases, more companies are introducing smaller, less expensive 
home and small shop equipment. If you regularly need to cut stainless steel, aluminum, 
or the high-strength steel now used in automobile bodies, this machine can be worth the 
cost. Small, 115-volt plasma cutters are available that will cut up to 3/s" material. Larger 
220-volt machines can cut thicker materials and have higher duty cycles. Aluminum and 
stainless steel require higher amperages, so check whether the machine easily can cut the 
materials with which you typically work. 


Most plasma cutters require a compressed air source. Any shop air compressor that can 
deliver 65 psi is sufficient. It is critical that a filter be installed to keep the air dry and oil 
free. Follow the manufacturer’s directions for installing the filter. Some plasma cutters 
have an internal air compressor. These units often require more maintenance than models 
that utilize a separate compressor. 


Most plasma torches have a manual switch on the torch body. The cutting tip and 
electrode are consumable parts. Check them frequently for wear and replace them when 
necessary. 


A dehumidifying filter is very important for the compressed air source for plasma cutting. 


Electrode 


Starter 
cartridge 


\ > Cutting tip 


N 


Shield cup 


The plasma cutting torch 
consists of (left to right) a 
shield cup, cutting tip, 
starter cartridge, electrode, 
and torch handle. 


The plasma cutting torch consists of (left to right) a shield cup, cutting tip, starter cartridge, electrode, 
and torch handle. 


Precutting Checklist 


How to Plasma Cut 


| Check the manufacturer’s recommended settings for the material to be cut. Arrange the material on a 
cutting table and determine the most comfortable cutting position. Attach the work clamp to the 
workpiece or welding table. Dry run through the cutting motion to practice speed and cutting position. 


2 Check manufacturer’s directions for arc starting procedure. Most current machines are designed to 

drag the nozzle directly on the material’s surface. Activate the arc and hold the torch perpendicular to 

the surface of the material. Move steadily and smoothly along the entire length of the cut. Do not stop 
the arc until you have passed through the end of the cut. 


3 Write down an expression for y 


the perimeter of the hexagon y + 
in the figure, giving your 
answer in its simplest form. x a 
y 

4 The lengths, in centimetres, of the sides of a trapezium are 
a, a, Za and b. Find and simplify an expression for its 
perimeter. 

5 Write each of these expressions in its simplest form. 
(a) x +x (b)x+x+x+x 
(c)x+x+xX4+X4+X4+X4X (d)x+x-x+x+x-xX+xX 
(e) 4x + 2x + 3x (f) 3y + 2y - 4y 
(8) 4xy - 7xy + xy (h) 3abc + 2abc — 6abc 
(i) 5x + 3y + 4x + 2y (j) 4x + 7-2x-4 
(k) 6x + 3-x + 2x (l) 3x + 4y + 2x- 3y -y 
(m) 7xy + 5x — 4x + 2xy- 3 (n) 4a + 5b + 3a + 6- 7b 
(0) a + 3ab + 6 + 7a - 2ab — 1 (p) 3a+6+2a-4+a-2 
(q) 8 + 3pg-5-7pq-1+r (r) 5p + q - 3r + 2r- 4p +r 


11.4 Evaluating expressions 


If you know the values of the letter or letters used in an 
expression, you can calculate its value. For example, if x = 2, 
then 3x — 1 =6-1=5. Substituting numbers for letters and 
calculating the value of an expression is called evaluating 
the expression. 
Insight 
The rules for the order in which the operations must be carried 
out were introduced in Section 1.3. Multiplication and division 
are carried out before addition and subtraction. Remember: 
BiDMAS. 
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3A good plasma cut has squared edges, small vertical ripples, and little or no slag. 


Troubleshooting €: Techniques 


A high-quality circle cutting attachment for a plasma cutter is expensive, but worth the investment if you 
will be making repeated circle cuts. Inset photo: This unit comes with a magnetic pivot holder for steel 
and a suction cup pivot holder for all other metals. 


Plasma Troubleshooting 


PROBLEM 


Arc does not start 


Cut does not penetrate 
through material 


Excessive slag or dross 


Torch parts 
consumed quickly 


SOLUTIONS 


e Connect work clamp to workpiece 

e Turn on power source 

e Tighten cable connections 

e Make sure electrode Is in working condition 


e Cut more slowly 
e Make sure torch is held perpendicular to material 
e Make sure machine is capable of 
cutting that thickness 
e Increase amperage setting 
e Verify correct air flow and pressure 


e Increase cutting speed 

e Decrease torch standoff distance 
e Replace worn torch parts 

e Adjust amperage setting 


e Install or replace air filter to prevent 

oil or water from reaching torch 
e Cut metal within the capability of the machine 
e Make sure gas pressure is correct 


The adjustable pressure regulator with gauge is located on the front of the Lincoln Pro-Cut 55 plasma 
cutting machine. This compact machine generates 60 amps of cutting power capable of cutting 
conductive materials up to 34" thick. It has a built-in air filter. 


This plastic box contains the consumables for a Lincoln plasma cutter. The consumables are made of 
copper, which resists sticking to almost all other metals. The parts should be replaced when they become 
too worn out to work properly. 


Making a good-quality plasma cut is dependent on a consistent travel speed. Consult 


the owner’s manual for cutting speeds for different material thicknesses and amperage 
settings. With the machine off, practice moving across the planned cut at the correct 
speed. 


More Plasma Cutting Techniques 
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This operator can make precise cuts with a plasma cutter without adding the heat input of an 

oxyacetylene torch. This will prevent heat distortion in surrounding regions of the work area. 
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Plasma cutters can also pierce small pieces of thick metal, but for a cleaner cut first drill a small 1/8" - 
hole to start the cut. 


Bending & Cutting Diamond Plate 


Although diamond plate can be plasma cut, there are times when yov’ll want to bend 
the sides instead. Cut a bird’s mouth with a plasma cutter (see page 97) and then use a 
simple break like the one shown here to bend the sheet (see page 101). Bend a little at 
a time until you get what you want. If you score the backside beforehand it makes the 
bend easier with less stress, but don’t score it deep or it will crack. 


_— Sheet metal or 
> diamond plate 


Grab handle 
to rotate brake 


2 x 2 angle iron 
Ya" thick 


Hinge joint 


Workbench 


-lat bar welded to 
top of 2 x 2 angle 
iron 4" thick 


Screw clamp or 
C clamp 


Cutting the ends off of pipes is a cinch with a plug-in plasma cutter. It even cuts through a significant 
amount of rust, as shown here. 


: Example 11.4.1 


Ifx= 5, evaluate (a)4x+1, (b)6-2x, (c) ee, 


- (a)4x4+1 =4x5+1 Multiplication comes before 
=20+1 addition 

] =21 

. (b)6-2x =6-2x5 Multiplication comes before 

. =6-10 subtraction 

] = -4 

ME Evaluate the numerator before 

=3 dividing 


: Example 11.4.2 
Ifx=6 and y =3, evaluate (a) 2xy, (b)5x-7y, (c) x. 


(a) 2y = 2x6x3=36 
(b) 5x-7y=5x6-7x3=30-21=9 
G= 
Insight 
Another way of asking part (a) of Example 11.4.2 is: 
‘Substitute x = 6 and y = 3 into the expression 2xy.’ 


SOHSSHSHSHSHSHSHSHSHHSHSHSHHSHSHSHHSHSHHSHSHHSHSHSHHSHSHSHHSHSHSHSHSHHHSHSHHSHSHSHSHSHSHSHSHHSHSHHHSHSHSHHSHSHHSHSHHSHSHHESHSSHSHHSHSHSESOHHSHHOHSSHEEOSHEEEEEBE 


1 If x = 3, evaluate the following expressions. 


(a) 5x + 4 (b) 2x — 1 (c) 10 - 3x (d) 1-2x 
2 Ifx=4and y=7, evaluate the following expressions. 

(a) 2x + y (b) 5x — 2y (c) 4x + 5y (d) 3x — 4y 
3 Ifa=2,b =3 and c = 10, evaluate the following expressions. 

(a) ab+c (b) abc (c) Sabc (d) 2a + bc 
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Making detail cuts—even on a round tube, as shown here— is easy with a plasma cutter. Here, the 
welder is cutting a new, clean tube. Note the sparks are much smaller than they would be with an 
oxyacetylene torch. 


Here, custom motorcycle builder Scott Webster (of Leroy Thompson choppers) uses the Pro-Cut 55 to 
cut a piece of steel over a barrel that catches the debris. 


The Lincoln Pro-Cut 25 plasma cutting machine is good for fish-mouth fitting tubing, including tailpipe 
tubing. After the cut is made, a die grinder removes slag from the cut line. 
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A Miller plasma cutter is being operated by a gasoline generator and an air compressor to make a repair 
on this hay baler. When the broken part is removed, a replacement will be welded on by a wire-feed 
machine. 


Oxyacetylene Cutting 


e Full-face #5 filter 


e Leather, wool, or cotton long pants, leather jacket, and hat 


e Heavy-duty welding gloves 


e Leather boots or shoes 


e Ventilation 


Oxyacetylene cutting uses acetylene and oxygen to preheat metal to a temperature of 
1600°F, then uses pure oxygen to burn away the heated metal. Because the cutting is 
achieved by oxidation of the metal, oxyacetylene cutting only works on metals that are 
readily oxidized at this temperature. Metals that can be cut with the oxyacetylene process 
are mild steel and low alloy steels. Oxyacetylene cutting can be used to cut thicknesses 
from less than 1/s" up to 12". Oxyacetylene cutting is inexpensive compared to machine 
cutting. It is very portable because no external power source is necessary, and it is faster 
than machine cutting. It is, however, limited to steel. The molten slag presents a fire and 
burn hazard, and the heat input to the base metal may cause distortion or changes to the 
properties of the steel. 


Safety: The risk of starting a fire or being burned is high with oxyacetylene cutting. It is 
important to prevent molten slag and sparks from coming into contact with skin and 
flammable materials. Make sure you are wearing heavy-duty leather gloves with 
gauntlets, a leather jacket or leather-sleeve jacket, and leather boots. The work area 
should be cleared of flammable materials. If an item will be cut in place, make sure 
surrounding areas are protected from heat, sparks, and dropping slag. Never cut sealed 
tanks, cylinders, or items that have contained flammable materials. Never cut near 
gasoline tanks or fuel lines. 


Equipment: The basic equipment for oxyacetylene cutting is the same as for 
oxyacetylene gas welding, with the addition of a cutting torch or cutting attachment. An 
oxyacetylene cutting setup consists of an oxygen cylinder, an acetylene cylinder, 
regulators and hoses, and a torch with cutting attachment or a dedicated cutting torch. 
Cutting attachments and dedicated cutting torches have levers to activate the oxygen 
flow. 


i 


Acetylene 


Oxyacetylene cutting equipment consists of two cylinders—oxygen and acetylene—regulators, hoses, 
and a cutting torch with tip. 


Cutting torch and tips: Most oxyacetylene welding sets come with a cutting accessory 
that attaches to the torch body in the same way that the welding tips do. A dedicated 
cutting torch is a one-piece unit that has its own mixing chamber. Its greater overall 
length allows for more distance between the heat zone and the operator, and it can 
handle higher oxygen flow rates. A dedicated cutting torch is usually fairly expensive 
and not necessary unless very thick metals will be cut, which requires greater oxygen 
flow. 


Both the cutting torch and the cutting attachment take a variety of cutting tip sizes. The 
cutting tip has a number of preheat holes surrounding the pure oxygen orifice. It is 
important to match the cutting tip to the thickness of the metal being cut. A welder often 
takes a one-size-fits-all approach to cutting tips, which always results in poor-quality 
cuts. Thinner metals require fewer preheat holes and a smaller oxygen orifice; thicker 
metals require more preheat holes and a larger oxygen orifice. Cutting tips are made of 
copper and can be damaged easily. They need to be cleaned regularly with an 
appropriately sized tip cleaner. 


Fuel gas options: Because the metal being cut does not need to be brought to the 
melting point, various gases other than acetylene can be used. Propane, natural gas, 
propylene, and methylacetylene-propadiene can be used as the preheating fuel source. 
Each of these gases requires specific regulators and may require different torches and 
torch tips. Check manufacturer’s recommended usage before substituting an alternate 
fuel gas. 


A striker (A), tank wrench (B), pliers (C), and tip cleaner (D) are needed for oxyacetylene cutting. 


11.5 Squaring 
The notation x? is short for x x x and is read as ‘x squared’. 


The notation 4x? means 4 x x x x. (Only the x is squared, not the 4.) 


- Example 11.5.1 
If x = 5, evaluate (a) x?, (b) 3x. 
ES A (1 SO — 3. 25-15 


: Example 11.5.2 


If x=-3, evaluate 6x* —7. 


1 If x = 3, evaluate the following. 


(a) x? (b) x? + 1 (c) 5x’ (d) 2x? - 21 
2 If y =-4, evaluate the following. 
(a) y” (b) y” - 3 (c) 2y+5 (d) 2y- 2y 


3 Ifa=5,b =-2,c = 6 and d = 2 evaluate the following. 
(a) 4a?-3a (b) 3b?- 5b (c)22 +4 (d) + 2d+1 


11.6 Brackets 


In expressions, calculations inside brackets are always carried out 
first. The expression a(b + c) means a x (b + c). 


11. Algebraic expressions 155 


A dedicated cutting torch (top) is a one-piece unit with one oxygen and one fuel-gas valve. A cutting tip 
is attached to a standard torch body (bottom) and includes an additional oxygen valve. A range of tip 
sizes is available for both torch styles. 


Precutting Checklist 


How to Cut with Oxyacetylene 


| See pages 44 to 47 to learn how to set up, pressurize, and light an oxyacetylene torch. Set up the 
material to be cut on a cutting table. Use soapstone to mark the cutting line, and practice your cutting 
position and bracing. Hold the torch in your left hand with your thumb and forefinger on the acetylene 
valve. Hold the striker in your right hand, 3 to 6" from the torch tip. Turn the acetylene valve Y to Y 
turn and strike sparks. 


2 Adjust the acetylene so the flame is not smoking and is not separated from the tip (see page 47). Add 

oxygen to create a neutral flame. With a dedicated cutting torch, depress the oxygen lever to make sure 

neutral flame is maintained; if necessary, adjust with the oxygen lever depressed. With a cutting tip on a 
torch base, depress the oxygen lever and use the cutting tip adjustment valve to adjust the oxygen. 


3 Release the oxygen lever, flip down your face shield, and direct the flames at the edge of the cut. 
Once the metal begins to glow red and appears shiny but not yet molten, depress the oxygen lever. If it 
fails to pierce a hole immediately, release and continue to heat until depressing the lever pierces a hole. 

Move slowly and steadily along the cutting line, holding the torch at a 90° angle. 


4 The finished cut should have very small vertical ridges (draglines), very little slag on the bottom, and 
the top edges should not be rounded over. 


Oxyacetylene Cutting Tips 


Oxyacetylene cutting safety. 


Oxyacetylene cutting produces molten slag, sparks, and hot metal scraps. Move items 
that are to be cut away from burnable material. If the item cannot be moved, protect 
surrounding areas with sheet metal and fire retardant welding blankets (not tarps). Make 
sure sparks and slag will not fall into cracks, holes, or ventilation grates in the floor. Wet 
down any wooden material around the cutting area. Have water, sand, or a fire 
extinguisher on hand, and monitor the area for one half hour after cutting is completed. 
Plan where cut metal will fall so it does not hit your arms, legs, gas hoses, or cylinders. 


Piercing Holes and Making Cutouts 


Piercing a hole: Preheat the material to a dull red. Pull back the torch from the 
surface and angle slightly. Squeeze the oxygen lever. As soon as the material has been 
pierced, return the torch tip to the perpendicular position and move back to just above 
the surface. Complete the hole. 


Making a cutout: Begin in the center of the cutout and move to the cutout line after 
piercing a hole. A spiral approach to the edge works best. To give maximum 
protection to the surrounding material when piercing a hole, drill a ”,,¿" hole to start 
the piercing action. 


Warning 


e Never cut into a sealed container. 


e Never cut into a tank or container that contains or may have contained flammable 
materials. 


e Never cut near a gasoline tank or fuel lines. 


Ai 


Circle cutting guides are available for making accurate circle cuts. If you need to make several circle 
cutouts, this can be a handy tool. 


Insight 
Operations in algebra follow the same order as in arithmetic, 
so BIDMAS (Brackets, then Division and Multiplication, 
lastly Addition and Subtraction) still applies. 


So, if you knew the value of x and had to evaluate the expression 
6(x + 1), you would first evaluate the bracket and then multiply 
that value by 6. So, if x = 3, 6(x + 1) =6(3+ 1)=6x4=24. 


: Example 11.6.1 


lfa=8andb=-5, evaluate (a) (2b)?, (b) (3a + 4b)?. 


: (a) (2b)? = (2 x (-5))?= (10)? = 100 
: (b) (3a + 4b)? = (3 x 8 + 4 x (-5))? = (24-20)? = 42= 16 


The approach of Example 11.6.1 is fine if you know the values 
of the letters, but, if you don’t, you need to be able to write 
expressions such as 4(3y + 2) and 4(3y — 2) in an alternative form. 


Suppose you needed to calculate 2(6 + 3); you can see that the answer 
is 2 x 9= 18. But this is the same as 2 x 6 + 2 x 3 = 12 + 6 = 18. This 
suggests that 2(6 + 3) =2 x 6 + 2 x 3, or, in general, 


If you look at this expression, you can see that each term inside the 
brackets is multiplied by the term outside. 

So 4(3y + 2) = 4 x (3y) + 4 x 2 = 12y + 8, and 4(3y- 2) =12y-8. 
This process is called expanding the brackets. 

Suppose now that the sign outside the bracket is negative, and you 


want to calculate 24 — 2(6 + 3). This is 24-2 x 9=24- 18 =6. 
But 24-2 x6-2x3=24-12-6=6, so this suggests that 
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Use a piece of angle iron as a brace to support the torch or to hold the pipe in place for cutting. 


Cutting Defects 


A good oxyacetylene cut has square edges, small vertical draglines, and little slag. A 
dirty cutting tip is the cause of many poor-quality cuts. Clean the orifices with a 
properly-sized tip cleaner and use very fine sandpaper on a flat surface to polish the 
flat surface of the tip. Here are a few possibilities for causes of cutting defects: 


Kerf is wider at the bottom than at the top (bell-mouthed). 
Oxygen pressure is too high. 


Top edge melted over. 
Cutting speed is too slow or preheat flames are too long. 


Irregular cut edge. 
Speed is too fast or too slow, oxygen pressure is too high, or cutting tip is too small or 
too large. 


Shaping 


There are a number of ways to bend and shape mild steel. Brakes for creating angles in 
sheet metal, and ring rollers and scroll benders to create circles and scrolls are readily 
available for the home crafter. Unfortunately, the higher the capacity of these bending 
tools, the higher the price. You can make simple bending jigs from any round, rigid, 
strong form, such as pipe and salvaged flywheels, pulley wheels, or wheel rims. Using 
these jigs, it is fairly easy to bend a round rod up to 4%" and a flat bar up to 1/8" into 
complex shapes. A bench vise is handy for making acute bends. Tubing, rail caps, and 
channels can be bent with a heavy-duty electrical conduit bender. With practice and 
patience, you can create well-formed circles by making incremental bends with the 
conduit bender. 


Thicker materials are bent more easily if you have a long end for applying pressure; it is 
better to cut pieces to length after bending. Sliding a pipe over a short end will increase 
your leverage. When shaping metal into sharp bends, take into account the length needed 
for the radius of the bend. Cold-formed metal springs back somewhat, so it may take trial 
and error to find which size jig makes the bend size you desire. 


Use a flat bar and locking pliers to bend sheet metal. 


Bending jigs can be made from many rigid, circular items. An engine flywheel (A), toilet flange (B), and 
various pipe sizes (C) are shown here. 


Use locking pliers to hold the metal to the jig. Wrap the metal around the jig in a smooth motion. 


Use a scroll bender to bend decorative scrolls. 


Finishing 


A nice finish adds to the beauty of your welded project. Unless you intend to let your 
project fully rust, even bare metal needs some type of coating. Applying a paint coating 
is best done by spraying, not brushing. 


If you look closely at most welded furniture or garden accessories you’|l see that they 
typically have rough welds and spatter. With your own projects, especially indoor 
projects, taking the time to grind down welds and grind off spatter is time well spent. A 
nicely ground, good weld looks like a continuous solid piece of metal. This is especially 
important for glossy finishes, as a smooth, shiny paint job will highlight even the tiniest 
imperfections. 


A primer coat is recommended underneath all but bare metal coatings. If you’re going 
for bare metal, use a clear coat or a metal polish minimally to prevent rust. If already 
deeply rusted areas cannot be cleaned to bare metal, use a rusty metal primer or, even 
better, a rust converter. Carefully read product labels, as some converters require oil- 
based top coats and other specific finishes. 


A wide variety of spray-on finishes is available. With a single application you can create 
beautiful, detailed faux finishes, such as a hammered texture or granite (Rust-Oleum® 
Stone Creations, for example). Crackle and antiquing finishes are also available as single 
spray-on finish paints and brush-on paints. Of course, you can create your own antique 
look as well (see photo, this page). 


If you have more time and a higher budget, consider a verdigris finish. This finish 
requires more steps and time due to paint layers, but it creates a unique look that is very 
impressive yet natural looking for metal. The great part of simulating a patina is that you 
can control the hues and coloration, and then seal it all so that it remains perfect for years 
and years. Powder coating and brass plating are other, more expensive, finish options. 


For exterior applications, look to railing and gate suppliers; they carry a variety of 
primers, paints, dyes, and patinas to give your project a one-of-a-kind look and withstand 
the constant exposure to natural elements. If the product will be near open flames, make 
sure to buy paint specifically for such purposes (like the square fire pit on page 186). 


Never to be underestimated, bare metal creates intriguing looks just by using sanding, 
grinding, and heating techniques. One example of this is shown on the tapered-leg table 
on this page. The effect was achieved with an angle grinder that was used in a circular 
motion until the desired texture was achieved. It is time-consuming work that requires a 
little muscle action, but the finished look is unmatched. 


There are a number of ways to create an antique or aged painted finish. One is to paint 
the surface with three or four layers of different paint colors, allowing each layer to dry 
thoroughly between coats. When the final coat is dry, sand off corners and high spots to 
reveal the paint layers. Another method is to apply one color layer and allow it to dry 
completely. Then apply a second layer and third layer without allowing drying time. Use 
a damp sponge to wipe off layers at corners and high spots (see photo page 38, top). To 
create a crackly, “alligatored” look, purchase crackle base and crackle top coat, either as 
a Spray paint or brush on paint. Apply the two coats as directed to create the crackle 
effect (see photo page 38, middle). 
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One method for creating an antique finish is to apply two wet top coats of different colors to a dry base 
coat of a third color. Before the top coats dry, wipe the top coats off in selected areas with a wet sponge. 


Finally, 24 — 2(6 — 3), is equal to 24 - 2 x 3 = 18. But you find that 
24-2x6+2x3=24- 12 + 6= 18. This suggests that 


The — sign outside the brackets changes the sign of every term 
inside the brackets. 


: Example 11.6.2 


Expand the brackets in these expressions. 
(a) 5(x-2)  (b)2(4x-3)  (c) 4x(2x-3)  (d) -3(5x - 2) 


: (a) 5(x-2)=5x-10 (b) 2(4x - 3) = 8x - 6 
- (c) 4x(2x- 3) = 8x? - 12x (d) -3(5x - 2) =-15x +6 


Example 11.6.3 


Expand and simplify these expressions. 
(a) 3(7x + 4) - 2(5x - 6) (b) 2(4x + 5) + (3x — 7) 


(a) 3(7x + 4) —2(5x - 6) =21x +12 - 10x+ 12=11x + 24 
(b) 2(4x + 5) + (3x - 7) means 2(4x + 5) + 1(3x- 7). 
So 2(4x + 5) + (3x - 7) = 8x + 10 + 3x - 7 =11x + 3 


1 Expand the brackets in these expressions. 
(a) 6(x + 3) (b) 4(x - 1) (c) 5(2x + 3) 
(d) 2(3x — 5) (e) -4(x + 3) (f) —7(x- 2) 
(8) -8(5x + 4)  (h) -6(3x- 2) (1) x(x + 2) 
(j) x(4x — 3) (k) 3x(2x — 1) (L) —5x(3x + 4) 
2 Expand the brackets in these expressions and simplify the results. 


(a) 3(x — 7) + 6x (b) 8 — 2(5x — 1) 
(c) 4(x + 2) + 5(x- 3) (d) 3(x + 4) - 2(x- 5) 
(e) 2(6x — 5) + 3(2x — 1) (f) 5(4x + 3) - 3(7x — 2) 


(Contd) 
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There are many possibilities for finishing metal. Pictured here, from left to right: brush-on crackle finish, 
spray- painted stone, spray-painted hammered metal, and a swirl pattern created with an angle grinder. 


An angle grinder works well for beveling edges on thick material. Grinding down welds gives projects a 
finished look. 


Use an angle grinder in a circular motion to achieve a shiny textured effect. On thin material, as shown 
here, use small circles with light pressure. 


Clean and then apply primer to prevent rust. Standard white is suitable if you intend to paint the finished 
project. 


After the primer is completely dry, add the final top coat paint. This top coat should also be formulated 
for metal and/or exterior applications. 


Oxyacetylene Welding 


Oxyfuel welding is the process that uses the heat from a gas flame to melt base materials 
and cause them to join together. The gas flame is created by the combustion of oxygen 
and a fuel gas. Fuel gases are: acetylene, propane, butane, hydrogen, natural gas, and 
methyl acetylene-propadiene, (MPS, formerly known as MAPP gas). Oxygen and 
acetylene burn in a neutral flame at a temperature between 5600° and 6300°F, the hottest 
of any gas flame and capable of melting most metals. Other oxygen-fuel gas 
combinations are hot enough to use for soldering and brazing, but not hot enough for 
welding. Oxyfuel welding with acetylene is called oxyacetylene welding, but it is often 
simply referred to as gas welding. 


The oxyacetylene process is versatile, as it can be used for both welding and cutting 
materials (see page 33) as well as heating, soldering, and brazing. It can be much less 
expensive than arc welding and is very portable because it needs no electrical power 
source. Oxyacetylene can be used to weld any thickness of metal, but sections over 4" 
are difficult to weld. Unfortunately, the techniques of oxyacetylene welding can be very 
hard to master, and there are serious safety concerns with the extreme flammability of 
acetylene and the high-pressure gas cylinders. 


Oxyacetylene welding equipment consists of an oxygen cylinder and an acetylene 
cylinder, each with regulators and gauges, oxygen hose, acetylene hose, torch, and tips. 


Oxyacetylene welding may use fusion welding, where the base metals are melted 
together without filler material, or, more commonly, it may use a filler metal. 


An oxyacetylene welding rig consists of two cylinders—oxygen and acetylene, regulators, hoses, and a 
torch with tip. 


e Welding helmet or face shield with #5 filter 


e Leather, wool, or cotton long pants, long sleeve shirt, and hat 
e Leather gloves with gauntlet 
e Leather boots or shoes 


e Ventilation 


The Equipment 


Cylinders: Oxygen comes in high-pressure cylinders (sometimes called bottles or tanks) 
at 2200 pounds per square inch (psi) or more when full. The oxygen cylinder has a valve, 
and it always comes with a safety cap that screws on to the top to protect the valve. 
Never use the safety cap to lift an oxygen tank. The oxygen cylinder has a safety valve 
that will rupture to relieve tank pressure if the tank becomes overheated. Oxygen tanks 
should always be stored and transported in an upright position. 


Acetylene: Acetylene is an extremely unstable gas. It cannot be pressurized above 15 psi 
in a free state. To safely pressurize the acetylene to 225 psi, the acetylene cylinder is 
filled with a porous material and acetone. When pressurized, the acetylene is absorbed 
by the acetone, which stabilizes it. When the pressure is released (the valve opened) the 
acetylene bubbles out of solution. Acetylene cylinders have fusible plugs that will melt 
in case of a fire and allow the gas to slowly escape rather than explode. Acetylene 
cylinders should always be stored in an upright position. Using an acetylene tank at an 
angle will allow acetone through the regulator and hoses, which will destroy them. 


Cylinders should always be kept upright and secured with a chain or strap to prevent 
them from falling over. Never use a cylinder as a roller for moving heavy objects or for 
any purpose other than its intended use. 


Cylinder valves: Each type of cylinder has a valve that controls the flow of gas from the 
cylinder. A handwheel or valve wrench is used to open the valve. The oxygen cylinder 
valve should always be opened fully, as it is a backseating valve. A backseating valve is 
leakproof when closed and fully opened, but not otherwise. The acetylene valve should 
never be opened more than % to 1% turns. Less than this may lead to insufficient 
amounts of fuel and backflash; more than this makes it difficult to turn the acetylene off 
quickly in case of an emergency. If the acetylene valve is opened all the way, or opened 
suddenly, the acetone may escape from the cylinder, just like an overflowing soda can. 
Acetone can destroy the hoses and regulator fittings. 


Tools for oxyacetylene welding include fire bricks (A), pliers (B), striker (C), tip cleaner (D), and 
acetylene tank wrench (E). 
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(g) 3(2x + 5) + 5(4x — 3) (h) 4(2x -1) — 2(4x — 5) 
x(x + 


(i) 2) - 6(x + 4) (j) x(x + 3) - 3(x - 8) 
(k) x(x — 7) + 4(2x — 3) (1) 3x(2x — 5) + 7(3x + 4) 
(m) 3(6x + 2) + (5x — 4) (n) 8(3x + 1) - (6x + 7) 
(0) 5(2x — 3) — (10x — 9) (p) 3 + (5x — 2) 

(q) 6x — (6x + 5) (r) 2(4x + 3) — (7x + 6) 


11.7 Factorizing expressions 
Factorizing is the opposite process to expanding. 


To factorize 7x — 21, the first step is to find a term which is a factor 
of both 7x and 21 (7 in this case) and this term goes outside the 
brackets. Then complete the brackets with an expression which, 
when multiplied by 7, gives 7x — 21. That is, 7x - 21 = 7(x — 3). 


: Example 11.7.1 
Factorize (a)5x+20, (b)6x-9,  (c)bx-7b,  (d) x? + 8x. 


(a) 5x+20=5(x+4)  (b) 6x-9 = 3(2x- 3) 

(c) bx -7b=b(x-7) (d) x? + 8x = x(x + 8) 
In these examples, each pair of terms has only one common factor. 
Sometimes the terms in the expression you want to factorize will 
have more than one common factor. 


In 6x? + 15x, for example, 3, x and 3x are all factors of both 
6x? and 15x. It might seem, therefore, that, if asked to factorize 
6x? + 15x, you could give three possible answers: 

6x7 + 15x = 3(2x? + Sx) or x(6x + 15) or 3x(2x + 5) 


In each of the first two cases, the terms inside the brackets have a 
common factor but, in the last case, they have not and 6x? + 15x is 
said to have been completely factorized or fully factorized. 


Never use oil or any other type of lubricant on regulators or other welding equipment. 
The combination of oil and oxygen in a spark-filled environment can lead to a fire in 
the regulator, which could cause a cylinder explosion. 


Pressure regulators and gauges: Pressure regulators reduce the pressure of the gas 
leaving the cylinder. A single-stage regulator reduces the cylinder pressure to working 
pressure in one step. A two-stage regulator reduces the cylinder pressure to working 
pressure in two steps. A two- stage regulator is better because it gives more precise 
control over gas flow. but it is substantially more expensive. The regulator adjusting 
screw turns clockwise to increase pressure and counterclockwise to reduce pressure. The 
regulator is completely off when the adjusting screw is loose or “backed out.” Always 
back out adjusting screws as part of your post-welding routine. 


Hoses: The flexible rubber hoses that move the gas from the regulator to the torch are 
designed to be leakproof and withstand high pressure. The oxygen hose is green, and the 
acetylene or fuel hose is red. Hoses are available either as a single hose or a dual hose 
where the oxygen and fuel hoses are paired together. The dual hoses are more common 
and more convenient. Always protect hoses from damage by moving them off the floor 
when not in use, keeping them behind the welding area so they are not burned with 
sparks, and keeping them out of traffic lanes so they are not stepped on or run over by 
vehicles. Hoses should not be allowed to come in contact with oily surfaces and should 
be protected from sunlight and chemical fumes to keep them in good condition. Always 
drain hoses when you have finished your welding session. 


Fittings: Fittings connect the hoses to the regulator at one end and the torch at the other. 
For safety, the nut for the fuel hose (red hose) is left-hand threaded and has a groove 
machined around thte nut. The oxygen (green) hose nut is right-hand threaded and has no 
groove. Never interchange the oxygen and fuel hoses or fittings. Never force a fitting— 
brass is a very soft metal, and it is easy to damage the fitting threads. Always hand 
thread and hand tighten fittings before using a wrench, and be careful not to overtighten 
them. Never use pliers to tighten fittings, as they will damage the brass nuts. 


Oxygen and acetylene hoses with flashback arrestors, torch body, and welding tip. 
Oxygen and acetylene regulators 


Available tips for an oxyacetylene torch body include cutting head, rosebud heating tip, and welding tip. 


Check valves and flashback arrestors: Check valves and flashback arrestors are two 
safety features to prevent reverse gas flow or flashbacks. The check valve allows gas to 
flow from the hose to the torch. If gas pressure within the torch exceeds the hose 
pressure, a spring closes the valve to prevent backflow. In the event of a flashback, the 
check valve needs to be replaced. A flashback arrestor is installed between the torch and 
the hose, and offers more protection than the check valve. The flashback arrestor 
prevents burning oxygen and fuel from flashing back into the hoses and regulator, which 
could cause an explosion. The flashback arrestor consists of a check valve, pressure- 
sensitive valve, stainless steel filter, and heat sensitive check valve. In the event of a 
flashback, the flashback arrestor does not need to be replaced. 


Torch: The torch mixes and controls the flow of the fuel gas and oxygen. The torch 
consists of valves, torch body, mixing chamber, and tips. The torch is sometimes referred 
to as a blowpipe, but this is not technically correct. 


Tips: Tips attach to the torch body and come in many sizes to create different-size 
flames. A cutting tip, also called a cutting head or cutting torch, is attached to the torch 
body to use for flame cutting. A cutting tip has a number of holes for the preheating 
flames around a center hole for the pure oxygen. Cutting tips also come in a variety of 
sizes and with different numbers of preheating holes. Heating, or rosebud, tips are used 
to preheat metals to improve their weldability. Welding tips come in a wide range of 
sizes to match the thickness of the metal being welded. Matching the tip size to the 
welding material and gas pressure is critical for creating quality welds. 


How to Set Up an Oxyacetylene Outfit 


| Secure the cylinders in an upright position, chained to a cart or strapped to a wall or post. Remove the 
protective cylinder caps. Wipe off the cylinder valve seats, regulator connections, and hose connections 
with a clean cloth. Crack open each cylinder valve briefly to expel any trapped dirt particles. “Flat top” 
acetylene cylinders (inset) may have antifreeze in the recessed valve seat. Use a clean rag to remove the 
liquid and dry the valve seat. This style acetylene cylinder requires a cylinder wrench to open the valve. 


2 Attach the regulators to the cylinders. (The acetylene connectors have left-hand threads.) Always hand 
tighten, then use a fixed wrench, not a pliers or an adjustable wrench, to tighten. Do not overtighten—a 
firm seating is all that is necessary. Attach the hoses to the regulators. The acetylene hose is red and left- 
hand threaded. The oxygen hose is green. NEVER use grease, oil, or pipe dope to lubricate fittings. 
Grease and oil can ignite spontaneously when they come in contact with oxygen—even without a spark 
or flame present. 


3 Turn the regulator adjustment screws on the oxygen and acetylene regulators counterclockwise until 
they are loose. (Some regulators have a knob.) 


4 Open the oxygen valve slowly all the way while standing to the side in case the regulator gauge glass 
shatters. Turn the regulator adjustment screw until oxygen begins to flow through the hose, then loosen 
the regulator adjustment screw to stop the oxygen flow. Slowly turn the acetylene cylinder valve % to 
1% turns. 


D Adjust the acetylene regulator valve until the gas begins to flow, then loosen the regulator adjustment 


screw to stop the flow. Attach the torch to the hoses. Be sure to pressurize the system and check for 
leaks before lighting. 


How to Pressurize (Turn On) an Oxyacetylene Outfit 


Make sure both torch valves are off. Turn both regulator adjustment screws counterclockwise until 
loose. Slowly turn the oxygen cylinder valve on. Once open, turn the valve all the way open to ensure 
proper seating without leaks. Turn the oxygen regulator adjustment screw clockwise until the gauge 
reads the desired pressure. (Refer to the manufacturer’s specific instructions for operating pressures. ) 
Open the oxygen valve on the torch to check the flowing oxygen pressure. 


: Example 11.7.2 
Factorize completely (a) 8x*-12x  (b) 20ab + 15bc 


(a) 8x? - 12x = 4x(2x-3)  (b) 20ab + 15bc = 5b(4a + 3c) 


1 Factorize these expressions completely. 
(a) 3x+9  (b) 14x- 21 (c) 20x + 15 (d) 6x- 15y 
(e) ax-7a (f) x? + 4x (g) 12x-18 (h) 15x- 12 
(i) 4ax+ 6bx (j) 9x?+ 12x (k) 20x-8x (l) 4bx- 2bx? 
(m) xy + xy? (n) 6ax? — 15a°x (0) 8xy + 12xy? 


11.8 Indices 


In Section 11.5, you saw how x x x is written as x”. In a similar 
way, x x x x x is written as x?, which could be read as ‘x to the 
power 3” but is usually read as ‘x cubed’. The 3 is called the 
index or power. 


x Xx Xx Xx is written as xt, which is read as ‘x to the power 4”. 


Higher powers are written as x°, xé and so on. 4x° is algebraic 
shorthand for 4 x x x x x x. Only the x is cubed, not the 4. 
In other words, you cube before you multiply. 


: Example 11.8.1 


7 Write more simply 
‘ENG MEX EE MEE WHS Gl Xl Xa al <al 
(alia <a e GGG. (b)6xdxdxdxdx d= 6d 
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Adjust if necessary and close the torch valve. Slowly open the acetylene cylinder valve % to 1% turns. 
(Leave the wrench on the valve if it is a wrench-style valve.) Turn the acetylene regulator pressure 
adjustment screw until the desired pressure reads on the regulator gauge. Open the acetylene valve on 
the torch briefly to make sure the flowing pressure matches the desired working pressure. If not, adjust 
the regulator until the proper pressure is reached. 


Checking for Leaks 


Apply leak-detecting solution to all connections with a small brush. (You can use soap and water so long 
as the soap is not petroleum based.) If any connections cause bubbles in the solution, tighten the 
connections and check again. 


Backfire € Flashback 


Backfire and flashback are two hazardous situations that can be caused by improper 
gas pressures. Backfire is the pre-ignition of the acetylene and oxygen inside the tip 
that causes a popping sound. This may damage the tip or spray molten metal from the 


weld area. Flashback is the flame burning backward into the torch or hoses, causing a 
popping or squealing noise. Flashback can cause an explosion in the hoses. Avoid 
both hazards by matching the tip size to the material being welded and by using the 
proper pressure settings. Using lower pressures than recommended can cause backfire 
and possibly flashback. 


Prelighting Checklist 


e Make sure torch valves are closed. 
¢ Turn both regulator adjustment screws counterclockwise until loose. 


e Slowly turn on the oxygen cylinder valve all the way. Turn the regulator adjustment 


to the proper pressure. 


e Slowly turn the acetylene cylinder valve 34 to 1% turns. Turn the regulator 
adjustment valve to the proper pressure. 


Some welders have been taught to open both the acetylene and oxygen valves before 
lighting the torch to avoid the smoky acetylene flame. This practice is no longer 


recommended. 


NEVER light a torch with a match or butane lighter. 


Lighting the Torch 


| Hold the torch in one hand with the thumb and forefinger on the acetylene torch valve. Hold the 
striker in front of the torch about 3 to 6" away at a slight angle. Turn on the acetylene torch valve Y to Y 
turn. Immediately use the spark lighter to light the flame. 


2 The flame will be yellow and smoky. 


3 Put the striker down and adjust the acetylene torch valve with your right hand so the flame is burning 
without producing soot. The flame should not be separated from the torch (inset). Open the oxygen torch 
valve slowly. Adjust the oxygen to get a bright white inner flame and a bluish outer flame. Turn down 
the acetylene to eliminate the excess acetylene feather if present. When you have finished welding, turn 
off the oxygen first, then the acetylene. 


Flame & Flame States 


The flame of an oxyacetylene torch has two parts—the inner or primary flame and the 
outer or secondary flame. The flame has different temperatures at different locations. 
The outside edges are cooler because they are burning with the ambient air, which is 
only 21% oxygen. The torch tip is cooler because complete combustion hasn't been 
reached. The hottest area is the tip of the primary or inner flame cone. Here the gases are 
completely combusted and are insulated by the secondary flame. There are three flame 
states for the oxyacetylene flame: carburizing, neutral, and oxidizing. 


secondary flame 


Primary flame 


The carburizing or reducing flame has an excess of fuel. This is a useful flame as it will break down 
metal oxides to get at the oxygen, thus cleaning the weld area to a small degree. This process adds 
carbon to welds, which makes them harder. The carburizing flame has a bright white primary flame, an 
acetylene “feather” around the primary flame, and a bluish white secondary flame with orange edging. 


Neutral flame 


The neutral flame is the exact point where the feather and the inner cone come together. In this flame, 
there is exactly enough oxygen present to provide total combustion of the fuel gas. Most welding and 
cutting operations use a neutral flame. The neutral flame has a bright white primary flame and a 
colorless to bluish secondary flame. 


: Example 11.8.2 
If p =6, evaluate  (a)p*, (b) 5p*. 


(a) p?>=6x6x6=216 
=D 1296 6480 
You can find powers of numbers using the y* key on your 
calculator. (Some calculators have differently labelled keys 
for finding powers of numbers. You may need to look at your 
calculator handbook.) 


: Example 11.8.3 
If q =—5, evaluate 4g”. 
AP AA KC) x C3) (5) EAA (425) 22500 n 


You can use the + key on your calculator when finding powers of 
negative numbers. 


1 Write the following in a simpler form. 


(a)mxmxm (b)nxnxnxnxn 
(c)Sxpxpxpxpxp (d)3xqgxqxqxqxqxq 
2 If p = 3, evaluate (a) p* (b) Sp? 
3 If q= 10, evaluate (a) q* (b) 7q4 
4 |fu=-4, evaluate (a) u? (b) 3u* 
5 If v= —5, evaluate (a) 4v? (b) 6v4 


11.9 Laws of indices 
To multiply a> by a*, you could begin by writing down what each 


expression means. a2 =axaxaandat=axaxaxa,so 
exe =a <a ka) xaxaxaxa] =a 
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Oxidizing flame 


The oxidizing flame has an excess of oxygen. The white cone of this flame is small and pointed and 
somewhat paler than the neutral flame. A hissing sound often accompanies this flame. This flame is not 
particularly useful as it hastens oxidizing, which is not desirable in welding. It can, however, be used for 

removing carbon from molten metal, thus softening the metal. 


Prewelding Checklist 


How to Weld with Oxyacetylene 


ie 
n 


| Select an appropriate filler rod and lay it on the table next to the bricks. Light the torch and adjust to a 
neutral flame. Pull down your face shield. Place small fusion tack welds at each end of the joint and in 
the middle if it is a long joint. (A fusion weld uses no filler rod.) Turn off the torch, oxygen first then 
acetylene, and check that your tacked piece is still in the desired position. If not, use a hammer to move 
it into position or break the tack weld and reposition. 


2 With the torch at a 45° angle to the right and oscillating the torch in a 1⁄4 to %" circle over both metal 
pieces, create a weld puddle at the right end of your workpiece. 


3 When a molten puddle has formed, move the filler rod close to the puddle and flame, but not in it. 
Begin moving slowly to the left while oscillating and maintaining the molten puddle. Dip the filler rod 
into the middle of the molten puddle and remove it, but keep it within the heat zone. 


4 Continue dipping, oscillating, and moving to the left. As you reach the end of the weld, the 
cumulative heat buildup may make it necessary to adjust to a shallower angle to deflect heat away from 
the puddle and prevent burn through. When finished, turn off the oxygen torch valve first, then the 
acetylene torch valve. The weld should penetrate to the back without burning through. 


Depressurizing an Oxyacetylene Outfit 


When you have finished welding, or if you are going to stop welding for more than 10 
or 15 minutes, depressurize your setup. The hoses and regulators are designed to leak 
small amounts of fuel and oxygen if they are pressurized and not being used, so it is 
important for safety and economy to depressurize them. You will soon be so 
comfortable with the pressurizing and depressurizing steps that it won't seem like an 
inconvenience at all. It is important to do the fuel gas and oxygen in separate steps, to 
prevent having mixed, unburned oxyacetylene in the torch. 


e Close the fuel gas cylinder valve. 

e Open the fuel gas torch valve until both gauges read zero. 

e Loosen (counterclockwise) the fuel gas regulator adjustment screw. 
e Close the fuel gas torch valve. 

e Close the oxygen cylinder valve. 

e Open the oxygen torch valve until both gauges read zero. 

e Loosen (counterclockwise) the oxygen regulator adjustment screw. 


e Close the oxygen torch valve. 


Oxyfuel Tips 


Gas Options: 


The most useful fuel gas for oxyfuel welding is acetylene. Its neutral flame generates 

the highest heat and heat concentration with the lowest chemical interactions with the 
molten metal. Other fuel gases, such as MPS or MAPP and propylene can be used for 
brazing and cutting applications. Natural gas and propane can be used for brazing and 
heating operations. Make sure that the equipment—hoses, regulators, torches, and tips 
—are designed for use with the gas you choose. 


GAS DENSITY (AIR = 1) TEMPERATURE OF NEUTRAL 
FLAME WITH OXYGEN 


Acetylene 0.906 5589" F 
Methylacetylene- 

propadiene (MPS) 1.48 5300 F 
Natural gas 0.62 46007 F 
Propane 1.92 4579" F 
Propylene 1.48 52902 


Fire Bricks: 


Fire bricks are specially made bricks that have little water content so they will not 
explode when heated to high temperatures. Fire bricks do not pull the heat from your 
weld or braze, and you cannot weld your material to them. 


Maintenance. The primary maintenance for oxyacetylene welding equipment is 
cleaning the torch tip. A dirty tip will spark, pop, and often direct the flame sideways. 
Tip cleaners are inexpensive sets of cleaning rods used to clean the various sized tip 
orifices (see photo, page 43). The set usually comes with a small file to smooth the 
tip. To clean, simply insert the correctly sized tip cleaning rod into the orifice, and 
pull back and forth. Do not rotate the tip cleaner as this may enlarge the orifice. Also, 
do not use drill bits to clean tips. The sharp edges of the bit will cut grooves into the 
tip. Cleaning rods have smoothed edges and are sized especially for tips. Do not clean 
tips while the torch is lit. 


Brazing 


Brazing is very similar to soldering since flux is applied to tightly fitted metal parts that 
are then heated to the point where filler material will melt and be drawn into the joint. 
Silver soldering and hard soldering are terms incorrectly used to refer to brazing. 
Brazing is different from soldering because it takes place at temperatures over 840°F and 
below the melting point of the base metals. The metals are not fused, but held together 
by the filler metal adhering to the base metals through capillary action. 


There are a number of industrial brazing processes, such as dip brazing, furnace brazing, 
and induction brazing. The home welder is likely only to do torch brazing. Torch brazing 
can be done with an oxyfuel torch using acetylene as the fuel gas, or any of the other fuel 
gases (see page 49). NOTE: Different fuel gases require different regulators, hoses, 
torches, and tips. 


For brazing to work, the gap between the parts must be between 0.002 and 0.010". If the 
gap is too tight, the flux and filler will not flow evenly through the joint. If the gap is too 
big, the strength of the joint is lessened. Gaps between parts can be measured with a 
feeler tool, available at automotive stores. Items to be brazed must be absolutely clean 
and free from rust, corrosion, grease, oil, and cleaning compound residues. 


Brazing is often used commercially to join dissimilar metals such as tungsten carbide 
saw teeth to a steel saw blade. Another common use for brazing is in lugged bicycle 
frames. Because nearly every metal can be joined using brazing, it is highly suitable for 
art applications. 


Brazing supplies include flux and silver solder (left). Braze welding requires flux-coated rods or separate 
flux and rods (sold individually or in bulk). 


The index 7 in the answer is the sum 3 + 4 of the indices 3 and 4 in 
the question. It suggests the general result 


This result enables you to write down products of powers of the 
same letter without intermediate working. 


: Example 11.9.1 
Simplify a? x af. 


Adding the indices, a? x a° = a? +° = aè 
You cannot add the indices unless the letters are the same. You cannot, 
for example, simplify expressions like a? x b* by adding the indices. 


To divide a° by a’, note that aé=axaxaxaxaxaand 
Meam sodio A 
axa 


You can now ‘cancel’ the ‘fraction’ in a way similar to that in 
which numerical fractions were simplified in Section 3.4. 


axaxaxaxdxd-=agt that is, af +a =ao-? =a’. 
ax qa 


The index 4 in the answer is the difference 6 — 2 between the 
indices in the question. It suggests the general result 


Similarly, if you were dividing a? by ać, you would find that 
Pegs o AA n 
axaxaxaxaxa a 


This suggests the general result 
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Thoroughly clean and flux both sides of the joint area. Using a small torch tip, heat the entire joint area 
until the flux turns clear and starts to run. Add enough filler metal to fill the joint. (Silver alloy is 
shown.) After the metal has cooled, the flux residue can be removed with hot water. 


Braze Welding 


Braze welding is similar to standard oxyacetylene gas welding except the parent or base 
metals are not melted, so there is no molten puddle. Instead of a steel alloy filler rod, a 
flux coated brass filler rod is used. Braze welding is often incorrectly referred to as 
brazing. Braze welding does not use capillary action to pull filler material into the joint 
—the filler metal is deposited as fillet or groove welds. 


The brazing rod is melted by the heat of the metal and the flame, but it should not be 
held in the flame itself. The parts for braze welding should fit tightly, but the gap is not 
as important as with brazing. 


Braze welding is used for joining dissimilar metals and for metals of different 
thicknesses. This technique is often used to repair cracked or broken cast iron. 


Braze welding has less distortion than oxyacetylene welding because less heat is applied 
to the parts. A disadvantage is that it is not as strong as welding where the base metal is 
melted, but a well-made braze weld is still sufficient for most non-structural 
applications. Because the base metals do not need to be melted, braze welding can be 
done with any of the fuel gases listed on page 49. 


If you are creating a piece that will be welded and braze welded, you must be careful to 
complete the non-brazed welds first. The heat involved with all other welding processes 
will boil off the brass alloy of a braze weld, ruining the weld and creating toxic fumes. 


| Braze welding is useful for joining thin metals, like this expanded metal, to thicker metals. Heat both 


parts, directing more heat toward the thicker part. It may take a long time for the thicker metal to heat. 
Using fire bricks will prevent a metal tabletop from absorbing any heat. 


2 When both parts glow a dull cherry red, touch the flux coated rod to the joint. The flux and the filler 
metal will melt. If the metal is molten or the fluxed rod comes in contact with the flame, the flux will 
burn and the filler metal will boil. This results in a poor joint in addition to giving off toxic fumes. 


Electricity For Welding 


Arc welding and cutting processes—shielded metal arc, gas metal arc, gas tungsten arc 
welding, and plasma cutting—all use electricity to generate the necessary heat. 
Understanding electricity is not necessary to use these processes, but knowing basic 
terms and concepts will help you understand why certain welding events occur. 


Electric current is the flow of electrons through a conductor from a high concentration of 
electrons (negative charge) to a low concentration of electrons (positive charge). As 
electricity flows through a conductor, it generates heat based on how much resistance the 
conductor offers. An arc is simply a sustained electrical discharge across an air gap. 
Because air is highly resistant to electron flow, an enormous amount of heat is generated 
by the movement of electrons across this gap. The heat generated by an arc is in the area 
of 11,000° F, but about half of this heat is dissipated. 


Electrical units. The units used to refer to electricity are voltage, amperage, and 
wattage. 


Voltage or volts (V) is the measure of electric potential or the electric pressure. The 
voltage controls the size of the air gap that the arc can cross. The higher the voltage, 
the larger the gap the arc can cross. 


Amperage or amps (A) is the volume of electrons flowing through a conductor. The 
amperage controls the size of the arc. 


Wattage or watts (W) is the measurement of the amount of electrical energy or 
power contained in the arc. Wattage affects the width and depth of a weld. 


Welding power. Power for welding may be supplied in one of the following ways: 


Constant voltage (CV). The arc voltage is maintained even when the current (amps) 
changes. This means if the arc length is changed, which changes the current flow, the 
voltage stays relatively the same. 


Constant current (CC). As the amperage fluctuates, the voltage increases or 
decreases to keep the total power (wattage) output the same. 


Open circuit and operating voltage. The open circuit voltage is the voltage that exists 
at the electrode tip when the machine is on but no arc has been struck. The higher the 
open Circuit voltage, the easier it is to strike an arc. Open circuit voltage is usually 
between 50 and 80 volts. The higher the voltage, the greater the risk of electrical shock. 


The operating voltage is the voltage when the arc is struck and the circuit is completed. 
This is usually between 17 and 32 volts depending on the arc length, the type of 
electrode, the type of current, and the polarity. 


Volts, amps, and watts are related to each other in such a way that volts x amps = watts. 


Power sources for welding. There are three sources for producing the low-voltage high- 
amperage combination that arc welding needs. 


A mechanical generator produces power through the use of a gasoline or diesel 
engine. 


A step-down transformer takes available high-voltage alternating current and 
changes it to a low-voltage high-amperage current. 


An inverter uses solid-state electronics to change the current without the weight of a 
transformer. 


Currents used for welding. The type of current used and the polarity is important to 
welding. 


Alternating current (AC) is standard available household current. The electron flow 
changes direction two times per cycle. Welding with AC means that the electrode and 
the workpiece alternate between positive and negative, so the welding heat is 
distributed evenly to both. This balances penetration and buildup. 


Direct current (DC) electrons flow in one direction only. A rectifier is used to 
convert alternating current to direct current. With direct current, there are two polarity 
options: 


Direct current electrode negative (DCEN)— formerly called straight polarity— 
means the electrode is negative, the workpiece is positive; electrons are flowing 
from the electrode to the workpiece and the heat is concentrated in the electrode. 


Direct current electrode positive (DCEP)— formerly called reverse polarity— 
means the electrode is positive, the workpiece is negative; the electrons are flowing 
from the workpiece to the electrode. DCEP produces the best welding arc 
characteristics. 


Duty cycle. The duty cycle is the amount of continuous running time at a given power 
output for a welding machine, given as a percentage for a ten minute period. Because 
welding machines produce heat internally, they need a certain amount of cooling time. A 
60% duty cycle means that a machine can run continously at that setting for six minutes, 
then it will need to cool for four minutes. Duty cycle is critical in construction and 
industrial applications, and it can be important for home shop use. A 10% duty cycle at 
the maximum setting means one minute of welding and nine minutes of cooling. This 
could be a problem for large projects on thick material. The higher the duty cycle, the 
more expensive the machine. 


Alternating current alternates between positive and negative polarities, passing through a zero, or no 
current point, between the two. 


Work leads and work clamps are sometimes referred to as ground leads and ground 


clamps. This is not technically correct, as the electricity is not being grounded. 


Instead, the work lead and clamp are allowing for completion of the circuit back to the 
machine. 


You can also say that a? + a* = a** = q*. Since a* + af = 
and a+, you can see that =a% . In general, 
a 


Using these general results, you can divide powers of the same 
letter. 


: Example 11.9.2 
Simplify (a) a? + a4, (b) a? + aè. 


(a) Subtracting the indices, a? + a* = a° 


Using the general result to simplify at + a? gives the answer a”, but 
axaxaxa 


axaxa 


: Example 11.9.3 


Simplify (a) a x a”, (b) a? +a. 


To simplify (@"), write it asia) =a xo xg =o =o". 


This suggests the general result 


: Example 11.9.4 
Simplify (a?)°. 


Multiplying the indices, (a?)? = a?*° =a" 
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Shielded Metal Arc Welding (SMA W) 


= ra j 
F 4 
4 q 


Shielded metal arc welding (SMAW) is also referred to as arc or stick welding. The 
process involves the heating of the base metal to fusion or welding temperature by an 
electric arc that is created between a covered metal electrode and the base metal. The 
coating or covering on the electrode provides both flux and shielding gas for the weld. 
The electrodes come in 9 to 15" straight lengths in a range of wire thicknesses from '/,, 
to 3/8", hence the name “stick.” SMAW is used extensively for fabrication, construction, 
and repair work because the machinery is inexpensive and fairly simple, and the 
electrodes are inexpensive. There are drawbacks to SMAW: it doesn’t work well on thin 
materials (less than 1/s" is difficult), electrodes need to be changed frequently as they are 
used up, and the protective slag coating must be chipped off each weld. 


Safety: Shielded metal arc welding uses electricity, so there is always the possibility of 
receiving an electric shock or being electrocuted. When an electrode (stick) is placed into 
the electrode holder, it is “live." If the electrode touches anything that the work clamp is 
in contact with, the circuit will be completed and an arc will be struck. To prevent this 
from happening, always remove the electrode from the holder when you are not actively 
welding. Do not use your bare hands to insert or remove electrodes—always touch 
electrodes with dry gloves. Remember that water and electricity never mix well, so do 
not weld while standing on a wet or damp floor or ground, and do not weld outdoors in 
the rain. The electrode will be hot after use, so take care where you dispose of electrode 
stubs. A metal bucket is a good addition to your SMAW workshop. 


SMAW welding produces ultraviolet and infrared rays, harmful fumes, and hot spatter. 
Protect your eyes with a #10 to #14 filter in a full-face welding helmet or hood. Heavy- 
duty leather welding gloves and a welding jacket with leather sleeves are necessary to 
protect you from the molten spatter. Proper ventilation from an exhaust hood or fan is 
important since many of the chemicals used in the electrode coatings are hazardous if 
inhaled. Also, it is a good idea to screen off your welding area so others are protected 
from the intense light of the arc. 


Power source 


A shielded metal arc welder consists of a power source, electrode holder, and work clamp. 


Equipment: SMAW machines are available as either alternating current (AC) or direct 
current (DC), or with the capability of switching between the two. The machine itself is 
simple in that it merely converts high-voltage low-amperage line current into low- 
voltage high-amperage welding current. Output is controlled with one knob. You often 
will hear SMAW machines referred to as “buzz boxes.” 


AC welding machines meet most home and small shop needs, are inexpensive, and are 
readily available. Because the alternating current cycles through a zero current between 
the positive and negative polarities, it can be difficult to strike and maintain an arc. DC 
machines are easier to use and have many home and hobby applications, but they are 
more expensive. Because DC current can have its flow reversed (see page 53), a DC 
machine has more versatility in terms of the electrodes that can be used. This allows for 
a wider range of welding positions, metal thicknesses, and metal types that can be 
welded. This versatility makes a DC shielded metal arc welder well worth the extra 
expense. 


The equipment itself consists of the welding machine, which usually has one adjustment 
knob, an electrode lead with electrode holder (sometimes called a stinger), and a work 
lead with work clamp. You will often see work leads and work clamps referred to as 
ground leads and ground clamps. The work lead and clamp are not grounding the 
electricity, they are completing the circuit back to the machine. 


e Welding helmet with #10 to #14 filter 
e Leather, wool, or cotton long pants; leather jacket 


e Heavy-duty welding gloves 


e Safety glasses 


e Hat 
e Leather boots or shoes 


e Ventilation 


Useful tools for shielded metal arc welding are a pliers, chipping hammer, and wire brush. 


SMAW electrodes: SMAW electrodes are solid, round, metal wires coated with flux 
and other components. In addition to producing shielding gas and flux, the covering may 
also contain additional metals for filler or alloying elements for the weld. 


The American Welding Society (AWS) publishes standards for the electrodes. 
Electrodes come in diameters ranging from ?,,¿ to 3/8" in increments of 1/,,". The electrode 
diameter measures the wire itself, not the diameter of the wire with the covering. The 
electrode designation is inked onto the covering near the bare end of the electrode. The 
number classification for SMAW electrodes begins with the letter E because they are 
electrodes. The first two or three numbers on the left denote the tensile strength of the 
properly completed weld in thousands of pounds per square inch. The second number 
from the right indicates the welding position appropriate for that electrode: 1 = all, 2 = 
flat grooves and flat or horizontal fillet weld, 3 = flat only, 4 = all. The last two numbers 
designate the current and polarity uses and other special notes. There also may be 
electrode suffixes that denote alloys that have been added to the electrode. 


Each electrode manufacturer may have a number of electrodes of a specific AWS 
designation that are slightly different and have been tailored to specific uses. The 
diameter of the electrode will determine which amperage to use. Use the manufacturer’s 
guidelines to determine amperage. If not available, start with 90 to 120 amps minimum 
range for a 1/8" electrode and add 40 amps for each t⁄," increase in diameter. This will 
give you a rough minimum starting amperage. 


The most commonly used electrodes are 6011, 6013, 7014, and 7018. The 6011 and 
6013 electrodes will work with AC power, the 7000 electrodes will not. For a beginner, 
6013 with DC power is generally the easiest electrode to use in terms of striking an arc 
and maintaining a consistent arc. It is always a good idea to talk with your welding 
supplies dealer about what type of welder you are using, the type of welds you are 
making, and the materials you are working on to get the best electrode for your purposes. 


Slag: Shielded metal arc welding produces a weld that is covered with a coating of 
ceramic-like slag. The flux and other components in the covering clean the material to be 
welded and also float out impurities in the weld. These impurities and flux solidify on 
top of the weld, which protects the cooling weld from the effects of oxygen in the 
atmosphere. The slag must be scraped or chipped away before the weld bead is covered 
with another weld layer or before the weld is painted or finished. Safety glasses should 
be worn during this procedure. 


SMAW electrodes are sold in 5- or 10-pound boxes. Specialty electrodes may be bought a pound at a 
time. It is important to keep electrodes dry either in the original box or a storage container. 


Electrodes for SMAW are stamped with a numeric code so you can tell which to use with arc power and 
which are for DC. 


Prewelding Checklist 


How to Weld with Shielded Metal Arc 


| set up your material to be welded. Make sure the electrode holder is not touching the workpiece or 
worktable. Attach the work clamp to the table (inset) or workpiece. Turn on the machine. Adjust the 
range switch for the desired amperage. Wearing leather gloves, place an electrode in the electrode 
holder. Position the electrode over the area to be tacked, flip down your helmet, and tap or scratch the 
electrode on the area to be tacked to strike an arc. After making your tack welds, remove the electrode 
from the electrode holder. Check to see that the tacked pieces are aligned properly. If not, use a hammer 
to move them into alignment or break the tack welds and retack. Chip slag from tack welds so it does not 
contaminate the final weld. 


1 Simplify the following where possible. 


(a) x? x x (b) x” = x? (c) (x*)? (d) x x x° 
(e) x? = x‘ (f) (x°)? (g) xx (h) x? x y‘ 
(i) (x2)? (j) x°+x (k) x5 +x? (Do x x 
(m) x€ + x5 (n) x’ x x3 (0) x? +x (p) (x?) 


11.10 Simplifying expressions with indices 
To simplify 4a? x 5a? consider first what it means. 
4a? x Sa? = (4 x a°) x (5 x aè) = (4 x 5) Xe x a?) = 200 


This result shows that you can consider the numbers and 
the powers of a separately. Since 4 x 5=20 and œ x &@ = a, 
4a? x Sa? =20a*. You can use this method to simplify 
expressions with more letters. 


: Example 11.10.1 


Simplify 
(a) 3a?b*x 6a°b? (b)3a?x4a (c) Za? x a2  (d) 8a? xa 


aa == el oela 
(b) 3a° x 4a = 12a* (Remember 4a means 4a”.) 

(C) a ra- la 

(d) 8a° x a=8a* 


To simplify 12a° + 3a?, you can again consider the numbers and 

the powers of a independently. 

12xg” 12 @ 
E. 


= = 4a* 
3 x a? 3 a 


12a? + 3a* = 
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2 Replace the electrode in the electrode holder, and position the electrode over the left side of the area to 
be welded. Hold the electrode at a 10 to 20° angle to the right. Flip down your hood and scratch or tap to 
strike an arc. The distance between the metal and electrode should not exceed the thickness of the 
electrode bare wire diameter. Move slowly to the right until the weld is completed. 


3 To remove slag, hold the workpiece with pliers at an angle and scrape or knock the slag with the flat 
blade of the chipping hammer. Wear safety glasses when chipping slag. 


Gas Metal Arc Welding (GMAW/MIG) 


Gas metal arc welding (GMAW), also referred to as MIG (metal inert gas) or wire feed, 
is a process where a consumable electrode (wire) is automatically fed through a welding 
gun along with a continuous flow of a shielding gas. The actual application of filler 
metal is achieved with most small machines through the short circuit transfer method. 
Other transfer methods used by more powerful machines are short circuit globular and 
spray pulse. 


The GMAW process has a number of advantages. The gun or torch can be held at a 
uniform distance from the weld, unlike shielded metal arc welding where the distance 
from the electrode holder to the weld becomes shorter as the electrode is consumed. The 
trigger power control on the welding gun also makes it possible to be completely 
positioned and ready to weld without accidentally striking an arc. When ready to weld, 
the welder can flip down the helmet and pull the trigger without getting off target. 
Because the electrode is the filler, the welder does not need to coordinate a filler rod in 
one hand and the torch in the other. The GMAW gun can be held steady with both hands 
to create a uniform bead. Because of the shielding gas, GMAW welds are smooth and 
clean, with no slag to chip or grind. The GMAW process can operate at very low 
amperages and is a relatively cool welding process, so 22- and 24-gauge sheet metals can 
be welded without distortion. The process also requires narrower beveling for thicker 
plate welds, so less time is spent on grinding. 


Some disadvantages of GMAW are that the shielding gas nozzle does not allow for 
welding in tight spaces without some modifications. Because the shielding gas can be 
disrupted or blown away by drafts easily, the process is not suited for working outdoors. 


___— Regulator 


_— Gas cylinder 


_„— Power source 


A gas metal arc welding setup consists of a power source, wire feed (inside power source), work cable 
with clamp, supply cable with gun, and gas cylinder with regulator. 


e Welding helmet with #11 to #12 filter 


e Leather, wool, or cotton long pants, long sleeve shirt, and hat 
e Leather gloves with gauntlet 
e Leather boots or shoes 


e Ventilation 


The Equipment 


Power supply: In the small GMAW units, the power supply and wire feed are integrated 
into the same cabinet. In larger multipurpose machines, the wire feed is a separate unit. 
The power supply converts the standard alternating current (AC) into direct current 
(DC). Alternating current is not appropriate for gas metal arc welding because its 
constantly switching flow does not yield a steady, consistent arc. On the machine, you 
will be able to adjust the voltage, polarity, and wire feed rate; the machine adjusts the 
amperage. When using the power source to weld with a shielding gas, the machine 
should generally be set up for electrode positive, that is, the electrode is positive and the 
workpiece is negative. If used without shielding gas and with flux cored wire, the 
polarity usually needs to be switched to electrode negative. This is achieved by 
switching the contact wires within the machine. Larger multipurpose machines may have 
a switch to change the polarity. Always check manufacturer’s recommendations for 
polarity settings. 


Wire feed: The wire feed consists of a spool of wire, a tension controller, and rollers and 
a roller motor. The wire speed is set by the speed adjustment knob, depending on the 
thickness of the material being welded. The rollers have V or U grooves sized to match 
particular wires. Most machines come with two-sided rollers that can be switched over to 
handle two different size wires. 


Gun: The GMAW gun, sometimes referred to as a torch, is attached to the welding 
machine via the supply cable. The cable carries the power, the power control, the wire in 
a Special liner, and the shielding gas. The gun has a trigger that turns the power on and 
off, which also starts the wire feed and the shielding gas flow. The gun generally has a 
goose neck shape, although straight neck and flexible neck guns are available. A contact 
tip is screwed or cam locked into the gun. This tip has an orifice the same size as the 
wire being used. It is important that this be sized correctly—too large and good electrical 
contact between the source and the electrode will not be made, too small and the wire 
will not fit. The shielding gas is directed toward the work area with a nozzle. On most 
home versions, the relationship between the contact tip and the gas nozzle stickout is not 
adjustable; larger welders have a wider variety of nozzle sizes and shapes. It may be 
worthwhile to purchase an aftermarket adjustable system. When using the GMAW 
process, it is important that the supply cable be kept as straight as possible to prevent 
kinking the wire or impeding the gas flow. 


MIG pliers is a handy tool for gas metal arc welding. It is designed for hammering, wire cutting, 
insulation brushing removal and installation, and drawing out wire. It is also ideal for removing spatter 
from inside, outside, and the nozzle end. 


The wire feeding mechanism consists of a spindle to hold the wire spool, drive wheels, rollers, and a 
tension adjustment. Most welders now have a reference chart with recommended settings. 


Most home GMAW welders use 1-pound or 10-pound wire spools. Larger spools are generally more 
economical. 


Work cable with clamps: This is clamped to the workpiece or to a metal work surface 
that the piece sits on to complete the circuit. 


Example 11.10.2 


Simplify (a) 24a* + 8a*, (b) 2 


3a? © 


(a) 24a°+ 8at=3a? (b) $ = 6a? 
To simplif 10a*b* 
pi 2a?b? 


10a*b* 10 ¿E OP 
2a*b? p EN ae b2 7 


Example 11.10.3 


Simplify (a) —— (b) Sab” = ao. (c) 15a5p? 


2a bpi 


(a) Sp =i x 5 x E =4a%b? 


(b) 5a*b” + atb? ==% = 2 x £ x E =5a?b* 
EA b _ 5a? 
(c) 3a2b3 E = T p3 = b 


Example 11.10.4 


Simplify (a) 4 2a5) (b 6a“b” (c 3a°b* (d 14a?b? 


Za3b”! 6atb!? Ae 


4 a Ne 
(a) 4 a = 4 e = 


bab Te a eTa’ 
(b 2a°b’ ae 2 a = oS bi — ps 


3a°b? _ 3 a bb a 
(c) Gath? G A TA bt = Op 


Taer E yg EE yg E g L E be 
(d) 2b2c a> xfxFxt=@ as =1 


_ Aluminum wire sooo 


_~ Spool gun 


a 


A 
Diffuser 


Contact tip 


Gas metal arc gun 


A spool gun is used for feeding aluminum wire because it often breaks or misfeeds through a standard 
cable. A standard gas metal arc gun consists of a handle, gas diffuser, contact tip, and nozzle. 


Electrodes: When choosing an electrode (wire), consider the composition properties, 
cleanliness of the base metal, and the shielding gas. If you will be welding out of 
position, this will also be a factor. There are dozens of wire choices for GMAW. 


Electrodes are labeled with alphanumeric codes that describe their type, tensile strength 
of the weld, whether it is solid or tubular (tubular is flux cored), and chemical 
composition. For mild steel, ER70S-3 is a good general-purpose wire. ER70S-4 and 
ER70S-6 are good wires for dirty or rusty metals. Wire also is available for welding 
aluminum and stainless steel. Available wire sizes are 0.024, 0.030, 0.035, and 0.045". 


Using a wire feed machine without shielding gas requires the use of flux cored wire 
(often called innershield), and the process is then called flux cored arc welding (FCAW). 
Because the wire makes the electrical contact as it travels through the contact tip, the 
flux must be inside the wire, which makes flux cored wire more expensive than regular 
GMAW wire. Commercial welders may use a “dual shield” flux cored wire that does use 
a Shielding gas. Welds made with this process are as clean as regular GMAW welds. 


Flux cored arc welding can be done outdoors because there is no shielding gas to be 
disturbed by wind and weather. Unfortunately, using flux cored wire results in a less 
attractive weld due to the presence of slag and more spatter. The flux cored wire usually 
has greater penetration and is often used to stretch the capabilities of a small welding 
machine. Because 0.035" is the smallest diameter for flux cored wire, it is not 
appropriate for welding thin sheet metal. The lowest setting for this size wire is still too 
hot for this application. 


Shielding gas: The shielding gas for GMAW is supplied by a cylinder with a flow 
regulator and connecting hoses. The gas line is connected to the welding machine, which 
directs it through the cable. 


Carbon dioxide is suitable for general GMAW welding. It gives good penetration and is 
inexpensive compared to other gases. Argon and carbon dioxide in a 75% argon and 
25% carbon dioxide mix is the standard GMAW shielding gas. It is slightly more 
expensive than pure carbon dioxide, but it yields welds with less spatter. Pure argon is 
used for shielding aluminum welds. If you choose to use pure carbon dioxide, select an 
electrode that performs well with this shielding gas. 


Gas cylinder safety: Gas cylinders store compressed gases at pressures up to and greater 
than 2000 psi. This is sufficient pressure to send a tank through a concrete wall if the 
cylinder valve should be damaged. It is important to be extremely careful with gas 
cylinders even when they hold the non-flammable gases used in GMAW welding. Gas 
cylinders should always be upright and chained or strapped to a wall, post, or cart. Never 
drag a cylinder; never lay one down or roll it flat. To move a cylinder, chain it to a 


handcart first. If you must move a cylinder without a handcart, tip it slightly and roll it. 
Never weld anything to the cylinder or safety cap—and be careful never to accidentally 
strike an arc against a cylinder. If you do, you will have to purchase that cylinder. 


A flow meter registers gas flow with a small floating ball. 


How to Set Up the Wire Feed 


| Contact tubes are stamped with their size. Make sure the contact tube and the drive roll grooves are 
the correct size for the electrode you are using. Place the wire spool on the spindle, and secure it with the 
pin lock, lock ring, or wing nut. Make sure it is feeding in the proper direction. 


Unless your machine has an inch switch for advancing wire or a purge switch for 


activating gas flow, you will use the gun trigger to accomplish both tasks. Using the 
gun trigger means the wire is “live” and will arc to anything the work clamp is 
touching. 


¡GUN TEQGER CONNECTION | 
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inlet wire guide 


2 After releasing and cutting off the crimped wire end, hold the wire firmly with a pliers. The wire is 
tensioned and the entire spool will rapidly unroll if you do not hold it firmly. Swing the tension arm or 
pressure roll out of the way. Push the wire through the inlet wire guide, through the groove on the drive 

roll, and out through the outlet wire guide. 


e 
E 


A Trigger 


3 Swing the tension arm or pressure roll back into position. Adjust tension according to manufacturer’s 
directions. On a new machine, the drive roll pressure will already be set. Make sure the wire is aligned 
perfectly straight—not up and down or side to side—on the drive roll. Turn the machine on, turn the 
wire speed to its highest setting, pull the cable straight, and depress the trigger (shown). Some machines 
have an inch button that feeds the wire without supplying power to the contact tip or wasting shielding 
gas while loading wire. 


How to Set Up the Shielding Gas Flow Meter 


1 Open the cylinder valve briefly to clear out any dirt. Wipe the cylinder threads with a clean, dry cloth. 


2 Attach the flow meter to the cylinder. Use a fixed wrench to prevent damaging the brass fittings. 


To simplify (3a*)?, a good method is to write it as 3a* x 3a*, 
which is 9a*; both the 3 and the at have been squared. With 
practice, you should be able to write the answer straight down. 


With higher powers, it can be easier to use the index law 
(ar? =a"; Thus, (Sa2b)? =35*x (a7)? xb =1254%b*. Note 
that each term inside the bracket, 5, a? and b, has been cubed. 


To check whether a simplified expression could be right, 
substitute the same values for the letters into both the 
simplified and unsimplified expressions; if you have simplified 
correctly you will get the same answer for both. 


: Example 11.10.5 
3 Simplify (a) (5a)?, (b) (4a*b?), (c) (2a*)?,  (d) (4a2b°)?. 


: (a) ( 
: (b) (4a2b?)? = 4a*b? x 4a*b? = 16a*b* 

} (Mirate olas Sas 

© (d) (4a2b5)3 = 43 x (a2)? x (b3) =64a*b' 


Da) = Saal ="2 504 


1 Simplify the following. 


(a) 3x? x 2x? (b) 5x x 4x? (c) 7x*y4 x 2x3y* 
(d) 9x’ x x (e) 6x* x x5 (f) dy? x xy? 
(g) 12x5 + 4x3 (h) 2% (i) > 
(Contd) 
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: meter 


3 Turn the knob on the flow meter clockwise to tighten it so no gas can flow through it. If the flow 
meter is open when you open the cylinder valve, the high pressure can damage the flow meter. 


4 Attach the hose to the flow meter and to the welding machine. Slowly open the cylinder valve, then, 
once it is open, open the cylinder valve completely. To set the flow rate, turn on the machine. Depress 
the trigger to activate the gas flow, and turn the flow meter knob counterclockwise. While gas is 
flowing, continue turning the knob until the meter registers the proper flow rate. Make sure that the flow 
meter or flow gauge is rated for use with the shielding gas you are using. For example, an argon/carbon 
dioxide flow meter cannot handle pure carbon dioxide. 


Prewelding Checklist 


How to Weld with Gas Metal Arc 


1 Prepare and fit up the material to be welded. Attach the work cable clamp to your welding table (inset) 
or the workpiece. Turn on the machine and shielding gas. Adjust the wire speed and voltage according to 
the manufacturer’s recommendations. Cut the electrode to 3/8" stickout. Put the tip of the electrode at the 
point of the first tack weld, flip down your helmet, and pull the trigger. Place tack welds evenly around 
the weld area. Trim the electrode for proper stickout at the end of each use. Check to see that the 
workpiece is still aligned properly. If not, adjust with a hammer or break the tack welds and retack. 


2 Start at the left end of the weld. Hold the gun with both hands and position it at a 20° angle with the 
tip pointing to the left. Put the tip of the electrode at the beginning of the weld, flip down your helmet, 
and pull the trigger. 


3 Begin welding, moving steadily to the right. GMAW has a distinctive sizzling sound. Popping and 
snapping indicate dirty material or an improper voltage or wire speed adjustment. 


Postwelding Sequence 


4 A finished GMAW is smooth with even ripples or weave pattern, no slag, and little spatter. 


Flux Cored Arc Welding 


Flux cored arc welding uses the same wire feed and power supply as gas metal arc 
welding but usually without the gas shielding. This is convenient for welding outdoors 
in windy conditions, but the weld is not as clean. To use flux cored wires, most 
welding machines need to be converted. Usually this involves changing the output 
polarity and installing a gasless nozzle. It also might require installing proper drive 
rolls and a different cable liner. Otherwise, follow the same steps to weld with flux 
cored wire as with solid wire. 


ru eda 
a ie Oey 
i. 2, po A a 
i — s L 


Flux cored wire welds are covered with a layer of slag. 


Maintenance & Troubleshooting 


A small amount of maintenance on your GMAW equipment will result in better, more 
consistent welds and longer-lasting equipment. Spatter—tiny pieces of the electrode or 
base metal that have sizzled off—builds up on the nozzle and the contact tip. Remove 
this spatter frequently as you weld so it does not interfere with gas flow or electrical 
conductivity. Turn off the machine, remove the nozzle, and use the closed point of the 
MIG pliers (page 59) to ream out the nozzle and file the end of the contact tip. An anti- 
spatter gel is available in which to dip the hot nozzle and contact tip. Anti-spatter spray 
can be used to coat the contact tip and the nozzle. This spray is also useful for coating 
your welding table to prevent spatter from sticking to your work surface. Eventually you 
will need to replace the nozzle, but regular maintenance and proper welding techniques 
will extend the life of a nozzle considerably. 


Contact tubes become worn because they are a soft copper alloy and the electrode is 
steel. The electrode will wear through the contact tip, possibly making the electrical flow 
irregular. Contact tips should be visually inspected for wear on a regular basis. The 
orifice on a worn contact tip will appear oval instead of round. Tips generally are good 
for about eight hours of continuous welding use. NOTE: Always turn off the welder 
before changing the contact tip. 


It is important to keep the welder fan motor and rectifier free of dirt and dust to prevent 
it from overheating. If your welder is stored in a dusty shop, or you use it infrequently, 
keep it covered. Use low pressure air to blow dust and dirt from these assemblies. Use a 
vacuum to remove dirt from the wire feed mechanism. 


The supply cable needs to be cleaned occasionally as well. Check the manufacturer’ s 
recommendations for frequency, but it's generally recommended to clean after you’ve 
used 50 pounds of flux cored wire or 300 pounds of solid wire. With the power off, 
remove the cable from the machine. Remove the gas nozzle and contact tip from the gun, 
lay out the cable straight, and use low-pressure air to blow into the gun end. (Using high- 
pressure air may create a dirt plug that will clog the cable permanently.) 


Always store the supply and work cables and the gas hose off the floor and away from 
chemicals, hot sparks, and sunlight. 
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2 Simplify the following. 


(a) Ss 


(d) 5 

(g) 57 
(j) (Sxy)? 
(m) (10x)? 


(b) xy" + xy" 
(e) $ 

(1) 22 

(k) (ey Y 

(n) (ay 


(c) 
(f) So 
(i) (6x)? 
(1) (Sx?y*)? 
(0) (5x*y*)? 


Stub Out, or Stubbing 


“Stub out” is when the electrode welds to the base metal without melting or breaking 
off. This is caused by the voltage being too low, the wire feed being set too fast, or 
holding the gun too close to the work when starting. Correct the settings, grind off the 
stub outs, and restart the weld. 


Stub out results in short sections of wire poking out of the weld. 


Removing a Bird”s Nest 


A bird’s nest is a tangle of wire in the wire drive mechanism. This happens when the 
wire drive rolls continue feeding wire but the cable is blocked, the outfeed tube is 
misaligned, the wire is stubbing out on the base metal, or the wire has been welded to 
the contact tip. The drive rolls are set to slip in these cases, but if the tension has been 
adjusted too tightly, they may continue to push wire. 


To fix a bird’s nest, turn off the machine and cut the wire as it comes off the spool. 
Remember the wire is under tension, so you must hold the spool end, then tie it off 
through one of the spool holes. The tangled wire also may be storing tension, so it 
may fly out of the drive roll area. Release the tension arm or roller arm. Pull the wire 
out of the drive mechanism and the supply cable. Wear safety glasses when removing 
a bird’s nest. 


IG GUN NOZÉ ‘LE 


I. 


‘O CONTACT TIP? 


Use dippable anti-spatter gel to prevent spatter buildup on the nozzle and contact tip. Simply dip the hot 
nozzle into the gel. 


GMAW Troubleshooting 


PROBLEM 


Wire feeds, but no arc 
can be struck 


Weld bead is full of holes 
like a Sponge (porosity) 


Weld bead is tall and 


looks like a rope 


Excessive spatter or dirty welds 


Arc starts and stops 


SOLUTION 


e Check to see that the 
work clamp is connected 


e Make sure the shielding gas is on 

e Adjust shielding gas to a higher flow rate 
e Eliminate drafts 

e Verify correct polarity 


e Make sure the voltage setting is 
appropriate for the material’s thickness 
e Reduce your travel speed 


e Reduce the gun angle 
e Hold the nozzle closer to the work 
e Decrease the voltage 


e Check the wire feed for steady feeding 


e Check the cable connections 
e Clean the weld materials 


Gas Tungsten Arc Welding (GTAW/TIG) 


Gas tungsten arc welding (GTAW), commonly called TIG (tungsten inert gas), and 
sometimes referred to as Heliarc (the L-TECH trade name), is a process that generates an 
arc between a non-consumable tungsten electrode and the workpiece. The electrode and 
the weld are protected by a shielding gas, and filler metal may or may not be used. 


Gas tungsten arc welding differs from the other arc welding processes because the 
electrode is non-consumable and not used as filler material. GTAW is more like oxyfuel 
welding in terms of the skills needed to manipulate the torch with one hand and the filler 
rod with the other. GTAW requires another layer of coordination because most machines 
also use a foot activated amperage control. 


Like gas metal arc welding, gas tungsten arc welding is a clean process be cause the 
shielding gas eliminates the need for flux and the resultant slag. 


Safety: Because gas tungsten arc welding is such a clean process, welders often are 
tempted to weld without gloves or in short-sleeve shirts. This is not recommended. The 
arc most likely produces more ultraviolet rays than other processes, and because there 
are no fumes or smoke, those rays are entirely unfiltered. It is important to cover all 
exposed skin to prevent UV burns. Filter requirements are a minimum #10 shade, and if 
you have an auto-darkening hood, be sure that it is rated for the GTAW process. Some 
entry level auto-darkening hoods are not. The arc may produce ozone, which is 
hazardous to breathe over long periods. Make sure your gloves, clothes, and work area 
are dry. Always turn off the power when changing electrodes. 


Equipment: The basic equipment needed for GTAW is a constant current welding 
machine, cable with torch, work cable and clamp, electrode, and inert gas cylinder with 
regulator and flow meter. Optional equipment includes a remote amperage control and a 
water-cooled torch with water cooler and hoses. 


Regulator 


( sE EE Gas cylinder 
y / 


Power source 


Foot control 


"Work clamp. 


Supply cable 


A gas tungsten arc welding setup consists of a power source, work cable and clamp, supply cable and 
torch, foot control, and gas cylinder with regulator. 


Although a mid-range shielded metal arc machine can be used to deliver the current for 
gas tungsten arc welding, a dedicated good-quality GTAW machine delivers the current 
as AC or DC, provides an optional high-frequency output for no-touch arc starting, has a 
remote control option for foot pedal control, and has a solenoid for shielding gas control. 
The combination of AC and high frequency makes it possible to weld aluminum with 
good results. The newest electronic GrAW machines have advanced current control 
capabilities and are becoming more and more affordable. 


Torch and cables: The GTAW torch holds the electrode and delivers the shielding gas. 
It can be air or water cooled. The torch parts are the cup or nozzle, collet body, collet, 
end cap, and torch body. The collet and collet body hold the electrode firmly and 
establish electrical contact with the electrode. The cup directs the shielding gas. A torch 
may be air cooled for use below 200 amps, but over 200 amps the torch usually is water 
cooled. The supply cable supplies electricity, shielding gas, and coolant to the torch. This 
may be an integrated cable or individual cables. A work cable with clamp is also 
necessary. 


Some GTAW torches have flexible necks, which allows them to be bent into the most 
convenient angle for supporting the torch. Unfortunately, the non-flexible torches will 
bend if forced, and then they will be ruined. Some torches also have a gas on/off valve. 
This is necessary for machines that are simply power sources with no internal gas flow 
controls. 


e Welding helmet with #10 to #14 filter 


e Long pants, long- sleeve shirt, and hat 
e Leather gloves 
e Leather boots or shoes 


e Ventilation 


Pliers and a stainless steel wire brush are handy for gas tungsten arc welding. 


The collet body, collet, end cap, and cups all come in a variety of sizes. The collet body 
and collet are sized to match electrode diameters. Each part is stamped with its size. The 
end caps come in a variety of lengths—some accommodate an entire 7" electrode, others 
are shorter for more clearance while welding. 


Cups come in a variety of sizes denoted by '/,," increments. A #4 nozzle is *,¿", a #8 is 
846". Cups should ideally be 4 to 6 times the size of the electrode. A cup that is too large 
will not direct the gas in a proper stream, a cup that is too small may not provide 
adequate steady flow. A gas lens or screen in the torch balances the gas flow. Good 
shielding designs allow you to use a lower gas flow. Higher flow creates turbulence and 
jetting, which disturbs the shielding—more does not equal better when it comes to 
shielding gas flow. Cups also are available in different lengths. A longer nozzle increases 
the electrode extension from the collet, which may increase the electrode temperature. 
Use either lower amperage or larger diameter electrodes if you are using a longer nozzle. 
Shorter nozzles may be necessary for tight working conditions. Nozzles are also 
available in clear (fused quartz) types, which are more expensive but give greater 
visibility, especially in cramped quarters. 


Shielding gases. Two inert shielding gases are used for gas tungsten arc welding: argon 
and helium. They may be used alone or in combination with one another. Argon yields 
better starts and better arc maintenance. Helium gives a hotter arc and allows faster 
travel speeds. Helium, however, is very expensive. Argon and helium are both contained 
in standard cylinders, and a pressure regulator flow meter combination will need to be 
attached. Because of the density difference between the two, either a separate flow meter 
needs to be used for each, or use a flow meter that has calibrations for each type of gas. 
Argon flow rates for up to 1/s" steel is 8 to 10 cubic feet per hour (CFH), for stainless 
steel 11 to 13 CFH, and 12 to 20 CFH for aluminum. Drafty locations may require 
higher flow rates. Check the manufacturer’s recommendations. 


Electrodes. The electrode for gas tungsten arc welding is always a tungsten or tungsten 
alloy rod with either a pointed or a rounded end. The electrodes come in a variety of 
diameters. 


Preparing the electrode. Prior to use, the cut end of the electrode must be sharpened to 
a point or melted to a ball. The tip may be ground to a point or chemically sharpened. 
The electrodes come in 7" lengths. To increase the number of points available, score the 
electrode with a file or cut-off wheel, and snap it in half. Tungsten is very hard but 
brittle, so it is easy to grasp each end of the electrode with pliers and snap it in half over 
a sharp table edge. 


THINGS TO REMEMBER 


> In algebra, letters can be used to represent numbers. 
Sy means Sx yory+y+ytyrty. 

1y is written as y. 

mn means m x n. 

4pq means4 x p xq. 

zor +x means x + 2. 

2 means a +b. 

x? means x x x and is read as ‘x squared’. 

4b? means 4 x b? or ‘4b squared’. 

x? means x x x x x and is read as ‘x to the power 3’ or 
‘x cubed’. 


VVVVVVV VV 


> An expression is made up of terms. The expression 4 + 2a — 3b 
has three terms, 4, 2a and 3b. Like terms contain the same 
letters or combination of letters. 


> To simplify an expression you should collect like terms and 
then combine them. Unlike terms cannot be simplified. 


» You can evaluate an expression by substituting (or replacing) 
numbers for letters and then calculating the value of the 
resulting expression. 


» You expand brackets by multiplying them out: multiply each 
term inside the brackets by the term outside the brackets. 
> alb+c)=ab + ac 
> alb=c)=ab- ac 
> -a(b +c) =-ab - ac 
> -a(b - c) = -ab + ac 


11. Algebraic expressions 
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A gas tungsten arc welding torch includes the electrode, collet body, collet, cup, backcap, and torch body 
with heat shield. 


Tungsten is very brittle, so electrodes can be scored with a file, then snapped over a sharp table edge. 


Because all tungsten electrodes look and feel the same regardless of their composition, it 
is important to keep them clearly separated by type. The color codes will wear off, or, if 
you point each end of your electrode, be ground off. It is helpful to have clearly labeled 
containers for each type of electrode. 


Two critical factors in grinding the electrodes are the grinding wheel and the grinding 
direction. You must use a hard, fine grinding wheel dedicated exclusively to tungsten. 
Metal particles left on the wheel from grinding aluminum or steel would contaminate the 
tungsten, which causes erratic arc behavior and poor weld quality. An extremely hard 
material, tungsten will become hot as it is ground. Sharpen the electrode tip so that 
grinding marks run lengthwise down the tip, not in a circular or crosswise pattern. 
Lengthwise grinding focuses the electron flow toward the tip; circular grinding causes 
the arc to be unfocused and possibly jump sidewise from the electrode rather than off the 
tip point. Chemical means also can be used to sharpen tungsten by dipping a hot tungsten 
rod into a chemical agent. The length of the taper on the tungsten tip should be two to 
three times the diameter of the tungsten. 


To safely hold tungsten electrodes for sharpening with a grinder, insert them into the chuck of a drill. 
Running the drill while sharpening the tungsten ensures a uniform point. Move the tungsten across the 
wheel to prevent grooves in the wheel edge. 


Electrode Characteristics 


ALLOY 


Pure tungsten 


1% Thorium oxide 
(thoriated) 


2% Thorium oxide 


Zirconium oxide 


2% Cerium oxide 


(ceriated) 
Lanthanum oxide 


AC 


Primarily DC, 
but also AC 


DC 


AC 


DC 


TRAITS & USES 


e Welding of aluminum 

e Forms ball at tip 

e Easier arc starts 

e Carries more current 

e Low-level radioactive 

e Long life 

e Easier arc starts 

e Similar to pure tungsten 
but carries more current 

e Not as good as thoriated 
but not radioactive 

e Similar to ceriated 


COLOR 


Green 


Yellow 


Welding with AC current requires that the tip of the electrode be balled, which is 
accomplished by running DC electrode positive or AC current and striking an arc on 
copper or brass. The ball should not extend beyond the diameter of the electrode, 
although many sources recommend a ball one and one half times the diameter of the 
tungsten. 


If you touch the weld puddle or filler rod with the electrode during welding, you must 
change to a fresh electrode. Any time the electrode tip becomes pitted or blackened, is no 
longer pointed, or the ball becomes too large, you must change to a fresh electrode. This 
will happen often, so it is best to have a number of electrodes sharpened and ready to go. 
If you forget to turn on the shielding gas or the flow is interrupted, the electrode will 
give off a thick yellow tungsten oxide smoke. This smoke is hazardous, so resume 
welding only after the smoke has cleared. You will need to change electrodes if this 
happens. 


Chemical sharpeners are available for sharpening tungsten. 


Tightening the back cap locks the tungsten electrode into place. The tip of the electrode should extend 
beyond the end of the cup by a distance of three times the electrode’s diameter. 


Anatomy of the GTAW Machine 


Welding 
current 
| . Slope 
Start | down 


current time 


| 


Gas post 
flow time 


0 $ z OSs 4 
SLOPE E f AC balance 
— control 


Polarity 
_— selector 


~ Operating 
mode 


~ Power 
switch 


~ Positive 
output 


Negative \ Gas outlet 


output Remote to torch 


control 
outlet 


Setting Up the GTAW Machine 


Dedicated GTAW machines, like this one and the one pictured on page 68, have many 
advanced features. The basic setup, however, is the same. 


The positive and negative output receptacles are for the torch and work clamp 
connections. 


The gas outlet connects to the torch gas hose. 


The remote control socket is for the foot or finger control. Using a remote control 
allows the welder to control the amount of current while welding. 


The operating mode selects high frequency or scratch starts. 
Polarity selects either AC or DC. 


AC balance control allows for adjusting AC power to be more positive or more 
negative to create either more cleaning action or deeper penetration. Advanced 
machines can adjust the AC power to be as much as 90% positive or negative, rather 
than the 50% for standard AC power. 


Start current controls the current for arc starting. 


Welding current sets the range for welding. The foot or finger control then operates 
within this range. 


Slope down time gradually reduces power to the arc without extinguishing the arc. 
This allows for the weld crater to fill before the arc is extinguished. 


Gas post flow controls how long the shielding gas will flow after the arc is 
extinguished. 
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> Factorizing is the opposite process to expanding, so you need 
to rewrite the expressions using brackets. Look for the highest 
common factor of the numbers and letters separately. For 
example 20ab + 15bc factorized fully is 5b(4a + 3c). 


> The laws of indices are 
> a47=a"=q"", ifm is bigger than n 
> a”=a"= -L, if nis bigger than m 


> Ciu = ga 


Prewelding Checklist 


How to Weld with GTAW 


- 


| Set the controls based on manufacturer’s recommendations for the material to be welded. Turn on the 
machine, and turn on the water pump, if available. Attach the work clamp to the welding table or 
workpiece. Flip down your helmet, activate the foot or finger control if using one, and strike an arc by 
scratching the tip of the tungsten against the base metal. If your welder has a high frequency option, you 
do not need to scratch start the arc. Place a tack weld at each end of the joint to be welded. You may be 
able to tack the joint by simply fusing the two pieces with the heat of the torch, or you may have to use 
filler rod. 


E Dia r © a 
2 Position yourself to weld from right to left (if you are right handed) with the torch at a 15° angle to the 


right of center. Hold the filler rod in your left hand. Position yourself so you can comfortably hold the 
torch and filler rod for the duration of the weld. 


Striking an Arc 


Unless you have a high frequency option, you will need to physically strike an arc— 
Called a scratch start. Rest the cup on the workpiece at a sharp angle. Move the tip 
until it briefly contacts the work, then angle it back again to start the arc. After the arc 
is started, lift the cup off the workpiece and establish the proper torch angle. 


High frequency allows the arc to jump the gap without needing to create physical 
contact between the electrode and the workpiece. 
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3 When a molten puddle has formed, dip the tip of the filler rod into the middle of the molten puddle. 
Keep the filler rod at a low angle to prevent disturbing the shielding gas. Keep the tip of the filler rod 
near—but not in—the puddle. Move the electrode to the left and continue the melting and dipping 
process. 


4 As you approach the end of your weld, you may need to adjust your travel speed because the buildup 
of heat in the material makes the molten puddle form more quickly at the end of the weld than at the 
beginning. You also may need to adjust the torch angle to be more shallow (not shown here) so that less 
heat is directed into the base metal. 


Postwelding Sequence 


Troubleshooting 


Filler metal for gas tungsten arc welding comes in rod form and ranges from t46" to 3⁄6" 
in size. Rods are available in a variety of alloys, including aluminum, chromium and 
chromium nickel, copper, nickel and nickel alloys, magnesium, titanium, and zirconium. 
Specific alloy compositions are available for creating specific weld types on specific 
base metals. These filler metals are similar to those used in oxyfuel welding, with the 
exception of the carbon steel rods, which are not copper coated as they are for oxyfuel. 
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Becoming proficient in gas tungsten arc welding takes E and identifying problem welds is an 
important step. Weld A is too hot. Increase the travel speed or decrease the amperage. Weld B is too 
cold and is simply sitting on top of the base metal rather than penetrating it. Decrease the travel speed or 
increase the amperage. Weld C was done too quickly. Travel speed needs to be controlled and 
consistent. Weld D is a good-quality weld with even ripples, good penetration, and a moderate crown. 


A well-done gas tungsten arc weld on aluminum has even ripples and good penetration. This sample 
weld shows two passes to create a fillet weld on 14" stock. 


Approximation 


In this chapter you will learn: 

e how to round whole numbers and decimals 
e about significant figures 

e howto find estimates 

e howto use rounding in problems 

e about the accuracy of measurements. 


12.1 Introduction 


Sometimes exact answers to a problem are unnecessary or even 
impossible, and a sensible approximate answer is needed. For 
example, in a census, the population of Coventry was given as 
304 426 but, for most practical purposes, 300 000 would be an 
adequate approximation. 


You will meet a variety of ways of approximating numbers. Then you 


will use approximate values to find estimates to calculations, to solve 
problems and see how approximation and measurement are related. 


12.2 Rounding whole numbers 


One method of approximating is to give, or round, the number to 
the nearest ten, hundred, thousand, etc. 


12. Approximation 
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GTAW Troubleshooting 


PROBLEM SOLUTIONS 


Weld looks porous e Make sure shielding gas is on and is correct type 
or sooty e Make sure shielding gas cylinder is not empty 
e Eliminate drafts 
e Make sure base metal is totally dry 
e Clean base metal thoroughly 
e Increase gas flow rate 
Base metal distorts e Tack weld parts before welding 
e Clamp parts down to rigid surface 
e Scatter welds to diminish heat buildup 
Unstable arc e Adjust electrode to work angle 
e Clean base metal thoroughly 
e Clean electrode 
e Connect work clamp to workpiece 
e Bring arc closer to work 
Electrode is rapidly e Make sure polarity and current 
consumed settings are correct 
e Increase electrode size 
e Increase gas flow 
e Decrease current 


e Increase gas postflow time 
e Use proper shielding gas 


WELDING PROJECTS 


Here’s a chance to put all these welding and cutting techniques to use. The following 
chapters have directions for creating 23 different projects. Each contains a detailed 
cutting list, technical drawing, and step-by-step directions. Among the shop projects you 
will find a sturdy welding table and a handy welding machine cart. The lighting projects 
feature a variety of candleholders and lamps. Included in the furniture projects are a 
delightful wine rack and a handy solution to creating a coffee table out of a slab of stone 
or wood. The outdoor projects will spark your creativity with an add-your-own-found- 
objects gate. 


IN THIS SECTION: 
Shop 

Home Décor 
Outdoor 


IN THIS CHAPTER: 
Rolling Welding Curtain 
Welding Table 

Welding Machine Cart 
Cylinder Cart 

Grinder Stand 

Portable Welding Table 
Saw Stand 


Rolling Welding Curtain 


A Overall dimensions 
64 x 24 x 74" 


Zip ties 


Grommet 


Caster mounting 
detail 


For arc welding and plasma cutting, it is very important to screen your work area so 
other shop workers, passersby, family members, and pets are not exposed to the 
damaging rays. This rolling curtain is quick and easy to make, and it offers the necessary 
screening while you work. You can purchase ready-made welding tarps in a variety of 
colors, shapes, and sizes (see Resources, page 220). Or you can make your own welding 
tarp with 12-ounce cotton duck, fire retardant, and grommets. 


Materials 


e 1 x 1" square tube (27 feet) 


e 4 threaded swivel casters, at least one locking 


e 5 x 5 foot welding tarp 


e Zip ties 
PART NAME DIMENSION QUANTITY 
A Sides 1 x 1" square tube x 72" 2 
B Wheel supports 1 x 1" square tube x 24" 2 
C Top crossbar 1x1" square tube x 64" 1 
D Bottom crossbar 1 x 1" square tube x 62" 1 


Sixteen gauge or thin wall tube is sufficient for this project. 


How to Build a Rolling Welding Curtain 


Attach the Wheel Supports to the Sides 

1. Clean all parts with denatured alcohol, acetone, or degreaser. Prepare weld joint areas 
by wire brushing until shiny. 

2. Cut the sides and wheel supports (A & B) to length. 


3. Clamp one side piece to the work surface. Center a wheel support at the end of the 
side piece to form a T. 


4. Check for square and tack weld along the butt joint between the two parts. Turn the 
assembly over and reclamp it to the work surface. Check that the wheel support is still 
square to the side piece. Make a final weld along the butt joint. 


5. Repeat steps 3 and 4 to assemble the second side piece and wheel support. 


Weld the Wheel Support T-joints 
1. Clamp a side and wheel support assembly to the work surface so the wheel supports 
hang over the edge. 


2. Weld the T-joint between the wheel support and the side piece. Turn the assembly 
over and weld the second T-joint. 


3. Repeat steps 1 and 2 for the second side and wheel support. 


Install the Crossbars 
1. Cut the top and bottom crossbars (C & D) to length. 


2. Place the top crossbar over the side pieces (see photo). Check for square, clamp in 
place, and tack weld. 


3. Make a mark 10" up from the bottom of each wheel support. Align the lower edge of 
the bottom crossbar with the marks, check for square, and tack in place. 


4. Flip the assembly over and check for square by measuring across both diagonals. If 
the measurements are equal, the structure is square. Clamp the assembly in place and 
complete the welds. Flip the assembly over and finish the welds on the other side. 


Apply Finishing Touches 
1. Paint the framework, if desired. 


2. Drill holes for the threaded post swivels 12" from the end of the wheel supports. Install 
the casters. 


3. Attach the welding tarp to the framework with zip ties. 
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Clamp the sides to the table with the wheel supports hanging over the edge. Finish weld the wheel 


supports to the sides, then weld the top and bottom crossbars to the sides. Make sure the plywood work 
surface does not have smoldering embers when you are finished. 
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Welding Table 


Overall Dimensions 
24 x 48 x 36" 


A sturdy welding table is the heart of any metal shop. Used for arc welding, cutting, or 
oxyfuel welding, the welding table is a versatile addition to your shop. The model shown 
here is sized to allow you to work while sitting on a stool or while standing. You may 
want to check the scrap bin at the local steel yard to see if you can find a bargain price 
for the tabletop. Some yards sell plate in 4 foot by 2 foot pre-cut sections that you can 
cut to size. Or you can have the piece custom cut. You can use material that's thinner 
than %46", but thicker material is better as the table top will have less distortion from the 
welding heat and the heat generated when you grind spatter off of it. Set the sheet metal 
for the table top on top of sawhorses or a workbench for use as a work surface to build 
the rest of the table. 


PART 
A 


B 


C 
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NAME 


Table top supports 
(front & back) 
Table top supports 
(sides) 

Cutting table supports 
(front & back) 
Right side legs 
Left side legs 
Stretcher (rear) 
Stretcher (sides) 
Cutting table slat 
Table top 


DIMENSIONS 
% x 12 x 1%" angle iron x 36" 


Ya x 1% x 12" angle iron x 24" 
Ys x 1% x 1%" angle iron x 12" 


Ye x 1% x 1%" square tube x 36" 
Ye xX 1% x 1%" square tube x 3412" 
Ys x 114 x 1%" square tube x 4512" 
Ye x 1% x 1%" square tube x 2112" 
% x 1%" flat bar x 23%" 

346" rolled steel 24 x 36" 


QUANTITY 
2 
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For example, 22 is between 20 and 30 but it is nearer to 20 than 30. 
So, when you round 22 to the nearest ten, you round down to get 
20. When you round 67 to the nearest ten, however, you round up 
to get 70, as 67 is nearer to 70 than to 60. 


If a number is exactly halfway between two multiples of 10, the 
convention is to round up. For example, 85 is exactly halfway between 
80 and 90 so, to round 85 to the nearest ten, you round up to 90. 


In other words, if the digit in the units column is less than 5, you 
do not alter any of the previous digits, but if the digit in the units 
column is 5 or more, you increase the tens digit by one. In both 
cases, your answer will have a zero in the units column. 


Example 12.2.1 


Round each of the following to the nearest ten. 
(a) 392 (b) 4697 


(a) 392 is between 390 and 400. The 2 tells you to round down, 
so 392 to the nearest ten is 390. 
(b) 4698 is between 4690 and 4700. The 8 tells you to round up, 
so 4698 to the nearest ten is 4700. 
Similarly, you can round numbers to the nearest hundred, when the 
tens digit tells you whether to round up or down, or to the nearest 
thousand, when it is the hundreds digit which tells you. 


Example 12.2.2 
Round to the nearest hundred: (a)349 (b)2861 (c) 31750 


(a) 349 is between 300 and 400. The 4 tells you to round down, 
so 349 to the nearest hundred is 300. 

(b) 2861 is between 2800 and 2900. The 6 tells you to round up, 
so 2861 to the nearest hundred is 2900. 

(c) 31 750 is between 31 700 and 31 800. The 5 tells you to round 
up, so 31 750 to the nearest hundred is 31 800. 


Materials 
e 1/8 xX 1% x 1%" angle iron (12 feet) 
e 1/8 x 1% x 1%" square tube (20 feet) 


e 14 x 1%" flat bar (14 feet) 


e 3/,¿" sheet metal (2 x 2 feet) 


e 4 leg levelers 


How to Build a Welding Table 


Weld the Table Top Supports 

Cutting notches for the side supports in the front and back table top supports is easier 
than cutting 45° miters and provides more welding surface area. 

1. Cut the table top supports (A & B) and cutting table supports (C) to length. Cut 1%" 
notches where each end of the three side supports (B) fits against the table top supports 
to create a 90° angle joint. 

2. Place the table top front support (A) and a table top side support (B) together to form a 
right angle. Check for square and tack weld. 

3. Repeat step 2 using the table top back support and another side support. 

4. Assemble these two right angles to make a square. Check all corners for square, and 
check the assembly for square by measuring both diagonals—they should be equal. If 
not, adjust the supports so the assembly is square. 

5. Complete each outside corner weld, re-checking for square as you go. Flip the 
assembly over and complete the remaining welds of the joints. 


Weld the cutting table section to the table top assembly. The angle iron flange for the table top will face 
up to support the table top. The angle iron flange for the cutting table will face down to form a well to 
support the cutting table strips. 


Complete the Table Top Supports 


The cutting table supports are positioned with the flange at the bottom to hold the 1⁄4" 
thick strips. The table top supports are positioned with the flange at the top to support the 
table top (see photo, above left). 


1. Place the remaining side support (B) and the front and back cutting table supports (C) 
at right angles to form three sides of a rectangle. Check the comers for square and tack 
weld the pieces together. 


2. Assemble the pieces so the table top supports have the flange at the top, the cutting 
table supports have the flange at the bottom, and the cutting table supports are abutting 
the table top supports. Tack weld where the table top sides butt together. Turn the 
assembly over and weld the remaining joints. 


Prepare the Leg Assembly 

1. Cut the legs (D & E) to length. 

2. Measure the completed tabletop. It may be slightly more or less than 24" deep and 48" 
wide. Adjust the stretcher lengths (F & G) to those measurements, minus the 1%" for 
each leg thickness. Cut the stretchers to length. 

3. Mark both sets of side legs 5" up from the bottom. Starting with the right side legs 
(D), place a side stretcher (G) between the legs with the bottom of the stretcher aligned 
with the 5" mark. 


Place the back stretcher between the right and left side leg assemblies. Make sure the stretcher is square 
to the legs, then weld in place. 


4. Align the stretcher at a 90° angle to the side legs and clamp the assembly to your work 
surface. Tack weld the top inside angle at each end of the stretcher. 


5. Repeat this process for the left side legs. 


Finish the Leg Assembly 

1. Place the leg assemblies on their sides with the rear side down, and clamp to your 
work surface. 

2. Position the rear stretcher (F) between the right and left leg assemblies, aligning the 
bottom of the stretcher with the 5" mark. 

3. Align the stretcher at a 90° angle to the assemblies and clamp in place. Tack weld the 
inside angles (see photo, bottom previous page). 


Tack weld cutting table slats to the angle iron every 1%" to form the cutting table top. 


Assemble the Table 

The right legs fit inside the corner made by the angle iron, while the left legs are set back 
1/8" from the edges of the angle iron. 

1. Turn the table top and cutting table assembly upside down, then set the leg assembly 
into it. 

2. Clamp the pieces in place. Check for square on both sides, front, and back. 

3. Tack weld all corners. Check for square again, then weld all pieces into place. 


Install the Cutting Table Top 

Tack welding the cutting table grating allows you to remove and replace the 4%" strips as 
they become worn from the cutting torch. 

1. Cut the cutting table slats (H) to length. 

2. Place a slat onto the ledge formed by the cutting table top supports 114" from the table 
top edge. 

3. Tack weld the top edge of the slat to the angle iron. 


4. Place another slat 1%" from the first slat and tack weld in place. Continue building the 
cutting table top in this manner until complete (see photo, above). 


5. Grind down the welds on the top of the table top support assembly. 


Finish the Table 
1. Place the table top (I) onto the assembly and tack weld twice on each side. 


2. Weld the table top to the supports using 1 or 2" weld beads at both sides of each 
corner and twice along each side. 


3. Grind down the welds, if desired. Wire brush, sand, or sandblast the entire table. 
4. Paint the table, but do not paint the table top or cutting grate. 
5. Install leg levelers as needed. 


Welding Machine Cart 


Yov’ll want a cart for your GMAW or GTAW machine and gas cylinder—why not build 
it as your first project? It’s good practice, and the materials will cost much less than most 
commercial carts. If you keep your eyes open, you can probably pick up the angle iron 
for free the next time a neighbor throws away an old bedframe. Remember, however, to 
grind off the paint at the joints, otherwise you’|l have nasty fumes and poor- quality 
welds. 


Include a rubber pad and insulated chain for the gas cylinder (not shown) so an arc can’t 
accidentally be struck against the cylinder. 


Materials 


e 1/8 xX 1% x 1%" angle iron (24 feet) 


e 1/8" sheet metal (16 x 64") 
e 1/8 x 114" flat bar (16") 


e Swivel casters (4) 


PART NAME DIMENSIONS QUANTITY 
A Bottom front & back Y% x 1⁄2 x 1%" angle ironx 16" 2 
B Bottom sides Ve x 1% x 1%" angle iron x 36" 2 
C Tray Ve" sheet x 16 x 36" 1 
D Top front & back %x1%x 1%" angle iron x 16" 2 
E Top sides Ye x 1% x 1%" angle iron x26" 2 
F Legs Ve x 1⁄2 x 12" angle iron x24" 4 
G Top Ve" sheet x 16 x 26"* 1 
H Brace Ve x 1%" flat bar x 16" 1 


*Approximate dimensions, cut to fit 


How to Build a Welding Machine Cart 


Assemble the Base & Tray 

1. Cut the bottom front and back (A) to length. Cut the bottom side pieces (B) to length. 
Instead of mitering the corners, cut a 1%" notch at each end. 

2. Arrange the front, back, and side pieces to form a rectangle. Check the corners for 
square, clamp in place, and tack weld the pieces together. 

3. Measure diagonally across the corners to make sure they are square. If the 
measurements are equal, the base is square. If they are not, adjust the pieces until they 
are. 

4. Clamp the base in place. Weld each outside corner. Turn the base over and weld each 
joint. Do not weld inside the base, as the weld beads will interfere with the tray and leg 
placement. 

5. Measure the inside dimensions of the base and cut the tray (C) to size. 

6. Insert the tray into the angles of the base. Tack weld the tray at points along the 
perimeter. 

7. Turn the assembly over and place three 1" welds along each long side, and two 1" 
welds along each short side to join the tray to the base. 


1 Write each of these numbers to the nearest ten. 


(a) 34 (b) 45 (c) 76 
(d) 751 (e) 8465 (f) 7396 

2 Write each of these numbers to the nearest hundred. 
(a) 675 (b) 849 (c) 350 
(d) 4351 (e) 2974 (f) 19 483 

3 Write each of these numbers to the nearest thousand. 
(a) 7682 (b) 3429 (c) 5500 
(d) 37 743 (e) 42 499 (f) 99 682 


4 The attendance at a Manchester United soccer match was 61 267. 


Round this number to the nearest hundred. 

5 Ina census, the population of Wolverhampton was given as 
242 187. Round this number 
(a) to the nearest thousand, 
(b) to the nearest hundred thousand. 

6 To the nearest hundred, the population of a town is 7600. Find 
(a) the smallest, (b) the largest, 
possible population the town could have. 


12.3 Rounding with decimals 


If you travel 70 miles in 14 hours, you can find your average 
speed (see page 118) by dividing 70 by 1.5. My calculator gives 
46.66666667 as the answer to 70 + 1.5 but it would not be 
sensible to write down the whole calculator display. An answer to 
the nearest whole number is appropriate, so as 46.666 666 67 is 
between 46 and 47, but nearer to 47, an average speed of 47 mph 
is a reasonable answer. 


If the digit in the first decimal place is less than 5, you round 
down; that is, you leave the whole number unchanged. If it is 5 
or more, you round up; that is, you increase the whole number 


by 1. 
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Assemble the Top 
1. Cut the top front and back (D) and top side pieces (E) to length. Cut a 1%" notch at 
each end of the side pieces. 


2. Arrange the front, back, and side pieces to form a rectangle. Check the corners for 
square, clamp in place, and tack weld the pieces together. 

3. Measure diagonally across the corners to make sure they are square. If the 
measurements are equal, the top assembly is square. If they are not, adjust the pieces 
until they are. 

4. Clamp the pieces in place. Weld each outside corner. Turn the assembly over and 
weld each joint. Do not weld inside the top assembly, as the weld beads will interfere 
with the top and leg placement. 

5. Measure the top assembly to allow a 1/8" setback on all sides, and cut the top (G) to 
size. 

6. Grind down the welds and place the top over the assembly. Tack weld the top along 
the perimeter, then finish weld with two 1" welds per side. 


Attach the Legs 

1. Cut the legs (F) and brace (H) to size. 

2. Turn the top upside down. Place a leg in one of the corners. Use a scrap piece of angle 
iron to assist in clamping (see photo). Make sure the leg is square to the top and tack 
weld into place. 

3. Repeat step 2 to attach the other three legs to the corners of the top. 

4. Place the legs and top assembly into the bottom assembly. The back legs should fit 
into the corners of the bottom assembly, and the front legs into the angles of the side 
pieces of the base. 

5. Make sure the legs are square to the base, clamp, and tack weld. 

6. Measure across the diagonals between the base and the top to make sure the unit is 
square. Adjust, if necessary, and finish welding the legs to the top and base. 

7. Measure 12" from the bottom of the front legs. Center the brace over the marks, check 
it for square, and clamp in place. Weld the brace to the front legs. 


Use a scrap of angle iron to hold the legs in place for tacking. 


Add Finishing Touches 
1. Sand and clean the cart, and paint. 


2. Drill holes 2" in from the ends of the brace and attach the eyebolts. Use the threaded 
chain links to attach the chain. 


3. Turn the cart over. Grind down the welds at the corners and attach the casters. If you 
are welding the casters, make sure you grind off the zinc coating. 


Cylinder Cart 


F Overall dimensions 
18 x 13 x 48" 


Base assembly 
detail 


Handle upright \ 
detail 


You can purchase a cylinder cart for your oxyfuel rig—your dealer might even give you 
a discount—but it’s fun and challenging to make your own. This cart is constructed with 
1/8" stock, which is oxyfuel weldable, but we used GMAW. The base platform and back 
support can be flame or plasma cut. If you have access to a heavy-duty metal brake, you 
can make the base platform and back support from one 16% x 1734" piece and bend it to 
90° (allow 14" for the radius of the bend). 
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NAME 


Base back 
Base sides 
Base platform 
Back support 
Handle uprights 
Handle 

Axle 

Axle brackets 
Bracket supports 
Crosspieces 
Side supports 
Base support 


*Approximate dimensions, cut to fit 


DIMENSIONS 


Y x 12 x 1%" angle iron x 18" 
Ye x 1% x 1%" angle iron x 10" 
%" sheet x 10 x 17%"* 

Ye" sheet x 6 x 17%"* 

Y x 1" round tube x 60"* 

Y x 1" round tube x 18" 

Y” round bar x 22"* 

%" sheet x 4 x 412" 

Y x 1%" flat bar x 8"* 

Y x 1%" flat bar x 17"* 

% x 1%" flat bar x 24"* 

Y x 1%" flat bar x 12"* 


QUANTITY 
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Materials 
e 1/8 xX 1% x 1%" angle iron (3% feet) 
e 1/8" sheet metal (18 x 24" sheet) 
e 1/8 x 1" round tube (12 feet) 
e 5/8" round bar (2 feet) 
e 1/8 x 1%" flat bar (7 feet) 
e 1/8 x 114" flat bar (4 feet) 
e 1" eyebolts with nuts (3) 
e Chain 


e Snap closures or threaded chain links (3) 


e 8" wheels with hubs (2) 


e Washers and cotter pins (2) 


How to Build a Cylinder Cart 


Prepare the Cart Base 

1. Cut the base back (A) and base sides (B) to size. Rather than mitering the corners, cut 
a 1%" notch in each end of the base back (see diagram). 

2. Mark and cut a triangular section off the front end of each base side to soften the edge. 
3. Lay out the base back and sides to form a three-sided rectangle. Square the corners 
and clamp the assembly to your work surface. 

4. Tack the joints at both ends of the base back. Turn the assembly over and weld the 
corner and butt joints. 


After welding the base back and sides, cut the base platform and back support to fit, then weld them in 
place. 


Install the Base Platform & Back Support 

1. Measure the inside width of the base assembly and cut the base platform (C) and back 
support (D) to size. 

2. Place the base platform into the base assembly and tack weld it into place along the 
base sides.(Do not weld along the base back, as that would prevent the back support 
from fitting flat against the base platform.) 

3. Turn the base over and place two 1" welds along each side where the base platform 
meets the back and sides. 

4. Set the base flat on the work surface, right-side up, and place the back support upright 
against the inside of the base back (see photo, above). 

5. Clamp the back support to the base back. Place three 1" welds on the back side of the 
support where it meets the angle iron. 

6. Place two 1" welds on the inside T-joint, making sure not to weld within two inches of 
the corner. 


Tack the axle brackets to the base assembly. Insert the axle to check for proper alignment, then finish 
weld the bracket joints. 


Attach the Axle Brackets 
1. Cut the axle brackets (H) to size. 


2. Place the base assembly on its side and align an axle bracket along the top edge of the 
base side, resting it on top of the back support and extending 3" off the back side. 


3. Measure 4" up from the bottom of the base assembly and 114" from the back edge to 
mark the axle location on the axle bracket. Drill, flame cut, or plasma cut a 5/8" hole at 
the mark. 


4. Tack weld the axle bracket in place (see photo, above left). Insert the axle to check for 
proper alignment, then weld both sides of the T-joint between the bracket and the back 
support. 


5. Weld the outside butt joint between the bracket and the base side. 
6. Repeat steps 2 to 5 to weld an axle bracket to the other side of the base assembly. 


Prepare the Handle Uprights 
1. Cut the handle uprights (E) to length. 


2. Make a 20 to 30° bend in one of the handle uprights 13" from one end using a heavy- 
duty conduit bender. Bend the other handle upright to match. 


3. Cut both pieces so the curve is 12" from the top end and the overall upright height of 
each is 48". Grind the tops of both handle uprights so they fit around the handle tube. 


Assemble & Install Handle Uprights 


1. Place a handle upright against the inside corner of the base assembly. Turn the handle 
so the curve points straight back. Tack weld the handle in place. Repeat this process for 
the other handle upright. 

2. Cut the handle (F) to size. 

3. Place the cart on its back. Set the handle against the cutouts in the handle uprights 
keeping an equal amount of overhang on each end and tack weld in place. 


4. Finish weld the handle uprights to the base assembly. Place welds between the handle 
uprights and top back support, and between the handle uprights and axle brackets. 


Attach the Crosspieces 

1. Measure and cut the crosspieces (J) so they are slightly recessed against the handle 
uprights. 

2. Drill three 346" holes—one in the center and one on each end of one crosspiece. Place 
this crosspiece 21" up from the base. 


3. Set the remaining crosspieces at 13" and 30" from the base on the forward side of the 
handle uprights, and weld in place (see photo, right). 


Example 12.3.1 


Write each of the following to the nearest whole number, 
(a) 4.369 (b) 64.7132 (c) 368.5 


(a) 4.369 is between 4 and 5. The 3 tells you to round down, so 
4.369 to the nearest whole number is 4. 
(b) 64.7132 is between 64 and 65. The 7 tells you to round up, so 
64.7132 to the nearest whole number is 65. 
(c) 368.5 is halfway between 368 and 369. The 5 tells you to round 
up, so 368.5 to the nearest whole number is 369. 
For greater accuracy, you can give numbers correct to one decimal 
place (1 d.p.). 7.346, for example, is between 7.3 and 7.4, but 
nearer to 7.3, so 7.346 = 7.3 (to 1 d.p.). 


If the digit in the second decimal place (4 in 7.346) is less than 5, 
round down, leaving all the preceding digits unchanged. If it is 5 
or more, round up, increasing the digit in the first decimal place 
by one. 


: Example 12.3.2 


Write each of these numbers correct to one decimal place. 
(a) 7.483 (b) 0.65 (c) 23.0481 


(a) 7.483 is between 7.4 and 7.5; the 8 tells you to round up, 
so 7.483 =7.5 (to 1 d.p.). 

(b) 0.65 is halfway between 0.6 and 0.7; the 5 tells you to round up, 
SO ES =01/ o dp) 

(c) The 4 in 23.0481 tells you that 23.0481 = 23.0 (to 1 d.p.). 


Insight 
In the answer 23.0, the zero is necessary; 23 alone is correct 
only to the nearest whole number. 
When you express a number correct to one decimal place, you are 
giving it correct to the nearest tenth. 
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Lay the crosspieces across the handle uprights at the proper heights. Weld the pieces to the uprights. 


Attach the Supports 

1. Turn the assembly on its side. Place a bracket support (1) in position across the handle 
upright and the axle bracket. Mark the angles on the support and cut it to size. 

2. Weld the bracket support in place against the handle upright and axle bracket. 


3. Set the side support (K) in position against the base side and the handle upright. Mark 
the angles and cut to fit. Weld the support in place. 


4. Turn the assembly on its opposite side and repeat steps 1 to 3. 


5. Mark the angles and cut the base support (L) to size to fit between the base platform 
and the base back. 


6. Center the base support from side to side on the base assembly. Weld both sides of 
each T-joint. 


Complete the Cart 
1. Center the axle (G) between the axle brackets. Place the wheels on the axle to make 
sure the wheels barely make contact with the floor (see photo, right). 


2. Mark the axle for its final length and cut to size. Drill holes in each end of the axle to 
fit the cotter pins. 


3. Center the axle between the axle brackets and weld in place. 

4. Complete any unfinished welds. 

5. Wire brush or sandblast the cart. Clean the cart and paint as desired. 
6. Attach the wheels to the axle. Insert cotter pins in the axle holes. 


7. Affix eyebolts with nuts in the 3 holes in the middle crosspiece. Attach the chain to 
the eyebolts with snap closures or threaded chain links. 
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Trial fit the wheels before welding the axle into place. The wheels should just barely make contact with 
the floor. 


Grinder Stand 


Overall dimensions 
16 X 16 x 35" 


This is a good project to make with angle iron from the discount bin at the local steel 
supply center. You can often buy short pieces for 10 cents a pound rather than the 30 to 
50 cents you would normally pay. Take along your calipers or micrometer to measure 
thicknesses, as well as your measuring tape, cutting list, and tough gloves so you don’t 
get cut digging through the scrap pile. 


Materials 


e 3), 1% x 1%" angle iron (19 feet) 


e 3/6" plate (8 x 8") 


PART NAME DIMENSIONS QUANTITY 
A Legs A6 x 12 x 1%" angle iron x 32" 4 
B Top J6 x 1% x 1%" angle iron x 8%" 4 
C Bottom As x 1% x 1%" angle iron x 16" 4 
D Platform A6 to Y." plate 8 x 8" 1 


How to Build a Grinder Stand 


Build the Top & Bottom Assemblies 
1. Cut the top and bottom pieces (B & C) to length. Miter the corners at 45° or cut 1%" 
notches into the pieces. 


2. Assemble pairs of bottom pieces into right angles. Clamp the pieces to your work 
surface and tack weld at each corner. 


3. Assemble the two right angles into a square. Check for square by measuring across 
each diagonal—if the measurements are equal, the assembly is square. Tack weld the 
corners. 


4. Repeat steps 2 to 3 to assemble the top. 


Mark & Cut the Legs 
1. Cut the legs (A) to size. 


2. Place the bottom assembly on your work surface and loosely clamp the legs into each 
corner. 


3. Set the top assembly over the legs and clamp it in place. Make sure the top is level. 
4. Mark each leg at the top and bottom where they cross the platforms (see photo). 
5. Unclamp the legs and cut to size. 


Assemble the Stand 


1. Place one leg on top of a corner of the bottom assembly and tack weld it in place. 
Tack weld the other three legs in the corners the same way. 

2. Align a corner of the top assembly with the top of one leg and tack it in place. Tack 
weld the top assembly to the other three legs the same way. 

3. Adjust the stand so the top is level. You may need to remove tack welds and grind 
down some angles. 

4. When you are satisfied with the alignment, complete the welds. To minimize 
distortion, alternate between the sides, top, and bottom as you weld. 
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Assemble the grinder stand using clamps. Mark the top and bottom of each leg and cut to fit. 


Attach the Platform Plate 


1. Cut the platform plate (D) to size. Drill four holes in the face to match your grinder 
mounting holes. 


2. Set the plate over the top of the stand, aligning the edges with the outside of the top 
pieces. Weld the plate to the stand. 


Portable Welding Table 


Building a heavy-duty welding table helps you develop your welding skills and it also 
provides a useful piece of equipment on which to build future projects. Because the table 
seen here is mounted on casters it can be rolled away into a corner of the garage when 
not in use. The metal-slat tabletop can be covered with a removable sheet-metal welding 
surface that can be cleaned and reused as necessary. You can also build a plywood work 
surface for doing woodworking and metalworking that doesn't involve welding. 


The welding table dimensions can be altered to meet the requirements of the welder. You 
could even build two tables of the same height to create an extended work surface. In 
short, this table is a very versatile tool and the more you use it the more you’|l appreciate 
it. 


In a similar way, you can approximate to any number of decimal 
places. To give a number correct to two decimal places (nearest 
hundredth), look at the digit in the third decimal place; to give a 
number correct to three decimal places (nearest thousandth), look 
at the digit in the fourth decimal place, and so on. 


Example 12.3.3 


(a) Write 24.6472 correct to two decimal places. 
(b) Write 0.063 279 correct to three decimal places. 


(a) The digit in the third decimal place is 7 so, rounding up, 
24.6472 = 24.65 (to 2 d.p.). 

(b) The digit in the fourth decimal place is 2 so, rounding down, 
0.063 279 = 0.063 (to 3 d.p.). 


Example 12.3.4 
: Write 3.704 891 correct to (a) to 3 d.p. (b) to 2 d.p. 


(a) 3.704 891 = 3.705 (to 3 d.p.) 

(b) 3.704 891 = 3.70 (to 2 d.p.) 
Notice that, if you give the answer to part (a) correct to two decimal 
places, you get 3.71, which is not the correct answer to part (b). 


1 Write each of the following to the nearest whole number. 
(a) 8.74 (b) 21.241 (c) 67.5 
(d) 260.2841 (e) 399.72 

2 Write each of these numbers correct to one decimal place. 


(a) 9.927 (b) 0.8643 (c) 17.9821 
(d) 76.85 (e) 400.0389 

3 Write each of these numbers correct to two decimal places. 
(a) 4.2491 (b) 8.465 (c) 0.748 36 


(d) 0.061 794 
(Contd) 


12. Approximation 173 


O O 


A Joint detail Side view x H 7 Front/back view 


Materials 
e 34 x 2" cold-rolled steel bar (CRS) stock (23 feet) 
e 3/16" X 2 x 2" square tube (22 feet) 


e 4 Locking swivel casters (rated for at least 500 lbs. each) 


e 14" flat stock sheet metal (3 x 4 feet, allows extra for tabs) 


PART NAME DIMENSION QUANTITY 
A Top fronts Y" xX 2 CRS 40" 2 
B Top sides %" X2CRS 26" 2 
C Top cross pieces TK 2 CRS 26" 5 
D Top short cross pieces %" X2CRS 4" 2 
E Front rails A6" x 2" X 2" square tube 24" 4 
F Side rails %6" X 2" x 2" square tube 22" 4 
G Legs Ne" X 2" X 2" square tube 34" 4 
H Casters 4 
| Tabs 7 sg 8 
J Table top 38 x 48 sheet metal 1 


How to Build a Welding Table 


Before welding, thoroughly clean all parts with denatured alcohol. 


Build the Base Sides 


1. Measure and mark %/,," x 2 x 2 square tube for the four front rails (E) at 24" each, the 
four side rails (F) at 22" each, and the four legs (G) at 34" each. 
2. Cut the pieces using a portable band saw or hardened-carbide-blade cut-off saw. 


3. Align the side rails (F) flush in between two legs (see page 97): the uppermost side 
rail (F) is flush with the tops of the legs; the lower sides are 6" up from the bottoms of 
the legs. Use corner magnets to hold the lower sides square. To maintain your proper 
dimensions, use a 24" piece of scrap metal or 2 x 4 as a spacer between the two lower 
ends. Alternatively, tack weld a piece of metal in between the two pieces, and remove it 
later. 


4. Tack the side rails in place. Repeat step 3 for the other side frame. 


5. Align two front rails (E) between the side frame legs for the front: the uppermost front 
is 2" down from the top edge of the legs; the lower front is 6" up from the bottom edges 
of the legs. To maintain your proper dimensions, use a 22" piece of scrap metal or 2 x 4 
as a spacer between the two lower ends. Alternatively, tack weld a piece of metal in 
between the two pieces, and remove it later. Tack a 6" scrap metal piece below the 


lowest part E so that the entire front/back frame can stand in place on its own as you tack 
the pieces to the legs. 


6. Tack the front rails (E) to the legs in between both of the two side frames. 


Measure and mark 2 x 2 x %/,g" square tube for the four front rails (E) at 24" each, the four side rails (F) 
at 22" each, and the four legs (G) at 30" each. 


Add the Tabs & Casters 

1. Measure and mark 14" flat stock for the tabs (T) at 2 x 2. 

2. Check to make sure each tab is square, and then cut out eight tabs. 

3. Align the tabs (I) no more than 1'/,," above the top of each leg (see page 97). 

4. Hold the tabs in place with clamps, and then tack the tabs to the verticals. The top 
cross pieces (C) closest to the top ends (B) fit in between the tabs. 

5. Center casters over the ends of the legs. 

6. Tack the casters, and then check for square. Adjust as necessary and then weld. Use 
SMAW; 7, or 1/8" diameter E 6013 electrode to weld on caster plates. Continuous welds 
are not necessary. 

7. Weld all the way around each joint for the entire base frame tacked together thus far. 
Note: don’t accidentally weld your temporary spacer bars that are used only to maintain 
dimension. 


Build the Top Frame 


1. Measure and mark two 3" cold-rolled steel bars to 40" for the top fronts (A). Cut them 
to length using a hardened-carbide-blade cut-off saw. 

2. Also measure and mark 34" cold-rolled steel bars to 26" each for two top sides (B) and 
five top cross pieces (C). 

3. Measure and mark 34" cold-rolled steel bars to 4" each for the two top short cross 
pieces (D). 

4. Cut each of the pieces (A, B, C, D) for the tabletop frame following your cut lines. 

5. Make the 40° end joints in each cross piece (see JOINT DETAIL) by grinding or 
flame-cutting the ends. The depth of each double bevel should be between %4" and 1/8". 

6. Align the top sides (A) and top ends (B), and then check for square. Hold them in 
place with corner magnets. 

7. Tack together all four sides. Use enough heat to get good fusion so when you move 
the frame the tacks won't break (metal is heavy). 

8. Lay the top frame right-side up on a level table and start to align the cross pieces. Start 
in the center and evenly space each piece in between the two top sides (B). Make sure 
the cross pieces closest to the top sides are aligned so they fit in between the tabs that are 
welded onto the legs. 

9. Align each cross piece and hold it in place with corner magnets or clamps. Once 
everything is aligned properly, tack the cross pieces to the top fronts. Note: 4.5" TYP 
indicates the “typical" spacing between the five middle crossbars is 4%". 


Cut the square tube using a metal-cutting bandsaw (shown) or cut-off saw with a hardened carbide blade. 


Align the side rails in between legs. The side rail part is 6" up from the leg bottom. You will make two 
of these side frames and then add front rails in between the sides for the front and back of the table base. 


10. Align the top short cross pieces in between the top sides (B) and cross pieces (C). 
Check for square, and then tack in place. 


11. Check for final square of the entire table top frame, and make any final adjustments. 
Align the table top frame over the base to make sure the cross pieces fit in between the 
tabs on legs. 


12. Complete all welds using sequence welding. Alternate from side to side, starting at 
the center cross pieces and moving to the outer cross pieces. 


Make the Table Tops 
1. Measure and mark a 38 x 48" table top out of 14" sheet metal. 


2. Mark a line 4" in from the edge of each side. Also make the detailed marks for each 
corner bird’s mouth. This will allow one edge of each corner to bend inside of the other 
edge of the corner for neat and strong edges. 


3. Cut the table top sheet metal with portable shears (see photo). 
4. Bend up the triangular bird?s mouth tabs. 


5. Use 1/8" steel as a bender. Lay the bender 4" in from the edges and then grasp the sheet 
metal and bender with clamps. Bend the sheet up at 90° (see photo, top opposite page). 
The triangular bird’s mouth tabs fold in to the inside for clean exterior corner edges. 


6. Fit the table top over the top frame (see photo, bottom right, opposite page). 
Finishing 
1. Use a 4%" angle grinder with a 60-grit flapper disk to grind all welds until smooth. 


2. Clean the metal, and then prime and paint the base, if desired. Note: Do not paint the 
top. 


Measure and mark for the top short cross pieces. The table top frame should fit on top of the base with 
the cross pieces fitting in between the tabs on legs. The short cross pieces then fit in between the cross 
pieces and top sides (B) for extra strength. 


4 Write each of these numbers correct to three decimal places. 
(a) 8.678 23 (b) 7.608 52 (c) 13.419 61 
(d) 0.009 472 

5 Calculate the value of 86 + 9 and give your answer to the nearest 
whole number. 

6 Calculate the value of 8.3 + 3.9 and give your answer correct to 
the nearest tenth. 

7 Calculate the value of 4.68 x 3.72 and give your answer correct to 
the nearest hundredth. 

8 Convert 2 to a decimal and give your answer correct to three 
decimal places. 

9 Correct to one decimal place, a number is 7.3. Write down the 
smallest possible value of the number. 

10 A number which is divisible by 5 has three decimal places. Correct 

to one decimal place, the number is 5.8 and, correct to two 
decimal places, it is 5.85. Find the number. 


12.4 Significant figures 


Giving a number to a specified number of significant figures is 
another method of approximating. For example, in the number 
7483, the most significant, or important, figure is 7, as 1ts value 
is 7000. To give 7483 correct to one significant figure (1 s.f.), 
you have to choose between 7000 and 8000, the rounded-up 
value. 


To decide which it is, use the same rules you have used earlier in 
this chapter; you look at the second figure, 4, which tells you to 
leave the 7 unchanged. So 7483 = 7000 (to 1 s.f.), the same answer 
as giving it to the nearest thousand. Notice that, when you give a 
number correct to one significant figure, there is only one non-zero 
figure in your answer. 


The second most significant figure in the number 7483 is 4, as its 


value is 400. To give 7483 correct to two significant figures (2 s.f.), 
you have to choose between 7400 and 7500. The third figure, 8, 
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Cut the sheet metal top to 38 x 48 using a portable metal shears. 


Use a strip of 1/8" -thick steel as a bender. Clamp the bender to the table top sheet metal and bend up to 
90°. Shown here: first make a bird’s mouth cut on corners; bend those sides first so that the tabs are on 
the inside of the bend for a clean exterior edge. 


Lower the finished table top onto the table frame. 


Saw Stand 


A saw table like this is commonly used in workshops, home shops, and on job sites. 
Designed for use with a power miter saw or metal cut-off saw, it features outriggers that 
are adjustable, accommodating a variety of stock lengths. The outriggers slide out on 
both sides, opening to their maximum length of 24". If both sides need to be extended 
(for extra long material), the outriggers can both be placed in the front and extend out of 
the same outrigger tubes. And this will be necessary because the back outriggers sit 
behind the saw—good for storage when the outriggers need to slide all the way in, flush 
with the stand sides (for moving and storage). You can add wood blocks on the ends of 
the outriggers to keep the object being cut level with the saw table. 


Side view 
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Outrigger detail 


(E = 
Nut & bolt detail 


Materials 


e 114 x 11" x 12 gauge steel (35 feet) 


e 8 feet of 1" x 1 x 12-gauge steel tubing 


e 3." X 2" flat bar (2 feet) 
e 44" round stock (1 foot) 


e Hex bolts and nuts */,,- 18 UNC (4) 


e 34 to 1" thick Plywood (16 x 24") 


Part Name Dimensions Quantity 
A Legs 1% x 1%", 12-gauge steel x 39" 4 
B Top long pieces 1% x 17", 12-gauge steel x 24" 2 
C Top short pieces 1% x 1%", 12-gauge steel x 13%" 2 
D Outrigger tubes 1% x 1%", 12-gauge steel x 24" 4 
E Outriggers 1 x 1, 12-gauge steel x 24" 4 
F Outrigger end A6 X 2" flat bar x 7%"2 
G Leg connectors 1% x 1%, 12-gauge steel x 20" (at top edge) 2 
H Leg connector cross piece 17% x 1, 12-gauge steel x 217" 1 
l Leg feet 346" X 2" flat bar x 2 x 4 (approx) 4 
J Outrigger handle 3 x 1⁄4" round stock 4 
K Table top 16 x 24" plywood 1 


Building the Top Frame 
1. Cut the top long pieces (B) to 24". 
2. Cut the top short pieces (C) to 13%". 


3. Align the top long pieces (B) and top short pieces (C) at 90°. Use a corner magnet to 
hold the pieces together squarely. 


4. Check for square again. Use a magnetic clamp or simply hold the parts in place as you 
tack them together. Tack all of the long and short tops together to create the top frame. 


5. Check for square again, and then weld the four pieces together. 


Note: Recommended methods for all welds: SMAW *,," E 6013 electrode; GMAW short 
circuit transfer; GTAW; ER 70S-6 filler metal, or MIG (as shown here). 


tells you to round up. So 7483 = 7500 (to 2 s.f.), the same answer 
as giving it to the nearest hundred. 


When you give a number correct to two significant figures, there 
are usually two non-zero figures in your answer but there could be 
only one. For example, 698 = 700 (to 2 s.f.). 


For numbers less than 1, zeros at the start of the number are not 
significant. For example, to give 0.0543 correct to one significant 
figure, the 4 tells you not to round up and so 0.0543 = 0.05 (to 1 s.f.), 
the same answer as giving it to two decimal places. As before, there 
is only one non-zero figure in your answer. 


Example 12.4.1 


Write each of these numbers correct to one significant figure. 
(a) 5.23 (b)2500 (c) 0.783 (d) 0.000 624 


(a) 5.23 =5(to1s.f.)  (b) 2500 = 3000 (to 1 s.f.) 
(c) 0.783 = 0.8 (to1s.f.) (d) 0.000 624 = 0.0006 (to 1 s.f.) 


: Example 12.4.2 


Write each of these numbers correct to three significant figures. 
(a) 23.8486 (b) 0.006 083 4 (c) 0.000 379 62 


(a) 23.8486 = 23.8 (to 3 s.f.) 
(b) 0.006 083 4 = 0.006 08 (to 3 s.f.) 
(c) 0.000 379 62 = 0.000 380 (to 3 s.f.) 


1 Write each of these numbers correct to one significant figure. 
(a) 23.6 (b) 375 (c) 0.187 
(d) 0.0072 (e) 0.085 
2 Write each of these numbers correct to two significant figures. 
(a) 8673 (b) 742.9 (c) 6.85 
(d) 0.084 72 (e) 0.003 971 (Contd) 
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Tack together the top long (B) and short (C) parts. Shown here: MIG welder. 


Building the Sides 
1. Cut the legs out at 39" with parallel 10° ends (see page 103). 
2. Align the 10° cut end of a leg (A) 90° to a top long piece(B). 


3. Check the pieces for square, and then hold the legs in place 90° against the top long 
piece. Tack the leg in place. 


4. Repeat steps 2 and 3 for the other leg on the same side. 
5. Repeat steps 2 through 4 for the other side. 


6. Cut the leg connectors (G) to length at 20" with a 10° angle on each end (from top 
edge of the angle to top edge of opposite angle it should measure 20"). 


7. Hold a leg connector (G) in between two legs. Check for proper alignment and then 
tack in place. 


8. Check for square and then weld the connectors in place. 
9. Repeat the above steps for the leg connector (G) on the other side. 


Tack the ends of the legs (A) cut to 10° onto the top frame. 


10. Center the leg connector cross piece (H) in between each leg connector (G). Align at 
90°, and then use a magnetic clamp to hold in place. Check for square, and then tack the 
cross piece to the two leg connectors. 


11. Check for square and then weld in place. 

12. Cut all four feet (1), each at 2". 

13. Flip the table upside down on the floor, and then align the feet under the table legs. 
Hold them in place with pliers and then tack in place. 

14. Flip the entire table right-side up to check for level. Adjust as necessary, breaking the 
feet off and cutting legs for level, if necessary. Shims could also be added. 

15. Weld the feet to the legs. 


Tack the horizontal leg connectors (G) and then center cross piece (H) that spans between the two leg 
connectors. 


Building the Outriggers 


Note: 12-gauge square tubing will always slide, one tube inside the other, when they are 
14 difference in size. More precisely, in order for the outriggers to slide into the 
outrigger tubes, 12-gauge tubing must be used. 12-gauge tubing has a wall thickness of 
.110 to .115", so tubes will slide into each other in 44" increments. For a tighter fit, 11- 
gauge seamless tubing can also be used, but seamless tubing is more expensive. 


1. Cut outrigger tubes (D) from 1% x 1%", 12-gauge steel to length at 24". 

2. Cut the outriggers (E) from 1 x 1, 12-gauge steel to length at 24". Drill a single 3/8" 
hole on one end of each outrigger. This hole will eventually allow the screw/bolt on the 
outrigger tube to screw up into the extended outrigger, securely holding it in place when 
fully extended. 

3. Cut the outrigger ends (F) to size at 734". Drill two 3/8" holes in them, 2" in from each 
end. 

4. Align an outrigger end (F) 90° to outriggers 1 and 3 (E) at the opposite end of the 3/s" 
hole you drilled in step 2. 

5. Align the other outrigger end 90° to outriggers 2 and 4 (also at the opposite end of the 
3/8" hole you drilled in step 2). 

6. Use a carpenter’s square to ensure proper alignment, and then clamp in place. Tack an 
outrigger end to outriggers 1 and 3, then repeat for outriggers 2 and 4. Check for square, 
and then weld the outrigger ends in place. 

7. Drill a 3/s" hole on one end of each outrigger tube (D) underside. 

8. Hold the outrigger handle (K) in place over bolt end (J), and then weld in place. 


Flip the entire stand over and weld the leg feet (T) to the bottom side of the legs (A). If desired, casters 
could be added to the bottom for increased mobility. Be sure to pick casters that can lock. 


Fastening Outriggers to Frame 


1. Center a nut (J) over each of the outrigger tube (D) holes from step 7 (see NUT & 
BOLT DETAIL). Use pliers to hold the nut in place, and then weld. Make sure to 
alternate: nuts should be on the same end of 1 and 3 outrigger end (F); and 2 and 4 
outrigger end (F). The nut is welded onto the tubing after drilling a hole in it. The bolt 
that screws in is used as a locking mechanism. 


2. Clamp outrigger tubes (D) to the bottom side of the top short pieces (C) with 2" 
spacing. Check alignment with a ruler. 


3. Insert the outriggers (E) into the outrigger tubes (D) so that 1 and 3 extend to one side 
and 2 and 4 extend to the opposite side. Check for ease of sliding. 


4. Once the slides are positioned so that they can be pulled out easily, remove them and 
tack the outrigger tubes onto the top short pieces (C). 


5. Double check to see that outriggers slide in and out with ease. If they do, completely 
weld the outrigger tubes in place. Weld only two sides of the connections, where tubes 
connect together. No need to weld all around it. 


Adding the Tops 

1. Cut a 16 x 24" table top (L) out of 34- to 1"-thick plywood. 

2. Predrill °/,,"" holes for the plywood table top (L) into the frame (B, C). Screw or bolt 
the table top in place. 


Option: Cut 2 x 2" wood blocks for the outrigger tops (M). These sit directly above the 
holes you previously drilled in the outrigger ends (F). Predrill holes in the wood blocks 
(see below), and then screw the blocks onto the outrigger ends (F). These blocks keep 
your cutting object level as it spans out on the outriggers. 


Finishing 

1. Cap all ends of exposed tubing. 
2. Prime and paint the saw table. 
3. Prime and paint the table frame. 


4. Completely remove outriggers and prime them. Once dry, they should be painted or 
powder-coated for extra durability. For optimal rust protection, first roughen the surfaces 
by sanding and apply a rust-resistant metal primer before painting. 


Drill 3/8" holes in the outrigger ends (F). Use a scrap piece of wood under the flat bar, and clamp the bar 
and wood to a table. 


pu _— 


Tack weld the outrigger ends (F) to the outriggers (E). There are two complete pullout outriggers for 
both sides of the stand. 
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3 Write each of these numbers correct to three significant figures. 
(a) 23 679 (b) 376.47 (c) 13.7819 
(d) 8.925 (e) 0.084 382 (f) 0.000 436 5 
(g) 0.090 237 (h) 0.003 697 4 

4 Calculate the value of 43.7 x 36.8 and give your answer correct to 
one significant figure. 

5 Calculate the value of 41 + 7 and give your answer correct to two 
significant figures. 

6 Calculate the value of 
(a) 3.82 x 2.97 (b) 4.72 + 9.84 
Give your answers correct to three significant figures. 

7 Convert + to a decimal and give your answer correct to three 
significant figures. 

8 Write 599.9 correct to 


(a) 1 s.f. (b) 2 s.f. (c) 3 s.f. 
9 Write 0.059 99 correct to 
(a) 1 s.f. (b) 2 s.f. (c) 3 s.f. 


12.5 Estimates 


You should always make an estimate to check that your answer to a 
calculation is sensible. To do this, approximate each of the numbers 
involved and do the calculation mentally using these approximations. 


For example, to estimate the answer to 27.36 x 0.241, you could say 
that 27.36 is near 28 and 0.241 is near +. The product, therefore, 

is near 28 x 1, which is 7. The exact answer must be less than 7, 
because 28 and + are both greater than the original numbers. 


The usual method of estimating, however, is to give each number 
correct to one significant figure. 


So 27.36 x 0.241 = 30 x 0.2 = 6 (Recall that the symbol = means 
“is approximately equal to”.) 


Tack weld the outrigger tubes (D) to the top frame underside. 


Fasten the plywood top to the frame. 
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Coffee Table 


A nice slab of stone or a cross section of a tree makes an appealing coffee table, but how 
do you support it simply and easily? A table base welded from 1" angle iron and 1⁄2" 
square bar can support the weight of stone or wood without being cumbersome or bulky. 
This design is for a triangular base to suit the piece of marble being used. Creating a 
layout with tape allows you to experiment with different sizes and locations for your 
triangle. If you are using fence pickets, as we have here, make sure the length of the 
longest side of the triangle does not exceed the length of the picket. Pickets are generally 
35 to 39" long. 


Overall dimensions” 
35 x 15 x 19" 


Materials 
e Masking tape 
e Table top 


e 1/8" x 1 x 1" angle iron 


(amount will vary) 


e 14" square bar (5 feet) 
e 15" wavy bar fence pickets (3) 
e Construction adhesive, 


silicone glue, or screws 


PART NAME DIMENSIONS QUANTITY 
A Top supports Y x 1x1" angle iron* 3 
B Legs Ya" square bar x 20" 3 
C Wavy crosspieces 2" wavy bar fence pickets" 3 


*Side pieces and top supports must be cut to fit the particular tabletop. 


How to Build a Coffee Table 


Create the Triangle 


1. Turn the table top upside down and use masking tape to lay out a triangle. The triangle 
should be at least 3" in from the edges of the table top material, but not so far in that the 
table will tip easily. 


2. Measure each side of the triangle. Cut the top support pieces (A) to match these three 
measurements. Miter both ends of the longest piece. 


3. Place the longest support piece on top of the second longest support. Set both pieces 
on the tape layout on the table top. Mark the angle and notch on the second support 
where it intersects the first support (see photo) to allow these pieces to butt together. Cut 
out the notch and angle on the support. 


4. Place the two supports back together on the triangle layout. Set the third support on 
the layout under the first two support pieces. Mark the notches and angles at the 
intersections. Cut the third support piece. (You may need to make an additional angle cut 
on the second long piece, depending on the triangle.) 


5. On a work surface, arrange the support pieces to form the triangle. Weld the outside 
corners. Turn the assembly over and weld the top butt joints. 


6. Use an angle grinder to smooth the top joints so the table top rests on a flat surface. 


Install the Legs 

1. Cut the legs (B) to size. 

2. Mark each leg 4" from one end. Place a leg in a bench vise, lining up the mark with 
the edge of the vise jaws and bend the leg end 15°. Repeat this process for the other two 
legs. 

3. Turn the top assembly upside down on your work surface. Place a leg in a corner with 
the bend of the leg pointing outward in the same line as the point of the triangle. 

4. Check to make sure the leg is perpendicular to the top assembly, then tack weld in 
place. Tack weld the other two legs in the remaining corners the same way. 


Attach the Side Pieces 

1. Measure the distance between the legs. Cut one wavy crosspiece (C) to fit each of the 
three sides. Bevel the ends to fit the angled legs. 

2. Clamp a crosspiece against two legs 7" from the top assembly. Check for square and 
tack weld. Install the remaining crosspieces the same way. 

3. Turn the assembly right-side up and check for square and level. Make adjustments if 
necessary. Complete all the welds. 


Complete the Table 

1. Grind down the welds, if desired. (You may also want to grind down the feet of the 
table so they make flat contact with the floor.) Clean or wire brush the assembly. Apply 
your choice of finish. 

2. Drill holes in the angle iron and attach a wooden table top with screws, or use silicone 
or construction adhesive to attach a stone top. 
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Place the mitered long support piece on top of the second longest support piece. Mark the angle and 
notch needed to fit the pieces together. 


Insight 
Make sure that the approximate calculation is easy to work out 
in your head. If you have to reach for your calculator in order to 
work it out then there is no point in using the approximation! 


Example 12.5.1 


Find an estimate for (a) 76.48 +2.32 (b) eel eee 
0.058 

(a) 76.48 +2.32~80+2=40 

(b) 360/023, 9 02 F I2 180 


WOE) ~ O06 o 5 O O 


1 Find an estimate for each of these calculations and then use a 
calculator to find the answer. Where necessary, give your answer 
correct to three significant figures. 


(a) 2.39 x 3.74 (b) 34.91 x 2.83 (c) 31 + 5.83 
(d) 247.1 x 47.8 (e) 543 + 97.4 (f) 76.4 + 23.2 
(g) 32.8 x 3.74 x 66.8 (h) 417x822 (i) 67.3 x 0.347 
(j) 0.628 + 1.84 (k) 56.4 + 0.286 (1) 376 x 0.0354 


(m) 0.0673 x 0.002 36 (n) 8.32 + 0.381 (0) 0.0437 + 0.176 


(p) 0.783 + 0.0154 (q) 0.0643 + 2.816 (r) 472x00783 


( 0.42 x 0.673 (t 369 x 0.527 
0.0732 98.3 x 0.0162 
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Wine Rack 


This wine rack is designed so you can install a wall or floor tile as the top surface. 
Measure the tile and cut the top pieces to fit. Butcher block or marble would also make a 
nice-looking top. The decorative frieze stamping and squashed ball are available from 
Architectural Iron Designs—see Resources on page 220. 


Materials 
e 1/8 x 1 x 1" angle iron (4% feet) 
e 14" square bar (33 feet) 
e Decorative frieze (4% feet) 


e 2" squashed balls (4) 


e 12" floor or wall tile (1) 


PART NAME DIMENSIONS QUANTITY 
A Top Ye x 1x1" angle iron x 12"* 4 

B Legs Y." square bar x 40" 4 

C Rack supports Y." square bar x 11" * 8 

D Bottle holders Y." square bar x 12" * 12 


*Cut to fit selected tile top 


How to Make a Wine Rack 


Assemble the Top 

1. Cut the top pieces (A) to size to fit your top surface, mitering the corners at 45°. 

2. Clamp two top pieces together with a corner clamp. Use a carpenter’s square to check 
the pieces for square, and tack weld. 

3. Repeat step 2 to assemble the other two top pieces. 

4. Clamp the two L-shaped top pieces together, and check for square by measuring 
across both diagonals. If the measurements are equal, the assembly is square. If it is not 
square, adjust until both measurements are equal. 

5. Tack weld the two corners. Unclamp the pieces and recheck for square. Finish 
welding the corner joints. 


Assemble the Stand 
1. Cut the legs (B), rack supports (C), and bottle holders (D) to size. 


2. Mark the legs at 5", 13", 21", and 29" from one end. Mark the rack supports at 212", 
514" and 81%" from one end. 


3. Position four rack supports between two of the legs at the marks. Check the pieces for 
square and tack weld in place. 


4. Repeat step 3 to tack weld the remaining four rack supports to the other two legs. 


5. Stand the leg assemblies upright and clamp a bottle holder centered on the 5%" mark 
on the bottom rack support. Clamp the other end of the bottle holder to the other leg 
assembly. Check for square and tack weld the bottle holder in place. 


6. Repeat step 5 to attach a bottle holder at the 5%" marks on the other three rack 
supports. 


7. Make sure the legs assemblies and bottle holders are square, then add the remaining 
bottle holders at the 24" and 8%" marks. Finish all welds. 


Attach the Top, Legs €: Frieze 
1. Place the top onto the legs and weld in place. 
2. Center a squashed ball at the bottom end of each leg and weld in place. 


3. Bend or cut the decorative frieze to fit around the top of the legs and top. Braze, braze 
weld, or tack weld the frieze into place at the top of the legs and slightly below the top. 
4. Grind down the welds as needed. Wire brush or sandblast the wine rack, then apply 
the finish of your choice. 

5. Place the tile into the top. 


Clamp the center bottle holders to the leg assemblies and tack weld in place. 


Swivel Mirror 


Reflect your great taste with this sturdy modern mirror. Its classic design creates a mirror 
built to last and will make a stunning first impression when displayed in your front 
entryway for years to come. The clean lines and black paint give this mirror a modern 
feel, but this can easily be altered by the finish treatment you choose. The adjustable 
mirror allows even the most petite guests to swivel it to the perfect height. 


As described here, the inside frame is welded to the outside frame from the back using 
numerous small welds. The joints between the inside frame pieces are welded from the 
front, and those welds are ground down. The final look is a frame within a frame, rather 
than a completely smooth single frame. If you prefer a solid frame, you may 
continuously weld the inside frame to the outside frame from the front and then grind the 
welds smooth. 


Materials 
e 16-gauge 1 x 1" square tube (22 feet) 
e 1/8 x 1⁄2" flat bar (11 feet) 
e 19 x 19" square bar (7") 
e 1%" x 5/6" hex bolts (2) 
e 14"—20 hex nuts (6) 
e Levelers (4, Rockler #32498) 
¢ x 1" flat bar (6") 
e Mirror (45 7/8" x 177/8") 


e 14" fiberboard (46" x 18") 


PART NAME DIMENSIONS QUANTITY 
A Support uprights 16-gauge 1 x 1" square tube x 36" 2 
B Support bases 16-gauge 1 x 1” square tube x 18" 2 
C Crossbar 16-gauge 1 x 1" square tube x 18%"* 1 
D End caps Ye x 1" flat bar x 1" 6 
E Frame sides 16-gauge 1 x 1" square tube x 48" 2 
E Frame ends 16-gauge 1 x 1" square tube x 20" 2 
G Inside frame sides Ye x Ya" flat bar x 46" 2 
H Inside frame ends % x Ye" flat bar x 17" 2 
| Screw handles Y x Ye" square bar x 31⁄2" 2 
J Handle bolts 1 Y" hex bolt 2 
K Handle nuts 14"-20 hex nut 2 
E Leveler nuts (optional) %4"—20 hex nut 4 
M Levelers (optional) 4 
N Mirror 45% x 17%"* 1 
O Mirror backing 45% x 17%'* fiberboard 1 
Es Tabs Ye x Y2" flat bar x 1⁄2" 8 


Approximate measurement, cut to fit. 


Support upright 


Screw handle detail 


Top view 
of inside 
frames 


How to Build a Swivel Mirror 


Before welding, thoroughly clean all parts with denatured alcohol. 


Assemble the Supports 

1. Cut the supports upright (A) and support base pieces (B) to length. 

2. If using levelers, drill two 117/,," holes in one side of each loose piece, 2" from the 
ends. Drill through one wall only. Weld %4" hex nuts over the holes. 

3. Center an upright on a base at 90° and check for square. Weld into place and repeat 
with the second upright and base. 

4. At 2" from the top outside of each upright, drill a 11," hole. Drill the hole through 
both walls of the tube. 

5. Cut end caps (D) to size. Weld caps to the support upright and base ends. The two 
supports are in the shape of a T, thus creating the need for six end caps. 

6. Grind all welds smooth. 


Assemble the Frame 

1. Cut the frame sides (E) and frame ends (F) to size. Miter the ends at 45°, or create a 
joint as shown in the Frame Detail (on page 115). 

2. Drill a 1*/,," hole at the outside midpoint of each side through one wall for the mirror 
pivot bolts. 

3. Align a frame side and a frame end to make a 90° angle. Use a carpenter’s square to 
check for square and clamp in place. Tack weld the pieces together to form an L. Repeat 
with the other frame side and frame end. 

4. Align the two Ls to form a rectangle. Use a carpenter’s square to check for square. 
Clamp into place. Measure the diagonals of the rectangle to check for square. The 
diagonal measures should be equal; if not, adjust until they are. Tack weld together and 
recheck for square. 

5. Complete all the frame welds. Grind down each weld until flush. 

6. Grind the zinc coating off the handle nuts (K). Center the nuts over the holes and weld 
into place. Protect threads with anti-spatter gel. 


Assemble the Inside Frame 
1. Before cutting the inside frame sides (G) to length, measure the inside length of the 
assembled frame. Cut the inside frame sides to fit. 


2. Place the assembled frame on a flat surface. Place the two inside frame sides in place 
against the two frame sides and tack weld into place. 


3. Measure between the inside frame sides and cut the inside frame ends (H) to length. 


4. Place the inside frame ends in place against the frame ends and tack weld into place. 


5. Turn the frame unit over. The inside frame should be flush with the frame. If not, 
remove pieces and retack, as necessary. 


6. Weld the inside frame to the frame from the back with small welds every 3 to 4". 
Weld the joints between the inside frame members from the front. 


7. Grind down all the welds on the front so they are flush. 
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12.6 Rounding in practical problems 


So far you have used rules to decide whether to round up or down 
but there are many real-life situations in which these rules are not 
relevant and you have to use common sense. 


For example, if you had 375 eggs and wanted to know how 
many boxes, each holding 6 eggs, you could fill, you would 
probably use your calculator to work out 375 + 6, obtaining the 
answer 62.5. To the nearest whole number 62.5 is 63, but there 
are not enough eggs to fill the sixty-third box and so you round 
down to 62. 


The 62 full boxes contain 372 eggs (62 x 6), so there are 3 eggs left. 


1 How many boxes, each holding 6 eggs, can be filled with 250 eggs? 
How many eggs are left over? 

2 How many pieces of metal 7 cm long can be cut from bar 60 cm 
long? What length of metal is left? 

3 The emulsion paint in a 1 litre tin covers an area of about 
12 m*. How many tins of paint are needed to cover an area 
of 45 m*? 

4 The maximum number of people allowed in a lift is 30. Find the 
minimum number of trips the lift must make to carry 65 people. 

5 A decorator needs 27 litres of masonry paint for the outside of 
a house. The paint is sold in 5 litre tins. How many tins must 
he buy? 

6 How many cars, each 4.5 m long, would fit end to end on a ferry 
deck which is 31 m long? 

7 190 tiles are needed for a bathroom. The tiles are sold in boxes 
of 20. How many boxes are needed? 

8 Arailway carriage has seats for 56 passengers. How many 
carriages are needed for 400 passengers? 


Tack weld the end caps in place, then weld and grind the welds smooth. 


Weld the nuts over the holes in the frame sides before assembling the frame. Use anti-spatter gel to 
protect the nut threads. 


From the back, weld the inside frame to the frame. A small weld every 3 to 4" is sufficient. 


Weld the bolts to the beveled screw handles. Use masking tape or anti-spatter gel to protect the threads. 


Make the Handles & Apply Finish 


1. Cut the screw handles (1) to length. Bevel the ends. 


2. Grind the zinc coating from the head of the handle bolt (J). Coat the bolt threads with 
anti-spatter gel or cover with masking tape. Weld the bolts to the center of the bolt 
handles. 


3. Assemble the frame and supports. With the bolts tightened enough to prevent the 
frame from moving, measure the distance between the support uprights making sure the 
uprights are parallel during measurement. Cut the support crossbar (C) to this length. 


4. Measure the distance between the frame and the uprights (it should be about 14"). 
Mark the uprights below the frame at that same distance. The top of the crossbar will 
align with these marks so the spacing between the frame and uprights and crossbar is 
uniform. 


5. Disassemble the frame and supports. Align the top of the crossbar with the marks on 
the uprights. (This is easiest with support bases hanging over the edge of the work 
surface.) Tack weld the crossbar into place. Use a carpenter’s square to check that all 
angles between the crossbar and support uprights are 90°. Complete the welds and grind 
them smooth. 


6. Grind all welds smooth and grind off any spatter. Wipe the parts down with denatured 
alcohol to remove grinding dust. Prime and paint. For a natural metal look, use a clear 
coat. Protect bolt and nut threads with tape during painting to prevent fouling. Don’t 
forget to paint the handles. 


Assemble the frame and uprights and mark the location for the crossbar. Remove the frame and weld the 
crossbar in place. 


Install the Mirror 


1. Measure the inside of the completed frame to determine the exact mirror size to order. 
The mirror (N) should be %4" shorter and 44" narrower than the frame. 


2. Cut the mirror backing (O) to size. 


3. Apply small dots of silicone adhesive every 12" around the inside frame. Place the 
mirror into the frame. 


4. Apply small dots of silicone adhesive to the back of the mirror. Place the backing 
against the mirror. Place the mirror assembly face down on a non-scratching surface. 


5. Cut the tabs (P) to size and grind one end to a semi-circle. 


6. Space the tabs at 6", 23", and 40" along the frame sides. Sand a small amount of paint 
off the frame at these points. Center a tab along the frame top and bottom. 


7. Firmly push the tabs against the mirror backing and frame sides. Weld into place. 
8. Paint the tabs and the smooth side of the mirror backing to match the frame. 


9. Install the levelers, if desired, and assemble the mirror. Position the mirror within the 
uprights and thread the handle bolts through the support uprights and into the frame 
sides. 
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Install the mirror and back in the frame. Sand the finish from the frame and weld the tabs per Step 6. 


Coat Hanger 


This chic coat hanger has a modern artistic flair due to the unique circular patterns. But 
the basic design has unlimited potential. You can customize this rack for any part of your 
life—the front entryway, the garage, the gardening shed, and the cabin may all have 
different styles. Simply replace the spirals with a punched tin pattern, decorative frieze, 
or dragonfly, moose, or bear stampings. The rack is sized to mount on studs spaced 16 
inches apart. If you like the spirals but want more contrast, use copper or brass 14-gauge 
wire and leave the entire piece unpainted—but be sure to braze the spirals into place, 
instead of welding them. 


Materials 
e 3/6" square bar (8 feet) 
e 1/8" square rod (8 feet) 
e 12" balls (5, decorative iron #JG8851) 


e 34" washers (2) 


e 18-gauge annealed stove- pipe wire (25 feet) 


PART NAME DIMENSIONS QUANTITY 
A Hooks Ys" square bar x 11'" 5 
B Mounting washers ya" 2 
C Balls Y" 5 
D Crossbars %6" square bar x 16" 2 
E Circles Ye" square rod x 24" 4 
F Mini-spirals 18-gauge wire 6 
G Spirals 18-gauge wire 2 


12.7 Accuracy of measurements 


All measurements are approximate, even if you are very careful 

when making them and use sophisticated measuring instruments. 

For example, giving the length of a line as “7 cm correct to the nearest 
centimetre” means that its length lies between 6.5 cm and 7.5 cm, that 
is, 6.5 cm < actual length < 7.5 cm. So the maximum possible error is 
0.5 cm, which is half the unit being used for the measurement. 


The length of the line might be given more accurately to the 
nearest 0.1 centimetre, or millimetre, as 7.3 cm. This means that 
its actual length lies between 7.25 cm and 7.35 cm and so the 
maximum possible error is 0.05 cm, which is again half the unit 
of measurement. 


Even if the degree of accuracy is not explicitly stated, it can be 
implied by the number of decimal places given in the measurement. 
Insight 
Saying that the length of a line is 7.0 cm implies that the 
measurement is accurate to the nearest mm; however, 7 cm 
implies that the measurement is accurate to the nearest 
centimetre. 


Example 12.7.1 


The world record for the women’s 100 metres is 10.49 seconds. 

(a) To what degree of accuracy is this time given? 

(b) Write down the minimum time and the maximum time this 
could be. 

(c) What is the maximum possible error? 


(a) 10.49 has two decimal places and so the time is correct to the 
nearest 0.01 second. 

(b) The minimum time is 10.485 s; the maximum time is 10.495 s. 

(c) The maximum possible error is 0.005 s. 
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How to Build a Coat Hanger 


Before welding, thoroughly clean all parts with denatured alcohol. 


Make the Hooks & Frame 

1. Cut the hooks (A) to length. 

2. Clamp one end of each hook to a 2"-diameter pipe with a vise-style pliers. Bend the 
bar a half turn around the pipe to create each hook. 

3. Weld each of the two mounting washers (B) to the top of two separate hooks. Weld a 
ball (C) to the end of all hooks. 

4. Cut the crossbars (D) to length. Mark the crossbars at 4", 8", and 12". 

5. Align the two hooks that have the mounting washers flush with the crossbar ends. 
Tack weld in place. Place the second crossbar 4" from the top crossbar and tack weld in 
place. Check that the angle between the crossbars and hooks is 90° and finish the welds. 
6. Center a hook under the two crossbars at the 12" mark lining the top of the hook flush 
with the top crossbar. Check that the angle between the hook and crossbars is 90° and 
weld into place. 


7. Weld the remaining two hooks to the crossbars at 4" and 8". 
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Weld the mounting washers to two of the hooks. 


Weld the crossbars to the end hooks. Then weld the remaining hooks centered at 4", 8", and 12". 


Begin a spiral by wrapping the wire around the tip of a needlenose pliers. Then grip the circle in the 
pliers and bend the wire until the desired size spiral is achieved. 


Make the Circles & Spirals 
1. Cut the circles (E) to length. 


2. Clamp one end of a circle blank to a 4" pipe using a vise-style pliers. Bend the rod 
around the pipe one and a half turns to form a circle. Repeat to form the remaining 
circles. 

3. Create the spirals (F) and mini-spirals (G) using a needlenose pliers. Wrap the wire 
around the end of the pliers to create a circle. Remove the circle from the pliers and grip 
it in the pliers. Wrap the wire around the circle until the desired size spiral has been 
formed. 


Assemble the Decorative Features 


1. Place a circle in the space between the first two hooks starting either on the far left or 
far right end. Squeeze or expand the circle to fit into the space and cut off any extra 
length. Weld the circle ends together and weld the circle to the two hooks. 


2. Repeat step 2 with the remaining circles. 


3. Arrange three mini-spirals inside the second and fourth circles. Weld them to each 
other and to the circle at contact points. 


4. Place the large spirals between the remaining hooks and weld in place. 
5. Wire brush or sandblast the coat hanger. Apply the desired finish. 


Room Divider 


Folding screens are versatile interior design pieces. Used as an accent behind furniture, 
as a room divider, or as a way to hide an unsightly outlet or wall blemish, this piece 
holds its own as a piece of art but is also practical furniture. In large spaces it provides a 
focus while also creating a seamless flow throughout the room. But don’t limit this 
folding screen to indoor spaces. The all-metal version presented here could easily be 
incorporated into a garden as a trellis or fence panel. 


This project includes two options. You can make a gathered fabric panel or a decorative 
metal panel. Or you could create both together. As constructed, this screen is moderately 
sized. Measure the area where the screen will reside and change the proportions 
accordingly. 


Any number of decorative options can be used for the screen panels. Stained glass and 
pierced or expanded sheet metal are options not covered here, but they would be 
fabulous additions. If you spend some time with the catalogs of the decorative metal 
suppliers (see Resources, page 220) you will discover many leaf and flower stampings 
that could be used to create your own personalized pattern. Grapevines, oak leaves, and 
sunflowers are available in many different sizes; animal figures, sporting figures, and 
numbers and letters are available as well. 


Note: If you don’t care to cut out the leaves as listed in this project, use a small dapped 
leaf by Architectural Iron Designs. Try to find a leaf in a similar pattern. 
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Note that in part (b) you may think, reasonably, that the maximum 
time should not be 10.495 s because that would correct to 10.50 s, 
and that it should be the largest number which is just less than 
10.495. However, there is no such number. No matter how close a 
100 of these 
number to 10.495 you choose, say 10.494999...9, there is always a 
closer number to 10.495, obtained by taking one more 9. Thus it is 
conventional to say that the maximum is 10.495, although strictly 
this is not true. 


1 The distance from London to Liverpool is 325 km, correct to the 
nearest kilometre. Write down the minimum distance and the 
maximum distance this could be. 

2 The largest butterfly in the United Kingdom has a wingspan of 
12.7 cm, correct to the nearest 0.1 cm. Write down the minimum 
length and the maximum length this could be. 

3 The world record for the men's 100 metres is 9.85 seconds, correct 
to the nearest 0.01 second. Write down the minimum time and 
the maximum time this could be. 

4 The heaviest baby on record weighed 10.6 kg at birth. 

(a) To what degree of accuracy is this weight given? 

(b) Write down the minimum and the maximum weight this 
could be. 

(c) What is the maximum possible error in recording the weight as 
10.6 kg? 

5 The world record for the women's 400 metres is 47.60 seconds. 
(a) To what degree of accuracy is this time given? 

(b) What is the maximum possible error? 


Materials 
e 16-gauge 34" round tube (49 feet) 
e 16-gauge 1" round tube (2 feet) 
e 14" round rod (6 feet, optional) 


e Fabric (5 yards) 


e 16-gauge 1⁄2" round tube (28 feet) 


e 1/8" round rod (14 feet) 
e 22-gauge sheet metal (12 x 24") 


PART NAME DIMENSIONS QUANTITY 
A Legs 16-gauge %" round tube x 68" 6 

B Crossbars 16-gauge %" round tube x 15" 12 

C Hinges Y% x 1" round tube x 3" 8 

D Fabric hanging rods (optional) Ys" round rod x 15%" 4 

E Fabric (optional) 60 x 30" 2 

F Verticals 16-gauge 12" round tube x 54%" 6 

G Stems Ye" round rod* 15 

H Leaves 22-gauge sheet metal x 4 x 11⁄2"* 45 


* Approximate measurement, cut to fit. 


How to Build a Room Divider 


Before welding, thoroughly clean all parts with denatured alcohol. 


Make the Frames 
1. Cut the legs and crossbars (A and B) to length. 
2. Mark each leg at 6" in from each end. 


3. Using a bench or angle grinder, grind the end of each crossbar to shape it to fit around 
the leg. Make sure the curves are oriented in the same direction at both ends. 


4. Place two legs on a large work surface. Align the bottom of one crossbar and the top 
of another with the 6" marks. Tack weld the crossbars in place. Check the frame for 
square and weld in place. Grind the welds smooth. 


5. Repeat step 4 for the remaining two panels. 


Add the Hinges & Complete the Frames 
1. Cut the hinges (C) to length. 


2. Slide the hinges over all four leg ends of one panel and the top and bottom leg ends of 
the one side of the other two panels. 


3. Align the second set of crossbars above and below the hinges and tack weld in place. 
Check for square and weld. Make certain you are not welding the hinges to the legs as 
you weld the crossbars. 


Option 1: Create a Fabric Panel 


The fabric panel is gathered. If you prefer a smooth look, decrease the fabric width to 
15". 


Make the Hanging Rods 

1. Cut the hanging rods (D) to length. 

2. Mark points on the inside of each panel leg, 4%" down from the inside top and bottom 
crossbars. 

3. At the marked points, drill a 1’/,," hole through the leg wall. 


4. Insert one end of a hanging rod into a hole until it contacts the opposite wall. It should 
then be possible to insert the other end of the hanging rod into the hole on the opposite 
leg. If it is too long, grind it down until it fits. 


5. Lay the three panels flat and parallel to each other, hinges touching. Weld each pair of 
hinges together. 

6. Grind down any rough welds and grind off spatter. Wipe down with denatured alcohol 
to remove grinding dust. Finish as desired. 


Grind a semicircle in the crossbar ends to create a saddle to fit around the legs. 


Make the Fabric Panel 
1. Make a 4" flat-felled hem on the long sides of the fabric. 


2. Drape the fabric over the top hanging rod so that equal amounts are extending past the 
top and bottom hanging rods. 


3. Pin the fabric together around the rods. 
4. Remove the rods and sew the rod pocket, turning the raw edge under. 
5. Slide the fabric over the rods and reinstall the rods. 


Option 2: Create a Decorated Panel 


Make the Supports & Stems 
1. Cut the verticals (F) to length. 
2. Mark the interior crossbars at 5" and 10". 


3. Center the supports over the marks and tack weld in place. Check for square and 
complete the welds. Grind the welds smooth. 


4. Lay out the stems (G) in the desired pattern across the supports. 


Make the Leaves 
1. Cut the leaves (H) to desired size using a tin snips or plasma cutter. 


2. Place a leaf lengthwise in a bench vise and slightly bend it to form a crease down the 
center. 


3. Arrange the leaves in clusters of three. Weld the leaves together at the base. 

4. Place the leaf clusters on the stem ends and weld in place. 

5. Lay out the three panels parallel to each other, hinges touching. Weld each pair of 
hinges together. 

6. Grind down any rough welds and grind off any spatter. Wipe down with denatured 
alcohol to remove grinding dust. Finish as desired. 
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Arrange the leaves in sets of three. Weld the points together, then weld the stem to the leaf sets. 


a a 


Align the hinge barrels and weld them together. 


Iron Cross 


Rusted iron cross wall hangings evoke a sense of history. They create a distinctive air of 
mystery when hung over a fireplace or against exposed brickwork. Design centers and 
antique stores want hundreds of dollars for something that you can make for much less, 
so run wild with your imagination on this project and create a cross that personally 
resonates with you. The more ornate, the better. Search the catalogs from the suppliers 
listed in the Resource section on page 220 for just the right touches—you’ll find dozens 
of decorative pieces to make this project uniquely yours. 


Rather than purchasing a 10- or 20-foot length of hammered or decorative bar—that’s a 
lot of crosses—buy two 39" hammered railing pickets. To get a natural rust finish, 
thoroughly clean the completed cross with denatured alcohol, wet it down with salt 
water, and allow it to sit outside for a few months. You’ll end up with a naturally 
beautiful rust. 


Materials 
e 1/8 x 1%" flat bar (4% feet) 
e 12" hammered bar (41 feet, Decorative Iron PM-013) 


e 2" rosette (1, Decorative Iron LRD-65) 


e Scroll set (1, Architectural Iron Designs #55/9) 


e Finials (4, Architectural Iron #81/3) 


PART NAME DIMENSIONS QUANTITY 
A Vertical base Ye x 1%" flat bar x 30" 1 
B Horizontal bases Ye x 1%" flat bar x 10" 2 
C Vertical top Yo" hammered bar x 29" 1 
D Horizontal tops Yo" hammered bar x 9" 2 
E Rosette 2" 1 
F Scroll set 10 x 10" 1 
G Finials 514 x 23%" 4 


THINGS TO REMEMBER 


» 


To round to the nearest hundred, look at the digit in the 
tens place: 

5 or more — round up 

4 or less — round down 
Use a similar method for rounding to the nearest unit, ten or 
thousand. 


To give a number correct to one decimal place (1 d.p.), look at 
the digit in the second decimal place: 

5 or more — round up 

4 or less — round down 


The 1st significant figure in a number ts the first non-zero 
digit in the number, the 2nd significant figure is the next digit 
and so on. So in the number 304 567 the 1st significant figure 
is 3 and the 2nd significant figure is 0. In 0.002 735 the 1st 
significant figure is 2 and the 2nd significant figure is 7. 


To give a number correct to two significant figures (2 s.f.), 
look at the third significant figure: 

5 or more — round up 

4 or less — round down 


When answering real-life problems you may need to use 
common sense when deciding to round up or down. 


To estimate the answer to a calculation you can round each 
number to one significant figure. 


All measurements are approximate and have an error of half 


a unit; the degree of accuracy is implied by the number of 
decimal places given in the measurement. 
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How to Build an Iron Cross 


Before welding, thoroughly clean all parts with denatured alcohol. 


Make the Base 
1. Cut the base bars (A and B) to length. 


2. Mark the center point of each end of the vertical base and one end of each horizontal 
base. Mark the bars 1" in from the ends. Draw lines from the 1" mark to the center point 
to create a point. Cut along the lines. 


3. Mark the vertical base 11" from one end. Center the two horizontal bases at this mark 
to form the cross. Check for square and weld in place. Grind the welds smooth. 


Make the Top 
1. Cut the vertical and horizontal tops (C and D) to length. 


2. Center the top vertical bar on the base. The points should extend 1⁄2 to 34" beyond the 
bar ends. Weld the top bar to the base with two to three welds along each side. 


3. Center the top horizontals on the base. They should touch the top vertical bar at the 
center and end about an inch before the points. Weld in place. 


Add the Decorative Elements 
1. Center the rosette (E) in the middle of the cross and weld in place. 


2. Center the scroll set (F) over the rosette. Bend the arrow tips upward until the scroll 
set makes contact with all four arms. Weld in place. 


3. Center the finials (G) on the bar ends and weld in place. 


= ae Es 
Mark the midpoint of both vertical base ends and one end of each horizontal base. Mark 1" from the 
ends. Connect the marks at a diagonal to create a point. 


Center the vertical top on the vertical base and weld in place with two to three welds per side. 


Finish the Cross 

1. Drill 3⁄4" mounting holes through the vertical base on either side of the top bar and 
about 1" from the top and bottom. 

2. Wire brush or sandblast the cross. Finish as desired. 


3. Because of the weight of the cross, make sure it is mounted on a wall stud. Hang the 
cross with 1%" screws. 


Drill mounting holes through the vertical base. Use machine oil and a slow drill speed to preserve the 
drill bit. 


Nesting Tables 


Do you like to entertain but find that you're constantly searching for extra tables as the 
guests arrive? Nesting tables are the perfect way to always be ready to entertain on the 
fly. Best of all, they can be tucked away at the end of the evening. The basic pattern here 
is for three tabletops. These tables have wooden tops with a %" overhang. You may 
adjust the measurements for tile or metal tops. If you want the tables to nest even closer, 
use 14" angle iron with a 16-gauge or 1/s" metal top. And don’t forget to dress these 
tables up! Consider using hammered bar or adding decorative elements to the legs to 
allow them to show off a bit at parties. 


Materials 
e 14 x 19" square bar (28 feet) 


e 1 x 1 x 1/3" angle iron (17 feet) 


e 15" handipanel or veneered plywood (2 ft. x 4 ft. sheet) 


e 34" #8 panhead screws (12) 


Large lable 


PART NAME DIMENSIONS QUANTITY 
A Legs % x Ye" square bar x 18" 4 

B Table long sides 1 x 1x %" angle iron x 23" 2 

C Table short sides 1 x 1x %" angle iron x 17" 2 

D Crossbars Y x Ye" square bar x 15%" 2 

E Long crossbar Y x 2" square bar x 21%" 1 

E Tabletop 2" plywood 24 x 18" 1 

Medium Table 

PART NAME DIMENSIONS QUANTITY 
A Legs Vx" square bar x 16" 4 

B Table long sides 1x1 x1" angle iron x 20" 2 

C Table short sides 1x1 x1" angle iron x 14" 2 

D Crossbars Y x Ye" square bar x 12%"* 2 

= Long crossbar Y x Yo" square bar x 18%"* 1 

F Tabletop Y.” plywood 21 x 15" 1 


PART NAME DIMENSIONS QUANTITY 
A Legs Y x Ya" square bar x 14" 4 
B Table long sides 1x 1x %" angle iron x 17" 2 
C Table short sides 1x1 x1" angle iron x 11" 2 
D Crossbars Y x Ya" square bar x 9%" 2 
= Long crossbar Y x Ya" square bar x 15%" 1 
F Tabletop Y” plywood 18 x 12" 1 


* Approximate dimensions, cut to fit. 


Equations 1 


In this chapter you will learn: 

e howto solve linear equations 

e howto solve problems using equations 
e howto solve inequalities. 


13.1 Introduction 


An equation is a mathematical statement that two expressions are 
equal, such as 3 x 2 = 6. Sometimes, missing numbers are denoted 
by symbols or letters, for example, O + 2 = 7 or x — 3 = 2. In both 
cases, the equation is satisfied, or true, if you replace the missing 
number by 5, which is called the solution, or root, of the equation. 


Mathematicians in Ancient Egypt and Babylon were able to 

solve many types of equation, which were expressed in words or 
drawings. In Greece, Diophantus (c. 275 Bc), who has been called 
the ‘Father of Algebra’, used a form of symbolism, although the 
notation in use today did not appear until the seventeenth century. 


In the Islamic world of the Middle Ages, equation solving was 
known as ‘the science of restoration and balancing’. The Arabic 
word for restoration, al-jabru, is the root of ‘algebra’. Even up 
to the sixteenth century, algebra was the name given to the art 
of bonesetting. 
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How to Build Nesting Tables 


Before welding, thoroughly clean all parts with denatured alcohol. 


Using a carpenter’s square, lay out the table sides. Tack weld together and check for square before final 
welding. 


Make the Legs 
1. Cut the legs of the large table (A) to length. 


2. Clamp the lower 1%" of a leg into a sturdy bench vise. Slide a 3-ft. length of 12" pipe 
over the leg. Bend it about 5*. 


3. Using the first leg as a template, bend all the remaining legs to match. 
4. Repeat steps 1 to 3 with the medium and small tables. 


Make the Tabletop Frames 
1. Cut the table long sides (B) and table short sides (C) to length. Miter the ends at 45°, 
or cut notches in the long sides. 


2. Lay out one long side and one short side of the large table using a carpenter’s square 
to check for square. Clamp into place and tack weld the corner. 


3. Repeat Step 2 with the other long and short sides. 

4. Use a carpenter’s square to align the two Ls to form a rectangle. 
5. Weld the outside joints together. Grind down the welds. 

6. Repeat steps 1 to 5 with the medium and small tables. 


Attach the Legs 


If you will be making a wooden or metal tabletop, turn the table frame so the flanges of 
the angle iron are pointing downward. Weld the legs inside the corner. If you will be 
making a tile tabletop, turn the frame so the flanges are pointing up to create a cradle for 
the base and tile. Weld the legs to the bottom of the frame. 

1. Place a leg on or in a corner, with the bend facing the long side. Use a carpenter’s 
square to check that it is square from front to back and side to side. Weld in place. 

2. Repeat step 1 with the remaining legs. 

3. Measure the distance between the legs on the short sides, close to the frame. Cut the 
crossbars (D) to fit. Weld the crossbars into place at 4" from the bottom of the legs. 

4. Measure the distance between the legs on a long side, close to the frame. Cut the back 
bar (E) to fit. Weld into place, even with the crossbars. 

5. Repeat steps 1 to 4 with the medium and small tables. 

6. Grind down all the welds. Sand, wire brush, or sandblast the tables. Finish as desired. 
(If using a metal top, install it before finishing.) 


For a wood or metal tabletop, weld the legs inside the corner formed by the flanges. Align the curved 
legs so they point toward the long sides. 


Option 1: Create a Wood Top 
The wood tabletops have a %" overhang. 
1. Cut the wood tabletop (F) to size. 


2. If using a handipanel, sand the edges smooth, slightly rounding the top edge and 
corners, or use a %" roundover bit and rout the edges. 


3. If the top is veneered plywood, apply edge banding with an iron. Trim the banding to 
fit and lightly sand the edges and corners. 


4. Apply paint, stain, or finish. 
5. Turn the table upside down and drill a °/,," hole in each side. Drill a corresponding 1/8" 


pilot hole in the underside of the tabletop. Attach the top to the table with 34" panhead 
screws. 


6. Repeat steps 1 to 5 with the medium and small tables. 


After drilling holes in each of the table’s sides, align the wood top and drill pilot holes for the mounting 
Screws. 


Option 2: Create a Tile Top 
1. Measure the inside dimension of the tabletop. Cut 3" exterior-grade plywood to fit. 
2. Mark the plywood piece with your desired tile layout. 


3. Apply a small amount of silicone adhesive to the lip of the table. Place the plywood 
onto the table. 


4. Apply a layer of adhesive to the back of each tile using a notched trowel. Place the 
tiles on the plywood according to your pattern. After placing the tiles, use a carpet- 
covered 2 x 4 and a rubber mallet to set the tiles. 


5. After the adhesive sets, apply grout to the tile spaces according to manufacturer’s 
instructions. Do not apply grout to the gap between the metal frame and the tiles. Use 
colored silicone sealant between the metal and the tiles. 


6. Repeat steps 1 to 5 with the medium and small tables. 


Option 3: Create a Metal Top 


You can make a metal top of matching steel or create a contrasting look with expanded 
sheet metal, patterned stainless steel, or aluminum. A glass panel covering patterned 
metal creates a smooth surface while allowing the pattern to shine through. 

1. Cut the metal to fit the dimensions of the table. 

2. Tack weld the top to the table from the underside, or weld around the entire perimeter. 
Grind the contact points to create a smooth transition. 

3. Repeat steps 1 and 2 with the medium and small tables. 


For a tiled tabletop, weld the legs to the flat underside so that the flanges form a cradle for the tile and 
backing material. 


Swing-away Coat Hooks 


These good-looking, easy-to-make coat hooks are considerably sturdier than those you 
might purchase at discount stores. The pivoting design lets them fold flat against the wall 
when not in use, so you can install them wherever you want. 


Customize the hooks with a special shaped back plate or use cutout letters to personalize 
hooks for a child’s room. Make the hooks shorter, if desired, or use more than three 
hooks. Mount the hooks on a stud to prevent the weight of coats from pulling them out 
of the wall. 


13.2 Finding missing numbers 
O +7 =16. What number makes this equation true?” 


‘I think of a number and add 7 to it. The result is 16. Find the 
number.” 


‘x + 7 = 16. What number does x stand for?’ 


These are three different ways of asking the same question. You can 
spot by mental arithmetic that the unknown number in each case is 9. 


1 Find the numbers which make these equations true. 
(a) D+8=13 (b) 7-5=6 (c) Ox 4=36 
(d) +3=4 (e) 10- 0=3 (f) (2 xO)+3=11 
(9) 3x(0+1=9 (h)(O-3)x5=5 (i) (8+0)+5=3 
2 Find the number in each of the following. 
(a) | think of a number and add 9 to it. The result is 22. 
(b) | think of a number and subtract 5 from it. The result is 12. 
(c) | think of a number and multiply it by 6. The result is 42. 
(d) | think of a number and divide it by 3. The result is 9. 
(e) | think of a number, double it and add 3. The result is 15. 
3 Find the number which x stands for in each of these equations. 
(a)x+3=7 (b)x-2=4 (c)5x=20  (d) Íx=3 


13.3 Solving linear equations 


In this context, linear means that the equation does not involve 
higher powers of x, such as x? or x’. 


If you had to solve the equation x + 4 = 9 — in other words, find 


the number which x stands for — you would probably just say ‘x = 5, 
because 5 + 4 = 9’. With more complicated equations, however, 
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Materials 
e 16-gauge 1⁄2" round tube (9") 
e 44" round rod (10") 
e 3/6" round rod (6% feet) 


e 1/8 x 2" flat bar (12") 


e 1" O.D. ball 14" 20 threaded (2, Decorative Iron #C50035) 


PART NAME DIMENSIONS QUANTITY 
A Hooks Ae" round rod x 9"* 3 
B Crossbars 36" round rod x 7"* 3 
C Scrolls %16" round rod x 9” 3 
D Barrels 16-gauge 1⁄2" round tube x 3" 3 
= Pin Y." round rod x 10" 1 
F Balls 1" round balls 2 
G Back plate Ye x 2" flat bar x 12" 1 


* Approximate dimensions, cut to fit. 


How to Build Swing-away Coat Hooks 


Before welding, thoroughly clean all parts with denatured alcohol. 


Make the Scrolls 
1. Cut the scroll blanks (C) to length. Round the rod ends with a grinder. 


2. Clamp one end of the scroll blank to a 4" pipe. Bend the scroll around the pipe a 
three-quarter turn. 


3. Clamp the other end of the scroll to a 1" pipe. Bend the scroll around the pipe a three- 
quarter turn in the opposite direction. 


4. Repeat with the other two scrolls, matching the bends in the first scroll. 


Make the Hooks 
1. Cut the hooks and crossbars (A and B) to length. Round one hook end with a grinder. 


2. Place 1" of the hook into a bench vise and bend to about 110°. Repeat with the other 
two hooks. 


3. Align a crossbar at 90° to the hook and weld in place. 
4. Trim the hook and crossbar ends to match, if necessary. 


5. Place a scroll between the legs of a hook. The hook legs should be no more than 234" 
apart. 


6. Arrange the other hooks and scrolls to match the first. Weld together. 


Make the Hinge 
1. Cut the barrels (D) to length. Draw a guideline down the center of each barrel. Make a 
mark at 42" down from the top of each barrel along the guideline. 


2. Align the hook with the barrel so the upper leg of the hook is at the intersection of the 
guideline and the %" mark. 


3. Weld the hook legs to the barrel. 
4. Repeat steps 2 and 3 with the other two hooks. 


5. Cut the pin (E) to length. Grind down ™%" at each end of the pin to fit the holes in the 
balls. Slide the barrels over the pin. Place the balls (F) over the pin at each end. 


Assemble the Coat Hooks 

1. Cut the back plate (G) to size. Round the corners with a grinder. 

2. Drill >," mounting holes centered 1" from each end. 

3. Measure the distance between the centers of the balls on the hook assembly. Drill 14" 
holes this distance apart on the centerline of the back plate. 


4. Place the hook assembly on the back so the balls rest in the holes. From the back side, 
weld the balls to the back plate. 


5. Sand, wire brush, or sandblast the coat hooks. Finish as desired. 


E- w Hi 


Align the crossbar with the hook and weld the ends together. A magnetic clamp helps hold the small 
parts in place. 


Nightstand 


Sleek and sophisticated, this table may be designed like a wood table, but its unmatched 
style comes from metal. Many people find metal easier to work with than wood, and 
metal can offer the same great looks without all that sawdust. 


When working with thinner materials, make sure to turn your welder to the appropriate 
setting to prevent burn through and distortion. 


Materials 
e 16-gauge 1 x 1" square tube (141 feet) 
e 16-gauge sheet metal (3 ft. x 5% ft. sheet) 
e 16-gauge angle iron (3 feet) 
e 1/8 x 1⁄2" flat bar (14 feet) 


e 22-gauge sheet metal (2 ft. x 1 ft. sheet) 


e Drawer handle 


PART NAME DIMENSIONS QUANTITY 
A Legs 16-gauge 1 x 1" square tube x 22" 4 
B Table frames 16-gauge 1 x 1" square tube x 20" 4 
C Shelf 16-gauge sheet metal x 14 x 20"* 1 
D Drawer box 22-gauge sheet metal x 18 x 6" 1 
E Drawer glides 16-gauge Y. x Y." angle iron x 18" 2 
F Drawer face 16-gauge sheet metal x 6 x 12* 1 
G Sides 16-gauge sheet metal x 18 x 6” 2 
H Back 16-gauge sheet metal x 12 x 6" 1 

| Bars Ye x Yo" flat bar x 11"* 13 
J Tabletop 16-gauge sheet metal x 20 x 20"* 1 
K Drawer handle 1 


*Approximate dimensions, cut to fit. 


How to Build a Nightstand 


Before welding, thoroughly clean all parts with denatured alcohol. 


Clamp a leg in place with a piece of angle iron and two C-clamps. Check for square and weld the leg to 
the table frame. 


you will not be able to write answers straight down; more 
systematic methods are needed. 


In this case, you can subtract 4 from both sides of the equation 
x+4=9. This gives x = 9 — 4, which leads to the correct answer. 


You may find it helpful to think of an equation as a balance, with 
x + 4 in one scale pan and 9 in the other. If you subtract 4 from 
both sides of the equation x + 4 = 9 you get x = 9 — 4, giving x = 5. 
The idea of a balance is key, and may be helpful in deciding how to 
tackle a problem. 


Example 13.3.1 


Solve the equation x — 5 = 3. 


Add 5 to each side: x=5+3 


Insight 
You should always check your solution by substituting it back 
into the original equation. In this case, 8 — 5 does equal 3. 
The solution of the equation 3x = 15 is x = 5. To obtain this, you 
could divide both sides of the equation by 3. This gives x = 2 which 
is equal to 5. In terms of the balance, if two masses, 3x and 15, 
are equal, then 3 of each of them will also be equal. Checking the 
solution, 3 x 5= 15. 


Example 13.3.2 

Solve the equation 4x= 11 and check your answer. 
Divide both sides by 4: x=% 

Check: 4 x 22 =11 


Multiplication and division are the inverse operations of each other. 
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Make the Table Frame 
1. Cut the legs (A) and table frame (B) to size. Miter the frame ends at 45°. 


2. On a flat work surface, position two sides of the frame in an L shape. Use a 
Carpenter’s square to check for square and then clamp in place. Tack weld the corner. 
Repeat with the other two sides. 


3. Arrange the two Ls to make a square. Clamp in place. Measure across the diagonals to 
check for square. If the diagonal measurements are not equal, the assembly is not square. 
Adjust and recheck. Tack weld the corners. 


4. After rechecking for square, finish welding all the joints. 
5. Grind down the welds to be flush with the surrounding metal. 


6. Mark points 3" in from the ends on one frame side. Mark points 3" in from the ends on 
the opposite frame side. 


7. Align a leg with the mark and tack weld into place. Use clamps and an angle iron to 
securely hold the leg. Repeat with the other three legs. 


8. Make sure the legs are perpendicular to the frame and weld in place. 


Make the Shelf 
1. Before cutting the shelf (C) to size, measure between the outside faces of the front and 
side legs to make sure this dimension is correct. Cut the shelf to size. 


2. Make 1 x 1" cutouts in each corner of the shelf using a plasma cutter, oxyacetylene 
torch, or bandsaw. Note that the square tube has slightly rounded edges, so round the 
cutouts to match. 


3. Mark each leg at 5" from the bottom. 


4. Align the shelf with the marks and tack weld in place. Make sure the shelf is level 
before finish welding. 


Make the Drawer 

1. Cut the drawer (D) to size. 

2. Use a hand seamer to bend the drawer sides at 3/8" to 90°. 

3. Bend the sides and ends of the drawer to 90% to make a box. 
4. Weld the seams. 


Finish the Drawer 

1. Measure the distance between the two front legs. Subtract 1/8" and cut the drawer face 
(F) to size. 

2. With the drawer in the frame, place the drawer face over the drawer front. Align the 
drawer face with a '/,,"" gap between the frame and legs. Placing magnetic right-angle 
clamps in the drawer makes this task easier. 


3. Tack weld the drawer face to the drawer from the inside. 

4. Remove the drawer and complete the welds. 

5. Center your chosen drawer pull on the drawer face and mark the screw locations. Drill 
the holes for the pull. 


Cut the drawer to size. Clamp the drawer to a sharp-edged surface using C clamps and a piece of angle 
iron. Bend the sides, back and front of the drawer to 90°. 


Add the Sides €: Back 

1. Before cutting the sides (G) and back (H), measure between the side legs and the back 
legs to determine the exact lengths. Cut the back and sides to size. 

2. Place the sides and back and weld in place. 

3. Measure from the top of the shelf to the bottom of the sides and back to determine the 
correct length for the bars (I). Cut the bars to length. 

4. Place three bars evenly spaced (approximately 3" on center) across the back. Make 
sure the bars are perfectly vertical before welding. Place five bars evenly spaced 


(approximately 3" on center) across each side. Make sure the bars are perfectly vertical 
before welding. 


Weld the decorative bars to the table sides and shelf every 3". Weld from the inside. 


Finish the Table 
1. Measure the top outside dimension of the table frame. Cut the tabletop (J) to size 
using these dimensions. 


2. Attach the tabletop from the underside using two small welds per side. If you prefer a 
tabletop that appears one with the frame, weld around the entire perimeter of the tabletop 
and grind the weld smooth. 

3. Wire brush, sand, or sandblast the table and drawer. Finish as desired. 

4. Attach the drawer pull. 
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Weld the drawer glides to the legs. 


Make the Drawer Glides 

1. Cut the glides (E) to size. 

2. Mark 14" down from the top inside of each leg. Align the glides with the lines and tack 
weld in place. 

3. Slide the drawer into the frame and check for fit. Adjust if necessary, and complete the 
welds. 


Fireplace Candelabrum 


Warm up your hearth, without all the chopping and stacking of wood, with this wavy 
candelabrum. The simple waves imitate tongues of flames, while the large candleholders 
support illuminating pillar candles. Romantic, simple, and great for warm summer 
evenings when a hot fire might be too much. 


Materials 


e 1/8" sheet metal (13 x 19") 


e 412" bobeches (3, Architectural Iron Designs #79/12) 


PART NAME DIMENSIONS QUANTITY 


A Waves Ya” sheet metal x 4 x 19" 5 
B Bobeches Ay," 3 


Example 13.3.3 


Solve the equation <x = 4 and check your answer. 


Multiply both sides by 6: x=4x6 
x=24 
Check: + x 24 = 4 
In general, you must do the same to both sides of an equation so 
that the balance of the equation is not destroyed. 


1 Solve these equations and check your answers. 


(a)x+4=7 (b)x-3=5 (c) 4x= 24 (d) .x=2 
(e)x+6=1  (f) 5x=3 (g)x+4=4 (h) 3x =7 
(i) 7x =0 (j)3+x=-2 (k)x-3=-1 (I) tx=-1 


With a more complicated equation, you should aim to rearrange 

it so that the x term is on its own on one side of the equation and 
there is a number on the other side. For example, to solve 4x + 9 = 1, 
subtract 9 from each side, so 4x = 1 — 9 or 4x =-8. Then divide both 
sides by 4 to obtain the solution x =- £, or x = -2. 


In the equation 4x + 9 = 1, the number, 4, multiplying x is called 

the coefficient of x. 

Insight 
You can think of solving an equation as a process of 
‘undoing’. So to ‘undo’ adding 9 you need to subtract 9, and 
to ‘undo’ multiplying by 4 you need to divide by 4. 


Example 13.3.4 
Solve the equation 6x — 1 = 3 and check your answer. 


> Add 1 to each side: 6x=3+1 
6x = 4 

Divide both sides by 6: x=%=3 
Check: (6 x 4) -1=4-1=3 
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How to Build a Fireplace Candelabrum 


Before welding, thoroughly clean all parts with denatured alcohol. 


Y — a 


Cutting Diagram 


f 


Clamp the narrow wave end to a 4" bending form and bend it slightly past halfway. 


Cut the Waves 

1. Mark the sheet metal at 4", 4%", 8%", and 9" along one 13" side, and 2”, 244", 644", 7", 
11", and 11%" along the opposite 13" side. 

2. Use a straightedge and a permanent marker or soapstone to connect the marks (see 
diagram). 

3. Cut the waves (A) to size using an oxyacetylene torch or plasma cutter. 

4. Grind the cut edges smooth, if necessary, and sand or wire brush the metal. 


Bend the Waves 
1. Clamp the narrow end of a wave to a 4" bending form. Bend the wave around just 
slightly past halfway (see photo). 


2. Clamp the wide end of the wave to a 4" bending form. Wrap the wave around the tube 
a half turn in the opposite direction from the first wave. 


3. Repeat steps 1 and 2 with the other four waves. 


Arrange & Finish 
1. Arrange the waves as desired. Make sure the arrangement fits in the fireplace. 
2. Weld the waves together at the contact points. 


3. Place the bobeches on the waves, making sure they are level. Drill a 14" hole in the 
center of each bobeche. 


4. Weld the bobeches to the waves by welding through the hole. If you choose to use 
brass bobeches, braze or braze weld the bobeches to the waves. 


5. Finish the candelabrum as desired. 


Magazine Rack 


Form follows function with this nifty M design. It’s a magazine rack that’s a snap to put 
together and perfect for keeping magazines organized and off the floor. You can use 
virtually any combination of sheet metal and tubing to make this rack. In this project, 16- 
gauge sheet metal and % x 1%" rectangular tubing is used. You could also try it with 
round tubing, hammered tubing, pierced sheet metal, or expanded sheet metal. Make it to 
fit your favorite magazine, and it will be truly customized. 


Materials 


e 16-gauge sheet metal (20 x 12" sheet) 


e 16-gauge % x 11" rectangular tube (40") 


PART NAME DIMENSIONS QUANTITY 
A Sides 16-gauge sheet metal 10 x 12" 2 


B Legs 16-gauge % x 1%" rectangular tube x 10" 4 


How to Build a Magazine Rack 


Before welding, thoroughly clean all parts with denatured alcohol. 


Assemble the Sides 
1. Cut the sides (A) to size. 
2. Remove slag and grind down any cutting imperfections. 


3. Set up the sides in an upsidedown V. The V angle should be between 50° and 60°. 
Clamp the sides in place and tack weld the sides together (see photo). 


4. Weld the sides together with four 1" welds. 


Cut the Legs 
1. Cut the legs (B) to length. 


2. To get the exact angle measurement for the angle at the top of the legs, trace the 
outside of the V on a piece of paper. Align a carpenter’s square along the tops of the V, 
with one side of the V contacting the corner of the square. Mark the line for the leg (as 
though you are making an M). Repeat for the other side. 

3. Flip the carpenter?s square over and align it with one of the newly drawn lines. Align a 
leg in the corner of the square. Using a straightedge, mark the leg where it crosses the V. 
Repeat on the same side. Mark the remaining two legs using the other side of the pattern. 


4. Cut the leg angles. 


Assemble the Rack 

1. Place the V upside down. Place a leg about 1⁄2" in from the front or back end of the V. 
Use a try square to check that the leg is perpendicular and tack weld in place. 

2. Repeat step 1 with the other three legs. 

3. Turn the rack upright to check for leg alignment. Make adjustments, if necessary, and 
complete the welds. 

4. Grind down welds and spatter. Wire brush the rack and wipe down with denatured 
alcohol before finishing. 


Sometimes an equation may have terms involving x on both sides. 
To solve such an equation, start by collecting all the x terms on one 
side and then carry on in the usual way. 


Example 13.3.5 


Solve the equation 5x + 1 = 2x — 2 and check your answer. 


5x+1=2x-2 
Subtract 2x from both sides: 5x—2x+1=-2 
3x+1=-2 
Subtract 1 from both sides: 3x=-2-1 
3x =-3 
Divide both sides by 3: x=-1 
Check: LHS (left-hand side) = (5 x (-1)) +1=-5+1=-4 
RHS (right-hand side) = (2 x (-1)) - 2 = -2 -2 = —4 


Note that you could have started by subtracting 5x from both 
sides of the equation. In that case you would have reached the 
equation —3x = 3. Dividing both sides by -3 gives x = —1, as before. 


To solve an equation with a negative x term, make it zero by 
adding an appropriate x term to both sides. To solve 10 — 3x = 5, 
for example, start by adding 3x to both sides. 


Example 13.3.6 


Solve 10 —3x =5. 

Add 3x to both sides: 10=3x+5 
Subtract 5 from both sides: bi 3x 
Divide both sides by 3: x=3=1% 


Checks 10= 518) =10=5=5 
Alternatively, you could start by subtracting 10 from both sides 
giving —3x = —5 and then divide both sides by —3. This is a correct 
method for solving equations but it has the disadvantage that 
arithmetical errors are more likely with negative numbers. 
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Form a V with rack sides and clamp with magnetic clamps. Weld the seam. 


Angled Metal Shelves 


This shelf design is very versatile. The pattern can be altered infinitely—change the 
width, height, depth, and number of shelves to create a unit to fit in any space and 
display any item. Dress it up or down by using different materials. Consider using 
shelves with smooth tubing, a metallic finish, and glass (as we have done here), or use 
hammered tube, an antique finish, and weathered wood shelves for a rustic look. 


Materials 


e 34 x 1%" rectangular tube (241 feet) 


e 1/8 x 34" flat bar (2% feet) 


e Tempered glass or wood (6 feet) 


PART NAME DIMENSIONS QUANTITY 
A Back legs 16-gauge % x 1%" rectangular tube x 36" 2 
B Bottom shelf sides 16-gauge % x 11⁄2" rectangular tube x 9” 2 
C Middle shelf sides 16-gauge % x 1%" rectangular tube x 7%" 2 
D Top shelf sides 16-gauge Y x 11⁄2" rectangular tube x 6%" 2 
E Top sides 16-gauge Y x 1%" rectangular tube x 6" 2 
F Front legs 16-gauge Y x 1%" rectangular tube x 37%" 2 
G Backs 16-gauge Y x 1%" rectangular tube x 22" 4 
H End caps % x Y" flat bar x 1%"* 8 
| Shelf supports Y x %4" flat bar x %" 21 
J Shelves Tempered glass* 3 


* Cut to fit. 


How to Build Angled Metal Shelves 


Before welding, thoroughly clean all parts with denatured alcohol. 


Make the Sides 

1. Cut the back legs (A) to length. 

2. Cut the shelf and top sides (B, C, D, E) to length with one end mitered at 83°. 
3. Mark the back legs at 1", 7", and 15". 


4. Align the flat end of the bottom, middle, and top shelf side pieces with the marks. 
Align the top side piece with the top of the back leg. Before welding, hold a straightedge 
against the angled side to check for alignment. Adjust if necessary. Tack weld in place. 
Repeat with the other back leg and sides. 


5. Align a front leg (F) with the side and back leg assembly. Using a carpenter’s square 
held against the back leg, mark the top and bottom angled cuts for the front leg. Repeat 
with the other front leg. 


6. Cut the first front leg to length along the marks. 
7. Tack weld the front leg to the side. Repeat with the second front leg. 


To get the exact angle for cutting the front leg, align the tube with the side pieces and use a carpenter’s 
square to mark a line even with the top of the top side. 


Assemble the Shelves 

1. Cut the backs (G) to size. 

2. Stand a side unit on its back and line up a back piece with the top of the unit. Use a 
carpenter”s square to check that the back is square to the side. Tack weld in place. 

3. Align the second side unit with the back piece and tack weld in place. 

4. Repeat with the other three back pieces, aligning them with the top, middle, and 
bottom side pieces. Check for square and complete all welds. 

5. Cut the end caps (H) to fit the tops and bottoms of the front and back legs. (The front 
pieces will need to be longer due to the angle.) Weld the caps to the leg ends. Grind 
down all the welds. 


After assembling the sides, weld the backs in place. Check for square both vertically and horizontally. 


Install Shelf Supports & Finish 

1. Cut the shelf supports (1) to length. 

2. Round the end of each with a bench grinder. 

3. Weld two supports to the underside of each top, middle, and bottom shelf side piece. 
Weld three supports to each back piece. Weld two supports 1" in from the sides and 
center the third on each back piece. 

4. Sand, sandblast, or wire brush the unit. Finish as desired. 

5. Measure the dimensions for each shelf and order tempered glass to fit, or cut wooden 
shelves. 
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Weld the shelf supports to the bottom of the sides and backs. 


For an equation with x terms on both sides but just one negative 
coefficient, you can use the same approach as in Example 13.3.6. 


: Example 13.3.7 


Solve 1 — 2x = 3x + 8 and check your answer. 


Add 2x to both sides: 1=5x+8 
Subtract 8 from both sides: —/=5x 
Divide both sides by 5: yea ape 


5 5 


Check: LHS = 1- a x (-12))=14+24=34 
-12))+8=-41+8=34 


To solve equations with more than one negative coefficient, add to 
each side an x term which is big enough to give you an equation 
with no negative coefficients. For example, to solve 8 — 3x = 2 — Sx, 
you start by adding 5x to both sides. If you added only 3x, the 
equation you obtain still has a negative coefficient. 


: Example 13.3.8 


Solve 8 — 3x = 2 — 5x. 


Add 5x to both sides: 8+2x=2 
Subtract 8 from both sides: 2x=-—6 
Divide both sides by 2: x=-3 


Check: LHS = 8 — (3 x (-3)) =8 — (-9) =8 +9=17 
2 E) 2 ei) = 22 1s = 10 


1 Solve these equations and check your answers. 


(a) 2x+1=9 (b) 3x- 2=7 (c) 4x+3=5 
(d) 5x+8=3 (e) 6x - 5=9 (f) 8x + 9=3 
(g) 5+3x= 17 (h) 7x+9=9 (i) 2x+3=8 
(j)6x-1=4 (k)4x-1=-9 = (I) 3x +7=-1 


(Contd) 
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Wall-mounted Shelf 


This wall-mounted shelf is perfect for displaying your decorative jars that hold cooking 
oils or spices. A single 24" square tile used for ceilings is cut to size at 24 x 6", which 
gives the appearance of four separate 6 x 6" tiles. A variety of tin tile sources are 
available on the Internet: see Resources on page 220 for addresses. You may also find 
ceiling tiles at salvage stores and antique stores—and they already have the antique 
character. The tiles don’t need to be welding-quality steel; installing them with two-part 
epoxy is sufficient. 


Materials 
e 4" round rod (18% feet) 
e 1/8 x 1⁄2" flat bar (12 feet) 
e 24" metal ceiling tile (1, M-BOSS #0613) 


e 3/6" round rod (5 feet) 


PART NAME DIMENSIONS QUANTITY 
A Frame Ya" round rod x 64" 1 
B Tile supports Ya" round rod x 8" 3 
C Shelf frames 14" round rod x 36" 2 
D Shelf supports Ys" round rod x 6" 1 
= Shelf cross pieces Ye x Yo" flat bar x 24" 6 
F Top scrolls Ys" round rod x 15" 2 
G Top circle Ya” round rod x 12" 1 
H Side shelf scrolls 6" round rod x 9" 2 
| Front shelf scroll %s" round rod x 15" 2 
J Shelf circle %6" round rod x 10" 1 
K Tin tile 24" xG 1 


Bottom shelf 


How to Build a Wall-mounted Shelf 


Before welding, thoroughly clean all parts with denatured alcohol. 


Create the Frame 
1. Cut the frame (A) to length. 


2. Mark the frame at 12", 1934", 431%", and 52%". Create a rectangle by making 90° 
bends at the marks. Weld the ends together. 


3. Cut the tile supports (B) to length. 
4. Weld the tile supports into the frame at 6" intervals. 


Create the Shelf 


1. Cut the shelf frames (C) to length. 


2. Mark each of the shelf frames at 6" in from each end. Make 90° bends at the marks to 
create the shelf frames. 


3. Weld one shelf frame to the base of the frame at a 90° angle. 

4. Cut the shelf supports (D) and cross pieces (E) to length. 

5. Weld the first shelf support to the installed shelf frame at the midpoint. Weld the 
remaining two supports centered between an outside edge of the shelf frame and the 
center shelf support. 

6. Space the shelf cross pieces at 14" intervals across the supports. Weld in place. 

7. Weld the second shelf frame to the frame 2" above the shelf at a 90° angle. 


Weld the tile supports to the frame at 6" intervals. 


Make the Scrolls 
1. Cut the top (F), side (H), and front (1) scrolls to length. 


2. Clamp the top scroll rod to a 2" pipe. Bend the rod one full turn around the pipe. 
Clamp the other end around a 1” pipe and bend the rod one full turn around the pipe in 
the opposite direction from the first bend. Repeat with the second top scroll, making sure 
the scrolls match. 


3. Clamp the end of a front shelf scroll to a 1" pipe. Bend the rod one full turn around the 
pipe. Clamp the other end to the pipe and bend the rod one full turn around the pipe in 
the opposite direction. Repeat with the second front scroll. 

4. Clamp the end of a side scroll to a 1" pipe. Bend the rod one turn around the pipe. 
Clamp the other end to a 1" pipe and bend the rod one turn around the pipe in the 
opposite direction. Repeat with the second side scroll. 

5. Bend the top circle (G) around a 2" pipe, overlapping the ends. Cut the overlap off and 
weld the circle ends together. 

6. Bend the shelf circle (J) around a 1" pipe, overlapping the ends. Cut the overlap off 
and weld the circle ends together. 

7. Place the shelf unit on its back and align the top scrolls and circle along the top. Weld 
at the contact points. 

8. Align the front scrolls and circle in between the shelf and the shelf support. Weld at 
the contact points. Repeat with each of the side scrolls. 
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Weld the top shelf frame to the frame 2" above the shelf. 


Finish the Shelf 


1. Cut the tile down to a 6 x 24" strip, or 6" squares, depending on the tile and pattern 
you have chosen. 

2. Use two-part epoxy to glue the tiles to the frame. 

3. Sand, wire brush, or sandblast the shelf. 

4. Finish as desired. 


Weld the decorative scrolls and circles to the frames. 


2 Solve these equations and check your answers. 
(a) 3x + 1=2x+5 (b) 5x — 3 = 3x + 7 
(c) 6x — 2 = 4x- 1 (d) 7x+3=3x-5 
(e) 5x — 2 =8x-7 (f) 2x + 1=7x+3 
(8) 9x + 4= 5x-6 (h) 8x + 1=2x+5 


(i) 7x+ 1= 5x +1 (j) 5x +6 =2x- 3 

(k) 7x+1=x-3 (1) 10x — 9 = 2x + 13 
3 Solve these equations and check your answers. 

(a) 8-x=3 (b) 7 -x= 12 

(c) 8 - 3x=2 (d) 9 - 5x=6 

(e) 1-4x=9 (f) 8-3x=1 

(8) 3-2x=4 (h) 3 - 4x=9 

(i) x+ 4=7-—2x (j) 2x+ 3 =7- 3x 

(k) 3 — 4x = 5x + 12 (l) 4- 7x=3x +4 

(m) 8 - 3x=2x-5 (n) 7x+6=2- 3x 

(0) 4—x=7- 2x (p) 9- 2x=1- 4x 


13.4 Equations with brackets 


To solve an equation which has brackets, the usual first step is to 
expand the brackets. Sometimes, this step alone transforms the 
equation into one of the types you have already met. 


: Example 13.4.1 


Solve 4(2x — 3) = 20. 


4(2x — 3) =20 

- Expand the brackets: = 12= 20 
+ Add 12 to both sides: CS 32 
Divide both sides by 8: x=4 


Check: 4(2 x 4 — 3) =4(8-3)=4x5=20 


If necessary, after expanding the brackets, simplify both sides of 
the equation by collecting like terms. 
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Etagére 


Etagére is a French term for a metal structure used to display items in the house, or 
plants in the garden. Etagéres can be shockingly expensive, but this project is not only 
affordable, but it is much sturdier than many available in stores. The corner Etagére that 
follows (on page 160) is created to match the style of this project. 


This decorated shelf may be used inside or outside the home. Paint it or allow it to gently 
rust. The decorative elements are not structural, so you may change them to suit your 
desired level of fuss. The flat expanded sheet metal was chosen because it repeats the 
diamond pattern, but anything from metal to wood to tile can be used as shelving 
material. Check out the decorative iron suppliers listed in the Resources section on page 
220 for dozens of friezes and metal stampings that may be used instead of the diagonals 
and scrolls. 


Materials 


e 16-gauge 1 x 1" square tube (23 feet) 


e 16-gauge 1⁄2" flat expanded sheet metal (2 ft. x 3 ft.) 
e 14" round rod (31 feet) 

e 1/8 x %4" flat bar (5 feet) 

e 11" balls (4, Triple S Steel 45F116F4) 


e 1x1" x 1/8" angle iron (6 feet) 


PART NAME DIMENSIONS QUANTITY 
A Legs 16-gauge 1 x 1" square tube x 40" 4 
B Crossbars 16-gauge 1 x 1" square tube x 10" 4 
C Long diagonals Ya” round rod x 21"* 12 
D Short diagonals Ya" round rod x 10"* 8 
E Side decorations Ye x Yo" flat bar x 5%" 8 
F Front supports 1 x 1" x square tube x 22" 3 
G Back supports 1x1" x %" angle iron x 22" 3 
H Shelf supports Ye x Yo" flat bar x 9" 2 

| Shelves Expanded sheet metal 23 x 11" 3 
J Back long diagonals Ya" round rod x 43" 2 
K Back short diagonals Ya" round rod x 21" 4 
L Scrolls Ye x Yo" flat bar x 24" 2 
M Balls 1%" diameter 4 


“Approximate dimension, cut to fit. 


How to Build an Etagére 


Before welding, thoroughly clean all parts with denatured alcohol. 


Make the Sides 
1. Cut the legs (A) and crossbars (B) to length. 
2. Mark each leg 2" from one end. This is the bottom of the leg. 


3. On a flat work surface, lay out two legs and two crossbars. Align the bottom of one 
crossbar with the marks. Align the top of the other crossbar with the top of the legs. 
Clamp in place. 


4. Check all corners for square. Tack weld all corners. Recheck for square by measuring 
across the diagonals. If the two measurements are equal, the unit is square. If the 
measurements are not equal, make adjustments until they are. Complete the welds. 


5. Repeat steps 3 and 4 to make the second side panel. 


Cut the Decorative Side Diagonals 

1. Find the midpoint of the top and bottom crossbars and mark. 

2. Find the midpoint of the front and back legs between the crossbars and mark. 

3. Mark the points halfway between the midpoints and the crossbars. These are the 
quarterpoints. 

4. Determine the lengths for the long diagonals (C) by measuring from a corner to the 
opposite midpoint and from an upper quarterpoint to a lower, opposite quarterpoint. 
These measurements should be equal if the panel is square. Cut the long diagonals 
slightly longer than this measurement. 

5. Determine the lengths for the short diagonals (D) by measuring from a quarterpoint to 
the adjoining crossbar midpoint. Cut the short diagonals slightly longer than this 
measurement. 


6. Hold the diagonals in place against the side panels and mark the necessary cutting 
angle. Cut at the marks. 


Measure between a corner and the opposite midpoint to find the length for the long diagonals. 


Assemble the Decorative Side Diagonals 
1. With the side panel on a flat surface, lay the three long and two short diagonals that 
slant down from upper left to lower right in place. Weld to the frame. 


2. Lay the three long and two short diagonals that slant from upper right to lower left in 
place on top of the other set of diagonals. Weld in place. 


3. Cut the side decorations (E) to length. Round one end of each to a smooth semicircle 
using a bench grinder. 


4. Clamp the rounded end to a %" pipe and bend the bar a half turn around the tube. 
Repeat with all the pieces. 


5. Place two pieces back to back and weld together. Repeat with the other pieces. 
6. Grind the flat ends of the decoration to a V. 


7. Place one welded piece vertically at the middle of the diagonal pattern and weld in 
place. Place the second welded piece upside down at the middle and weld in place. 


8. Cut and assemble the diagonals for the second side panel. 


a” 


Weld the first layer of diagonals in place. 


Assemble the Etagére 

1. Cut the front supports (F) and back supports (G) to length. 

2. The decorations on the side panels should be flush on one side and recessed on the 
other. The flush side is the outside. Place the two sides parallel to each other lying on 
their backs. Align the front supports with the top and bottom crossbars and centered over 
the midpoint. Check for square and tack weld in place. 

3. Orient the top back support so the flat faces are to the top and front and aligned with 
the top crossbar. Tack weld in place. 

4. Orient the midpoint and bottom back supports with the flat faces to the top and back. 
Align with the front of the back leg. (This will allow the back panel decorations to be 
recessed). 

5. Cut the shelf supports (H) to length. 
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Weld the decorations to the middle X of the diagonals. 


: Example 13.4.2 
Solve 7 + 2(3x — 1) = 8x — 3(2x + 5). 


7 + 2(3x — 1) = 8x — 3(2x + 5) 


: Expand the brackets: Fei = 2S == 15 
- Collect like terms: 5+6x=2x-15 
- Subtract 2x from both sides: 5+4x=-15 
Subtract 5 from both sides: 4x =-20 
Divide both sides by 4: x=-5 


“Check LHS =7 + 2(3 x (25) -1)=7+2 x (-16) =-25 
RHS =8 x (—5) —3(2 x (-5) + 5) ==40=3 x (55) ==25 


1 Solve these equations and check your answers. 


(a) 5(x + 4) = 35 (b) 3(4x — 5) = 9 

(c) 4(x + 6) = 12 (d) 3(2x- 1) =1 

(e) 6(x — 2) = 5x (f) 2(5x — 3) = 6x 

(g) 4(x + 3) = pare (h) 5(3x + 2) = 7x +4 

(i) 2(x + 5) = (j) 5(2x — 3) =9 - 2x 

(k) 3(2 — x) = e (I) 4(3-2x)=5 

(m) 6(2x — 3) = 4(x — 2) (n) 4(2x — 7) = 3(4x — 9) 

(0) 3(2x + 3) = 4(6 — x) (p) 3(2x + 5) = 2(4x — 5)+ 3x 
(q) 2(3x + 5) — 3(x - 4) = 1 (r) 9x — 4(2x — 3) = 5(x + 2) 
(s) 8x — (3x — 7) = 2(x + 3) + 1 (t) 5(3x + 4) = 9 + (6x — 7) 


13.5 Solving problems using equations 
You can sometimes solve problems by using a letter to represent 


the unknown number, expressing the given information as an 
equation and then solving it. 
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Tack weld the front supports in place and check for square. 


6. Weld the shelf supports flush with the top of the middle shelf frames at the ends. Bend 
the top shelf to fit inside the four supports. Weld in place. 

7. Cut the shelves (1) to size. 

8. Bend the front of the middle shelf to fit behind the front support. The shelf lies on top 
of the shelf suport and back support. Weld in place. 


9. Bend the front and sides of the bottom shelf to fit between the supports. The back lies 
on top of the back support. Weld in place. 


Make the Back Panel Decorations 

1. Measure the diagonal across the back of the shelves from corner to corner. Cut the 
back long diagonals (J) to this length. 

2. Measure from the midpoint of the top back shelf support to the midpoint of the leg 
panel. Cut the short diagonals (K) to this length. 

3. Place the left to right descending diagonals in place and weld. Place the right to left 
diagonals and weld. 


Bend the top shelf to fit inside the sides and supports. 


Weld the spheres to the tops of the legs and weld the scroll to the tops of the rear spheres. 


Make the Decorative Scrolls 
1. Cut the scrolls (L) to length. 
2. Round one end of each scroll to a smooth semicircle using a bench grinder. 


3. Clamp the flat end to a 4" pipe and bend slightly past a one-quarter turn to create a 
rounded 90° angle. Repeat with the second scroll. 


4. Cut a 1/8" notch in a 2" pipe. 


5. Insert the rounded end of the scroll through both notches. Bend the scroll a three- 
quarter turn around the pipe. Repeat with the second scroll. 


6. Weld the balls (M) into the tops of the legs. 


7. Align the two scrolls so they meet in the middle and are symmetrical. Weld at the 
contact points. 


8. Weld the scrolls to the top of the rear balls. 
9. Sand, wire brush, or sandblast the shelf unit. Finish as desired. 


Welding thick material to thin material. 


Welding solid spheres to 16-gauge material won’t be successful without an extra step. 
The spheres will not weld easily because they absorb a great deal of heat before 
melting. Heating them first with a propane torch assures a good weld. 


Corner Etagére 


Why have an empty corner when it can display a beautiful shelf? Designed to match the 
étagere, this shelf unit is perfect for displaying plants or other decorative curios. You 
don’t need to hide it in a corner—it can stand on its own in your backyard, or you can 
build two to create a semi-circle shelf to stand out along a wall. 


The arcing shelf fronts look fancy but are actually fairly simple to execute. Face the front 
with a decorative frieze or metal stampings for a different look. The diagonals do not 
provide structural support, so you may personalize the sides in any way you choose. 


Materials 
e 16-gauge 1 x 1" square tube (10 feet) 
e 4" round rod (15% feet) 
e 1/8 x 1" flat bar (41 feet) 


e 16-gauge Y" flat expanded sheet metal (2 ft. x 2 ft.) 


e 1%" balls (3, Triple S Steel #SF116F4) 
e 1 x 1 x 1/8" angle iron (20") 


PART NAME DIMENSIONS QUANTITY 
A Legs 16-gauge 1 x 1" square tube x 40" 3 

B Crossbars 16-gauge 1 x 1" angle iron x 10" 4 

C Middle crossbars 1x1 x1" angle iron x 10" 2 

D Long diagonals Ya” round rod x 21"* 12 

E Short diagonals Ya" round rod x 10"* 8 

E Decorations Y x Ye" flat bar x 5%" 8 

G Shelf fronts Ye x 1" flat bar x 18" 3 

H Shelves 16-gauge expanded sheet metal* 3 

| Balls 1" dia. 3 


* Cut to fit. 


How to Build a Corner Etagére 


Before welding, thoroughly clean all parts with denatured alcohol. 


Make the Frame 
1. Cut the legs (A) and crossbars (B) to length. 
2. Measure 2" up from the ends of the legs and make a mark. 


3. Align one crossbar in between and flush with the tops of two legs. Check for square 
and tack weld in place. Align the bottom of a second crossbar with the end marks, check 
for square and tack weld in place. 


4. Measure across the diagonals of this unit to check for square. The measurements 
should be equal; if not, adjust until they are. Weld in place. 

5. Repeat steps 3 to 4, attaching the third leg and the crosspieces to the leg unit at right 
angles to form a triangular frame. 

6. Cut the middle crossbars (C) to length, mitering one end at 45”. Center the crossbars 
over the midpoints and even with the insides of the legs. Weld in place. 


Cut the Decorative Diagonals 

1. Find the midpoint of the top and bottom crossbars and mark. 

2. Find the midpoint of the front and back legs between the crossbars and mark. 

3. Mark the points halfway between the midpoints and the crossbars. These are the 
quarterpoints. 

4. Determine the lengths for the long diagonals (D) by measuring from a corner to the 
opposite midpoint and from an upper quarterpoint to a lower, opposite quarterpoint. Cut 
the long diagonals to length. Place the diagonals and mark the angled cut necessary for 
an exact fit. 

5. Determine the lengths for the short diagonals (E) by measuring from a quarterpoint to 
the adjoining crossbar midpoint. Cut the short diagonals to length. Cut the long diagonals 
to length. Place the diagonals and mark the angled cut necessary for an exact fit. 


Example 13.5.1 


| think of a number, multiply it by 5 and subtract 4. | get the same answer | 
if | add 2 to the number and multiply the result by 3. Find the number. : 


Let x be the number. 


The equation is: 5x — 4 =3(x +2) 
Expand the brackets: 5x—4=3x+6 
Subtract 3x from both sides: 2x-4=6 

Add 4 to both sides: 2x=10 
Divide both sides by 2: XS 


The number is 5. 
Check in the original problem. 
5x5=25and25-4=215+2=/and3x7=2l1. 


Example 13.5.2 


Trevor is 8 years younger than his sister, Gwen. The sum of their ages 
is 110 years. Find Trevor's age. 


Let Trevor's age be x years. Then Gwen's age is x + 8 years. 


The equation is: x+ (x + 8)=110 
Remove brackets: x+x+8=110 
Collect like terms: 2x+8=110 
Subtract 8 from both sides: 2x = 102 
Divide both sides by 2: == 


Trevor's age is 51 years. 


Check: If Trevor is 51, Gwen is 51 + 8 = 59. The sum of their ages 
is 51 +59 =110. 


1 | think of a number, multiply it by 4 and add 7.The answer is 55. 
Find the number. 

2 | think of a number, add 7 to it and multiply the result by 6. 
The answer is 90. Find the number. 
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Attach the third leg and crosspieces to create a 90° angle. 


After cutting the diagonals to approximate length, mark the angles where the diagonal crosses the 
framework. 


Assemble the Decorative Diagonals 


1. With the side panel on a flat surface, lay the three long and two short diagonals that 
slant down from upper left to lower right in place. Weld to the frame. 


2. Lay the three long and two short diagonals that slant from upper right to lower left in 
place on top of the other set of diagonals. Weld in place. 


3. Cut the side decorations (F) to length. Round one end of each to a smooth semicircle, 
using a bench grinder. 


4. Clamp the rounded end to a %" round tube and bend the bar a half turn around the 
tube. Repeat with all the pieces. 


5. Place two pieces back to back and weld together. Repeat with the other pieces. 


6. Place one welded piece vertically upright at the middle X of the diagonal pattern and 
weld in place. Place the second welded piece upside down at the middle X and weld in 
place. 


7. Cut and assemble the diagonals for the second side panel. 


Make the Shelves 
1. Cut the shelf fronts (G) to length. 


2. Bend a shelf front into a 12" radius arc by making small bends every Y". Check that it 
fits in between the two front legs. Adjust, if necessary. Bend the other two shelf fronts. 


3. Weld the shelf fronts to the forward inner corners of the front legs. 
4. Cut the shelves (H) to size. Allow 34" bending allowance on all sides. 


5. Use pliers and a hand seamer to bend the shelf to fit inside the top and bottom 
crossbars and shelf fronts. The middle shelf rests on top of the crossbars. Cut notches in 
the sheet metal, if necessary, to help it fit. 


6. Weld the shelves in place. 


Finish 
1. Place balls (1) in the tops of each leg and weld in place. 
2. Sand, wire brush, or sandblast the shelf unit. Finish as desired. 


Weld the arched fronts to the sides, even with the crossbars. 


a 


Use a hand seamer and pliers to bend the expanded sheet metal to fit inside the top and bottom crossbars. 


Outdoor 
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Truck Rack 


A carrying rack that mounts on the walls of your truck bed is a very handy accessory for 
serious metalworkers and DIYers with a frequent need to transport building materials. 
The heavy-duty metal rack shown here is made from 12-gauge steel tubing and can be 
rescaled to fit onto just about any pickup truck, from compact to full-size. The full- 
length bedrails distribute the load, protect the truck’s bedrail, and provide rack 
attachment points along the entire length of the truck bed. They also provide a flat base 
for mounting a toolbox or cover. If your truck has stake holes and you prefer to align the 
uprights to fit into those spaces, you must alter the rack design a bit—this is a valid 
design consideration for ease of installation and less drilling into your truck. 


Perhaps the most unique feature of this rack is the round spacer plates that fit between 
the upper rack bars. The circular cutouts are very handy for tying down a load. 


To protect the rear window of the cab, consider attaching a panel of expanded metal 
mesh to span between the front uprights. You can weld the mesh directly to the uprights 
or build a metal sub-frame to fit between the uprights and weld the mesh to the 
subframe. Also consider mesh for over the cab to protect the truck, as we have done. 


Even when scaled for a compact pickup, this rack will weigh at least 200 pounds. The 
final weight, of course, depends on the size of the rack and the gauge of the metal you 
use. In any event, you will need at least one helper to lift the rack into position. A person 
for each corner is best. Finally, be sure to finish the metal so that it does not rust. 


Materials 
e 12-gauge (1/8) 2 x 2" steel tubing, approx. (dim. a + dim. c) x 4) + (dim. b x 4) 


e 1/g x 3 x 3" angle iron (dim. a. x 2) 


e 14 x 4 x 4" flat stock steel (51 feet) 


e 14 x 2 x 2" flat stock steel 


PART NAME DIMENSIONS QUANTITY 
A Uprights Y" x 12-gauge 2 x 2" steel tubing x (dim. b + 3") 4 
B) Crossbars Y" x 12-gauge 2 x 2" steel tubing x (dim. d - 4") 3 
C) Long top bars Y" x 12-gauge 2 x 2" steel tubing x (dim. a + dim. c) 4 
D) Rear crossbar tabs Y” x 2" flat stock steel, 21⁄2" 2 
E) Rear crossbar top Ya" x 2" flat stock steel 1 
F) Angle iron on bedrails Y" x 3 x 3" angle iron x (dim. a) 2 
G) Spacer plates with holes Y" x 4" x 4-ft. flat stock steel 4 x 4" 8 
H) Gussets Ya" x 4" x 4-ft. flat stock steel 4 x 4" hypotenuse 8 
I) End piece 2 x 2 steel tubing x 8" 2 


* Caps in sizes 2 x 2" and 2 x 4" needed for all exposed tube ends. 


3 | think of a number, multiply it by 3 and add 7. | get the same 
answer if | multiply the number by 4 and subtract 12. Find it. 

4 | think of a number, multiply it by 7 and subtract 12. | get the same 
answer if | add 2 to the number and multiply the result by 5. Find 
the number. 

5 John is 7 years older than his wife, Anne. The sum of their ages is 
63 years. Find John's age. 

6 Rachel is four times as old as her daughter. The sum of their ages is 
40 years. Find their ages. 

7 The length of a rectangle is 3 cm greater than its width. The 
perimeter of the rectangle is 34 cm. Find its length. 

8 One of the angles of an isosceles triangle is 114°. Find the size of 
the other two angles. 

9 The sum of three consecutive numbers is 27. Find the numbers. 

10 Ina soccer league, teams get 3 points for a win, 1 point for 
a draw and O points for a defeat. A team with 18 points has 
won two more games than it has drawn. How many games has 
it won? 


13.6 Solving inequalities 


To solve inequalities, you may use almost all the techniques you 
have used to solve equations. You may add the same amount to 
both sides, subtract the same amount from both sides and multiply 
or divide both sides by the same positive number. You can verify 
all of these operations by thinking of a balance where the scales do 
not balance. 


You may not, however, multiply or divide both sides by the same 
negative number. 


To show this, start with a true inequality such as 3 > —6. If you 
multiply both sides by a negative number, say —2, you get —6 > 12, 
which is false. Similarly, if you divide both sides of 3 > —6 by 

the same negative number, say —3, you get —1 > 2, which is 

also false. 
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How to Build a Truck Rack 


NOTICE: For safe use of this rack project only use approved, safety-rated products to 


attach the rack securely to your vehicle. These may include clamp-based, bolt-based, 
or stake-pocket systems. Inspect clamps and fasteners regularly to make sure they are 
tightened properly. 


Measure the Truck 

1. Measure corner to corner on your truck bed for square. 

2. Measure and mark your truck bedrails for angle iron (F) placement. The full length of 
the truck bed is dimension a. This dimension is required to design your rack so that it 
custom fits your truck. 

3. Measure the length of your truck cab roof from front to back (dimension c)—refer to 
drawing on page 167. Add this measurement to dimension a for the total length of the 
long top bars (C). 

4. Measure from the truck bedrail to the top of the cab. Add 1" for additional clearance 
above the cab. The height from the truck bedrail to the top of cab is dimension b. 

Note: The uprights on this rack lean toward the center at a 10° angle so that the long top 
bars (C) are aligned roughly with the inside walls of the truck bed. 


Measure from corner to corner of the truck bed for square. 


Prepare the Angle Irons 


1. Mark two 1/s x 3 x 3" angle irons (F) to length (dimension a). Use a speed square to 
ensure a straight cutting line across the parts. 

2. Cut the two angle irons at marks using a cutoff saw. 

Option: If you choose not to bolt the angle iron to the truck and instead use clamping all 
along the bedrail angle iron or some other fastening technique, skip to Cut & Fasten 
Uprights to Angle Irons. 

3. Align the angle irons on the truck bedrails. Align the solid edge butted up flush 
against the inside edge of the truck bed so it caps over the bedrails and clamp in place. 
4. Make a mark 6" in from the tailgate edge of the angle irons. The 2 x 2 uprights are 
aligned 6" in from the tailgate edge. The cab-side upright sits flush to the ends of the 
angle irons (F) on the cab-side edge, so make a mark 2" in from the cab-side edge of the 
angle iron as well. 

5. Measure in from the marks made in step 4 for four to five evenly spaced bolts along 
the angle iron (F). It is standard to use four bolts to fasten a truck rack to a smaller truck; 
larger trucks will require more bolts. Check with your truck manufacturer and the 
fastener manufacturer’s recommendations. 

6. Remove the angle irons and bring them back to your shop. 

7. Slowly drill 5⁄6" holes through the angle iron (F) for grade 834" hex bolts at your bolt 
marks using a drill press or handheld drill. Use cutting oil and drill slowly. Repeat for 
the other angle iron (F). 
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Measure in 6" from the tailgate ends of the angle iron and make a mark for the tailgate uprights. Make a 
mark 2" in from the cab-side ends of the angle irons for cab-side uprights. Then measure and mark the 
bolt (or other fastener) locations evenly spaced along the angle iron while it is still clamped in place on 
the truck bedrail. 


Cut & Fasten Uprights to Angle Irons 


1. On a flat surface, measure and mark 12-gauge (1/s") x 2 x 2" steel tubing lengths at 
dimension b for the four uprights (A). This will leave a 4" clearance between the rack 
and your truck cab roof. 

2. Mark for a 10° angle cut on each upright end. This angle cut ensures the rack fits 
roughly parallel with the cab roof. 

3. Cut the uprights to length using a cutoff saw. Refine the 10° angle with an angle 
grinder. 

4. Align the cab-side uprights flush with the angle iron (F) cab-side ends. Tack along two 
sides so that you can easily break the tacks and realign, if necessary. Note: The location 
of the cab-side uprights determines where you need to bend the long top bar. The edges 
of A and G and the bend on C should all be aligned. 

5. Align the tailgate-end uprights 6" in from the angle iron ends. Tack along two sides so 
that you can easily break the tacks and realign, if necessary. 


Tack the cab-end uprights (A) onto the angle iron bedrails (F). Then tack the tailgate-side uprights onto 
the angle iron bedrails 6" in from the edge. Tack only along two sides because you may need to break 
your tack welds to realign parts several times. 


Build the Basic Frame 


1. Measure and mark the two lower long bars (C) to the length of the truck bed (minus 
2") plus the length of the cab (dim. a — 2") + dim. c. 


Note: When planning out the four long top bar lengths, remember to account for end 
caps. There is a 2 x 2" tubing cap at the tailgate end and +4" flat stock steel cap at the 
front end. Some racks hang slightly over the cab front while others (like our rack) sit 
behind the cab front. The length of your rack depends on your truck size and how much 
length you need for typical loads. Consult with your truck manufacturer on 
recommended clearances. 


2. Measure and mark the two top long bars (C) for length (dim. a + dim. c). 


Note: The bend itself creates a variable in the final length of the top bars. When the long 
top bar bends to meet the lower long bar, the two parts do not meet flush at the ends. The 
square end is created with a %" flat stock steel end cap(s); also, the small triangular 
space in between the two parts is filled with slag. 


3. Cut all four long top bars to length using a cutoff saw. 


4. Align the two lower long bars flush on top of the uprights. The long bars will extend 
beyond the tailgate upright by 4". 


Note: The top and lower long bars will be joined with a 2 x 2" steel tubing (8" long) cap 
at the tailgate end. To have the top bars align with the tailgate end of your truck, the top 
bars must be aligned 2" in from the tailgate end. 


5. Tack the lower long bars to the uprights. Make minimal tacks so that you can break 
the welds and realign parts, if necessary. 


Note: Consider adding a temporary brace made of scrap steel tubing that spans 
horizontally from the tailgate ends of the two long top bars to help maintain the proper 
angle. We realigned the top frame later and then introduced the brace, but it may save 
you some time to add the brace now to avoid making time-consuming breaks and re- 
tacking later. 

6. Measure between the front two edges of the long top bars. Also measure between the 
long top bars at the cab-side (in between two uprights). Use these measurements to mark 
the lengths of the two permanent crossbars (B). 

7. Cut the two crossbars to length with a cutoff saw. 

8. Align the crossbars in between the two lower long bars and then tack them to the long 
bars. Use four 1" welds evenly spaced 1 to 2"; do not weld all the way down the joint. 

9. Measure between the two long bars at the tailgate side of the truck for the removable 
crossbar. Measure, mark, and then cut this crossbar to length using a cutoff saw. 

10. Measure and mark the two rear crossbar tabs (D) to 2 x 2%". Also measure and mark 
the rear crossbar top (E) to length (length of removable crossbar + 2"). Cut the tabs and 
top to size. 


11. Center the crossbar top (E) over the removable crossbar (B) and clamp together with 
a corner clamp. Tack weld the two parts together. 


12. Align the crossbar tabs (D) flush with the top edges of the crossbar top (E) ends, and 
then weld them together (see Rear Crossbar Detail). 


13. Measure and mark eight 4 x 4" square spacer plates (G) from Y x 4 x 4" flat stock 
steel. 

14. Cut the spacer plates using a portable band saw. 

15. Mark the center circle on each spacer plate using a piece of 2%" (0.d.) pipe as a 
guide. 

16. Cut the center circles out of the spacer plates using a plasma cutter. 


17. Center the spacer closest to the tailgate 5" in from the long bar end and make a mark 
(C). This leaves a 4" space in between the end piece (I) and spacer for the rear removable 
crossbar. 


18. Align a spacer with its cab-side edge flush with the cab-side edge of the upright. 
Mark this placement on the long bar (C). 


19. Evenly space the other two spacers along the long bar and mark the placements onto 
the lower long bars (C). 


20. Repeat the alignment of the spacer plates (G) along the other long bar (C). 
21. Align each spacer plate on the lower long bars (C) in alignment with your marks. 
22. Hold the spacer plates in place with pliers and tack weld each spacer to the long bars. 


To solve the inequality -5x < —10, first rewrite it as 10 < Sx by 
adding 10 + 5x to both sides. Now divide by 5, getting x > 2. 
You can see that the left and right sides of the original inequality 
-5x < —10 have been divided by —5, but the sign of the inequality 
has been reversed. 
Insight 
Another way around the problem of multiplying and dividing 
by a negative is to remember to reverse the inequality sign. 
So to solve —3x < 12 you can divide by —3 and reverse the 
inequality sign to get x > 4. 


: Example 13.6.1 


Solve 3x— 4 > 14. 


} Add 4 to both sides: 3x > 18 
Divide both sides by 3: OS 
me insight EN E E vesaaeasie rs 


You can check you are correct by substituting some values into 
the original inequality. For the above example, when x = 7, 
3x7-4=17> 14; when x= 5,3 x 5-4=11< 14 and when 
x = 6, 3 x 6 — 4 = 14. So you can see that x > 6 is correct. 


: Example 13.6.2 


Solve 3(2x + 7) < 9 — 2x. 


- Expand the brackets: 6x +21<9- 2x 

: Add 2x to both sides: 8x+21<9 

- Subtract 21 from both sides: 8x < —12 
Divide both sides by 8: E 
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Cut the circle in center of spacer plates using a plasma cutter. Shown here: clamped 4 x 4" flat stock 
(with circle cutout premarked) and ground secured to table. 


Add Top Long Bars 

1. Align the two uppermost long top bars (C) directly above the lower long top bars. 
Center them over the spacer plates. 

2. Tack weld the uppermost long top bars to the spacer plates every several inches. 

3. Mark the bend location flush with the edge of the cab-side spacer plate and upright. 


4. Check the entire rack for proper alignment. Break tack welds and realign parts as 
necessary. Make adjustment marks and re-tack parts together in proper alignment. Note: 
We had to break the welds at the lower top bar and uprights in order to adjust the 
uprights to proper alignment with 10° angles at each upright. 


5. When the long bars are removed from the uprights (this is very likely going to be 
necessary; see Note above), take advantage of this situation to make the long top bar 
bends on a sturdy worktable. 

6. Score along the bend mark using an angle grinder or reciprocating saw. Score only as 
deep as necessary to make the bend. 

7. Bend the top long bars to meet the bottom long bars. 

8. Mark the cutting line at the front (cab-side) of the uppermost long top bars for the 
final length. Cut the excess length off the top bars with a portable bandsaw. 

9. Tack weld the top long bar to the lower long bar at the front only. Note: Leave the 
bend open (not welded) for now. 


Bend the notched top long bar to reach the lower bar. The front finished triangular ends fill in with slag. 
The ends are capped with 2x flat stock steel. Inset: The top long bar was capped with a 2 x 2" flat stock 
steel to bring ends flush; then a 2 x 4" flat stock steel piece was used for the final end cap that spans 
from top to bottom of the two long bars. 
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Re-attach the top frame to the uprights, welding at the inside corner of each crosspiece and long bar. 


Re-Fasten Top € Bottom Frames Together 


1. With the long bars tacked, realign the top/lower long top bars (top frame) atop the 
uprights and check for proper alignment. Note: We also tacked on a temporary brace 
made of scrap steel tubing over the tailgate ends of the lower long bars (C) to help 
maintain alignment. 


2. Re-tack the long top bars in place on the uprights. Check for proper alignment and 
make final adjustments, as necessary. 

3. Finish the welds at the bend (previously tacked to allow for adjustments), allowing 
slag to fill the void. 


4. Finish the welds at the fronts of the long bars, allowing slag to fill in between the 
triangular corner. 


Weld the final 2 x 4" caps onto the ends of the long top bars for flush front edges. 


Add End Caps & Gussets 


1. Cap the exposed ends of long bar tubing for a flush front edge. Note: We had to use a 
2 x 2 "end cap on the top long bar and then another 2 x 4 " end cap to cover both the 
top and lower long bars. 


2. Cap all remaining exposed tube ends. 


3. Cut 12-gauge (1/s") 2 x 2" steel tubing to 8" (D. Align each piece against the lower and 
uppermost top long bars at the tailgate end of the rack. Weld in place. 


4. Measure and mark the eight triangular gussets (H) to fit in four inside corners of the 
rack (see illustration). 


5. Cut the gussets with a band saw. 
6. Align the gusset plates in each inside corner of the rack, and then weld them in place. 


Finish 
1. Fully weld all final joints. Make at least 2" welds at the inside comer of each 


crosspiece and long bar. Do not weld any braces used. And do not weld the rear 
removable crossbar. 


2. Grind down all of the welds and sand all surfaces in preparation for primer. 


3. Break the tacks on any temporary braces and remove them. Grind down those final 
edges. 


4. Prime the entire truck rack to protect it from the elements. Allow the rack to dry. 


5. Paint or powder-coat the entire truck rack. Use exterior-rated enamel spray paint. 
Powder coating is best, but it is also the most expensive and requires special equipment. 


Install the Rack 
1. To install the rack onto your truck, you?11 need a helper or two. Lift the rack up onto 
the truck and align the angle irons onto the truck bedrail. 


2. Fasten the rack angle irons to the truck with clamps, bolts, and/or your chosen 
fastening method. 


Grind all welds and caps smooth with an angle grinder. 


Trailer Frame 


Most trailers have a very specific purpose. It could be to transport lawn equipment or 
snow removal machines for a small business, it might be to haul all-terrain vehicles or 
dirt bikes, or perhaps to transport building materials for DIY projects or cart away trash 
to the dump on the weekend. Each purpose carries special requirements that are reflected 
in the trailer construction. The welding project seen here is a highly adaptable trailer 
frame that can be finished and accessorized in just about any way you can imagine to 
serve your own needs. 


A trailer is basically a metal frame with axles and wheels that you attach with a hitch to 
your vehicle. When choosing an axle kit consider weight capacity, type of suspension 
(leaf spring, torsion bar, etc.), width of frame, and height of the hitch. Axle kits typically 
include the axle, brackets to fasten the axle to the trailer frame, suspension (ours 
included leaf springs), fastening system to attach the leaf springs to the axle (ours 
included U-bolts, plates, bolts, and nuts), and a hub set. Our kit also included the trailer 
fenders, tires, and wheels—some kits include necessary parts for brakes and lights as 
well. The axle kit shown in this project was purchased from Northern Tool Company. 
The cost for a similar axle kit ranges from $170 to $300. 


You'll also need to choose and purchase a floor material. For vehicle transport—such as 
snowmobiles or ATVs—expanded metal lath is an excellent choice. If you’ll be hauling 
construction debris or yard waste, exterior-rated plywood is a good choice; hardwood 
boards (such as white oak) are a good option for high durability. Walls can also be 
formed with similar materials. 


Further customization of your trailer can include tie-downs and anchors, removable or 
hinged ramps, and custom tongue or coupler hardware. 


Materials 
e 14-gauge 2 x 2" steel tubing 
e 3/,, X 2" HRS flat bar (7 feet) 
e 14" x 134" HRS flat bar (1 foot) 


e Axle kit (incl. leaf springs, U-bolts, U-brackets, axle) 


e Hubs and wheels 
e Side stakes (2 x 4 treated lumber or metal tubes) 
e Trailer sides, front/back, and bed (treated plywood or expanded metal) 


e Trailer coupler 


: Example 13.6.3 
Solve 8 - 3x <7 -x. 


- Add 3x to both sides: 
Subtract 7 from both sides: 
Divide both sides by 2: 
Rewrite with x on the left: 


Notice how, when the inequality is rewritten to have x on the left, 


the sign of the inequality needs to be reversed. 


1 Solve these inequalities. 
(a) 4x< 12 
(c) 5x - 3 < 12 
(e) 4x+5> 1 
(8) 2(x+ 4) <6 
(i) 8x + 1< 4x- 3 
(k) 2(x — 2) > 5(x + 1) 
(m) 6x - 5<15- 2x 
(o) 1- 8x 2 11- 4x 


(b)x+7>2 

(d) 7 - 2x> 1 

(f) 3(x- 2) > 15 
(h) x + 1> 3x 

(j) 4(x + 2) < 5x- 1 
(1) 5x+1>10-x 
(n) 4(2x + 3) < 7 — 2x 


13. Equations 1 
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Frame sides 

Frame front/back 
Trailer tongue 
Cross bars 

Stake pocket sides 
Stake pocket fronts 
Axle kit 


Wheels, tires 
Trailer side stakes 
Trailer sides* 
Trailer front/back* 
Coupler plates 
Trailer bed* 


DIMENSIONS 
14-gauge 2 x 2" steel tubing x (dim. a) 
14-gauge 2 x 2" steel tubing x (dim. b) 
14-gauge 2 x 2" steel tubing x (variable dim.) 
14-gauge 2 x 2" steel tubing x (variable dim.) 
As x 2" HRS x 1%" 
%e x 2" HRS x 3/" 
Incl. axle, 2 leaf springs, 2 hubs, 4 U-bolts (2 plates, 8 nuts), 
4 suspension brackets 


2 x 4 treated lumbar or metal tubes x 15" (not shown) 
1" thick x (dim. a) x 12" (not shown) 

1" thick x (dim. b) x 12" 

1% x 1%" HRS flat bar 

(dim. a x dim. b) (not shown) 


* Treated 2 x 4" lumber, plywood, planks, or expanded metal. 
Note: caps in sizes 2 x 2" and 2 x 4" will also be needed for all exposed tube ends. 


QUANTITY 


aAatail 
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How to Build a Trailer Frame 


Build the Frame 


1. Measure, mark, and then cut the frame sides (A) and frame front/back (B) parts to 
length (dimension a and dimension b respectively). Note: We cut the ends at a 45 ° angle 
for mitered corners. 

2. Square one frame side tube (A) with one frame front tube (B), and tack them together 
to make an L. 


3. Repeat step 2 for the other frame side tube and back tube. 

4. Tack the two Ls together and check for square using a combination square or framing 
square. 

5. Weld the inside corners; then weld the outside corners; lastly, weld along the top and 
bottom. 

6. Cut the two cross bars (D) to length. 

7. Align the cross bars in between the frame sides. Note: The exact location is 
determined by the axle size and placement. The cross bars add overall support to the 
frame. Most axle kits come with instructions and placement recommendations based on 
the size of your trailer and the loads you intend to carry. 


8. Check each cross bar for square, and then tack them onto the frame. 


Tack weld together the trailer sides and front/back to make the basic frame. 


NOTICE: If you plan on using your trailer on streets or roads it must be licensed and, 
in most cases, it must have working brake lights, reflectors, and safety chains in case 
of hitch failure. Some areas may also require that your trailer pass a safety inspection. 


Weld the trailer tongue to the underside of the frame. 


Connect the Trailer Tongue to Cross Bars 
1. Measure, mark, and then cut the trailer tongue (C) to length. 


2. Align the trailer tongue down the center of the frame, on top of the cross bars. Clamp 
the trailer tongue to the cross bars. Measure to ensure the tongue is centered and square. 
Adjust as necessary. Note: We extended the trailer tongue to the far back of the trailer 
frame for optimal strength. 


3. Tack the trailer tongue to the two cross bars, and then weld it onto the frame. 


Install the Axle Kit & Wheels 


1. Align a bracket onto each underside of the trailer frame sides. Follow the axle kit 
instructions, and make sure the brackets are square and aligned at the exact same 
location on both sides of the frame. 

2. Tack the brackets onto the frame. 


3. Align the leaf spring into the bracket tacked onto the trailer following the 
manufacturer’s instructions. Locate the placement for the other bracket under the leaf 
spring, and then align it on the trailer frame. Repeat for the other trailer side. 


4. Check the brackets on both sides of the trailer for squareness to each other. 
5. Set the leaf spring aside, and then weld all brackets in place. 
6. Bolt the leaf spring to the brackets following the manufacturer’s instructions. 


7. Align the axle in place under the leaf spring following the manufacturer’s instructions. 
Fasten the axle to each leaf spring. Our kit came with two heavy-duty U-bolts that wrap 
around the axle and then bolt onto each leaf spring. 


8. Install the hubs and wheels onto the axle following the axle kit instructions. Inflate the 
tires. 


| 


Tack the first axle bracket onto the underside of the trailer frame. Repeat for the other trailer side. The 
brackets need to be perfectly square to each other. Hold the leaf spring in place over the bracket to align 
the second bracket on each side. Weld the brackets to the frame, and then bolt the leaf spring to the 
brackets. 
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THINGS TO REMEMBER 


An equation is a mathematical statement that two expressions 
are equal, such as 3 x 2 = 6. 


Equations may contain unknown numbers which are denoted 
by symbols or letters. 


The solution (or root) of an equation is the value of the 
unknown that satisfies the equation. 


To solve an equation you must do the same to both sides of 
the equation. 


Always check your solution by substituting it back into the 
original equation. 


When an equation contains brackets, start by expanding them 
and then simplify if necessary. 


When an equation has an unknown on both sides, start by 
collecting all the unknowns on one side and then carry on in 
the usual way. 


You can solve an inequality using the same techniques as for 
an ordinary equation. Take extra care when dealing with 
negatives; either rewrite the inequality (by adding the same 
terms to both sides) so that it no longer includes the negative, 
or remember to reverse the inequality sign when dividing or 
multiplying by a negative number. 


Bolt the axle to the leaf spring with large U-bolts. 


Make the Trailer Coupler Plates 


1. Cut the coupler plates (L) to size, and then drill holes in the plates. Match the hole size 
and location to the coupler used. Note: Our coupler slid over the plates and fastened to 
the tongue on the top and bottom so we aligned the plates with holes at top and bottom 
of tongue, but some couplers fasten to tongues at the sides and the hole locations will 
vary. The coupler and hitch type is determined by your vehicle type, final trailer 
construction, and the weight of your trailer and anticipated loads (see Resources). 


2. Visually align, clamp, and then tack the coupler plates to the trailer tongue. Extend the 
coupler plates at least 3" past the trailer tongue end. 


3. Mark the angle bend location(s) on the tongue. Determine the tongue angle(s) by 
measuring from the hitch of the towing vehicle to the trailer tongue (remember to inflate 
tires). Note: If the angle is significantly steep, making multiple bends at incremental 
angles will provide a stronger tongue. 


4. Score the angle mark using a 4% angle grinder with a fiber cut-off wheel. 
5. Bend the tongue to the proper angles. 


6. Tack the tongue back together at the scores. Double-check the fit next to the towing 
vehicle. The trailer should be level. 


7. Weld the coupler plates to the tongue. 
8. Make all final welds at bends along tongue. 


9. Slide the coupler over the coupler plates. Bolt the coupler to the plates, and then weld 
along all points on which the coupler and tongue connect. 


Cut the coupler plates 8” long using a chop saw. 


Make the Stake Side Pockets 


1. Measure and cut the two sides for each stake pocket (E) to 9/,¿x 2" HRS x 134". 

2. Measure and cut one front for each stake pocket (F) to 346 x 2" HRS x 312". 

3. Align a pocket side (E) and front (F) onto a 90° magnetic square to form open corner 
joints. Tack the pieces together to form an L, and then make the final weld. 


4. Use a magnetic square to weld on the second pocket side to form the complete U for 
all twelve pockets—be sure to use an open corner joint again. Make all final welds. 


5. Repeat for all twelve pockets. 


6. Align pockets around the trailer so they are evenly spaced along the long frame sides, 
starting at 2" in from the corners. 


7. Tack the pockets to the trailer frame. Check for square. 


Finish 
1. Roughen the surfaces by sanding. 
2. Apply a rusty metal primer for optimal rust protection. 


3. Paint or powder coat the trailer with paint rated for exterior applications for extra 
durability and weatherproofing. 


Drill holes into the coupler plates according to the coupler specifications. 


To determine the angle for the trailer tongue, align an angle finder on your truck or ATV hitch and on 
the trailer tongue. Mark this angle at the appropriate location on the tongue. 


Score notches along the tongue to achieve the desired angle using a handheld grinder. Tack the bends 
and then hook up the trailer to your towing vehicle—the trailer should be level. If necessary, break tacks 
and re-bend tongue. Make final welds along each bend. 


Powder Coating 


Powder coating is the most effective painting technique to protect exterior metal 
projects, as it produces a very thick coating, results in little to no paint drips or runs, 
and produces an abrasion-resistant and tough finish. Home powder-coating systems 
range in price from $100 to $700. See Resources. 
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Assemble the side pockets. These pockets are available pre-made if you find this to be too time- 
consuming. They are relatively inexpensive. 


Tack the pockets around the perimeter of the frame. 


Floor €: Side Options 


If you plan to use your trailer for yardwork and hauling debris, you?1l want to add a 
solid floor and sides to your trailer. A simple method, which we show here, is to 
attach plywood siding to 2 x 4 exterior-rated stakes set into the pockets along the 
trailer frame. The stakes are exterior-treated 2 x 4 lumber and the siding is 34" x 4 x 
8" plywood. The plywood floor is drilled directly to the trailer frame. 


Make Removable Sides €: Trailer Bed 
1. Measure and cut twelve 2 x 4s (I) into 15" lengths. 
2. Measure and cut the plywood bed (M) to dimension a x dimension b. 


3. Measure and cut the plywood sides (J) to dimension a x 12". 


4. Measure and cut the plywood front/back pieces to dimension b x 12" (h). 


5. Insert the twelve 2 x 4 stakes into the trailer pockets. 


6. Fasten the plywood sides and front/back to the 2 x 4s. If a 2 x 4 does not quite fit, 
use a Chisel and hammer to adjust it. 


7. Fasten the trailer bed to the frame with bolts or self-tapping metal screws spaced 
every 6 to 12". 


Percentages 


In this chapter you will learn: 

e howto convert between percentages and fractions and decimals 
e howto find percentages of quantities 

e howto express one quantity as a percentage of another 

¢ howto find percentage changes. 


14.1 Introduction 


A percentage is a fraction expressed in hundredths. The name is 
derived from the Latin per centum, which means ‘per hundred’. 
The symbol % is often used for ‘per cent’; so, for example, 19% 
means =>. 

Although the Romans did not use percentages, they used fractions 
which converted easily to hundredths to calculate taxes. From the 
Middle Ages, as commerce grew, so did the use of percentages. 

By the beginning of the seventeenth century their use was widespread, 
especially for the computation of interest and profit and loss. 


14.2 Percentages, decimals, fractions 


You can easily write any percentage as a fraction with 100 as its 
denominator, for example 37% = +4. This fraction is already in its 
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Fasten 34"-thick plywood trailer sides to the exterior-rated 2 x 4 stakes. 


Drill the exterior-rated plywood sheet for flooring directly to the trailer frame. 


If the primary use of your trailer is to transport vehicles, another feature to consider is 
a drop-down back. This requires building out a frame and then welding expanded 
metal lath onto the frame—just as you did with the trailer floor—and then using a 
purchased or custom-made bolt-on hinge system with latches. 


Head-on View 


Stair Railing 


With the number of companies selling decorative metal pickets and newel posts, it is 
easy to create a railing distinctly your own. The railing we are making is for a two step 
concrete stairway. 


Some important information about creating railings: 


The rail top should not be interrupted by knobs or other decorations—it must allow 
continuous hand to rail contact and should be between 1% and 2" in diameter to ensure 


easy gripping. 


Some railings—those mounted against a wall or in an area where the stair surface is not 
raised above the surrounding surface, like the stairs in the slope of your lawn—can be a 
single rail at the appropriate height. A railing that separates the stair, landing, balcony, or 
deck from a vertical drop has to conform to certain safety standards. Typically, the 
pickets or balusters must not have any gaps larger than 514" for child safety. The lower 
rail should not be more than 2" from the floor surface. If the vertical drop from the floor 
line is more than 6 feet, the railing must be a minimum of 34" tall. If the vertical drop is 
less than 6 feet, the railing must be a minimum of 32" in height. Railings must have turn- 
outs or roundovers at their ends to prevent blunt projections. The safest handrails 
continue 12" beyond the top and bottom stairs. Railings must be able to withstand a 250- 
pound force in any direction without giving way. Check your local building codes for 
specific requirements. 


You can purchase rail cap, also called cap rail or handrail, at most steel supply centers. 
Handrail terminations come in a variety of styles. Those that scroll in an S shape are 
called “lamb tongues.” A “volute” is a spiral termination, and a “lateral” is a flat curl to 
the side. These may be ordered through specialty railing distributors. See Resources page 
220. 


Materials 
e 13%" rail cap (as needed) 
e 1" square tube (as needed) 
e 4" square rod (as needed) 
e 4" decorative pickets (as needed) 


e 1/8 x % x 1" channel (as needed) 


e Lamb tongue rail termination 


e Mounting hardware 


PART NAME DIMENSIONS QUANTITY 
A Handrail 1%" rail cap x 64"* 1 

B Newel posts Ye x 1 x 1" square tube x 32%" 3* 

C Plain pickets Y." square rod x 30" 4* 

D Decorative pickets Y" decorative pickets x 30" 6* 

= Flat bottom rail Ye x x 1" channel x 40"* 1 

F Angled bottom rail Ye x % x 1" channel x 24"* 1 

G Rail termination 1 


“Dimensions and quantities must be adjusted to fit the particular stairs. 


How to Build Stair Railing 


Cut the Handrail to Length 


1. Measure from the edge of the house to the edge of the landing. Measure from the edge 
of the landing to where the newel post will be located. Add these two measurements to 
get the length of the handrail. 


2. Cut the handrail (A) to size. 


Heat the bending point of the handrail to red hot with an acetylene torch or cutting tip to make the metal 
easy to bend. 


Shape the Handrail 


It is a good idea to create an angle guide for bending the handrail by screwing two pieces 
of wood together at the length and angle to match the stairway. 


1. Set the handrail on the landing with one end butting against the house. Mark the 
handrail at the edge of the landing. 


2. Clamp the railing in a bench vise and heat the bending point red hot with an acetylene 
torch. A cutting torch preheat works best, just make sure you don't hit the oxygen and 
accidentally cut the metal. 


3. When the metal is red hot, bend it to create the angle. It is helpful if you pull on the 
longer end of the rail to bend so you have more leverage. 


4. When finished bending the handrail, place it on the stairs to make sure the bend is 
correct. 


Lay Out the Newel Posts €: Pickets 


The newel posts will be anchored in the concrete or attached using square footings that 
will bolt into the concrete, so they have to be far enough from the edge not to destroy the 
edge of the concrete. 


1. Determine the number of plain pickets (C), decorative pickets (D), and newel posts 
(B) you need. 


2. Place the bent handrail on the floor or a large work surface. Place newel posts at each 
end of the handrail and near the bend. 


3. Lay out the pickets in a pleasing pattern, making sure they are no more than 5%" 
apart. 


4. Mark and cut the two bottom rails (E  F) to fit between the newel posts, once you 
have the layout determined. Place the channel flat side up, with the legs down. Mark the 
picket locations on the railings. 


Option: When you look at railings, you will see that some railings have the pickets and 
newel posts welded directly to the rail cap, as you see here. Other railings have a piece 
of channel welded into the underside of the rail cap and the pickets are welded to the flat 
side of the channel. Punched channel can be purchased with % x 12" square holes 
pierced through it. This is welded under the rail cap, and the pickets are inserted 
through the punched holes and welded in place. You also can use the punched channel 
for the bottom rail. Using punched channel means you cannot adjust spacing to account 
for the unique shapes and sizes of decorative pickets. 


Cut the Posts €: Pickets to Length 


Purchased decorative pickets range from 36 to 39". When cutting decorative pickets, cut 
equal amounts from each end unless you wish the pattern to be off center. 


simplest form but, in other cases, you can simplify the fraction. 
For example, 48% = 5, which, in its simplest form, is 4 


Example 14.2.1 


Write each percentage as a fraction in its simplest form. 
(a)7%  (b)60% (c)200% (d) 350% 


(a) 7% = 355 (b) 60% = 42 =2 
== 2 (1) 20% == 34 


When the percentage includes a fraction, for example 175%, first 
write the percentage as a fraction with a denominator of 100. Then 
multiply numerator and denominator by a number which will give 
you a numerator which is a whole number. Finally, if necessary, 
give the fraction in its simplest form. 


Example 14.2.2 


Write 175% as a fraction in its simplest form. 


As a fraction with a denominator of 100: 112% = = 


Multiply numerator and denominator by2: 17x2 = 35 


You can write a Deter AE straight down as a decimal. 

For example, 23% = 5, which, as a decimal, is 0.23. 

Insight 
You can think of 4 as 23 + 100. Take care with percentages 
which are less than 10% or greater than 100%. For example, 
45% = 4.5 + 100 = 0.045 and 110% = 110 + 100 = 1.1. 
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1. Determine the height of your handrail and the depth that the newel posts will be footed 
in the concrete (if they are to be footed, otherwise measure to the top of the concrete). 


2. Cut the newel posts and pickets to length. Cut the appropriate angle for the stair 
pickets. 


Assemble the Railing 
Concrete can explode when heated, so it is best to do your welds on a sheet of plywood 
that can be doused with water when you have finished. 


1. Tack weld the newel posts to the rail cap. Tack weld the bottom rails to the newel 
posts. 


2. Place the rail assembly on the stairs to make sure the dimensions are correct. If they 
are not, break or grind off the tack welds and make adjustments. 


3. Return the assembly to the work surface, and tack weld the pickets in place, 
maintaining the proper spacing. Use a combination square to check each piece for square 
before welding. 


4. Make the final welds. Weld the lamb’s tongue termination to the end of the rail cap. 
5. Grind down any rough or unsightly welds. Wire brush or sandblast the rail assembly. 


6. Install the railing by cementing the newel posts into the stairs or using bolt-down 
flange shoes. 


7. Prime and paint the railing with a high quality outdoor metal paint. 


Lay out the pickets and newel posts in a pleasing arrangement, keeping them no more than 5%" apart. 


Gate 


This gate framework can be used to hold a collection of found metal objects. Use brazing 
or braze welding to join non-matching metals or thicknesses of metals. Rusty objects 
will need to be cleaned at the point of contact. If the objects you find are large, you may 
want to space the uprights at 8", rather than 4". The 4" spacing meets code requirements 
for gates and fences—this spacing prevents children from getting their heads stuck 
between uprights. 


Materials 
e 16 gauge 1 x 1" square 
tube (1714 feet) 


e 16 gauge Y x 14" square tube (30 feet) 


e 4" weldable barrel hinges (2) 
e Gate latch hardware 
e Found objects 


e Wood and brass spacers 


PART NAME DIMENSIONS QUANTITY 
= Sides 16 gauge 1 x 1" square tube x 46" 2 
B Crosspieces 16 gauge 1 x 1" square tube x 40" 2 
C Interior crosspiece 16 gauge 1 x 1" square tube x 38" 1 
D Vertical inserts 16 gauge Y x 1⁄2" square tube x 40" 9 


Overall dimensions 
40 x 146" 


How to Make a Gate 


Assemble the Frame 
1. Cut the sides and crosspieces (A & B) to size, mitering the ends at 45°. 


2. Place the left side piece and bottom crosspiece together at a 90° angle to form one 
corner of the rectangle. Check the pieces for square, and clamp in place. Tack weld the 
pieces together. 


3. Place the right side piece and top crosspiece together to form another corner of the 
rectangle. Check for square, clamp in place, and tack weld together. 

4. Join the two pieces to form the rectangle. Check the corners for square and clamp in 
place. Tack weld the corners together. 

5. Measure the diagonals of the rectangle to check for square. If the measurements of 
both diagonals are equal, the assembly is square. If it is not square, pull or push it into 
alignment. When aligned, clamp it in place, and finish the corner welds. 

6. Turn the assembly over, and complete the welds. 


Attach the Interior Crosspiece & Inserts 

1. Cut the interior crosspiece (C) and vertical inserts (D) to size. 

2. Place the interior crosspiece against the inside edges of the side pieces 5" down from 
the top crosspiece. Check the pieces for square, and clamp in place. Weld the interior 
crosspiece to the sides. 

3. Place the vertical inserts at 4" intervals between the interior and bottom crosspieces. 
Make sure the spacing is even—you might need to adjust to slightly less or more than 4" 
if the miter cuts are slightly off. Keep the outside edge of the inserts flush with the 
outside edge of the crosspieces. 

4. When the spacing is adjusted properly and the inserts are square to the crosspieces, 
tack weld each insert at both ends. 

5. Check the assembly and inserts for square one more time. Turn the assembly over, and 
weld each upright in place. 


Attach the Found Objects 


Objects other than mild steel will need to be brazed or braze welded. Connect non- 
metallic objects by wrapping or folding a thin strip of mild steel sheet metal or a short 
piece of 1/s" steel rod around an edge. Weld the ends of the rod or strap to the 
framework. 

1. Arrange your found objects artfully across the interior space. 

2. Carefully clean rust or paint from the areas where the found objects contact the 
uprights. 

3. Weld the found objects in place. 


Attach the Hinges 

Our gate is made to hang attached to a metal gate post. We chose to use barrel style 
hinges. 

1. Place the gate between the gate posts. Use wood spacers and braces to position the 
gate between the gate posts, and clamp or brace solidly in place. 

2. Line up the hinges on the post and the gate (see photo). Use a level to check for 
plumb. (For the gate to swing properly, the hinges need to be installed perfectly plumb.) 
Tack weld the hinges to the gate and post. 

3. Remove the bracing, and check that gate swings freely. When it does, complete the 
hinge welds. 

4. Install the gate latch hardware. If the hardware is painted or zinc coated, grind off the 
coating before welding, or install with screws. 


Brace the gate in position between the gate posts. Clamp a wood spacer between the gate post and the 
gate side. Position the hinge and check for plumb. 


Firepit 


All kids and most adults love having a fire in the backyard. Here’s a firepit that takes 
into account safety precautions, and it is easy to build. The deep box holds large chunks 
of wood, and the wide table lip minimizes scattering sparks. The footrests are great for 
kicking back by the fire, and they also help keep small hands away from the heat. If you 
want a spark screen, Smith & Hawken sells a clamshell screen on its website (see 
Resources). This firepit has been sized to use such a screen. 


Materials 
e 1/8" sheet metal (30 x 30", 6 x 6014") 
e 1/8 x Y x 1" channel x 4 feet 


e 16-gauge 2" round tube (15% feet) 


e Spark screen (Smith €: Hawken #749622, optional) 


PART NAME DIMENSIONS QUANTITY 
Top Ye" sheet metal x 30 x 30" 1 

B Bottom Ye" sheet metal x 12 x 12" 1 

C Sides Ye" sheet metal x 12 x 17 x 6" (trapezoidal) 4 

D Legs 16-gauge 2" round tube x 9" 4 

= Arms Ye x Yo" x 1" channel x 6" 8 

F Footrests 16-gauge 2" round tube x 36" 4 


Example 14.2.3 


Write each percentage as a decimal. 
(a) 47% (b)3% (c)60%  (d) 213% (e) 120% 
(f) 78% (8) 235% 


(a) 47%=0.47 (b)3%=0.03  (c)60%=0.60=0.6 
(d) 213% =213 (e) 120% =1.20=1.2 
(f) 78% =78 =7.8 +100 =0.078 (g) 232% = 23.5% = 0.235 


Insight 


So to write a decimal as a percentage you multiply it by 100. 
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Example 14.2.4 


Write each decimal as a percentage. 
(a) 0.39 (b)0.07 (c)0.9 (d)1.08 (e)0.475 (f) 0.043 


(a) 0.39 =39% (b) 0.07 =7% (c) 0.9 = 90% 
(d) 1.08 =108% (e) 0.475 = 47.5% (f) 0.043 = 4.3% 


You can write a fraction with a denominator of 100 straight down 
as a percentage. For example, = 29%. For a fraction with a 
denominator which is a factor or a multiple of 100, convert it to an 
equivalent fraction with a denominator of 100 and then express it 


as a percentage. 


Example 14.2.5 


Express each fraction as a percentage. 
(a) 25 (b) 500 
(a) Multiply numerator and denominator by 4: £=4 = 28% 


(b) Divide numerator and denominator by 5: 23>=-4=27% 
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How to Build a Firepit 


Before welding, clean all parts thoroughly with denatured alcohol. 


Make the Top 

1. Cut the top (A) to size. 

2. Mark a straight line 64%" in from each side. This will create a center square. 
3. Using a plasma cutter or acetylene torch, cut the inside square out of the top. 


Make the Box 

1. Cut the bottom (B) to size by cutting down the scrap from the top. Mark in 5" from 
two sides of the scrap to form the 12" square. Cut along the lines. 

2. Ona 6 x 60%" piece of sheet metal, mark one long side at 17", 29", 46", and 58". 
Mark the other side at 2%", 14%", 31%", and 43%". Use a straightedge and marker or 
soapstone to draw lines from the corner to the 212" mark, from the 14%" mark to the 17" 
mark and so on to create four trapezoids with the parallel sides being 17" and 12". Cut 
the sides (C) to size. 


3. Tack weld a side to the bottom. Tack weld an adjacent side to the bottom. Bend the 
sides so their seam aligns, if necessary, and tack-weld. Continue with the other sides. 


4. Turn the box over and weld all the seams. 
5. Place the box over the cutout in the table and tack weld in place. 
6. Complete all the welds. 


¿A 


On the scrap piece cut from the top, mark 5" in from two edges to create a 12" square. 


Make the Legs 
1. Cut the legs (D) to length. 
2. Place the legs 2" from each corner of the box. Weld in place. 


Make the Footrest 

1. Cut the footrests (F) to length, mitering each end at 45°. Make sure the miters are 
perfectly aligned. Use a clamping jig to prevent rolling. 

2. Lay out the footrests to form a square. Tack weld the corners. 


3. Turn the table and fire box upside down on top of 1" spacers. Place the footrest around 
the top. Align the footrest evenly with the table edges. 


4. Cut the arms (E) to length. 
5. Place the arms so they touch the footrest and are aligned with the box edges. 


6. Tack weld the arms to the footrest. Tack weld the arms to the table underside. Make 
sure the footrest is still aligned with the top. 


7. Complete all the welds for the arms and footrests. 


Finish the Project 

1. Grind down all welds. 

2. Wire brush and clean fire pit. 

3. Finish with Rust-Oleum High Heat spray enamel. 
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Tack weld the sides to the base from the inside. Then turn the pit over and weld all the seams. 
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Creating a jig using a piece of channel iron and plywood makes cutting the 45° angles easier. 


Vineyard Trellis 


This arbor is a beautiful stand- alone piece, but it is also a brilliant addition to the Arch 
Gate. Either way it is an impressive addition to your yard. Mount it against a wall or 
fence, or use it as a panel within a fence. Better yet, make an entire fence of trellises! To 
do so, screw mount the panels to 4 x 4 wood posts, or weld the panels to 3 x 3 steel 
posts. 


You may want to cap off your trellis with a finial or decorate the panels with permanent 
trailing vines for the off season. See Resources for finial, frieze, and stamped metal 
sources. Make sure to order parts that can be welded. Cast iron cannot be easily welded 
to the steel trellis parts. 


Materials 


e 16-gauge 1 x 1" square tube (23 feet) 


e 16-gauge Y x %" square tube (18 feet) 
e 34" round rod (6 feet) 
e 1/8 X Ya x Y2" angle iron (4") 


e 14" round rod (18 feet) 


PART NAME DIMENSIONS QUANTITY 
A Legs 16-gauge 1 x 1" square tube x 60" 2 
B Crossbars 16-gauge 1 x 1" square tube x 25" 2 
C Verticals 16-gauge 1⁄2 x 2" square tube x 54" 4 
D Main arch 16-gauge 1 x 1" square tube x 51"* 2 
E Sleeves Ye x Y2 x Yo" angle iron x 2" 2 
F Decorative arches Ya” round rod x varied” 8 
G Mounting stakes %4" round rod x 36" 2 


* Approximate dimensions, cut to fit. 


Alternatively, to convert any fraction to a percentage, think of the 
line in the fraction as a division sign and then, by hand or with a 
calculator, work out the result as a decimal, and then convert it to 
a percentage. 


Insight 


Example 14.2.6 


Express each fraction as a percentage. 


(a) 4 (b) 5 


(a) 7 =3+4=0,75=75% (b) $ =7 + 8 = 0.875 = 87.5% 


1 Write each percentage as a fraction in its simplest form. 
(a) 49% (b) 50% (c) 25% (d) 10% 
(e) 65% (f) 1% (g) 3% (h) 100% 
(i) 250% (j) 123% (k) 333% (I) 137% 
2 Write each percentage as a decimal. 
(a) 39% (b) 7% (c) 30% (d) 112% 
(e) 3.8% (f) 623% (g) 32% (h) 127% 
3 Write each decimal as a percentage. 
(a) 0.71 (b) 0.04 (c) 0.8 (d) 1.75 


(e) 1.9 (f) 0.027 (g)0.0325 (h) 0.009 
4 Write each fraction as a percentage. 

(a) 200 (b) 10 (c) 55 (d) 50 

(e) 3 (f) 3 (8) 300 (h) 3 


5 Approximately 52% of babies born are boys. 
(a) Write 52% 
(i) as a decimal (ii) as a fraction. 
(b) What percentage of babies born are girls? 


198 


How to Build a Vineyard Trellis 


Before welding, clean all parts thoroughly with denatured alcohol. 


Make the panel 
1. Cut the legs (A) and crossbars (B) to length. 


2. Lay out the crossbars between the legs. Align the top crossbar with the top of the legs. 
Place the lower crossbar 4" from the bottom of the legs. 


3. Check for square, clamp in place, and tack weld together. 


4. Measure across the diagonals to check for square. If the diagonals are not equal, adjust 
until they are. Complete the welds. 


5. Cut the verticals (C) to length. 


6. Mark the crossbars at 5", 10", 15", and 20". Center the verticals at the marks, check 
for square, and weld in place. 


Bend the Main Arches 
1. Cut a 28" radius semicircle from %" plywood. Cut the semicircle in half. 


2. Stack the quarter circles and screw them onto a 3 x 3 sheet of plywood. Screw 2 x 4 
stops along the bottom. 


3. Clamp this bending jig to a stable work surface. Slide an arch piece (D) between the 
stops so it extends 2" below the bottom of the semicircle. Bend the tube around the 
curve. Bend the second arch in the same manner. 


Finish the Main Arches 


1. Remove the quarter circles from the bending jig. From the right angles of the quarter 
circles, measure in 17%" along one flat side. At this point, draw a line perpendicular to 
the side. Cut along the line. Repeat with the second quarter circle. 


2. Mount these two arcs at the top of a 4 x 8 sheet of plywood, abutting them together on 
the new cuts to create a template for the arch. 


3. Place one arch into the left side of the jig. Mark a vertical line on the arch to match the 
joint of the two wood arcs. Cut the arch along the line. 


4. Place the other arch into the right side of the jig. Mark the centerline and cut. 
5. Place both arches back into the jig and weld together at the peak. 


6. Cut the sleeves (E) to length. Slide a sleeve 1" into each end of the arch. Slide the top 
of the panel over the sleeves. Weld the arch to the legs. 


Make the Decorative Arches 


1. Attach a stop block 1⁄2" from the base of the arch jig. Bend a decorative arch piece (F) 
around the jig to make a curve. Continue bending curves as needed. 


2. At the 5" mark on the top crossbar, center one end of the arch piece. Align the arch 
parallel to the main arch. Mark the arch where it crosses the main arch. Cut on this line. 
At both ends, tack weld in place. 


3. Repeat step 2 at the 10", 15", and 20" marks. 


4. Repeat the process of placing, cutting, and welding arches for arches curving in the 
opposite direction. Finish all welds. 


5. To prevent rattling, tack weld the arches to each other where they cross. 


Finish the Arbor 
1. Wire brush or sandblast the arbor. Finish as desired. 


2. Pound the mounting stakes (G) 2 ft. into the ground, 26" apart. Slide the legs over the 
mounting stakes. 


3. Using wire, secure the top or sides of the arbor to a wall or fence. 


Bend the arch around the jig. Insert a Y" black pipe into the tube end to create more leverage. 


Place an arch in the second jig and mark where the arc crosses the vertical line between the two half 
circles. 


After bending the decorative arches, mark where they cross the crossbar and main arches. 


Arch & Gate 


What a grand entryway this arch and gate provides! Unlike many manufactured 
archways, this one stands a full 8 feet tall, allowing easy passage underneath and plenty 
of room for trailing foliage. It is proportioned to fit over a 42" walkway. The arching 
pattern is beautiful and fairly easy to create. When paired with the matching vineyard 
trellis, this project will really add class to your yard or garden. 


Materials 
e 16-gauge % x 14" square tube (481 feet) 
e 16-gauge 1 x 1" square tube (70 feet) 
e 1/8 X Ya x Yo" angle iron (8") 
e 14" round rod (48 feet) 


e 34" round tube (8 feet) 


e 2" weldable barrel hinges (2 pair, Decorative Iron #14.1120) 


e Gate latch (1, Decorative Iron #14.2012) 
e 12" plywood (2, 4 x 8) sheets 


PART NAME DIMENSIONS QUANTITY 
A Main arch 16-gauge 1 x 1" square tube x 51"* 4 
B Legs 16-gauge 1 x 1" square tube x 60" 4 
C Crossbars 16-gauge 1 x 1" square tube x 20" 6 
D Decorative vertical 16-gauge Y. x Y." square tube x 44" 6 
E Decorative arch Ya" round rod x 36"* 16 
F Sleeves Ye x Y. x 2" angle iron x 2" 2 
G Arch crossbars 16-gauge Y. x Y.” square tube x 20" 9 
H Gate uprights 16-gauge x 1 x 1" square tube x 34" 4 

| Gate crossbars 16-gauge 1 x 1" square tube x 22%" 6 
J Gate verticals 16-gauge Y x Y.” square tube x 23" 6 
K Barrel hinges 3 4 
L Latch 1 
M Mounting stakes Y” round tube x 24" 4 


* Approximate dimensions, cut to fit. 


6 Approximately 45% of people who take their car driving 
test pass. 
(a) What percentage fail? (b) What fraction fail? 


14.3 Percentages of quantities 


You can find a percentage of a quantity mentally when the 
percentage has a well-known fractional equivalent and the 
arithmetic is simple. For example, to find 50% of 18, use the fact 
that 50% =“ and then find 5 of 18; in other words 5 x 18 = 9. 


Example 14.3.1 
Find 75% of 24 km. 


75%= so; of 24=4 x 24=18 
In general, to find a percentage of a quantity, write the percentage 
as a fraction or as a decimal; replace ‘of’ by ‘x’ and carry out the 
multiplication, either by hand or using a calculator. 


Example 14.3.2 
Find 36% of 175. 


As a fraction: On 
Repic ib o SOS 


Example 14.3.3 
Find 47% of 260 litres. 
As a decimal: A = 047 


Replace ‘of’ by ‘x’: 47% of 260 = 0.47 x 260 = 122.2 
Therefore 47% of 260 litres is 122.2 litres. 
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How to Build an Arch Gate 


Before welding, clean all parts thoroughly with denatured alcohol. 


Make the Main Arches 
1. Cut a 28" radius semicircle from %" plywood. Cut the semicircle in half. 


2. Stack the quarter circles and screw them onto a 3 x 3 sheet of plywood. Screw 2 x 4 
stops along the bottom. 

3. Clamp this bending jig to a stable work surface. Slide an arch piece (A) between the 
stops, so it extends 4" below the bottom of the semicircle. Bend the tube around the 
curve. Bend the remaining arches. 


Make the Side Panels 

1. Cut the legs (B) and crossbars (C) to length. 

2. Lay out two legs and three crossbars on a flat surface. Align the top crossbar flush 
with the top of the legs and the base of the bottom crossbar 4" from the bottom of the 
legs. Align the top of the third crossbar 10" down from the top of the legs. Check for 
square, clamp in place, and tack weld. Repeat to form the second side panel. 

3. Before cutting the decorative verticals (D), measure between the bottom and middle 
crossbars for an exact length. Cut the decorative verticals to length. Mark all three 
crossbars at 5", 10", and 15". 

4. Center the verticals at the marks. Check for square and weld in place. Finish all welds. 


Weld the crossbars to the legs. 


Create the Decorative Arches 


1. Make a bending jig by attaching a 9" diameter half circle and 10" long squares to a 15 
x 19" rectangle. Slide a decorative arch piece (E) between the stops and bend it around 
the curve. 


2. Place two hoops between the top and middle crossbars aligned with the legs and the 
10" mark. Mark where the legs cross the middle crossbar, cut and weld in place. 


3. Place a hoop with one leg at the 5" mark and the other at the 15" mark. Mark, cut, and 
weld (see photo, middle right). 


4. Cut a hoop in half and place the halves starting from the 5" and 15" weld in place. 
5. Repeat steps 2 to 4 for the other side panel. 


Make a bending jig to create the hoops for the decorative arches. 


Finish the Arches 


1. Remove the quarter circles from the bending jig. From the right angles of the quarter 
circles, measure in 7%" along one flat side. At this point, draw a line perpendicular to the 
side. Cut along the line. Repeat with the second quarter circle. 

2. Mount these two arches at the top of a 4 x 8 sheet of plywood, abutting them together 
on the new cuts to create a template for the arches. Place stop blocks 1" from the arch. 

3. Place one arch into the left side of the jig. Mark a vertical line on the arch to match the 
joint of the two wood arches. Cut the arch along the line. 

4. Place the other arch into the right side of the jig. Mark the centerline and cut. 

5. Place both arches back into the jig and weld together at the peak. Repeat steps 3 and 4 
for the second arch. Remove the arch jig from the plywood sheet. 
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Align the top of the hoop with the top crossbar and mark where the legs cross the middle crossbar. 


Assemble the Archway 
1. Cut the sleeves (F) to length. Cut the arch crossbars (G) to length. 


2. Mark two parallel lines 45" apart on the sides of the plywood. Attach 2 x 4 clamping 
blocks along these lines. 


3. Clamp the two side panels, lying on their backs, to the jig. 
4. Slide sleeves into the legs 1", and weld in place. 
5. Slide an arch over the sleeves and weld in place. Repeat with the second arch. 


6. Weld a crossbar (G) between the two arches at the peak. Weld crossbars spaced 9" 
apart on the sides of the arches. 


After bending the main arches, remove the quarter circles from the jig. Mark in 714" from one flat edge 
and cut the form down. 
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When you find a percentage of an amount of money, you 
sometimes have to round your answer to the nearest penny. 


Example 14.3.4 


Find 37% of £6.53 and give your answer to the nearest penny. 


MEL LAS, SO S76 O m E2416] 
To the nearest penny, 37% of £6.53 = £2.42. 


1 Without using a calculator, find 


(a) 50% of 36 (b) 25% of 48 

(c) 75% of 36 kg (d) 10% of 250 m 

(e) 20% of 45 cm (f) 333% of 27 litres 
2 Using a calculator if necessary, find 

(a) 30% of 80 (b) 46% of 250 

(c) 76% of 32 (d) 8% of 475 m 

(e) 12% of 540 (f) 120% of 85 

(g) 250% of 386 (h) 115% of 680 kg 

(i) 15.6% of 800 litres (j) 9.3% of 30 km 

(k) 272% of 72 cm (1) 72% of 620 m 


3 There are 1200 students in a school. 57% of them are girls. 
(a) Work out the number of girls. 
(b) What percentage of the students are boys? 
(c) Work out the number of boys. 
4 A test was marked out of 80. Mary scored 85% of the marks. How 
many marks did she score? 
5 Find 55% of 1 day and give your answer in minutes. 
6 Find 
(a) 92% of £865 (b) 78% of £426 (c) 45% of £364 
7 Find 19% of £9.36 and give your answer to the nearest penny. 
8 David pays a deposit of 15% on a car which costs £8200. 
(a) How much deposit does he pay? 
(b) What percentage of the cost has he still to pay? 


Make the Gate Frame 

1. Cut the gate uprights (H) and crossbars (I) to length. 

2. Lay out the two gate frames with the crossbars on the top and bottom of the uprights. 
Place the third crossbar 10" from the top of the uprights. Check for square and tack weld 
together. Check the diagonals and adjust if necessary. Finish the welds. 

3. Cut the gate verticals (J) to length. Mark all three crossbars at 5346", 10346", and 15346". 
Center the verticals at the marks. Check for square and weld in place (see center photo, 
opposite page). 

4. Make and assemble the gate decorative arches using the same method as described 
under Create the Decorative Arches on page 197. 


Install the Gate 

1. Stand the archway upright. Using scrap metal or wood, clamp the archway legs so that 
the space between the legs is 45" and the panels are parallel. 

2. Align the gates flush with a set of legs (the legs and gate are flush front to back) and 
clamp in place. Allow a slight gap between the gates and legs (the gap is between the 
legs and gate side to side). 

3. Tack weld the hinges (K) in place (see bottom photo, opposite page). Remove the 
clamps holding the gates and check that the gates swing freely. Adjust if necessary and 
complete the welds. Install the gate latch (L). 


Finish the Archway 

1. If you plan to finish the archway, sand or wire brush or sandblast it. Apply the finish 
of your choice. 

2. Install the archway by clamping the side panels 45" apart. 

3. On the ground where the arch will be installed, mark a 21 x 46" rectangle. At the 


corners of the rectangle, pound the mounting stakes 1 ft. into the ground. Lift the 
archway onto the mounting stakes and remove the clamps. 


Clamp the sides to clamping blocks on a 4 x 8 sheet of plywood. Slide the main arches over the angle 
iron sleeves in the legs. 


Weld the arch crossbars to the arches. 


Center the gate verticals at the marks and weld in place. 


Use shims and clamps to hold the gates in place. Weld the base, pin side of the hinge to the frame, and 
the top to the gate. 


Gazebo 


This moderate-size gazebo is also a special addition to any yard. Big enough for a table 
and chairs, it is small enough to fit in all but the tiniest of yards. Covered with vines in 
the summer, it provides delightful shade. In the off-season it supplies a point of visual 
interest with its scrolling patterns. 


Want a different scroll pattern? Simply peruse the online catalogs of the companies listed 
in the Resources on for dozens of alternative patterns. 


The directions here describe how to build door, window, and roof panels. The material 
quantities are for a gazebo with three door panels and three window panels. You can 
choose to construct your gazebo with any combination, just remember to adjust your 
quantities list accordingly. 


Materials 


e 4" finial (1, Decorative Iron #126) 


e 1 x 1" square tube (344 feet) 

e 3/,¿" round rod (1,000 feet) 

e 14" round tube (6 feet) 

e 3/8" round rod (10% feet) 

e 14" round rod (3 feet) 

e 412" drip trays (2) 

e 2" round tube (2") 

e 12 x 6" carriage bolt, nut, and washer (1) 


e 34" round rod or rebar (9 feet) 
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* Cut to fit. 


NAME 

Legs 

Door frames 
Top crossbars 


Bottom crossbars 


Window frames 


Window crossbars 


Roof sides 
Roof bases 
Roof crossbars 
Hinge barrels 
Hinge pins 
Finial pegs 
Finial sleeve 
Finial 

Drip trays 

Roof pegs 

Peg sleeves 
Window scrolls 
Roof scrolls 
Diagonals 


DIMENSIONS 


16-gauge 1 x 1" square tube x 80" 
16-gauge 1 x 1" square tube x 96" 
16-gauge 1 x 1" square tube x 54" 
16-gauge 1 x 1" square tube x 52" 
16-gauge 1 x 1" square tube x 40" 
16-gauge 1 x 1" square tube x 30"* 
16-gauge 1 x 1" square tube x 66% 
16-gauge 1 x 1" square tube x 61" 
16-gauge 1 x 1" square tube x 61"* 
16-gauge Y" round tube x 3" 

3%" round rod x 71⁄2" 

1⁄4" round rod x 6" 

16-gauge 2" round tube x 2" 

4" 

4/" 

Y" round rod x 3" 

16-gauge 1⁄2" round tube x 3" 

%6" round rod x 24" 

%6" round rod x 36" 

%6" round rod x varied* 
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Window panel D Door panel D” 


14.4 Increasing and decreasing quantities 


Sometimes you have to find a percentage of a quantity and then add 
it to or subtract it from the original amount. For example, if you 

put £600 in a bank account and receive 5% interest after one year, the 
amount in your account after one year is not 5% of £600 (£30). You 
must add the £30 to the original £600. There is £630 in your account. 


Example 14.4.1 
(a) Increase 350 by 6%. (b) Decrease 480 by 5%. 


(a) 6% of 350 = 0.06 x 350 = 21. The new amount is 350 + 21 = 371. : 
(b) 5% of 480 = 0.05 x 480 = 24. The new amount is 480 — 24 = 456. - 


1 Increase 
(a) 65 by 20%, (b) 400 by 9%, (c) 840 by 4%, 

(d) 5600 by 14%, (e) 70by 12%, (f) 750 by 3%. 

2 Decrease 
(a) 98 by 50%, (b) 430 by 10%, (c) 240 by 5%, 

(d) 3200 by 15%, (e) 820 by 24%, (f) 45 by 18%. 

3 The number of people employed by a company increased by 16% 
from 650. How many people are employed by the company now? 

4 The normal price of a computer is £550. In a sale, normal prices 
are reduced by 15%. Find the sale price of the computer. 

5 Julie's salary was £2350 per month before she received a pay rise 
of 4%. Find her new monthly salary. 

6 A year ago, Richard bought a new car for £12 680. Since then, it 
has lost 12% of its value. Find his car's current value. 

7 Chris invests £630 in a bank account at an interest rate of 4.5% per 
annum. (Per annum means per year.) After one year, the interest is 
added to her account. How much is in her account after one year? 

8 Tony buys a camera for £130 and later sells it, making a loss of 
12.5%. Find the selling price. 
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How to Build a Gazebo 


Before welding, thoroughly clean all parts with denatured alcohol. 


Make the Door Panels 
1. Cut two legs (A), two door frames (B), a top crossbar (C), and bottom crossbar (D) to 
length. Miter one end of each leg at 45°, and both ends of the top crossbar at 45°. 


2. Lay out the legs, top crossbar, and bottom crossbar to form a rectangle. The bottom 
crossbar fits between the legs. 

3. Check the rectangle for square and tack weld all corners. 

4. Mark the door frames at 24". Using a conduit bender, bend the frames at the mark to 
50°. 

5. Place the door frames inside the assembled panel frame. Align the door frames 8" in 
from the panel sides. Mark vertical lines on the door frames where they overlap at the 
peak. Cut on the marks and tack weld the door frame arch together. 


6. Align the door frame arch inside the panel frame with the point of the arch touching 
the top crossbar. Mark the legs where they cross the bottom crossbar. Cut the legs to 
length. Tack weld the door frame to the top and bottom crossbars. 


7. Repeat steps 1 through 6 to make the desired number of door panels. Complete the 
welds. 


Make the Window Panels 
1. Cut two window frames (E) and a window crossbar (F) to length. 


2. Mark the window frames at 24". Using a conduit bender, bend the frames at the mark 
to 50°. 


3. Lay out the window frames with the window crossbar between two legs (A). Mark the 
vertical line at the peak where the frames cross each other. Cut the frames on the line and 
tack weld together. 


4. Trim the legs to length, if necessary. Tack weld the window crossbar in place. Put the 
window frame aside for later installation. 


5. Repeat steps 1 through 4 to make the desired number of window panels. 


Make the Roof Panels 


1. Cut two roof sides (G) to length. Miter one end of each side at 29°. Align the mitered 
edges and tack weld. 

2. Cut a roof base (H) to size. Evenly align it underneath the sides. Mark where the sides 
cross the base. Cut on this line. Tack weld the base to the sides. 


3. Cut a roof crossbar (I) to size. Place the crossbar 5" up from the roof base and mark 
the angles where the roof sides cross the crossbar. 


4. Repeat steps 1 to 3 to make the remaining five roof panels. Complete the welds. 


Assemble the Gazebo 

Assembling the gazebo before all the decorations are added makes it lighter and easier to 
maneuver. In addition, if a panel is slightly skewed, it is easier to make corrections 
without having to rearrange decorative elements. Because the hinges will be perfectly 
aligned only for one arrangement, make sure you assemble the panels in the order 
desired. 

1. Cut the hinge barrels (J) and pins (K) to length. With a bench vise, bend a right angle 
14" in from one end of each pin. 

2. Slide a pin into two barrels. Place two panels on the floor or upright against a wall. 
Place the barrels against the joint between the panels at 20" from the top. Tack weld one 
barrel to one panel and the other barrel to the second panel. 

3. Tack weld another hinge to the panels at about 20" from the bottom. 

4. Repeat steps 2 and 3 with the two other sets of two panels. 

5. With the panels standing, arrange the three sets of two panels to form a hexagon. The 
angle between each panel pair should be 120". 

6. Install hinges at the remaining three panel joints. 


Create the window and door arches by bending the tubing with a large conduit bender. 


Assemble the Finial 


1. Cut the finial pegs (L) to length. Bend the finial pegs in half to 110°. Support the roof 
sections on a cinder block or stool and tack weld a finial peg to the point of each roof 
section. 


2. Cut the finial sleeve (M) to length. 
3. Weld the finial (N) to the center of one drip tray (O) on the convex side. 


4. Grind down the head of a Y x 6" carriage bolt until it matches the concave curve of 
the drip tray. Welt the carriage bolt to the middle of the concave side of the drip tray 
from step 3. 


5. Center the finial sleeve over the bolt and weld in place. Drill a °/,,"" hole through the 
center of the second drip tray. 


6. With the peaks of the roof panels resting on a cinder block or low stool, slide the finial 
assembly over the finial pegs. Bend the finial pegs if necessary to fit inside the finial 
sleeve. 


Assemble the Roof 

Assembling the roof is easiest with an assistant or two. 

1. Cut the roof pegs (P) and peg sleeves (Q) to length. 

2. Weld two sleeves to the tops of each side panel 34" in from the sides of the legs. 

3. Measure the distance between a pair of sleeves. Use this measurement to mark the peg 
locations on a roof panel. Grind the pegs to 60° on one end and weld the ground end to 
the roof panel. 

4. With the side panels assembled, place a roof section on top of a wall panel, sliding the 
pegs into the sleeves. Have an assistant hold up the center of the roof, or create awood 
support. 

5. Place the remaining roof sections. Slide the finial over the finial pegs, slide the drip 
cup over the bolt, and install the washer and nut. 

6. Adjust roof and finial pegs as needed. 

7. Number or otherwise mark the side and roof panels for reassembly. 

8. Remove the finial and take the roof panels down. Disassemble the panels by pounding 
out the hinge pins. 


Mark the roof crossbar for cutting. 


Insert a hinge pin into two hinge barrels. Place the hinge between two side panels and weld one barrel to 
one panel and the other barrel to the adjoining panel. 


Make the Window Scrolls 

1. Cut the scroll blanks (R) to length. 

2. Cut a */,," slot in a 2" pipe. Place the rod in both slots, then bend the rod around the 
outside of the pipe one and a half times. 


3. Place the other end of the rod in the slot and bend one and a half turns around the 
outside of the pipe in the opposite direction. 


4. Slightly open the bends to create a pleasing scroll. 
5. Repeat to form the remaining window scrolls. 
6. Weld the scrolls into the window frames as pictured. 


Support roof sections on a cinder block. Weld the finial pegs to the points of the panels. 


Make the Roof Scrolls 

1. Cut the scroll blanks (S) to length. 

2. Cut a °/,,." in a 3" pipe. Place the rod through both slots, then bend the rod around the 
outside of the pipe one and a half times. 


3. Place the other end of the rod in the slot and bend one and a half turns around the 
outside of the pipe in the opposite direction. 


4. Slightly open or close the bends to make the scroll fit between the roof base and roof 
crossbar. 


5. Repeat for the other roof scrolls. 
6. Weld the scrolls between the roof base and roof crossbar as pictured. 


Create the finial assembly by welding the finial to the drip tray, then welding the bolt to the drip tray. 


14.5 One quantity as a percentage of another quantity 


To express one quantity as a percentage of another quantity, first 
express it as a fraction of the other quantity. Then convert the 
fraction to a decimal and finally to a percentage. 


Example 14.5.1 


Elaine scores 52 out of 80 in a test. Express her mark as a percentage. 


As a fraction, 52 out of 80 is a. 
Find 52 + 80 to convert ¿5 to a decimal 
As a percentage 0.65 = 65%. 


22 = 0.65. 


’ 80 


Insight 
So to write 52 out of 80 as a percentage you need to work out 
(52 + 80) x 100. You can think of ‘out of? as meaning ‘divide by’. 
If both quantities are expressed in the same units, the method is the 
same as if both quantities were just numbers. 


If the quantities are expressed in different units, however, you must 
express them in the same units, usually the smaller of the two. 


Example 14.5.2 


(a) Express 84 m as a percentage of 230 m. Give your answer 
correct to one decimal place. 
(b) Express 39 mm as a percentage of 15 cm. 


(a) As a fraction, you require $5. 
As a decimal, this is 84 + 230 = 0.3652.... 
As a percentage, this is 36.5% (correct to 1 d.p.). 
(b) In the same units, the quantities are 39 mm and 150 mm. 
As a fraction, you require io. 
As a decimal, this is 39 + 150 = 0.26. 
As a percentage, this is 26%. 


Add Decoration to the Roof 
You can make the roof a simple diamond pattern. 


1. To make the diagonals (T), mark the roof sides every 6" down from the peak and 6" 
down from the roof crossbar. Lay out two rods from the peak marks to the opposite first 
two marks on the roof crossbar to match the roof panel diagram (page 201). Cut the rods 
to fit and weld in place. 


2. Mark the diagonals from step 1 every 6". 


3. Make the internal diagonals by cutting pieces to fit between the marks on the right 
side and base. Weld in place. 


4. Finish the internal diagonals by cutting pieces to fit between the marks on the left side 
and base. Weld in place. 


Add Diagonal Filler to Side Panels 

Diagonal rods can fill the space below and above the windows, or you can add scrolls 
and hearts. 

1. On the door panels, mark the legs, door frames, and top crossbars every 8". 

2. Cut diagonals to fit between the marks. 

3. Weld the descending left to right diagonals in place, then weld the ascending left to 
right diagonals in place. 

4. On the window panels, mark the legs, top and bottom crossbars, window frames, and 
window crossbars every 8". Align the window frame between the legs, 8" in from each 
side with the 8" marks aligned. The bottom of the window should be 32" from the 
bottom crossbar. 

5. Cut diagonals to fit between the marks on the window frame and legs. 

6. Cut diagonals to fit between the marks on the crossbars and the window frames and 
window crossbars. 

7. Weld the descending left to right diagonals in place, then weld the ascending left to 
right diagonals in place. 


Weld the roof sleeves to the tops of the side panels. 


Finish the Gazebo 

1. Wire brush or sand blast the gazebo. Finish as desired. Note: Take care to track the 
panel numbers so you can reassemble the gazebo. 

2. Reassemble the gazebo. 


3. For at least three corners of the gazebo, pound 3-ft. lengths of 34" round bar or 18" 
rebar into the ground and slide the leg ends over the bars. 


Cut a 3/46" notch in a 2" pipe to create the bending jig for the scrolls. Slide the rod into the notch, then 
bend the rod around the pipe. 
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Overall dimensions 
44 x 16% x 84" 


Arbor 


This distinctive arbor will add a touch of class to any garden. Modeled after the prairie 
style, its clean lines are straightforward to cut and weld, and they provide plenty of 
climbing support for a variety of vines. The 1⁄2" inserts are placed flush with the back of 
the 1" sides and ends, eliminating the need for difficult centering and giving an increased 
sense of depth. The arbor can be made from the 6-foot steel lengths available at home 
improvement centers, but because of the amount of steel used, a trip to a steel supplier 
might be worthwhile, especially if you have a way to transport 20-foot lengths. The 1" 
square tube bows quite easily, so if you do buy 20 foot lengths, make sure they are well 
supported in transit. Otherwise, they will bow and not be suitable for the vertical inserts. 


Materials 
e 16 gauge 1 x 1" 
square tube (44 feet) 


e 16 gauge % x Y" 


square tube (100 feet) 


e Wood scraps 


PART NAME DIMENSIONS QUANTITY 
A Panel sides 16-gauge 1 x 1" square tube x 72" 4 

B Panel ends 16-gauge 1 x 1" square tube x 1512" 4 

C Panel vertical inserts 16-gauge Y x Y.” square tube x 637" 6 

D Horizontal inserts 16-gauge Y x Y” square tube x 31⁄2" 100 

E Diagonal inserts 16-gauge Y x Y” square tube x 12"* 24 

F Roof ends 16-gauge 1 x 1” square tube x 151" 4 

G Roof sides 16-gauge 1 x 1" square tube x 2512" 4 

H Roof vertical inserts 16-gauge Y x 12" square tube x 231" 6 


“Approximate dimension, cut to fit 
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Check the panel for square by measuring the diagonals. If the measurements are equal, the assembly is 
square. 


1 Tony scores 63 out of 75 in a test. Express this as a percentage. 
In a class of 35 students, 21 are girls. What percentage of the 
students are girls and what percentage are boys? 

3 A team played 38 matches and won 21. What percentage of its 
matches did it win? Give your answer correct to one decimal 
place. 

4 The area of the surface of the Earth is 510 066 000 km‘, of 
which 361 743 000 km? is water. What percentage of the Earth's 
surface is water? Give your answer correct to the nearest whole 
number. 

5 Express the first quantity as a percentage of the second. Where 
necessary, give your answer correct to one decimal place. 
(a)9cm,25cm (b)24m,60m (c) 18 hrs, 24 hrs 
(d) 29 kg,82kg (e) 18 mm, 4cm (f) 85 cm, 5m 
(g) 14 hrs, 3 days (h) 350 m, 3 km (i) 83p, £7 


14.6 Percentage increases 


When a quantity changes, you can find the percentage increase in 
a quantity by expressing the change as a percentage of the original 
quantity. The same applies to decreases. 


Example 14.6.1 


The population of a village increases from 675 to 783. Find the 
percentage increase. 


The increase is 783 — 675 = 108, on an original total of 675. 
A tage, this is Ncrease _ 108 _ 016 =16%. 

s a percentage, this is aie! o- 6 
The percentage increase is 16%. 


Percentage profit and percentage loss are important types of 
percentage change. For example, if you buy a car for £8000 (the 
cost price) and sell it for £6800 (the selling price), you make a loss 


14. Percentages 
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How to Build an Arbor 


Assemble the Panels 


Set up the project on a sheet of 3" plywood placed on sawhorses. Make sure the 
plywood is not bowed or it will cause misalignment of the project pieces. Working on a 
raised surface is easier than working on the floor, and you can clamp the metal to the 
plywood. Remember to clamp your work cable to the workpiece. If you want the arbor 
wider or narrower than 44", you must adjust the miter angles for the roof and side panels. 


1. Cut the panel sides (A) to size, mitering one end at 30°. The mitered end is the top. 
Cut the panel ends (B), vertical inserts (C), and horizontal inserts (D) to size. 


2. Place a panel end between the top of two panel sides, keeping the outside edge of the 
panel end flush with the short ends of the mitered panel sides. Clamp the pieces in place. 


3. Position three vertical inserts between the two panel sides. (This is just to hold the 
bottom panel end in place. The exact location of the inserts is not important at this time.) 


4. Place the bottom panel end between the panel sides, keeping it snug against the 
vertical inserts. Clamp the bottom panel end in place. 


5. Remove the vertical inserts. Use a carpenter’s square to check the panel sides and ends 
for square. Tack weld each corner. Check for square again by measuring the two 
diagonals. If the measurements are equal, the panel is square. If not, adjust the 
workpieces until the diagonals are the same. 


6. Turn the panel over and complete the welds at the four corners. Grind the tack welds 
flat so the panel lays flat on the work surface. 


we 1 


Weld the diagonal inserts to the panel framework and to the center vertical insert. 


Attach the Vertical & Horizontal Inserts 


1. Replace the vertical inserts between the panel sides. Place several horizontal inserts 
between the vertical inserts and the panel sides to ensure the correct spacing of the 
vertical inserts. 


2. Weld the vertical inserts to the panel top and bottom. 


3. Place the horizontal inserts into the vertical framework every 3%". (Use horizontal 
inserts as spacers.) 


4. Starting at the top of the panel, use a combination square to align the first row of 
horizontal inserts. Once they are aligned, weld them in place. 

5. Continue aligning and welding the inserts one row at a time. If the vertical inserts are 
bowed side to side, use a clamp to hold them against the inserts. If they bow upward, 
weigh them down with a sandbag or other weight. 


Insert the Diagonal Inserts 
1. Cut four diagonal inserts (E) to size, mitering one end at 45°. 


2. Place two diagonal inserts against the bottom edge of the top panel. The mitered ends 
of the inserts should butt together over the middle vertical insert. Mark the other end of 
the diagonal inserts where they cross the top panel so they will fit in the corner. 


3. Make the angled cuts on the diagonal inserts. 


4. Grind down the welds that will be underneath the diagonal inserts so they will lie flat. 
Weld the diagonal inserts in place. 


5. Repeat steps 2 to 4 to weld the diagonal inserts to the bottom of the panel. 

6. Cut four more diagonal inserts, mitering both ends at 45°. 

7. Center these four inserts over the eighth row of horizontal inserts to form a diamond 
shape. Weld the inserts in place. 

8. Repeat this entire process to construct a second panel. 


Make clamping blocks out of wood scraps. Clamp the roof panels to the blocks. Place two or three tack 
welds along the joint between the panel ends. 


Build the Roof Panels 
1. Construct two roof panels following the same procedure used for the side panels, 
except with no central diamond insert. 


2. Stand the roof panels on edge and join the mitered ends to form the 120° angle for the 
roof peak. 

3. Clamp the roof panels in place. (You may need to attach temporary wooden clamping 
points to the work surface by fastening 1 x 2 or 2 x 4 scraps to match the layout. Clamp 
the panels to the scraps.) Place two or three tack welds along the joint between the panel 
ends. 


Fasten the Roof to the Sides 


1. Place a side panel on edge, and set it against one side of the roof panel. Line them up 
so the mitered edge of the side panel is making contact with the bottom edge of the roof 
panel. Clamp the panels in place. 


2. Tack weld the panels at two points along the joint. 

3. Repeat steps 1 and 2 for the other side panel. 

4. Measure the distance between the tops and the bottoms of the side panels to ensure the 
panels are an equal distance apart at both ends. 

5. Check the panels for square by measuring the diagonals. Make any necessary 
adjustments, and make sure the roof assembly is still fitted against the side panels. 

6. Weld all the mitered roof peak joints and the mitered joints between the side panels 
and the roof panels. 


Place tack welds along the joint between the roof and side panels. 


Finishing Touches 


To prevent putting stress on the welds, and to maintain the arbor’s shape, clamp wooden 
crosspieces between the panel sides before moving it. 


1. The easiest finish for the arbor is to allow it to gently rust over the years. You may 
want to place plastic end caps over the exposed tube ends on the roof, or you can weld 
on small caps. 

2. The arbor can sit on the ground or can be mounted in concrete footings. If you live in 
a windy location, you may want to drive four lengths of rebar into the ground and slip 
the arbor legs over them. 


Appendix: Additional Plans 


Scroll Desk Lamp 


Materials 
e 1/8 x 34" flat bar (15") 
e 14" round tube (9") 
e 1/8 x 4" flat bar (36") 


e14", 1", and 2" pipe 


e Lamp hardware and shade 


e 3/8" hollow threaded rod (1") 


PART NAME DIMENSIONS QUANTITY 
A Bases Ye x %" flat bar x 5" 3 
B Shaft Y” round tube x 9" 1 


C Scrolls Ye x Yo” flat bar x 12" 3 


Harp 


=A L Lamp 
Sacka [T hardware 


Socket cap — : 


Harp holder T 4 


Threaded 
washer 
Threaded _— 
rod 


Tree-shaped Candleholder 


Materials 
e 3/6" sheet (8 x 10") 
e 3." X 2" flat bar (5 feet) 
e Votive holders and candles 


e Silicone adhesive 


PART NAME DIMENSIONS QUANTITY 
A Base 346" sheet x 8 x 10" 1 
B Trunk Ae x 2" flat bar x 20" 1 
C Bottom branches “As x 2" flat bar x 8" 2 
D Middle branches 346 x 2" flat bar x 6" 2 
E Top branches “As x 2" flat bar x 4" 2 


of £(8000 — 6800) = £1200. To find the percentage loss, express 
the loss as a percentage of the cost price, that is, 45> = 0.15 = 15%. 


Example 14.6.2 


Joan bought a house for £240 000 and later sold it for £288 000. 
Find her percentage profit. 


Profit = £(288 000 — 240 000) = £48000 

TCM OOO as aa 
cost price” 240000 — is 
The percentage profit is 20%. 


As a percentage, this is 


change 


Percentage change = == 
original 


1 The number of workers employed by a company increased from 
225 to 243. Find the percentage increase. 

2 The population of a town fell from 23 650 to 20 812. Find the 
percentage decrease. 

3 Helen’s annual salary was increased from £22 500 to £23 400. 
Find the percentage increase. 

4 The original price of a bicycle was £184. In a sale, its price was 
£161. Find the percentage reduction. 

5 Bill put £5500 in a bank account. A year later, interest was added 
and the amount in his account increased to £5885. Find the rate of 
interest. 

6 The cost price of a pair of shoes was £24 and the selling price was 
£42. Find the percentage profit. 
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Overall dimensions 
16 x 8 x 20" 


Fireplace Candleholder 


Materials 
e 4 x 8" scrolls (2) 
e 14" twisted square rod (5") 
e 4" square rod (7 feet) 
e 33/8" bobeches (8) 
e Candles (8) 


PART NAME DIMENSIONS QUANTITY 

E ET 
Center post Y." twisted square rod x 5" 
Front extenders Yo” square rod x 1° 
Middle extenders 2" square rod x 2° 
Rear extender 1/4" square rod x 3" 
Rear posts 2" square rod x 6" 
Crosspieces 2" square rod x 16 
Side pieces 2" square rod x 10" 
Bobeches 3%" 


“Approximate dimensions, cut to fit. 
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Overall dimensions 


16 x 11 x 6" 


Wall-mounted Candleholder 


Materials 


e 15" square bar (14 feet) 


e 2%" bobeche (9) 
e Candles (9) 


PART NAME DIMENSIONS QUANTITY 
Horizontal bars Y.” square bar x 32" 
Vertical bars Y” square bar x 11% 
Bobeches 214" 


Overall dimensions 
32 x 3 x 12%" 


Chandelier 


Materials 
e 1/8 x 34" flat bar (17 feet) 
e 10", 6", 2", and 1" bending forms 
e 244" round tube (4") 
e 2%" bobeches (5) 
e 2" threaded nipple 
e Lock washers (2) 
e Threaded brass washers (3) 
e Finial 
e Decorative chain 


e Candles (5) 


PART NAME DIMENSIONS QUANTITY 
C scrolls % X 34" flat bar X 16" 
S scrolls x 3%" flat bar X 24" 
Couplers 24" round tube X 2" 
Insert % X 1" flat bar x 4" 
Bobeches 2" 


Corner Coat Rack 


Materials 
e 1/8 x 114" flat bar (7 feet) 
e 1/8 x 34" flat bar (7 feet) 
e Expanded sheet metal (2 x 2 feet) 
e 2" pipe 


e Hanging hardware 


NAME DIMENSIONS QUANTITY 
Rack top Ye x 1%" flat bar x 36" 1 
Rack bottom Ya x %" flat bar x 36" 1 
Hooks Ve x 34" flat bar x 12" 4 
Rack front Ye x 1%" flat bar x 38"* 1 
7 


Shelf Expanded sheet metal 


“Approximate dimension, cut to fit. 


Overall dimensions 


18 x 18 x 8" 


7 Kim bought a computer for £750 and later sold it for £495. Find 
her percentage loss. 

8 An art dealer buys a painting for £3500 and sells it for £4480. Find 
his percentage profit. 


14.7 Using multipliers 


If normal prices are reduced by 15% in a sale, the sale price of an 
item is 85%, or (100% — 15%) of its normal price. Thus, to find 
the sale price of a television, the normal price of which is £360, 
you find 85% of £360. As 0.85 x 360 = 306, the sale price 

is £306. 


Similarly, if the number of employees in a company increases by 
12%, the new number is 112% = 100% + 12% of the original 
number. So, if the number of employees was originally 350, the 
new number is 112% of 350. As 112% of 350 = 1.12 x 350 = 392, 
the new number of employees is 392. 


The numbers 0.85 and 1.12 are called multipliers. 


Example 14.7.1 


Write down the multipliers needed for these changes. 
(a) a decrease of 23% (b) an increase of 20% 
(c) a decrease of 9% 


(a) 100% — 23% =77%, so the multiplier is 0.77. 

(b) 100% + 20% = 120%, so the multiplier is 1.20 or 1.2. 

(c) 100% — 9% = 91%, so the multiplier is 0.91. 
Multipliers are especially useful for calculating compound 
interest, the type of interest paid by banks and building 
societies. Compound interest is paid on the total of the amount 
invested (called the principal) and the interest earned in previous 
years. 
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Baker’s Shelves 


Materials 


e 4" round bar (54 feet) 


e 16 gauge x 34" round tube (13% feet) 


e 16 gauge x Y" round tube (29 feet) 

e 4 x 6 foot plywood 

e 2 x 4 foot plywood 

e 1 x 2 lumber x 36" (7) 

e Drywall screws 

e 2 x 2 lumber x 36" 

e Pre-drilled 34" on center flat bar (3 feet) 
e3/,¿ X 24%" machine bolts (24) 

e 34" rubber pipe tips or glides (4) 

e Brass or wood finials (2) 


e Tempered glass shelves cut to fit (4) 


PART NAME DIMENSIONS QUANTITY 
C scrolls 4" round bar x 26%" 


4 
Top S scrolls Ya" round bar x 35" 4 
Side S scrolls Ya” round bar x 24%" 8 
Back legs %4" round tube x 44" 2 
Front legs %4" round tube x 36" 2 
8 
8 
4 
2 


wD) > 


Shelf supports, front 4 back 12" round tube x 347" 
Shelf supports, sides Yo" round tube x 81⁄2" 
Zig zag trim Ya" round bar x 48" 
Finials 1" brass or wood ball 


A LO) TM) OO 


Tapered-Leg Table 


Materials 
e 1/8" sheet metal (6 x 30" rectangle, 12" square) 
e 1/8 x 2" flat bar (2% feet) 
e 12" black pipe (6") 


PART NAME DIMENSIONS QUANTITY 


A Legs Ye” sheet metal x 3" x 30" 3 
B Top ve" sheet metal x 12 x 12" right triangle 1 
C Front skin Y" x 2" flat bar x 12"* 1 
D Side skirts Ys" x 2" flat bar x 7"* 2 


* Approximate dimensions, cut to fit. 
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Cutting Diagram 


Square = 1" 


Coat Rack 


Materials 
e 16-gauge Y x 14" square tube (58 feet) 
e 16-gauge 1 x 1" square tube (50 feet) 
e 4" O.D. square tube rings (20, Triple S Steel #SR 4) 
e 1/8 x 1" round tube (39") 
e 1/8 x 1⁄2" flat bar (39 feet) 
e 1%" spheres (8, Triple S Steel SF116F4) 


PART NAME DIMENSIONS QUANTITY 
Legs 16-gauge 1 x 1" square tube x 68" | 
Side crossbars 16-gauge 1 x 1" square tube x 19" 

| 16-gauge 1 x 1" square tube x 66" 
Side horizontals 16-gauge ' x 2" square tube x 9" 
Verticals 16-gauge Y x Y.” square tube x 4" 
Circles 4" O.D. square tube rings 
Crossbars 16-gauge 1 x 1" square tube x 39" 
Back horizontals 16-gauge Y x Y” square tube x 39" 
Shelf supports 16-gauge Y x Y" square tube x 19" 
shelf rods Ya x Yo" flat bar x 39" 1 
Hanging rod Ye x 1" round tube x 39" 1 
Spheres 1%" 8 
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For example, if you invest £5000 at 6% p.a. compound 

interest, the amount in your account after one year will be 

£5000 x 1.06 = £5300. After two years, the new amount increases 
to £5000 x 1.06 x 1.06 = £5000 x 1.06? = £5618. After three years, 
the amount will be £5000 x 1.06° = £5955.08, and so on. 


Example 14.7.2 


Jan invests £10 000 at 4.5% p.a. compound interest. Work out 
(a) the amount in her account after 3 years, 
(b) the amount of interest earned. 


(a) 10 000 x 1.045? = 11 411.661, so the amount in her account is 

£11 411.66, to the nearest penny. 

(b) Amount of interest earned = £11 411.66 — £10 000 = £1411.66 
You can also use multipliers to find the original quantity before a 
percentage change, if you know the percentage change and the new 
quantity after the change. 


For example, if normal prices are reduced by 12% in a sale, you 
multiply the normal price of an item by 0.88 to find its sale price. 


Thus, normal price x 0.88 = sale price. 


Working back, if you know the sale price, divide it by 0.88 (the 
inverse operation to multiplying by 0.88) to find the normal price. 
If the sale price is £396, find 396 + 0.88 = 450, giving a normal 
price of £450. 


Example 14.7.3 


The cost of an airline ticket is increased by 14%. After the increase, 
the cost of the ticket is £399. Find its cost before the increase. 


As cost before increase x 114 = cost after increase 
SO cost before increase = cost after increase + 114 


As 399 + 114 = 350, the ticket cost £350 before the increase. 


Votive Lantern with Chain and Holder 


Materials 
e 22-gauge sheet metal (3, 6 x 18" sheets) 
e Glass (7 x 11") 
e 1/8" round rod (4 feet) 
e 4" round rod (26") 
e 3/6" Sheet metal (10 x 10") 
¢ Hardwood stick 


e 144" wire nails (7) 


PART NAME DIMENSIONS QUANTITY 

Sides 22-gauge sheet metal x 6 x 18” 1 

Door 22-gauge sheet metalx6x6" 1 

Base 22-gauge sheet metalx6x6" 1 

Top 22-gauge sheet metalx9x6" 1 

Glass 340x505" 4 

Tabs 22-gauge sheet metal x %"* 12 

Eyelets 1%" wire nails 3 

Hinges 1%" wire nails 3 
Hook 1%" wire nail 1 
Hanger Ye” round rod x 2" 1 
Arm Y round rod x 26" 1 
Stand base %6" sheet metal x 10 x 10° 1 
Chain Ye” round rod x 36" 

"Cut to fit. 
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Hanging Chandelier 


Materials 
e 3/,¿" round rod (24 feet) 
e 23/8" bobeches (6, Architectural Iron Designs #79/6) 
e Candle cups (6, Architectural Iron Designs #78/4) 
e 84%" acanthuses (6, Architectural Iron Designs #11942 8%) 


e 1" teardrop crystals (24, Chandelierparts) 


e 3" hangdrop crystal prisms (5, Chandelierparts) 


e 3" teardrop prisms (12, Chandelierparts) 


NAME DIMENSIONS QUANTITY 


scrolls %6" round rod x 36" 
Candle arms 716" round rod x 3" 
Rings 316" round rod x 9/"* 
Crossbar %6" round rod x 3" 
Hanger %16" round rod x 6" 
Hanging ring “is. round rod x 4"* 
Bobeches (drip trays) 27 
Candle cups Tax NY 
Acanthus leaves 1% x 84" 
Teardrop crystals lie 
Hangdrop crystal prisms 2 
Teardrop prisms 3" 

* Approximate dimensions, cut to fit. 
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Window Box 


Materials 
e 1x1 x 1/8" channel (18 feet) 
e 1" square tube (20") 
e 15" square tube (16 feet) 
e 4" square bar (8 feet) 
e 1/8 x Y" flat bar (141 feet) 
e 1/8 x 1" flat bar (8") 


e Finials (2, Architectural Iron #834) 


NAME DIMENSIONS QUANTITY 


Front crossbars 1 x % x 1" channel x 521%" 

End posts 16-gauge 1" square tube x 10" 
Uprights 16-gauge Y” square tube x 4% 
Side crossbars 1 x Vx Ye" channel x 8%" 
Base Ye" square bar x 5414" 

Base crossbars Ye" square bar x 9%" 

C-scrolls Ye x Ye" flat bar x 10%" 
Mounting brackets Ye x 1" flat bar x 2" 

Finials 
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Laundry-Tub Planter 


Materials 
e 3/8" round bar (30 feet) 
e 1/8 x 1" flat bar (9 feet) 
e 10.5 gal. laundry tub (1, Main St. Supply) 
e 12" plywood (4 x 4 sheet) 
e 2 x 4 scraps 
e Wood screws 


e 3/6" round bar (10 feet) 


NAME DIMENSIONS QUANTITY 


Tub 10% gallon 

Tub support %s" round bar x 60"* 

Base 3" round bar x 56"* 

Crossbars Ve x 1" flat bar x 27"* 

Legs 3" round bar x 25" 

Leg braces %6" round bar x 10" 
C-scroll As" round bar x 15" 

\pproximate dimensions, cut to fit. 


* 


Write down the multiplier needed for each of these changes. 

(a) a decrease of 31% (b) an increase of 43% 

(c) a decrease of 30% (d) an increase of 7% 

(e) an increase of 17.5%  (f)a decrease of 3.4% 

Normal prices are reduced by 35% in a sale. The normal price of a 
video recorder is £260. Find its sale price. 

The population of the United Kingdom was 50.3 million in 1951. 
By 1991, it had increased by 15%. Find the population in 1991. 
Give your answer correct to the nearest 0.1 million. 

Joe invests £8000 at 7% p.a. compound interest. Work out the 
amount in his account after 2 years. 

Jean invests £500 at 3.5% p.a. compound interest. Work out 

(a) the amount in her account after 3 years, 

(b) the amount of interest earned. 

Janet invests a sum of money at an interest rate of 8% p.a. After 
one year, she has £810 in her account. How much did she invest? 
In a sale, normal prices are reduced by 20%. The sale price of a 
microwave oven is £140. Find its normal price. 

The price of a new car is increased by 18% to £14 750. Find its 
cost before the increase. 
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Three Post Floor Lamp 


Materials 
e 14" round tube (483/s") 
e 15" twisted square rod (96") 
e 3." sheet (10 x 10") 
e 3/ x 2" flat bar (8") 
e 1" round balls (4) 


e Lamp hardware and shade 


NAME DIMENSIONS 
Base As" sheet 10 x 10" 
End caps As" flat bar 2 x 4" 
Center post 2" round tube 48%" 
Side posts /4" twisted rod 48" 


QUANTITY 


Glossary 


Active gas A gas, such as oxygen, that will react with other substances. 


A substance composed of two or more metals or a metal and 


Oy other non-metal material. 


Welding processes that use an electric arc to produce heat to 
Arc welding melt and fuse the base metals. Often used to refer specifically 
to shielded metal arc welding. 


Combustion taking place inside the oxyacetylene torch 


Backfire and flashback i 
creating a loud pop or explosion. 


Base metal The metal that is being welded, brazed, braze welded, or cut. 


The seam between workpieces that have been joined with 


Bead or weld bead , 
welding. 


A process used to join metals using a non-ferrous material 
that melts above 850° F but below the melting point of the 
base metal. Brazing uses capillary action to join closely fitted 
parts. 


Braze 


A process used to join metals with a filler material that melts 
Braze welding above 840° F and below the melting point of the base metal 
where the filler metal is not distributed by capillary action. 


Butt joint A joint between two workpieces in the same plane. 


Carburizing flame An oxyfuel flame with an excess of fuel. 


Consumable electrode An electrode that also serves as the filler material. 


A joint between workpieces meeting at right angles and 


e JOE forming an L shape. 


Converts an oxyfuel welding torch into an oxyfuel cutting 


Cutting tip pcan 


Direct current welding where the electrode is negative and 
the 


Direct current 
electrode negative workpiece is positive. 
Direct current Direct current welding where the electrode is positive and the 


electrode positive workpiece is negative. 


The amount of continuous time in a 10-minute period that an 
Duty cycle arc welder can run before it needs to cool down. Expressed 
as a percentage at a given amperage output. 


Edge joint A joint between parallel workpieces. 


The conductive element that makes the connection with the 
Electrode 
workpiece to create an electrical arc. 


FCAW Flux cored arc welding. 
Filler, filler metal Metal added to a welded joint. 


A triangular shaped weld between two members that meet at 
90° angles. 


Fillet weld 
Flame cutting See oxyfuel cutting. 


A chemical compound that produces cleaning action and 
Flux reduces the formation of oxides when heated. 


Flux core, flux cored An electrode for flux cored arc welding that contains flux 
wire within a wire tube. 


Flux cored arc welding A semi-automatic arc welding process using an electrode 
(FCAW) wire that contains flux. 


A semi-automatic arc welding process using a wire electrode, 
Gas metal arc welding which also is the filler material. An inert gas is distributed 
(GMAW) over the weld area to shield the molten metal from oxygen. 
Commonly referred to as MIG (metal inert gas) or wire feed. 


An arc welding process using a tungsten electrode, hand-held 
filler material, and an inert shielding gas. Also referred to as 
TIG (tungsten inert gas) and Heliarc. 


Gas tungsten arc 
welding (GTAW) 


GMAW Gas metal arc welding. 


Groove weld A weld made in grooves between workpieces. 


GTAW Gas tungsten arc welding. 


Heliarc Gas tungsten arc welding. 


A non-reactive or non-combining gas such as argon or 
helium. 


Inert gas 
Kerf The width of a cut. 

Lap joint A joint between overlapping workpieces. 
MIG Metal inert gas—see gas metal arc welding. 


Oxyacetylene cutting Oxyfuel cutting using acetylene as the fuel gas. 


Oxyacetylene welding Oxyfuel welding using acetylene as the fuel gas. 


Cutting process using the combustion of a pressurized fuel 
gas and oxygen to heat steel to 1600" F at which time a pure 
oxygen stream is delivered to burn through the metal. Also 
Called flame cutting. 


Oxyfuel cutting 


Welding process that uses the heat produced by the 
Oxyfuel welding combustion of a pressurized fuel gas and pressurized oxygen. 
A hand-held filler material is used. Also called gas welding. 


An arc cutting process using a constricted arc. Compressed 


Plasma cutting . 
8 air or inert gas blows the molten metal from the kerf. 


Plate Flat metal thicker than 34e". 


A joint between round tubes where one tube has been cut to 


Sade Jomi fit around the other. 


Sheet metal Flat metal °/,," or less in thickness. 


Shielded metal arc An arc welding process using a flux coated consumable 
welding (SMAW) electrode. Also referred to as arc welding or stick welding. 


A gas that prevents contaminants from entering the molten 


Shielding gas weld pool. 


Oxidized impurities formed as a coating over the weld bead; 
Slag waste material found along the bottom edge of an oxyfuel 
cut. 


SMAW Shielded metal arc welding. 


Small droplets or balls of metal stuck to the base metal 
around the weld. Produced by shielded metal arc, gas metal 


Spatter l 
arc, and flux cored arc welding. 


Stick welding Shielded metal arc welding. 


A joint between workpieces meeting at right angles and 


ou forming a T shape. 


TIG Tungsten inert gas—see gas tungsten arc welding. 


Wire feed See gas metal arc welding. 


Resources 


Architectural Iron Designs 
950 South 2nd Street 
Plainfield, NJ 07063 
www.archirondesign.com 


Century Trailer Inc. 
800 366 3395 
www.centurytrailer.com 


Chandelierparts.com 
218 763 7000 


Decorative Iron 

10600 Telephone Road 
Houston, TX 77075 

888 380 9278 
www.decorativeiron.com 


Eastwood Company 
800 343 9353 
www.eastwoodco.com 


e-Tarps.com 

1205-202 Winter Springs Court 
Louisville, KY 40243 
www.e-tarps.com 


Garland's Inc. 

2501 26th Avenue South 
Minneapolis, MN 55406 
800 809 7888 
www.garlandsinc.com 


Hooker Glass Mirror & Beveling Group 
1127 East El Dorado Street 

Decatur, IL 62521 

800 274 0114 

www.miror.com 


The Lincoln Electric Company 
22801 St. Clair Ave. 

Cleveland, OH 44117 

216 481 8100 
www.lincolnelectric.com 


M-Boss, Inc. 

4400 willow Parkway 
Cleveland, OH 44125 
866 886 2677 
www.mbossinc.com 


Main Street Supply 
PO Box 729 

Monroe, NC 2811 

800 624 8373 
www.mainstsupply.com 


Miller Electric Manufacturing Co. 
1635 W. Spencer St. 

P.O. Box 1079 

Appleton, WI 54912-1079 

920 734 9821 
www.millerwelds.com 


National Ornamental & Miscellaneous Metals Association (NOMMA) 
1535 Pennsylvnia Ave. 

McDonogh, GA 30253 

888 516 8586 

www.nomma.org 


Northern Tool + Equipment 
800 221 0516 
www.northerntool.com 


Norton Metals 

1350 Lawson Road 
Fort Worth, TX 76131 
817 232 0404 
www.nortonmetals.com 


Red Trailers 
Website helps you locate the perfect hitch, drawbar, and wiring to fit your vehicle. 


215 538 1155 
www.redtrailers.com 


SIC Metals & Fabrication, LLC 

Diamond plate, aluminum materials, stainless steel, and fabrication; also welding 
services and CAD design. 

10883 Rt 322 

Shippenville, PA 16254 

814 227 5546 (fax 814 227 2536) 

email sales@sicmetalfab.com 

www.sicmetalfab.com 


Silent Source 

58 Nonotuck Street 
Northampton, MA 01062 
413 584 7944 
www.silentsource.com 


Smith & Hawken 

PO Box 8690 

Pueblo, CO 81008-99998 
800 940 1170 
www.smithandhawken.com 


Toll Gas €: Welding Supply 
3005 Niagara Lane 
Plymouth, MN 55447 

763 551 5300 
www.tollgas.com 


Triple-S Steel Supply Co. 
6000 Jensen Drive 
Houston, TX 77026 
713697 7105 
wWww.sss-steel.com 


Wagner Railing Systems & Components/JG Braun Co. 
10600 West Brown Deer Road 

Milwaukee, WI 53224 

800 786 2111 

www.rbwagner.com 

www.jgbraun.com 


THINGS TO REMEMBER 


> The symbol % is used for “per cent’. Per cent means per 


hundred. 


» To write a percentage as a fraction, write the percentage as a 


fraction with 100 as its denominator. For example, 61% = $}. 


> To write a percentage as a decimal, divide the percentage by 
100. For example, 61% = $5 = 0.61 or 61% = 61 + 100 = 0.61. 


> To write a decimal as a percentage, multiply it by 100. 


> To write a fraction as a percentage, either: 
> write it as a fraction with a denominator of 100. 
For example, 3 =75 =15%. 
Or: 
> write the fraction as a decimal by dividing the numerator 
(top) by the denominator (bottom) and then multiply by 


100 to get a percentage. 


> To find a percentage of a quantity, write the percentage as a 
decimal; replace ‘of’ by ‘x’ and carry out the multiplication, 
either by hand or using a calculator. 


» To increase or decrease an amount by a percentage, work 
out the percentage and then add it to or subtract it from the 
original amount. 


change 


Percentage change = x 100 


original 
> You can use multipliers to work out a percentage increase or 
decrease directly. For example, to increase an amount by 15% 
you use the multiplier 1.15 and to decrease an amount by 
15% you use the multiplier 0.85. 
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Read, understand, and follow safety precautions and rules when welding. In addition 
to general safety rules, also reference the material safety data sheet (MSDS) as 
provided by manufacturers as well as the American National Standard (ANSI Z49.1) 
as available at these websites for free download: 


American Welding Society 
WWW.awS.Org 
The Lincoln Electric Company 


www.lincolnelectric.com/community/safety 


Welding safety publications available as PDF download (see E205 document). 


Index 


A 
Acetone for cleaning, 21 
Acetylene basics, 41 
Alcohol for cleaning, 21 
Alternating current (AC), 59 
Aluminum 
basics, 15 
cutting process for, 14 
repairing cast, 20 
welding processes for, 14 
Amperage/amps, defined, 52 
Angle/angle iron, uses & dimensions, 16 
Angled metal shelves, building, 146-149 
Antique finishes, 38, 39 
Arbor, building, 206-210 
Arc burns, preventing, 10 
Arch and gate, building, 194-199 
Arcs, striking, 74 
Arc welding 
building 
rolling welding curtain for, 82-83 
welding table for, 84-87 
electricity terms & concepts for, 52-53 


See also specific types 


B 

Backfire, 45 

Baker's shelves, plans for, 212 

Base metal, defined, 6 

Bird's nest, removing, 67 

Blowpipes. See Torches 

Brass welding & cutting processes, 14 


Brazing/braze welding, 50-51, 184-185 
Burns, preventing, 10 


C 
Candelabrum, building, 142-143 
Candleholders 

building for fireplace, 142-143 

plans for 

fireplace, 212 

tree-shaped, 211 

wall-mounted, 212 
Cast aluminum, repairing, 20 
Cast iron 

characteristics of, 17 

cutting process for, 14 

repairing, 20 

steel and, 190 

welding processes for, 14 
Chandeliers, plans for, 213, 216 
Channels, uses & dimensions, 16 
Check valve basics, 43 
Chrome moly steel welding & cutting processes, 14 
Cleaning metals, 21 
Clothing, safe, 10, 11, 21 
Coat hanger rack, building, 120-123 
Coat hooks, building swing-away, 136-137 
Coat racks 

building 

with swing-away hooks, 136-137 

wall-mounted, 120-123 

plans for 

corner, 213 

free-standing, 215 
Coffee table, building, 110-111 
Constant current (CC), described, 52 
Constant voltage (CV), described, 52 


Corner coat rack, plans for, 213 
Cross, building, 128-131 
Currents used, described, 53 
Cutouts, making, 36 
Cutting techniques 
mechanical, 24 
plasma, 27, 29, 30-31 
Cylinder basics, 41 
Cylinder cart, building, 90-93 
Cylinders, gas, 61 
Cylinder valve basics, 41 


D 

Decorative products, 18 

Degreasers for cleaning, 21 

Desk lamp, plans for, 211 

Diamond plate metal, uses for, 17 

Direct current (DC), described, 53 

Direct current electrode negative (DCEN), described, 53 
Direct current electrode positive (DCEP), described, 53 
Duty cycle, described, 53 


E 
Electrical units, described, 52 
Electricity, terms & concepts, 52-53 
Electric shocks, preventing, 11 
Electrodes 
direct current electrode negative (DCEN), described, 53 
direct current electrode positive (DCEP), described, 53 
for gas metal arc welding, 61 
for gas tungsten arc welding, 70—72 
Equipment 
building 
cylinder cart, 90-93 
grind stand, 94-95 
portable welding table, 96-101 


rolling welding curtain, 82-83 
saw stand, 102-107 
welding machine cart, 88-89 
welding table, 84-87 
for cleaning metal, 21 
for gas metal arc welding, 59-61 
for gas tungsten arc welding, 68-73 
for mechanical cutting, 24 
for oxyacetylene welding, 40-43 
for plasma cutting, 26, 29, 32 
for shielded metal arc welding (SMAW), 55-56 
shop tools, 13 

Etagéres, building 
corner, 160-163 
straight, 154-159 

Explosions, preventing, 10-11 


F 
Fence panel, building, 124-127, 190-193 
Ferrous metals, 14 
Filler metals, defined, 6 
Finishing, 38-39 
Fire, preventing, 10 
Fire bricks, 48, 49 
Firepit, building, 186-189 
Fireplace candelabrum, building, 142-143 
Fireplace candleholder, plans for, 212 
Fittings basics, 42 
Flashback, 45 
Flashback arrestor basics, 43 
Flat bars, dimensions, 16 
Floor lamp, plans for three post, 217 
Flux cord arc welding, described, 7, 65 
Free-standing coat rack, plans for, 215 
Fuels 

for oxyacetylene cutting, 34 


for oxyacetylene welding, 49 
Fumes, avoiding, 10 


G 

Garden trellis, building, 124-127 

Gas cylinder safety, 61 

Gas metal arc welding (GMAW/MIG) 
building welding machine cart for, 88-89 
described, 6, 7, 58 
directions, 64-65 
setting up shielding gas flow meter, 63 
setting up wire feed, 62 
electricity terms & concepts for, 52-53 
equipment for, 59-61 
lens shade numbers for, 11 
maintenance, 66-67 
requirements, 12 
safety, 59 
troubleshooting, 66-67 

Gas options for oxyfuel welding, 49 

Gas tungsten arc welding (GTAW/TIG) 
building welding machine cart for, 88—89 
described, 6, 7, 68 
directions, 74—75 
electricity terms & concepts for, 52-53 
equipment for, 68-73 
lens shade numbers for, 11 
requirements, 12 
safety, 69 
troubleshooting, 76—77 

Gate, building, 184-185, 194-199 

Gauge thickness, inch equivalents, 18 

Gazebo, building, 200-205 

Glossary, 218-219 

Grind stand, building, 94-95 


Gun basics, 59-60 


H 

Heat distortion, described, 6—7 
Hex/hexagonal bars, dimensions, 16 
Holes, piercing, 36 

Hose basics, 42 


I 
Inverters, described, 53 
Iron cross, building, 128-131 


L 
Lamps, plans for 

scroll desk, 211 

three post floor, 217 
Laundry-tub planter, plans for, 217 
Leaks, checking for, 45 
Lens shade numbers, 11 


M 
Magazine rack, building, 143-145 
Mechanical cutting techniques, 24 
Mechanical generators, described, 53 
Melting points, 15 
Metals 

basics, 14-15 

cleaning, 21 

decorative, 18 

ferrous, 14 

filler, 6 

identification chart, 17 

melting points, 15 

methods to join, 6 

purchasing, 18 

repairing, 19-20 

shapes & sizes, 16-17 


Mild steel 

basics, 14 

cutting processes for, 14 

repairing, 19 

shaping, 37 

welding processes for, 14 
Mirror, building swivel, 114-119 
Molten puddle 

defined, 6 


protecting from oxygen, 7 


N 
Nesting tables, building, 132-135 
Nightstand, building, 138-141 


O 

Open circuit voltage, described, 52 

Operating voltage, described, 52 

Oxyacetylene cutting 
equipment for, 33-34 
fuel options, 34 
precutting checklist, 35 
safety, 32, 36 
techniques, 35-36 
troubleshooting, 36 

Oxyacetylene welding 
depressurizing outfit, 49 
described, 6, 7, 40 
directions, 48 
equipment for, 40-43 
flame & flame states, 47 
fuel, 49 
requirements, 12 
safety, 41, 42 
setting up outfit, 44 
torch lighting, 46 


troubleshooting, 45 

turning on outfit, 45 
Oxyfuel welding 

building 

cylinder cart for, 90-93 

welding table for, 84-87 

gas options for, 49 
Oxygen, protecting molten puddle from, 7 
Oxygen cylinder basics, 41 


P 
Penetration, described, 6 
Perforated sheet metal basics, 17 
Planter, plans for laundry-tub, 217 
Plasma cutting 
bending & cutting diamond plate, 30 
building rolling welding curtain for, 82-83 
electricity terms & concepts for, 52-53 
equipment for, 26, 29, 32 
overview of, 25 
precutting checklist, 27 
safety and, 25-26 
techniques, 27, 29, 30-31 
troubleshooting, 28 
Plate metal, thicknesses, 16 
Portable welding table, building, 96-101 
Power sources, described, 53 
Pressure regulator & gauge basics, 42 
Primers and finishing, 38, 39 


R 

Rail caps, uses & dimensions, 16 

Railing, building, 180-183 

Rectangular tubes, uses & dimensions, 16 
Repairing metal directions, 19-20 
Reverse polarity, 53 


Rolling welding curtain, building, 82-83 
Room divider, building, 124-127 

Round bars, dimensions, 16 

Round tubes, uses & dimensions, 16 


S 
Safety, 10-11 
with gas cylinders, 61 
truck rack materials and, 168 
when cleaning metal, 21 
when gas metal arc welding, 59 
when gas tungsten arc welding, 68, 69 
when oxyacetylene cutting, 26, 33, 36 
when oxyacetylene welding, 41, 42 
when plasma cutting, 25-26 
when shielded metal arc welding, 54-55 
Saw stand, building, 102-107 
Scratch starts, 74 
Scroll desk lamp, plans for, 211 
Shapes of metals, 16 
Shaping, 37 
Sheet metal, thicknesses, 16 
Shelves 
building 
angled metal, 146-149 
étageres 
corner, 160-163 
straight, 154-159 
wall-mounted, 150-153 
plans for baker's, 212 
Shielded metal arc welding (SMAW) 
described, 6, 7, 54 
directions, 57 
electricity terms & concepts for, 52-53 
equipment for, 55-56 


Formulae 


In this chapter you will learn: 

e howto write formulae 

e howto evaluate and use formulae 

¢ howto change the subject of a formula. 


15.1 What is a formula? 


In mathematics and science, a formula is a quick way of expressing 
a rule or a fact. You have already met some formulae (the plural of 
formula) expressed in words: area of parallelogram = base x height, 
for example, in Chapter 10. If you use A to stand for the area of a 
parallelogram, b to stand for its base and /) to stand for its height, 
you can write this result more concisely as the formula A = bh. 


A is called the subject of this formula, because it appears on its 
own on the left-hand side and does not appear on the right-hand 
side. 


A multiplication sign is not necessary in the formula A = bh. This 
is one of the many ideas from Chapter 11 you will need in this 
chapter. You will, for example, evaluate formulae in exactly the 
same ways as you evaluated algebraic expressions. A formula is 
not, however, the same as an expression; for example, a formula 
has an equals sign in it, whereas an expression does not. 


15. Formulae 
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lens shade numbers for, 11 
requirements, 12 
Shielding gases 
for gas metal arc welding, 61 
for gas tungsten arc welding, 70 
Shop requirements, 12 
Shop tools needed, 13 
Spray-on finishes, 38 
Square bars, dimensions, 16 
Square tubes, uses € dimensions, 16 
Stainless steel 
characteristics of, 17 
cutting process for, 14 
repairing, 20 
welding processes for, 14 
Stair railing, building, 180-183 
Steel 
basics, 14-15 
cast iron and, 190 
characteristics of, 17 
repairing, 20 
Step-down transformer, 53 
Stick welding. See Shielded metal arc welding (SMAW) 
Straight polarity, 53 
Straps, dimensions, 16 
Stub out/stubbing, 66 
Swing-away coat hooks, building, 136-137 
Swivel mirror, building, 114-119 


T 

Tables 
building 
for arc welding, 84-87 
coffee, 110-111 
nesting, 132-135 
nightstand, 138-141 


portable welding, 96-101 

plans for tapered-leg, 212 
T-bars, dimensions, 16 
Thick materials, welding to thin, 159 
Three post floor lamp, plans for, 217 
Tips for torches, 43 
Titanium welding & cutting processes, 14 
Tools. See Equipment 
Torches 

for gas tungsten arc welding, 69—70 

for oxyacetylene welding 

described, 43 

flame & flame states, 47 

lighting, 46 

maintaining, 49 

tips for, 43 
Trailer frame, building, 172-179 
Tree-shaped candleholder, plans for, 211 
Trellises, building, 124-127, 190-193 
Truck rack, building, 166-171 


V 

Verdigris finishes, 38—39 

Vineyard trellis, building, 190-193 

Voltage/volts, defined, 52 

Votive lantern with chain & holder, plans for, 215 


W 
Wall-mounted candleholder, plans for, 212 
Wall-mounted coat rack, building, 120-123 
Wall-mounted shelves, building, 150-153 
Wattage/watts, defined, 52 
Welding 
electricity terms & concepts for, 52-53 
overview of, 6—7 
Welding curtain, building, 82-83 


Welding machine cart, building, 88-89 
Welding table, building, 84-87 
Window box, plans for, 216 

Wine rack, building, 112-113 

Wire feed basics, 59 

Work clamps, 53, 60 

Work leads, 53 

Wrought iron, characteristics of, 17 
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1 
METHOD AND APPARATUS FOR WIRELESS 
TRANSMISSION AND RECEPTION OF 
ELECTRIC POWER 


The present invention relates to the field of electric energy 
transmission and distribution and specifically to a method and 
apparatus to deliver electric power to users wirelessly, 


BACKGROUND OF THE INVENTION 


Conventional electric power transmission and distribution 
to consumers involves a sophisticated system of transmission 
and distribution wires interconnected by transformers to raise 
or lower the voltage to appropriate levels during the delivery 
process. In addition, due to differing loads, capacitors and/or 
inductors may be switched into or out of the delivery circuits. 

The costs to install and maintain the circuits are substantial. 
When new customers appear, new wiring must be installed to 
connect them to the transmission and distribution grid. In 
addition, there can be significant energy losses associated 
with the delivery, and spurious electromagnetic radiation can 
be developed which further degrades system performance 
and can create interference. 

It is accordingly a purpose of the present invention to 
provide an electric power delivery system that avoids defi- 
ciencies of wired systems by utilizing a wireless transmission 
mechanism. Among the characteristics of such a system are a 
reduction or substantial elimination of electromagnetic radia- 
tion, and the ability to connect additional uses to the system at 
reasonable cost. 


BRIEF DESCRIPTION OF THE INVENTION 


In accordance with the foregoing and other objects and 
benefits, an electric power delivery system in accordance with 
the present invention utilizes the mechanism of charge dis- 
placement to transmit electric power from a generation site to 
a user. The system utilizes extremely low frequencies (ELF) 
to convey acurrent and utilizes the earth as a conductor. At the 
production end of the system conventionally generated elec- 
tric current is converted into a charge displacement current 
and transmitted or broadcast wirelessly. A relatively simple 
receiving apparatus converts the charge displacement current 
back into a conventional alternating current flow at the loca- 
tion of a user, which current can then be utilized in the stan- 
dard manner. With appropriate reception equipment, the 
charge displacement current can be received by moving 
vehicles, allowing direct receipt of a continuing flow of elec- 
trical power during operation. 


BRIEF DESCRIPTION OF THE DRAWINGS 


A fuller understanding of the invention will be achieved 
upon consideration of the following detailed illustrative 
description of a preferred embodiment of the invention when 
reviewed in conjunction with the annexed drawings, wherein: 

FIG. 1. is an illustration of a transmitter apparatus for 
generating an ELF charge displacement current in accor- 
dance with the invention; 

FIG. 2 is a detail view of an interrupter electrode; and 

FIG. 3 is anillustration ofa receiver apparatus for receiving 
an ELF charge displacement current. 


DETAILED DESCRIPTION OF THE INVENTION 


The present invention incorporates the recognition that, 
based upon the electromagnetic characteristics of the earth 
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and its surrounding ionosphere, an electrical energy transmis- 
sion at a frequency in the range ofabout 2 to 7 kHz maximizes 
displacement charge transfer from a transmitting apparatus to 
the atmosphere and earth. The invention incorporates a trans- 
mitting element in the form of a capacitor plate that is part of 
a high voltage resonant circuit tuned to a frequency in the 
desired range to maximize transmitter efficiency to the atmo- 
sphere. The transmitting element is part of a transmitter sys- 
tem that converts electrical power, preferably at DC but typi- 
cally at a low frequency, such as at mains frequency (60 Hz), 
and at a relatively low voltage, to the desired high voltage and 
frequency. The DC or mains frequency input power is pulsed 
at the desired transmission frequency and is applied to a tuned 
circuit resonant at a second frequency including a primary 
transformer winding as the tuned circuit’s inductor. The 
transformer raises the voltage to the desired high voltage for 
transmission. To allow commercially-reasonably sized com- 
ponents to be used, the transformer is adapted to operate at a 
substantially higher frequency than the transmission fre- 
quency, typically at 50-100 kHz. The high voltage is passed to 
the transmission frequency-tuned resonant circuit including 
the transmitting element, allowing the 2 to 7 kHz pulses to be 
coupled to the earth and ionosphere to conduct the desired 
charge displacement. 

With reference to FIG. 1, generator room 10 houses a 
generator 12. The generator is shown driven by a motor 14, 
but other sources of motive power, such as a turbine, may be 
employed. A commercially available AC generator with a 60 
Hz output can be utilized, but the lower the output frequency 
from the generator the lower losses due to mismatching and 
harmonic generation. While DC output is optimal, 60 Hz is 
sufficiently low to be acceptable. 

The electrical output from the generator is fed to contactor 
16, allowing immediate shutdown of the transmitter to which 
the output is led in the event of a flashover or other problem in 
the transmitter room 26. One line of the generator’s output 
goes to one side of the parallel combination of capacitor 18, 
coil 20 and one electrode assembly 22 of a rotary gap appa- 
ratus 24, all located in the transmitter room. The other output 
line from the generator goes to the other side of capacitor 18 
and coil 20 and to a second electrode assembly 22 of the 
rotary gap apparatus. 

Capacitor 18 forms a first resonant or tuned circuit with coil 
20, the primary winding for transformer 66, and the resonant 
frequency of which is given by F=!4IIVLICI. An acceptable 
value for the capacitor may be in the range of 0.27 uf and for 
the coil 20 an inductance in the range of 3 mH, which can be 
accommodated in a 6 foot high coil of 10 foot diameter. 
Capacitor 18 is chosen to have an appropriate working volt- 
age and a low ESR (Equivalent Series Resistance), while coil 
20 is of a conductor gauge appropriate for the current 
involved. The approximate resonant frequency for the listed 
component values is 75 kHz. The frequency is chosen to allow 
transformer 40, of which coil 20 serves as a primary winding, 
to be of commercially-reasonable dimensions taking into 
account the current capacity of the turns, the voltage boost 
contemplated and the need to avoid flashover. As the voltage 
boost is great, it is generally desired that the number of turns 
for coil 20 be as low as possible to maintain a large turns ratio 
with minimal conductor mass. 

The generator’s output voltage is modulated by means of 
the rotary gap apparatus 24, which is in parallel with capacitor 
18 and coil 20, and who’s purpose is to generate a pulse train 
in the desired ELF range of 2-7 kHz. Rotary gap apparatus 24 
comprises a nonconductive disc 28 supporting four or more 
electrodes 30 extending through the disc, evenly spaced along 
its perimeter. Two identical electrode assemblies 22, spaced 
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180 degrees apart and positioned to align with the disc elec- 
trodes, are located at opposite sides of the disc, and are 
respectively connected to the generator output lines. As 
depicted in FIG. 2, each electrode assembly 22 may consist of 
a conductive electrode 32 and a plurality of heat sink rings 34 
along the electrode. The electrodes 32 are spaced about 4 
inch from the disc electrodes 30; all the electrodes may be 12 
inch in diameter. A motor 36 and transmission 38 rotates the 
disc 28 and attached electrodes. As the disc rotates 1ts carried 
electrodes 30 pass by the electrode assemblies 22, allowing 
current to bridge the inter-electrode gap at a frequency of two 
times the number of electrode 22 pairs. With a disc rotation 
speed of 7200 rpm and 2 electrode pairs, the modulation 
frequency is 3600 Hz. The rotary gap apparatus allows a pulse 
train approximating a series of step impulses to appear across 
the resonant circuit combination of capacitor 18 and coil 20. 
Other means for developing the pulse train, such as an elec- 
tronic switching circuit, can also be utilized, but must be 
capable of handling the large current appropriate for signifi- 
cant power transmission. 

Coil 20 is wound about the base of a second coil 40 on an 
insulating form of sufficient diameter and height to allow the 
coil turns to form the appropriate inductance. The combina- 
tion of the two coils forms transformer assembly 66 that 1s 
supported by insulators 42. The turns ratio between primary 
coil 20 and secondary coil 40 is such that the output voltage of 
the generator is raised to several megavolts in coil 40. One end 
of coil 40 is connected to ground, such as by series of ground- 
ing rods 44, while the other (upper) end of the coil is con- 
nected to large conductive ring 46 forming a capacitor plate. 
Ring 46 is constructed and dimensioned to have the appro- 
priate capacitance in free air to form a second resonant or 
tuned circuit with coil 40 at the same frequency as the reso- 
nant frequency of primary coil 20 and capacitor 18. The 
inductance of coil 40 may be, for example, 14 mH, which can 
be accommodated in a coil with a diameter of 5 feet and a 
height of 10 feet. With the coil size and inductance deter- 
mined, the dimensions for capacitor ring 46 to achieve the 
appropriate free air capacitance can be determined by those 
skilled in the art. 

Transmitter assembly 48 consists of the series arrangement 
of a further coil 50, likewise supported by insulators 42, and 
second conductive ring 52 positioned at the top of the coil and 
the insulating form upon which it is constructed. The upper 
end of coil 40 is connected to the lower end of transmitter coil 
50, while conductive ring 52 1s connected to the upper end of 
coil 50. Ring 52 is constructed with dimensions, including its 
radius of curvature and its outside diameter, to yield a capaci- 
tance for the ring that, when combined with the inductance of 
coil 50, create a resonant circuit whose frequency 1s equal to 
that of the pulse train generated by the rotary gap apparatus 
24, providing efficient coupling of the pulse train energy to 
the earth and ionosphere, and should preferably be of large 
capacitance relative to the capacitance of other system com- 
ponents. The radius of curvature of ring 52 should also be 
large enough so that the ring’s surface electrical charge den- 
sity, which is proportional to the voltage, capacitance and 
frequency, is small enough at the chosen high working volt- 
age to prevent spark discharge into the surrounding atmo- 
sphere. It is contemplated that a ring of up to 200 feet in 
diameter may be appropriate. With the desired capacitance of 
the ring calculated, the inductance for coil 50 can be com- 
puted, and the physical characteristics of the coil, including 
number of turns and wire gauge, determined. As the combi- 
nation of coil 50 and ring 52 is supported by insulators 42 they 
must be of sufficient size and height to prevent breakdown, 
even in damp weather. 
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Conductive ring 52 serves as the resonating element for 
coil 40. Alternatively, the ring may also be constructed with a 
group of spaced discs around the entire outer circumference 
of the ring. Such a construction may prevent the buildup of 
eddy currents that otherwise may occur in the ring. Alterna- 
tively a series of small semicircular discs could be attached to 
the outside surface of the ring to provide the same effect. 

It should be noted that the radiating element is not a dipole 
antenna, which would require a radiating element of dimen- 
sions specific to the wavelength of the transmitted frequency. 
Rather, the mechanism of transmission is charge displace- 
ment, not electromagnetic radiation. Thus, it is not necessary 
for the lines of flux to detach and close upon themselves to 
propagate an electric field. Instead, the lines of flux exist 
between two opposite charges, and the field is established by 
the lines of flux between the two points of charge. The force 
on each charge in dynes is given by: 


qlg2 ss 


F= 
4pesr? 


A relatively simple antenna and receiver system may be 
used to convert the radiated charge into useful energy. The 
antenna is designed as a terminating point for the field’s flux 
lines. Therefore the antenna does not have to be a specific 
shape or length. A conversion unit is used in conjunction with 
the antenna to convert the field to normal 60 Hz electrical 
power, at which most electrical devices operate. 

An illustrative antenna and receiver system is depicted in 
FIG. 3. An antenna 54 is connected to one side of a large 
capacitance 56. The other side of the capacitor is connected to 
a suitable ground or conductive surface acting as a ground 
plane 68. The size of the antenna and ground plane, if not 
earth, have a bearing on the amount of power that can be 
extracted from the atmosphere, and thus should be suffi- 
ciently large for the intended draw. The receiving antenna is 
designed as a terminating point for the field’s flux lines, thus 
the antenna does not have to be a specific shape or length. One 
side of coil 58 is connected to capacitor 56 through an elec- 
trical interrupter 60, which preferably is electronic, rather 
than mechanical, and as known in the art can be either vacuum 
tube or solid state. The interrupter is tuned to the same pulse 
frequency as created by the transmitter’s rotary gap apparatus 
24, and the combination of capacitor 56 and coil 58 form a 
resonant circuit likewise tuned to the pulse frequency. Coil 58 
and second coil 62, wound around coil 58 and consisting of 
fewer turns of a conductor, form a stepdown transformer, coil 
58 having a wire size capable of carrying the induced current. 
Secondary coil 62 is connected to a conversion unit 64 as 
known in the art to convert the pulsating output current from 
the transformer to normal 60 Hz electrical power or to another 
frequency and voltage as appropriate for the electrical devices 
to be powered. 

In addition to the obvious uses, such as supplying electric- 
ity to residential and commercial buildings, the transmission 
system of the present invention could also be used to power 
vehicles. The vehicle may be constructed of a non-conductive 
material such as fiberglass, and may have the collecting 
antenna located in the roof. A conversion unit would then 
convert the electrical energy as received to the form of elec- 
tricity required by the vehicle’s drive, typically an electric 
motor. The received energy could also be used to charge a 
battery array to provide power in the event the vehicle leaves 
a reception area. 


Example 15.1.1 


Each side of a square is / centimetres long. The perimeter of the 
square is P centimetres. 


(a) Write down a formula for P in terms of l. Give your answer as 
simply as possible. 
(b) Evaluate P when l = 3.7. 


(a) Perimeter of a square = 4 x length of each side, so P = 4l 
(b) When l = 3.7,P=4x3.7=14.8 


Insight 
The letters in a formula represent numbers and not words 
or quantities. The letters in a formula are called variables 
because they represent numbers which can vary. 


1 Area of a triangle => x base x height. 
(a) Write down a formula for the area, A, of a triangle in terms of 
its base, b, and its height, h. 
(b) Evaluate A when b = 7 andh=8. 
2 Average speed = distance travelled + time taken. 
(a) Write down a formula for the average speed, s miles per hour, 
of a motorist who travels d miles in t hours. 
(b) Evaluate s when d = 126 andt = 2.25. 
3 To find the angle sum, in degrees, of a polygon, subtract 2 from the 
number of sides it has and then multiply the result by 180. 
(a) Find the angle sum, S, of a polygon with n sides. 
(b) Evaluate S when n = 9. 
4 Each side of a regular octagon is d centimetres long. The perimeter 
of the octagon is P centimetres. 
(a) Write down a formula for P in terms of d. 
(b) Evaluate P when d = 3.7. 
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The transmission system could also be used to power 
trains. Since a train system defines a given path, one or more 
transmitting stations could be set up to focus the broadcast 
power along the rail path. Those skilled in the art can appre- 
ciate that the present invention could likewise be used to 
deliver electric power to other specific locations and users, 
thus providing individualized delivery for power tools, out- 
door appliances and any other electrical devices that use 
electricity. 


We claim: 

1. An electric transmission system, comprising a transmit- 
ter for radiating a charge displacement current at a frequency 
of from 2 to 7 kHz and a receiver located remote from the 
transmitter for receiving the charge displacement current and 
converting the current into a form of electric power usable by 
an electrical device coupled to the receiver, the transmitter 
including means for generating electrical power at a first low 
frequency, means for pulsing the power at the radiating fre- 
quency, transformer means for raising the voltage of the 
pulsed power to a high voltage for radiating, and a radiating 
element coupled to an output of the transformer. 

2. The electric transmission system of claim 1, wherein the 
transformer means includes a primary coil forming a part of a 
first tuned circuit. 

3. The electric transmission system of claim 2, wherein the 
first tuned circuit is in parallel with the pulsing means and is 
tuned to a higher frequency than the radiating frequency. 

4. The electric transmission system of claim 3, wherein the 
higher frequency is in the range of about 50-100 kHz. 
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5. The electric transmission system of claim 3, wherein the 
transformer means includes a secondary coil forming a part of 
a second resonant circuit. 

6. The electric transmission system of claim 5, wherein the 
second tuned circuit is tuned to the same frequency as the first 
tuned circuit. 

7. The electric transmission system of claim 6, wherein the 
means for receiving the charge displacement current com- 
prises an, antenna and a ground plane coupled to an inter- 
rupter in series with a tuned circuit. 

8. The electric transmission system of claim 7, wherein the 
tuned circuit includes a coil forming a primary side of a 
transformer and the converting means comprises a secondary 
side coil of the transformer coupled to a power converter. 

9. The electric transmission system wherein of claim 8 the 
interrupter operates at the frequency of the charge displace- 
ment current and the tuned circuit is tuned to the frequency of 
the charge displacement current. 

10. The electric transmission system of claim 5 wherein a 
third tuned circuit is tuned to the frequency of the displace- 
ment current, is coupled to the secondary coil of the trans- 
former means, and includes the radiating element. 

11. The electric transmission system of claim 10, wherein 
the radiating element is a capacitor plate of the third tuned 
circuit. 

12. The transmission system of claim 1, wherein the 
receiver comprises means for receiving the charge displace- 
ment current and means coupled for converting the charge 
displacement current into electric power of a desired fre- 
quency and voltage. 
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Simple Zapper Schematic 
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The Research of Dr. Hulda Regehr Clark, Ph. D., N.D. 


I have recently (9/15/2000) come across the research of Dr. Hulda Regehr Clark, 
Ph. D., N.D. In her books, she states that many diseases, among which are cancer 
and HIV/AIDS, can be cured by the use of, among other things, certain herbs and a 
frequency generator called a "Zapper" that was invented by her and her son. 


Speaking of mothers :), my mother, 62, had fatigue and arthritic symptoms in her 
hands before I found out about and told her about Dr. Hulda Clark. She is a 
seamstress, so the arthritic symptoms hindered her work. After doing the Parasite 
Cleanses and using the Zapper, she doesn't have to take naps like before and her 
hands are flexible again. She has done the complete Parasite Cleanse only twice 
but she Zaps practically every day. 


www.keelywnet.com/biolog y/zapper.htm 


1/10 


6/3/13 


Zapper Schematics - KeelyNet 01/10/02 


Simple Zapper Information 
Schematic updated on 12/21/2001 
Simple Zapper Information text updated on 12/21/2001. 


I forgot to mention that the Simple Zapper that I'm using has a 1 Megohm 
potentiometer instead of the 2.2k ohm resistor in order to vary the output 
frequency. If you use a potentiometer with the circuit put it in series with the 2.2k 
ohm resistor because the chip gets hot when there is too little resistance. 


The duty-cycle is pretty consistent with a range of 51% to 57%. With the 
oscilloscope's frequency analyzer in storage mode, I hold the Zapper probes and 
put the oscilloscope probes somewhere on my body and then I vary the frequency 
of the Zapper using the 1 Megohm potentiometer. 


When testing my body on a spectrum analyzer while using the Simple Zapper with 
an output of around 5 Volts (tested on a DC voltmeter), I noticed that the 
frequencies around 4,000 hz to around 18,000 hz had larger peaks telling me that 
my body at the time was more conductive (less reactive?) and/or less resistive to 
frequencies in this range at the given voltage. 


With my body being more conductive (less reactive?) at these frequencies, I 
believe that there is a better dispersal of the Simple Zapper's output within my 
body. I did this recent test with one Zapper probe in each hand (as opposed to both 
in one hand) and the oscilloscope probes (RCA to 1/4" phone plug adaptor) in my 
mouth near my wisdom teeth with my lips around the RCA ground (like a lollipop). 


The oscilloscope's frequency analyzer was in storage mode. With the Simple 
Zapper circuit on this page, change the 2.2k ohm resistor to 4.3k ohm if you want a 
~15,000 hz frequency. I have recently built a couple of Zappers with optimized 
output frequencies of around 11,000 hz. I haven't tested anyone using the Simple 
Zapper other than myself, so there is the possibility that your body's response may 
differ. 


For more information, check out my Simple Zapper webpage at: 
www.members.aol.com/mas 1911/index.html 
or for really interesting free circuit schematics: 


www.me mbers.tripod.com/~mas 1911/zappers 20011221 tripod.html 


You can write the Author of Simple Zapper if you have comments or questions. 


TA = _—- = SE 


The following document, written by Luke Parrish, provides instructions on building 
an astable multivibrator in DC pulse mode, identical in output to the Zapper, 
described in The Cure For All Diseases by Dr. Hulda Clark. 


wwmw.keelynet.com/biolog y/zapper.htm 2/10 


6/3/13 


Zapper Schematics - KeelyNet 01/10/02 


Plans For Zapper 


This page tells how to make a Hulda Clark-style "Parasite Zapper". It's a simpler 
and more efficient version, but works just as well. We make no theraputic claims 
for this device. It is for experimental purposes only. We provide a ready made 
version for those who prefer not to spend so much time building it. 


Materials 


- A CD4069 hex inverter (Radio Shack link) 
- 11M resistor, 1 10k resistor, and 1 1k resistor (Radio Shack link) 


(Resistor color code) 
- 1 1000 pF capacitor (Radio Shack link) 


NOTE: The size of the resistors and capacitors can vary, because they 
determine the frequency of the zapper, which doesn't really matter 
much according to Hulda Clark. 


The following parts may be substituted according to preference, though 
something similar will be needed: 

- Solderless breadboard (Radio Shack link) 

- 9-volt battery 

- 4 alligator clip-leads sets Radio Shack link 

- 2 copper pipes (hand-holds) 


Ins tructions 


Plug the components into the solderless breadboard according to the 
following schematic. Make sure none of the wires touch each other. To 
hook up the power, attach an alligator clip-lead to each side of the 
capacitor that stretches from hot to ground. Clip the one that goes to 
hot to the positive terminal on the battery and the one that goes to 
ground to the negative terminal. The two hand-holds are attached with 
the other two clip-leads. (One goes to ground, the other to the end of a 
resistor that goes to pin 12.) 


Schematic 


[| = hand-hold hp = inverter (on chipl 


JF = capacitor 
Ware = reeiebor 


B= connection 


LILLE 
Schematic mort recently updated 5-1 7-200] 
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Copper electrodes 


The above instructions are not the only way to do it. You can, for example, solder 
all the components directly to a 14-pin socket, like we do in our ready made 
version. This is a lot more trouble and more time-consuming for most people, which 
is why we recommend a breadboard. The resistors and capacitor don't all have to 
be the exact sizes mentioned here to make a working Zapper. However, any 
variation in capacitance or resistivity will change the frequency. (There are certain 
limits on how high of frequencies the chip can handle, so don't stray too far from 
the specified values.) If you have an oscilliscope, that's handy to check if it's 
working. 


Ready made Zappers 


— - Oo O A 
A : —— o 


Free plans from Zapperlab.com 
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8 pin with 
555 CMOS 
Timer Chip © 
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Here we have the easy step-by-step instructions for building your very own Hulda 
Clark Zapper reprinted with permission from her books (provided below). For 
advanced electricians there is a schematic for building a Hulda Clark Zapper as 
well. If you do not know anyone that could put one together for you, you can now 
order the zapper Hulda Clark uses as described in "The Cure For All Cancers" 
and "The Cure For All Diseases" at: www.SyncroZap.com. The Dr. Clark Zapper 
can be sold only as an experimental device, and no claim can be made by us legally 
as to a diagnosis, cure or treatment for any medical condition or disease. 


Build A Dr. Clark Zapper 


le, 


Order A Dr. Clark Zapper 


Instructions for building your very own zapper can be found 
reprinted below from the books by Dr. Hulda Clark. If you would 
rather order a pre-built zapper, just click here. 
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How To Build A Zapper from The Cure For All Cancers: 
The Cure For All Cancers © Copyright 1993 by Hulda Regehr Clark, Ph.D., N.D. 


Get from Radio Shack, (serial number included to make tt 
Order these pa ts min their web site at: 
www.RadioShack.com 

__ Black plastic Project Box Radio Shack + 270-1809 

___ 9 volt battery 

__  9volt battery clips: Radio Shack # 270-325 

___ On off switch: Radio Shack # 275-624A 

= 1K Ohm resistor: RS# 271-1321 

= 3.9K Ohm resistor: RSF 271-1123 

= low current red LED: RS# 276-044 

____ .0047 uF capacitor: RS# 272-130 

___ .01 uF capacitor: RS# 272-1065 

___ 555 CMOS timer chip: RS# 276-1723 

____ 8 pin wire wrapping socket for CMOS chip: RS# 276-1988 

___ two packs of Microclip test jumpers: RS# 278-017 


__ one pack of 14" alligator clip leads RS# 278-1156C 


Get from any Hardware Store: 
2 Bolts 1/8" diameter, 2" long with 4 nuts and washers. 


2 pieces of 34" copper pipe, cut to 4 inches long each. 


Editor's Note: 


Removes Pins From A 


16 PinlWire Wrap'socket 


The 8 pin wire-wrapping socket has been discontinued at many 
Radio Shacks and readers have asked what to do. Some Say it is 
still available on their website at www.RadioShack.com, if not: 


There are a couple options. One can still get the 16 pin wire- 
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wrapping socket. Pull out the bottom grouping of 8 pins, and you 
now have an 8 pin socket. Just make sure when you plug the 555 
Timer into it, you line it up with the remaining 8 pins. Very 
Simple. 


There is also a Low Profile 8 pin socket. The pins are so small 
one must solder to them. 


The wire-wrap socket has long pins for easy twisting onto other 
wires. The low profile is for those that solder electronics. 


If you are soldering your zapper together get the low profile 8 pin 
socket. Since the socket is just a saddle for the 555 Timer, it is 
not a vital part of the circuit. It's just a way to put long or short 
pins on the 555 Timer for easy twisting. If you cannot find one at 
your local Radio Shack, simply get the 16 pin wire-wrap socket, 
and pull out 8 pins. -editor. 


Assembling The Zapper 


If you have tools such as a drill, needle nose pliers, and small 
drill bits, buy one of the plastic project boxes on the list, 
otherwise build your zapper in a shoe box, or a box half the size 
of a shoe box. 


1. You will be using the lid of the shoe box or plastic lid of the 
project box to mount the components. Save the box to enclose 
the finished project. 


2. Pierce two holes near the ends of the lid. Enlarge the holes 
with a pen or pencil until the bolts would fit through. Mount the 
bolts on the outside about half way through the holes so there is 
a washer and nut holding it in place on both sides. Tighten. Label 
one hole "grounding bolt" on the inside and outside. 


3. Mount the 555 chip in the wire wrap socket. Find the "top 
end" of the chip by searching the outside surface carefully fora 
cookie-shaped bite or hole taken out of it. Align the chip with the 
socket and very gently squeeze the pins of the chip into the 
socket until they click in place. 


4. Make 8 pinholes to fit the wire wrap socket. Enlarge them 
Slightly with a sharp pencil. Mount it on the outside. Write in the 
numbers of the pins (connections) on both the outside and inside, 
Starting with number one to the left of the "cookie bite" as seen 
from outside. After number 4, cross over to number 5 and 
continue. Number 8 will be across from number 1. The pins are 
numbered like this: 
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3 6 
4 5 


5. Pierce two holes Y inch apart very near to pins 5,6,7, and 8. 
They should be less than 1/8 inch away. (Or, one end of each 
component can share a hole with the 555 chip.) Mount the .01 uF 
capacitor near pin 5 on the outside. On the inside connect pin 5 to 
one end of this capacitor by simply twisting them together. Loop 
the capacitor wire around the pin first; then twist with the long- 
nose pliers until you have made a tight connection. Bend the 
other wire from the capacitor flat against the inside of the shoe 
box lid. Label it .01 on the outside and inside. Mount the .0047 uF 
capacitor near pin 6. On the inside twist the capacitor wire around 
the pin. Flatten the wire from the other end and label it .0047. 
Mount the 3.9 K Ohm resistor near pin 7, connecting it on the 
inside to the pin. Flatten the wire on the other end and label it 
3.9. Mount the 1 K Ohm resistor and connect it similarly to pin 8 
and label it 1K. 


6. Pierce two holes Ya inch apart next to pin 3 (again, you can 
share the hole for pin 3 if you wish), in the direction of the bolt. 
Mount the other 1 K Ohm resistor and label inside and outside. 
Twist the connections together and flatten the remaining wire. 
This resistor protects the circuit if you should accidentally short 
the terminals. Mount the 3.9 K Ohm resistor downward. One end 
can go in the same hole as the 1K resistor near pin 3. Twist that 
end around pin 3 which already has the 1K resistor attached to it. 
Flatten the far end. Label. 


7. Next to the 3.9 K Ohm resistor pierce two holes Y inch apart 
for the LED. Notice that the LED has a positive and a negative 
connection. The longer wire is the positive (anode). Mount the 
LED on the outside and bend back the wires, labeling them + and 
- on the inside. 


8. Near the top pierce a hole for the toggle switch. Enlarge it 
until the shaft fits through from the inside. Remove nut and 
washer from switch before mounting. You may need to trim away 
some paper with a serrated knife before replacing washer and nut 
on the outside. Tighten. 


9. Next to the switch pierce two holes for the wires from the 
battery holder and poke them through. Attach the battery and 
tape it to the outside. 


Now To Connect Everything 


Twist free ends of the two capacitors .01 and .0047 together. 
Connect to Grounding Bolt using an alligator clip. 


Bend pin 2 and pin 6 together inward, using an alligator clip, catch 
them and connect to free end of 3.9K Ohm (by pin 7). 
ww. keelynet.com/biolog y/zapper.htm 8/10 


6/3/13 


Zapper Schematics - KeelyNet 01/10/02 


Alligator clip Pin 7 to free end 1K Ohm (near pin 8) 


Using two microclips Pin 8 and pin 4 to one end of switch (use 
hole to attach both microclips). 


Free end of 1K Ohm (by pin 3) to the Bolt using an alligator clip. 


Alligator clip the free end of 3.9K Ohm (by pin 3) to plus end 
(long) of LED. 


Minus end (short) of LED to Grounding Bolt with an alligator clip. 
Alligator clip pin 1 to the Grounding Bolt. 

Alligator clip Black battery wire to Grounding Bolt. 

Micro clip the Red battery wire to free end of switch. 


Hook up the battery, and the light should turn on, click the switch 
if it does not, check connections if LED does not light up. 


Build A 


+ CLARK ZAPPER! 


Dr. Clark's NEW 
Breadboard Design 


- NO 
| = SOLDERING! 


, Just Push 
| into the Grid. 


Kits & Parts: 
Attach a long lead wire to the grounding bolt & bolt, and then to 


the copper handles. Wrap handles in paper towel, clip with lead 
wire, wet handle when you are ready to zap.) 


How To Zap 

Wrap handles in wet paper towel, or wet cotton sleeves, and hold 
in each hand. If you have wrist cuffs, run them under water to 
wet them, attach to each wrist. 

Attach handles or wrist cuffs to zapper. 

Turn zapper on, zapping for 7 minutes. 


At end of 7 minute zapping rest 20 minutes. 


Do this a minimum of three 7 minute zapping sessions, with a 20 
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Each side of a square is / centimetres long. The area of the square 
is A square centimetres. 

(a) Write down a formula for A in terms of l. 

(b) Evaluate A when l = 8.6. 

a, b andc are three numbers. The mean of the numbers is m. 

(a) Write down a formula for m in terms of a, b and c. 

(b) Evaluate m when a = 27, b = 41 and c = 37. 

The lengths of the parallel sides of a trapezium are a centimetres 
and b centimetres. The parallel sides are h centimetres apart. The 
area of the trapezium is A square centimetres. 

(a) Write down a formula for A in terms of a, b and h. 

(b) Evaluate A when a = 12.6, b = 7.4 andh=5.8. 

A regular polygon has n sides. The size of each of its exterior 
angles is x°. 

(a) Write down a formula for x in terms of n. 

(b) Evaluate x when n = 9. 

T=ón(n + 1). Evaluate T when n = 10. (This value is the tenth 
triangle number.) 

v = u + at. Evaluate v when u = 20, a =-3 and t = 4. 

s =>gt* Evaluate s when g =—10 and t =6. 

| =—~ PRT. Evaluate / when P = 1200, R = 34 and T =8. 


100 


15.2 Evaluating terms other than the subject 


In each question of Exercise 15.1, the term you had to evaluate was 
the subject of a formula. Sometimes you will have to find the value 
of a term which is not the subject. To do this, you substitute into 
the formula the values you are given and then solve the resulting 
equation. 


If, for example, in the formula A = bh, you are told that A = 54 
and b = 6, substituting these values gives the equation 6h = 54, 
which has the solution b = 9. 


15. Formulae 
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minute break in between each session. Some people zap five 
times in extreme cases. 


Order A Dr. Hulda Clark Zapper - Click Here! 
Learn about Dr Clark's latest zapping technique at: www.PlateZapping.com 


All information is for educational purposes only. These statements have not been evaluated by 
the FDA. Not intended to diagnose, treat, prevent, mitigate or cure disease. 


This Circuit designed by Geoff Clark and approved by Dr. Hulda 
Clark 


SOTA Instruments Inc. presents... 
“The Zapper’ as per Dr. Hulda Clark, Ph.D., N.D. 


a mess ë E AA 
lí or 
PAJO EE — 
B. TV, Zanes LMCSS5 a 
Pe Copper Pipes 
CMOS Timer “Hand-Holds" 


IHJ 
Transistors 


11541 air 
Code 


Green LED 


Low Battery Warning ~30kHZ Square-WWave Output, Output LED 
<i Valts DC 50% Duty Cycle, Positive Offset 


Certified and Approved by Dr. Clark's son Geoff Clark. 
Designed & Drawn by Russell J. Torlage, CTech, President, SOTA Instruments Inc. 
Model: ZHC3 Rev 4.0 


Revised: June a 19948 AN Resitors ane 14944, S% Tol, 22,1k resister is 1% 


Cüt 2000 SOTA instruments Inc 


This schematic is not to be used for commercial applications without he express written permission of SOTA Instruments Inc 


If you found this file useful or interesting, 
please consider a donation or a purchase to — 
help keep KeelyNet online and providing PayPal 
free information. Even a dollar will help. DONATE. 
Others sell it, we prefer to share it, thanks! — 
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(57) ABSTRACT 


An energy conversion system for extracting energy from the 
zero-point field of space is disclosed and described. This 
system includes a primary transducer operatively associated 
with a secondary transducer. The primary transducer can 
include a substrate having an arm rotatably coupled to the 
substrate, while the substrate can be confined to move along 
a linear oscillatory path. The secondary transducer converts 
kinetic energy of the substrate and arm to usable energy. The 
multi-mode motion of the substrate and arm combination is 
sufficient to impart a momentum influx to rotational motion 
of the arm. 


The momentum influx can then be converted to usable energy 
such as mechanical, electrical and/or thermal energy. As 
described in more detail herein, the momentum influx appears 
to be a result of radiation pressure due to scattering in part of 
the electro-magnetic momentum-energy contained within the 
zero-point field of space opposite to centripetal acceleration 
of the arm. 
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ZERO POINT ENERGY ROTATOR 
TRANSDUCER AND ASSOCIATED METHODS 


RELATED APPLICATIONS 


[0001] This application claims the benefit of U.S. Provi- 
sional Application No. 61/088,913, filed Aug. 14, 2008 which 
is incorporated herein by reference. 


FIELD OF THE INVENTION 


[0002] This invention relates to generation of energy from 
the zero-point energy field of space or electromagnetic quan- 
tum vacuum. More specifically, the invention relates to a 
device useful for extraction of useful work via a sliding rota- 
tor. Therefore, the present invention relates generally to the 
fields of physics, quantum physics, and electromagnetism. 


BACKGROUND OF THE INVENTION 


[0003] The now ubiquitous drive for energy independence 
has provided a new set of incentives and appreciation for 
development of environmentally and economically respon- 
sible energy resources. Conventional discussions regarding 
such energy resources often revolve around fossil fuels, 
nuclear, and “alternative energy sources” such as solar, wind, 
bio fuels, hydrogen, fuel cells, and the like. Each of these 
energy resources currently comes with various benefits and 
drawbacks and often entail trade-offs between perceived pol- 
lution and environmental problems, costs, efficiencies, and 
unintended consequences (e.g. corn demand for use as fuel 
versus food). 

[0004] Since at least the 1960’s some theoretical physicists 
have proposed the concept of zero-point energy which sug- 
gests a background energy field throughout space. Histori- 
cally, these physicists have been at least partially marginal- 
ized by mainstream academic thought. However, over the past 
decade or so, such theories have begun to gain significant 
traction in terms of recognition and available proofs to sup- 
port these theories. Although this developing area of physics 
has experienced progress, practical applications of such theo- 
ries remain severely limited. One example of such progress in 
practical applications is the work of Bernard Haisch and 
others in capitalizing on the Casimir effect. Such efforts thus 
far remain relegated to the quantum level. Although a wide 
variety of purported devices and claims have been made, no 
macroscale efforts have yet proven to yield useful energy 
gains. 


SUMMARY OF THE INVENTION 


[0005] In light of the relative infancy of the field and defi- 
ciencies noted above, the present invention provides an 
energy conversion system for extracting energy from the 
zero-point field of space. This system includes a primary 
transducer operatively associated with a secondary trans- 
ducer. The primary transducer can include a substrate having 
an arm rotatably coupled to the substrate, while the substrate 
can be confined to move along a linear oscillatory path. The 
secondary transducer converts kinetic energy of the substrate 
and arm to usable energy. The multi-mode motion of the 
substrate and arm combination is sufficient to impart a 
momentum influx to a rotational motion of the arm. The 
momentum influx can then be converted to usable energy 
such as mechanical, electrical and/or thermal energy. As 
described in more detail herein, the momentum influx appears 
to be a result of radiation pressure resulting from scattering in 
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part of the electro-magnetic momentum-energy contained 
within the zero-point field of space opposite to centripetal 
acceleration of the arm. 

[0006] There has thus been outlined, rather broadly, the 
more important features of the invention so that the detailed 
description thereof that follows may be better understood, 
and so that the present contribution to the art may be better 
appreciated. Other features of the present invention will 
become clearer from the following detailed description of the 
invention, taken with the accompanying drawings and claims, 
or may be learned by the practice of the invention. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0007] The present invention will become more fully 
apparent from the following description and appended 
claims, taken in conjunction with the accompanying draw- 
ings. Understanding that these drawings merely depict exem- 
plary embodiments of the present invention and they are, 
therefore, not to be considered limiting of its scope. It will be 
readily appreciated that the components of the present inven- 
tion, as generally described and illustrated in the figures 
herein, could be arranged, sized, and designed in a wide 
variety of different configurations. In particular, relative 
dimensions may vary and are generally not presented in an 
optimized configuration but are rather provided for clarity 
and convenience in describing the invention generally. None- 
theless, the invention will be described and explained with 
additional specificity and detail through the use of the accom- 
panying drawings in which: 

[0008] FIG. 1 is a schematic of an energy conversion sys- 
tem in accordance with one embodiment of the present inven- 
tion. 

[0009] FIG. 2 is a schematic of an energy conversion sys- 
tem having two rotating arms, one rotating clockwise and the 
other counterclockwise, in accordance with another embodi- 
ment of the present invention. 

[0010] FIG. 3 is a schematic of an energy conversion sys- 
tem illustrating an electro-magnetic mechanism for acceler- 
ating the arm in accordance with yet another embodiment of 
the present invention. 


DETAILED DESCRIPTION OF EXEMPLARY 
EMBODIMENTS 


[0011] The following detailed description of exemplary 
embodiments of the invention makes reference to the accom- 
panying drawings, which form a part hereof and in which are 
shown, by way of illustration, exemplary embodiments in 
which the invention may be practiced. While these exemplary 
embodiments are described in sufficient detail to enable those 
skilled in the art to practice the invention, it should be under- 
stood that other embodiments may be realized and that vari- 
ous changes to the invention may be made without departing 
from the spirit and scope of the present invention. Thus, the 
following more detailed description of the embodiments of 
the present invention is not intended to limit the scope of the 
invention, as claimed, but is presented for purposes of illus- 
tration only and not limitation to describe the features and 
characteristics of the present invention, to set forth the best 
mode of operation of the invention, and to sufficiently enable 
one skilled in the art to practice the invention. Accordingly, 
the scope of the present invention is to be defined solely by the 
appended claims. 
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[0012] The following detailed description and exemplary 
embodiments of the invention will be best understood by 
reference to the accompanying drawings, wherein the ele- 
ments and features of the invention are designated by numer- 
als throughout. 


Definitions 


[0013] In describing and claiming the present invention, the 
following terminology will be used. 

[0014] The singular forms “a,” “an,” and “the” include plu- 
ral referents unless the context clearly dictates otherwise. 
Thus, for example, reference to “an arm” includes reference 
to one or more of such members and reference to “converting” 
refers to one or more such steps. 

[0015] As used herein with respect to an identified property 
or circumstance, “substantially” refers to a degree of devia- 
tion that is sufficiently small so as to not measurably detract 
from the identified property or circumstance. The exact 
degree of deviation allowable may in some cases depend on 
the specific context. 

[0016] Asused herein, “adjacent” refers to the proximity of 
two structures or elements. Particularly, elements that are 
identified as being “adjacent” may be either abutting or con- 
nected. Such elements may also be near or close to each other 
without necessarily contacting each other. The exact degree 
of proximity may in some cases depend on the specific con- 
text. 

[0017] As used herein, a plurality of items, structural ele- 
ments, compositional elements, and/or materials may be pre- 
sented in acommon list for convenience. However, these lists 
should be construed as though each member of the list is 
individually identified as a separate and unique member. 
Thus, no individual member of such list should be construed 
as a de facto equivalent of any other member of the same list 
solely based on their presentation in a common group without 
indications to the contrary. 

[0018] Concentrations, amounts, and other numerical data 
may be presented herein in a range format. It is to be under- 
stood that such range format is used merely for convenience 
and brevity and should be interpreted flexibly to include not 
only the numerical values explicitly recited as the limits of the 
range, but also to include all the individual numerical values 
or sub-ranges encompassed within that range as if each 
numerical value and sub-range is explicitly recited. For 
example, a numerical range of about 1 to about 4.5 should be 
interpreted to include not only the explicitly recited limits of 
1 to about 4.5, but also to include individual numerals such as 
2, 3, 4, and sub-ranges such as 1 to 3, 2 to 4, etc. The same 
principle applies to ranges reciting only one numerical value, 
such as “less than about 4.5,” which should be interpreted to 
include all of the above-recited values and ranges. Further, 
such an interpretation should apply regardless of the breadth 
of the range or the characteristic being described. 

[0019] In the present disclosure, the term “preferably” or 
“preferred” is non-exclusive where it is intended to mean 
“preferably, but not limited to.” Any steps recited in any 
method or process claims may be executed in any order and 
are not limited to the order presented in the claims. Means- 
plus-function or step-plus-function limitations will only be 
employed where for a specific claim limitation all of the 
following conditions are present in that limitation: a) “means 
for” or “step for” is expressly recited; and b) a corresponding 
function is expressly recited. The structure, material or acts 
that support the means-plus function are expressly recited in 
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the description herein. Accordingly, the scope of the inven- 
tion should be determined solely by the appended claims and 
their legal equivalents, rather than by the descriptions and 
examples given herein. 


Embodiments of the Invention 


[0020] Referring now to FIG. 1, an energy conversion sys- 
tem 10 is shown generally for extracting energy from the 
zero-point field of space. The system can include a primary 
transducer 12 which is designed to extract energy from the 
zero-point field of space in the form of kinetic energy. Multi- 
mode motion can be induced in a primary transducer along an 
oscillatory path. The multi-mode motion can include a pri- 
mary translational motion and a secondary motion such that 
abrupt changes in the primary translational motion are suff- 
cient to impart a momentum influx to the secondary motion. 
In one embodiment, the primary transducer can include a 
substrate 14 having an arm 16 rotatably coupled to the sub- 
strate. The substrate 1s generally confined to move along an 
oscillatory path. A secondary transducer 20a can be opera- 
tively associated with the primary transducer to covert the 
momentum influx into usable energy. Thus, the systems ofthe 
present invention provide an energy conversion system for 
extracting energy from the zero-point field of space. Gener- 
ally, the system includes a means for extracting momentum- 
energy from vacuum by the action of inertia and a means for 
converting the momentum-energy to usable energy opera- 
tively associated with the means for extracting momentum- 
energy. 

[0021] More particularly, the substrate 14 can be any suit- 
able member upon which a rotating arm 16 can be coupled or 
otherwise mounted. The substrate can be guided along the 
oscillatory path by any suitable mechanism such as, but not 
limited to, tracks, walls or the like. FIG. 1 shows a linear 
oscillatory path defined by a pair of tracks 18 along which the 
substrate can move. The substrate can move along the tracks 
via bearings, wheels, magnetically repulsive members, or any 
other suitable approach. Typically, it is most desirable to 
minimize friction between the substrate and tracks in order to 
maximize energy transfer to the secondary transducer. The 
substrate and arm can be formed of any suitable material 
which can be readily chosen based on designed parameters to 
meet various property requirements such as density, fracture 
strength, toughness, etc. Furthermore, the shape and contours 
of the substrate and arm can also be designed to minimize 
aerodynamic resistance due to the significant acceleration 
forces per unit of time experienced by the primary transducer. 
[0022] In one aspect of the present invention, the substrate 
has a substrate mass (m,) and the arm has an arm mass (m, ) 
such that a ratio of m, to m, is chosen to maximize a gain in 
kinetic energy (AKE) of the substrate. The rotating arm acts as 
the primary momentum influx extraction mechanism which 
experiences an inertial force acting opposite to the centripetal 
force acting on the rotating arm. A fraction of the inertial force 
is manifest at an axis of rotation which 1s rigidly attached to 
the substrate and which constrains the arm to rotate around 
this axis. The y-component of this force acting on the axis, 
denoted as the centrifugal reactive force, imparts an impulse 
on the substrate in the positive y-direction with respect to an 
x-y coordinate system when the arm rotates within the first 
quadrant of the said x-y coordinate system or imparts an 
impulse on the substrate in the negative y-direction when the 
arm rotates within the third quadrant of the said x-y coordi- 
nate system, such that the substrate experiences a net time- 
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rate influx of momentum from the zero-point energy field of 
space or an increase in the momentum of the substrate in 
either the positive or negative y-direction, depending on 
which quadrant the arm is rotating in. 


[0023] The oscillatory path can be a linear track 18 which 
defined on both ends by a pair of resilient stationary members 
20a and 206 oriented on either end of the linear track. During 
operation of the system, the primary transducer oscillates 
back and forth between the two stationary members. The 
approach at each end is accompanied by a transfer of kinetic 
energy of the primary transducer (e.g. substrate and arm) to 
the secondary transducer. The primary transducer can thus be 
coupled to the secondary transducer in a manner which allows 
for conversion of this kinetic energy to the secondary trans- 
ducer. For example, this can be accomplished by providing an 
at least partially or substantially inelastic collision with the 
resilient stationary members. As discussed in more detail 
below, various mechanisms can be effectively used to convert 
kinetic energy of the primary transducer into usable energy, 
e.g. via mechanical, thermal, and/or electromagnetic fea- 
tures. 


[0024] As can be readily appreciated, the arm and substrate 
need an initial input of energy from an external source to 
begin movement. The source of energy to initiate rotation of 
the arm can come from a conventional energy source, such as 
a battery. This external energy can be transferred to the arm 
such as by a coaxial motor, magnetic accelerator, external 
flywheel, or the like. For example, a drive motor can be 
operatively associated with the arm and configured to initiate 
rotational motion of the arm and sustain the rotational motion 
at a predetermined critical angular velocity. Another option is 
to provide a permanent magnet on the arm, e.g. at the free end, 
and a complimentary magnetic induction coil at a location 
external to the primary transducer. In this manner, an electric 
current applied to the induction coil creates a magnetic field 
sufficient to act on the permanent magnet and accelerate the 
arm. After a critical angular velocity is reached, the external 
source of energy (such as a battery, the power grid, etc.) for 
the motor or other suitable initiator mechanism can be 
switched to an alternative energy storage device such as col- 
lected energy. 


[0025] Referring now to FIG. 2, an alternative embodiment 
of the present invention is shown including an arm 22 and a 
secondary arm 24 each rotatably coupled to the substrate. In 
one embodiment, the secondary arm has an axis of rotation 
spaced apart from an axis of rotation of the arm 22. Alterna- 
tively, the secondary arm could share a common axis of 
rotation. In either case, the secondary arm is coupled to the 
arm such that both the arm and the secondary arm rotate at a 
common angular velocity and opposite rotational directions. 
Typically, the secondary arm also has a substantially identical 
mass and dimensions to that of the arm. In other words, the 
arms swing forward and back in the same cycle, with common 
y-coordinates and mirror x-coordinates. 


[0026] In one embodiment, a motor can drive the first arm, 
and the second arm can be driven by gears linked to the first 
arm, such that they are in syne with each other, rotating at the 
same angular speed but in opposite rotational directions. In 
such cases, the cosines of the rotation angle of each arm will 
always be equal in magnitude, but opposite in sign. Thus, the 
x-components of the centrifugal reactive force acting on each 
axis would be equal and opposite in direction, and therefore, 
they would cancel each other. As a result, the substrate having 
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two rotating arms will not impart compressive forces on the 
corresponding linear track along the x-axis during operation 
of the system. 


[0027] The kinetic energy of the primary transducer can be 
converted to usable energy twice for every full rotation of the 
arm(s), 1.e. once between the 0° position and the 90° position 
and once between the 180° and the 270° position. The optimal 
position of the arm at impact of the substrate with the station- 
ary member can vary but is generally in these ranges. Spe- 
cifically, as the arm approaches 90° or 270° the gain 
approaches 0 (see Example, Equation 3). Similarly, the 
momentum of the substrate at 0° and 180° is also O so the gain 
at those points would also be 0. A suitable secondary trans- 
ducer can thus be coupled with the primary transducer as a 
means for converting kinetic and momentum-energy of the 
substrate and arm into usable energy such as electrical, 
mechanical, or thermal energy. The secondary transducer can 
be an electromagnetic induction system, mechanical gear 
system, heat transfer system, piezoelectric system, or the like. 
For example, the means for converting the momentum-en- 
ergy can be an induction coil system, heat dissipater, mag- 
netic brake, friction brake, or linear to rotational motion trans- 
lator. A heat dissipater can include a substantially inelastic 
collision between the substrate and a set of bumpers. Heat 
generated by collision can be converted to energy through 
heat transfer to produce steam which can be used to drive a 
turbine, or other similar thermo-electric conversion devices. 


[0028] Inone specific embodiment of the present invention, 
the secondary transducer includes at least one induction coil 
system including a magnet and a complimentary conductive 
coil. The magnet can be physically coupled to the substrate 
and oriented to approach the complimentary conductive coil 
sufficient to induce electrical current therein during move- 
ment of the substrate along the oscillatory path. A similar 
magnet system can be incorporated into the arm as well. Such 
a secondary transducer can also be utilized as the initiator 
system by switching the energy source, 1.e. from an external 
battery to energy derived from the zero-point energy field. 
FIG. 3 illustrates a simplified version of such an electromag- 
netic-kinetic energy conversion system for the secondary 
transducer. In particular, a permanent magnet 30 can be 
coupled to each collision end of the substrate 33 having the 
arm 32 rotatably coupled thereto. An external induction coil 
34 can be oriented at a position (or positions) to allow the 
kinetic energy of the substrate to be progressively converted 
to electrical energy at each approach of the substrate to the 
stationary members 36. In another embodiment, a piezoelec- 
tric material such as a crystal or ceramic can be coupled to the 
stationary member. The force applied by the substrate to the 
piezoelectric material can generate an electric potential in 
response to the applied mechanical stress. Alternatively, the 
secondary transducer can include a mechanical coupling 
between the substrate and an energy translator. The energy 
translator can be a linear-to-rotational motion drive, heat sur- 
facing, or rack and pinion, although other mechanisms may 
also be suitable. 


[0029] Afterthe substrate collides with either ofthe station- 
ary members, the arm’s rotational speed can be replenished 
by a suitable arm accelerator. For example, an electro-magnet 
system can be oriented with a permanent magnet 38 at the free 
end of the arm with a corresponding external induction coil 
40. In this case, the arm can have a t-shape to allow the 
permanent magnet to be oriented substantially in-line with 
the magnetic field produced by the external electro-magnet 
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(although opposite signs). This allows for a maximum trans- 
fer of kinetic energy to the arm from the electro-magnet 
acceleration system. Alternatively, the permanent magnet and 
induction coil can be swapped. Typically, the t-portion 42 can 
have substantially equal mass on either end such that the 
center of mass lies along the arm axis. This electro-magnet 
can impart an impulsive torque to the arm in either the second 
or fourth quadrant (or at any point right after the collision of 
the substrate with a stationary member) as the permanent 
magnet attached to the arm passes closely to the electro- 
magnet. The advantage of this approach is that the arm’s 
rotation will be maintained substantially by electro-magne- 
tism without additional gears or mechanical losses due to the 
friction of such gears. This replenishment of the rotational 
speed of the arm can optionally be achieved by a motor in the 
second and fourth quadrant (or at any point right after the 
collision of the substrate with a stationary member) by using 
pulsed technology, wherein the power to the motor is only 
turned on in the second or fourth quadrant. 


[0030] In operation, the movement of the substrate can 
follow a linear oscillatory path having two endpoints while 
the arm(s) follows a cyclic path such that translational motion 
of the substrate in a y-direction along the oscillatory path 
substantially coincides with translational motion of the arm in 
the y-direction. Furthermore, the arm has two theoretical 
maximum energy transfer positions, the positions occurring 
twice for every cycle of rotation of the arm. Actual maximum 
energy transfer positions can be empirically determined anda 
collision swing angle adjusted to obtain a substantially maxi- 
mum in the usable energy, depending on the specific design, 
i.e. relative masses, arm length, rotational velocity, etc. 


[0031] There are at least two factors that impact the overall 
maximum energy gain of the system. For example, the sub- 
strate’s final kinetic energy before collision with a stationary 
member partly determines the maximum energy gain of the 
system. Maximum energy gain is also determined by the 
angular displacement of the arm at the time of the collision, 
the angular velocity of the arm, the linear velocity of the 
substrate prior to collision and the relative masses of the arm 
and substrate. 


[0032] During operation of the system, a full cycle of rota- 
tion of the rotator can be divided into the four conventional 
quadrants counter-clockwise. Upon start-up, the arm is initi- 
ated with a battery driven motor (or equivalent, such as an 
electro-magnet system) to reach a terminal velocity while 
holding the slider substrate stationary. The terminal velocity 
is determined by the friction in the system and the power 
transfer capabilities of the device that delivers power to the 
rotator to keep it rotating. After the rotator has reached this 
constant velocity, integrated sensors in the system release the 
slider just prior to the rotator arriving at its 0 degree position. 
The slider will begin to accelerate when the y-component of 
the centrifugal reactive force acting on the physical vertical 
axis attached to the slider is greater than any static friction 
force between the slider and its linear track. The angle of the 
rotator with respect to the x-axis at which angle the slider 
begins to accelerate is denoted as phi. During this first quad- 
rant rotation of the rotator, the power to the motor can be 
optionally turned off so that the rotator continues to rotate on 
its own rotational inertia. 

[0033] The distance between the front and back secondary 
transducers or stationary members can be adjusted such that 
the slider “collides” with this secondary front transducer 
when the rotator has rotated an angle less than 90 degrees (e.g. 
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15° to 75° although other ranges may be useful such as 
about)45° with respect to the x-axis which gives a maximum 
transfer of energy. 

[0034] In one embodiment, the secondary transducer can 
comprise a linear generator. The linear generator can include 
a coil or set of coils receiving the magnets attached to the 
slider, and all of the electronic and electrical circuitry asso- 
ciated with the linear generator must be able to handle a brief 
impulse of power if the slider is to come to a near stop quickly. 
The linear generator can be designed of sufficiently robust 
materials and capacity to handle this power surge. Alterna- 
tively, the secondary transducer can include a thermal con- 
version system or a piezoelectric device, as previously dis- 
cussed. More particularly, the stationary members and 
substrate can be designed to provide a substantially inelastic 
collision such that much of the kinetic energy of the substrate 
is converted to heat or electricity. In a thermal conversion 
process, the substrate and stationary member can accordingly 
be thermally linked to a water reservoir such that water is 
heated to steam, which drives an electrical generator. 

[0035] A thermal conversion process may be more effective 
for a large scale energy conversion system. A piezoelectric 
conversion process may be more useful for a small scale 
energy conversion system, such as an energy conversion sys- 
tem used in a micro-machine or other type of micro-electro- 
mechanical system (MEMS). 

[0036] After the slider comes to a complete stop after the 
collision of the slider with a stationary member a pulsed 
power source can be used to replenish the speed of the rotator 
back to its initial speed. There will typically be a loss in speed 
of the rotator due to friction and a replenishment of the speed 
of the rotator must happen twice every cycle after every 
collision of the slider with a stationary member. 

[0037] Based on the guidance provided herein, a speed of 
the rotational motion, relative masses of the arm and the 
substrate, geometry of the arm, and the geometry of the sub- 
strate can all be designed such that zero-point energy is uti- 
lized to maintain the movement of the substrate. Non-limiting 
examples of specific variables which can be adjusted include 
aerodynamic shape of the arm and substrate, length of the 
arm, materials of construction, density of substrate and arm, 
and the like. 

[0038] Theoretical Background 

[0039] Without being bound to any particular theory, it is 
thought that the principles of operation of the present inven- 
tion are governed by a theoretical backdrop described in more 
detail below. In summary, this theoretical backdrop indicates 
that the momentum influx to the primary transducer is a result 
of radiation pressure due to scattering in part of the electro- 
magnetic momentum-energy contained within the zero-point 
field of space opposite to the centripetal acceleration of the 
arm. The systems of the present invention can be sized and 
incorporated into a wide variety of applications which are 
currently occupied by conventional energy sources, e.g. bat- 
teries, power generators, fuel cells, and so forth. A more in 
depth description of one theory follows; however, it is under- 
stood that the following description is not exclusive, exhaus- 
tive or definitive of the underlying inventive concept. 

[0040] We begin a discussion with a rotating point particle 
with a mass of m,, and denote it as the rotator. One end of the 
rotator is attached to a vertical axis by a mass-less wire of 
length r, so that the rotator rotates freely counter-clockwise 
around this axis with two degrees of freedom in a plane 
parallel to the earth. The vertical axis 1s rigidly attached to a 
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second object denoted as the slider with mass m,. The slider 
is constrained to move along a linear track with one degree of 
freedom, coincident to the y-axis of an x-y Cartesian coordi- 
nate system. Initially, the axis of rotation is set at the origin of 
the coordinate system. 


[0041] The rotator is aligned coincident with the x-axis of 
the x-y coordinate system, such that the rotator is located at 
180 degrees with respect to the x-axis. The slider presses 
against a back bumper so that the slider cannot move in the 
negative y-direction. An impulse is applied on the rotator in 
the negative y-direction, causing the rotator to rotate counter- 
clockwise. The rotator rotates until 1t passes the O degrees 
point, and the slider moves in the positive y-direction at some 
angle after this 0 degrees point. Immediately prior to the 
movement of the slider, the initial tangential velocity of the 
rotator is denoted as v,. A short time interval later as the slider 
moves in the positive y-direction, the slider is allowed to 
make an inelastic collision with a front bumper at some angle 
0 of the rotator with respect to the x-axis. The tangential 
velocity of the rotator prior to the collision of the slider is 
denoted as v,. The post-collision tangential velocity of the 
rotator is denoted as v, The linear velocity of the slider prior 
to the collision of the slider is denoted as v.. 


[0042] The initial tangential kinetic energy of the rotator is: 
KE,otator iniia Mv; (1). 
[0043] With respect to the laboratory frame this represents 


the initial energy of the rotator-slider system. As the slider 
accelerates forward in the positive y-direction under the 
action of the y-component of the centrifugal reactive force on 
the axis, both the slider and the rotator acquire an equal 
instantaneous linear velocity in the positive y-direction, and 
therefore, a linear kinetic energy with respect to the labora- 
tory frame. By the conservation of energy, the tangential 
kinetic energy of the rotator must decrease, such that: 


ARE votator BE near stider KE gp oar rotator (2). 

Or: 

Yom v ¿Yom v =Yamoav +m v7 (2a). 
[0044] Rearranging, we have: 

Lom v7—-Yomv,7=omov 24m v? (3). 
[0045] That is, by the conservation of energy the pre-colli- 


sion total kinetic energy observed in the system must equal 
the initial kinetic energy of the rotator. 

[0046] Upon collision of the slider with the front bumper, 
the kinetic energy of the slider equal to Y2 m, v,” is essentially 
converted to thermal energy. The linear kinetic energy of the 
rotator is accounted for as follows. 

[0047] Taking 0 as the angle of the rotator at the time of 
collision, and by application of the Pythagorean Theorem, we 
have: 


Yom v2=Yom, sindOv?+12m, cos*Ov ? (4). 


[0048] The first term on the right side of the above equation 
represents the kinetic energy of the slider transformed to 
thermal energy upon collision of the slider. It 1s reasonable to 
assume that the energy described by the second term transfers 
and adds to the tangential kinetic energy of the rotator. 


[0049] The tangential kinetic energy of the rotator just prior 
to the collision is: 


KE tater a Yam 1 Ver (5 ) ` 


Aug. 12, 2010 


[0050] Adding the second term on the right of equation 4 to 
equation 5 to obtain the final post-collision tangential kinetic 
energy of the rotator, the answer would be: 


KE 


rotator post collision 

[0051] However, the above equation is incorrect because it 
was assumed the second term could be used in equation 4 to 
obtain the final result. This equation, derived from the 
Pythagorean Theorem, is correct from a conservation of 
energy perspective, but it cannot be used for post-collision 
analysis. The post-collision tangential kinetic energy of the 
rotator must first be obtained by vector addition of vector 
entities. 

[0052] The correct procedure is as follows. Just prior to the 
collision of the slider, the rotator has a linear velocity in the 
positive y-direction equal to the linear velocity of the slider. 
Thus, the rotator has a linear momentum in the positive y-di- 
rection equal to: 


=m va +m] cos*0v? (6). 


Protator MV (7 ) . 


[0053] At collision, a part of this momentum is transferred 
to the front bumper or the earth, and the amount of momentum 
transferred is equal to: 


Dosiper Sl 6m 1Vs (8). 


[0054] By the conservation of angular momentum the 
remaining momentum is transferred to the rotator, such that 
there is an increase in the post-collision angular momentum 
of the rotator, equal to: 


MV F=MVF+mM COS Ovr (9). 


[0055] Dividing both sides of the above equation by m, and 
r, we obtain: 


V=v_+cos Oy 10). 
f "a s 


[0056] Using the above, the correct expression for the final 
post-collision tangential kinetic energy of the rotator is 
derived, equal to: 


KE prc Mision 2M V +M Va cos Ov +2mM] 

cos?ðv, (11). 
[0057] Now, recalling equation 6, we have: 

KE citon Do collision 2M Va +m; cos O,” 
[0058] Subtracting the above two equations, the difference 


is obtained as: 
mjyv,, cos Ov, 

[0059] 
miv =m v tmv? +m v, 


[0060] 
giving: 


Recalling equation 3: 


2 


Substitute equation 4 into the last term of the above, 


Aam 1 vim IVa tmv? +m] siny? +m] 
cosy, 


[0061] 


Yom v¿=(Vam>v 2+Y2m, sinOv HAm v +m] 

cos’@y,”) (12). 
[0062] This isthe correct equation for the total energy ofthe 
system prior to the collision of the slider. Now take equation 
12 and substitute equation 11 for the last two terms in the last 
parentheses, giving the total energy of the system after the 
collision of the slider: 


Regroup the above as follows: 


KE fol (mv .+2m, sin Ov.~,.)+(Yam Va + 


mV, cos Ov,+12m, cos?0v,?) (13). 


Example 15.2.1 
v=u+at. Given that u = 6, v= 38 and a = 4, find the value of t. 


Substituting the values of u, v and a gives 38 = 6 + 4t. 
Subtracting 6 from both sides gives 4t = 32. 
Dividing both sides by 4 gives t = 8. 


Example 15.2.2 
In the formula a =kv*,a= 45 and k = 5. Find the value of v. 


Substituting the values of a and k gives 45 = 5v*. 

Dividing both sides by 5 gives v* = 9. 

Therefore v = 3 or v = —3. 
The number 3 is the positive square root of 9, written ./9, because 
3? = 9, and is positive. 


In general, x is the square root of a, written Ja, if x2 =a and x > 0. 
Insight 
All numbers have two square roots: one positive and one 
negative. So —3 is also the square root of 9 as (-3)? = 9. 
However, strictly speaking, the symbol ,/ means the positive 
square root only. If you need the positive square root of 9 
you should write V9 = 3 and if you need both square roots 
you should write + V9 =+3 (read as “plus or minus the 
square root of 9”). 


1 P= 3d. Find the value of d when P = 42. 

2 A=lb. Find the value of b when A = 108 and l = 9. 

3 y =4x- 3. Find the value of x when y = 7. 

4 P=2x+y.Find the value of y when P = 23 and x = 8. 


212 
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[0063] Where, the subscript represents the thermal energy 
transformed from kinetic energy after the collision of the 
slider. 


[0064] The left side of equation 12 represents the initial 
tangential kinetic energy of the rotator or the initial total 
energy of the system prior to collision. Equation 13 represents 
the total energy of the system after the collision. Clearly, there 
has been a gain in the total energy of the system by the amount 
of: 


AE=m,v,, cos Ov, 


[0065] Substituting vg for cos Ov,, the above can be 
expressed as: 


AE=MV.Vp 


[0066] By the first law of thermodynamics there must be an 
influx of energy-momentum to the system to account for this 
gain in energy. One possible explanation for the influx may be 
found in a paper that postulates inertia is due to a time rate 
change of incoming momentum flux to an accelerating object 
from the vacuum energy-momentum of space (A. Rueda & B. 
Haisch, Contribution to inertial mass by reaction of the 
vacuum to accelerated motion, Foundations of Physics, Vol. 
28, No. 7, pp. 1057-1108 (1998) which is incorporated herein 
by reference). The paper states: 


[0067] We demonstrate that from the point of view of a 
nearby inertial observer there exists a net energy and momen- 
tum flux (Poynting vector) of ZPF radiation transiting the 
accelerating object in a direction necessarily opposite to the 
acceleration vector. The scattering opacity of the object to the 
transiting flux creates the back-reaction force customarily 
called the inertial reaction. 


[0068] Ifthe above is true, then at the time of the collision 
of the slider an influx of momentum from the vacuum transits 
the rotator in the positive y-direction, opposite to the instan- 
taneous linear de-acceleration of the rotator and slider in the 
negative y-direction. A portion of this momentum, equal to 
m, cos Ov r, transfers to the rotator and increases its angular 
momentum by an amount found in equation 9, which was 
derived as a consequence of the conservation of angular 
momentum. 


[0069] It has been known since the last century that energy 
has inertia implied by Einstein’s equation E=m,c”. Rearrang- 
ing the equation, we see the mass equivalent of energy 
expressed as E/c*=m,. That is, energy in the form of radiation 
can interact with physical objects as if the energy had the 
properties of material objects—-momentum, etc. Hence, if we 
assume space is filled with an irrepressible average minimum 
vacuum energy as predicted by the Heisenberg uncertainty 
principle in part composed of electro-magnetic radiation, the 
interaction of accelerating objects with the photons compris- 
ing this radiation could indeed create a reaction force. For 
example, a photon contains momentum equal to: 


p=hv/e 


[0070] It is conceivable that photons “colliding” with the 
rotator opposite to the instantaneous linear de-acceleration of 
the rotator could transfer part of their momentum to the rota- 
tor. And if this were true, along with a transfer of momentum, 
energy would necessarily transfer also. For example, in the 
relativistic expression relating the relationship between 
kinetic energy and momentum we have: 


(Kmo) =p} +m y 
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[0071] Reduced to the Newtonian limit, the above can be 
expressed as: 


K=(p)*/(2mo) 


[0072] Hence, any increase in the angular momentum of the 
rotator due to this transfer of momentum from the vacuum 
must be accompanied by an increase in kinetic energy with 
respect to a laboratory frame. 

[0073] The above explanation is more plausible than any 
Machian explanation. One may incorrectly argue that the 
increase in energy is due to linear frame-dragging, the so- 
called Lens-Thirring effect, predicted by the general theory of 
relativity. To date, the Gravity Probe B experiment has not 
conclusively proven this effect, but even if it did, 1t would not 
have any bearing on this discussion. The frame-dragging 
effect is only observed in the de-accelerating frames of the 
rotator and the slider as the slider collides with the front 
bumper. It is not observed in the frame of the laboratory 
because the mass of the universe is obviously not accelerating 
with respect to this frame. To insist this effect must apply to 
the laboratory frame would violate the principle of relativity 
by implying the de-accelerating frames of the rotator and 
slider are preferred frames and the effects observed in these 
frames must be imposed in the frame of the laboratory. An 
explanation that only applies to the laboratory frame is dem- 
onstrated below. 


Example 


[0074] An experiment was performed to test if energy gain 
occurred in a rotator-slider system. The experiment tested two 
hypotheses. The momentum influx hypothesis (MIH) 
asserted there would be a gain in the post-collision rotational 
energy of the rotator, and therefore, a gain in the energy of the 
system as a whole by the action of an influx of energy- 
momentum to the system via inertia. The null hypothesis or 
classical hypothesis (CH) asserted there would be no gain in 
energy of the post-collision rotational energy of the rotator, 
and therefore, there would be no gain in the system as a whole. 
The null hypothesis was designated as the classical hypoth- 
esis because it takes the classical Newtonian assumption that 
inertia is an intrinsic property of matter, and therefore, could 
never affect a gain in energy of any system. The momentum 
influx hypothesis takes the position that inertia is an extrinsic 
property of matter a link to the vacuum energy of space under 
the right conditions. In the experiment the rotator is a physical 
object. The equations derived in this paper were derived for a 
point particle. Thus, we must modify the equations previously 
demonstrated by including the moment of inertia of the rota- 
tor. 
[0075] Expressed mathematically, the CH maintains the 
following: 

Yow 2=Yomov,24+4om, sinov + (Vol, ¿+ om y 

cos?0v 2) (1). 


[0076] The above essentially states that the post-collision 
energy ofthe rotator, the terms in parentheses, when added to 
the other terms, equals the initial rotational kinetic energy of 
the system. Thus, the energy of the system is conserved. 


[0077] The MIH is expressed mathematically as: 

Erais (2) 
1 1 oe 1 > 1 Wecos0@v, Icos* Ov,” 
¿mas + ¿Musin 0v + 310 + ae + 37 : 
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[0078] The terms in parentheses above represent the post- 
collision energy of the rotator derived from the conservation 
of angular momentum. When added to the remaining terms, 
the above is greater than equation 1 by the following, which 
expresses the gain in energy of the system: 


AF = we cosOy, A [cos*Oy,* 5 m\cos*6v," (3) 
r 2r? 2 

[0079] Where: 
[0080] I=the moment of inertia of the rotator 
[0081] œ ,=the angular velocity of the rotator prior to col- 
lision 
[0082] Ə=the angle of the rotator at the time of collision 
[0083] v =the linear velocity of the slider prior to collision 
[0084] r=the distance from the axis to the center of mass of 
the rotator 
[0085] In the experiment the post-collision energy of the 


rotator was measured and compared to the MIH and CH 
prediction. The collected data 1s in Table 1 while the results 
are presented in Table 2. 


[0086] In Table 1 and Table 2 the following terms are 
defined: 
[0087] jw =the measured angular velocity of the rotator 


prior to collision 


[0088] =the measured angle of the rotator at the time of 
collision 

[0089] v =the measured linear velocity of the slider prior to 
collision 

[0090] œ, =the measured initial angular velocity of the rota- 
tor 

[0091] jm the measured final post-collision angular veloc- 


ity of the rotator 


[0092] ke =the measured initial kinetic energy of the rotator 
[0093] ke, =the measured kinetic energy of the rotator prior 
to collision 

[0094] ke,the measured final kinetic energy of the rotator 
after collision 

[0095] m,=the mass of the rotator 

[0096] m>=the mass of the slider 

[0097] [=the moment of inertia of the rotator 

[0098] r=the radial distance from the axis to the center of 


mass of the rotator 


[0099] m, was 3.89 kg, m, was 1.97 kg, 1 was 0.403 kg m?, 
and r was 0.314 m. 
TABLE 1 
Wg 0 V, 0; Wy ke, ke, 
8.80 32.0 0.294 9.81 9.72 19.4 15.6 
8.80 34.5 0.450 9.54 9,44 18.3 15.6 
7.30 39.0 0.540 8.89 8.71 15.9 10.7 
7.33 45.0 0.622 9.62 9.17 18.6 10.8 
TABLE 2 


ke,-(J) MIH Prediction (J) CH Prediction (J) Net over CH (J) 


19.0 20.2 15.73 3.3 
18.0 21.5 15.87 2A 
153 16.2 11.08 4.2 
16.9 16.3 11.20 5.7 
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[0100] As can be seen, the net gain over CH predicted 
values was from about 13% to about 50%. 

[0101] The foregoing detailed description describes the 
invention with reference to specific exemplary embodiments. 
However, it will be appreciated that various modifications and 
changes can be made without departing from the scope of the 
present invention as set forth in the appended claims. The 
detailed description and accompanying drawings are to be 
regarded as merely illustrative, rather than as restrictive, and 
all such modifications or changes, if any, are intended to fall 
within the scope of the present invention as described and set 
forth herein. 


What is claimed is: 

1. An energy conversion system for extracting energy from 
the zero-point field of space, comprising: 

a) a primary transducer including a substrate having an arm 
rotatably coupled to the substrate, said substrate being 
confined to move along an oscillatory path; and 

b) a secondary transducer operatively associated with the 
primary transducer, the secondary transducer converting 
kinetic energy of the substrate and arm to usable energy. 

2. The system of claim 1, wherein the oscillatory path is a 
linear track defined by a pair of resilient stationary members 
oriented on both ends of the linear track. 

3. The system of claim 1, further including a drive motor 
operatively associated with the arm and configured to initiate 
rotational motion ofthe arm and sustain the rotational motion 
at a critical angular velocity. 

4. The system of claim 2, wherein the substrate has a 
substrate mass (m, ) and the arm has an arm mass (m,) such 
that a ratio ofm, to m, is chosen to maximize a gain in kinetic 
energy (AKE) of the substrate and the arm. 

5. The system of claim 1, further comprising a secondary 
arm rotatably coupled to the substrate and having a secondary 
axis of rotation spaced apart from an axis of rotation of the 
arm, said secondary arm being coupled to the arm such that 
both the arm and the secondary arm rotate at a common 
angular velocity and opposite rotational directions, and 
wherein the secondary arm has a substantially identical mass 
and dimensions to that of the arm. 

6. The system of claim 5, wherein the secondary arm 
rotates about a common axis of rotation with the arm. 

7. The system of claim 1, wherein the secondary transducer 
includes at least one induction coil system including a magnet 
and a complimentary conductive coil, such that the magnet is 
physically coupled to the substrate and oriented to approach 
the complimentary conductive coil sufficient to induce elec- 
trical current therein during movement of the substrate along 
the oscillatory path. 

8. The system of claim 1, wherein the secondary transducer 
includes piezoelectric material operable to convert a force 
applied by the substrate to the secondary transducer to an 
electric potential in response to applied mechanical stress. 

9. The system of claim 1, wherein the secondary transducer 
includes a mechanical coupling between the substrate and an 
energy translator. 

10. The system of claim 9, wherein the energy translator is 
a linear to rotational motion drive, heat surfacing, or rack and 
pinion. 

11. The system of claim 1, wherein the usable energy is 
mechanical, thermal and/or electrical energy. 

12. An energy conversion system for extracting energy 
from the zero-point field of space, comprising a means for 
extracting momentum-energy from vacuum by the action of 
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inertia and a means for converting the momentum-energy to 
usable energy operatively associated with the means for 
extracting momentum-energy. 

13. The system of claim 12, wherein the means for extract- 
ing momentum-energy is a substrate having an arm rotatably 
coupled to the substrate which substrate is confined to move 
along an oscillatory path. 

14. The system of claim 12, wherein the means for con- 
verting the momentum-energy is an induction coil system, 
heat dissipater, magnetic brake, friction brake, or linear to 
rotational motion translator. 

15. A method of extracting energy from the zero-point field 
of space, comprising: 

a) inducing rotational motion of an arm rotatably mounted 
to a substrate which is confined to move along an oscil- 
latory path and wherein the rotational motion is suff- 
cient to impart movement of the substrate along the 
oscillatory path; and 

b) converting momentum-energy of the substrate to usable 
energy. 

16. The method of claim 15, wherein a speed of the rota- 
tional motion, relatrve masses of the arm and the substrate, 
geometry of the arm, and the geometry of the substrate are 
designed such that zero-point energy is utilized to maintain 
the movement of the substrate. 

17. The method of claim 15, wherein the inducing is 
accomplished by a drive motor. 

18. The method of claim 15, wherein the movement of the 
substrate follows a linear oscillatory path having two end- 
points and the arm follows acyclic path such that translational 
motion of the substrate in a y-direction along the oscillatory 
path substantially coincides with translational motion of the 
arm in the y-direction. 
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19. The method of claim 18, wherein the arm has two 
theoretical maximum energy transfer positions that occur 
twice each full cycle of the arm, corresponding to two angles 
of the arm with respect to an x-axis, which angles occur 
simultaneously at the time of collision of the substrate with a 
stationary member. 


20. The method of claim 15, wherein the step of converting 
is accomplished by inductive coupling of conductive wire and 
at least one magnet. 


21. The method of claim 15, wherein the usable energy is 
mechanical, thermal and/or electrical energy. 


22. The method of claim 15, further comprising inducing 
rotational motion in a secondary arm in an opposite direction 
to that of the arm such that motion along the oscillatory path 
of each of the arm and the secondary arm substantially coin- 
cide with each other. 


23.A method of extracting energy from the zero-point field 

of space, comprising: 

a) inducing multi-mode motion in a primary transducer 
along an oscillatory path, wherein the multi-mode 
motion includes a primary translational motion and a 
secondary motion such that abrupt changes in the pri- 
mary translational motion are sufficient to impart a 
momentum influx to the secondary motion; and 


b) converting the momentum influx to usable energy. 


24. The method of claim 23, wherein the momentum influx 
is a result of radiation pressure due to scattering in part of the 
electro-magnetic momentum-energy contained within the 
zero-point field of space opposite to centripetal acceleration 
of the arm. 


5 P=2l-+ 2b. Find the value of b when P = 28 and l = 8. 
6 | == PRT. Find the value of R when / = 360, P = 1500 and T = 6. 
7 s=“.Find the value of d when s = 84 and t = 1.5. 
8 v=u-+at. Find the value of a when v = 13,u=25 and t = 4. 
9 P=2(l+b). Find the value of | when P = 16 and b = 3. 
10 s=ut + Jat’. Find the value of u whens = 52,t=4anda=5. 
11 a=rw?. Find the value of w when a = 75 andr=3. 
12 S=79t Find the value of t when s = 80 and g = 10. 
13 P=“. Find the value of V when P = 20 and R= 5. 
14 F =. Find the value of v when F = 24,m=8 and r = 12. 


r 


15.3 Changing the subject of a formula 


The techniques needed to change the subject of a formula are the 
same as those you used to solve equations in Chapter 13. Formulae 
are really equations. You must do the same to both sides of a 
formula, just as you did the same to both sides of an equation. 


For example, to make / the subject of the formula A = lb, divide 
both sides by b, obtaining + =/, which is / = 4. Similarly, to make b 
the subject, divide both sides by /, obtaining b = 4. 


: Example 15.3.1 
: Make P the subject of the formula + = k. 


Multiply both sides by T: PV=kT 
Divide both sides by V: p=4 


: Example 15.3.2 
: Make h the subject of the formula A =bh. 


Multiply both sides by 2: 2A =bh 
Divide both sides by b: h=% 
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: Example 15.3.3 


Make t the subject of the formula v =u +at. 
- Subtract u from both sides: v—u=at 
Divide both sides by a: t=“ 


: Example 15.3.4 


Make u the subject of the formula /=m/(v—u). 


: Expand the brackets: /=mv—mu 
- Add mu to both sides: mu +l=mv 
. Subtract / from both sides: mu=mv-! 
Divide both sides by m: yy == 
Insight 


A common mistake is to only divide part of the right-hand 
side by m. However, for the formula to balance, both terms 
must be divided by m. 


1 In each part, make the letter in brackets the subject of the 


formula. 

(a) V=/R (R) (b) V= bh (b) 
(c) E=mgh (h) (d) P = 2x+y (y) 
(e) 5=2 (7) (f) V=2Ah (h) 
(g) | = 2 (R) (h) =k v 
(ip=a+b+c (a) (j) P=2x+y (x) 
(k) v=u-—gt (u) (l) v=u+at (a) 
(m) v=u- gt (t) (n) P= 2(1+b) (D) 
(0) /=m(v-u) (v) (p) S = 180n — 360 (n) 
(q) 2S=a+b+c (a) (r) A= ten (a) 
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THINGS TO REMEMBER 


» A formula is a rule expressed in symbols for working 
something out. 


> The plural of formula is formulae. 


> You don’t write x symbols in a formula. So A = lw means 
A=lxw. 


> The subject of a formula appears on its own on the left-hand 
side and does not appear on the right-hand side. For example, 
in the formula v = u + at, v is the subject. 


> You can evaluate the subject of a formula by substituting 
the values of the other variables (letters or symbols) into the 
formula. 


> You can evaluate another term which is not the subject by 
substituting into the formula the values you are given and then 
solving the resulting equation. 


> 416 means the positive square root of 16; so N16 = 4. 
16 has two square roots 4 and —4. The context of the problem 
determines whether or not the negative square root is needed. 


> You can change the subject of a formula by rearranging it 
using the same techniques as when solving an equation. 
You must make sure that you do the same thing to both 
sides of the formula so that it balances. 
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Circles 


In this chapter you will learn: 

e the names of parts of a circle 

e howto find the circumference of a circle 
e howto find the area of a circle 

e howto use two circle properties. 


16.1 Introduction 


A circle is a plane curve, every point of which is the same 
distance from a fixed point, called the centre of the circle. This 
distance from the centre to a point on the circle is the radius. 
(See Figure 16.1.) 


Circle 


Diameter 


Figure 16.1 Figure 16.2 


A straight line which joins two points on the circle and passes 
through the centre is a diameter. (See Figure 16.2.) So a diameter 
divides a circle exactly in half, or, the diameter bisects the circle. 


This was one of the fundamental propositions of Thales (c. 600 Bc), 
on which classical geometry was based. 


A diameter divides a circle into two semicircles and is a line of 
symmetry. As you can draw an infinite number of diameters on a 
circle, you can also draw an infinite number of lines of symmetry. 
Similarly, the order of rotational symmetry of a circle is also 
infinite, as a tracing of a circle can be rotated to fit on top of itself 
in an infinite number of different positions. 


A diameter is twice as long as a radius. If you use d to stand for the 
diameter and r to stand for the radius, then d = 2r. 


An arc is a part of a circle. The word ‘arc’ comes from the Latin 
for ‘bow’. The shaded area in Figure 16.3 formed by an arc 

and two radii is a sector. You met this term in Chapter 6 as the 
mathematical name for the ‘slice’ of a pie chart. 


Arc Tangent 


Figure 16.3 Figure 16.4 Figure 16.5 


A straight line joining two points on a circle is a chord. A diameter is, 
therefore, a special type of chord. 


The shaded region in Figure 16.4 formed by an arc and a chord 

is called a segment. The straight line in Figure 16.5 which just 
touches a circle is a tangent, from the Latin for ‘touch’. A line is a 
tangent to a circle if, when extended in either direction, it meets the 
circle only once. 
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16.2 Circumference of a circle 


Circumference is the special name of the perimeter of a circle, that is, 
the distance all around it. The word is derived from the Latin circum, 
meaning “round”, and fero, meaning “carry”. 


If you measure the circumferences and diameters of some circular 
objects and then, for each one, work out the value of Hunter 

you should find that your answer is always just over 3. In fact, the 
value of “reumterencee ig the same for every circle and is denoted by the 


diameter 


Greek letter 7, pronounced ‘pie’. So for every circle 


circumference _ 


diameter 


William Jones, an Englishman, was, in 1706, the first mathematician 
to use 7 in this way, probably because 7 is the first letter of the 
Greek word peripheria, meaning ‘periphery’ or ‘boundary’. 


Archimedes (c. 225 Bc) showed that the value of 7 is between 34 
and 32. Using modern computing techniques, its value has been 
calculated to over six billion decimal places but it cannot be found 
exactly as the decimal never recurs or terminates. 


To perform calculations involving z, use the z key on your 
calculator. If you do not have a z key, 3.14 or 3.142 is sufficiently 
accurate for all practical purposes. 


Insight 
There are many memory aids to help you remember the first 
few digits of z. One such example is: ‘May I draw a round 


perimeter?’ Count the number of letters in each word and 
you get 3.14159. 


Using C to stand for the circumference of a circle and d to stand 
for its diameter, you can write the result Eure = 7 as £= z. 


diameter 


Multiplying both sides by d, you obtain the formula C = zd. 


So, to find the circumference of a circle, you multiply its diameter 
by 7. The same units must be used for the circumference and 
the diameter. 


Example 16.2.1 


The diameter of a circle is 6.3 cm. Calculate its circumference. 
Give your answer correct to three significant figures. 


If C cm is the circumference, then C = z x 6.3 = 19.8, so the 
circumference is 19.8 cm, correct to three significant figures. 
If you are told the radius of a circle and want to find its 
circumference, you could first double the radius to obtain the 
diameter and then multiply the result by z. 


Alternatively, using r to stand for the radius of the circle, you 

can replace d by 2r in the formula C = zd. This gives C = 7 x 2r, 
usually written as C = 2zr. In this formula, the same units must be 
used for the circumference and the radius. 


Example 16.2.2 


The radius of a circle is 1.96 m. Calculate its circumference. Give 
your answer correct to three significant figures. 


If C mis the circumference, then C = 2 x m x 1.96 = 12.3, so the 
circumference is 12.3 m, correct to three significant figures. 


If you know the circumference of a circle and want to find its 
diameter, you could substitute the value of C in the formula 
C = zd and then solve the resulting equation. 


Alternatively, you can make d the subject of the formula C = zd. 


Dividing both sides by z gives d = £. So, to find the diameter of a 
circle, you divide its circumference by z. 
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Example 16.2.3 


The circumference of a circle is 57.8 cm. Calculate its diameter. 
Give your answer correct to three significant figures. 


As d=£,d= 248 = 18.4. The diameter is 18.4 cm, correct to three 
significant figures. 
If you know the circumference of a circle and want to find its 
radius, you could find the diameter of the circle and then halve 
your answer. 


Alternatively, you could make r the subject of the formula C = 2zr. 


Dividing both sides of the formula by 27 gives r ==. So, to find 
the radius of a circle, you divide its circumference by 27. 


Give all answers correct to three significant figures. 


The diameter of a circle is 3.7 cm. Calculate its circumference. 
The radius of a circle is 6.34 m. Calculate its circumference. 
The circumference of a circle is 76 cm. Calculate its diameter. 
The circumference of a circle is 97 m. Calculate its radius. 
The diameter of the Earth at the equator is 12 756 km. Calculate 
the circumference of the Earth to the nearest hundred km. 
6 The minute hand of Big Ben is 3.35 m long. How far does the tip of 
this hand move in 30 minutes? 
7 The diameter of a bicycle wheel is 71 cm. 
(a) Calculate the circumference of the wheel. 
(b) Calculate the number of revolutions the wheel makes when 
the bicycle travels 1 kilometre. 
8 The largest Big Wheel in the world has a circumference of 200 m. 
Calculate its radius. 


UR UN = 
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16.3 Area of a circle 


One of the most famous problems of antiquity was to construct, 
using only compasses and a straight edge, a square whose area 
is equal to that of a given circle. In fact, the task is impossible, 
precisely what is meant today when someone is said to be trying 
to “square the circle”. 


In attempting this problem, however, the Greeks developed 
methods of finding the area of a circle. One of these was the 
“method of exhaustion”, in which a regular polygon was drawn 
inside the circle and its area calculated. The more sides the regular 
polygon has, the nearer its area is to the circle; the area between 
the polygon and the circle is ‘exhausted’. (See Figure 16.6.) 


ABO 


Figure 16.6 


The area of a polygon was found by splitting it 
up into triangles by drawing lines from the centre 
of the circle to each vertex of the polygon. The 
area of each triangle, and thus the area of the 
polygon, were calculated. Figure 16.7 shows a 
regular octagon with perimeter P. It has been 
split into eight triangles with vertical height h. Figure 16.7 
The length of the base of each triangle is FP. 

The area of each triangle is 4 x 4P x h. 


So the area of the octagon is 8 x + x ¿P x h = $Ph or, in words, 
area of polygon = + x its perimeter x vertical height of triangle. 


The same result is true for any regular polygon. As the number 
of sides of the polygon increases, the polygon becomes more and 
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more like a circle. Its perimeter is almost equal to the circumference 
of the circle and the vertical height of each triangle is almost equal 
to the radius. Thus, 


1 
area of a circle = z X circumference x radius. 
Using A for the area of a circle, r for its radius and 27r for the 
circumference, you get A = + x 27r x r. This simplifies to A = zr. 


Example 16.3.1 


The radius of a circle is 6.7 cm. Calculate its area. Give your answer 
correct to three significant figures. 


If A cm? is the area, A = 7 x 6.7? = 141, so the area of the circle is 
141 cm”, correct to three significant figures. 


Insight 
It is important to recognize that the area of the circle is not 
(zx 6.7)?; you must find 6.7? first, and then multiply by z. 


You can avoid major errors like this by making an estimate 
of the answer. In this case, m x 6.77 = 3 x 77=3 x 49 = 150. 


If you are told the diameter of a circle and want to find its 
area, you must first find the radius by halving the diameter. 


o000000000000000000000000000000000000000000000000000000000000000000000000000000000000000000000000o0o0o0o00a 


Example 16.3.2 


The diameter of a circle is 9.56 m. Calculate its area. Give your 
answer correct to three significant figures. 


Let rm be the radius and A m° be the area. Then r= 5 x 9.56 = 4.78, 
and A = 7 x 4.78? = 71.8. So the area of the circle is 71.8 m?, correct 
to three significant figures. 
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If you know the area of a circle and want to find its radius, you 
substitute the value of A in A = zr’ and solve the resulting equation. 


Example 16.3.3 


The area of a circle is 70 cm*. Calculate its radius. Give your answer 
correct to three significant figures. 


In A = ar’, substituting 70 for A gives 70 = xr. 
Dividing both sides by x gives r’ = 2 = 22.28... 


Then r=./22.28... = 4.72 so the radius is 4.72 cm, correct to three 
significant figures. 
Note that r = -v 22.28... also solves the equation 70 = xr? but the 


radius of a circle must be positive. 


Give all answers correct to three significant figures. 


The radius of a circle is 26.3 cm. Calculate its area. 

The diameter of a circle is 28 m. Calculate its area. 

The area of a circle is 100 cm”, Calculate its radius. 

The area of a circle is 58 cm”. Calculate its diameter. 

The radius of a semicircle is 7.31 m. Calculate its area. 

The sides of a square piece of metal are 22 mm long. A hole with 
a diameter of 8 mm is drilled in the piece of metal. Calculate the 
area of metal which remains. 

7 Two concentric circles (circles having the same centre) have radii 
of 4.7 cm and 6.9 cm. Calculate the area of the ring between the 
circles. (It is called an annulus.) 

8 The diameter of a circular pond is 8 m. The pond has a path, which 
is 1 m wide, around it. Calculate the area of the path. 

9 The radius of a circle is 10 cm. How many times greater is its area 
when its radius is doubled? 

10 A farmer has 200 m of fencing. He arranges it in a circle. Calculate 
the area he encloses. 
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16.4 Two properties of circles 


In Figure 16.8, AB is a chord of a circle 
centre O. 


The mid-point of AB is M. The line OM is a 
line of symmetry so it is perpendicular to the 
chord AB. 


Figure 16.8 


In general, the line joining the centre of a circle to the mid-point of 
a chord is perpendicular to the chord. 


The converse, or opposite, of this is also true: a line drawn from 
the centre of a circle perpendicular to a chord bisects the chord. 
Insight 
Remember two lines are perpendicular when they are at right 
angles, and bisect means to cut exactly in half. 


: Example 16.4.1 


- Inthe figure, O is the centre of the circle and R is 
: the mid-point of the chord PQ. Angle OPR is 54°. 
- Find the size of the angle marked x. 


: Angle PRO = 90° (OR is perpendicular to PQ) 
: x +90° + 54° = 180° (angles in a triangle), so 
- x +144° = 180°, giving x = 36° 
Alternatively, you could find angle POO which is 

180° — 2 x 54° = 72°, and then use the fact that OR is a line 

of symmetry. OR therefore bisects angle POQ, and it follows 

that angle POR = $ x 72° = 36°. 
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In Figure 16.9, O is the centre of a circle. 
A tangent touches the circle at T. The 
radius, OT, is a line of symmetry, so it is 
perpendicular to the tangent. 


In general, a radius drawn to the point where 
a tangent touches a circle is perpendicular to T 
the tangent. Figure 16.9 


: Example 16.4.2 


In the diagram, PQ is the tangent at T to a circle centre O. 
Angle PTR = 47°. Calculate the size of the angle marked y. 


Angle PTO = 90° (radius is perpendicular to 
- tangent) 

Angle RTO = 90° — 47° = 43° 

Angle TRO = 43° (triangle ORT is isosceles) P47? 
: 43° + 43° + y = 180° (angle sum of triangle) S 
- giving y + 86° = 180°, so y = 180° — 86° = 94° Q 


Find the size of each of the angles marked with letters. O is the centre 
of the circle in every question, and in questions 3—6 a tangent is drawn 
to the circle. 


(Contd) 
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THINGS TO REMEMBER 


> The radius, r, is the distance from the 
centre of a circle to a point on the circle. \ 
The plural of radius is radii. Radius 


> A diameter divides a circle into two 
semicircles and is a line of symmetry. 


Diameter 


> The diameter, d, is twice as long as a radius, r. So d = 2r. 

. . Arc 

> An arc is a part of a circle. The shaded area 
formed by an arc and two radii is a sector. 


> A straight line joining two points on a circle 
is a chord. The region formed by an arc and 
a chord is called a segment. 


> The circumference is the perimeter of a circle. 


> The circumference, C, of a circle is found using the formulae: 
C=mdorC=2 mr.: 
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> The area, A, of a circle is found using the formula A = ar”. 


> A tangent is a straight line that touches a 
circle only once. 
- 
> A radius and a tangent meet at right angles. 
NM 


> A line drawn from the centre of a circle perpendicular to a 
chord bisects the chord, i.e. it cuts the chord exactly in half. 


> A line drawn from the centre of a circle 
to the mid-point of a chord cuts the chord 
at right angles. 
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Probability 


In this chapter you will learn: 

e the meaning of ‘probability’ 

e howto find and use relative frequency 

e howto find the probability of single events and of two events 
¢ howto find and use expected frequency. 


171 Introduction 


The probability of an event is a measure of the likelihood that 

the event will occur. Probability ranges from 0, when the event is 

impossible, to 1, when the event is certain to happen, although, as 
Benjamin Franklin wrote, ‘In this world nothing can be said to be 
certain but death and taxes.” 


Sometimes information from the past is used to predict the 
probabilities of future events. For example, since about 1700, life 
insurance companies have used mortality tables to estimate life 
expectancies and thus to set their premiums. 


The study of probability has its origins in the mid-sixteenth century, 
when mathematicians, notably Cardan and Tartaglia, attempted to 


answer questions arising in gambling. It was to be another 100 years, 


however, before the Frenchmen Blaise Pascal and Pierre de Fermat 
developed probability theory — in effect, the laws of chance. 
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Today, probability is widely used in science and industry, its 
applications ranging from genetics and quantum mechanics 

to insurance. Laplace, himself a leading figure in the field of 
probability, called it a science which began with play but evolved 
into “the most important object of human knowledge”. 


You can show the probability of an event on the probability scale 
in Figure 17.1. 


Impossible Unlikely Evens Likely Certain 
Dae 
0 0.5 1 
you will get a a coin will the sun 
7 when you come down will rise 
roll a dice tails tomorrow 
Figure 17.1 


17.2 Relative frequency 


The relative frequency of an event is defined as 


number of times event occurs 
total number of trials 


One way of estimating the probability of an event is to carry out 
an experiment, or trial, a number of times and to find the relative 
frequency of the event. 


For example, if you had a bag of coloured beads and wanted to 
estimate the probability that you will pick a red bead, you could, 
without looking, pick a bead from the bag, record its colour and 
replace it. Suppose that you carried out this experiment 20 times 
and picked a red bead on 9 occasions. Then 

. number of times event occurs 9 
relative frequency = JAA = — 

total number of trials 20 
The relative frequency, +, estimates the probability of picking a red 
bead. This result may also be given as a decimal or a percentage but 
not in any other form. The more times you carry out the experiment, 
the more accurate your estimate of the probability is likely to be. 
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1 John spun a coin 50 times. It came down tails 29 times. Find the 
relative frequency of it coming down tails. Give your answer as 
(a) a fraction, (b) a decimal, (c) a percentage. 

2 Kate spun a coin 80 times. It came down heads 34 times. Find the 
relative frequency of it coming down 
(a) heads, (b) tails. 

3 David rolled a dice 100 times. He got a six 22 times. Find the 
relative frequency of him getting a six. 

4 Without looking, Sharon picked a bead from a bag of coloured 
beads, recorded its colour and then replaced it. She did this 60 
times and picked a blue bead on 12 occasions. Find an estimate 
for the probability that she will pick a blue bead. 

5 Paul picked a card from a pack, recorded its suit and then 
replaced it. He did this 40 times and picked a heart on 
12 occasions. Find an estimate for the probability that he 
will pick a heart. 


17.3 Probability of a single event 


You can find the probability of an event using 


eeee0e0neveeeee3eweeeeeweeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeweeeeeeeweeeeeeeeeeee @ 


a number of successful outcomes 
Probability = 22 ____——1#\1_ 
total number of possible outcomes 


If you spin a coin, there are two possible outcomes, heads or tails. 
If the coin is fair, or unbiased, each of these outcomes is equally 
likely. Taking a head as the ‘successful’ outcome, 


probability of a head = + 


Instead of repeatedly writing the word ‘probability’, you can use 
the letter P and write simply, P(head) = +. 


As probability is expressed as a fraction, decimal or percentage, 
you could also write P(head) = 0.5 or P(head) = 50%. 
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: Example 17.3.1 


: A fair dice is rolled. Find the probability that the number obtained is 
(a) a5, (b) an odd number, 
(c)a2ora3, (d) less than 7. 


: There are six possible outcomes and they are all equally likely. 
: (a) As there is only one 5 on the dice, P(5) = 1, 
(b) There are three odd numbers on the dice, so P(odd no.) = 2= 4. 
(c) A 2 or a3 is a ‘success’, so P(2 or 3) =2=—. 
(d) As all the numbers on a dice are less than 7, the number obtained 
will be less than 7. Thus, P(number less than 7) =1. 
In part (c) of Example 17.3.1, P(2) = + and P(3) = , so, in this 
case, P(2 or 3) = P(2) + P(3), and you could have added the 
probabilities. This is because the two events cannot both occur 
and are said to be mutually exclusive. 
Insight 
Two events are mutually exclusive when once one event 
has occurred it excludes the possibility of the other event 
occurring and vice versa. For example, you can’t roll a dice 
and get a 3 and an even number at the same time; the event 
‘setting a 3’ excludes the possibility of the event ‘getting an 
even number’ and vice versa. 
If the events are not mutually exclusive, adding the probabilities 
would be incorrect. 


For example, if you wanted to find the probability of an odd number 
or a multiple of 3, then the numbers 1, 3, 5 and 6 satisfy the criteria, so 
P(odd number or a multiple of 3) = 4 = 4 
But 

P(odd number) = 2 = 4 

and 

P(multiple of 3) = 2 = 4 
SO 

P (odd number or a multiple of 3) # P(odd number) + P(multiple of 3) 
(The sign + means ‘is not equal to.”) 
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This is because, the number 3 satisfies both criteria, and the events 
“odd number” and “multiple of 3” are not mutually exclusive. 


In the following example, the term “at random” means that every 
bead has an equal chance of being selected. 


: Example 17.3.2 


} There are 9 beads in a bag. 2 beads are red, 3 beads are green and 4 
beads are blue. A bead is picked at random. Find the probability it will be 
(a) red, (b) red or green, (c) black, (d) not red. 


(a) There are 2 red beads, so P(red) =<. 
(b) 5 beads are red or green, so P(red or green) = 2. (Note that these 
two events are mutually exclusive.) 
(c) There are no black beads in the bag so it is impossible for one to 
be picked. Therefore P(black) = 0. 
(d) 7 of the beads are not red, so P(not red) = Z. 
In part (d), P(not red) = 1 — P(red). In general, if the probability 
that an event will occur is p, then the probability that the event will 
not occur is 1 — p. For example, if the probability that it will rain 
tomorrow is 0.7, the probability that it will not rain tomorrow is 


1 - 0.7 = 0.3. 

Insight 
When an event is certain it has a probability of 1. Any event 
will either happen or not happen so 
P(event happens) + P(event doesn’t happen) = 1. 


1 A fair dice is rolled. Find the probability of obtaining 
(a) a6, (b) an even number, 
(c) a prime number, (d) a4ora5. 
(Contd) 
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2 A fair spinner has the numbers 1, 2, 3, 4 and 5 on it. Find the 
probability that it will land on 
(a) a 1, (b) an odd number, (c)a3ora 4, 

(d) a 6, (e) an even number or a prime number, 
(f) a number other than 5. 

3 There are 10 beads in a bag. 5 beads are black, 3 beads are 
white and 2 beads are red. A bead is picked at random. Find the 
probability that it will be 
(a) white, (b) black or red, 

(c) not white, (d) not blue. 

4 Acard is picked at random from a pack of 52. Find the probability 
that it will be 
(a) the queen of hearts, (b) a king, 

(c) a club, (d) a red card, 
(e) a king or a queen, (f) an ace or a spade. 

5 A letter is chosen at random from the word MATHEMATICS. Find 
the probability that it will be 
(a) an H, (b) an M, (c) aB, 

(d) a vowel, (e) an Sorat, (f) other than an A. 

6 Inaraffle, 500 tickets are sold. George buys one ticket and 
Julia buys five. There is one winning ticket. Find the probability 
that 
(a) George will win, (b) Julia will win. 

7 The probability that Sally will be late for work tomorrow is $. 
What is the probability that she will not be late for work? 

8 My drawer contains grey socks, brown socks and black socks. | pick 
a sock at random. The probability that it will be a grey sock is 0.5 
and the probability that it will be a brown sock is 0.2. What is the 
probability that it will be a black sock? 


17.4 Two events 


If you spin two coins, you can get two heads, two tails or one 
of each. If you spin two coins 100 times, you will find that you 
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get two heads about 25 times, two tails about 25 times and one 
of each about 50 times. To explain this, there are four possible 
outcomes which you can show in a list. 


HH HT TH TT 


Alternatively, you can show the possible outcomes on a diagram 
like Figure 17.2; each cross represents one of the four possible 
outcomes. 


Second coin 
When you spin two coins, the probabilities T H 
that you will get two heads, two tails and STÍx X 
. . l 1 1 d O 
a head and a tail are respectively $, + an = 
Z = 1, The sum of these three probabilities © H |X a 
is 1, as one of them is certain to happen. Figure 17.2 


When you spin two coins, the outcome for one coin has no effect 
on the outcome for the other coin. The events are said to be 
independent. 
Insight 
If a fair coin lands head nine times in a row, the probability 
of throwing a head on the tenth throw is still 0.5 because 
the events are independent. Although, of course the event 
“throw 10 heads in a row” is itself very unlikely — but that 
would be a different question altogether! 
Rolling two dice is another example of two independent events. 
You can show the 36 possible outcomes as a list, rather like 
coordinates. 


(1, 1) 
(1, 2) 
(1, 5) 
(1, 4) 
(1, 5) 
(1, 6) 
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You can also show the outcomes on a 


diagram, where each cross represents Second dice 

one of the 36 possible outcomes. See 1234556 
Figure 17.3. Using either the list or the 1|x x x xX xX X 
figure, you can find, for example, that y 2|x X X X X x 
the probability of a double six is + 5 SIN XXX KX 
or the probability that the sum of the E 4|x xxx xX x 
numbers on the two dice is 4 is 3% or 5|xX xxx ox ox 
+. In the latter case the table in 6|\x% XXX x x 


Figure 17.4 showing the sum of Figure 17.3 
the two numbers for all 36 possible 
outcomes is helpful. 
Insight 
Diagrams like these are sometimes called probability 
space diagrams or sample space diagrams. Always work 
systematically when listing all possible outcomes. 
You can use the table in 
Figure 17.4 to help you find, for 
example, the probability that the 


Second dice 
+ 1 2 3 4 5 


sum of the numbers on the two dice 112 

is more than 10. Of the 36 sums in o 2|3 4 5 6 7 

the table, 3 are more than 10, so 33/4 5 6 7 8 9 

Pisunie10)=—, = 55: 24/5 6 7 8 9 10 
516 7 8 9 10 11 
61/7 8 9 10 11 12 


There are 6 possible outcomes for 
one dice and 36 (= 6 x 6) possible Figure 17.4 
outcomes for two dice. Similarly, there 

are 2 possible outcomes for one coin and 4 (= 2 x 2) possible 
outcomes for two coins. This suggests that you multiply the 
number of possible outcomes for each of the separate items to 
find the number of possible outcomes for a combination of the 
two items. 
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: Example 17.4.1 


- A coin is spun and a dice is rolled. 
(a) How many possible outcomes are there? 
(b) Show all the possible outcomes on a diagram. 


(c) Find the probability of obtaining (i) a head and a5, (ii) a tail and 
an even number. 


(a) There are two possible outcomes for a coin and six possible 
outcomes for a dice. So, for the coin and the dice together, there 
are 2 x 6 = 12 possible outcomes. 

(b) See the figure below. 

(c) (i) P(H, 5) = P(H and 5) = 4. 

(ii) Three possible outcomes have a tail and an even number: 
they are (T, 2), (T, 4) and (T, 6). 


So P(tail and even number) = 3 = 7. 


1 Two dice are rolled. Find the probability that 
(a) the numbers on the dice are the same, 
(b) there is a 6 on at least one of the dice, 
(c) the sum of the numbers is less than 5. 
2 Two dice are rolled. The sum of the numbers on the dice is found. 


(a) Complete the table to show the probability of obtaining each 
of the possible sums. 


5 6 7 8 9 10 11 12 


Probability 


(Contd) 
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(b) What is the most likely sum? 
(c) Find the sum of the probabilities. Explain your answer. 
A coin is spun and a dice rolled. Find the probability of obtaining 
(a) a tail anda 5, 
(b) a head and 2 or a head and 3, 
(c) a head and a prime number, 
(d) a tail and a number less than 4. 
Two dice are rolled. The difference between the numbers on the 
dice is found. 
(a) Show all the possible outcomes in a table. 
(b) Find the probability that the difference will be (i) 2, (ii) 5. 
(c) What is the most likely difference? 
A spinner has the numbers 1, 2 and 3 on it. A coin and this spinner 
are spun. 
(a) How many possible outcomes are there? 
(b) List all the possible outcomes. 
(c) Draw a diagram to show all the possible outcomes. 
(d) Find the probability of obtaining 

(i) a tail and a 3, (ii) a head and an odd number, 

(iii) a tail and a factor of 6. 

Two spinners are spun. Each has the numbers 1, 2, 3, 4 and 5 on it. 
The sum of the two numbers on the spinners is found. 
(a) How many possible outcomes are there? 
(b) Show all the possible outcomes in a table. 
(c) Find the probability that the sum will be (i) 5, (ii) 3 or 4. 
(d) What is the most likely sum? 
Out of three beads in a bag, one bead is red, one is green and 
one is blue. A dice is thrown and a bead is picked at random 
from the bag. 
(a) How many possible outcomes are there? 
(b) Find the probability of obtaining 

(i) a red bead and a 4, (ii) a blue bead and a 5 or a6, 

(iii) a green bead and a number greater than 4. 

One spinner has the numbers 1, 2, 3 and 4 on it. Another spinner 
has the numbers 2, 3 and 5 on it. The two spinners are spun. Find 
the most likely sum of the two numbers. 


17.5 Tree diagrams 


Another way of showing the possible outcomes 


ee , 1 
when a coin is spun is to use a tree diagram 2 H 
(see Figure 17.5). The probability of each 
outcome is written on the branch leading to it. 
1 T 


The sum of the probabilities on the branches 
is 1, because you are certain to get one of the Figure 17.5 
outcomes. You can extend the diagram to 

show the possible outcomes when two coins 

are spun. (See Figure 17.6.) 


First Second Outcome 
coin coin 
1 
5 H HH 
4 H 
2 
5 T HT 
> H TH 
1 
g i 
i 
5 T TT 
Figure 17.6 


At the start of Section 17.4, you saw that the probability of getting 
two heads is +. You can find this probability by working out 4 x 4, 
multiplying the probabilities on the two branches leading to the 
outcome HH. This only works for independent events. 

- In general, you can find the probability that two independent 

- events both occur by multiplying their probabilities. 
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Example 17.5.1 


There are 5 marbles in a bag: 2 of the marbles are red and the other 

3 marbles are blue. A marble is picked at random. Its colour is noted 

and the marble is replaced in the bag. A marble is again picked at 

random and its colour noted. 

(a) Draw a tree diagram showing all the outcomes and the 
probability of each one. 

(b) Find the probability that (i) both marbles will be the same 
colour, (ii) at least one of the marbles will be red. 


(a) First Second Outcome Probability 
pick pick 
EZRA RR Ex End 
2 R 
i Te m ex 3-8 
- ER BR OE E=8 
z B 
5 B BB 5X 5 = 35 


(Notice that the sum of the probabilities is 1, because you are 
certain to get one of the four listed outcomes.) 

- (b) (i) P(both marbles will be the same colour) = P(RR or BB) 

As the outcomes RR and BB are mutually exclusive, 
P(RR or BB) = P(RR) + P(BB), so P(RR) + P(BB) =4 +2 = 8. 
(ii) ‘At least’ one of the marbles will be red means that one or 
both of the marbles will be red, so 
P(at least one of the marbles will be red) 
= P(RR or RB or BR) = P(RR) + P(RB) + P(BR) =44+24+8=% 


E 


Alternatively, P(at least one of the marbles will be red) 
=1 PB === 


Insight 
Notice that the final probabilities at the end of the branches 


must sum to 1, as the only possible outcomes are RR, RB, BR 
and BB. So 


P(R,R)+P(R,B)+P(B,R)+P(B,B) 


=P E dle E E 
= Pag" a 35 


SCHOHSHSSHHSHSHSHHSHSHSHSSHHSHSHSHSHSHSHSHHSHHSHSHSHHSHSHSHHSHSHHSHSHHSHSHSHHSHSHHSHSHSHHSHSHHSSHSHSHHSHOSHHSESHHSOHSHSSEHHSHEHEHEHHSHHSHEHEHOHBEHEOEEEEEE 


It is not always necessary to draw a complete tree diagram. 
Sometimes not all the branches are relevant to the problem. 


: Example 17.5.2 


| have to go through two sets of traffic lights on my way to work. The 
- probability that the first set will be on green is 0.7 and the probability 
: that the second set will be on green is 0.8. Find the probability that 
: the first set will be on green and the second set will not be on green. 


P(second set will not be on green) = 1 - 0.8 = 0.2 


: The relevant part of the tree diagram is shown in the diagram. 


First Second 
lights lights 
0.7 0.2 not 
green —————_ 
green 


} The probability that the first set will be on green and the second set 
: will not be on green is 0.7 x 0.2 = 0.14. 


1 There are 8 marbles in a bag; 5 of the marbles are red and the 
other 3 marbles are green. A marble is picked at random. Its colour 
is noted and the marble is replaced in the bag. A marble is again 
picked at random and its colour noted. 

(a) Draw a tree diagram showing all the outcomes and the 
probability of each one. 
(b) Find the probability that 
(i) the marbles will be different colours, 
(ii) neither marble will be green. (Contd) 
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Sharon has a biased coin. The probability that it will come down 
heads is 5. Sharon spins the coin twice. 
(a) Draw a tree diagram showing all the outcomes and the 

probability of each one. 
(b) Find the probability that she will get 

(i) at least one head, (ii) either two heads or two tails. 
The probability that Tom will pass a science test is 0.7 and 
the probability that he will pass a French test is 0.4. Find the 
probability that he will 
(a) pass both tests, (b) fail both tests, 
(c) pass at least one of the tests. 
A card is picked at random from a pack. It is replaced and a card is 
again picked at random. Find the probability of picking 
(a) two red cards, 
(b) two aces, 
(c) first a heart and second a king, 
(d) a heart and a king (in either order), 
(e) at least one diamond. 
The letters in the word LONDON are put in one bag and the 
letters in the word LIVERPOOL are put in another bag. A letter is 
picked at random from each bag. Find the probability of picking 
(a) two Os, (b) two vowels, (c) at least one L. 
There are 9 beads in a bag, 2 of the beads are red, 3 are blue and 
the rest are black. A bead is picked at random and then replaced. 
A bead is again picked at random. Find the probability that 
(a) both beads will be red, 
(b) both beads will be the same colour, 
(c) exactly one of the beads will be black. 
Holly catches a bus to work every day. The bus may be on time or 
early or late. The probability that it will be on time is 0.5 and the 
probability that it will be early is 0.3. Find the probability that, in 
the next two days, the bus will be 
(a) early twice, (b) late twice, (c) on time at least once. 
The probability that Melchester Rovers will win a soccer match 
is 0.6 and the probability that they will draw is 0.3. Find the 
probability that they will 
(a) win the next two matches, 
(b) lose the next two matches, 
(c) draw at least one of the next two matches. 


17.6 Expected frequency 


The laws of chance are of most use when applied to a large number 
of trials rather than to a particular trial. For example, if you spin 

a coin 100 times, you would expect to get heads about 50 times. 
This is the expected frequency. It may be calculated by finding the 
product of the probability, +, and the number of trials, 100. 


Similarly, it is not the fact that the probability that a 30-year-old 
man will live to the age of 70 is 0.4514 which is of interest to a life 
assurance company. What this means to them is that about 4500 of 
every 10 000 30-year-old men will live to the age of 70. This aspect 
of probability is known as the law of large numbers. 


Example 17.6.1 


A dice is rolled 600 times. Find the expected frequency of a 5. 


P(5) =2. The number of trials is 600. Using the formula 
expected frequency = probability x number of trials, 
expected frequency = ¿x 600 = 100 


: Example 17.6.2 


- Two dice are rolled 180 times. How many times would you expect 
: their sum to be (a) 2, (b) 11 or 12? 
(a) P(sum is 2) = +. The number of trials is 180, so 
expected frequency = + x 180 = 5. 
(b) P(sum is 11 or 12) = 4 = +4, so expected frequency ==5 x 180 = 15 
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A coin is spun 500 times. How many heads would you expect? 

A dice is rolled 300 times. How many times would you expect 

(a) a 4, (b) a2 or a3, (c) an even number? 

There are 8 counters in a bag; 5 are green, 2 are red and 1 is black. 
A counter is picked at random from the bag and then replaced. In 
200 picks, how many times would you expect to get 

(a) a green counter, 

(b) a red counter or a black counter, 

(c) a counter which is not black? 

The probability that a baby will be a boy is 0.52. How many boys 
would you expect in 1000 births? 

The probability that it will rain on any day in a month is 40%. How 
many rainy days would you expect in a month of 30 days? 

Two coins are spun 200 times. How many times would you expect 
to get 

(a) two tails, (b) ahead and a tail, (c) at least one head? 
Two dice are rolled 720 times. How many times would you expect 
their sum to be 

(a) 4, (b)morethan9,  (c) 7 or 8? 

A coin is spun and a dice is rolled. This is done 300 times. How 
many times would you expect to get 

(a) a tail anda 4, (b) a head and an odd number? 

A card is picked at random from a pack and a coin is spun. This is 
done 260 times. How many times would you expect an ace and 

a head? 

A card is picked at random from a pack and a dice is spun. This is 
done 400 times. How many times would you expect a diamond 
and a prime number? 


» 


THINGS TO REMEMBER 


The probability of an event is a measure of the likelihood that 
the event will occur. Probability ranges from 0, when the event 
is impossible, to 1, when the event is certain to happen. 


Impossible Unlikely Evens Likely Certain 
rae] 
0 0.5 1 
you will get a a coin will the sun 
7 when you come down will rise 
roll a dice tails tomorrow 


number of times event occurs 


Relative frequency = l 
peg y total number of trials 


a number of successful outcomes 
Probability = EG e 
total number of possible outcomes 


A coin, dice or spinner is fair (or unbiased) when each possible 
outcome is equally likely. 


Two events, A and B, are said to be mutually exclusive if they 
cannot both occur at the same time. P(A or B) = P(A) + P(B). 


Given that the probability that an event will occur is p, then 
the probability that the event will not occur is 1 — p. 


Two events are said to be independent when the outcome of 
one event has no effect on the outcome of the other event. The 
probability that two independent events both occur is found 
by multiplying their probabilities. 


You can list all the possible outcomes of two or more events 
on a diagram. 


A tree diagram can be used to show all the possible outcomes 
of two or more independent events. You can find a particular 


outcome by multiplying the probabilities along the branches. 


Expected frequency = probability x number of trials 


17. Probability 


245 


Three-dimensional shapes 


In this chapter you will learn: 

e thenames of solids 

e howto find the surface area of a solid 

e howto find and use the volume of a cuboid 
¢ howto find the volume of a prism. 


18.1 Introduction 


Three-dimensional shapes, or solids, 
have length, breadth and height (or 
thickness). In other words, they take up 
space in all directions. An example is 
the cube, shown in Figure 18.1. Figure 18.1 


One face has been shaded. A cube has 6 faces altogether, all of 
them squares. The line where two faces meet is called an edge; the 
cube has 12 edges. Edges meet at a vertex, or corner; the cube has 
8 vertices. 


The cuboid, or rectangular box, shown in 
Figure 18.2 has the same numbers of faces, 
edges and vertices as the cube but its faces 
are rectangular rather than square. Figure 18.2 
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There are several categories of three-dimensional shapes. A prism 
is a solid with a constant cross-section. That is, if you cut through 
a prism parallel to one of its ends, you get the same shape all along 
its length. This shape is called the cross-section of the prism. Both 
a cube and a cuboid are examples of prisms. The cross-section 

of a prism must be a polygon and these polygons are joined by 
parallelograms (often rectangles). A prism is usually defined in 
terms of the shape of its cross-section. Two prisms are shown in 


Figure 18.3. 
Triangular prism Hexagonal prism Cylinder 
Figure 18.3 
Insight 


A cylinder has a constant circular cross-section. However, 

although it is not a prism — as a circle is not a polygon — 

you can treat it as a prism when you work out its volume 

(see Section 18.4). 
The term pyramid probably evokes thoughts of the square-based 
pyramids built over 4000 years ago by the Ancient Egyptians. In 
fact, the base may be any shape but, whatever shape the base is, 
lines drawn from the edge of the base must meet at a point, called 
the apex. If the apex is vertically above the centre of the base, the 
pyramid is called a right pyramid. 


A pyramid is usually defined in terms of the shape of its base, 
which is a polygon; the other faces are triangles which meet at the 
apex. A pyramid with a triangular base is called a tetrahedron; 

if each face is an equilateral triangle, it is a regular tetrahedron. 
Two pyramids are shown in Figure 18.4 overleaf. 
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Square-based Tetrahedron 
pyramid Cone Sphere 


Figure 18.4 Figure 18.5 


Other common three-dimensional shapes are a cone and a sphere, 
like a ball, is circular in every direction (Figure 18.5, above). 


If every face of a solid is a polygon, the solid is called a polyhedron. 
Of the solids illustrated so far, a cube, a cuboid, a triangular prism, 
a hexagonal prism, a square-based pyramid and a tetrahedron are 
polyhedra but a cylinder, a cone and a sphere are not. 


If all the edges of a solid are the same length and all its faces are 
the same shape and all its angles are the same, it is called a regular 
solid. The cube and the regular tetrahedron are the only regular 
solids illustrated so far but there are five regular solids altogether. 
Often called Platonic solids, they have fascinated mathematicians 
for 3000 years. 


There is an interesting relationship between the number of 
faces (F), the number of vertices (V) and the number of edges (E) 
of a polyhedron. 


Expressed as a formula, it is 


This result is often known as Euler’s theorem. It may have been 
known to Archimedes (c. 225 Bc), but Descartes, in about 1635, 
was the first to state it in this form. The Swiss mathematician 
Leonard Euler proved the result in 1752. 


1 How many faces, vertices and edges do each of these of these 
polyhedra have? 
(a) triangular prism (b) hexagonal prism 
(c) square-based pyramid (d) tetrahedron 

2 (a) Draw a sketch of a prism which has a regular pentagon as its 

cross-section. 

(b) How many faces, vertices and edges does the prism have? 

3 A polyhedron has 10 faces and 16 vertices. Work out how many 
edges it has. 

4 Find out the names of the other three Platonic solids and the 
number of faces each of them has. 


18.2 Nets and surface area 


A net of a solid shape is a flat shape which can be cut out and 
folded to make the solid shape. Figure 18.6 shows a sketch of a 
cuboid and one of its possible nets. 


This is not the only possible net of the cuboid; there are several 
others. Nets are helpful in finding the surface area of a three- 
dimensional shape. For example, to find the surface area of the 
cuboid in Figure 18.6, you can find the total area of the six rectangles 
which make up its net. You can shorten the working by using the 
fact that there are three pairs of congruent rectangles in the net. 


Figure 18.6 


The surface area in cm? = 2 x (5 x 3) +2 x(5x1)+2x (3x 1) 
= 46 cm? 
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In general, the surface area, A, of a cuboid with length l, breadth b 
and height / is given, in appropriate units, by the formula 


: Example 18.2.1 


- The figure shows a solid cylinder. The radius of the circular end of the 

cylinder is r and the height of the cylinder is h. 

(a) Draw a net of the cylinder. 

(b) Find formulae for (i) the area of the curved surface 
(A) and (ii) the total surface area (S) of the cylinder. 

(c) Use your formula for S to find the total surface area of 
a cylinder with an end radius of 3.6 cm and a height of 
8.3 cm. Give your answer correct to three significant figures. 


(a) The net of the curved surface of a 
cylinder is a rectangle, the shape 
that you get if you remove the label 
from a tin of soup and flatten it. The 
length of the rectangle is equal to 
the circumference of the circular end 
of the cylinder. To complete the net 
you need the two circular ends. 

(b) (i) The area A of the rectangle 
(circumference x h) gives the 
area of the cylinder's curved 
surface. Writing the circumference as 27r, the area A = 27rh. 

(ii) The total surface area S is the sum of the area of the 
curved surface and the areas of the two circular ends. Thus 
S = 2arh + 2ar*. You can factorize this expression if you wish, 
to get S=2ar(h +r). 

(c) To find the total surface area, you substitute 3.6 for rand 8.3 
for h in one of the formulae for S. Using the factorized form, 


ZE =2xrx360x(83F36) 
Si ce BS VS = Aes) hile: Ep 


The total surface area is 269 cm. 


1 The sides of a cube are 7 cm long. 
(a) Draw a sketch of a net of the cube. 
(b) Find the surface area of the cube. 

2 The length of a cuboid is 10 cm. Its breadth is 6 cm and its height 
is 4 cm. Find its surface area. 

3 The figure shows a triangular prism. 
The cross-section of the prism is a 
right-angled triangle with sides 
3 cm, 4 cm and 5 cm long. The 
length of the prism is 8 cm. 3cm 
(a) Draw a sketch of the net of the 

prism. 
(b) Find the surface area of the 
prism. 

4 A pyramid has a square base with sides 8 cm long. Its other faces 
are isosceles triangles with a vertical height of 10 cm. 
(a) Draw a sketch of the net of the pyramid. 
(b) Find the surface area of the pyramid. 

5 The radius of the ends of a solid cylinder is 4.7 cm and its length is 
7.2 cm. Find its total surface area. 

6 A hollow cylinder is open at one end. Its radius is 5.3 cm and its 
length is 9.1 cm. 
(a) Draw a net of the cylinder. 
(b) Find the total surface area of the cylinder. 


4cm 


18.3 Volume of a cuboid 


The volume of a three-dimensional shape is a 


measure of the amount of space it occupies. rem 
icm 1cm 
Figure 18.7 shows a cube with edges 1 cm long. Figure 18.7 


It is called a centimetre cube and its volume is 
1 cubic centimetre (written 1 cm). 
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The volume of the cuboid in Figure 18.8 is 
the number of centimetre cubes it contains. 

2cm 
There are 4 x 3 = 12 centimetre cubes in 
each layer and there are two layers. So the 
number of centimetre cubes is 4 x 3 x 2 = 24. Figure 18.8 
The volume of the cuboid is 24 cm’. 


4cm 30m 


In general, 


The volume, V, of a cuboid with length l, breadth b and height h is 
given by the formula V = lbh. 


For the volumes of larger cuboids, you could use cubic metres, 
written mè, and, for smaller cuboids, cubic millimetres written 
mm?*. You must ensure, however, that you use the same units for 


the length, the breadth and the height. 


: Example 18.3.1 


: The length of a cuboid is 5 m; its breadth is 3 m and its height is 
- 40 cm. Find its volume in m?. 


- The units of the measurements must be the same, so the height 
is 0.4 m. If Vm? is the volume, V=5 x 3 x 0.4 = 6; the volume is 
- therefore 6 m?. 
Sometimes, the volume of a cuboid will be given and you will have 
to find one of its dimensions. 


: Example 18.3.2 


| The volume of a cuboid is 336 cm”. Its length is 8 cm and its breadth 
is 7 cm. Find its height. 


Let the height of the cuboid be h cm. Then 336 = 8 x 7 x h, giving 
56h = 336 and h = = = 6. The height of the cuboid is 6 cm. 


1 The edges of a cube are 9 cm long. Find its volume. 
Find the volume of cuboids with these dimensions. 
(a) Length 8 cm, breadth 5 cm and height 4 cm, 
(b) Length 10 m, breadth 7 m and height 3 m. 

3 The length of a cuboid is 2 m; its breadth is 30 cm and its height is 
20 cm. Find its volume in cm’. 

4 Find the number of cubic metres of concrete needed for a path 
12 m long, 1.5 m wide and 10 cm thick. 

5 The volume of a cuboid is 60 cm”, Its length is 5 cm and its 
breadth is 4 cm. Find its height. 

6 The volume of a cuboid is 400 cm”. Its length is 10 cm and its 
height is 8 cm. Find its breadth. 

7 Awater tank measures 1.4 m by 80 cm by 60 cm. Find its capacity 
(the volume of water it can hold) in litres. 

8 Aroom measures 10 m by 6 m by 3 m. The volume of airspace 
needed for one person is 5 m°. Find the maximum number of 
people who may use the room at the same time. 

9 How many cubic centimetres are there in a cubic metre? 

10 How many packets of tea measuring 12 cm by 4 cm by 4 cm may 
be packed in a box measuring 48 cm by 24 cm by 16 cm? 


18.4 Volume of a prism 


Figure 18.9 shows a prism with 
a right-angled triangle as its 
cross-section. Its volume will 
be half the volume of a cuboid 


measuring 4 cm by 5 cm by 9 cm. L 9cm 
5cm 


4 cm 


If V cm? is the volume, then | 
V=3x5x4x9=90 cm?. Figure 18.9 


+x 5 x 4 cm? is the area of the end of the prism, that is, its area of 
cross-section. This demonstrates the result 
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This is sometimes written as 


volume of a prism = end area x length 


Example 18.4.1 


The figure shows a prism with a trapezium as its cross-section. 
Find the volume of the prism. 


Let area of cross-section be A cm?. 
Then A =+ x (sum of parallel sides) x (distance between them) 


= 7x (8+6)x 4=28 


If V cm? is the volume, V= 28 x 10 = 280 
The volume is 280 cm?. 


A cylinder with radius r and height / has an area of cross-section 
of mr”. So you can find the volume, V, of a cylinder using this 
formula. 


Example 18.4.2 


The radius of the end of a cylinder is 3.8 cm and its height is 8.4 cm. 
Find the volume of the cylinder, correct to three significant figures. 


Volume = ((z x 3.8%) x 8.4) cm? = 381.06 cm? 
The volume is 381 cm?, correct to three significant figures. 


Find the volume of the triangular prism shown in Figure 18.10 
below. 
Figure 18.11 below shows a prism with a trapezium as ¡ts cross- 


section. Find its volume. 
Figure 18.10 A A 
|_| 
“em MAN 
| 


9cm 9cm 
The radius of the end of a cylinder is 5.7 cm. Its height is 13.6 cm. 
Find the volume of the cylinder correct to three significant figures. 
Find the volume of (a) and (b) prisms below. 


(a) 3cm (b) P 
[| 
12cm 
2cm 
H E - 15cm 


10cm 10cm 


20cm 


A prism has a volume of 120 cm. Its area of cross-section is 

15 cm?. Find the length of the prism. 

Figure 18.12 below shows the cross-section of a swimming pool 
which is 25 m long. Find the volume of water in the pool when it 
is full. 

Figure 18.13 shows the cross-section of a barn which is 12 m long. 
Find the volume of the barn. 


25m 
1m 
12m 
5m 
6m 
Figure 18.12 | 
8m 


3m 


Figure 18.13 (Con t d) 
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8 Figure 18.14 below shows the cross-section of a circular pipe. The 
internal and external diameters are 10 cm and 12 cm. Find the 
volume of material used to make a 2-metre length of pipe. 

9 Figure 18.15 below shows the cross-section of a prism. It is a 
regular hexagon. The prism is 20 cm long. Find its volume. 


12 cm ——>| 4cm 


a L 
EY | 


Figure 18.14 Figure 18.15 


10 The volume of a cylinder is 300 cm’. Its radius is 5 cm. Find the 
length of the cylinder correct to three significant figures. 


18.5 Weight of a prism 


Figure 18.16 shows a steel rod. The volume of 
the rod is 200 cm*. You can find the weight of 


the rod if you know the weight of oem 
1 cubic centimetre of steel. In fact, steel weighs 2°™ 
7.7 grams per cm? (the density of steel). 2cm 

Figure 18.16 


You can then find the weight of the rod by 
multiplying the volume of the rod by its density. 


Its weight in grams is 200 x 7.7 = 1540. 

The weight is 1540 g or 1.54 kg. 

Insight 
There is a problem with the use of the word ‘weight’. Strictly 
speaking, what has been found is the mass of the rod, 
and this is the term which is used in science. However, in 
everyday language people use the word ‘weight’ rather than 
‘mass’, so, even though it is incorrect, ‘weight’ is the word 
which will be used in this book. 


In general, 


Density may also be measured in other units, for example, 
kilograms per mê. 


1 The volume of a brick is 1400 cm’. The density of the brick is 
1.6 grams per cm”. Find the weight of the brick. 

2 A concrete block in the shape of a cuboid measures 10 cm by 
21.5 cm by 44 cm. The density of concrete is 2.3 grams per cm’. 
Find the weight of the block. 

3 A solid cylinder of gold has a radius of 2 cm and a height of 5 cm. 
The density of gold is 19.3 grams per cm. Find the weight of the 
cylinder correct to three significant figures. 

4 The figure shows the cross-section of a 
steel girder. The density of the steel in 5cm 
the girder is 7700 kilograms per m°. The 
length of the girder is 5 m. Find its weight. 

5 Each side of a square brass plate is 4 cm 20cm 
long. The plate is 5 mm thick. A circular 
hole with a diameter of 2 cm is drilled in 
the plate. The density of brass is 8.3 grams och 
per cm”. Find the weight of brass which 25cm 
remains. Give your answer correct to the 
nearest gram. 
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THINGS TO REMEMBER 


> A cube has 6 square faces and a cuboid has 6 rectangular 
faces. 


> Both a cube and cuboid have 12 edges and 8 vertices (corners). 


> Some common solid shapes are: 


[DS OF 


Triangular prism Hexagonal prism Cylinder 
A =- 
Square-based Tetrahedron Cone Sphere 

pyramid 


> A prism is a three-dimensional solid shape which has a 
constant cross-section. 


> A pyramid is a solid whose base is a polygon and its other 
faces are triangles which meet at the apex. 


> A polyhedron is a solid with faces that are all polygons 
(triangles, quadrilaterals, pentagons and so on). 


> Euler's formula is F + V = E + 2 where F = number of faces, 
V = number of vertices and E = number of edges. 


> A net of a solid shape is a flat shape which can be cut out and 
folded to make the solid shape. 


; 3cm 


5 cm 


> The surface area, A, of a cuboid with length l, breadth b and 
height h is A = 2lb + 2bl + 2bh. 


> Surface area of a cylinder, S = 2nrh + 277? 
> Volume ofa cuboid = length x breadth x height 
> Volume of a prism = area of cross-section x length 


> Weight = volume x density, where density is the weight (mass) 
of 1 cubic unit. 
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Ratio and proportion 


In this chapter you will learn: 

e the meaning of ‘ratio’ 

e howto simplify ratios 

e howto use scales 

e howtouse ratio 

e howto use direct proportion and inverse proportion. 


19.1 What is a ratio? 


1:72 is the scale of a model aeroplane. 1:10 appears on a road sign. 
4:3:2 is printed on a sack of fertilizer. Each of these is a ratio. 


You use a ratio to compare quantities. For example, if there are 
9 men and 7 women in a room, the ratio of men to women is 
9:7. The order of the numbers is important, as 7:9 is the ratio of 
women to men. You may also write these ratios as 9 to 7 and 

7 to 9 respectively but, in this chapter, colons will be used. 


The numbers 9 and 7 have no common factors and so you cannot 
simplify the ratio 9:7. If, however, the numbers in a ratio do have 
a common factor, you can simplify the ratio and find its simplest 
form using a method similar to the one you used to find the 
simplest form of a fraction in Section 3.4. 
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To find the simplest form of the ratio 24:30, for example, you 
divide both numbers by 6, the highest common factor of 24 and 
30. Thus, the simplest form of 24:30 is 4:5. 


If the quantities in the ratio have units and the units are the same, 
such as 25 cm:15 cm, you remove the units, obtaining 25:15 in 
this case. Dividing both numbers by 5 gives its simplest form 

ás 5:3., 


If the units used for the quantities in the ratio are not the same, 
you must start by expressing both quantities in the same units. 


Example 19.1.1 


Find the simplest form of the ratio 27 mins:1> hours. 


Change 15 hours to minutes. 27 mins:90 mins 
Remove the units. 27:90 
Divide both numbers by 9. 3:10 is the simplest form. 


To compare ratios, it is sometimes useful to express them in the 
form 1:n or n:1. For example, if one school has 808 students and 
47 teachers, while another has 1025 students and 61 teachers, 
it is not obvious which school has the smaller ratio of students 
to teachers. For the first school, the ratio of students to teachers 
is 808:47. If you divide both numbers by 47, you obtain, 17.2:1, 
correct to one decimal place. For the second school, the ratio of 
students to teachers is 1025:61. If you divide both numbers by 
61, you obtain 16.8:1, correct to one decimal place. So the second 
school has the smaller ratio of students to teachers. 
Insight 
It is easy to make mistakes when comparing ratios and 
fractions. For example, a class where there is 1 boy for 
every 2 girls has a ratio of boys to girls of 1:2. However, the 
fraction of the class that are boys is 5 not 5, as out of every 
group of 3 children 1 child will be a boy. 
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1 Find the simplest form of each of these ratios. 
(a)8:12  (b)6:3  (c)20:15 (d) 18:30 
2 Find the simplest form of each of these ratios. 


(a) 24 cm:18 cm (b) 9 days:27 days 
(c) 60 cm:1.5 m (d) 15 h:30 min 
(e) 40 s:3 min (f) 32 mm:8 cm 
(g) 1.4 kg:420 g (h) 720 ml:1.2 l 


3 The lengths of the sides of two squares are 4 cm and 6 cm. Find, in 
its simplest form, the ratio of 
(a) their perimeters, (b) their areas. 

4 The lengths of the edges of two cubes are 2 cm and 4 cm. Find, in 
the form 1: n, the ratio of 
(a) the total lengths of their edges, 


(b) their surface areas, (c) their volumes. 
5 Express these ratios in the form 1:n. 
(a) 3:12 (b) 2:3  (c) 4:9 (d) 10:8 


6 Express these ratios in the form n:1. 
(a) 18:3 (b) 7:2 (c) 23:10 (d) 12:16 

7 Sinton School has 723 students and 45 teachers. Tanville School 
has 936 students and 57 teachers. For each school, calculate, 
correct to one decimal place, the ratio of students to teachers in 
the form n:1. Which school has the smaller ratio of students to 
teachers? 


19.2 Scales 


If a model of a car is made to a scale of 1:50, the model is 4 of the 
size of the real car — that is, you divide the real car’s measurements 
by 50 to obtain those of the model car. Thus, if the real length of 
the car is 4.5 m, the length of the model car is 4.5 m + 50 = 0.09 m 
or 9 cm. 


To find the real car’s measurements, you multiply the model car’s 
measurements by 50. So, if the height of the model car is 2.8 cm, 
the real height of the car is 50 x 2.8 cm = 140 cm or 1.4 m. 


The scales of maps are sometimes expressed as ratios. The scale tells 
you the relationship between distances on the map and real distances. 


Example 19.2.1 


The scale of a map is 1:20 000. 
(a) Find the real distance represented by a distance of 6 cm on the map. 
(b) What distance on the map represents a real distance of 5 km? 


(a) 1 cm represents 20 000 cm. 
So 6 cm represents 6 x 20 000 cm =120 000 cm. 
Convert 120 000 cm to km by dividing by 100 000. 
Mus, 120 000 ean = 121 
6 cm on the map represents a real distance of 1.2 km. 
(b) 5 km = 500 000 cm. 
Distance on the map = 222 cm = 25 cm. 


20 000 
25 cmon the map represents a real distance of 5 km. 


Insight 
Notice that a ratio has no units; so a scale of 1:20 000 means 
that 1 mm on the map represents 20 000 mm in real life and 
a distance of 1 m on the map represents a distance of 20 000 m 
in real life. You can use any units you like, so long as you use 
the same units on the map and in real life. 
If you know a measurement on a model or a map and the real 
measurement it represents, you can find the scale being used. For 
example, if a length of 4 cm on a model represents a real length of 
1.44 m, the ratio of the lengths is 4 cm: 1.44 m. Converting 1.44 m 
to centimetres, the ratio becomes 4 cm: 144 cm. You can then remove 
the units and divide both numbers by 4 to obtain 1:36 as the scale. 
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Example 19.2.2 


The distance between two towns is 4.5 km. On a map, the distance 
between the towns is 9 cm. Find the scale of the map. 


The ratio of the distances is 9 cm:4.5 km. 
Convert 4.5 km to cm by multiplying 4.5 by 100 000. 
The ratio is 9 cm:450 000 cm. 


Remove the units and divide both sides by 9. 
The scale is 1:50 000. 


1 The scale of a model car is 1:100. 
(a) The length of the model car is 3.7 cm. Find, in metres, the real 
length of the car. 
(b) The real width of the car is 1.61 m. Find, in centimetres, the 
width of the model car. 
2 Aplan of a house is drawn to a scale of 1:50. 
(a) On the plan, the dining room is 14 cm long and 12.4 cm wide. 
Find, in metres, the real length and width of the dining room. 
(b) The lounge is 8 m long and 6.8 m wide. Find, in centimetres, 
its length and its width on the plan. 
3 The scale of a model aeroplane is 1:72. 
(a) The length of the model aeroplane is 86 cm. Find, in metres, 
the real length of the aeroplane. 
(b) The wingspan of the aeroplane is 25.2 m. Find, in centimetres, 
the wingspan of the model. 
4 The scale of a map is 1:40 000. 
(a) Find, in kilometres, the real distance represented by a distance 
of 8 cm on the map. 
(b) What distance on the map represents a real distance of 8 km? 
5 The distance between two towns is 7 km. On a map, the distance 
between the towns is 28 cm. Find, as a ratio, the scale of the map. 
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19.3 Using ratio 


You can use ratio to solve a wide variety of problems, many of 
which fall into one of two categories. The first of these is when you 
are told the ratio of two quantities and the amount of one of the 
quantities and have to find the amount of remaining quantity. 


For example, a type of mortar is made by mixing sand and cement 
in the ratio, by weight, of 4:1. This means the weight of sand is four 
times that of cement. So, if you have 24 kg of sand the weight of 
cement you have to mix with it is 24 kg divided by 4, that is, 6 kg. 


: Example 19.3.1 


Brass is an alloy (mixture) containing copper and zinc in the ratio 5:2. 
(a) What weight of copper is mixed with 26 g of zinc? 
(b) What weight of brass contains 40 g of copper? 


(a) The ratio is equivalent to 3:1, so there are > grams of copper to 
every gram of zinc. 
The weight of copper is 3 x 26 g = 65 g. 
(b) The ratio is equivalent to 1:2, so there are £ grams of zinc to every 
gram of copper. 
The weight of zinc is £ x 40 g=16 g. 
The weight of bronze is (40 + 16) g= 56g. 
The second type of problem is sharing a quantity in a given ratio. 
For example, to share £60 in the ratio 3:2, first add the 3 and 2 to 
obtain 5, the number of parts into which the £60 is divided. Each 
part is worth £(60 + 5) = £12. The larger share is 3 x £12 = £36 
and the smaller share is 2 x £12 = £24. The sum of the two shares 
is, of course, £60. 
As a fraction of the total amount, the larger share is 28 = 2, in its 
simplest form, and the smaller share is 4 = =. You can use fractions 
to divide a quantity in a given ratio. 


19. Ratio and proportion 265 


266 


Example 19.3.2 


A company has 63 employees. The ratio of men to women is 4:5. 
Find (a) the number of men, (b) the number of women. 


(a) 5 = § of the employees are men. 


So the number of men is Ż x 63 =< x & = 28. (See Section 3.8.) 
(b) = =2 of the employees are women. 
So the number of women is 2 x 63 =2 x %= 35. 


Insight 
You can find the number of women by subtracting the 
number of men from 63. The disadvantage of using this 
method is that, if your first answer is wrong, so is your 
second answer. It is better to evaluate each share and then 
check that the sum of the shares is correct. 


You can use both methods to divide a quantity in a ratio which 
has more than two numbers. For example, to share 72 kg in the 
ratio 3:4:5 using the first method, add the 3, 4 and 5 to obtain 12, 
the number of parts. Each part is worth 72 kg + 12 = 6 kg, so the 
shares are 3 x 6 kg, 4 x 6 kg and 5 x 6 kg, that is, 18 kg, 24 kg 
and 30 kg. Alternatively, you can use the fractions 3 _4- and 


5 : 3 i 4 1 5 344452 34445 
oes thatis Or q OF]. ald. 


1 Bronze is an alloy containing copper and tin in the ratio 3:1. 
(a) What weight of copper is mixed with 50 g of tin? 
(b) What weight of tin is mixed with 180 g of copper? 
(c) What weight of bronze contains 480 g of copper? 
(d) Work out the weight of copper and the weight of tin in 800 g 
of bronze. 
2 An orange drink is made by mixing orange juice and water in the 
ratio 1:5. 
(a) How much water is mixed with 3 litres of orange juice? 
(b) How much water is in 24 litres of orange drink? 
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The ratio of Kevin's age to Michelle’s age is 2:3. Kevin is 24 years 
old. How old is Michelle? 

The ratio of the length of a rectangle to its width is 5:4. Its length 
is 55 cm. Work out its width. 

The lengths of the sides of a triangle are in the ratio 2:3:4. The 
shortest side is 14 cm long. Find the lengths of the other sides. 
Anna and Brian share £80 in the ratio 7:3. Work out the amount 
each of them receives. 

Cheryl and David share $420 in the ratio 2:5. Work out the amount 
each of them receives. 

The ratio of Debbie’s age to her father’s age is 3:5. The sum of their 
ages is 96 years. Work out Debbie's age. 

The angles of a triangle are in the ratio 6:5:7. Work out the size of 
each of its angles. 

The perimeter of a triangle is 240 cm. The lengths of the sides are 
in the ratio 3:4:5. Work out the length of the longest side. 


19.4 Direct proportion 


= 20 
© 
If you walk at a steady speed of E 15 
4 mph, you will cover 4 miles S 10 
in 1 hour, 8 miles in 2 hours, la 5 
12 miles in 3 hours and so on. 7 5 
If you walk for 5 hours, your 012 3 4 5 
distance-time graph will look Time (hours) 
like Figure 19.1. Figure 19.1 


The distance you walk obviously depends on the time, but there is a 
more precise relationship between the two quantities. For example, 
you walk twice as far in 2 hours as you walk in 1 hour; you walk 
three times as far in 3 hours as you walk in 1 hour. When two 
quantities are related like this, they are said to be directly proportional 
(or proportional) to each other. If two quantities are directly 
proportional to each other, the graph showing the relationship 
between them is a straight line through the origin. 
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There are many examples of direct proportion in everyday life. The 
cost of petrol at a pump is directly proportional to the quantity 

of petrol you put in your tank. The cost of running an electric 

fire is directly proportional to the time for which it is on. When 
exchanging pounds for dollars, the number of dollars you get is 
directly proportional to the number of pounds you exchange. 


There are two methods for answering questions on direct 
proportion. One is the unitary method, in which you find the value 
of one unit of the quantity. For example, if 8 cereal bars weigh 
208 g, and you have to find the weight of 5 of these bars, the 
first step is to find the weight of one bar. To do this, you divide 
208 g by 8, which gives 26 g. To find the weight of 5 bars, you 
then multiply 26 g by 5, which is 130 g. The other method is 
the multiplier method. To answer the above example using this 
method, you find z of 208 g; that is, = x 4% = 130 g. Alternatively, 
you can convert 7 to a decimal (0.625) and work out 0.625 x 208. 
Insight 
A common mistake made when using the multiplier method 
is to write the fraction ‘upside down’; for example, writing 
> instead of 3. Always decide whether the answer should be 
greater or less than the original quantity: if it should be less, 
then you need a multiplier which is less than 1 (2); if it should 
be greater, then you need a multiplier which is greater than 


Example 19.4.1 


4 cm? of tin weighs 29.2 g. Using (a) the unitary method and (b) the 
multiplier method, work out the weight of 9 cm? of tin. 


(a) Weight of 1 cm? of tin = 29.2 g + 4 =7.3 g 
Weight of 9 cm” of tin=9 x 73 g = 65.7 g 

(b) 9 cm? of tin weighs more than 4 cm? of tin. So the multiplier is 
= or 2.25. Weight of 9 cm? of tin =2.25 x 29.2 g=65.7 g 
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A car travels 43 miles on one gallon of petrol. How far will it travel 
on 7 gallons? 

£1 is worth 1.95 dollars. How many dollars is £9 worth? 

A motorist drives at a steady speed and goes 144 miles in 3 hours. 
(a) What distance will she cover in 5 hours? 

(b) How long will it take her to cover 120 miles? 

5 litres of paint covers an area of 60 m°. 

(a) What area will 15 litres of paint cover? 

(b) How much paint is needed to cover an area of 240 m?? 

An electric fire uses 10 units of electricity in 4 hours. 

(a) How many units does it use in 3 hours? 

(b) For how long will it run on 17.5 units? 

3 cm? of aluminium weighs 8.1 g. Work out the weight of 10 cm? 
of aluminium. 

A recipe for 6 people requires 300 g of sugar and 1.5 kg of flour. 
Work out the weight of sugar and the weight of flour required for 
(a) 12 people, (b) 9 people, (c) 4 people. 

20 kg of cement is mixed with 60 kg of sand to make mortar. 

(a) What weight of sand should be mixed with 16 kg of cement? 
(b) What weight of cement should be mixed with 72 kg of sand? 
There are 330 calories in 420 g of baked beans. How many calories 
are there in 700 g of baked beans? 

5000 Japanese yen is worth £21. 

(a) How many pounds is 3000 yen worth? 

(b) To the nearest yen, how many yen is £40 worth? 


19.5 Inverse proportion 


The table shows the time taken to travel 120 miles at various 
steady speeds. 


Speed mph) [10 [20 [30 [20 [50 [60 [80 


[Time (hours) |12 | 6 | 4 | 3 [24 | 2 |15 
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For example, when a speed of 10 mph is multiplied by 4, 
becoming 40 mph, the time of 12 hours is divided by 4. Similarly, 
when a time of 6 hours is divided by 3, becoming 2 hours, the 
speed of 20 mph is multiplied by 3. When two quantities are 
related like this, they are said to be inversely proportional to 

each other. 


The graph in Figure 19.2 
shows the information 


A 

DS 
from the table. Unlike = 10 
direct proportion, when E 5 

H 


two quantities are inversely 0 

proportional to each other, 0 20 40 60 80 
an increase in one of the Speed (mph) 
quantities causes a decrease in Figure 19.2 


the other quantity. 


As with direct proportion, you can answer questions on inverse 
prop > Y q 

proportion using either the unitary method or the multiplier 

method. 


For example, if 3 men build a wall in 8 days, and you have to 
find how long 4 men would take, the first step using the 
unitary method is to work out how long one man would take: 
3 x 8 days = 24 days. 


To find how long 4 men would take, you then divide 24 by 4 to 
obtain the answer of 6 days. 


If you use the multiplier method for this question, the multiplier 
is +, not 4, as 4 men will take less time than 3 men. Thus, 4 men 
take + of 8 days, which is 6 days. 
Insight 
A common mistake is to end up with 4 men taking longer 
than 3 men, so whichever method you use always think 
carefully about whether your final answer is sensible. 
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Example 19.5.1 


A field provides grazing for 20 cows for 6 days. Using 
(a) the unitary method and (b) the multiplier method, 
find the number of days grazing the field would provide for 15 cows. 


(a) One cow could graze for 6 x 20 days = 120 days. 
So 15 cows would have grazing for “2 = 8 days. 

(b) The field will provide 15 cows with grazing for more than 6 days. 
So the multiplier is £ or $. 
So 15 cows would have grazing for $ x 6 days = 8 days. 


1 It takes 8 men 9 hours to dig a trench. How long would it take 
6 men to dig the trench? 

2 It takes 12 people 15 days to harvest a crop of raspberries. How 
long would it take 18 people? 

3 Using 12 taps a tank is filled in 8 hours. How long would it take to 
fill the tank using 16 taps? 

4 A field provides grazing for 18 sheep for 8 days. How many days 
grazing would it provide for 24 sheep? 

5 It takes an hour to mow a lawn using a mower with blades 
14 inches wide. How long would it take using a mower with 
blades 12 inches wide? 
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THINGS TO REMEMBER 


Ratios are used to compare quantities. The order a ratio is 
written in is important; so if there are 5 black balls and 3 red 
balls in a bag the ratio of black balls to red balls is 5:3. 


You can simplify a ratio by dividing both numbers in the ratio 
by their highest common factor. For example, 25:35 simplifies 
to 5:7 (by dividing both 25 and 35 by 5). 


A ratio has no units, so 1f a length of wood is cut into two 
pieces of length 3 m and 4 m, the ratio of the lengths is 3:4 
and not 3 m:4 m. However, if the units used for the quantities 
in the ratio are different (for example, centimetres and metres), 
you must start by expressing both quantities in the same units. 


You can compare two ratios by expressing them in the form 
1:n or n:1. 


Ratios can be used to show the scale of a map. A scale of 
1:10 000 means that 1 cm on the map represents a distance of 
10 000 cm in real life. 


There are two main types of ratio problems: 
> Given the ratio of two quantities and the amount of 
one of the quantities then find the amount of remaining 
quantity. 
> Share a quantity in a given ratio. 


Two quantities are directly proportional (or proportional) 
to each other if the graph showing the relationship between 
them is a straight line through the origin. So, if one quantity 
is doubled, then the other quantity is also doubled. 


Two quantities are inversely proportional to each other 
if when one quantity is increased then the other quantity 
decreases. So, if one quantity is doubled, then the other 
quantity is halved. 


Pythagoras’ theorem and 
trigonometry 


In this chapter you will learn: 

e howto use Pythagoras’ theorem to find lengths 

e howto use Pythagoras’ theorem to solve problems 

e howto use trigonometry (tangents, sines and cosines) to find 
lengths and angles 

e howto use trigonometry to solve problems. 


20.1 Pythagoras’ theorem 


Pythagoras’ theorem applies to right- 
angled triangles. The longest side of a 
right-angled triangle, which is opposite 
the right angle, is called the hypotenuse. 


Pythagoras’ theorem states that: Figure 20.1 


in a right-angled triangle, the area of the square drawn on the 
hypotenuse is equal to the sum of the areas of the squares drawn 
on the other two sides. 

In Figure 20.1, this becomes 


area of square C = area of square A + area of square B 
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This result was known to the Babylonians over 4000 years ago. 
In Ancient Egypt, surveyors known as ‘rope stretchers’ knew that 
a triangle with sides of length 3, 4 and 5 units has a right angle 
between the sides of length 3 and 4. They used a knotted rope for 
marking right angles on the ground. 


Pythagoras (c. 580-500 Bc), or one of his followers, may have 
been the first to prove the result. He settled in Crotona, a Greek 
colony in southern Italy, in about 530 Bc. There he founded a 
mathematical and philosophical community which made major 
contributions in many areas of mathematics, especially number, 
to which they attached mystical qualities, and the harmonics of 
stringed instruments. 


A proof of the theorem is in Section 20.3: the next section shows 
how to use the result. 


20.2 Using Pythagoras’ theorem 


If you know the areas of the squares 
drawn on two sides of a right-angled 
triangle, you can use Pythagoras’ 
theorem to find the area of the square 
drawn on the third side. 


For example, in Figure 20.2, if the area 


of square A is 20 cm? and the area of 
square B is 13 cm’, then the area of 


square C is (20 $ 13) cm? = 33 cm. Figure 20.2 


In practice, when you use Pythagoras’ theorem, 
it will usually be to find the length of the third 
side of a right-angled triangle, if you know the 
lengths of the other two sides. 


For this purpose, it is more useful if the 
theorem is stated in terms of the lengths of the b 
sides. (See Figure 20.3.) Figure 20.3 


In Figure 20.4, the value of a is 8 and the value of b is 6, the units 
being centimetres. As x takes the place of c, using Pythagoras’ 
theorem gives 


xcm 8cm 


6cm 


Figure 20.4 


x? = 8? + 6 = 64 + 36 = 100 
As x is positive and x? = 100, x = 10, so the third side is 10 cm. 


As the square root of a square number is a whole number, it was 
easy to find x, but in other examples you must use your calculator 
to find square roots. You should give your result to an appropriate 
degree of accuracy, but three significant figures will usually suffice. 
Example 20.2.1 illustrates this point. 


Example 20.2.1 


: Calculate the length marked x cm in the right-angled triangle, giving 
: your answer correct to three significant figures. 


From Pythagoras’ theorem, 


(Sedo 
| 49=x +16 ae eu 
: X =49-— 16 =33 
: x = V33 = 5.74, correct to three significant 

figures. 4cm 


The length is 5.74 cm, correct to three significant figures. 
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Insight 
Mistakes with rearranging c? = a? + b? are easy to make; 
remember that you need to square the two given sides and 
then add them together to find the square of the longest side, 
and subtract to find the square of a shorter side. 
You can split isosceles and equilateral triangles into two right-angled 
triangles by a line of symmetry and then use Pythagoras” theorem. 


Example 20.2.2 


The diagram shows an isosceles triangle with a base of 24 cm and a 
vertical height of 9 cm. Calculate the length of the sides marked / cm. 


[cm [cm 


< 24 cm ————> 


- From Pythagoras’ theorem in the right-angled triangle, 
: P =12 +9? =144 + 81 =225 so | = V225 =15. 

The length of the side is 15 cm. 
Although it will not be proved in this book, Pythagoras’ theorem 
works in reverse. If the sum of the areas of squares on two of the 
sides of a triangle is equal to the area of the third square, then the 
triangle is right-angled. You will need this property in Exercise 20.1, 
question 2. 


1 Complete the table, which refers to Figure 20.1. 


Area of square A | Area of square B Area of square C 


12 cm? Tem 
9 cm? 26 cm? 
13 cm? 29 cm? 
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2 Three squares have areas of 12 cm”, 18 cm? and 30 cm”. If these 
squares are arranged as in Figure 20.1, will the triangle in the 
centre be right-angled? Give a reason for your answer, 


In the rest of this exercise, give your answers to three significant figures 
where necessary. 


3 Calculate the length of each of the sides marked with a letter. 
The units are centimetres. 


ANN 
4 20 
(a) ( ) 


a b) (c 
12 
e 
4.8 
6.3 
(d) (e) (f) 
4 The sides of a square are 5 cm long. Calculate the length of a 
diagonal. 
5 A rectangle is 10 cm long and 7 cm wide. Calculate the length of 
a diagonal. 
6 Inthe isosceles triangle ABC, C 
AC = BC = 8 cm. The vertical height, 
CD, of the triangle is 5 cm. Calculate gcm 8cm 
the length of the base, AB. 
7 The sides of an equilateral triangle ^ D B 
are 6 cm long. Calculate the 
vertical height of the triangle. D 6cm C 
8 The diagram shows a trapezium 


ABCD with right angles at B and C. 
AB = 9 cm, BC = 4 cm and 

CD = 6 cm. Calculate the A B 
perimeter of the trapezium. zom 
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20.3 Proof of Pythagoras’ theorem 


This proof of Pythagoras’ theorem is based on a i N 
dissection. Figure 20.5 shows a right-angled triangle 
with adjacent sides labelled a, b and hypotenuse c. b 

Figure 20.5 
The first diagram in Figure 20.6 shows four copies 


of the triangle arranged in the form of a square surrounding a 
smaller square. The area of the larger square is c?. 


If you look at the square in the centre, its side is of length x; from 
the dimensions in the figure, x + a = b. This is the same as b - x =a. 


oF 


1 2 
Figure 20.6 
The second figure is identical to the first, but with two of the 
triangles shaded. The third figure shows how the two shaded 
triangles have been moved. The fourth figure is the same as the 
third, but with an additional dotted line drawn across it. 


Note that the fourth figure is made up of the same shapes as the first, 
so its area is the same as the area of the first square, which is c’. 


Below the dotted line is a rectangular shape whose breadth is a, 
and whose height is b — x, which is the same as a, so its area is a’. 


Above the dotted line is a rectangular shape whose breadth is b, 
and whose height is x + a, which is the same as b, so its area is b’. 


So the area of the fourth figure is a? + b?. So a? + b? = œ. 


20.4 Pythagoras’ theorem problems 


When solving problems on Pythagoras” theorem, always draw 

a diagram to show the information you are given. You may 
introduce a letter to represent the required distance but you should 
not use it in the final statement of the answer. Include units with 
your answer, if necessary. 


Example 20.4.1 


A ladder 6 m long leans against a wall so 
that the top of the ladder is 5 m from the 
ground. How far is the foot of the ladder 
from the wall? Give your answer correct to 
three significant figures. 


mE 


Let x m be the distance of the foot of the 
ladder from the wall. 


Then, using Pythagoras’ theorem, 
G = x* + 5¢, 


Sox = sl 25= 1, 
giving x= 111 = 3.32 m, correct to three significant figures. 


The foot of the ladder is 3.32 m, correct to three significant figures, 
from the wall. 


Give your answers to three significant figures where necessary. 
1 The foot of a ladder is 2 m from a wall and the top of the ladder is 


6 m above the ground. Calculate the length of the ladder. 
(Contd) 
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2 A ladder 7 m long leans against a wall so that the foot of the 
ladder is 2 m from the wall. How far is the top of the ladder above 
the ground? 

3 Oxford is 48 miles South of Birmingham and 19 miles East of 
Birmingham. Calculate the straight-line distance between 
Oxford and Birmingham. 

4 The lengths of the diagonals of a rhombus are 16 cm and 12 cm. 
Calculate the length of the sides of the rhombus. (Hint: the 
diagonals of a rhombus bisect each other at right angles.) 

5 The sides of a rhombus are 8 cm long. One of its diagonals is 8 cm 
long. Calculate the length of the other diagonal. 

6 The lengths of two of the sides of a right-angled triangle are 4 cm 
and 5 cm. Calculate the two possible lengths of the third side. 

7 The diagonals of a square are 6 cm long. Calculate the length of 
the sides of the square. 

8 Aand Bare points with coordinates (2, 4) and (6, 7) respectively. 
The units are centimetres. Calculate the distance AB. 


20.5 Trigonometry 


Trigonometry is the branch of mathematics about the relationships 
between the sides and angles of triangles. The word ‘trigonometry’ 
is derived from the Greek trigonon (triangle) and metron (measure). 


Trigonometry was used in navigation, surveying and astronomy, 
often when the problem was to find an inaccessible distance, 

such as that between the Earth and the Moon. The origins of 
trigonometry are probably the works of the Greek astronomer and 
mathematician Hipparchus (c. 190-120 Bc). 


Thereafter, the development of trigonometry had many strands, 
initially Indian and Arab and, later, European. The first major 
Western European work on trigonometry De trinaglis omni modis 
was written by the German mathematician Regiomontanus in 1464. 
In the seventeenth century, through the improvements in algebraic 
symbolism, trigonometry became the analytic science it is today. 


20.6 The tangent ratio 


Figure 20.7 shows a right-angled triangle C 
ABC, in which ZA = 35”. The length, AB, of 
the side adjacent to the 35° angle is drawn 


to be 2 cm. If you measure the length of the ra al 
side BC opposite the 35° angle you will find 2cm 
that it is very close to 1.4 cm. (Figure 20.7 Figure 20.7 


is drawn accurately, so you can actually 
measure the length of BC on the diagram.) 


If you enlarge the triangle in Figure 20.7 to get the triangle in 
Figure 20.8 so that the length of the side adjacent to the 35° angle 
is 3 cm, and you again measure the length of the side opposite to 
the 35° angle, you will find that the length is very close to 2.1 cm. 


opposite side _ BC 


If you calculate the ratio 27 TE r 
in each case, you will find that, in both 
cases, BC = 0.7. 

AB 


In fact, for all right-angled triangles with 
an angle of 35°, no matter what the length 


a A -7B 
; -  Oppositeside - 
of the adjacent side, the ratio acond 3cm 
0.7, correct to one decimal place. Figure 20.8 
The ratio Seid USually abbreviated to gx is called the 


tangent of the angle, written as tan. In the case above, tan 35° = 0.7. 


In general, using the Greek letter 0 (theta) to represent any angle, 


opposite 


tanó = adjacent ° ; 
eer ere ete See ee Side 
opposite 
(See Figure 20.9.) 166 
Remember that the sides ‘opposite’ DN E 
and ‘adjacent’ must relate to the Side adjacent to 6 
angle you are considering. Figure 20.9 
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Insight 
The angle 0 is between two sides: the hypotenuse and the 
adjacent. 


Remember that the hypotenuse is the longest side. 


20.7 Values of the tangent 


You can find the value of the tangent of an angle using your 
calculator. After making sure that it is in degree mode, use your 
calculator to check that tan 35° = 0.700 207.... You may need to 
consult your handbook. 


You should also find that tan 45° = 1. Tangents continue to 
increase as the angle increases from 45° towards 90°, and tangents 
of angles close to 90° are very large. The ratio tan 90°, however, 
does not exist. If 0 were 90° in Figure 20.9, you would no longer 
have a triangle, so tan 90° is not defined. Try finding tan 90° on 
your calculator; what happens? 


If you know the tangent of an angle and want to find the angle, you 
use the inverse tangent. This is often written as tan*, or sometimes 
as arctan. For example, if you need to know which angle has a 
tangent of 1.9, you should find that tan” 1.9 = 62.241...°. If you 
have problems, consult your calculator handbook. 


1 Use your calculator to find the values, correct to three significant 
figures, of the following. 


(a) tan 40° (b) tan 65° (c) tan 2° 
(d) tan 32.7° (e) tan 0.7° (f) tan 74.83° 
(g) tan 89.9° (h) tan 89.99° 


2 Use your calculator to find the values of 6, giving your answers 
correct to one decimal place. 


(a) tan 0= 0.6 (b) tan 0= 3 (c) tan 0= 0.25 
(d) tan O0=5 (e) tan 0=0.08 (f) tan 0= 0.893 
(g) tan O= 9.372 (h) tan 0= 23.4 
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20.8 Using tangents 


You can use tangents to calculate angles and lengths in right-angled 
triangles. 


Example 20.8.1 


Calculate the size of the angle marked 0 in 
the diagram. Give your answer correct to 
one decimal place. 


=% =11621.... 


adjacent — 3.7 


0S tans 621 A 
0 = 49.3°, correct to one decimal place 3.7 cm 


4.3cm : 
opposite . 


tan O= 


The triangle may sometimes be in a position where identifying the 
opposite and adjacent sides to the relevant angle takes some care. 


Example 20.8.2 

Calculate the length of the side marked 

a cm in the diagram. Give your answer ay cd 
correct to three significant figures. IN 


If you focus on the angle 67°, you will see that a cm is opposite the 
67° angle and the 5 cm side is adjacent to it. 


opposite 


tan O= = DO = E 


adjacent 


Looking at this as an equation and multiplying both sides by 5 gives 
ASES Ls E 


The length of the side is 11.8 cm, correct to three significant figures. 
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You can also use tangents to solve problems. 


: Example 20.8.3 


- A flag pole is 6 m high. A guy rope is attached to 

: the top of the flag pole and to a peg in the ground 

- 3.5m from the foot of the flag pole. Calculate the 
angle the guy rope makes with the ground. Give your a A 
answer correct to one decimal place. 3.5m 


6m 


- Let @ be the angle which the guy rope makes with the ground. 
- Then 


} __ Opposite _ 6 Ta 
aa a 1.7142... =4 


o= tan A2 = SITA 


- The angle which the guy rope makes with the ground is 59.7° 
- (correct to one decimal place). 


Insight 
Always draw a diagram. If a diagram is given, you may find it 
helps to turn the page around so that the triangle is like Aor A. 


SHOHOSHSHSHHSSHHSHSHSHSHSHSHHSHSHSHHSHSHSHSHSHSHSSHHSHSHSHHSHSHSHSHSHHSHSHHHSHSHHHSHSHSHSHSHSHSHSHHHSHSHHSHSHHHSHSHHSHSHHHSHHSHSHSHSHSHSHHSHSSHHHSHHESHHEHEHHEEEESE 


1 Find the marked angles or sides, giving lengths correct to three 
significant figures and angles correct to one decimal place. 


4cm 4cm 
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E O 
10cm 4 cm LS 


682 
A 
bem (d) 
(c) 
+ 7.3CM 
Xx J) |] 
com 6.8cm 4.2cm 
(f) 
AN 


(g) (h) 


A ladder resting against a wall makes an angle of 63° with the 
ground. The foot of the ladder is 4.7 m from the wall. Calculate the 
height of the top of the ladder above the ground. 

The lengths of two adjacent sides of a rectangle are 9 cm and 

7 cm. Calculate the size of the angle a diagonal of the rectangle 
makes with a 9 cm side. 

The bearing of York from Leeds is 058°. York is 18 miles East of 
Leeds. Calculate the distance York is North of Leeds. 

A man 1.8 m tall stands 100 m away from the foot of the Eiffel 
Tower on level ground. To see the top, he has to look up at an 
angle of 71.5° above the horizontal. (This is called an angle of 
elevation.) Calculate the height of the Eiffel Tower. 


20.9 Sine and cosine 


Figure 20.10 shows a right-angled triangle. Z 
The side a is opposite angle 6; b is adjacent 
: DIN y 
to 0 and c is the hypotenuse. You already 7 
Figure 20.10 
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know that, for a fixed angle 0, the ratio £ is constant (and equal 
to tan 0). 


The ratio 2 = aS is also constant. This ratio is the sine of the 


angle 6 and is written sin 0. 


adjacent 


Similarly, the ratio 2 = 2%. is constant. This ratio is the cosine 
c hypotenuse 


of the angle 6 and is written cos 0. 


sin O = _Opposite___ a, cos@= adjacent b 


hypotenuse c? ~ hypotenuse c 


eeoeee0eeeeeeeeeweeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeweeweeweeweeeeeeeeeeeee E @ Oe 


Finding the value of the sine or cosine of an angle using your 
calculator is similar to finding the tangent of an angle. Sines and 
cosines, however, cannot be greater than 1. You can use sin! and 
cos” to find the inverse sine and the inverse cosine in the same way 
that you used tan”! to find the inverse tangent. 


You can use sines and cosines to find angles and lengths in right- 
angled triangles in a way similar to the one used for tangents. 


For example, in Figure 20.11, the 7 cm side is opposite angle 0 and 
the 8 cm side is the hypotenuse. The ratio relating the opposite side 
and the hypotenuse is sine. So, 


y. m 
sin 0 = ee = 7 = 0.875 

8cm 7cm 
Then using your calculator to find 
sin 0.875 gives 0 = 61.04449...°. 
Thus, correct to one decimal place, 6 = 61.0°. Figure 20.11 


Insight 
You can use the word ‘sohcahtoa’ to help you remember 
which ratio you need. The middle letter of soh, cah and 


toa is on the numerator (top) of each ratio. So S°h gives 


. ___ Opposite P . _ adjacent ò . 
sin O = porns CP gives cos 0 = res» and ta gives 
__ Opposite 
tan@= adjacent * 


For example, if you know the adjacent and the hypotenuse 
then you have cah so use cos@= p52 


hypotenuse ° 


Example 20.9.1 p 


Calculate the length of the side marked a m in 
the figure. Give your answer correct to three [> 
significant figures. 


o _ _adjacent__ a 
cos 5/7 = hypotenuse 4 


so a = 4 cos 57° = 4 x 0.5446... = 21785... 
Thus the length is 218 m, correct to three significant figures. 


Example 20.9.2 


Calculate the length of the side marked 

b cm in the figure. Give your answer correct 7cm 

to three significant figures. : 
2 2 Ni: 

opposite 7 bcm . 


A 7 
O — s Om 
SNo a= RAE = peo on 37° =. 


Multiplying both sides by b gives b sin 37° =7, so, dividing by sin 37°, 
gives 


You can use sines and cosines to solve problems. As with tangents, 
always draw a diagram. 
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Insight 
You can use these cover-up triangles to help you rearrange 
the trigonometric ratios. The triangles help you work out 
whether you need to multiply or divide. 


A A A 
AAN 


For example, should you need to find the hypotenuse and 

know both the opposite and the value of 6 then cover ‘hyp’ 

in the first triangle. (The first triangle is the only one that has 
Opp 


both the opposite and the hypotenuse.) So hyp = ==. 


Example 20.9.3 a 

An aircraft flies 50 km in a straight line. It is 

then 37 km North of its starting point. Find 37km 50km 
the bearing on which it flew. Give your answer 

correct to the nearest degree. y 


In the figure, let O be the required bearing. 
Dy adjacent 27 
cos O= hypotenuse 0) 0.74 


O= Coss 074-4226 ~ 


The aircraft flew on the bearing 042°, correct to the nearest degree. 
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1 Find the marked angles or sides. Give lengths correct to three 
significant figures and angles correct to one decimal place. 


8 
9cm 4cm o 
LA E DON E 
acm 
(a) (b) 
|| 

bcm 3cm 

6cm 7cm 

DA a 
(c) (d) y 
ccm 
| 
x 6.3 cm 
CS 
8.7 cm 
2.9cm 
$ 
(e) (f) 
Q 
ecm 
/\ 
7.9 cm 


(g) (h) 


2 An aircraft flies for 400 m, climbing at an angle of 9° above the 
horizontal. Calculate its increase in height. 

3 A boy flies a kite with a piece of string 25 m long. Calculate the 
size of the angle the string makes with the horizontal when the 
kite is 20 m above the ground. 

(Contd) 
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A ladder leans against a wall. It makes an angle of 63° with the 
ground and the foot of the ladder is 3 m from the wall. Calculate 
the length of the ladder. 

A wire rope is attached to the top of a TV mast and to a point 

on the ground. The length of the rope is 183 m and the height of 
the mast is 128 m. Calculate the angle between the rope and the 
ground. 

The diagonal of a rectangle is 10 cm long. It makes an angle of 36° 
with one of the sides. Calculate the area of the rectangle. 

The two equal sides of an isosceles triangle are 7.5 cm long. The 
length of the other side is 10 cm. Calculate the size of each of the 
angles of the triangle. 

A regular pentagon is drawn inside a circle of radius 8 cm. 
Calculate the perimeter of the pentagon. 


THINGS TO REMEMBER 


a 
Side 
opposite 
to 0 


C 
Hypotenuse 


Side adjacent to 6 
b 


Pythagoras’ theorem states that for a right-angled triangle: 
c? = a? +b 


The longest side of a right-angled triangle is called the 
hypotenuse. The adjacent is next to the angle 0. The opposite 
is opposite the angle 6. 


opposite 


tanl = 


adjacent 


opposite 


sın 0 E hypotenuse 


adjacent 


COS 0 = hypotenuse 


You can use sohcahtoa to help you remember the trig ratios. 


> You can use these cover-up triangles to help you rearrange the 
trig ratios. 
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Indices and standard form 


In this chapter you will learn: 

e howto use indices and the laws of indices 

e howto express a number as the product of powers of its prime 
factors 

e howto find the highest common factor (HCF) of two numbers 

e howto find the lowest common multiple (LCM) of two numbers 

e howto use standard form. 


211 Indices 


You saw in Chapter 11 how indices are a shorthand for repeated 
multiplication. For example, you can writea xaxaxaxa asa, 
read as “a to the power 5”, where 5 is the index or power. 


In a similar way, you can use indices (the plural of index) to 
express powers of numbers. For example, 2° is shorthand for 
2x2x2x2x2, the value of which, when you carry out the 
multiplications, is 32. 


You may be able to evaluate 2* using your calculator without 


carrying out repeated multiplication: some calculators use a y* key; 
others use a key marked a. 
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1 Write the following in index form. 
(a) 5x5 (b)7x 7x7 (c)2x2x2x2 
2 Find the value of each of the following. 
(a) 3* (b) 5? (c) 2* (d) 10° 
3 Find the values of x which satisfy the following equations. 
(a)2=8 (b) 3*=81 (c) 10*= 10 000 
4 Find the value of each of the following. 
(a) 2? x 3? (b) 2* x 5? (c) 2? x 34x5 


21.2 Laws of indices 


In Chapter 11, you used the laws of indices to simplify algebraic 
expressions. For convenience, some of the laws are restated below. 


You can, for example, use the first law to express 23 x 2° as a single 
power of 2. You add the indices to obtain 2° x 2° = 23° = 28, 


: Example 21.2.1 


Express each of the following as a single power of 3. 
(a) 3’ + 3? (b) 3° + 3 (Bee 


(a) Subtracting the indices gives 3’ + 3? = 3"? = 3”, 

(b) Write 3 as 31. Then 3° + 3 = 38 + 31= 381 = 37, 

(c) Multiplying the indices gives (37)? = 3%? = 31, 
You cannot use the laws of indices to express expressions like 
2° x 34 as a single power of a number, because 2 and 3 are different 
numbers. 


21. Indices and standard form 


223 


294 


1 Write each of the following as a single power of the number. 
(a) 2* x 2° (b) 58 + 5? (c) (34)? 
(d) 10? x 10 (e) 5°+5 (f) 27 x 2? x 24 
(g) 37x 34+35 (h) EL 
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21.3 Prime factors 


The factors of 20 are 1, 2, 4, 5, 10 and 20. Of these factors, 2 and 
5 are prime numbers, so 2 and 5 are called the prime factors of 20. 


Every number can be expressed as the product of powers of its prime 
factors. You can express 20, for example, as 2? x 5. In a simple case 
like this, you might be able to do the working in your head but in 


more complicated cases it is easier to use repeated division. 


The first prime number is 2, which is a factor of 20. You can divide 
20 exactly by 2 twice. 20 +2=10and10+2=5. 


The second prime number is 3, but 3 is not a factor of 5. 
The third prime number is 5, which is a factor of 5. 
5 =5=1, which completes the dividing. 


You can set out the working like this. 


2 |20 
2 |10 
S| 5 

1 


S020=2x2x3=2?*x 5S. 


The next example illustrates this method with a larger number. 


: Example 21.3.1 


Express 360 as the product of powers of its prime factors. 


All whole numbers can be written as a product of prime 
factors. It is a good idea to evaluate your product of primes 
to check it actually does equal the original number. 


1 Write these numbers as products of powers of prime factors. 
(a) 12 (b) 18 (c) 36 (d) 45 (e) 48 
(f) 60 (g) 108 (h) 225 (i) 280 (j) 2200 


21.4 Highest common factor 


The highest common factor (HCF) of two numbers is the largest 
number which will divide exactly into both of them. 

The factors of 24 are 1, 2, 3, 4, 6, 8, 12, 24. 

The factors of 36 are 1, 2, 3, 4, 6, 9, 12, 18, 36. 

Six numbers divide exactly into both 24 and 36: 1, 2, 3, 4, 6 and 12. 


21. Indices and standard form 295 


The highest factor 24 and 36 have in common is 12, so 12 is the 
highest common factor of 24 and 36. 


In this case, the lists of factors are short and you may be able 
to find the HCF mentally. However, to find the HCF of larger 
numbers such as 540 and 1008, listing the factors would be 
tedious, so it would be useful to have a way of finding the HCF 
more directly. 


In prime factor form, 24 = 2° x 3, 36 = 2? x 3?, If you look at the 
powers of 2, you see that 2? is the highest power of 2 which divides 
both 24 and 36. Similarly, 3 is the highest power of 3 which 
divides both of them. So 2? x 3 = 12 is the largest number which 
divides both 24 and 36. 


In general, the HCF of two numbers is the product of the lowest 
powers of the prime factors they have in common. You can use this 
method to find the HCF of more than two numbers. 


: Example 21.4.1 
Find in index form the HCF of 2? x 3? x 54 and 24 x 5? x 7?. 


: The common prime factors are 2 and 5. 


: The lowest power of 2 which divides both is 2? and the lowest power 
- of 5 which divides both is 5?, so the HCF is 23 x 52. 


: Example 21.4.2 
Find the HCF of 540 and 1008. 


In prime factor form, 540 = 2? x 33 x 5 and 1008 = 2’ x 3? x 7. 
: The common prime factors are 2 and 3. 
: The lowest power of 2 which divides both is 2* and the lowest power 


: of 3 which divides both is 3?. So the HCF is 2? x 3? = 36. 
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Insight 
Always check that your answer is actually a factor of both 
numbers. 


1 Write down the highest common factor of the following pairs of 
numbers. 
(a)6and9 (b)14and21  (c)18and24 (d) 20 and 30 

2 Write down in index form the highest common factor of the 
following sets of numbers. 
(a) 2? x 32, 2° x 3° (b) 2*% 3? x 5*, 2° % 3° x 7? 
(c) 2 x 3? x 5?, 2? x 5? x 11 (d) 24 x 5, 23 x 54, 25 x 5? x 7 

3 Find the highest common factor of the following sets of numbers. 
(a) 120 and 168 (b) 300 and 420 (c) 120, 280 and 360 


21.5 Lowest common multiple 


The lowest common multiple (LCM) of two numbers is the lowest 
number which is a multiple of the two numbers. 

The multiples of 12 are 12, 24, 36, 48, 60, 72, 84, 96, 108, 120, ... 
The multiples of 15 are 15, 30, 45, 60, 75, 90, 105, 120, 135, ... 
The multiples which 12 and 15 have in common are 60, 120, ... 
The lowest multiple 12 and 15 have in common is 60, so 60 is the 
lowest common multiple of 12 and 15. 


In prime factor form, 12 = 2? x 3, 15 = 3 x 5. The highest powers of 
2, 3 and 5 respectively are 2?, 3 and 5, so both 12 and 15 divide into 
2? x 3 x 5 = 60. Thus, 60 is the LCM of the two numbers. 


In general, the LCM of two numbers is the product of the highest 
powers of all their prime factors, not just the ones they have in 
common. 
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: Example 21.5.1 


: Write down in index form the lowest common multiple of 2? x 5? x 7 
Ena 3 5 


} The highest power of each of the prime factors is 2°, 34, 5° and 7. 
TE EGMis 2: x 355 7, 


: Example 21.5.2 


Find the LCM of 45 and 60. 
In prime factor form, 45 = 3? x 5 and 60 = 27 x3 x 5. 
- The highest power of each of the prime factors is 27, 3? and 5. 


In index form, the LCM is 2? x 3? x 5 = 180. 


1 Write down the LCM of the following sets of numbers. 
(a) 3and5 (b) 4 and 6 (c)8and 12 — (d) 2,3 and 4 

2 Write down in index form the LCM of the following numbers. 
(a) 2? x 34, 2? x 3° (b) 24 x 3? x 5, 25 x 3 x 7? 
(612x522 5x11* id) 22 37,3X 5,2 x5 x7 

3 Find the lowest common multiple of the following numbers. 
(a) 40and50  (b)24and 30 (c) 18, 20 and 27 


21.6 Standard form — large numbers 
In this section, you will be using powers of 10. Here are some of them. 


10*=10x10x10x10 =10 000 


10° = 10 x 10 x 10 = 1000 
10-210 x 10 = 100 
10*=10 =10 


Note that the value of 10* is 1 followed by 4 zeros; the value 
of 10* is 1 followed by 3 zeros and so on. You can extend this 
to higher powers of 10, so 107 is 1 followed by 7 zeros, that is, 
107 =10 000 000. 


The value of 2 x 10* is 2 x 1000 = 2000. Again, the index is the 


same as the number of zeros. 


The number 2 x 10° is an example of a number written in standard 
form, or standard index form. 


Standard form consists of a number between 1 and 10 multiplied 
by a power of 10. The number between 1 and 10 need not be a 
whole number; the number 7.1 x 10* is in standard form. The 
value of 7.1 x 10*is 7.1 x 10 000, which is 71 000. 


To write a number in standard form, write down the number 
between 1 and 10 and then decide what power of 10 it has to 
be multiplied by. With 657 000 the number between 1 and 10 
is 6.57, which has to be multiplied by 100 000, which is 10°. 
So 657 000 = 6.57 x 10*. 


Standard form is often used to write very large numbers. 

For example, the distance from Earth to the star Sirius is 

50 000 000 000 000 miles. It is much more convenient to express 
this distance in standard form as 5 x 10** miles, rather than 
count all those zeros. 


: Example 21.6.1 


; Write in standard form 
(a) 5730 (b) 600 000 (c) 2.8 million 


(a) 5730 = 5.73 x 1000, so 5730 = 5.73 x 10? 
(b) 600 000 = 6 x 100 000 = 6 x 105 
(c) 2.8 million = 2 800 000 = 2.8 x 1000 000 = 2.8 x 10° 
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: Example 21.6.2 


Write 6.47 x 10%as an ordinary number. 


6.47 x 10* = 6.47 x 10 000 = 64 700 
Try using your calculator to check the answers to the last two 
examples. You may have to use the manual to find out how to 
do it. The number of figures on your calculator display will limit 
the size of the number it can show as an ordinary number. 
Insight 
We are so used to hearing about very large numbers that it 
is easy to not appreciate exactly how large numbers like a 
billion or a trillion really are. To count to a million at a rate 
of one number per second would take about eleven and a 
half days; to count to a billion at the same rate would take 
over 31 years 8 months, and to count to a trillion would take 
nearly 31 710 years. 


1 Write the following numbers in standard form. 
(a) 900 (b) 3000 (c) 700 000 (d) 40 000 000 
(e) 32 000 (f) 170 000 (g) 4520 (h) 275 000 000 
(i) 52 million (j) 4.6 million 

2 Write the following numbers as ordinary numbers. 
(a) 5 x 10? (b) 8 x 104 (c) 9 x 107 (d) 8.7 x 10° 
(e)9.1x 10? (f)2.3x 10% (g)1.97x10* (h)4.21x 10% 

3 Light travels 300 000 000 metres in one second. Write this number 
in standard form. 

4 The age of the Sun is approximately 7500 million years. Write this 
number in standard form. 

5 The average distance of the Earth from the Sun is 9.37 x 10” miles. 
Write this as an ordinary number. 
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21.7 Standard form — small numbers 
Here are some numbers expressed in standard form. 


37 000=3.7x 10* 
3700 =3.7 x10 
370=3.7x 10 
37=3.7x 10! 


You can obtain each number on the left by dividing the one above 
it by 10 and each index is one less than the one above it. You can 
use these relationships to continue the pattern. 


Da = 5a) x O 
037 =3.7 «107 
0.037 =3.7 x10 
0.0037 =3.7 x107 


This shows that, when you express a number less than 1 in 
standard form, the power of 10 is negative. One way of finding the 
index is to count the number of zeros before the first significant 
figure and then make this number negative. For example, 0.000 72 
has 4 zeros before the first significant figure, 7, and so the index 

is —4. So in standard form, 0.000 72 is 7.2 x 107. 


: Example 21.7.1 
: Write in standard form (a) 0.000 003 (b) 0.0912 


(a) There are 6 zeros before the first significant figure. 
So the index is -6. Then 0.000 003 = 3 x 10% 

(b) There are 2 zeros before the first significant figure. 
So the index is -2. Then 0.0912 = 912 x 10? 
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: Example 21.7.2 


Write 1.9 x 10” as an ordinary number. 
The index, —5, tells you that there are 5 zeros before the 1. 


Thus 19x 10s — 0 000019 
Try using your calculator to check the answers to the last two 
examples. You may need to consult your manual. 


1 Write the following numbers in standard form. 
(a) 0.07 (b) 0.0004 
(c) 0.3 (d) 0.000 000 09 
(e) 0.0084 (f) 0.000 029 
(g) 0.007 91 (h) 0.739 


2 Write the following numbers in standard form as ordinary 


numbers. 
(a) 4x 10° (b) 8 x 10° 
(c)9 x 107 (d) 3 x 10° 


(e) 13x 10? (Ff) 9.7 x 107 
(g) 4.73 x 10% (h) 5.08 x 107 


3 The wavelength of visible light is 0.0005 mm. Write this number in 
standard form. 


4 The coefficient of linear expansion of copper is 0.000 016 9 per 
degree C. Write this number in standard form. 


5 The lifetime in seconds of Mu Minus, an atomic particle, 
is 2.2 x 10*. Write this as an ordinary number. 


21.8 Standard form calculations 


You can do simple standard form calculations mentally with the 
laws of indices. For more awkward calculations, use your calculator. 
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Example 21.8.1 


Work out (3 x 10°) x (5 x 10%). Give your answer in standard form. 


You can change the order of the multiplication without affecting it. 
Soe Ole SAO Se 102 10 SO 


But this is not in standard form; write 15 in standard form as 1.5 x 101, 
Then iS OS SS 10 = 10 s0 


G o e =a o 


Example 21.8.2 


8 x 107 
Work out =p. 


ita 8x10 8 x 10’ 
NOUR A m OS rage 


UE ES 3 
Then 5350 = 5501 =4 x 10°. 


Example 21.8.3 


Work out (5.4 x 10%) + (3.6 x 103). Give your answer in 
standard form. 


In this case, you have to evaluate each of the terms first. 
5.4 x 10t = 54 000 and 3.6 x 10? = 3600 

Adding the numbers gives 54 000 + 3600 = 57 600. 

In standard form, 57 600 = 5.76 x 107. 


So (5.4 x 10%) + (3.6 x 10?) = 5.76 x 104 
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Work out the following without using a calculator. Give your 
answers in standard form. 


(a) (3 x 105) x (2 x 10%) (b) (6 x 10%) x (4 x 104) 
GE (d) E 
(e) (4 x 104) + (3 x 103) (f) (5 x 10°) — (7 x 104) 


(g) (3.1 x 10°) + (4.7 10%) (h) (6.3 x 103) — (3.8 x 10?) 


Using a calculator, work out the following. Give your answers in 
standard form, correct to three significant figures. 

(a) (6.71 x 10°) x (4.29 x 10°) 

(b) 350 


(c) (4.82 x 10%) + (8.73 x 103) 
(d) (9.82 x 10’) — (6.31 x 10%) 


A computer performs 400 million calculations per second. Work 
out the number of calculations it performs in 2 hours. Give your 
answer in standard form. 


The distance of the Earth from the Sun is 1.5 x 10% km. The 
distance of Uranus from the Sun is 2.8 x 10°. Approximately how 
many times further from the Sun is Uranus than the Earth? 


Astronomical distances are often measured in light years. 

1 light year = 9.46 x 10** km 

(a) The centre of the Milky Way is 2.6 x 104 light years from Earth. 
How many kilometres is this? Give your answer in standard 
form, correct to two significant figures. 

(b) The Andromeda Galaxy is 1.4 x 10° km from Earth. Express this 
in light years. Give your answer in standard form, correct to 
two significant figures. 


THINGS TO REMEMBER 


> The laws of indices are: 
(a) = q” q! = a 


> The factors of a number are numbers which divide exactly 
into that number. For example, the factors of 70 are 1, 2, 3, 7, 
10, 14, 35 and 70. 


> Prime factors are the factors of a number which are prime. 
Every whole number can be written as a product of prime 
factors. For example, the prime factors of 70 are 2, 5 and 7 
and 70=2xX5X7, 


> The highest common factor (HCF) of two numbers is the 
largest number which will divide exactly into both of them. 


> The lowest common multiple (LCM) of two numbers is the 
lowest number which is a multiple of the two numbers. 


» Standard form is used to write very large or very small 
numbers. It consists of a number between 1 and 10 multiplied 
by a power of 10. 


> To write a number which is greater than 1 in standard form: 
count how many digits there are after the first significant figure 
to give you the power of 10. For example, 906 000 = 9.06 x 10°. 


> To write a number which is less than 1 in standard form: 
count the number of zeros before the first significant figure and 
then make this number negative to give you the power of 10. 
For example, 0.000 0906 = 9.06 x 107. 


» You can do simple standard form calculations mentally using 
the laws of indices. 
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Statistics 2 


In this chapter you will learn: 

e howto find the mode, median, mean and range from lists and 
tables 

e howto solve problems involving the mode, median, mean or 
range 

e howto find an estimate for the mean from grouped frequency 
tables 

e howto draw and use cumulative frequency graphs. 


22.1 Averages 


Chapter 6 dealt with the collection and organization of data. 

This chapter deals with the analysis of data. One way in which you 
can do this is to find an average, usually a single value, which is 
typical or representative of the set of data. The three averages most 
commonly used are the mode, the median and the arithmetic mean, 
usually just called the mean. 


22.2 The mode 


The mode is the item which occurs most often. In everyday speech, 
‘mode’ means ‘fashion’; you can think of the mode as the most 


fashionable or popular item. Thus, if the shoe sizes of seven 
men are 8, 6, 9, 7, 9, 7 and 9, the mode, or modal size, is 9, 
because it appears three times and no other size appears more 
than twice. 


If the above information about 
shoe sizes is shown on a bar chart 


Cc 
(see Figure 22.1), the mode isthe £ 3 
shoe size with the highest bar. cee 
(eb) 
O 
To find the mode of longer 3 1 
lists of numbers, you might 
find it helpful to use tally g 6 7 8 9 
marks and draw up a frequency Shoe size 
table. Figure 22.1 


The mode is not always a number; it could, for example, be a 
colour. The mode has the advantages of being easy to obtain and 
being unaffected by extreme values but it is possible for data to 
have more than one mode or, if all the items are all different, no 
mode. 


Example 22.2.1 


Find the mode of 
(a) 4,6,7,5,4,7,6,8,6, 8 1 23) Os 


(a) 6 occurs three times. 4, 7 and 8 each occur twice. 5 occurs once, 
so the mode is 6. 

(b) 3 and 5 each occur twice. 1, 2 and 6 each occur once. So the 
modes are 3 and 5. (The data is said to be bi-modal.) 


22.3 The median 


The median is the middle value, after the data have been arranged 
in order of size. For example, to find the median of 7, 3, 6, 4, 2, 
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write the numbers in order of size (2, 3, 4, 6, 7) and find the middle 
number, which is 4. So the median is 4. 


For five values, the median is the third value in the data, after 
they have been arranged in order of size. If there were seven 
values in the data, the median would be the fourth value and 
so on. In general, after you have put the values in order of size, 
you can find the position of the median by adding one to the 
number of values and dividing the result by 2. For example, if 
there are 17 values, find + (17 + 1); so the median is the ninth 
value. 


A problem arises with the median of an even number of values, for 
example 7, 3, 8, 1, 9, 2. When you write the numbers in order of 
size (1, 2, 3, 7, 8, 9), there are two numbers in the middle, 3 and 7. 
The median is the number halfway between 3 and 7, that is, 5. 
Notice that 5 = 4(3 + 7) and that 5 did not appear in the original 
data. 


In general, after putting the values in order of size, the median of 
an odd number of values is simply the middle value and the median 
of an even number of values is halfway between the middle two 
values. 


Example 22.3.1 


Find the median of 
‘EN 2,45, ay Sa (Dia 


(a) Write the numbers 0, 1, 1, 2, 2, 3, 4, 4, 5 in order of size. The 
middle number is 2, so the median is 2. 
(b) Write the numbers 3, 4, 7, 12, 13, 27 in order of size. There are 
two numbers in the middle, 7 and 12. Adding 7 and 12 and 
dividing the result by 2 gives 1 (7 + 12) = + x 19 = 91, so the 
median is 91. 
From part (b) the median, like the mode, is not affected by extreme 
values. 


22.4 The mean 


The mean is the sum of the values divided by the number of values, 
that is, 


sum of values 
mean = ——__—_ 
number of values 


For example, to find the mean of 9, 12, 2 and 5, add the numbers 
(9+12+2+5 =28) and then divide 28 by 4, the number of values. 
Thus the mean is 224723 = 4 = 7, The mean, therefore, need not 
be one of the numbers in the original data. Also, it need not be a 
whole number, even if all the values in the data are whole numbers. 


Example 22.4.1 


Ten boys were asked how many sisters each of them had. The numbers 
were 3, 2, O, 2, 1, 4, 0, 1, 2, 1. Work out the mean number of sisters. 


Dab ee 2] (Ose le i] 
10 10 


Mean = 


Of course, you cannot have 0.6 of a sister, but it is still correct to 
give this answer as 1.6. 


The ‘average’ referred to in everyday speech is usually the mean. The 
term has already been used in this book; average number of hours 
of sunshine and average monthly rainfall occurred in Chapter 6 and 
average speed appeared in Chapter 8. Each of these is a mean value. 


An advantage of the mean is that it makes use of all the data; a 
disadvantage is that it may be affected a great deal by extreme values. 


: Example 22.4.2 
The rainfall, in millimetres, each day during a week is O, 1, 2, 17, 1, O, O. 
Work out the mean daily rainfall and comment on your answer. 


(Contd) 3 
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Mean = 
ean o : 


The mean rainfall is 3 mm. 


The mean is not a very representative value, as, on six of the seven 
days, the rainfall is less than 3 mm. The median, 1 mm, might be a 
more appropriate representative value for certain purposes. 
At the start of this section, you saw that, if the mean of four 
numbers is 7, their sum is 28, which is 7 x 4. In general, 


eeee0e0eoe0e0ee0ee0eeeeeweeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeweeeeeeeeeeeeeeeeee @ 


Example 22.4.3 


The mean number of points scored by a rugby team in their first four 
matches was 17. After five matches, their mean was 19 points. How 
many points did they score in the fifth match? 


Number of points scored in first four matches = 17 x 4= 68 
Number of points scored in all five matches = 19 x 5 = 95 
Number of points scored in the fifth match = 95 - 68 = 27 


You often need to decide on which average would be the most 
appropriate one to use — this table can help you decide: 


Average Advantages 


Mode Easy to spot — especially when data has been ordered. 
Can be used for non-numerical data; for example, the 
most popular colour is blue. 


Median Useful when the data set has a few values which are 
much higher or lower than most of the other values. 
Useful for making comparison; for example half of the 
class got 60% or above. 


Mean Takes into account all of the data values. 
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Find the mode, median and mean of the following sets of 
numbers. 


(a) 7,7,8, 11, 12 (b) 9, 5, 13, 5 
(c) 9, 0,8, 9, 4 (d) 7, 1, 6, 7,6, 1,7 
(e) 12, 5, 7, 17, 7,15 (f) 5,-1,-4, 0, 5 


The number of children in each of ten families was 2, 3, 1, 3, 4, 2, 1, 

3, 2, 3. Find the mode, median and mean. 

The marks of five candidates in an examination were 76, 84, 72, 84 

and 59. Find the mode, median and mean. 

The numbers of goals scored by a soccer team in the first eight 

matches of the season were 3, 7, 1,0, 2, 1,5 and 1. Find the mode, 

median and mean. 

The minimum daily temperatures, in °C, during a winter week 

were —1, —8, 0, -6, -1, —2 and —3. Find the mode, median and 

mean. 

The lengths of six films are 2 h 4 min, 2 h 14 min, 1 h 43 min, 

2h 14 min, 2 h 29 min and 1 h 52 min. Find, in hours and minutes, 

the mode, median and mean. 

The ages of four children are 3 years 7 months, 5 years 4 months, 

6 years 8 months and 8 years 9 months. Find, in years and months, 

their mean age. 

(a) A man drives 252 miles in 6 hours. Find his average speed. 

(b) On the next day, he drives 105 miles at the same average 
speed. How long will this journey take him? 

The mean of ten numbers is 8.3. Work out their sum. 

The mean of 19, 37, 17,x, 29 and 15 is 24. Find the value of x. 

The mode of five numbers is 1, the median is 5 and the mean is 4. 

Find the numbers. 

The mean weight of seven people is 61 kg. Another person joins 

the group and the mean falls to 59 kg. Work out the weight of the 

eighth person. 

The mean height of the 15 boys in a class is 162 cm and the mean 

height of the 10 girls is 152 cm. Work out the mean height of the 

25 pupils. 

A cyclist travels for 3 hours at 20 mph and then for 2 hours at 

15 mph. Work out her average speed for the whole journey. 
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22.5 The range 


In addition to finding averages, it is useful to know how spread out 
data are. For example, if in an examination six boys scored 54, 55, 
58, 62, 62, 63 and seven girls scored 32, 50, 54, 60, 62, 62, 93, the 
boys’ mode (62), median (60) and mean (59) are the same as those 
of the girls but the spread, or dispersion, of each set of marks is 
quite different. 


The range is one measure of the spread of data. The range is the 
difference between the highest value and the lowest value, that is, 


Thus, the range of the boys’ marks is 63 — 54 = 9 and the range of 

the girls’ marks is 93 — 32 = 61. Notice that, in mathematics, the 

range is a single value, even though, in everyday speech, you might 

describe the boys” range, for example, as 54 to 63. 

Insight 
When the range is low it means that the data values are close 
together; however, it doesn't give you any information about 
the actual data values. So, in the above example you can tell 
that the boys are more consistent as their range of marks is 
lower; but the range alone doesn’t tell you whether the boys 
have consistently good marks or consistently bad marks. 


SOHOSSHSHSHSSHHSSHSHHSHSHSHSHSHSHSHSHSHHSHSHSHHSHSHHSHSHHSHSHSHSHSHSHHSHSHSHSHSHHSHSHSHSHSHSHSHSHHHSHHHSHSHHHSHSHHSHSHHHSHHSHSHSHHSHHHSHHESEHSEHEESEEE 


The range has the advantage of being simple to work out but it is 
obviously affected by extreme values which are very different from 
other values in the data. 


: Example 22.5.1 
- In Mathsville, the number of hours of sunshine each day last week 
- was 6, 9, 4, 3, 11, 6 and 7. Find the range. 

The highest value is 11 and the lowest value is 3. 


Highest value — lowest value = 11 — 3 = 8, so the range is 8 hours. 


1 Find the range of the following sets of numbers. 

(a) 2, 4, 7,8, 9 (b) 24, 17, 42, 29, 37, 19 
(c) 3, 4, 0, -2, 1, -3 

2 The range of a set of data is 9. The lowest value is 12. Work out the 
highest value. 

3 Inascience examination, six students scored 42, 76, 51, 64, 48, 59 
and, in a history examination, they scored 86, 24, 93, 17, 41, 65. 
Find the range of their marks for each examination. 

4 One day last winter, | measured the temperature every four hours. 
My readings, in °C, were —6, —3, 0, 3, 1, —2. Find the range. 

5 The median of five numbers is 8; their mode is 3; their range is 9; 
their mean is 7. Find the numbers. 


22.6 Frequency tables 


You can find averages and the range from a frequency table. For 
example, the table shows information about the number of goals 
scored by 20 soccer teams. 


Numberof goals | o| 1121 3|4| 5 


[Numberofteams | 2 | 6] 5| 4| 1] 2 


The mode, or modal number of goals, is 1, because more teams, 6, 
scored 1 goal than any other number of goals. 


To find the median, you could first write down the numbers of goals 
from the table 0, 0, 1, 1, 1, 1, 1, 1, 2, 2, 2, 2, 2, 3, 3, 3, 3, 4, 5, 5. 


The median lies halfway between the tenth and eleventh values 
(see Section 22.3) and, as these are both 2, the median is 2. 


You can, however, find the median using the table without writing 
out a list. The first two teams scored no goals, so the second team 
scored no goals. The next six teams scored 1 goal, so the eighth 
team scored 1 goal. The next five teams scored 2 goals, so the 
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thirteenth team scored 2 goals. The tenth and eleventh teams must 
each have scored 2 goals, so the median is 2. 


The numbers 2, 8, 13 are called the running total or cumulative 
frequency. The next two are 17 (13 + 4) and 18 (17 + 1). The last 
one is 20, the total number of teams. 


To work out the mean, you need to find the total number of 
goals and divide it by the number of teams, 20. Two teams 
scored no goals. Six teams each with 1 goal scored a total of 
6 goals (1 x 6). Five teams each with 2 goals scored a total of 
10 goals (2 x 5) and so on. 


Thus, the total number of goals 
=(0x2)+(1x6)+(2x S)+(3 x 4) 4+ (4x 1) + (5 x 2) 
=0+6+10+12+4+10=42 


So the mean is ae = 2.1. 
20 


The highest number of goals is 5 and the lowest is 0. The range is 
5 —0=5, so the range is 5 goals. 


Find the mode, median, mean and range from the following tables. 


1 The table shows the number of goals scored by 25 hockey teams. 


Numberofgoas | 0| 1| 2| 3] 4|5|6 


Numberofteams | 1] 2] 4] 7] 8] 1] 2 


2 The table shows the number of days 30 people were absent from 
work last week. 


Numberofdays | 0| 1| 2| 3] 4] 5 


Number ofpeopie | 9| 8] 4] 5] 3] 1 
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3 The table shows the numbers of people living in houses in a street. 


Numberof people | 1| 2 | 3| 4| 5| 6 | 7 


[Numberofhouses | 3 | 6| 5|2|3|0| 1 


4 According to the label on a box of screws, the ‘average’ contents 
are 15. John bought some of these boxes of screws and counted 
the number of screws in each box. The table shows his results. 


[Numberofboxes | 1] 1|7|6| 3 


22.7 Grouped frequency tables 


In Section 6.9, you saw how to use class intervals to show data 

in grouped frequency tables. Even if you do not have the original 
data, you can use a grouped frequency table to obtain a variety of 
statistical information. 


The marks scored by 50 students in a test were used to complete 
this grouped frequency table. 


15 


Frequency | 7 | 9 | 12 | wis 


You cannot find the mode from the table, but you can find which 
class interval has the highest frequency. This is called the modal 


class interval. So, in this example, the modal class interval is 16-20. 


The mode does not necessarily lie in the modal class interval. 


Nor can you use the table to find the exact values of the mean and 
the median but you can use it to estimate them. 


At one extreme, the seven students in the interval 1-5 could each 
have a mark of 1; at the other, they could each have a mark of 5. 
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It is more likely, though, that their marks are distributed 
throughout the interval. To estimate the mean, you need only an 
approximate sum of the seven marks, so assume each of the seven 
students scored a mark in the middle of the interval. The halfway 
mark of the interval 1-5 is 3. So the total mark of the seven 
students is approximately 3 x 7 = 21. Continuing like this, you 
approximate the sum of all the students’ marks. 


Sum=3x7+8x9+13x12+18x17+23x5 
=21+72+156+306 + 115 =670 


Finally, to obtain an estimate of the mean, divide the approximate 
sum, 670, by the number, 50, of students. 


Mean = a =13,4 
50 


The median lies halfway between the 25th and 26th values. You 
can find the interval in which the median lies using an approach 
similar to that in Section 22.5. 


The first seven students scored marks in the interval 1-5, so the 
seventh student scored a mark of 5 or less. The next nine students 
scored marks from 6-10, so the 16th student scored a mark of 10 
or less. The next 12 students scored marks from 11-15, so the 28th 
student scored a mark of 15 or less. The 25th and 26th student 
must each have scored marks in the interval 11-15, so the median 
lies in this interval. In this case, the median lies in the middle 
interval, but this will not always be so. 


The numbers 7, 16 and 28 are called cumulative frequencies. The 
next one is 45 (28 + 17) and the last one is 50, the total number of 
students. You can show the cumulative frequency in a table. 


Mark upto5 upto10 upto15 upto20 upto25 
Cumulative 
frequency 7 16 28 45 50 


You can use the values in the table to draw a cumulative frequency 
graph. (See Figure 22.2.) A cumulative frequency of 7 is plotted 
above a mark of 5, because you cannot be sure that all seven students 
have been included until you reach a mark of 5. A cumulative 
frequency of 16 is plotted above a mark of 10 and so on. You can 
join the points either with a smooth curve, as shown, or with a series 
of straight lines. 


As this data is discrete and the marks are whole numbers, you plot 
the cumulative frequencies above 5, 10, 15, 20 and 25. Had the 
data been continuous, you should plot above 5.5, 10.5, 15.5, 20.5 
and 25.5. However, in practice, this makes little difference in the 
results. 


You can use the graph to obtain an 


estimate for the median by finding 3 

the mark which corresponds to a z 

cumulative frequency of 25. (Strictly 9 

speaking, it is a cumulative frequency 3 

of 254 but 25 is near enough for z 

an estimate.) The dotted lines with ° 

arrows in Figure 22.2 show how this 0 5 10 15 20 25 
method gives 14 as an estimate of the Mark 
median. Figure 22.2 


The median is the mark with a cumulative frequency 25, which 

is half of the total cumulative frequency, 50. The mark with a 
cumulative frequency which is one-quarter of the total cumulative 
frequency, 125, is called the lower quartile or first quartile. 


From the graph, the lower quartile is 8. You can think of the 
median as the second quartile. Then the mark with a cumulative 
frequency of three-quarters of the total cumulative frequency, that 
is, 374, is the upper quartile or third quartile. From the graph, the 
upper quartile is 18. 


The difference between the lower quartile and upper quartile is 
called the interquartile range, which is a measure of the spread of the 


marks. In this case, therefore, the interquartile range = 18 - 8 = 10. 
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Insight 
The interquartile range tells you about the spread of the 
middle 50% of the data. 


You can also use the graph to find how many candidates scored 
less than a certain mark and, by subtraction from 50, how many 
scored more than that mark. For example, reading up to the 
curve from a mark of 19, you find that 42 students scored 19 
marks or less so 50 — 42 = 8 eight students scored more than 19 
marks. 


In the next example, the class intervals for continuous data are 
written in a way you met in Section 6.9. 


Example 22.7.1 


The grouped frequency table is about the heights of 80 women. 


Height (hcm) |140<h< 150 150 <h < 160 


Height (hcm) |160 <h < 170 170<h<180 
[Frequency | 38 | 9 | 


(a) State the modal class interval. 

(b) Work out an estimate of the mean. 

(c) Draw a cumulative frequency graph and use it to estimate 
the median, the lower quartile, the upper quartile and the 
interquartile range. 


(a) The modal class interval is 160 < h < 170. 


145 x 4 + 155 x 29 + 165 x 38 + 175 x 9 
80 
580 + 4495 + 6270 +1575 12920 
7 80 = 80 


(b) Mean in (cm) = 


= 161.5 


The mean is approximately 161.5 cm. 


Height (h cm) 140 <h < 150 140 < h < 160 
Cumulative frequency | 4 | 3 


Height (h cm) 140 <h < 170 140 < h < 180 
Cumulative frequency | n o | 80 


Notice how the entries in the row marked ‘heights’ differ from 

the ones in the earlier table in this example. This is typical of tables 
which are constructed for 
drawing cumulative frequency 
graphs. 


From the cumulative frequency 
graph, the median is 162 cm; 
the lower quartile is 157 cm 
and the upper quartile is O 
167 cm. The interquartile Height (h cm) 
range is, therefore, 

167 cm-157 cm = 10 cm. 


Lower quartile 


Median 
Upper quartile 


Cumulative frequency 


1 The table gives information about the number of words in 40 
sentences in a book. 


Frequency |s | 9 | 9 | 7 


(a) State the modal class interval. 
(b) Find an estimate of the mean. 
(c) Draw a cumulative frequency graph to estimate the median, 
the lower and upper quartiles and the interquartile range. 
(Contd) 
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2 The table gives information about the weights, in kilograms, of 
100 men. 


60 <w< 70 


Weight (w kg) 


100 <w < 110 


(a) State the modal class interval. 

(b) Find an estimate of the mean. 

(c) From a cumulative frequency graph, estimate the median, the 
lower and upper quartiles and the interquartile range. 

(d) How many men weighed more than 76 kg? 
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THINGS TO REMEMBER 


» 


The mode is the data item which occurs most often. When 

a set of data has two modes it is bi-modal. When data is 
organized into a grouped frequency table the group with the 
highest frequency is called the modal class interval. 


The median is the middle value, after the data have been 
arranged in order of size. 


sum of values 
Mi e 
number of values 


Sum of values = mean x number of values 
Range = highest value — lowest value 


The range is a measure of the spread of data. 


Cumulative frequency is the running total of the frequencies 
once the data has been organized in a frequency table. 


A cumulative frequency graph is drawn by plotting the 
cumulative frequencies against the upper bound of each class 
interval. 


The lower quartile or first quartile is the data value which 
is one-quarter of the way through the ordered data set. The 
upper quartile or third quartile is the data value which is 


three-quarters of the way through the ordered data set. 


Interquartile range = upper quartile — lower quartile 
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In this chapter you will learn: 

e howto find equations of straight lines 

e howto drawstraight-line graphs 

e howto find and use the gradient of a straight-line graph 
¢ howto draw quadratic, cubic and reciprocal graphs. 


23.1 Equations of straight lines 


You saw in Section 8.3 how to find the equation of a straight 
line which is parallel to one of the axes. You can sometimes 
find the equation of a line which is not parallel to one of the 
axes by finding the coordinates 

of some points on the line 

and looking for a relationship 
between the x-coordinates and the 
y-coordinates. 


For example, in Figure 23.1, the 

coordinates of some of the points on 

line (a) are (0, 0), (1, 1), (2, 2) and 5 x 
(3, 3). In general, the y-coordinate 

is equal to the x-coordinate, so the 

equation of line (a) is y = x or x= y. 

The coordinates of some of the Figure 23.1 


points on line (b) are (—3, -1), (-2, 0), (1, 1), (0, 2), (1, 3), 
(2, 4) and (3, 5). The relationship may be clearer if you show the 
coordinates in a table. 


The y-coordinate is 2 more than the x-coordinate, so the equation 
of line (b) is y = x + 2. It is parallel to the line y = x and is that line 
moved up 2 units. In a similar way, you could show that the line 
y =x — 2 is the line y = x moved down 2 units. 


The coordinates of some of the 
points on line (c) in Figure 23.2 y (d) (c) 
are shown in the table. 


The y-coordinate is twice the 
x-coordinate, so the equation of 
line (c) is y = 2x. 


This table shows the coordinates Figure 23.2 
of some of the points on line (d) in 
Figure 25.2, 


The y-coordinate is 3 times the x-coordinate, so the equation of 
line (d) is y = 3x. In general, a line whose equation is y = mx passes 
through the origin. The coefficient of x, 3 in the case of y = 3x, 

is related to the steepness of the line. The coefficient of x may be 
negative or a fraction. 
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Example 23.1.1 


Find the equation of each 


of the lines shown in the E 
diagram. 
The table shows the 
coordinates of some of the 
points on line (a). 
O 


(a) 


The y-coordinate is —1 times 
the x-coordinate, so the 
equation of line (a) is y =-x orx+y=0. 


The table shows the coordinates of some of the points on line (b). 


The sum of the x-coordinate and the y-coordinate is 3, so the 
equation of line (b) is x + y=3. 


: Alternatively, you could say that line (b) is the line with equation 
> y = -x moved up 3 units; so the equation of line (b) is y = -x + 3, 
- which you obtain when you make y the subject of the equation 

- x+y=3. 


Notice that in both y = -x and y =-x + 3, the coefficient of x is 
negative (—1) and that the lines are sloping in the opposite direction 
- to those on the previous page, which have a positive coefficient of 
: xin their equations. 
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1 Find the equation of each of the lines shown in the diagrams. 


TNŽ Z 
SN 


23.2 Drawing straight-line graphs 


To draw a graph when you are told its equation, you have to 
substitute values of x into the equation and find the corresponding 
y-values. This gives you the coordinates of points on the graph. 


For example, when you substituting the value x = 3 into the 
equation y=2x +1, y=2x3+1=7. Thus (3, 7) is a point on the 
graph of y = 2x + 1. The coordinates are often shown in a table of 
values. This table shows the x- and y-coordinates of points on the 
graph of y = 2x + 1 for values of x between x = -2 and x = 4. 


You can then plot the points and join them with a straight line 
(see Figure 23.3 overleaf). 
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The line cuts the y-axis at (0, 1). 
This point is called its intercept on 
the y-axis or y-intercept. 


In general, the graph of an equation 
of the form y = mx + c is a straight 
line with (0, c) as its intercept on the 
y-axis. For example, when 

m = 3 and c = —2, the equation is 

y = 3x — 2. Thus, the graph of 

y = 3x — 2 is a straight line and its 
intercept on the y-axis is (0, —2). 


If you are not asked to complete a 
table of values like the one above, 
you need plot only two points on a 
line to be able to draw it, but a third 
point is a useful check. 


Example 23.2.1 


(a) Draw the line whose equation is y = —2x + 5 for values of x 
between x = —2 and x = 4. 


(b) Write down the coordinates of its intercept on the y-axis. 
(a) Choose three suitable x values, say x = 0, x= 1 and x = 2 and 
substitute these values into the equation y = —2x + 5. 
: Whenx=0, y=0+5=5; whenx=1, y=—2 + 5 =3; when x =2, 
- y=-4+5=1, 


With practice, you should be able to do this working mentally and put 
the y-value obtained using each x-value straight into a table of values. 


Pele La | 27 


Plot the points with coordinates (0, 5), (1, 3) and (2, 1). Join them 

with a straight line and extend it in both directions to cover the range - 
of x-values specified, in this case, x = —2 to x = 4. (See diagram.) 

(b) The intercept on the y-axis is (0, 5). 
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Although equations of lines are 
often written in the form y = mx +c, 
you can use algebra to express them in 
+ other ways. The equation 
> y=-2x +5, for example, may 
- be rearranged and written as 
- y=5-—2xor2x+y=5orany 
- other equivalent form. 


4 Draw lines with the following equations for values of x between 
x = —4 and x = 4. For each line, write down the coordinates of its 
intercept on the y-axis. 

(a) y=4x+3 (b) y = -3x +4 (c) y = 2x-2 
(d) y =3- ix (e) x+y=2 (f) 3x + y =6 
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23.3 The gradient of a straight line 


Figure 23.4 shows the lines with 
equations y =2x +3, y =2x +1 
and y = 2x —1. You saw in Section 
23.1 that the coefficient of x affects 
the steepness of a line. In this case, 
the coefficient, 2, of x is the same 
in all three equations and the lines 
are parallel. -4 


You saw in Section 23.2 that, using 
the +3, +1 and —1 in the equations, 
you can write down the intercepts 

on the y-axis of the lines as (0, 3), -5 
(0, 1) and (0, —1) respectively. Figure 23.4 


Thus, you can write down the equation of any line parallel to these 
lines, if you know its intercept on the y-axis. For example, if its 
intercept on the y-axis is (0, —5), its equation is y = 2x — 5. 


Example 23.3.1 


A line passes through the point with coordinates (2, 10) and is 
parallel to the line whose equation is y = 3x — 1. Find the equation 
of the line and its intercept on the y-axis. 


The equation of the line is y= 3x + c. When x= 2, y= 10, 

so 10 =3 x 2 +c, that is c = 4. Thus, the equation is y = 3x + 4 

and the intercept is (0, 4). 
To find a more precise interpretation than ‘steepness’ of the 
coefficient, m, of x in the equation y = mx + c, consider the line 
with equation y = 2x + 1, shown in Figure 23.5. 
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A, B and C are points on the line. 


The value of #Æ is 4=2,. 


CD ; 4 _ 
The value of $ is $=2. 
In fact, for any two points on the line, 
Pere is always 2. This is the gradient 
of the line. (It is also the tangent of 
the angle the line makes with the 


horizontal.) 


In the equation y = mx + c, m is the 
gradient of the line and its intercept on 
the y-axis is (0, c). For example, the 
line whose equation is y = 6x — 5 has 

a gradient of 6 and its intercept on the 
y-axis is (0, —5). 


In a similar way, the line with equation y = -2x + 5 (see Example 
23.2.1) has a gradient of —2 and its intercept is (0, 5). You can see 


Figure 23.5 


from its graph the direction of the slope of a line with a negative 


gradient. A horizontal line has a gradient of zero. 


To find the gradient of a line joining a pair of points, start by 
drawing a sketch. It need not be accurate but the points must 

be in the correct relative positions. This will enable you to 

decide whether the gradient of the line joining them is positive or 


negative. 


In general, to find the gradient of the line joining the points with 


coordinates (a, b) and (c, d), you should use 


or = — 
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: Example 23.3.2 


Find the gradient of the line joining the points with coordinates 
(a) (5, 3) and (2, 1) (b) (3, 8) and (5, 2) 
(a) From the sketch, which is not to scale, 
the gradient is positive. The y-step is 
3 —1=2 and the x-step is 5 — 2=3. 
the y-step 2 


Gradient = the x-step ea 


(b) When you sketch the points, you find that the line joining them 
slopes in the other way and the gradient 
is therefore negative. The y-step is 
8 —2=6 and the x-step is 3 — 5 = —2. 


the y-step 6 
Gradient = == —= -3 
the x-step -2 


Insight 
Lines that are ‘uphill’ (from left to right) have a positive 
gradient and lines that are ‘downhill’ have a negative gradient. 


| Example 23.3.3 


Find the equation of the line joining the points (3, 8) and (5, 2). 


From Example 23.3.2(b), the gradient is —3. 
- Using y = mx +c, the equation of the line is y= —3x + c. 
MIN = SSO B= 3 6 3466 WNEUIS, C= 1 
: Therefore the equation of the line is y=—3x + 17. 


- Asa check, notice that the values x= 5, y = 2 satisfy this equation. 


Sometimes you may have to rearrange the equation of the line in 
the form y = mx + c, that is, make y the subject. 
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: Example 23.3.4 


Find (a) the gradient and (b) the intercept on the y-axis of the line 
: whose equation is 3x — 2y = 12. 


Rearrange the equation as 2y = 3x — 12. 
: Make y the subject y=3x-6 
- The gradient is 3 and the intercept on the y-axis is (0, —6). 


1 The equation of a line is y = 7x — 4. Write down 
(a) the gradient of the line, (b) its intercept on the y-axis. 

2 The gradient of a line is —5 and its intercept on the y-axis is (0, 4). 
Write down the equation of the line. 

3 A line passes through the point with coordinates (4, 13) and is 
parallel to the line whose equation is y= 2x — 3. Find the equation 
of the line and its intercept on the y-axis. 

4 Find the gradient of the line joining the points with coordinates 
(a) E 2), (5, 10) (b) (3, 5), (5, 1) (c) (=2, 4), E 4) 

5 Find the equation of the line joining the points with coordinates 
(a) (0, 3), (3, 15) (b) (4, 5), (10, 8) (c) (1, 7), (4, -8) 

6 Find the gradient and the intercept on the y-axis of the line 
(a) 2x+y=3 (b)2x-5y=15 (c) 3x + 4y = 24 


23.4 Curved graphs 


Not all graphs are straight lines. The graph of y = x”, for example, 
is curved. Here is a table of values for the equation y = x’. 


Figure 23.6 overleaf shows the points from the table and the graph of 
y = x’, formed by joining the points with a curve, called a parabola. 
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This is the simplest quadratic graph. 

The word ‘quadratic’ comes from the 
Latin quadratus, meaning ‘square’. In the 
equation of a quadratic graph, the highest 
power of x is x?. Thus, y = x? + 3, 

y =3x?-2x +1 and y = 4x? — 3x are all 
equations of quadratic graphs. 


Note that although Figure 23.6 is drawn 
with the same scale on both axes, it can be 
difficult to see all the features of the graph. 
It is usual to use different scales on the axes _3 O T 
if necessary. 


: Example 23.4.1 


Draw the graph of y = x* — 2x — 1 for values of x from —2 to 4. 


- Whenx=-2, y = (-2)?- 2x (-2)-1=4+4-1=7. 
- Making similar calculations, you can 
complete the table of values. 


«apor 2|3 [a 


- The diagram on the right shows the graph of 
>` y=x*— 2x-1. 


When the coefficient of the x? term is positive (e.g. y = x? — 2x) 
then the parabola looks like U (a ‘smile’) and when the 
coefficient of the x? term is negative (e.g. y = 2x — x?) then 
the parabola looks like f (a ‘frown’). 


Graphs of equations in which the highest power of x is x* are called 
cubic graphs. For example, y = 2x* — 9 and y = x? + 4x? — 2x +7 
are equations of cubic graphs. The simplest cubic graph is y = x°. 


Here is a table of values for the equation y = x?. 


: Example 23.4.2 


Draw the graph of y = x? + x* — 8x for values of x from —3 to 3. 
First, draw up a table of values. 


- The diagram shows the graph of 
| Y=xX?+x°— 8x, 
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Reciprocal graphs are the final type included in this chapter. You 
find the reciprocal of a number by dividing it into 1. For example, 
the reciprocal of 2 is 5. So a reciprocal graph has an equation such 
as 2 or =. The simplest reciprocal graph is 4. 


Here is a table of values for +. As division by 0 is undefined, 
y is undefined when x = 0 and so values of x near 0 are used in 


the table. 


Figure 23.8 shows the graph 
of +. It is unlike the graphs 
you have met so far in this 
chapter in that there is a 
break in the graph at x = 0. 
The x- and y-axes have the 
property that the graph gets 
infinitely close to them, but -5 
never actually touches them. 


TO 


Figure 23.8 


The graphs in the text were drawn without grid lines because the 
features stand out more clearly that way. To answer the following 
questions you will need to use graph paper with a 2 mm grid. 


1 Draw the following quadratic graphs for values of x from —4 to 4. 
(a) y =x? +3 (b) y = 5x? (c) y= 3x’ 
(d) y ==“ (e) y = —2x° (f) y =x- 2x 
(8) y = (x- 1) (h) y =x? — 4x— 1 (i) y= 2x2 +3x-5 


2 Draw the following cubic graphs. Take values of x from —3 to 3. 


(a) y=x?+8 (b) y= 2x? (c) y=4x3 
(d) y = =x? (e) y =-2x (f) y = (x- 1)” 
(g) y = x- x? (h) y =x? — x? — 2x (i) y=x? + 3x-2 


3 Draw the following reciprocal graphs. Use the same x values as 
those used for the graph of y =-. 


(a)y=2  (by=-% (c)y=-2  (d) y=+5 
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THINGS TO REMEMBER 


> A line whose equation is y = mx is a straight line through 


the origin. 


The point where a line cuts the y-axis is called the y-intercept. 


You can make a table of values to help you draw a graph. 
Choose x values and then work out the corresponding y 
values. 


An equation in the form y = mx + c produces a straight line 
with (0, c) as its intercept on the y-axis and gradient m. 


the y-step 
the x- step 


Gradient = 


Graphs of equations in which the highest power of x is x? 
are called quadratic graphs. The resulting curve is called a 
parabola. 


Graphs of equations in which the highest power of x is x* are 
called cubic graphs. 


The reciprocal of a number is found by dividing it into 1. 
Reciprocal graphs have equations like y =+ or y =2 +2. 


Equations 2 


In this chapter you will learn: 

e howto solve simultaneous equations 

e howto expand and simplify products which give quadratic 
expressions 

e howto factorize quadratic expressions 

e howto solve quadratic equations by factorization 

e howto solve cubic equations by trial and improvement. 


24.1 Simultaneous equations 


If you were asked to find values of x and y which satisfy 

the equation 2x + y = 4, you might say ‘x = 0, y = 4”. This is 
correct but it is not the only possible pair of values. Two more 
aecx=Ly=-=2ande=2,y=0, Infact 
the number of pairs of values of x and y 
which satisfy 2x + y = 4 is infinite. 


2 


From Chapter 23, you know that the graph 
of 2x + y = 4 is a straight line (see Figure 
24.1). The x -coordinate and y-coordinate 
of every point on this line represent a 
solution to the equation 2x + y = 4. 4? 


Figure 24.1 
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Similarly, the equation x + y = 3 has an infinite number of solutions. 
For example, x = 3, y = 0 and x= 1, y = 2 satisfy x + y = 3. 


There is, however, only one pair of values 
which satisfy both 2x + y =4 and x + y=3 
at the same time, or simultaneously. 

This pair is x = 1, y = 2, the x- and 
y-coordinates of the point of intersection 
of the lines whose equations are 2x + y = 4 
and x + y = 3. These equations are called 
simultaneous equations. Their solution is 
x=1,y=2. To check, substitute this 

pair of values into the equations. 

In 2x+y=4,2x1+2=4 and, 

ine yao, 123; 


SHOOSSHSHSHSHSHHSHSHSHHSHSHSHSHSHSHSHSHSHSHSHSHHSHHSHSHSHHSHSHSHHSHSHSHHSHHSHSHSHHSHSHSHHSHSHSHSHSHHSHSHHHSHSHHHSHHSHSHSHSHEHSHHSHSHHOHSHSHHSHHHEEHSHHEEHEEEEHEE 


You need to have three simultaneous equations to find the 
value of three unknowns. In fact, you need the same number 
of simultaneous equations as there are unknowns to find. 


Example 24.1.1 
Solve the simultaneous equations 3x + y =7 and 2x —y=8. 


Draw up tables of values of 3x + y = 7 and 2x-y=8. 


The diagram shows the lines with equations 
3x + y = 7 and 2x — y = 8. The lines intersect at 
the point with coordinates (3, —2), so the 
solution is x= 3, y =-2. 


Checking in the original equations, 
3x3+(-2)=7 and 2 x 3 - (-2) =8. 


1 Find three pairs of values of x and y which satisfy these equations. 


(a) x+y=5 (b) x — y = 3 (c) 2x + 3y =6 
2 Which of these pairs of values satisfy the equation 2x + 5y = 20? 
(a) x= 5, y =2 (b)x=4,y=0 (c) x=-5, y =6 


3 Which of these pairs of values satisfies the simultaneous equations 
3x + 4y = 8, 2x- 3y = 11? 
(a) x=0, y =2 (b)x=4,y=-1 (c)x=8,y=-4 

4 Draw appropriate straight lines to solve these simultaneous 
equations. Check your answers. 
(a)x+y=4,x-y=2 (b)x+y=5,2x+y=7 
(c)x+2y=8,x-y=2 (d) 3x + 2y =6,x- 2y= 10 
(e)x+y=2,2x+3y=8 (f)x-y=1,3x-2y=1 

5 Try to solve the simultaneous equations x + y = 3,x + y= 5 by 
drawing appropriate straight lines. What happens? 


24.2 Algebraic methods 


Graphical methods are time-consuming and may give only 
approximate solutions. Using algebra, you can eliminate one of the 
unknowns so that you are left with an equation in only one unknown. 


Sometimes you can achieve this simply by adding the equations. 
For example, to solve the simultaneous equations 2x + 3y = 11, 
5x — 3y = 17, you can add the two left-hand sides 

2x + 3y + (Sx — 3y) = 2x + 3y + Sx — 3y = 7x 

and then add the two right-hand sides 

11+17=28. 

Thus, 7x = 28, so x = 4. 


To find the value of y, substitute x = 4 into either of the original 
equations. If you substitute x = 4 into 2x + 3y = 11,2 x 4+ 3y= 11, 
that is, 3y + 8 = 11, giving y = 1. The solution is x = 4, y= 1. 


Checking by substituting x = 4, y = 1 into the equation 5x — 3y = 17 
gives 5 x 4 -— 3 x 1 = 20 - 3 = 17, so the solution is correct. 
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You have seen that, if the coefficients of an unknown differ only in 
sign, you can eliminate that unknown by adding two simultaneous 
equations. If, however, the coefficients of an unknown are equal, 
you can eliminate that unknown by subtracting one of the 
equations from the other. 


Example 24.2.1 


Solve the simultaneous equations 4x + 5y = 2, 4x — 3y = 18. 
Label the equations A and B, and write them under each other. 


4x+5y=2 A 
4x-3y=18 B 


Then you can use these labels to explain your method. Subtracting 
equation B from equation A gives 


Ax + 5y — (4x — 3y) =2-18 
4x + 5y — 4x + 3y = -16 
Sy =-16 
y=-? 


- Substituting y = —2 in A gives 4x — 10 = 2 so x = 3. The solution is 
> x=3,y=-2. 


In this example, you could subtract equation A from equation B. The 
disadvantage of this is that it gives you a negative coefficient of y. 


If you cannot eliminate one of the unknowns just by adding 

or subtracting the equations, you will have to multiply one or 
both of the equations by an appropriate number and then add or 
subtract. 


340 


Example 24.2.2 


Solve the simultaneous equations 4x + 3y = 10, 5x + 6y = 8. 


4x+3y=10 A 
5x+6y=8 B 


Multiply both sides of A by 2 to make the coefficients of y equal. 
Label the new equation C. 


8x+6y=20 C 


C — B gives 3x = 12, that is, x = 4. 

Substitute x = 4 in A giving 4 x 4 + 3y = 10, or y = -2. 

The solution is x = 4, y = —2. 

Check in B: 5 x 4 + 6 x (-2)=20-12=8 
Notice that you should make the check in one of the original two 
equations. You know these are correct but there could be an error 
in one of those you have obtained by multiplying. 


In the next example, you have to multiply both equations. 


It also shows the usual way in which the steps in the working are 


described. 


Example 24.2.3 


Solve the simultaneous equations 5x + 2y = 7, 4x — 3y = 24. 


5x+2y=/ A 
4x — 3y = 24 B 


Multiplying A by 3 and B by 2 and re-labelling, gives 
15x+6y=21 C 


8x- 6y=48 D f 
(Contd) : 
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Adding C and D gives 15x + 6y + (8x — 6y) = 21 + 48, which is 
23x — 69 that iS iS: 


Substituting x = 3 in A gives 5 x 3+ 2y = 7, or y = —4. 
The solution is x = 3, y = —4. 
Check in B: 4 x 3 — (3 x (-4)) = 12 — (-12) = 12 + 12 = 24 


In the above example, you could have started by multiplying A by 
4 and B by 5. Then, by subtraction, you could have eliminated x. 


You can use the elimination methods to solve problems in which 


the information can be expressed as a pair of simultaneous 
equations. 


Example 24.2.4 


The sum of two numbers is 59 and their difference is 15. Find the 
numbers. 


Let x and y be the numbers. Then you can write the given 
information as two simultaneous equations in the form 


x+y=59 A 
x-y=15 B 


Adding A and B gives 2x = 74, or x = 37. 
Substituting in A, 37 +y = 59, giving y = 22. 
The numbers are 37 and 22. 


Check in original problem: 37 + 22 = 59 and 37 - 22 = 15 
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1 Solve the following pairs of simultaneous equations. 
(a) 3x + y = 17 (b) 2x + 3y = 7 (c) 5x + 4y=11 


2x-—y=8 2x+ /y=11 3x — 4y = 13 
2 Solve the following pairs of simultaneous equations. 
(a) 3x — 2y = 1 (b) 5x + 3y = 7 (c) 2x + 3y = 12 
4x+y=5 7X+9y=5 3x- 4y=1 
(d) 3x + 5y=6 (e) 4x- 3y = 4 (f) 8x — 3y = 16 
2x+3y=5 6x+5y=25 6x — 5y = 23 
3 The sum of two numbers is 74 and their difference is 24. Find the 
numbers. 


4 Cinema tickets for two adults and a child cost £13. The cost for four 
adults and three children is £29. Find the cost of a child's ticket. 

5 The sum of two numbers is 122. The difference between twice one 
number and three times the other is 49. Find the numbers. 

6 The equation of a straight line is y = mx + c.When x = 4, y = —1 
and when x = 10, y = 2. Find the values of m and c. 

7 The points with coordinates (4, —1) and (10, 2) lie on the line 
whose equation is ax + by = 6. Find the values of a and b. 


24.3 Quadratic expressions 


A quadratic expression is one in which the highest power of x is x’. 
Examples of quadratic expressions are x? + 2x — 3, 3x? + 5x and 
4x? — 1. Some quadratic expressions can be written as a product 

of factors, such as 2x(x — 3) and (x + 4)(x + 3). You saw in Section 
11.6 how to expand expressions like 2x(x — 3) and the method 
used there can be extended to expand expressions like (x + 4)(x + 3). 


It can be helpful to think of (x + 4)(x + 3) as x ‘lots’ of x + 3 
and 4 ‘lots’ of x + 3. Then 


(x + 4)(x + 3) =x(x + 3) + 4(x + 3) 


=x + 3x + 4x +12 
=x? + 7x +12 
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Figure 24.3 illustrates the result (x + 4)(x + 3) = x? + 7x + 12. 


You can think of the product (x + 4)(x + 3), 
as the area of a rectangle of length x + 4 and 
width x + 3. 


The total area (x + 4)(x + 3) is the sum of the 
areas of the four smaller rectangles. Figure 24.3 


Notice that, before simplification, there are four terms in the 
expansion. 


Insight 
You need to multiply each term in the second bracket by each 
term in the first bracket. 


: Example 24.3.1 


Expand and simplify (x + 2)(x + 5). 


| (x +2)(x +5) =x(x +5) + 2(x + 5) 
=X 5x+2x+ 10 
=x +7x+10 


: Example 24.3.2 


Expand and simplify the products 
> (a) (x+7)(x+2) (b) (x-5)(x+3)  (c) (x-1) 
(d) (x + 4)(x-—4) (e) (4x — 5)(2x +3) (f) (3x+1)(5 —x) 


(a) (x +7)(x + 2) =x? + 2x+7x +14 
=x*+9x+14 


(b) (x —5)(x +3) =x? + 3x —5x-15 
=x*—2x—15 


344 


(e) x-1} =(x-1)(x-1) 
] =X*-—xX—-x+1 
== ye te | 


` (d) (x+ 4)(x- 4) =x — 4x + 4x — 16 
=x°— 16 
This is an example of the difference of two squares. 


> (e) (4x — 5)(2x + 3) = 8x? + 12x- 10x - 15 
= 8x* + 2x — 15 


(E) (Bx+D(5=x)=15x-3x?+5=x 
=5+14x — 3x? 


1 Expand and simplify these products. 


(a) (x + 3)(x + 2) (b) (x + 4)(x — 5) (c) (x — 5)(x + 1) 
(d) (x — 6)(x — 3) (e) (x + 5) (f) (x — 2) 

(g) (x + 7)(x- 7) (h) (x— 4)(x + 4) (i) (x + 3)(6 — x) 
(j) (5 -)(x=+ 1) (k) (2x + 5)(3x+4) = (Ul) (5x + 1)(4x — 3) 
(m) (6x — 1)(2x — 7) (n) (3x + 2)? (o) (2x — 5)? 

(p) (9x + 4)(9x-4) (q) (3x-7)(3x+7) (r) (5x + 2)(6 — x) 
(s) (4x + 3)(2 - 3x) (t) (5 — 3x)? (u) (ax — b)(ax + b) 


24.4 Factorizing quadratic expressions 


You saw in Section 11.7 how to factorize quadratic expressions 
with a common factor. For example, x? — 5x = x(x — 5). 


A different approach is, however, needed to factorize other types of 
quadratic expression. 
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To factorize x? + 3x + 2, you would seek two bracketed expressions 
with a product of x? + 3x +2. 


The first term in each bracket must be x. 


As the number term, called the constant term, is positive, +2, the 
signs in the brackets must be the same, either both + or both -. 


The coefficient of x 1s positive, so the signs in the brackets must 


both be +. 


The factors are (x + ...)(x + ...), where the product of the missing 
numbers must be 2. 


The only possible pair of numbers is 1 and 2, so the factors are 
(x+ 1D (x +2). 


You should check that the answer is correct by finding the product 
of the factors: (x + 1)(x+2)=x?+2x+x+2=x?+3x +2. 


3 : Example Pee ew O SI O A eee ar en ee 
Factorize x? — x — 12. 


- As the sign of the constant term is negative, the signs inside the 
brackets must be different. 


- The factors are (x + ...)(x—...), where the product of the missing 
numbers is 12. 


- The possible pairs of numbers are 1 and 12, 2 and 6, and 3 and 4. 
- The factors must be one of these Pairs. 


(x + 1)(x — 12) (x + 2)(x — 6) (x + 3)(x— 4) 

(x — 1)(x + 12) (x — 2) (x + 6) (x — 3)(x + 4) 
- By a process of trying these products one by one, you find that 
© X*—xX—12 = (x+3)(x- 4) 


Check: (x + 3)(x — 4) =x? — 4x + 3x -12 =x?-x-12 


You should have noticed that the process of factorization is a 
matter of following up the clues which are there. There is no sure- 
fire process for factorizing in this way. 
Insight 
A quick way of factorizing quadratic expressions is to 
look for a pair of numbers that multiply to give the constant 
term and add to give the coefficient of x. For example, for 
x? — 4x + 3 you need to find a pair of numbers which multiply 
to give +3 and add to give -4. Now, -1 x —3 = +3 and 
-1 + -3 = —4, so x? — 4x + 3 = (x — 1)\(x — 3). 


: Example 24.4.2 
Factorize x? — 36. 


- This is a difference of two squares. Example 24.3.2(d) suggests that 
- xX? — 36 = (x + 6)(x — 6). 


Check: (x + 6)(x — 6) =x? — 6x + 6x — 36 = x? — 36 


eeee0e0neveeeeeeeeeweeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeeweeeeeeeweeeeeeeeeeee@e @ 


1 One factor of each quadratic expression is given. Find the other factor. 


(a) x? + 6x + 8, (x + 2) (b) x? — 2x — 8, (x — 4) 
(c) x? + 2x — 8, (x — 2) (d) x? — 6x + 8, (x — 2) 
(e) x? + 9x + 8, (x + 1) (f) x? — 7x — 8, (x + 1) 
(8) x? — 7x + 12, (x — 3) (h) x? — 4, (x + 2) 
(i) x — 100, (x — 10) (j) x? + 2x, (x) 
2 Factorize the following quadratic expressions. 
(a) x? — 2x- 15 (b) x? + 9x + 14 
(c) x? — 24x — 25 (d) x? — 10x — 24 
(e) x? — 49 (f) x? + 8x 
(g) x? + 10x — 56 (h) x? — 1 
(i) x? — 8x — 20 (j) x? - 9x 
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24.5 Quadratic equations 


A quadratic equation is one in which the highest power of x is x?, 
for example, x? — 4 = 0. If you were asked to solve this equation, 
you might say ‘x = 2’. This certainly satisfies x? — 4 = 0, as 27-4 = 0. 
But there is a second solution, x = —2, because (—2)* — 4 = 0 also. 


Figure 24.4 is the graph of y = x? — 4. 

It crosses the x-axis, that is, y = 0, at 
points whose x-coordinates are 2 

and —2, the solutions of x? — 4 = 0. This 
suggests that you can solve any quadratic 
equation by drawing the related 
parabola and finding the x-coordinate 

of each of the points where it cuts the 
x-axis. There are usually two solutions. 


Example 24.5.1 


- Draw the graph of y = x? — 2x — 1 and use it to solve the equation 
: X? — 2x -1 = 0. Take values of x from —2 to 4. 


The diagram shows the graph of 
: y=x*— 2x — 1. The x-coordinates of 
the points where the graph crosses 
the x-axis are x = 2.4 and x = —0.4. 
Thus, the solutions of the equation 
- x*— 2x — 1 = 0 are, correct to one 
decimal place, x = 2.4 and x = —0.4. 
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To use this method, you must have 0 on one side of the quadratic 
equation. The equation x? = 3x + 5, for example, would have to be 
rearranged as x? — 3x — 5 = 0 and then solved using the graph of 

y =x? — 3x — 5. Alternatively, you could draw the graph of y = x’, 

a parabola, and the graph of y = 3x + 5, a straight line. The solutions 
of x? — 3x — 5 =0 are then the x-coordinates of the points of 
intersection of the two graphs. 


1 Solve each of these equations by drawing a graph, using the 
range of values of x given in brackets. Where necessary, give your 
solutions correct to one decimal place. 

(a) x* — 7 =0 (-4 to 4) (b) x? — 2x = 0 (-2 to 4) 

(c) x?-4x+3=0(-2to4)  (d)x?+x-3=0(-3 to 3) 

(e) 2x?-3x-7=0(-4to 4) (f) x? = 3x + 2 (-2 to 4) 

2 (a) Solve x? — 4x + 4 = 0, by drawing a graph and taking values of 

x from —2 to 4. In what way is this equation different from 
those in question 1? 

(b) Draw the graph of y = x? + x +1, taking values of x from 
—3 to 3. Explain why you cannot use your graph to solve the 
equation x*+x+1=0. 


24.6 Solution by factorizing 


You can solve some quadratic equations by factorization. This 
depends on the fact that, if a and b are two numbers such that 
ab = 0, then either a = 0 or b = 0. So, if (x — 2)(x — 4) = 0, then 
x-2=00rx-4=0, that is, x = 2 or x = 4. To use it, you must 
have 0 on one side of the equation and be able to factorize the 
expression on the other. 


Thus, to solve the equation x? — 4x + 3 = 0, factorize to obtain 


(x — 3)(x -— 1) = 0. Either x - 3 = 0 or x —- 1 = 0, that is, x = 3 or 
a ale 
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Example 24.6.1 


Solve these quadratic equations. 
(a) x?+ 4x-5=0 (b)x?-2x=0  (c)x?-4x+4=0 
(d) x°-4=0 (e) x? + 9x — 8 = 2x 


(a) x?+4x-5=0 
(x+5)(x-— 1) =0 
Either x +5=Oorx-1=0,sox=—5Sorx=1. 


(b) x? — 2x =0 
x(x — 2) =0 
Either x— Olor x 2 — 0 sox = 0 of x = Z. 


(c) x-4x+4=0 
(x — 2)(x — 2) =0 
Either x — 2 = 001 x= 2=0 > Sox =Z2 oF x=. 


In this case there is only one root of the equation x? — 4x + 4=0, 
x = 2, although it is sometimes given as x = 2 repeated. See 
Exercise 24.5, question 2(a). The parabola y = x? — 4x + 4 
touches the x-axis. 


(d) x*-4=0 
(x — 2)(x + 2) =0 
Either x -2=Oorx+2=0,sox=2o0rx=-2. 


(e) Rearrange x? + 9x — 8 = 2x to get O on the right-hand side. 
x? + 9x —-8 =2x sox*+/x-8=0 
(x — 1)(x + 8) =0 
Eitherx -1=Oorx+8=0,sox=1l1orx=—8. 
You can solve some problems by expressing the information as a 
quadratic equation and solving it. 
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: Example 24.6.2 


: The length of a rectangle is 4 cm greater than its width. The area of 
- the rectangle is 96 cm?. Find its width. 


- Let x cm be the width of the rectangle. The length of the rectangle is, 
: therefore, (x + 4) cm and its area is x(x + 4) cm?. So x(x + 4) = 96. 


x(x + 4) = 96 
x? + 4x = 96 
x? + 4x —-96=0 


(x - 8)(x +12) =0 
Either x -8=Oorx+12=0,sox=8orx=-12. 


- As the width of a rectangle cannot be negative, x = 8. The width of 
- the rectangle is 8 cm. 


Check: The length of the rectangle is 12 cm and its area is 96 cm*. 


1 Write down the solutions to each of these quadratic equations. 


(a) (x — 6)(x —- 1) =0 (b) (x + 4)(x — 3) = 0 
(c) (x + 7)(x- 7) =0 (d) ane 5)=0 
(e) x(x —- 6) =0 (f) x(x + 8) = 

2 Solve these quadratic equations. 
(a) x*- 3x+2=0 (b)x?+x-2=0 
(0) x? + 7x+ 12=0 (d) x?-25=0 
(e) x? - 10x+25=0 (f) x? + 10x =0 
(8)? -x-20=0 (h) x? -64=0 
(i) x? - 7x =0 (j) x?-x-9=2x+1 


3 The length of a rectangle is 3 cm greater than its width. The area 
of the rectangle is 28 cm”. Find its length. 
4 The square of a number is 27 more than 6 times the number. 


Find the number. 
(Contd) 
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5 The sum of the square of a number and the number itself is 72. 
Find the number. 

6 Two numbers have a difference of 2 and a product of 63. 
Find the numbers. 

7 The product of two consecutive counting numbers is 56. 
Find the numbers. 


24.7 Cubic equations 


A cubic equation is one in which the highest power of x is x°. For 
example, x? — 4x?-2x-3=0,x*=3x+7 and 2x* + 5x? -10=0 
are cubic equations. 


You can solve simple cubic equations, such as x? = 8, in your 
head. A solution to this equation is x = 2, because 2* = 8. Notice, 
however, that x = —2 is not a solution, as (-2)* = —8. 


You can also find approximate solutions to equations like 

x? = 10, in which the right-hand side is not the cube of an integer. 
In this case, x is the cube root of 10, written 3/10. Using your 
calculator, you can find the value of 3/10; it is 2.15, correct to two 
decimal places. Similarly, an approximate solution to x°? = —10 is 
=> Lolo 


Sometimes you can use factorization to solve a cubic equation. For 
example, factorizing the left-hand side of the equation x’? — 4x = 0, 
x(x? — 4) = 0. Factorizing again, x(x — 2)(x + 2) = 0 and so x = 0, 
SLOTS La 


Usually, though, you will have to solve cubic equations either by 
drawing an appropriate graph or by trial and improvement. 
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Example 24.7.1 


Draw the graph of y = x? — 4x* — 2x + 3 and use it to solve the 
equation x? — 4x* — 2x + 3 =0. Take values of x from —2 to 5. 


e a 4s 


virol eleele 


The diagram shows the graph with E Gar eee 


equation y = x? — 4x* — 2x + 3. 
The x-coordinates of the points 
where the graph crosses the x-axis 
are x=—1,x =0.7 and x = 4.3. 

: Thus, the solutions of the equation 

- X — 4L -2x+3=0arex=-1,x= 
0.7 and x = 4.3. The solution x = —1 is 
exact and the other two are correct 
to one decimal place. 


The above cubic equation has three solutions. This is the highest 
possible number of solutions a cubic equation can have, because 
a cubic graph can cross the x-axis at most three times. A cubic 
equation must have at least one solution, because a cubic graph 
must cross the x-axis at least once. 


You can use trial and improvement to solve an equation to any 
degree of accuracy. For example, you can use it to find, correct 
to one decimal place, the higher positive solution to the equation 
x? — 4x? — 2x + 3 = 0, which was solved graphically in Example 
24.7.1. 


From the table of values and the graph, it is clear that there is a 
solution between x = 4 and x = 5. To determine which of these 
two values the solution is nearer to, evaluate x? — 4x? — 2x + 3 
when x = 4.5. 
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The change in the sign of x? — 4x* — 2x + 3 between x = 4 and 

x = 4.5 shows that the solution lies between these two values of x. 
The next step is to evaluate x? — 4x? — 2x + 3 when x = 4.1, 4.2 
and so on until there is a sign change. 


x? — Ax? ~ 2x + 3 


The sign change occurs between x = 4.3 and x = 4.4, so the solution 
lies between these two values of x. The value of x? — 4x? - 2x + 3 
when x = 4.3 is very close to 0, suggesting that, correct to one 
decimal place, the solution is x = 4.3 but you must evaluate 

x? — 4x? — 2x + 3 when x = 4.35 to confirm this. 


Thus, there is a solution between x = 4.3 and x = 4.35, so, correct 
to one decimal place, the solution is x = 4.3. 


With trial and improvement, it is not necessary to have 0 on one 
side of the equation. 


: Example 24.7.2 


Solve the equation x? + 2x = 57, correct to one decimal place. 


3 Smaller 
49.875 | 


49.875 


You could obtain a solution correct to two decimal places in 
the above example by evaluating x* + 2x when x = 3.66, 3.67 
etc. There is a solution between x = 3.67 and x = 3.68. Finally, 
evaluating x? + 2x when x = 3.675 shows that, correct to two 
decimal places, x = 3.68. 


1 Solve each of these equations by drawing a graph, using the 
range of values of x given in brackets. Where necessary, give your 
solutions correct to one decimal place. 


(a) x? — 7x? + 10x =0 (—1 to 6) 
(b) x? — 2x? — 5x +6=0 (—3 to 5) 
(c)x?- 7x-5=0 (—4 to 4) 
(d) x?-x*- 4x +4=0 (—3 to 3) 
(e) x? — 4x? + 4x =0 (—2 to 4) 

) 


(f) -2x?-2=0 (-2 to 3 

2 There is a solution to the equation x? + x — 200 = O between x = 5 
and x = 6. Find this solution correct to one decimal place. 

3 There is a solution to the equation x? + 2x* — 120 = 0 between 
x = 4 and x = 5. Find this solution correct to one decimal place. 

4 Find, correct to one decimal place, a positive solution to the 
equation x? — 3x — 15=0. 

5 Solve the equation x? + 6x = 15 correct to one decimal place. 

6 Solve the equation x? + 4x* = 32 correct to one decimal place. 
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THINGS TO REMEMBER 


> A pair of equations like x + y = 3 and 2x — y =7 are called 
simultaneous equations. There is only one pair of values 
(x = 4 and y = 1) which satisfy both equations. 


> You can solve simultaneous equations by plotting the graphs 
of both equations and finding the coordinates of the point 
where the graphs intersect. 


> You can solve a pair of simultaneous equations algebraically 
by eliminating one of the variables. 


> A quadratic expression is one in which the highest power of 
; 2 
XEK. 


> To expand a pair of brackets you need to multiply each term 
in the second bracket by both terms in the first bracket. This 
will give you an expression with four terms which you can 
then simplify. 


> To factorize a quadratic, look for a pair of numbers that: 
add to give the coefficient of x 
multiply to give the constant term. 
So x? + x — 6 = (x — 2)(x + 3) since -2+ 3 = +1 and -2 x 3 = -6 


> A quadratic in the form x’ — a? is called the difference of two 
squares. 
x? — a? =(x+a)(x —a) 


> You can find an estimate for the solution of a quadratic 
equation by drawing its curve and finding the x-coordinate of 
each of the points where it cuts the x-axis. There are at most 
two solutions. 
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> To solve a quadratic equation you should: 
make sure that the quadratic is equal to O 
factorize the quadratic into two brackets 
set each bracket equal to 0 and solve to find x. 


> A cubic equation is one in which the highest power of x is x’. 
A cubic equation has at most three solutions. 


> You can use trial and improvement to solve an equation. 
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Answers 


Exercise 1.1 (page 2) 

1 (a) fifty (b) five hundred (c) five thousand (d) five 

2 (a) 17 (b) 70 (c) 97 (d) 546 (e) 603 (f) 810 (g) 450 (h) 10 000 
(i) 8934 (j) 6480 (k) 3006 

3 (a) fifty-two (b) eight hundred and seventy-one (c) five thousand, 
six hundred and twenty-four (d) nine hundred and eighty 
(e) seven thousand, and one (f) thirty-five thousand, and 
thirteen (g) two hundred and forty-one thousand, and one 
(h) one million, one thousand, three hundred and twelve 

4 (a) 975, 579 (b) 9721, 1279 

5 (a) three hundred and forty-two thousand, seven hundred and 
eighty-five (b) three million, seven hundred and eighty-three 
thousand, one hundred and ninety-four (c) seventeen million, 
twenty-one thousand, two hundred and nine (d) three hundred 
and five million, two hundred and thirteen thousand, and 
ninety-seven 


6 (a) 516 219 (b) 206 024 (c) 21 437 869 (d) 7 604 013 


Exercise 1.2 (page 4) 
1 (a) 29 (b) 48 (c) 54 (d) 61 
2 (a) 94 (b) 114 
3 (a) 64 (b) 14 (c) 516 (d) 85 (e) 66 (f) 78 
4 (a) 18 (b) 135 
5 (a) 45 (b) 301 (c) 2574 (d) 3556 (e) 297 (f) 336 (g) 182 
(h) 441 
6 2484 
7 (a) 75 (b) 282 (c) 243 (d) 219 
8 (a)2r2(b)45r 3 (c) 12 r 5 


Exercise 1.3 (page 6) 


1 (a) 35 (b) 23 (c) 8 (d) 1 (e) 1 (f) 4 (g) 6 (h) 23 (i) 26 (j) 8 (k) 3 
(1) 70 (m) 14 (n) 39 (0) 3 (p) 22 (q) 32 (r) 17 
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Exercise 1.4 (page 7) 


1 


O O ON OU Y N 


bh 


993 pupils 

168 hours 

1504 

23 

612 miles 

19 pieces, 3 cm 

32 boxes 

189 miles 

10 220 days 

23 coaches, 4 seats 


Exercise 1.5 (page 10) 


1 


OO XQ du ByN 


=" 


(a) 34, 112, 568, 4366 (b) 67, 741 

1, 4, 9, 16, 25, 36, 49, 64, 81, 100 

1, 3, 6, 10, 15, 21, 28, 36, 45, 55 

4, 6, 8, 9, 10, 12, 14, 15, 16, 18 

1, 8, 27, 64, 125, 216, 343, 512, 729, 1000 

(a) 25, 36 (b) 28, 36 (c) 20, 25, 28, 33, 36 

odd 

(a) e.g.3+6=9,6+10=16, 10+ 15 = 25 (b) They are squares. 
9, 36, 100, 225; they are square numbers. 

(a) e.g. 16 (b) e.g. 24 (c) e.g. 36 


Exercise 1.6 (page 11) 


7, 14, 21, 28, 35 

(a) 5, 10, 15, 20, 25, 30, 35, 40, 45, 50 (b) ends in 5 
1, 2, 4, 5, 10, 20 

(a) 1+2+4+7+ 14 = 28 (b) same as original number 
1, 23 

(a) e.g. 9, 16, 25, 36, 49 (b) square numbers 

PAS ID ES IES 

Other even numbers have factor 2. 

10 

24 

2,3,5 

5,7 

eg. 12 
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Exercise 2.1 (page 18) 

10 

62 

171° 

330° 

(a) 90° (b) 270° 

(a) 45° (b) 315° 

(a) obtuse (b) reflex (c) acute (d) obtuse (e) reflex 

(a) obtuse (b) reflex (c) reflex (d) acute 

ZL or LMLN; ZM or ZLMN; ZA or ZBAD; ZCBD. 


WO ONA un bh YN = 


Exercise 2.2 (page 20) 
1 (a) 50° (b) 132° (c) 315° (d) 111° (e) 231° 


Exercise 2.3 (page 22) 
1 (a) 67° (b) 23° (c) 111° (d) 58° (e) 152° (f) 72° (g) 63° 
(h) 202° (i) 129°, 51° 
2 No; 37° + 97° + 45° = 179°, not 180°. 


Exercise 2.4 (page 24) 
1 (a) (i) d (ii) 6 (b) (i) F (ii) > (c) (i) e (ii) i 
2 laa=57,b=57",0=123"1b)d=98",4=82* (ce) =78% 
2=28",h=74" (d) i= 66°, j = 114°, k = 115°, l= 115° 
(e) m = 59°, n = 41°, p = 260° (f) q = 65°, r= 65° 


Exercise 2.5 (page 26) 
1 063°, 158°, 248°, 305° 
3 (a) 270° (b) 045° (c) 225° (d) 315° 
4 (a) 149° (b) 293° (c) 204° 
5 319° 
6 025° 


Exercise 3.1 (page e) 
1 (a) 5 al loa 


Eh WN 
AN NI ROAR 


fe) 
_ 
nu 
mm 

o 
> 
oļu 


2 
6 == 16 and $ = s0+>2 


Exercise 3.2 (page 32) 
1 (a) 4 (b) 4 (c) 5 (d) 35 (e) ¿ (f) š (g) 5 (h) 4 
El a io 
3 (a) +=3(b) 5 =5 (0) 5=: 
4 ()3= 501 B= 2 (0 8=1 
5 (a) 5 (b) 4 (c) z (d) $ (e) $ (f) 5 (g) z (h) 5 
6 (a) 3 (b) = (c) 3 (d) 5 (e) ¿ (f) 5 (8) 4 (h) 5 
Exercise 3.3 (page 34) 
1 (a) 5 (b) 7 (c) 6 (d) 7 
2 (a); (b) > 
3 (a) 25 (b) 47 (c) 4; (d) 15 (e) 65 (f) 35 (g) 25 (h) 35 
4 (a) 34 (b) 34 (c) 13 (d) 24 
5 (a) 5 (b) 5 (c) 5 (d) 4 
Exercise 3.4 (page 36) 
1 (a) 5 (b) $ (c) 5 (d) 5 (e) 15 (f) 14 (g) 1 (h) 15 
2 (a); (b) 5 (c) 4 (d) 5 
3 (a) 35 (b) § (c) 5 (d) 15 (e) 155 (f) 5; (8) 14% (h) 15 
4 (a) 65 (b) 55 (c) 74 (a) sz 
5 (a) 22 (b) 21 (o) 1- 14 (d) 22 
Exercise 3.5 (page 38) 
1 (a) 34 (b) 12 (c) 75 (d) 35 
2 (a) 55 (b) 5 (c) 4 (d) E 
3 (a) 43 (b) 57 (c) 8 (d) 15; (e) 2 (f) 15 (g) 5 (h) 14 
4 (a) 5 (b) 35 (o 27 (d) 33 
5 (a) 32 kg (b) 21 cm (c) 48 litres 


Answers 


361 


562 


Exercise 3.6 (page 40) 


1 
2 
3 


(a) 6 (b) 54 (c) 9 (d) 35 
(a) 25 (b) 5 (c) 15 (d) % (e) E (f) 4 (g) 24 (h) 3$ 
(a) 1+ (b) 2 (c) 6 (d) 2 (e) 24 (f) 2 (g) & (h) 32 


Exercise 3.7 (page 41) 


1 (a) is (b) § (c) ae (d) 5 (e) 3z (f) = (8) 5 (h) xe 0 0) 3z 

2 5 

35 

4 35 

5-5 

6 32 

T 

8 240° 

9 9 
Exercise 4.1 (page 47) 

1 a= 81° 

2 b=73°,c= 34 

3 d= 63° 

4 e=60°, f=120° 

5 gs3l 

6 b=45° 

7 i=58°,j=61° 

8 k=66° 

9 |= 68°, m = 68° 
10 x= 74°, y = 32° (interchangeable)* or x = 53%, y = 53° 
11 140°, 20°, 20° 


Exercise 4.2 (page 49) 


8 


Cannot be done — arcs do not cross. The sum of the lengths of 
the two smallest sides must be greater than the length of the 
largest side. 


Exercise 4.3 (page 51) 


1 


2 
3 
4 
5 


112 

two from rectangle, parallelogram, rhombus 
square, rhombus, kite 

0,1,2,4 

1,2,4 


* x = 32°, y = 74° is the same pair 


Exercise 4.4 (page 54) 


126° 
1537 
127° 
1800° 
2340° 
108° 
144° 
160° 
71° 
60° 
(a) 30° (b) 150° 
9 

30 


Exercise 4.5 (page 56) 


1 


A and E, B and H, C and G, D and J. 


Exercise 4.6 (page 58) 


2 


3 


Each interior angle of a rectangle is 90°, so four corners fit to 
make 360°. 

Each interior angle of a regular nonagon, 140°; 140 does not 
divide 360 exactly. 

Each interior angle of an equilateral triangle is 60° and of a 
regular 12-gon is 150°. 60 + 2 x 150 = 360, so the two shapes 
might tessellate. They do. 


Exercise 5.1 (page 65) 


1 


O O ON OU KRW YN 


bh 


(a) 5 (b) 30 (c) 5 (d) z 

(a) 3 (b) 35 (c) 55 (d) 35 

(a) 2 (b) 7 

(a) 3 (b) 0 

(a) 0.901 (b) 0.72 (c) 0.01 (d) 0.909 

5.632 

0.678 

1.203, 1.23, 1.302, 1.32, 2.31 

0.019, 0.109, 0.190, 0.901, 0.910 

(a) 4.76 < 6.47 (b) 5.72 > 5.27 (c) 0.39 < 0.4 (d) 0.03 > 0.029 


Answers 


363 


364 


Exercise 5.2 (page sil 


1 
2 


4 


(a) + (b) 3 10 (c) 5 (d) $ 100 (e) 5 Y a (f) = (g) 5 (h) 000 

(a) 34 (b) 42 (c) 542 (d) 23 

(a) 0. 3 (b) 0.71 (c) 0. ‘07 (d) 0.387 (e) 0.017 (f) 0.009 (g) 0.4 
(h) 0.95 (i) 0.68 (j) 0.22 (k) 0.474 (1) 0.035 

(a) 6.1 (b) 9.03 (c) 5.041 (d) 1.45 (e) 8.32 (f) 12.185 


Exercise 5.3 (page 69) 


1 


2 
3 
4 


(a) 7.9 (b) 13.12 (c) 10.3 (d) 24.07 (e) 6.3 (f) 16.8 (g) 7.17 
(h) 14.83 (i) 10.7 (j) 2.2 (k) 11.88 (L) 3.37 (m) 3.851 (n) 3.488 
(0) 12.085 

0.77 

34.8 

10.28 s 


Exercise 5.4 (page 72) 


N = 


(a) 28.2 (b) 89 (c) 146.96 (d) 1.209 
(a) 82.1 (b) 6 (c) 4.7 (d) 7.02 (e) 283 (f) 0.041 (g) 521.8 
(h) 83 (i) 40 (j) 0.07 (k) 46 360 (1) 3900 


(a) 0.21 x 100 = 21 (b) 6.71 x 10 = 67.1 (c) 7.98 x 1000 = 7980 
(a) 0.63 (b) 0.3 (c) 0.08 (d) 0.03 (e) 0.021 (f) 0.0006 

(a) 5.18 (b) 0.1148 (c) 2.516 (d) 0.039 48 (e) 344.1 (f) 1.127 
10.56 pints 

36 litres 

832 cm 


Exercise 5.5 (page 74) 


1 
2 


A W 


COON OO UW 


(a) 2.3 (b) 6.41 (c) 0.397 (d) 0.067 

(a) 3.75 (b) 45.72 (c) 0.0093 (d) 0.713 (e) 0.034 (f) 6.528 
(g) 0.025 (h) 0.0037 (i) 0.000 03 (j) 0.172 (k) 0.0338 

(1) 0.000 071 

(a) 3.7 + 10 = 0.37 (b) 0.9 + 100 = 0.009 (c) 7.9 + 100 = 0.079 
(a) 19.96 (b) 28.5 (c) 0.156 (d) 0.91 (e) 3.68 (f) 0.036 

(g) 0.875 (h) 0.006545 

(a) 0.9 (b) 15 (c) 80 (d) 0.03 (e) 300 (f) 50 (g) 24.6 (h) 37.6 
4.62 m 

0.021 cm (or 0.21 mm) 

25 


Exercise 5.6 (page 76) | 
1 (a) 0.25 terminating (b) 0.3 recurring (c) 0.375 terminating 
(d) 0.4 recurring (e) 0.875 terminating 


2 (a) 0.81 (b) 0.09 (c) 0.416 (d) 0.083 (e) 0.57 (f) 0.081 (g) 0.348 


(h) 0.5270 

3 (a) 0.8 (b) 0.712 (c) 0.367 (d) 0.45689 (e) 18.018 (f) 0.5643 
(g) 9.39 (h) 263. 63 

4 (a) au 3 (b) 3 <5 (c) B5 dis: 

5 (a) 5.77, "522, 52, 5.78, 5.8 (b) 3. 01, 3.09, 34, 32, 3.1 
(c) 4.083, 44, 4.084, 42, 4.085 

6 0.516, 129 

7 (a) 0. 142857, 0.285714, 0.428571, 0.571428, 0.714285, 


0.857142 (b) 6 (c) Same six digits in each recurring group. 


8 (a) 2, 4, 5, 8, 10, 16, 20, 25 (b) Each denominator is a power 


of 2, or a power of 5, or a product of powers of 2 and 5. 


Exercise 6.1 (page 84) 
1 14,4,5,9 
28.734.) 
6 20,21, 56,65 

10 13, 33, 59, 10, 7, 63 


Exercise 6.2 (page 88) 
1 120°, 105°, 90°, 15°, 30° 
2 66°, 54°, 114°, 84°, 42° 
3 189°, 104°, 66° 
4 (a) 25 min (b) 105 min (c) # 


Exercise 6.3 (page 91) 
1 (b) 6.5 cm 
2 (b)(i) 17°C (ii) 15-16 min 
3 (b)97 cm 
4 (b)(i) 120 million (ii) 1970 


Exercise 6.4 (page 95) 
1 (c) low positive 
2 (c) high negative (d) 27 units 
3 no correlation 


Answers 


365 


366 


Exercise 6.5 (page 96) 
1 discrete: (a), (d), (e), (h), (j) 
continuous: (b), (c), (f), (g), (i) 


Exercise 6.6 (page 100) 
1 (a) 14,7, 5, 3,1 
2 (a) 10,7, 5,3 
4 (a) 4,6, 5,3,2 


Exercise 7.1 (page 105) 
1 -7%C 
2 -9 
3 (a) -—3 <—1 (b) 0 > -2 (c) -12 > -15 
4 (a) 2°C (b) —8°C 
5 4 ee 


Exercise 7.2 (page 107) 
TSC 


4 7 


5 (a) 1 (b) -3 (c) 0 (d) -3 (e) -5 (f) 1 (g) -9 (h) -5 (i) O (j) -4 
6 (a) 1 (b) 7 (c) -9 (d) -1 (e) 6 (f) O (g) -10 (h) -7 


Exercise 7.3 (page 110) 
1 (a) —8 (b) 12 (c) O (d) -12 (e) 16 
2 (a) 20 (b) 24 (c) -21 (d) 0 (e) 36 (f) -64 (g) 35 (h) O (i) -72 
3 (a) —6 (b) 8 (c) -3 (d) 5 (e) O (f) -6 (g) —4 (h) 4 (i) -7 


Exercise 7.4 (page 111) 
1 (a) -408 (b) 56 (c) -139 (d) -26 (e) -5.1 (f) -1.6 (g) -2.66 
(h) 4.8 


Exercise 8.1 (page 115) 
1 A (4,2), B (1, 3), C (2, 2), D (0, 1), E (3, 0) 
3 (c)(6,1) 
4 A (4,2), B (3, 1), C (-3,-1), D (2, -3), E (0, -3) 
6 (b) kite 
8 (-1, 3) 


Exercise 8.2 (page 118) 


1 


CON OU bh Y N 


(a)(i) 0.4 (ii) 1.4 (b)(i) 12 (ii) 18 

(a)(i) 45 km (ii) 67 km (b)(i) 22 miles (ii) 55 miles 
(a)(i) €55 (ii) €38 (b)(i) £52 (ii) £33 

(a) 1315 (b) 45 mins (c) 40 mph (d) 48 mph 

(b) 81 gallons (c) 27 gallons 

(b) $33 (c) £27 

(b) 18 km/h (c) 20 km/h 

(a) 40 60 80 100 120 140 (c) 104 mins 


Exercise 8.3 (page 123) 


1 
3 


Px= 2; Ow =—-3; Rey = 3; Sy ==2 
(a) x <-2 (b) -1 < y <2 


Exercise 9.1 (page 127) 


(a) 7.9 cm (b) 8.5 m (c) 3.24 kg (d) 4.125 1 (e) 1800 m 
(f) 0.4 km (g) 94 mm (h) 940 ml (i) 2300 g (j) 3720 ke 
(a) 5.3 cm (b) 53 mm 

120 

55.66 m 

5.37 kg 

33 days 


Exercise 9.2 (page 128) 


1 


DO un h WN 


(a) 96 in (b) 5 gallons (c) 3 lb (d) 56 pints (e) 8 yd (f) 5280 yd 
(g) 70 in (h) 55 oz (i) 3 ft 7 in (j) 3 lb 9 oz 

6 ft 2 in 

8 in 

14 gallons 

4920 pt 

1980 


Exercise 9.3 (page 130) 


1 


ul hb WN 


(a) 15 cm (b) 14 in (c) 12 ft (d) 72 km (e) 6 oz (f) 11 lb 
(g) 21 pt (h) 12 gallons (i) 60 miles (j) 8 1 

80 cm 

17 oz 

42 in 

8 gallons 


Answers 


367 


368 


187 lb 
192 km 
5 ft 10 in 
155 miles 
5 

16 km 


= O © ON O 


1 
1 


Exercise 9.4 (page 131) 
1 (a)(i) metres (ii) feet (b)(i) grams (ii) ounces (c)(i) litres (ii) pints 
(d)(i) kilometres (ii) miles (e)(i) litres (ii) gallons (f)(i) kilograms 
(ii) pounds 
2 (a) grams (b) litres (c) grams (d) litres (e) millilitres 


Exercise 10.1 (page 135) 
1 17cm 

2 27cm 

3 37.2 cm 

4 23cm 

5 36cm 

6 (a) 328 m (b) 366 m 

7 (a) 14 (b) 16 

8 20 
9 (a) 14 cm (b) 10 cm, 12 cm, 14 cm (c) 14 cm 

10 (a) 10 (b) 9 (c) 9 

11 (a) 11 (b) 13 

12 11 


Exercise 10.2 (page 137) 
1 (a) 6 cm? (b) 4 cm? (c) 35 cm? (d) 4 cm? (e) 6 cm? (f) 5 cm? 
2 (a) 6 cm? (b) 6 cm? (c) 9 cm? (d) 9 cm? (e) 16 cm? (f) 7 cm? 
3 28 cm? approximately 


Exercise 10.3 (page 139) 

84 cm? 

48 m? 

81 cm? 

(a) 1.38 m? (b) 13 800 cm? 

(a) 1 m? (b) 10 000 cm? 

(a) 22 cm? (b) 50 cm? (c) 31 cm? 
(a) 44 cm? (b) 38 cm? 


NAO UN bh UN = 


8 (a) 54 m? (b) 20 m? (c) 7 litres 
9 9m? 

10 36 m? 

11 10 000 m? 

12 42 


Exercise 10.4 (page 143) 

1 (a) 24 cm? (b) 6 cm? (c) 16 cm? (d) 36 cm? (e) 6 cm? (f) 35 cm? 
(g) 47 cm? (h) 28 cm? 

2 (a) 5.4 cm? (b) 3.6 cm? 

3 (a) 33 cm? (b) 50 cm? 

4 5,cm? 

5 40 cm? 

6 60 cm? 


Exercise 10.5 (page 146) 
1 (a) 55 cm? (b) 66.5 cm? (c) 24 cm? (d) 12 cm? 
2 6cm? 
3 (a) 10 (b) 10.5 (c) 16 
4 (a) 37 cm? (b) 53.5 
5 6 
6 8 
Exercise 11.1 (page 150) 
1 (a) x +2 (b) x- 1 (c) 4x (d) +x 
(a) p +q (b) pq 
a-b 
30-b 
(a) 6x (b) +y (c) xy (d) 3xy (e) $ (f) $ (8) xy (h) xyz 
7W 
dor 5 
np 


b 


O O ON OU KR WN 


bh 


Exercise 11.2 (page 152) 
1 5 
2 (a) 2a+2b (b) ab 


Answers 


369 


370 


3 2x+4y 

4 4a+b 

5 (a) 2x (b) 4x (c) 7x (d) 3x (e) 9x (f) y (g) —2xy (h) —abe 
(i) 9x + Sy (j) 2x + 3 (k) 7x + 3 (l) Sx (m) 9xy + x - 3 
(n) 7a — 2b + 6 (o) 8a + ab + 5 (p) 6a (q) 2 - 4pg +r (r) p + q 


Exercise 11.3 (page 154) 
1 (a) 19 (b) 5 (c) 1 (d) -5 
2 (a) 15 (b) 6 (c) 51 (d) -16 
3 (a) 16 (b) 60 (c) 300 (d) 34 


Exercise 11.4 (page 155) 
1 (a) 9 (b) 10 (c) 45 (d) -3 
2 (a) 16 (b) 13 (c) 37 (d) 40 
3 (a) 85 (b) 22 (c) 76 (d) 9 


Exercise 11.5 (page 157) 

1 (a) 6x + 18 (b) 4x — 4 (c) 10x + 15 (d) 6x — 10 (e) -4x - 12 
(f) -7x + 14 (g) -40x — 32 (h) -18x + 12 (i) x2 + 2x 
(j) 4x2 — 3x (k) 6x? — 3x (l) -15x? — 20x 

2 (a) 9x —21 (b) 10 — 10x (c) 9x — 7 (d) x + 22 (e) 18x - 13 
(f) 21 — x (g) 26x (h) 6 (i) x? — 4x — 24 (j) x? + 24 
(k) x? +x — 12 (l) 6x? + 6x + 28 (m) 23x + 2 (n) 18x + 1 
(0) -6 (p) 1 + Sx (q) -5 (r) x 


Exercise 11.6 (page 159) 
1 (a) 3(x + 3) (b) 7(2x — 3) (c) 5(4x + 3) (d) 3(2x — 5y) 
(e) a(x — 7) (f) x(x + 4) (g) 6(2x — 3) (h) 3(Sx — 4) 
(i) 2x(2a + 3b) (j) 3x(3x + 4) (k) 4x(5 — 2x) (1) 2bx(2 — x) 
(m) xy(x + y) (n) 3ax(2x — 5a) (0) 4xy(2 + 3y) 


Exercise 11.7 (page 160) 

(a) mm (b) 7° (c) Sp? (d) 34 
(a) 243 (b) 135 

(a) 1 000 000 (b) 70 000 
(a) -64 (b) -3072 

(a) -500 (b) 3750 


— 


ul bh WN 


Exercise 11.8 (page 163) 
1 (a) x” (b) x° (c) x” (d) x* (e) x° (f) x" (g) x (h) xy* 
(i) x* (j) 2° (k) x? (1) x* (m) x (n) x!° (0) x” (p) x” 


Exercise 11.9 (page 165) 
1 (a) 6x* (b) 20x* (c) 14x*y* (d) 9x* (e) 6x? (f) 8x”y* (g) 3x? 
(h) 7x? (i) 5x?y? 
2 (a) 3xy° (b) 6x%y (c) == (d) + (e) + (f) 5 (8) 3; (h) Sy* 
(i) 36x? (j) 25x?y? (k) xy* (L) 25x*y? (m) 1000x? (n) 64x" 
(0) 125x!?y” 


Exercise 12.1 (page 171) 
1 (a) 30 (b) 50 (c) 80 (d) 750 (e) 8470 (f) 7400 
2 (a) 700 (b) 800 (c) 400 (d) 4400 (e) 3000 (f) 19 500 
3 (a) 8000 (b) 3000 (c) 6000 (d) 38 000 (e) 42 000 (f) 100 000 
4 61300 
5 (a) 242 000 (b) 200 000 
6 (a) 7550 (b) 7649 


Exercise 12.2 (page 173) 
1 (a) 9 (b) 21 (c) 68 (d) 260 (e) 400 
(a) 9.9 (b) 0.9 (c) 18.0 (d) 76.9 (e) 400.0 
(a) 4.25 (b) 8.47 (c) 0.75 (d) 0.06 
(a) 8.678 (b) 7.609 (c) 13.420 (d) 0.009 


OwWWO XA Ou uy N 
N 
= 


bh 


Exercise 12.3 (page 175) 

(a) 20 (b) 400 (c) 0.2 (d) 0.007 (e) 0.09 

2 (a) 8700 (b) 740 (c) 6.9 (d) 0.085 (e) 0.0040 

3 (a) 23 700 (b) 376 (c) 13.8 (d) 8.93 (e) 0.0844 (f) 0.000 437 
(g) 0.0902 (h) 0.003 70 

4 2000 

5 oe 

6 (a) 11.3 (b) 0.480 


—À 


Answers 


371 


7 0.0909 
8 (a) 600 (b) 600 (c) 600 
9 (a) 0.06 (b) 0.060 (c) 0.0600 


Exercise 12.4 (page 177) 
1 (a) 8, 8.9386 (b) 90, 98.7953 (c) 5, 5.32 (d) 10 000, 11811.38 
(e) 5, 5.57 (f) 4, 3.29 (g) 8400, 8194.4896 
(h) 12, 13.6 (i) 21, 23.3531 (j) 0.3, 0.341 (k) 200, 197 
(1) 16, 13.3104 (m) 0.000 14, 0.000 159 (n) 20, 21.8 
(0) 0.2, 0.248 (p) 40, 50.8 (q) 0.02, 0.0228 (r) 2, 1.52 
(s) 4, 3.86 (t) 100, 122 


Exercise 12.5 (page 178) 
1 41,4 
2 8,4cm 


Exercise 12.6 (page 180) 
1 324.5 km, 325.5 km 
2 12.65 cm, 12.75 cm 
3 9.845 s, 9.855 s 
4 (a) 0.1 kg (b) 10.55 kg, 10.65 kg (c) 0.05 kg 
5 (a) 0.01 s (b) 0.005 s 


Exercise 13.1 (page 183) 
1 (a) 5 (b) 11 (c) 9 (d) 12 (e) 7 (f) 4 (g) 2 (h) 4 (i) 7 
2 (a) 13 (b) 17 (c) 7 (d) 27 (e) 6 
3 (a) 4 (b) 6 (c) 4 (d) 12 


Exercise 13.2 (page 185) 


1 (a) 3 (b) 8 (c) 6 (d) 10 (e) -5 (f) 4 (g) O (h) 25 (i) O (j) -5 
(k) 2 (1) -6 


372 


Exercise 13.3 (page 187) 
1 (a) 4 (b) 3 (c) $ (d) —1 (e) 23 (f) — (g) 4 (h) O (i) 25 (j) 2 
(k) -2 (1) -24 
2 (a) 4 (b) 5 (c) 5 (d) -2 (e) 14 (f) -4 (g) -2+ (h) 2 (i) O (j) -3 
(k) -4 (0 24 
3 (a) 5 (b) -5 (c) 2 (d) 5 (e) -2 (f) 25 (g) => (h) -15 (i) 1 (j) 5 
(k) -1 (1) O (m) 23 (n) —2 (0) 3 (p) -4 
Exercise 13.4 (page 189) 
1 (a) 3 (b) 2 (c) -3 (d) $ (e) 12 (f) 15 (g) 15 (h) -4 (i) -2 
(j) 2 (k) -24 (l) $ (m) 13 (n) -+ (0) 15 (p) 5 (q) -7 
(r) 7 (s) O (t) -2 


Exercise 13.5 (page 190) 
1 12 


O WO XOQOd)u huy NN 
nr SS) 

N 

00 


= 


Exercise 13.6 (page 193) 
1 (a) x < 3 (b) x >-5 (c) x <3 (d) x <3 (e) x 2 -1 (f) x > 7 
(g) x <—1 (h) x < 2 (i) x < —1 (j) x > 9 (k) x <-3 (1) x>15 


(m) x <24 (n) x <-4 (0) x <-24 


Exercise 14.1 (page 198) 
1 (a) aap (b) 5 (c) 4 (d) 55 (e) 55 (f) m (8) 55 (h) 1 (i) 25 
(j) 5 (k) 3 (0 5 
2 (a) 0.39 (b) 0.07 (c) 0.3 (d) 1.12 (e) 0.038 (f) 0.625 
(g) 0.035 (h) 0.1225 


Answers 373 


374 


3 (a) 71% (b) 4% (c) 80% (d) 175% (e) 190% (f) 2.7% 
(g) 3.25% (h) 0.9% 

4 (a) 43% (b) 9% (c) 70% (d) 62% (e) 68% (f) 75% 
(g) 55% (h) 37.5% 

5 (a)(i) 0.52 (ii) E (b) 48% 

6 (a) 55% (b) 4 


Exercise 14.2 (page 200) 
1 (a) 18 (b) 12 (c) 27 kg (d) 25 m (e) 9 cm (f) 91 
2 (a) 24 (b) 115 (c) 24.32 (d) 38 (e) 64.8 (f) 102 (g) 965 
(h) 782 kg (i) 124.8 | (j) 2.79 km (k) 19.8 cm (l) 46.5 m 
3 (a) 684 (b) 43% (c) 516 
4 68 
5 792 min 
6 (a) £795.80 (b) £332.28 (c) £163.80 
7 £1.78 
8 (a) £1230 (b) 85% 


Exercise 14.3 (page 201) 

1 (a) 78 (b) 436 (c) 873.6 (d) 6384 (e) 78.4 (f) 772.5 
(a) 49 (b) 387 (c) 228 (d) 2720 (e) 623.2 (f) 36.9 
754 
£467.50 
£2444 
£11 158.40 
£658.35 
£113.75 


ON DU RW N 


Exercise 14.4 (page 203) 
1 84% 
60%, 40% 
55.3% 
71% 
(a) 36% (b) 40% (c) 75% (d) 35.4% (e) 45% (f) 17% 
(g) 19.4% (h) 11.7% (i) 11.9% 


nn h WN 


Exercise 14.5 (page 204) 


CON OU Ah UN = 


8% 
12% 
4% 
1237% 
7% 
75% 
34% 
28% 


Exercise 14.6 (page 207) 


(a) 0.69 (b) 1.43 (c) 0.7 (d) 1.07 (e) 1.175 (f) 0.966 
£169 

57.8 million 

£9159.20 

(a) £554.36 (b) £54.36 

£750 

£175 

£12 500 


Exercise 15.1 (page 210) 


(a) A =+bh (b) 28 

(a) s = (b) 56 

(a) S = 180(n — 2) (b) 1260 
(a) P = 8d (b) 29.6 

(a) A =P (b) 73.96 cm? 

(a) m=3(a+b+c) (b) 35 
(a) A=>(a +b)h (b) 58 cm? 
(a) x = 3 (b) 40 


Answers 


375 


376 


Exercise 15.2 (page 212) 


14 
12 
2D 


S or —5 
4 or —4 
10 or -10 
6 or —6 


Exercise 15.3 (page 214) 
In some parts, your answer could take a different form and still be 
correct. 


1 


(a) R= (b) b=F (c) b=, (d) y =P-2x (e) T=2 
(f) b=} (g) R=52 (h) V=4 (i)a=p-b-c 

(j) x =3(P-y) eren (Y a= 
(n) /=2(P-2b) (0) v === (P) n= S +360) 
(q) a=2s- b- c (r) a= 


Exercise 16.1 (page 220) 


1 


CON hd Un BW WN 


11.6 cm 

39.8 m 

24.2 cm 

15.4 m 

40 100 km 

10.5 m 

(a) 2.23 m (b) 448 
31.8 m 


Exercise 16.2 (page 223) 


1 


O O ON OUR WN 


bh 


2170 cmr 
616 m? 
5.64 cm 
8.59 cm 
83.9 m? 
434 mm? 
80.2 cm? 
28.3 m? 
4 

3180 m? 


Exercise 16.3 (page 225) 


27° 
b =29°, c= 61° 
58° 
68° 
61° 
53° 


Exercise 17.1 (page 231) 


(a) = (b) 0.58 (c) 58% 
(a) 45 (b) 3 


50 


= n|rR 
S| | 


Exercise 17.2 (page 233) 


1 


CON Md un Bb UY N 


(a) ¿ (b) 5 (c) 4 (d) 3 

(a) 5 (b) 5 (c) 5 (d) 0 (e) 5 (f) 5 
(a) 35 (b) 5 (c) 5 (d) 1 

(a) 37 (b) $ (c) 4 (d) 5 (e) 5 (f) -55 
(a) FO) $ (c) O (d) £ (e) + (f) 7 
(a) 55 (b) 55 


7 


9 


0.3 


Answers 


S77 


378 


Exercise 17.3 (page 237) 


CON OD Un A W 


11 1 
(a) + (b) £ (c) ¢ 
1 2 3 4 5 6 5 4 3 2 1 
(a) 363 362 362 362 362 362 36? 362 362 362 36 (b) 7 (c) Sum of 
probabilities is 1. The sum of the numbers on the dice is 
certain to be a whole number between 2 and 12 inclusive. 


(a) 4 (b) 4 (c) 4 

(b) (i) 5 (ii) 3 (c) 1 

(a) 6 (b) H1 H2 H3 T1 T2 T3 (d)(i) E (ii) 5 (iii) + 
(a) 25 (c)(i) 5 (ii) = (d) 6 

(a) 18 (b)(i) (ii) 5 (iii) 5 

6 


Exercise 17.4 (page 241) 


(b)(i) 35 (ii) 3 

(b)(i) 5 (ii) 5 

(a) 0.28 (b) 0.18 (c) 0.82 

(a) 3 (b) 15 (c) sz (d) ze (e) i 
(a) 35 (b) a7 (c) 5 

(a) 31 (b) & (c) & 

(a) 0.09 (b) 0.04 (c) 0.75 

(a) 0.36 (b) 0.01 (c) 0.51 


Exercise 17.5 (page 244) 
1 250 


a 


OMOON OU KRW NN 


(a) 50 (b) 100 (c) 150 
(a) 125 (b) 75 (c) 175 
520 

12 

(a) 50 (b) 100 (c) 150 
(a) 60 (b) 120 (c) 220 
(a) 25 (b) 75 

10 

50 


Exercise 18.1 (page 249) 


1 


2 
3 
4 


(a) 5, 6, 9 (b) 8, 12, 18 (c) 5, 5, 8 (d) 4, 4, 6 

(b) 7, 10, 15 

24 

regular octahedron (8 faces), regular dodecahedron (12), 
regular icosahedron (20) 


Exercise 18.2 (page 251) 


—À 


(b) 294 cm? 
248 cm? 
(b) 108 cm? 
(b) 224 cm? 
351 cm? 
(b) 391 cm? 


Exercise 18.3 (page 253) 


1 


OMOON OU huy NN 


= 


729 cm? 

(a) 160 cm? (b) 210 m° 
120 000 cm? 

1.8 m? 

3 cm 

5 cm 

672 | 

36 

1000 000 cm? 

96 


Exercise 18.4 (page 255) 


1 
2 
3 
4 
5 
6 
7 
8 
9 
0 


1 


540 cm? 

480 cm? 

1390 cm? 

(a) 342 cm? (b) 1575 cm? 
8 cm 

2025 m? 

864 m? 

6910 cm? (3 s.f.) 

864 cm? 

3.82 cm 


Answers 
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Exercise 18.5 (page 257) 


Nn hb UN = 


2240 g or 2.24 kg 

21 758 g or 21.758 kg 
1210 g or 1.21 kg 
1347.5 kg 

53g 


Exercise 19.1 (page 262) 


(a) 2:3 (b) 2:1 (c) 4:3 (d) 3:5 

(a) 4:3 (b) 1:3 (c) 2:5 (d) 5:2 (e) 2:9 (f) 2:5 (g) 10:3 (h) 3:5 
(a) 2:3 (b) 4:9 

(a) 1:2 (b) 1:4 (c) 1:8 

(a) 1:4 (b) 1:1.5 (c) 1:2.25 (d) 1:0.8 

(a) 6:1 (b) 3.5:1 (c) 2.3:1 (d) 0.75:1 

Sinton 16.1:1, Tanville 16.4:1, Sinton School 


Exercise 19.2 (page 264) 


—À 


(a) 3.7 m (b) 1.61 cm 

(a) 7 m, 6.2 m (b) 16 cm, 13.6 cm 
(a) 61.92 m (b) 35 cm 

(a) 3.2 km (b) 20 cm 

1:25 000 


Exercise 19.3 (page 266) 


1 


O O ON OU KR WN 


bh 


(a) 150 g (b) 60 g (c) 640 g (d) 600 g, 200 g 
(a) 15 1 (b) 201 

36 

44 cm 

21 cm, 28 cm 

£56, £24 

$120, $300 

36 

60°, 50°, 70° 

100 cm 


Exercise 19.4 (page 269) 


1 
2 


380 


301 miles 
$17.55 


OMO ON OU uy 


bh 


(a) 240 miles (b) 2.5 h 

(a) 180 m? (b) 20 1 

(a) 7.5 (b) 7 h 

278g 

(a) 600 g, 3 kg (b) 450 g, 2.25 kg (c) 200 g, 1 kg 
(a) 48 kg (b) 24 kg 

550 

(a) £12.60 (b) 9524 yen 


Exercise 19.5 (page 271) 


12 h 

10 days 
6h 

6 days 

1 h 10 min 


Exercise 20.1 (page 276) 


CON OU A 


19cm, 17 cm?, 16 cm? 

Yes. 12 + 18 = 30 

(a) 6.40 cm (b) 25.6 cm (c) 2.65 cm (d) 13 cm (e) 6 cm 
(f) 3.96 cm 

7.07 cm 

12.2 cm 

12.5 cm 

5.20 cm 

24 cm 


Exercise 20.2 (page 279) 


1 


CON DU RW WN 


6.32 m 

6.71 m 

51.6 miles 

10 cm 

13.9 cm 

3 cm, 6.40 cm 
4.24 cm 

J 


Answers 


381 


Exercise 20.3 (page 282) 
1 (a) 0.839 (b) 2.14 (c) 0.0349 (d) 0.642 (e) 0.0122 (f) 3.69 
(g) 573 (h) 5730 
2 (a) 31.0? (b) 71.6° (c) 14.02 (d) 78.7° (e) 4.6° (f) 41.82 
(g) 83.92 (h) 87.6° 


Exercise 20.4 (page 284) 
1 (a) 36.9” (b) 2.04 cm (c) 4.04 cm (d) 24.0* (e) 5.91 cm 
(f) 29.9* (g) 4.47 cm (h) 58.2° 
2 9.22m 
3 370° 
4 11.2 miles 
5 301m 


Exercise 20.5 (page 289) 
1 (a) 26.4” (b) 6.71 cm (c) 3.86 cm (d) 31.0* (e) 6.66 cm 
(f) 27.4° (g) 11.2 cm (h) 6.77 cm 
62.6 m 
J91” 
6.61 m 
44.4° 
47.6 cm? 
48.2°, 48.2°, 83.6° 
47.0 cm 


CON DU bh Y N 


Exercise 21.1 (page 293) 
1 (a) 5? (b) 7* (c) 2* 
2 (a) 9 (b) 125 (c) 16 (d) 1 000 000 
3 (a) 3 (b) 4 (c) 4 
4 (a) 72 (b) 400 (c) 1620 


Exercise 21.2 (page 294) 
1 (a) 2? (b) 5° (c) 3° (d) 10* (e) 5* (f) 2* (g) 3° (h) 10° 


Exercise 21.3 (page 295) 
1 (a) 2? x 3 (b) 2 x 3? (c) 2? x 3? (d) 3? x 5 (e) 24 x 3 
(f) 2? x 3 x 5 (g) 2? x 3* (h) 3? x 5? (i) 22x 5 x 7 
(j) 2° x 52x 11 


382 


Exercise 21.4 (page 297) 
1 (a) 3 (b) 7 (c) 6 (d) 10 
2 (a) 2? x 3? (b) 2° x 3* (c) 2 x 5? (d) 2* x 5 
3 (a) 24 (b) 60 (c) 40 


Exercise 21.5 (page 298) 
1 (a) 15 (b) 12 (c) 24 (d) 12 
2 (a) 2? xs (b) 25x 3?x 5x7 10232311. 
(d) 24x33 x 5x7 
3 (a) 200 (b) 120 (c) 540 


Exercise 21.6 (page 300) 

1 (a) 9 x 10? (b) 3 x 10° (c) 7 x 10° (d) 4 x 107 
(e) 3.2 x 10* (f) 1.7 x 10° (g) 4.52 x 10* (h) 2.75 x 10° 
(i) 5.2 x 107 (j) 4.6 x 10° 

2 (a) 500 (b) 80 000 (c) 90 000 000 (d) 870 000 (e) 9100 
(f) 2 300 000 (g) 19 700 (h) 42 100 000 000 

3 3x108 

4 7.5 x 10° 

5 93 700 000 


Exercise 21.7 (page 302) 

1 (a) 7 x 107? (b) 4 x 10* (c) 3 x 107 (d) 9 x 10 
(e) 8.4 x 10° (f) 2.9 x 10° (g) 7.91 x 10° (h) 7.39 x 10 

2 (a) 0.004 (b) 0.000 08 (c) 0.9 (d) 0.000 000 003 (e) 0.013 
(f) 0.000 97 (g) 0.000 004 73 (h) 0.000 000 508 

3 5x 107 

A 1.69 x10” 

5 0.000 002 2 


Exercise 21.8 (page 304) 

1 (a) 6 x 10" (b) 2.4 x 108 (c) 3 x 10° (d) 8 x 10° (e) 4.3 x 104 
(f) 4.93 x 10% 
(g) 3.147 x 105 (h) 5.92 x 10° 

2 (a) 2.88 x 10" (b) 2.55 x 10? (c) 5.69 x 10* (d) 9.19 x 107 

3 2.88 x 10” 

4 20 (1 sf) 

5 (a) 2.5 x 10" (b) 1.5 x 10° 


Answers 
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Exercise 22.1 (page 311) 
1 (a) 7, 8, 9 (b) 5, 7, 8 (c) 9, 8, 6 (d) 7, 6, 5 (e) 7, 9.5, 10.5 
(f) 5, O, 1 
2 3,2.5, 2.4 
3 84,76,75 
4 1,1.5,2.5 
5 —1°C, -2*C, -3°C 
6 2h 14 min, 2 h 9 min, 2 h 6 min 
7 6 years 1 month 
8 (a) 42 mph (b) 25h 
9 83 
10 27 
11 1 1.5,6,7 
12 45 kg 
13 158 cm 
14 18 mph 


Exercise 22.2 (page 313) 
(a) 7 (b) 25 (c) 7 
2 21 

3 34,76 

4 9 degrees 

5 3,3,8,9,12 


—À 


Exercise 22.3 (page 314) 
1 4,3,3.2,6 

2 01.165 
EERE 

4 15,15,15.5,4 


Exercise 22.4 (page 319) 
Answers obtained from your cumulative frequency graphs may 
differ slightly from those given here. 
1 (a) 11-15 (b) 11.5 (c) 12, 8, 14, 6 
2 (a)90 <w < 100 (b) 89.1 kg (c) 91 kg, 81 kg, 98 kg, 17 kg 
(d) 85 
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Exercise 23.1 (page 325) 
1 (a) y=x+3 (b) y=x+1 (c) y=x -1 (d) x + y =4 
(e) x + y =1 (f) x + y =-2 (g) y = 4x (h) y =x (i) y =-2x 


Exercise 23.2 (page 327) 
1 -8,-5,-2, 1, 4, 7, 10 
2 -2,-1,0,1,2,3,4 
3 1,-1,-3,-5,-7, -9, -11 
4 (a) (0, 3) (b) (0, 4) (c) (0, -2) (d) (0, 3) (e) (0, 2) (f) (0, 6) 


Exercise 23.3 (page 331) 

(a) 7 (b) (0, -4) 

y=-—3x +4 

y =2x + 5, (0, 5) 

(a) 4 (b) — 5 (c) 0 

(a) y = 4x +3 (b) y =5x +3 (c) y=-5x + 12 
(a) 2; (0, 3) (b) T (0, =3) (c) E (0, 6) 


db 


Ou Ah WN 


Exercise 23.4 (page 335) 

1 (a) 19, 12, 7, 4, 3, 4, 3, 7, 12, 19 (b) 80, 45, 20, 5, 0, 5, 20, 
45, 80 (c) 8, 4.5, 2, 0.5, 0, 0.5, 2, 4.5, 8 (d) -16,-9,-4, -1, 
0,-1.4, 0, 16 (6) 39, 16, 8.9.0.7, 8:18, 39 
(f) 24, 15, 8, 3, 0, -1, 0, 3, 8 (g) 25, 16, 9, 4, 1, 0, 1, 4, 9 
(h) 31, 20, 11, 4, -1, -4, -5, -4, -1 (i) 15, 4, -3,-6, -5, 

0, 9, 22, 39 

2 (a) -19, 0, 7, 8, 9, 16, 35 (b) -54, -16,-2, 0, 2, 16, 54 
(c) -13.5, -4,-0.5, 0, 0.5, 4, 13.5 (d) 27, 8, 1, 0, -1, -8, -27 
(e) 54, 16, 2, 0, -2, -16, -54 (f) -64, -27, -8, -1, 0, 1, 8 
(g) -36, -12, 2, 0, 0, 4, 18 (h) -30, -8, 0, 0, -2, 0, 12 
(i) -38, -16, —6, 2, 2, 12, 34 

3 (a) -0.7,-1,-2, -4,-10, 10, 4, 2, 1, 0.7 (b) 0.3, 0.5, 1, 2, 5, 
E 2 25) 9) 071.04 10: 1040, 2.07 
(d) 4.7, 4.5, 4, 3, 0, 10, 7, 6, 5.5, 5.3 


Exercise 24.1 (page 339) 


1 fabee x= 2.9 —3 (b) x =3,7=0 () x=3,y=0 
2 (a), (c) 
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3 (b) 

4 (a)x=3, y=1 (b) x =2, y=3 (c) x =4, y=2 (d) x = 4, y =-3 
(e) x = -2, y = 4 (f) x =-1, y = -2 

5 The lines are parallel so they do not meet. 


Exercise 24.2 (page 343) 
1 (a)x=5,y=2 (b)x=2,y=1 (c)x=3,y=-1 
2 (a)x=1,y=1 (b) x =2, y=-1 (c)x=3,y=2 
(d) x=7,y=-3 (e) x =24,y =2 (f) x=5,y=-4 
49, 25 


NO Un Ah W 
eS) 
NO 
00 
Uy 


Exercise 24.3 (page 345) 
1 (a) x?+5x +6 (b) x? -x - 20 (c) x? - 4x — 5 
(d) x? — 9x + 18 (e) x? + 10x + 25 (f) x? — 4x + 4 (g) x? - 49 
(h) x? — 16 (i) 18 + 3x — x? (j) 5 + 4x — x? (k) 6x? + 23x + 20 
(1) 20x? — 11x — 3 (m) 12x? — 44x + 7 (n) 9x? + 12x + 4 
(0) 4x? — 20x + 25 (p) 81x? — 16 (q) 9x? — 49 (r) 12 + 28x — 5x? 
(s) 6 — x — 12x? (t) 25 — 30x + 9x? (u) ax? — b? 


Exercise 24.4 (page 347) 
1 (a) x +4 (b) x +2 (c) x + 4 (d) x — 4 (e) x + 8 (f) x -8 
(8) x — 4 (h) x — 2 (i) x + 10 (j) x +2 
2 (a) (x — 5)(x +3) (b) (x + 2)(x + 7) (c) (x + 1)(x — 25) 
(d) (x + 2) (0 — 12) (e) (x + 7)(x — 7) (f) x(x + 8) (g) (x — 4)(x + 14) 
(h) (x — 1)(x + 1) (i) (x — 10)(x + 2) (j) x(x — 9) 


Exercise 24.5 (page 349) 
1 (a) 2.65, —2.65 (b) 0, 2 (c) 1, 3 (d) 1.3, -2.3 (e) 2.8, -1.3 
(f) 3.6, —0.6 
2 (a) x =2 graph touches x-axis but does not cross it 
(b) no solution as graph does not cross the x-axis 
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Exercise 24.6 (page 351) 
1 (a) 1, 6 (b) -4, 3 (c) -7, 7 (d) -5, —4 (e) 0, 6 (f) 0, -8 
2 (a) 1, 2 (b) -2, 1 (c) -4, -3 (d) -5, 5 (e) 5 repeated 

(f) 0, =10 (g) A, 5 (h) =8; 8 (i) 0, 7 (j) =2; S 

7 cm 

9 or —3 

8 or —9 

7, 9 (or —7, -9) 

7,8 


NO Un E W 


Exercise 24.7 (page 355) 
1 (a) 0, 2, 5 (b) -2, 1, 3 (c) -2.2, -0.8, 2.9 (d) -2, 1, 2 

(e) 0, 2 repeated (f) 2.4 

5.8 

4.3 

R9 

1:7 

Bed 


DO un h WN 
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Taking it further 


Complete Mathematics is a general course that covers and 
integrates different branches of mathematics. To go on from 
here, you could either pursue a more advanced general course 

in mathematics, or decide that you would like to know more 
about the individual subjects, algebra, trigonometry, calculus and 
statistics which make up Complete Mathematics. Whichever line 
you decide to take, you should think carefully about buying a 
graphical display calculator if you do not have one already. These 
calculators are not cheap, but they are important tools for learning 
trigonometry, calculus and statistics. Recommended graphical 
display calculators at the time of writing (2010) are Texas 
Instruments TI84 and Casio 9850+. 


Websites and organizations 


A+B Books, who write and publish mathematics books for use with 
a graphics calculator. 


Bournemouth University applets (computer animations) 
demonstrating mathematical principles 

Coventry University Mathematics Support Centre for Mathematics 
Education 

Www.mis.cov.ac.uk/maths_ centre 


Free-Standing Mathematics Qualifications 


¡CT Training Centre, with many useful resources and links to other 
sites worldwide 
www.tsm-resources.com 


Oundle School site, with many useful resources and links to other 
sites worldwide 
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Reading list 


Abbott, P. (2010) Understand Algebra, Hodder Education, 
London. 


Abbott, P. (2010) Understand Trigonometry, Hodder Education, 
London. 


Abbott, P. (2010) Understand Calculus, Hodder Education, 
London. 


Barrow, John D. (1993) Pi in the Sky: Counting, Thinking and 
Being, Penguin, London. An exploration of where maths comes 
from and how it is performed. 


Eastaway, Rob & Wyndham, Jeremy (1998) Why Do Buses Come 
in Threes?, Robson Books, London. Practical uses for various 
mathematical topics, including probability, Venn diagrams and 
prime numbers. 


Eastaway, Rob & Wyndham, Jeremy (2002) How Long is a Piece 
of String?, Robson Books, London. Examples of mathematics in 
everyday life. 


Eastaway, Rob & Wells, David (2005) Mindbenders and 
Brainteasers, Robson Books, London. A collection of 100 puzzles 
and conundrums, old and new. 


Flannery, Sarah (2000) In Code: A Mathematical Journey, Profile 
Books, London. A collection of problems with solutions and 
explanations, based on the author’s experiences of growing up in 
a mathematical home. 


Graham, Alan (2010) Understand Statistics, Hodder Education, 
London. A straightforward and accessible account of the big ideas 
of statistics with a minimum of hard mathematics. 


Haighton, June et al. (2004) Maths the Basic Skills, Nelson 


Thornes, Cheltenham. A traditional textbook on basic mathematics 


based on the Adult Numeracy Core Curriculum. 


Huntley, H.E. (1970) The Divine Proportion, Study in 
Mathematical Beauty, Dover, New York. Applications in art and 
nature of the “Golden Ratio”. 


Ifrah, Georges (1998) The Universal History of Numbers, The 
Harvill Press, London. A detailed book (translated from French) 
about the history of numbers and counting from prehistory to the 
age of the computer. 


Neill, H. and Quadling, D. Mathematics for the IB Diploma, 
Standard Level, Cambridge University Press. 


Paulos, John Allen (1990) Innumeracy — Mathematical Illiteracy 
and its Consequences, Penguin, London. Real-world examples of 
innumeracy, including stock scams, risk perception and election 
statistics. 


Polya, G. (1990) How to Solve It, Penguin, London. A classic text 
on mathematical problem solving that is well-known around the 
world. 


Potter, Lawrence (2006) Mathematics Minus Fear, Marion Boyars 
Publishers Ltd, London. A romp through school mathematics that 
takes in puzzles and gambling. 


Seiter, Charles (1995) Everyday Math for Dummies, For Dummies, 


New York. A friendly guide to basic maths, written in an 
entertaining style. 


Singh, Simon (2000) The Code Book, Fourth Estate, London. 
A history of codes and ciphers and their modern applications in 
electronic security. 
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Singh, Simon (1998) Fermat's Last Theorem, Fourth Estate, 
London. An account of Andrew Wiles’ proof of Fermat’s Last 
Theorem, but also outlining some problems that have interested 
mathematicians over many centurles. 


Stewart, lan (1996) From Here to Infinity, Oxford University Press, 
Oxford. An introduction to how mathematical ideas are developing 
today. 


Stewart, Ian (1997) Does God Play Dice?, Penguin, London. 
An introduction to the theory and practice of chaos and fractals. 


Stewart, Ian (2006) Letters to a Young Mathematician, Basic 
Books, New York. What the author wishes he knew about 
mathematics when he was a student. 


acute-angled triangles, 45 
acute angles, 17, 19 
addition, 3, 4 
decimals, 68-9 
directed numbers, 706-8 
fractions, 34-6 
algebra 
defining, 748 


methods of solving equations, 339-43 


origins of the word, 782 
see also equations 
algebraic expressions, 748-68 
brackets, 755-8 
evaluating, 753-5 
factorizing, 758-9, 345-7 
and formulae, 209 
indices, 759-65, 292-8 
simplifying, 757-3, 163-6 
writing, 148-51 
alternate angles, 23-4 
altitude, 747 
angles, 15-28 
acute angles, 77, 19 
at a point, 27 
bearings, 25-6, 28 
facts, 20-17 
interior and exterior, 53-5 
measuring and drawing, 78-20 
naming, 77 
obtuse angles, 77 
parallel lines, 22-4 
reflex angles, 77, 79 
right angles, 76, 27 
on a straight line, 27 
vertex, 76 
vertically opposite, 27, 24 
angle sum of a quadrilateral, 50 
apex, 247 
approximation, 769-87 
accuracy of measurements, 779-80 
estimates, 176-7 
rounding 
with decimals, 777-4 


in practical problems, 778 
whole numbers, 769-77 
significant figures, 174-6 
arc, 277 
arctan, 282 
area, 136-47 
parallelograms, 747, 144 
rectangles, 738-40 
trapeziums, 744-6 
triangles, 747-3 
area of a circle, 227-3 
arithmetic 
the four operations, 3-4 
order of operations, 4-6 
problems which use, 7-6 
averages, 306-311 


bar charts, 83, 86, 87, 99 
bearings, 25-6, 28 
BiDMAS convention, 5-6 
in algebraic expressions, 753, 156 
bi-modal data, 307 
bisecting a circle, 276-17 
brackets 
in algebraic expressions, 755-8 
equations with, 788-9 


calculators, and negative numbers, 777 
cancelling fractions, 32 
categorical data, 96 
centilitres, 726 
centre of a circle, 276 
centre of rotational symmetry, 46 
circles, 276-28 
arc, 277 
area, 221-3 
centre, 276 
chords, 277, 224 
circumference, 278-20 
diameter, 276-77, 218-20, 222 
properties of, 224-6 
radius, 276 
sector, 217 
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circumference of a circle, 218-20 

class intervals, 97 

complementary angles, 27 

completely factorized algebraic 
expressions, 758-9 

compound interest, 205-6 

cones, 248 

congruent shapes, 55-6, 144 

constant term, 346 

continuous data, 96-7 

conversion graphs, 776-17 

cooling curves, 97 

coordinates, 773-15, 322-4 

correlation in scatter graphs, 93-4 

cosines, 285-8 

counting numbers, 8 

cross-sections, of three-dimensional 
shapes, 247 

cube numbers, 9 

cube root, 352 

cubes, 246 

cubic equations, 352-5 

cubic graphs, 333 

cuboids, 246, 251-3 

cumulative frequencies, 374, 316-17 

curved graphs, 331-4 

cylinders, 247, 250 


data collection, 87-2 
decagons, 52 
decimal points, 63, 64 
decimals, 63-79 
addition and subtraction, 68-9 
converting fractions to, 67, 74-7 
converting to fractions, 66 
division, 72-4 
multiplication, 69-72 
place value, 64-5 
rounding with, 777-4 
writing percentages as, 795-9 
decimal system of numbers, 7-3 
denominators, 29-30 
Descartes, René, 774 
diagrams 
probability/sample space, 236 
tree diagrams, 239-47 
diameter, 276-77, 218-20, 222 
difference of a number, 3 
different-sign numbers, 709, 770 
digits, 7 
Diophantus, 782 


directed numbers, 704-9 
addition and subtraction, 706-8 
ordering, 705 
direct proportion, 267-9 
discrete data, 96-7 
distance—time graphs, 777-18, 119 
divided numbers, multiplication and 
division, 108-111 
division, 3, 4 
of decimals, 72-4 
divided numbers, 708-777 
of fractions, 38-40 


elimination (of unknowns), 339-40 
equations, 782-93, 337-57 
algebraic methods, 339-43 
with brackets, 788-9 
cubic, 352-5 
finding missing numbers, 783 
quadratic, 348-9 
solution by factorizing, 349-52 
quadratic expressions, 343-7 
simultaneous, 337-9, 340, 341-3 
solving inequalities, 797-3 
solving linear, 783-8 
solving problems using, 789-97 
equation of straight lines, 727, 322-5 
equilateral triangles, 46, 57, 59 
equivalent fractions, 30, 37 
estimates, 176-7 
Euclid, Elements, 15, 44 
Euler, Leonard, 248 
even numbers, 8 
expected frequency, 243-4 
exterior angles, 53-5 


factorization 
algebraic expressions, 158-9 
cubic equations, 352 
quadratic expressions, 345-7 
factors of anumber, 77, 72 
highest common factor (HCF), 
295-6 
prime factors, 294-5 
fair dice, and probability, 231, 232, 233-4, 
235 
F-angles, 28 
first quartiles, 317 
formulae, 209-15 
evaluating terms other than the 
subject, 211-13 


subject of, 209 
changing, 273-74 
writing, 209-11 
fractions, 29-43 

adding and subtracting, 34-6 
cancelling, 32 
comparing with ratios, 267 
converting decimals to, 66 
converting to decimals, 67, 74-7 
division of, 38-40 
equivalent, 30, 37 
finding the larger of two, 37 
improper, 33-4, 39 
lowest common multiple, 37 
lowest terms, 32 
mixed numbers, 33-4, 39, 76 
multiplication of, 36-8 
numbers as a fraction of another 

number, 40-7 
of quantities, 37-8 
simplest form, 32 
simplifying, 31-2 
writing percentages as, 795-9 
see also decimals 


frequency/frequency tables, 82, 84, 313-20 


grouped, 375-79 
frequency polygons, 97 
fully factorized algebraic expressions, 
158-9 


geometry, origins of, 75 

gradient of a straight line, 328-31 

grams, 126 

graphs, 173-24, 322-36 
coordinates, 773-15, 322-4 
curved, 331-4 
drawing straight-line, 325-7 


equations of straight lines, 727, 322-5 


gradient of a straight line, 328-37 
line graphs, 89-92 
lines parallel to the axes, 727-3 
scatter graphs, 93-6 
straight-line, 776-20 
grouped frequency tables, 97, 375-79 
grouping data, 97-9 


HCF (highest common factor), 295-7 
hexagons, 52, 57 

highest common factor (HCF), 295-7 
high negative correlation, 94 
hundreds, 7 


hundredths, 64 
hypotenuse, 273, 285-6 


imperial units of measurment, 127-9 
converting between metric and, 
129-30 
improper fractions, 33-4, 39 
index, 759 
indices, 759-66, 292-8 


highest common factor (HCF), 295-7 


laws of, 760-3, 293-4 


lowest common multiple (LCM), 297-8 


prime factors, 294-5 

simplying expressions with, 763-6 
inequalities 

of lines, 727-2, 123 

solving, 191-3 
intecept, 326 
integers, 8 
interior angles, 53-5 
interquartile range, 377-78 
inverse proportion, 269-77 
inverse tangents, 282 
isoceles triangles, 46-7, 59 
isosceles trapeziums, 57, 67, 146 


kilograms, 726 
kites, 57, 67 


large numbers, 298-300 


LCM (lowest common multiple), 37, 297-8 


like terms, 757, 152 

linear equations, solving, 783-8 
line of best fit, 93 

line graphs, 89-92 

lines of symmetry, 46, 57, 217 
logarithms, 63 

lower quartiles, 377 


lowest common multiple (LCM), 37, 297-8 


lowest powers of prime factors, 296 
lowest terms of fractions, 32 


mean, 309-10, 311 

measurement, 725-33 
accuracy of measurements, 779-80 
choosing suitable units, 730-7 
converting between metric and 

imperial units, 729-30 

imperial units, 727-9 
metric system, 725-7 

median, 307-8, 311, 313-14 
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metric system, 725-7 pentagons, 52, 53 


converting between metric and percentages, 795-208 
imperial units, 729-30 increases, 203-5 
using suitable units, 130-1 of quantities, 799-200 
mililitres, 726 increasing and decreasing, 207 
milligrams, 726 one quantity as a percentage of 
mirror lines, 46 another quantity, 202-3 
mixed numbers, 33-4, 39, 76 using multipliers, 205-7 
modal class interval, 375 writing as fractions or 
mode, 306-7, 311, 313 decimals, 795-9 
multiples, 70, 77 perfect correlation, 94 
multiplication, 3, 4 perfect squares, 9 
decimals, 69-72 perimeter, 134-6 
divided numbers, 708-717 perpendicular lines, 76 
of fractions, 36-8 pictograms, 82-3, 85 
multiplier method, 268 pie charts, 87-9 
multipliers, 205-7 place value, 7-3 
mutually exclusive events, 232, 233 decimals, 64-6 
plane geometry, 44 
natural numbers, 8 plane shapes, 44 
negative correlation, 93, 94 polygons, 52-5 
negative numbers, 704, 109, 110 finding the area of a circle, 221-2 
and calculators, 777 polyhedrons, 248 
nets and surface area, 249-57 positive correlation, 93, 94 
number, 1-14 positive numbers, 704, 709, 110 
arithmetic positive whole numbers, 8 
the four operations, 3-4 power, 159, 160, 292, 293-4, 296 
order of operations, 4-6 prime factors, 12, 294-5 
problems which use, 7-6 prime numbers, 77, 12, 294 
place value, 1-3 principal, and compound interest, 205-6 
special numbers, 8-9 prisms, 247 
numbers volume, 253-6 
factors, 11, 12 weight, 256-7 
as a fraction of another number, 40-7 probability, 229-45 
multiples, 70, 77 expected frequency, 243-4 
standard form, 298-304 and relative frequency, 230-7 
see also whole numbers of a single event, 231-4 
numerators, 29-30 tree diagrams, 239-47 
two events, 234-8 
obtuse-angled triangles, 45, 59 probability/sample space diagrams, 236 
obtuse angles, 77 probability scale, 230 
octagons, 52, 57 problem solving 
odd numbers, 8 Pythagoras’ theorem problems, 279-80 
order of rotational symmetry, 46, 57, 277 rounding in practical problems, 778 
origins, 773 using equations, 189-91 
using ratio, 265-7 
parabolas, 337-2 product of a number, 3 
parallel lines, 22-4 proportion, 267-71 
parallelograms, 57, 60 direct, 267-9 
area of, 141, 144 inverse, 269-71 
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protractors, 19-20 
pyramids, 247-8, 249 
Pythagoras’ theorem, 273-80 
problems, 279 
proof of, 278 
using, 274-7 


quadratic equations, 348-9 
solution by factorizing, 349-52 
quadratic expressions, 343-7 
factorizing, 345-7 
quadratic graphs, 332 
quadrilaterals, 50-2, 60 
quantities 
fractions of, 37-8 
percentages of, 799-200 
increases, 203-5 
increasing and decreasing, 207 
one quantity as a percentage of 
another quantity, 202-3 
using ratio, 265-7 
quotient of a number, 3, 4 


radius, 276 
range (in statistics), 372-73 
ratio, 260-7 
comparing with fractions, 267 
scales, 262-4 
simplying, 260-2 
using, 265-7 
reciprocal of a fraction, 39 
reciprocal graphs, 334 
rectangles, 57, 60 
area of, 738-40 
rectangular numbers, 9 
recurring decimals, 75-6 
reflex angles, 77, 19 
region of lines, 727 
regular solids, 248 
relative frequency, 230-1 
rhombus, 57, 67 
right-angled triangles, 45 
Pythagoras’ theorem, 273-80 
right angles, 76, 27 
right pyramids, 247 
Roman numerals, 7 
root of equations, 782 
rotational symmetry, 46, 57, 217 
rounding 
with decimals, 777-4 


in practical problems, 778 
whole numbers, 769-77 
rounding down, 770 
rounding up, 770 
running totals, 374 


same-sign numbers, 709, 770 
samples, 87 
satisfied equations, 782 
scalene triangles, 47, 59 
scales, 262-4 
scatter graphs, 93-6 
sector of a circle, 277 
segments, 277 
semicircles, 277 
significant figures, 174-6 
simplest form of fractions, 32 
simultaneous equations, 337-9, 340, 341-3 
sines, 285-8 
small numbers, 307-2 
solids see three-dimensional shapes 
solutions of equations, 782 
cubic equations, 353-5 
quadratic equations and 
fractorization, 349-52 
special numbers, 8-9 
spheres, 248 
square numbers, 9 
squares (quadrilaterals), 50, 60 
area of, 139 
perimeter of, 134, 135 
standard form, 298-304 
calculations, 302-4 
large numbers, 298-300 
small numbers, 307-2 
standard index form, 299 
statistics, 80-103, 306-21 
averages, 306-311 
bar charts, 83, 86, 87, 99 
collection of data, 87-2 
continuous data, 96-7 
discrete data, 96-7 
frequency tables, 373-20 
grouping data, 97-9 
line graphs, 89-92 
pictograms, 82-3, 85 
pie charts, 87-9 
range, 372-73 
scatter graphs, 93-6 
Stevin, Simon, 63 
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straight-line graphs, 116-20 
gradient of a straight line, 328-31 
subject of formulae, 209 
changing, 273-74 
subtraction, 3, 4 
decimals, 68-9 
directed numbers, 706-8 
fractions, 34-6 
sum of a number, 3 
supplementary angles, 27 
surveys, 81-2 
symmetries 
lines of symmetry, 46, 57, 217 
of quadrilaterals, 57 
of regular polygons, 55 
of triangles, 46 


tally charts, 81-2, 84 
tangents, 277, 225 
ratio, 287 
using, 283-5 
values of, 282 
tan (tangent), 287, 282 
tens, 7 
tenths, 64 
terminating decimals, 75 
terms, 757, 752 
tessellations, 57-8 
tetrahedron, 247 
Thales of Miletus, 44 
third quartiles, 377 
thousands, 7 
thousandths, 64 
three-dimensional shapes, 246-59 
cubes, 246 
cuboids, 246, 251-3 
nets and surface area, 249-57 
prisms, 247, 253-6 
pyramids, 247-8, 249 
regular solids, 248 
volume of, 257-6 
three-figure bearings, 25, 28 
time-series graphs, 89-90 
tonnes, 726 
top-heavy (improper) fractions, 33-4 
transversals, 23 


trapeziums, 57, 67 
area, 144-6 
tree diagrams, 239-47 
triangles, 44-50, 52, 59 
area of, 747-3 
congruent, 56 
constructing, 48-50 
perimeter of, 134, 135 
Pythagoras’ theorem, 273-80 
symmetry, 46 
types of, 45-8 
see also trigonometry 
triangular numbers, 9 
trigonometry, 280-90 
sines and cosines, 285-8 
tangents, 287-5 
two-dimensional shapes, 44-62 
congruent, 55-6 
polygons, 52-5 
quadrilaterals, 50-2 
tessellations, 57-8 
triangles, 44-50, 52, 59 


unbiased, 231 
unitary method, 268 
units, 7 

unlike terms, 757, 752 
upper quartiles, 377 


vertex, 76, 246 

vertical line graphs, 90 
vertically opposite angles, 27, 24 
vertices, 246 


whole numbers, 8 
and prime factors, 295 
rounding, 769-77 
rounding with decimals, 777-2 


x-axis, 773, 114 

x-coordinates, 113, 114, 115, 322-3, 324 
y-coordinates, 773, 114, 115, 322-3, 324 
y-intecept, 326 


Z-angles, 28 
zero, 2 
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The city of Chihuahua, Mexico, hides one of the world's greatest treasures, which became a landmark 
for the location. In the Naica mine dozens of large crystals have been lying for over a century. Since b i 
most of the crystals weight over 55 tons, they hold a record for the largest selenite crystals in the C) : | 
world. Even though it’s been over 100 years since the discovery, the seemingly surreal location kept Y , Je 
Its title. ~ > 

job_offers = quiz 
Back in the 18th century, when silver was worth a lot in Mexico, the Naica mine was discovered, when | 
workers struck a silver vein. Later on, at the beginning of the 20th century, large scale mining began. TRIPLE BYT = 
Just before the Naica mine was officially closed in 1911, the Giant Crystal Cave was discovered. 
Because of it spectacular natural location, locals decided to Keep it safe from being destroyed, so the 
Cave is protected by law. 


However, it wasn't until 2000 that two researchers, Juan and Pedro Sanchez, rediscovered the cave 
again while searching the Naica cave; and what they saw was unforgettable. Over 900 feet 
underground, lies a large chamber filled with dozens of giant crystals. 
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Each crystal has a diameter of at least 12 feet and weights over 55 tons. Apparently, the crystals 
created due to the magma underground and are over 500,000 years old. In time, natural phenomena 
shaped them uniquely and the result is definitely amazing to anybody who gets to see them. 


While the cave provides anyone with a once-in-a-lifetime view, staying there is nearly impossible 
without the proper equipment. The average temperature in the main chamber is 58 degrees 
Celsius(136.4), which may cause death for anyone, who stays there longer than 10 minutes. On top of 
that, climbing the crystals is quite difficult, which is why the cave can be visited only with specialists 
nearby. 


The legend says that selenite, which is gypsum crystal, provides people with healing benefits and 
makes people, who touch them look younger. The Greek goddess of the moon, named Selenite, 
offered luck and emotional stability, which is why the Giant Crystal Cave is thought to be not only a 
spectacular, unique place, but also a magical one. 
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PREFACE 


The Publishers make no apology for reviving interest in the 
crystal set. For too long the technical press has immersed itself in an 
orgy of complex superheterodyne receivers and television equipment, 
all of which is necessarily expensive. In the 1920s, crystal set 
construction was a fascinating and inexpensive pastime indulged in by 
the majority of boys of that day. Today this pleasurable hobby can 
be even more attractive, the introduction of the germanium crystal 
diode and high performance coils, has opened up new paths which will 
capture the interest of boys of all ages. Perhaps most important of all. 
not only can a receiver capable of impeccable reproduction be 
produced without any technical knowledge; but the cost is no greater 


than that of a few visits to the cinema 
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INTRODUCTION 


Before any attempt is made to construct a 
receiver, it is necessary to examine the problems 
which surround the crystal set, so that the best 
can be obtained from any of the designs 
attempted. 


Firstly, it must be understood that the crystal 
set as it is to-day does not provide any amplifica- 
tion. It relies entirely on what is fed into it via 
the aerial and earth system and gives a very faith- 
ful replica of the original transmission. 


From this it will be obvious that the aerial and 
earth system must be as efficient as possible if 
the final results are to be in any way outstanding. 
This because these are the only means by which 
the signals are fed to the receiver. 


Secondly it is necessary to understand the 
nature of the transmitted signal, then it will be 
easy to understand the working of the set and to 
appreciate the function of each of the components. 


When crystal sets first became popular, very 
little information was generally available, at 
least, not in a form that school-boys could 
understand. 


We all built sets of all shapes and sizes, with 
coil designs that had to be seen to be believed, 
but very few of us had much idea of how they 
worked. 


I well remember the case of a cousin of mine 
who, in those days acquired a magnificent vari- 
able capacitor or condenser as it was then called, 
this instrument had a most impressively engraved 
dial of polished ebonite, brass vanes and nickel 
plated end plates. Having observed similar dials 
on several highly priced commercial receivers in 
the town, he at once ripped out the somewhat 
tattered coil from the family receiver and replaced 
it with this device. The profound silence which 
ensued caused considerable amazement and dis- 
may until a better informed adult explained the 
mysteries of L and C to him. Readers of this 
manual, however, will be better informed and 
there is no risk of failure with any of the designs 
described provided the instructions are carefully 
followed. 


The Signal 
To commence, we will assume that an orchestra 


is playing in a broadcasting studio. Since the 
principle of radio transmission is electrical it is 
necessary to change the sound produced by the 
orchestra into an electrical equivalent. This is 
carried out by the microphone, which picks up 
the sound and changes it into minute electric 
currents. 


As they appear at the output of the micro- 
phone they are too small to be of use and 
accordingly are passed through a high power 
amplifier. These amplified currents could now 
be transmitted, but unfortunately, as we shall 
learn, owing to the inherent nature of the signal 
in this state, transmission over any useful distance 
would be impractical. 


When the music from the orchestra is trans- 
formed into electrical currents they are in the 
form of alternating currents, usually called A.C., 
that is they rise to a maximum in one direction, 
fall to a minimum, rise to a maximum in the 
opposite direction and then fall to minimum 
again. This process is repeated over and over 
again. One complete rise and fall in each direc- 
tion is called a cycle and is drawn in Fig. 1. 
Every time a note is struck on a piano, vibrations 
are sent out which reach the ear enabling you to 
hear it. These vibrations are also spoken of as 
cycles, they rise and fall in intensity the same way 
as an alternating current. The number of cycles 
radiated by any given note over a period of one 
second are referred to as its frequency. Middie 
C on the piano sends out 261 cycles every second 
and is known as having a frequency of 261. The 
microphone also “hears” the note and in the 
case of middie C produces minute A.C. at 261 
cycles. This can be drawn as in Fig. 2, the only 
difference between Fig. 1 and 2 is, that the time 
factor is given so that the frequency can be iden- 
tified. The higher the pitch of a note the higher 
the frequency and the lower the pitch the lower 
the frequency. On a piano the frequency of the 
top note is 3515 cycles and that of the lower 27 
cycles. Those of you who have listened to an 
organ in a concert hall will have noticed that — 
when a very deep note was played, it sounded 
like a growl to the ear, but the vibrating fre- 
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quency could be distinctly felt through the seat. 
Higher notes have too high a frequency to be 
observed in this manner. 

The range of sounds which can be detected 
by the human ear are known as audio or low 
frequencies. From this you will understand that 
a low frequency amplifier is one which amplifies 
sound. 

So that the transmitter will carry the pro- 
gramme over a useful distance it is necessary to 
radiate high frequencies. Now, as explained, the 
programme to be transmitted consists of low fre- 
quencies, and to overcome the difficulty, the 
transmitter generates A.C. of high frequency and 
combines it with the low frequencies. It will now 
be understood that the transmitted signal consists 
essentially of two different parts, a high and a low 
frequency content. 

Fig. 3 gives a representation of the high fre- 
quency signal generated by the transmitter. In the 
case of the London Home Service, the frequency 
is 908000 cycles. 

When referring to a high frequency signal on 
the medium or long wave-band it is usual to ex- 
press the frequency in thousands of cycles, thus 


O BE OS a SEPSIS SERIO = 
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908000 cycles becomes 908 kilo-cycles, which in 
turn may be abbreviated to 908 k/cs. It might at 
first be thought that by adding the low pl 
or L.F. signal to the high frequency or H.F. 
carrier a form such as in Fig. 4 would result, such 
a combination is useless, and, so that the original 
L.F. content can be satisfactorily extracted by the 
receiver, the L.F. signal must vary the amplitude 
or output power of the H.F. signal as in Fig. 5. 

It is in this form that the signal arrives at 
the receiving aerial. .The aerial in itself is in- 
capable of discriminating between one signal and 
another, and countless signals will be collected 
by the aerial at any one time. Many of these are 
too weak to be of use but the stronger ones must 
be sorted out since there is no point in receiving 
several programmes at once. 

Fig. 6 shows the basic circuit of the input to 
a crystal. The coil L possesses a quality known 
as inductance, and the capacitor C, that of capa- 
citance. If the coil had no capacitance whatever 
across it, all signals arriving at the aerial would 
be effectively short circuited to earth. As a matter 
of interest, it is impossible to obtain this state 
of affairs since even without any additional capa- 
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citor any coil must contain a certain amount of 
self capacitance. 

By combining a coil and capacitor as in Fig. 
6 a peculiar effect is observed, at one particular 
frequency, the signals are not short circuited to 
earth, but are developed across the coil. In other 
words the combined effect of L and C no longer 
provides a short circuit, but only at one particu- 
lar frequency. If the value of C is altered the 
effect will be observed at a different frequency; 
likewise by altering L the frequency at which the 
effect will take place can be changed. There is 
a name for this phenomena, the frequency at 
which it occurs with any given L and C combina- 
tion is known as the resonant frequency. 

The values of the coils and capacitors shown in 
this manual have been carefully chosen so that 
resonance will be obtained at all frequencies 
where stations are broadcasting. Broadcasting 
stations work in bands of frequencies, those of 
major interest to crystal set constructors are the 
medium wave-band 1200 k/cs—600 k/cs and the 
long wave-band 300 kc/s—150 k/cs. 

Usually a variable capacitor is used with a fixed 
inductance to cover one band and an additional 


coil switched in to increase the inductance to 
cover the other. In this way the L and C com- 
bination can be adjusted to provide resonance at 
the desired frequency of any given station. In other 
words you can select the station you want by 
varying C, that is turning the dial of the variable 
capacitor. This procedure is referred to as tuning. 
Having selected or tuned the required station it 
still remains necessary to change the form of the 
signal back to that of the original transmission. 
This process is called detection or de-modulation. 

Examination of Fig. 5 will show that the signal 
has been duplicated, in other words, as it rises 
in one direction it also rises equally in the other. 
In this form the signal is useless since each half of 
the signal cancels the other, and if this signal is 
applied to a pair of headphones silence will 
result. Obviously some provision must be made 
to get rid of the unwanted half of the signal, and 
it is here that the crystal detector must be con- 
sidered. This device will pass current in one 
direction only, ignoring any signal in the opposite 
direction, so that if the signal of Fig. 5 is passed 
through such a crystal, that of Fig. 7 will result. 
There is still the H.F. content to be reckoned 
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with, fortunately this is easily dealt with, a capa- 
citor connected across the headphone terminals 
effectively disposes of this, leaving only the audio 
or L.F. content, as shown in Fig. 8. This audio 
content, which is a faithful replica of the original 
transmission is fed to the headphones. These in 
turn reverse the process of the microphone and 
transform the electrical currents into sound waves 
acceptable to the human ear. 

Briefly then, your requirements are as 
follows:— 

(1) A good aerial and earth installation, to 

make the most of the available signals. 

(2) A receiver containing: — 

(aì Some form of coil and capacitor (L & 
C) combination to select or tune in the 
wanted station. 

(b) A crystal to get rid of the unwanted 
half of the signal (detection). 

(c) A fixed capacitor across the head- 
phones to get rid of any remaining 
carrier. 

(3) A pair of sensitive high resistance head- 
phones. 


Aerials 


By this time the intending constructor will be 
able to appreciate the necessity of a good aerial. 
It is a point which cannot be over-emphasised. 
Assuming that you are in the fortunate position 
of being able to erect an outdoor aerial there are 
two main considerations, height and length. 

One of the best that can be used is the inverted 
L shown diagramatically in Fig. 9. 

It should be erected as high as is practical, 
every foot counts. The horizontal wire, that is 
the aerial proper, should have a minimum length 
of 60’ to which of course the length of the down 
lead is added. Where it is impossible to erect 
an aerial with an ideal horizontal length, a com- 
promise must be effected. 

Fig. 10 shows a three wire spreader aerial 
which gives quite a good effective length. 

Suitable wire for a receiving aerial will not set 
any problems, stranded copper about 7/22 gauge 
is the best. 7/22 means that it consists of 7 strands 
of 22-gauge wire. This wire may be obtained 
covered, and for the present purpose is better 
than the plain or enamelled kind. 

Note that insulators are used between the 
actual aerial wire and its anchoring supports, it 
is important that these are used, otherwise 
leakage will occur which will of course spoil its 
efficiency. Fig. 11 and 12 show how the wire may 
best be attached to two of the most common 
types of insulator available. Fig. 11 is of porce- 
lain and is usually referred to as an egg insula- 
tor, whereas Fig. 12 shows a more modern (and 
more expensive) type in glass. If you are using 


the glass pattern, one is usually sufficient at each 
end of the aerial, but with the egg type two 
Should be used. No doubt many readers will not 
be in a position to erect an out-door aerial, and 
must necessarily be content with an indoor in- 
stallation. 

The next best thing to a good out-door aerial 
is a replica constructed in a loft. If this form of 
construction is used, care must be taken when 
feeding the down lead to avoid close contact with 
the wall of the house. At the point where the 
lead feeds under the eaves, a length of rubber 
tubing can be used to cover the wire. The lead 
is fed through one of the small spacés left for 
ventilation purposes. A general idea is given by 
Fig. 13. : 

A less elaborate but quite effective aerial can 
be obtained by using a bed-spring. A length of 
7/22 copper insulated wire is connected between 
the receiver and the spring. The spring should 
first be cleaned with emery cloth. Remove about 
2” of insulation from the wire and bind it tightly 
round the prepared spring. The joint may be 
covered with insulating tape which is obtainable 
from all electrical stores for a few pence. 

Such aerials are quite popular since so many 
crystal sets are built for bedroom use. 

When an aerial is required in the living room, 
the picture rail can be conveniently used. Insu- 
lated screw-eyes are fixed at intervals of about 
3 feet along the rail, the wire is firmly anchored 
to one of them, and stretched right round the 
room until you arrive back at the starting point. 
By use of one of the insulated screw-eyes, the 
wire is secured and the down lead fed to the 
receiver. The idea is illustrated in Fig. 14. 


Soldering 


Before leaving the subject of aerials, a few 
words on soldering will mot come amiss. Down 
leads on outdoor aerials should be soldered, and 
the same applies to loft types. Apart from aerial 
leads; earth leads and all the connections in the 
receiver will require soldering. 

For the type of soldering necessary in radio 
construction an electric iron is the best solution. 
One of the small types marketed by Adcola or 
Henleys will be found admirable for the job. 
These are excellent for actual set construction but 
are hardly large enough for soldering the down 
lead to an outdoor type of aerial. Here the heat 
is dissipated much more quickly and a larger 
iron is required in order to get the solder to flow. 

Ordinary irons which may be heated by a gas 
flame can be obtained very cheaply from most 
ironmongers” stores. Assuming the use of such 
an iron, first heat the iron until the copper bit 
is giving off a green coloured flame, the iron is 
now at the correct operating temperature. The 
bit is now discoloured or oxidised and - its tip 
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should be quickly cleaned with an old file which 
should be kept specially for the purpose. A better 
idea is to obtain a small block of sal-ammoniac 
and rub the tip of the hot iron on it. This will 
clean the tip of the bit perfectly. Next take a 
length of cored solder such as Ersin Multicore, and 
melt a little on to the prepared tip faces, now 
smooth it evenly over the surface with a piece 
of old rag (be very careful not to burn your 
fingers) the iron is now “tinned” and ready for 
use. When heating the iron, be very careful not 
to let the bit overheat or get red hot, otherwise 
the tinned surface will be destroyed and the whole 
process will have to be gone through again. 

An electric iron will not overheat, and the tin- 
ning will last much longer than with ordinary 
types, and since the heat does not deteriorate 
there is less likelihood of making faulty joints. 

Having obtained a tinned iron, the process of 
soldering joints is remarkably simple and anyone 
with a little patience can acquire the art in a very 
short time. 

To solder two copper wires together: clean the 
wire with emery cloth, apply a prepared iron 
and some cored solder to it, the solder will flow 
evenly over the wire thus tinning it. Repeat the 
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process with the remaining wire and then twist 
the two together. Now apply the iron to the joint 
from the underside and the cored solder to the 
joint on top. Solder will flow evenly over the 
joint. Remove both iron and solder and allow 
to set. The solder will harden or set in a few 
seconds but during this period the joint must 
not be touched or moved, as otherwise the joint 
will be “dry” and quite useless mechanically or 
electrically. On radio components, tags for sol- 
dering are already tinned though if they are old, 
or discoloured it is best to re-tin them. Normally, 
however, it is only necessary to twist the connect- 
ing wire to it and apply the iron and solder as 
explained. 

Remember: never apply the solder to the iron 
and then the iron to the joint, always apply the 
iron and the solder to the joint. It is however a 
good thing to apply a little solder to the iron tip 
even when it is perfectly tinned just before making 
a new joint. 

One final “ DON’T,” you will have noticed 
that the solder referred to is “cored,” that is, it 
contains resin and other substances through its 
centre, plain solder as used by electricians and 
plumbers will not do, as it is the resin or flux 
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as it is called which makes the solder flow evenly 
and permits a good electrical joint. 

Equally important do not attempt to use a 
separate flux or soldering fluid with plain solder 
or to “help” the cored solder; since these are 
almost certain to cause eventual corrosion and 
will destroy any components that have been con- 
taminated. 


Earths 

The provision of a good earth is just as 
important as the rest of the installation. 

Much disappointment would be avoided if this 
fact were not lost sight of, to avoid any slip up 
in this direction I am proposing to outline several 
well tried and efficient earth systems. 

If it can be obtained, an earth rod, specially 
designed for the purpose provides the basis of a 
good earth connection. These were very popular 
some years ago when the majority of receivers 
were either crystal or battery operated, but in 
these days of modern mains driven sets they are 
not often used and consequently not always 
readily available. 

Fig. 15 shows how it is used. First excavate a 
hole to a depth of three feet and fill with a mix- 
ture of soot and coke. Drive in the earth rod, 
which is a hollow copper tube, perforated. The 
lead to the receiver is connected at the top, and 
should be of covered 7/22 gauge, as used for the 
aerial system. Though not obvious it is important 
that this lead-in should be in covered wire, other- 
Wise a number of indifferent earth contacts are 
likely to be made at various points along its 
length until it reaches the set. This is very un- 
desirable and will spoil the efficiency of the 
system. It is essential to keep the soil surround- 
ing the rod moist, which is one reason why the 
tube is hollow, and care must be taken to pour 
water into the tube at intervals. 

A very efficient earth is the percolative type 
also popular at one time. Due to the chemicals 
used, it will extract moisture from its surround- 
ings, thus maintaining a permanently moist earth. 

It should be installed as in Fig. 15b. 

The container is of copper or zinc, anything 
else will quickly rust away, again a good quantity 
of coke is used. Fill the container with a mixture 
of sal-ammoniac and coke, and then bury in coke 
as illustrated. This earth will not require further 
attention. It is possible to use powdered calcium 
chloride instead of sal-ammoniac but unless a 
chemist can be persuaded to make some up it is 
better to stick to sal-ammoniac. 

If a zinc container is not available and you do 
not use or cannot easily get coke, Fig. 15c should 
be used. This makes a better earth than many 
so-called “earths” that I have come across. 
Obtain as large a tin as possible, make a number 
of holes as shown. Solder the lead in the bottom 


and fill it with sal-ammoniac. Replace the lid 
and bury in the ground. The tin will eventually 
rust away, but the replacement cost is negligible. 

If it is quite impossible to make direct contact 
with the ground, a water pipe must be pressed 
into service. This should be a main pipe feeding 
Straight to ground and not a hot water pipe or 
one fed from a tank. Scrape the pipe clean and 
twist the lead in tightly around it, a copper clip 
is even better. Do not attempt to solder on to 
the water pipe; since cold water is flowing through 
the pipe, it is extremely unlikely that your sol- 
dering iron will heat up the water supply suffi- 
ciently to allow a sound electrical joint, though 
you may spring a leak. 

No attempt should be made to utilise gas pipes; 
the possibility of causing a fire is certainly very 
remote but, they make incredibly bad earth con- 
nections due to a number of joints made before 
true ground is reached. These joints are at best 
only semi-conductors, at least from an electrical 
standpoint. 

Headphones 

Since the late war there have been a large 
number of head-phone sets available on the sur- 
plus market. These may be roughly divided into 
two types, high-impedance and low-impedance. 
For the crystal sets detailed in this book high- 
impedance *phones are required and the low- 
impedance pattern will not be suitable unless a 
matching transformer is used. As this is likely 
to cost more than the rest of the installation in- 
cluding the set, it will be as well to avoid them. 

High-impedance types have an impedance of 
20008 to 4000Q whereas the low-impedance 
types are usually 6009. 

The remaining consideration is weight; often 
cheap headphones are very heavy and uncomfort- 
able to wear, every endeavour should be made 
to obtain "phones as light in weight as possible. 
Crystals 

All the sets shown in this book have been de- 
signed to work with modern germanium crystals 
rather than the older galena crystal. 

These germanium crystals require no adjust- 
ment, which, in itself, removes the main objec- 
tion to this class of receiver. Suitable crystals 
are available from the following manufacturers 
and on the surplus market: Mullard, G.E.C., 
Brimar, Westinghouse and B.T.H. They are of 
robust construction, some in glass, others in cera- 
mic or plastic, but must not be subjected to heavy 
knocks, otherwise the contact point may become 
dislodged. 

From the mformation given, you should now 
be able to install an excellent aerial and earth 
system, and have some idea of how the crystal 
set works, so it is time to pass on to the actual 
receiver construction. 
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CONSTRUCTION 1 


If you examine the following circuits you will 
find that each one is different. In most cases the 
difference lies in the coil design and/or the 
method by which the crystal and aerial is tapped 
into it. Each of these circuits has its own par- 
ticular advantage to suit different conditions and 
the ideal circuit in some localities is not neces- 
sarily the best in others. It is not just a matter 
of a given circuit giving louder results than an- 
other, if it were there would be no point in 
showing more than one. 


The main problem is to obtain adequate 
selectivity without reducing the volume level. 


A receiver is said to be selective when it tunes 
sharply, a set with poor selectivity allows the 
stations to spread over the dial and when used 
near a transmitter will receive the local stations 
mixed together, which of course is useless. 

Consider Fig. 16a, this is a very simple receiver, 
with no special attempt to provide any great 
amount of selectivity. In areas where signal ' 
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strength is not high, or a short aerial is used, it 
will probably be ideal. 

It would have been quite easy to increase the 
selectivity by providing a tap on the coil for the 
aerial as in Fig. 17a, but unfortunately, as the 
selectivity is increased overall volume is likely 
to decrease, so that unless you live close enough 
to the transmitter to have a large signal avail- 
able and therefore need the selectivity, the circuit 
of Fig. 16a will be quite satisfactory. 

Capacitor C1 is to prevent the aerial damping 
the circuit too heavily because this would flatten 
the tuning unnecessarily, however with small 
aerials it may be better to take the aerial direct 
to the black tag on L1. The signals are selected 
or tuned by L1 and C2, X1 is the crystal and C3 
the capacitor across the *phones to prevent un- 
wanted carrier or R.F. reaching the ‘phones. 

A practical diagram (Fig. 16b) is provided 
showing the layout and all the wiring. You will 
require nuts and bolts to fix the coil, about 4”, 
4BA size will do, the other parts have locking 
nuts provided. An old 2-oz. tobacco tin makes a 
very good container and keeps the size down. 
Note that the metal box is connected to earth. 
With the exception of AC/DC receivers the metal 


Fig. 17a circuit is similar in many respects to 
that of Fig. 16a. The difference is purely one 
of selectivity, tuning will certainly be sharper, and 
even with comparatively inefficient aerials the de- 
sign will put up a very good performance. There 
is no reason why the construction should not fol- 
low the same lines as the previous receiver but, by 
enlarging the set a little and using an air spaced 
tuning capacitor, the efficiency is improved. 
Observe that the colour coding on the coil, an 
R.E.P. Dual Range (Blue Box) is different from 
that of the Crystal set coil used on the previous 
design, and make sure it is correctly wired in. 

Cl is a mica compression capacitor, often re- 
ferred to as a “trimmer” and because it is ad- 
justable, permits the set to be matched to aerials 
of varying lengths. Construction is carried out 
On a square panel of bakelite, perspex or wood, 
as shown in Fig. 17b. Perspex being clear like 
glass presents a most attractive finish, provided 
the set is neatly wired. It must be drilled slowly, 
however, otherwise the generated heat of the drill 
will make the hole wander, and spoil the panel. 

After the set has been wired and tested a small 
wooden container can be made to house the com- 
E a littl 

en carrying out reception tests, a little ex- 
periment is well worth while, to get the best out 
of the set. Try removing the germanium crystal 


work on any receiver or amplifier is connected 
to earth. 

When S1 is open as in the diagram, the set will 
tune in long-wave stations, but when closed tho 
medium wave-band will be received. 


Components List, Fig. 16a 
Ci 100pF mica capacitor. 
C2 500pF tuning capacitor, solid dielectric. 
C3 1000pF mica capacitor. 
X1 Germanium crystal. 
L1 Crystal Set Coil. R.E.P. 
S1 Single Pole toggle switch. 
4 Insulated wander-plug sockets and plugs. 
1 2-0z, tobacco tin (or similar container). 

Make sure that the wander-plug sockets are of 
the insulated type, otherwise the metal case will 
join all the sockets together electrically. 

Try to follow the theoretical diagram when 
wiring, a little practice will soon enable you te 
wire up a set without a practical diagram, which 
is a great advantage because often only the theo- 
retical diagram is given when circuits are detailed 
in the technical press. 

Fig 28 on page 34 gives a list of symbols 
used on the theoretical diagrams, so that you can 
readily identify the components. 


from the green tag on L1 and connecting it to 
yellow, at the same time removing the lead from 


Cl to yellow and connecting it to green. Once 
the best arrangement has been found the wiring 
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can be left permanently in that position. Note 
that two tags on the coil are unused, this is 
intentional because on this circuit the extra 
winding connected to these tags is not required. 
With the switch S1 closed, the coil will cover the 
medium wave-band, and when open, long wave 
stations can be received. It is customary to 
abbreviate the expression medium wave-band to 
M.W. and long wave-band to L.W. 


AERIAL 


The design shown in Fig. 18a and 18b is more 
flexible than either of the preceding sets. ‘That 
is, it can be varied to suit local conditions to a 
greater extent than the first two sets. This is made 
possible by the large number of taps provided 
on the coil. | 

You will notice that in this instance the coil 
is home-constructed on a cardboard former and 
is much larger than commercially produced 
coils. Coils wound in this manner are called 
solenoids, the turns are wound on side by side; 
in this case to a depth of some three inches. The 
diameter of the coil is made purposely large so 
as to obtain high efficiency. Modern commercial 
coils are invariably wave-wound and quite often 
are litzendraht which is the German for litz wire. 
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Components List, Fig. 17a 
100pF mica trimmer capacitor. 
500pF variable capacitor (air spaced). 
1000pF mica capacitor. 
Dual Range Coil R.E.P. (Blue Box). 
Single Pole toggle switch. 
Germanium Crystal. 
Terminals or wander-plugs and sockets. 
Perspex, bakelite or wood for mounting 
panel. 
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This wire is made up of a number of strands of 
fine copper wire, each strand is enamelled to in- 
sulate it from the others, the whole is then silk 
covered. Litzendraht is more efficient than solid 
copper wire, and by using this and wave-winding, 
manufacturers can produce an efficient coil which 
is also small. Unfortunately wave-wound coils 
cannot be produced without a complex winding 
machine and home-constructed coils must take 
the solenoid form. It would be possible to use 
litzendraht but it is not easy to obtain by the 
reel, it is most expensive, and is difficult to handle. 
This last point is because at termination points, 
each strand must be cleaned of its enamel before 
a joint is made, and if one strand is broken, its 
advantage over plain copper wire is lost. How- 
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INSET SHOWING METHOD OF TAPPING COIL. 
_  _  _  _ _ _ _ _ _ _ _  __———_ _ _  —-=QQQ 


ever, by using a former of reasonably large 
dimensions an efficient coil can be produced 
cheaply using ordinary copper wire. 

The wire must be firmly secured at the start 
and finish of the windings. Pierce three small 
- holes about 4” apart 4” from the end of the 
former. Pass the wire through the first from the 
outside, return it through the second and pass it 
back again through the third. Leave some 6” of 
Wire at the end to make off the connection. It 
will now be possible to wind the turns on tightly 
without wire slipping. 

Count on ten turns and make a loop 1” long. 
The method of preparing loops is shown in Fig. 
18a, loops or taps should always be made in this 
manner, never by baring the wire and soldering 
a further length of wire to it. Carry on with the 
winding, making off the taps every ten turns as 
directed until the coil is complete. 

Construction is carried out on a wooden base- 
board and front panel. Secure the coil to the 
base-board as shown on Fig. 18b, mount the re- 
maining components and proceed with the wiring. 
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FIG.18 a 


When testing out, it will be found that the fur- 
ther the aerial is tapped down the coil towards 
the earth end, the greater the selectivity. A posi- 
tion should be found which permits separation 
of local stations without excessive loss of sensi- 
tivity. 

The crystal tap is adjusted for best results and 
different settings of C1 tried out, when choosing 
the best position for the aerial tap. 


Components List, Fig. 18a 


C1 450pF padder. 

C2 500pF variable capacitor. 

C3 1000pF mica capacitor. 

L1 See text and Fig. 18a. 

X1 Germanium Crystal. 

2 e Clips (to connect leads to coil 
taps). 

4 Wander-plugs and sockets, 
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se most unusual design is reproduced in Fig. 
a. 

It first appeared in America about three years 
ago, and it certainly does offer some advantage 
over more conventional sets. The tuning circuits, 
are duplicated and two crystals are used, so the 
circuit may be described as a full-wave receiver. 
Signals received will certainly be louder than 
with simple sets, but care must be taken with the 
coil winding, as with the other receivers using 
home-made coils, otherwise results will be dis- 
appointing. Be very careful to ensure that all 
three windings are in the same direction, this is 
very important. 

The distance between each winding should be 
+”. After the coil has been wound it is a good 
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plan to warm it before a fire and paint the wind- 
ings with “ Durafix.” Heating the coils makes 
the “ Durafix” run freely. This substance sets 
quite hard and there will be no risk of the wind- 
ings loosening. A small quantity of enamelled 
wire will cover the requirements of this coil, a 
2 oz. reel will provide more than sufficient. 

Before wiring in the germanium crystals, ex- 
amine them carefully, note that one end is 
coloured red or in some cases marked with a 
positive sign thus +. You will notice, the sign 
is the same as the addition symbol used in 
arithmetic. 

It is essential that both the red or positive ends 
are connected together, note that this is clearly 
marked on Fig. 19b. The receiver cannot work if 
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FIG. 19a 


one of the crystals is connected the reverse way 
round. 

A baseboard and panel form of assembly is 
used for this set which looks quite attractive if 
housed in a small polished cabinet. Dimensions 
are not at all critical but Fig. 19b gives a general 
idea of the layout that should be used. To avoid 
any unnecessary losses the coil should be mounted 
on perspex. 

Obtain two strips of perspex 53” long by 3” 
wide, drill fixing holes at both ends of each strip. 
It is best to clamp the two together when drilling 
these holes. Place one strip on the board in posi- 
tion, then put the coil and remaining strip over 
the first one and screw down. The coil will be 
clamped neatly and rigidly into position. 

Twin socket bakelite strips are used to carry 
the acrial/earth and *phone connections, if de- 
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sired terminals mounted on pieces of bakelite 
could be used. These socket strips can be pur- 
chased from most’ shops selling components. If 
feet are not provided, drill two holes and screw 
into the edge of the base-board. Tag-strips are 
used to anchor some of the wires from the coil, 
and the germanium crystals. These also can be 
purchased for a few pence. At least two tags are 
necessary on one, and three on the other, though 
if the strips have more tags than required it is of 
no consequence. C3-C4, the ganged tuning capa- 
citors have trimmers fitted, this should be stipu- 
lated when purchasing, and when first operating 
the set these small trimming capacitances are set 
about half-way. The idea of these trimmers is, 
that they compensate for any difference between 
the self-capacity of the tuning coils. With the 
switch S.1 open, that is in the OFF position, tuw 
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in a station at the high-frequency end of the 
band, that is with the vanes of C3-C4 towards 
the disengaged position. Adjust C1 for maximum 
volume, without interference from other stations. 
Now adjust the trimmers for loudest headphone 
strength. It may be necessary to run over the 
adjustments several times for best results. Once 
they are correctly set, the trimmers require no 
further adjustment. The tuning coil covers the 
M.W. band, 1500 kc/s. to 600 kc/s., as the capa- 
citor C3-C4 is advanced and the vanes start to 
mesh, the frequency to which the receiver tunes 
decreases so that with the vanes disengaged the 
set is tuned to 1500 kc/s. approximately and at 
full mesh, 600 kc/s. Switch S1 is used as follows, 
for stations lower in frequency than 850 kc/s it 
should be in the ON position with the contact 
closed, but for stations higher in frequency, it is 
in the OFF position. As an example both the 
London Home Service and London Light Pro- 
gramme transmitters on the M.W. band operate 
at a higher frequency than 850 kc/s. If any doubt 
exists as to the operating frequency of a given 


Whenever crystal sets are discussed, construc- 
tors are apt to think in terms of medium-wave 
reception. When you consider that at least 98% 
of published circuits are designed for this band 
(sometimes with the long-wave band thrown in as 
an afterthought) it is understandable. However, 
if you can provide a good outdoor aerial (and 
an equally good earth) there is a lot of fun to 
be had listening to the short-wave bands. This 
receiver is designed specially for short-wave re- 
ception. 

A metal chassis is used for construction, these 
can be obtained ready made in aluminium from 
most good supply houses. It can be quite small 
and on the original model a 6” x 4” was used. 
Low loss components are used so as to obtain 
greatest efficiency on the short wave bands. The 
coil is a commercial product which plugs into a 
4-pin base. Best results were obtained on the 
3mc/s to 7mc/s band though coils covering other 
bands are available. 

Note that the tuning capacitor Cl is smaller 
than normally used and has a maximum capaci- 
tance of 140pF. 

Coil type 706/R covers the 3mc/s to 7me/s 
band, but the set is equally satisfactory on the 
M.W. band, and to cover this coil type 706P 
should be used. This coil has an iron dustcore 
which can be adjusted to make the coil cover 
the required band. The effect of the core is as if 
turns were being added or removed from an or- 


station, reference should be made to the Radio 
Times which quotes both wave-lengths and fre- 
quency. If you know the wave-length in metres, 
it is simple to find the frequency. Divide 300,000 
by the wave-length in metres, the dividend equals 
the frequency in kilocycles, i.e., 300,000 + 300 
metres=1,000 kc/s. In the same way, dividing 
300,000 by the frequency in kilocycles will pro- 
duce the wave-length in metres. 

` To use the receiver, tune in the signal by C3- 
C4, adjust Cl for maximum volume without 


“allowing stations to overlap. 


Components List, Fig. 19a 


Cl 300pF solid dielectric variable capacitor. 
C2 1000pF mica capacitor. 
500pF twin gang variable capacitor. 


L1-2-3 See text and Fig. 19a. 
X1-2 Germanium Crystal. 
2 Tag-strips. 

2 Twin socket strips. 


S1 Single Pole toggle switch. 


dinary coil. When dealing with the short waves 
it is customary to refer to the frequencies in terms 
of mega-cycles (mc/s) rather than kilo-cycles. One 
mega-cycle is equivalent to 1000 kilo-cycles, that 
is 1,000,000 cycles. 

Layout and wiring can be clearly followed from 
Fig. 20b and a theoretical diagram is shown in 
Fig. 20a. Care should be taken when arranging 
a mounting for the aerial terminal. The best plan 
is to cut a 1” hole in the chassis, mount the aerial 
terminal on u piece of perspex and screw into 
the chassis. This avoids any unnecessary losses 
between aerial and chassis. The earth terminal 
is screwed directly into the chassis. 
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Wiring as shown in Fig. 20a is likely to give 
the best results, but other arrangements are pos- 
sible and to get the best out of the set they should 
be tried. > 

Refer to Fig. 20a. The aerial is connected to 
pin 3 on L1, C1 to pin 2 and X1 the crystal to 
pin 4. If you have a long aerial try this com- 
bination—Aerial to pin 4, Cl to pin 2, and the 
crystal to pin 3. Connections to pin 1 are not 
altered. In a few cases the following arrange- 
ment may prove best. Crystal and C1 to pin 2, 
aerial to pin 3, pin 4 left free and again pin 1 
is unaltered. 

Tuning on the short-wave . bands is more 
critical than on the medium waves so tune very 


Fig. 2la-b is yet another design from America 
and appeared in Radio Craft some years ago, 
designed by Mr. W. J. Spain. The original used 
a silicon crystal which preceded the development 
of the germanium. Results are certainly very 
good though of course on the model built here, 


slowly over the band and remember signal 
strength is likely to vary from day to day. 


Components List, Fig. 20a 


Ci 140pF variable capacitor Eddystone 586. 
C2 1000pF mica capacitor. 

1 Coil holder Eddystone 707. 

Li 3m/c—7m/c coil Eddystone 706/R. 

1 Engraved tuning dial. 

1 6”x4"x24” chassis. 

2 Terminals (Aerial-Earth). 

1 Twin socket strip (phones). 

X1 Germanium Crystal. 


a germanium crystal was used. Selectivity can 
be adjusted to suit all conditions and even at short 
distances from local stations. Good volume can 
be obtained without the programmes overlapping. 
Home made coils are used and for best results a 
75’ outdoor aerial is desirable. 
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Baseboard and panel construction is used, 
which can conveniently be housed in a small 
wooden cabinet. 

Operation is a little more complicated than 
some of the other designs, but the results cer- 
tainly merit the extra trouble taken. As with 
the other receivers much of the success obtain- 
able is due to the coils and these must be care- 
fully made otherwise results will be dis- 
appointing. 

Layout and wiring can be followed quite easily 
from Fig. 21b and requires no special comment. 

First make the coils. L1 is a tapped coil, the 
taps should be made in the same way as shown 
in Fig. 18b;_It consists of 90 turns of 22 D.C.C. 
(double cotton covered) copper wire tapped at the 
following number of turns, 5, 10, 15, 25, 30, 
40, 50, 60, 70 and 80. The former used has a 
diameter of 2”. L2 is also wound on a 2” dia- 
meter former, this coil however is not tapped, 
it consists of 110 turns of 38 D.C.C. or enamelled 
copper wire. Great care must be taken when 
handling this wire, it is quite fine and in the 


hands of the inexperienced will easily break. 

After wiring has been carried out the set can 
be put into operation. 

Selectivity is controlled by S2, in position B 
tuning is broad but in position A it can be quite 
sharp. 

When searching for a station switch S2 to B. 
Tune the station and switch S2 to A. The fre- 
quency range is controlled by the position of the 
tap on Ll, a good plan is to start with the 5 turn 
tap on L1. 


Components List, Fig. 21a 


C1 500pF variable capacitor. 
C2 500pF variable capacitor. 
C3 1000pF Mica Capacitor. 
X1 = Germanium Crystal. 
Li&L2 See text. 
S1 Single Pole toggle switch. 
S2 Single Pole 2-way toggle switch. 
2 Twin socket strips 
(Aerial/Earth and ’Phones). 


FIG. 21a 
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Keep S1 open and C1 for tuning, adjusting the 
tap on L1 for best results. Very powerful signals 
are best brought in with S1 closed. When using 
Cl and adjusting the taps on L1, switch S2 is 
kept in the A position. 

It will be found that C2 acts as a fine control 
on Ci. One division of the tuning dial on Cl is 


A very useful receiver for both medium and 
long-wave reception is possible with the circuit of 
Fig. 22a-b. A home-made coil is used. On the 
original a 14” diameter former was used but in 
fact this is not very critical and a 14” former 
could be used. An interesting point is the con- 
struction of the long-wave coil section. Solenoid 
coils as used for the medium wave-band are not 
efficient if the length is too great relative to the 
diameter. ? Now as the long-wave section has 300 
turns, if wound as a solenoid the winding length 
would be very great and a lot of efficiency would 
be lost. To overcome the difficulty the coil is 
pile wound. If the whole coil were to be wound 


cy 2ty equal to a movement of 20 divisions on 


Note that the coils are mounted at right angles 
to one another and that in this instance wood 
has been used as far as possible, an aluminium 
or other metal chassis is not suitable. 


in one pile it would still be inefficient because of 
the capacity formed in the winding, but by divi- 
ding it into five sections a coil of reasonable effi- 
ciency results. The same remarks concerning 
winding apply to this coil as to all the others in 


Components List, Fig. 22a 


C1 300pF Mica Capacitor. 

C2 500pF Variable Capacitor. 
C3 1000 Mica Capacitor. 

X1 Germanium Crystal. 

L1-2 See Text. 

S1 Single Pole Toggle Switch. 
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FORMER CAN BE BAKELITE OR WAXED 


CAROBOARO TUBE. 


FIG. 22a 
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this book, and readers should not, by this time, 
encounter any difficulties. 

The design provides good selectivity with good 
sensitivity, and provided the set is not required 
to operate within a few miles of a powerful trans- 
mitter, no trouble will be encountered from inter- 
ference between adjacent stations. 


If you look at all the other circuits shown in 
this book you will find that in each case the 
tuning capacitor and tuning coil are in parallel, 
this is by no means essential and the circuit of 
Fig. 23a shows a series arrangement that is the 
tuning capacitor is between the coil and earth 


instead of being wired up across it. This design 


A wooden base-board and front panel is best 
for this design, and the wiring and layout can be 
clearly followed from Fig. 22b. Switch S1 is open 
for long-wave reception and closed for the 
medium-wave band.: da 

Coil mounting can be on the same principle as 
for the full-wave design Fig. 19a-b. 


also appeared in Radio Craft a few years ago. 
An interesting point is that the coil is a con- 
version adapted from another type of component. 
To make this coil you must obtain an old LF. 
transformer as used in superheterodyne receivers. 
You will require one designed to work any- 
where between 450 and 470 kc/s. Some of the 
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very early ones worked at 110 kcs/ but these are 
unsuitable. 

The LF. transformer must also be of the type 
tuned by an iron dust core at each end. 

Dismantle the transformer, remove the parallel 
capacitors and mounting wires so that you are 
left with two coil bobbins and their former. Be 
very careful when un-soldering the wires from 
the supports because the coils are usually wound 
in litzendraht and must remain intact. Remove 
25% (approximately) of the turns from one coil 
which we will call the secondary, and completely 
remove the iron dust slug from this coil, now 
cut the former in half, and mount as in Fig. 23a. 
Warm the coils with heat from your soldering 
iron or from a fire and gently slide the coils into 
position at the ends of the former as in Fig. 23a. 
The wax will set again holding the coils in their 
new position. 

Note that the wires from the coils are con- 
nected to tags on the mountings. These are pieces 
of bakelite, and usually the original end pieces 
used on the LF. transformer can be used. 

A word about soldering litzendraht. Do not 
attempt to use emery paper. Prepare the end of 
wire by removing the outer silk covering and dip 
the end in methylated spirits. Ignite with a match 


and after about five seconds wipe with a cloth 
held between finger and thumb. This will quench 
the flame and will remove all traces of enamel 
from the wire. It is a good plan to experiment 
with the odd length of wire removed from the 
secondary coil. If the coils prove to be con- 
structed of ordinary copper wire, it can of course 
be prepared with fine emery cloth in the normal 
manner. 


Components List, Fig. 23a 
C1 500pF variable capacitor. 
X1 Germanium Crystal. 
L1 See Text. 
4 Plugs and sockets or terminals. 


Wiring is straight forward as can be seen from 
Fig. 23b and requires no explanation. 

Operation is as follows, selectivity is controlled 
by varying the distance between coils with the 
wing nut, and to an extent by the position of the 
primary iron dust core. Remember that the aerial 
and earth installations are as important with this 
set as with any other crystal receiver. No parallel 
capacitance appears necessary across the ’phones, 
the set works quite happily relying on the self- 
capacitance of the head-phones. 


ADJUSTING NUT. 


SLUG LOCK 


NUT. 


PRIMARY SECONDARY. 


THE BOY'S BOOK OF CRYSTAL SETS 


AERIAL EARTH 


” 


TUNING CONTROL 


SELECTIVITY 
CONTROL 


— FRONT 


VIEW — 


FIG, 23 b 


9 


So as to give a truly varied selection of circuits, 
some of the sets have been designed around com- 
mercial coils whilst others use coils which must 
be home-constructed. 
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Most enthusiasts like to build their own coils 
but when it is a question of something really 
small combined with efficiency a commercial coil 
is the obvious choice. 

Fig. 24a-b uses a tobacco tin or a similar 
container just as the design shown in Fig. 16a. 

This receiver however is a little more selective 
and is more suitable than the earlier design, if 
you are near a transmitter or have a very long 
aerial. Take great care to connect the coil accord- 
ing to the colours shown on the diagrams. 
Sockets are used for wave-changing, this cheapens 
the cost a little and they are just as efficient. 


Components List, Fig. 24a 


C1 100pF Mica capacitor. 

C2 500pF variable capacitor solid dielectric. 
C3 1000pF Mica capacitor. 

X1 Germanium crystal. 

L1-2 R.E.P. dual range coil. Blue box. 

6 Insulated wander-plug sockets. 

5 Wander Plugs. 

20z. Tobacco tin or similar container. 
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In certain cases, signals from the local trans- 
mitter are too powerful to permit a crystal set 
with a normal coil to be of much use. I myself 
«¡ve in Hertfordshire a few miles from the Lon- 
don transmitters, and find a more elaborate cir- 
cuit is necessary. Now in radio circles it is a 
well-known fact that the greater the number of 
tuned circuits, the greater the overall selectivity. 
Look at Fig. 25a, you will see that the usual L 
and C tuning arrangements have been duplicated. 
This type of circuit is known as a Band-Pass 
Filter. There are many kinds of such filters, this 
particular type is an inductively-coupled filter, 
note that nergy from the first half (L2) is con- 


veyed to L3 by way of two small inductors Ll 
and L4. 

Tuning is quite sharp and the “feel” of the 
set is quite different from that of single coil de- 
signs. A small chassis is ideal for construction. 

6"x4"x23” was used on the original, though it 
could have been smaller. 

Fig. 25b gives the layout and wiring. 

Take particular notice that L1-2-3 is mounted 
horizontally and at right angles fo L4-5-6, this 
is to prevent the coupling from being too “ tight” 
which would ruin the idea of the filter. A good 
aerial and earth is of course necessary. It may 
be found on test that the selectivity is too great 
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and that volume has suffered. This can be in- 
geniously overcome by connecting a very small 
capacitance between the two Green tags on the 
coils. The simplest way is to connect it across 
the fixed vane connections on C2-C3. Values for 
this extra capacitance are a matter for experiment 
usually a value between 10pF and 47pF is suff- 
cient. A small 50pF trimmer could be used and 
adjusted to suit. The ideal setting is to enable 
powerful adjacent stations to be' received just 
short of overlap so that as much volume as pos- 
sible is obtained. 

There is one point to be observed with the 
ganged capacitor. It should be of the type fitted 
with trimmers though of course, there is no rea- 
son why you should not fit them yourself. These 
are to allow for differences between coils to be 
balanced out, and consist of a small variable 
capacitance across each main section. 


When setting up the receiver, first set each 
trimmer at half way and tune in a station near 
the high-frequency end of the band (vanes nearly 
out) adjust the trimmers for maximum volume. 
If extra coupling capacity is added as described, 
try adjusting them further. 
Once properly set up, no further adjustment 
is necessary. 


Components List, Fig. 25a 


C1 100pF Mica capacitor. 

C2-3 2 x 500pF variable capacitor (see text). 
C4 1000pF Mica capacitor. 

L1-2-3 Dual Range Coil R.E.P. (Blue Box). 
L4-5-6 Dual Range Coil R.E.P. (Blue Box). 
X1 Germanium Crystal. 

Sla-b 2 pole single throw toggle switch. 

4 Terminals or plugs and sockets. 
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Another band-pass circuit is shown in Fig. 26a. 
This time home-made coils are used. This filter 
is not inductively coupled but entirely capacitive, 
relying on C3. As in the previous circuit it must 
be adjusted to give just sufficient “ broadness ” to 
the tuning to provide adequate volume without 
station overlap. To avoid unwanted coupling a 
screen is mounted between the coils, this is neces- 
sary because due to the size of the coils they 
would be bound to couple quite tightly without 
it. Such precautions were not necessary with the 
circuit of Fig. 25a, as the commercial coils are 
much smaller physically and the risk of un- 
wanted coupling reduced. 

The coils for this receiver are for medium wave 
reception only, this keeps the size down. Coil 
winding procedure has already been fully ex- 
plained, and covers all the requirements of these 
coils. Base-board and panel construction is used, 
and for more accurate tuning since the coils are 
home-made, separate tuning capacitors are re- 
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commended. Fig. 26b gives the layout and prac- 
tical wiring. 


Components List, Fig. 26a 


100pF Mica capacitor. 

SOOpF variable capacitor. 

SOpF Mica trimmer. 

500pF variable capacitor. 
1000pF mica capacitor. 

L1-2 See text. 

X1 Germanium Crystal. 

4 Terminals or plugs and sockets. 


For those who do not wish to bother with these 
a ganged capacitor can be used, but tuning may 
not be as good as with separate ones. The screen 
mounted between the coils is of aluminium or 
copper and should be about 1” higher than the 
coils and the same length as the baseboard depth. 


FIG. 264 
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Fig. 27a-b uses a band-pass filter for 
tuning, and the coils are home-constructed. 

With this design a ganged capacitor is quite 
suitable as the coils tune quite accurately. It is 
essential that the coupling condenser C3 is non- 
inductive, there will be no difficulty in obtaining 
a new component of this pattern but it is as well 
to avoid old components which may not employ 
this form of construction. 
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Receivers using this type of filter are used to 
the best advantage when situated a short distance 
from a powerful transmitter and if selectivity ts 
not important this particular design is not the 
most suitable. 

Both medium-waves and long-waves are catered 
ro consider L1-2-3, this is the first half of the 

ter. 

L1 is the aerial coupling coil, with S1 closed, 
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the medium-waves are received. This coil is 
inductively coupled to L2 and L3. Again with S2 
open L2 and L3 combined cover the long-waves 
and when S2 is closed the medium waves are 
covered. 

Tuning for this half of the filter is by means 
of the capacitor Cl, which is one half of the 
ganged capacitor. A screen is erected between 
the two sets of coils comprising the filter, and 
coupling is effected by C3, an earth return for 
the coils is provided by R1. 

L4 and L5 operated in a similar manner to 
L2 and L3, tuning is by means of C2, the re- 
maining section of the ganged capacitor. You 
will realise that the coils must be accurately 
wound otherwise tuning will not remain constant 
between the two sections over the band. 

The ganged capacitor should be fitted with 
trimmer capacitors when purchased so that the 
two circuits can be balanced. 

You will have noticed that this circuit uses 
three sets of switch contacts. A three-pole two- 
way wafer switch is the best choice otherwise 
either two or even three separate switches are 
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necessary. All the necessary coil details are giver. 
in the diagrams, the tap on L4 is made in the 
Same way as shown for other coils in the manual. 
One other component used only on this design, 
is the resistor R1, its size is not important be- 
cause the current flowing is so small it can be 
ignored. 

A 4 watt rating is adequate, its precise value 
is not critical so that a 20% tolerance component 
is quite suitable. 

Resistors are coded by colours and the 1000Q 
type you require will bear the following sequence. 
At one end will be painted three coloured rings. 


Components List, Fig. 27a 


C1-2 500pF 2 gang, variable capacitor. 

C3 0.05mfd. non-inductive paper capacitor. 

C4 1000pF mica capacitor. 

R1 1000 ohm resistor. 

X1 Germanium Crystal. 

S1-2-3 3-pole 2-way wafer switch. 

L1-2-3 & L4-5 See text. 

4 Terminals (Aerial, Earth and Phones). 
Sheet copper or aluminium for screen. 
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The first one is BROWN which represents 1, the 
first figure of the value, the second BLACK, this 
indicates the second numeral is nought, and the 
third colour is RED which tells us that two fur- 
ther ciphers or noughts are added to give the 
total value. From this you can see, we have 1 
plus a nought equalling 10, plus two further 
noughts which total 1000. Some earlier types of 
resistor were painted differently, the whole body 
colour represented the first figure, one tip was 
coloured to represent the second figure, and a 
painted dot in the centre gave the number of 
ciphers to be added. 


There are no other special points regarding 
construction except perhaps that if a long aerial 
is used, a small 100pF capacitor might be tried 
in the aerial lead to prevent damping the first 
tuned circuit. 


When setting up the receiver, tune to a station 
at the high-frequency end of the M.W. band and 
set the trimmers for loudest volume, no other 
adjustments are necessary. 


CONCLUSION 


_ The twelve receivers described are representa 
tive of the best crystal set designs available to-day. 
Their construction will provide many hours of 
useful enjoyment, and the results will give lasting 
pleasure. 


A final word about components, if no actual 
maker is specified, any good class component can 
be used. Switches, fixed and variable capacitors 
and crystals, are available from numerous manu- 
facturers all of which are invariably of excellent 
quality. Where a particular manufacturer’s pro- 
duct is called for, the specification should be 
adhered to. The commercial coils specified are 
freely available from most supply houses speciai- 
ising in components for constructors, but in case 
of difficulty write to Bernards (Publishers) Ltd., 
The Grampians, Western Gate, London, W.6, who 
will, on receipt of a S.A.E. be pleased to supply 
the address of your nearest stockist. Coil formers 
are not always easy to obtain and in this case 
advice should be sought from Post Radio 
Supplies, 395, Queensbridge Road, London, E.8, 
who will be pleased to help in any way possible. 


A Practical Guide to Free-Energy Devices Author: Patrick J. Kelly 


Donald Lee Smith 


Don Smith is elderly and has suffered several serious strokes in the last few years. He is no longer able to 
respond to e-mails and his web site has been taken over by people who appear very keen to ensure that his work 
and information can no longer be accessed by members of the public. 


At this point in time there is very little information available on Don's achievements. What | have been able to 
locate is four video recordings of lectures which he gave, plus a copy of his pdf document entitled "Resonance 
Energy Systems". There is also a web site with limited information. This site appears to have been set up by Don's 
son whom | suspect does not fully understand how his father's devices work. Don has produced at least forty eight 
different devices which draw energy from what Don prefers to call "the ambient background". His devices are 
capable of supplying kilowatts of excess energy and in most cases they do not require any input energy to be 
supplied by the user. 


It is said that 40,000 copies of Don's pdf document have been sold worldwide, but it appears that it is no longer 
possible to buy a copy, and for that reason, a copy is contained within this document. Please be aware that Don 
states quite openly that he does not disclose all of the details on any of his devices in his public discussions. This 
is because the rights to each device have been assigned to a different company in which Don has a financial 
interest, and so it is not in his interests to disclose the full details. However, ha says that he discloses enough for 
somebody who is experienced in radio-frequency electronics to be able to deduce the things which he does not 
disclose and so build a device for his own use. If that is the case, then anybody who has succeeded in doing so 
has kept very quiet about it afterwards (which is understandable). Having said that, Tariel Kapanadze of Georgia 
appears to have replicated one of the designs although it is quite likely that Tariel deduced the operating 
principles for himself. These principles are clearly based on the work of Nikola Tesla. 


In Don's work, he refers to the educational kit entitled "Resonant Circuits” No 10 - 416 from The Science Source 
at www.thesciencesiource.com. That kit now costs US$100 and they don't mention the fact that you need a signal 
generator capable of producing a 10 volt output at up to 1 MHz in order to be able to do resonance tests, and the 
kit now uses an LED rather than a neon bulb. 


There is a "book" of Don's entitled "An Answer to America's Energy Deficit" but, being an earlier work than his pdf 
document, it does not appear to contain anything extra of any significance. Here is Don's pdf document, in it's 
original American-language wording with just minor clerical corrections: 
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METHODS 


Donald L. Smith 
TransWorld Energy, CEO 
September 23, 2002 


FavPhone 281-370-4547 and e-mail donsm1@earthiink.net 


lotating Maaneti ragi 


m1 101000000 


DIPOLE TRANSFORMER GENERATOR 
DESCRIPTION 


TECHNICAL FIELD: 


The Invention relates to loaded Dipole Antenna Systems and their Electromagnetic radiation. When used as a 
transformer with an appropriate energy collector system it becomes a transformer generator. The invention 
collects and converts energy which, with conventional devices, is radiated and wasted. 


BACKGROUND ART: 


An International search of Patent Databases for closely related methods did not reveal any prior Art with an 
Interest in conserving radiated and wasted magnetic waves as useful energy. 


DISCLOSURE OF INVENTION: 


The Invention is a new and useful departure from transformer generator construction, such that radiated and 
wasted magnetic energy changes into useful electrical energy. Gauss Meters show that much energy from 
conventional electromagnetic devices is radiated back into the ambient background and wasted. In the case of 
conventional transformer generators, a radical change in the physical construction, allows better access to the 
energy available. It is found that creating a dipole and Inserting capacitor plates at right angle to the current flow, 
allows magnetic waves to change back to useful electrical (coulombs) energy. Magnetic waves passing through 
the capacitor plates do not degrade and the full impact of the available energy is accessed. One, or many sets of 
Capacitor plates, may be used as desired. Each set of plates makes an exact copy of the full force and effect of 
the energy present in the magnetic waves. The originating source is not depleted or degraded as is common in 
conventional transformers. 


BRIEF DESCRIPTION OF THE DRAWINGS: 


The Dipole at right angle allows the magnetic flux Surrounding it to intercept the capacitor plate, or plates, at right 
angles. The electrons present are spun in such a way that the electrical component of the electrons is collected 
by the capacitor plates. Essential parts are the South and North component of an active Dipole. Examples 
presented here, exist as fully functional prototypes, and were engineer constructed and fully tested for utility by the 
Inventor. Corresponding parts are utilized in each of the three examples as shown in the Drawings. 


DRAWING 1 OF 4: VIEW OF THE METHOD 
N = North and S = South of the Dipole 


North and South component of the Dipole. 

Resonate High Voltage induction coil. 

Dipole's electromagnetic wave emission. 

Heaviside current component. 

Dielectric separator for the capacitor plates 

For purposes of the drawing, a virtual limit of the electromagnetic wave energy. 
Capacitor plates, with dielectric in between. 
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DRAWING 2 OF 4: COMPONENTS, 2A and 2B 


N 


Fig.2-A: 

1. Hole for mounting Dipole B-1. 

2. Resonate high voltage induction coil. 

5. Dielectric separator, a thin sheet of plastic separating the capacitor plates. 

7. Capacitor plates, upper plate is aluminum and lower plate is copper. 

8. Battery system, deep cycle. 

9. Inverter. Input: Direct Current, output: 120 Volts at 60 cycles per second. 
10. Connector wires. 
12. Output to point of use being the load. 


Fig.2-B N = North and S = South component of the Dipole 


1. Metal rod, being soft magnetic metal such as iron. 
2. Resonate high voltage induction coil. 
10. Connector wires. 
11. High Voltage input energy source such as a neon tube transformer. 


DRAWING 3 OF 4 : Proof of Principle Device, using a Plasma Tube as an active Dipole. 
N = North and S = South Components of the active Dipole. 


N 


5. Dielectric separator of the capacitor plates. 
7. Upper capacitor plate: upper plate is aluminum and lower plate is copper. 
10. Connector wires. 
15. Plasma Tube, 4 feet long and 6 inches in diameter. 
16. High Voltage Energy source for the active Plasma Dipole. 
17. Connector block: outlet for testing and use. 


DRAWING 4 OF 4: Manufactures Prototype, Constructed and fully tested. 


1. Metal Dipole rod. 
2. Resonate High Voltage induction coil. 
10. Connector wires. 
17. Connector block for Input from high voltage energy source. 
18. Clamps for upper edge of capacitor packet. 
19. Support Device for The Dipole Transformer Generator. 
20. Packet of Capacitor Plates. 
21. Output connectors of the capacitor, producing energy into a deep cycle battery which then powers the 
inverter. 


BEST METHOD OF CARRYING OUT THE INVENTION: 

The Invention is applicable to any and all electrical energy requirements. The small size and high efficiency makes 
It an attractive option. It is particularly attractive for remote areas, homes, office buildings, factories, shopping 
centers, public places, transportation, water systems, electric trains, boats, ships and all things small or great 
Construction materials are readily available and the skill level required is moderate. 


CLAIMS: 
1. Radiated magnetic flux from the Dipole, when intercepted by capacitor plates at right angles, changes to 
useful electrical energy. 
2. A Device and method for converting for use, normally wasted electromagnetic energy. 
3. The Dipole of the Invention is any resonating substance such as Metal Rods, Coils and Plasma Tubes 
which have interacting Positive and Negative Components. 
4. The Resulting Heaviside current component Is changed to useful electrical energy. 


ABSTRACT 

An Electromagnetic Dipole Device and Method, wherein, radiated and wasted energy is transformed into useful 
energy. A Dipole as seen in Antenna Systems is adapted for use with capacitor plates such that the Heaviside 
Current Component becomes a useful source of electrical energy. 


TransWorld Energy 
227 W. Airtex Blvd. 
Houston, Tx. 77090 


September 23.2002 


Phone: (281)876-9200 Web-site: altenergy-pro.com 
Fax: (281)876-9216 E-mail: donsm1@earthlink.net 


Dear Reader: 


TransWorld Energy is dedicated to improving the Human Condition in the Field of Energy 
which, at the same time, makes possible Healthy Water and increases the food Supply. A 
never-ending source of energy found throughout the universe is easily accessed with the 
minimum of effort and cost. The technology for doing this has been around since the 1820s. 
Selfish special interests have made sure that the technology remains discredited. People who 
control the Energy Sources control the World. 


Extensive research and development by TransWorld and Associates has been progressing for 
more than 15 years. Numerous successful Energy Producing Devices have been produced and 
demonstrated throughout the World. Some of these can be viewed by the Web Site located 
using any major search engine (such as Lycos, Yahoo, Altavista, NorthenLight and more than 
2,000 others throughout the World). 


The Book which You are viewing has more than 40,000 copies in circulation. It has been 
translated and distributed in all major languages including Japanese, Arabic, Portuguese, 
French, Italian, Russian, Chinese, German, Spanish and many more. There are seven editions 
in circulation. An enormous interest is evident in the subject matter. An average of about fifty 
e-mails per day are received from the ends of the Earth (that is about 1,500 per month). 


Once the Web Site and the book are viewed, it will become evident that abundant, self- 
sustainable energy is available everywhere for the taking. This is natural energy which does 
not harm the environment or those using it. The proper Device for Collecting is all that's 
required. 


The Good News is that the problem is solved and with assistance, an ultimate source of energy 
which is environmentally benign, abundant throughout the universe and inexpensive to 


capture, is there for the taking. 


Thank You for your consideration 


Donald L. Smith, CEO 


Electrical Energy Generating System 


Description and Function: 


The Generation of Electrical Power requires the presence of electrons with various methods of 
stimulation, yielding magnetic and electrical impulses, collectively resulting in Electrical 
Energy (Power). In place of the mechanical - coils and magnet system, present in conventional 
electrical power generation, visible moving parts are replaced by resonate magnetic induction, 
using radio frequency. Transfer of energy by resonate induction is related to the ratio of the 
square of the cycles per second. 


The Energy System, presented here, operates at millions of cycles per second verses the 
conventional 60 C.P.S. This tells us that it has a frequency advantage over conventional 
methods. This same advantage applies to the amount of electrical energy output. Therefore 
the Device is small in size and produces large amounts of Electrical Energy. The Electrons 
acquired, are from the surrounding Air and Earth Groundings, being the same source as in 
conventional methods. This is accomplished by magnetic resonate radio induction. 


Applications: 

This Electrical System adapts nicely to all Energy Requirements. It is a direct replacement for 
all existing Energy Systems. This includes such things as Manufacturing, Agricultural, Home 
Usage, Office Complexes, Shopping Centers, Rail Transportation, Automobiles, Electrical 
Power Grids, Municipalities, Subdivisions, and Remote Areas. Briefly, the only limiting 
factor is the imagination. 


Economic Possibilities: 

No Historical Reference Point exists for a comparison of the Possibilities of this System. One 
can see from the impacted applications listed above, that the magnitude exceeds any known 
invention, presently a part of the Human Experience. 


Present and Future Plans: 

The Energy System has been in the developmental stage during the past seven years. It is 
Patent Pending + 08/100,074 with the Patent Office. No prior art exists according to the Patent 
Office's response. The System is presently being introduced into the World Market. 


Useful energy occurs as the result of imbalances in the ambient background energy, which is a transient 
phenomena. In the electrical field, it is a closed system subject to heat death, which severely limits it's 
utility. The flip side of the electron, produces magnetic waves which are an open system, not subject to 
heat death. These waves, being unrestricted, are the universal source of energy when unlimited resonate 
duplicates from this one source are available. ‘Therefore, the key to unlimited energy, is Magnetic 
Resonance. In order to understand this, requires putting a stake through the Heart of Antique Physics. 
Non-linear and Open Systems are universally available in Magnetic Resonance Systems, Explosions of 


any sort [including Atomic Explosions] and Combustibles of any type. Mechanical equivalents would 
be levers, pulleys and hydraulics. A highly obvious example is the Piano where the Key impacts the one 
note giving one sound level, which resonates with it's two side keys providing a much higher sound 
level. Magnetic Resonance Energy clearly amplifies itself, demonstrating more energy out, than in. 


Ohmic resistance does not apply to Magnetic Resonance which travels unrestricted for great distances, 
therefore multitudes of electrons are disturbed, and their back-spin translates magnetic into usable 
electric energy. The right angle component which the magnetic flux provides, translates into useful 
electrical energy. Taken at right angles, the Magnetic Dipole provides an unlimited source of electrical 
energy. The writer is recognized world-wide for his knowledge and experience. See his Web Site at 
altenergy-pro.com . 


Gravity is a function of spin phenomenon as observed in gravity separation of liquids. When spun, milk 
and cream separate. Therefore, relative specific gravity is function of mass versus spin. Magnetics and 
gravity are both spin related. In part, a top levitates when spun. Therefore, spinning magnetic fields are 
a functional motor source as in flying saucers. 


ABSTRACT: Technology of New Energy: 


Developments in the understanding of Electricity, along with Materials which were not previously 
available, allows the construction of Devices which collect energy in large quantities, from the Earth's 
Ambient Electrical Background. This Energy is naturally occurring, environmentally benign and is 
available everywhere. It is available wherever and whenever it is required. New Devices use Resonate 
Magnetic Waves which replicate upon spinning the locally present electrons, providing multiple 
duplicate copies of the Energy Present. Each electron when spun yields both magnetic and electric 
waves in equal proportion. The electrical component is a closed system limited by Ohms Law. The 
magnetic component is an open system not limited and it replicates multiple copies of the energy 
present. 


Special materials and recent developments allow the magnetic energy to reproduce, through resonance, 
unlimited duplicate copies acquired from the ambient background. These Devices harvest the energy 
that has been, and is always present universally. Conventional methods consist of coils and magnets 
systems. Upon moving past each other, the magnetic flux field disturbs electrons which yield electricity, 
which is collected by the coils system. This is accomplished electronically with the new technology, 
without any moving parts and the energy is multiplied such that the Device becomes self-sustaining once 
it is started. This Technology, already presented Worldwide, will be shown at the Conference. 


Dr. Smith 


www.altenergy-pro.com 
e-mail donsml(Vearthlink.net 


"Putting a stake through the Heart" and thus removing the mental block created by antique physics is 
required. Conditions wherein this becomes necessary are non-linearity, resonance and explosions of any 
sort. Combustibles of any sort such gasoline and atomic explosions are good examples wherein more 
energy out than in, is obvious. You can add to that the non-linearity found in pulleys, hydraulics, steam 
power and suchlike. Magnetic resonance is a highly obvious source for multiplying energy output. The 
sound system present in the piano, demonstrates this very clearly. Energy amplification clearly present 
in the above, demonstrates the silliness attested to by many Physicists. 


Ohmic resistance does not apply to magnetic resonance which travels unrestricted for great distances, 
therefore multitudes of electrons are disturbed, and their back-spin converts from magnetic energy to 
usable electric energy. These same electrons have been around from the beginning of time and they are 
undiminished and will remain so until the end of time. 


ELECTRICAL ENERGY SYSTEMS PREFACE 


Useful Electrical Energy is obtained directly from electron spin induced by incoming magnetic waves, or 
indirectly through mechanical exchange as in dynamo type devices. Simply put, electron spin converts 
from magnetic to electrical energy and vice versa. Nature provides grand scale magnetic wave 
induction throughout the universe, for free. In Electrical Systems, movement is at right angles to the 
direction of current movement. This explains the rotary movement of the Earth and other related 
Systems. The rate of Spin for the Earth is known as well as the mass (5.98 x 10% Kg - "Physics for 
Scientist and Engineers , by Raymond A. Serway, Saunders College Publishing, 2nd Ed. page 288, Table 
14.2), therefore the amount of incoming Electrical Energy which produces this action can be calculated. 


It can be seen quite easily, that the incoming magnetic wave energy is Vast and Continuous. As an 
accretion mass, the Earth is an Energy Sink, getting it's energy from elsewhere, being Cosmic, Galactic 
and Solar. Conversion of incoming magnetic waves into electrical energy provides an unending, 
inexpensive and environmentally friendly source available to all. (Cosmic and Galactic Energy is 
available twenty four hours per day. Large amounts of this Energy accumulates in the Earth's radiation 
belts. This Giant Energy Storage, when properly understood, provides a major source of free unending 
electrical energy. Each of My Inventions plugs into this vast energy source. 


A perverse, Intentional Ignorance on the part of the Establishment, prevents recognition of the 
importance of the Energy Systems shown here. Any new system which is favorable towards the masses, 
is considered as disruptive, and therefore not allowed. Those who have the (Gold) Energy Rule (Golden 
rule ) Mandated Destruction of all Humanity is not a consideration. 


This Presenter will remove some of the Fog placed with the intention of preventing the recognition of 
this unending, environmentally clean, electrical energy Source, which is present everywhere throughout 
the Universe. The Cost of Harvesting and Using this Free Energy is a function of Human Stupidity. 


RESONANCE CIRCUITS DEMO 


Used to demonstrate electromagnetic radiation between 
two UC circuits - one a transmitter and the other a 
receiver. When the 1.5 volt power transmitter is pulsed, 
the radiated signal is picked up by the remote receiver 
circuit which then lights up a 70 volt neon lamp. 


With this apparatus, the student quickly understands 
some basic principles governing wireless communication, 
broadcasting, etc. 


Kit: #10-416 $49.95 


THE SCIENCE SOURCE 
WALDOBORO, MAINE 04572 
P.O. BOX 727 


Tel. 1-800-299-5469 
info@thesciencesource.com 
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Transmitter Recejver 


Diagram of transmitter and receiver coils 


ULTIMATE ENERGY SOURCES 


A human is a speck of dust on Earth, the Solar System is a speck of dust in the Galaxy and in turn, the 
Galaxy is a speck of dust in the Universe (Cosmos). All of these respectively represent vast ambient 
energy reservoirs. Awareness of the Sun, opens doors into other energy sources. Electromagnetic 
Energy which is present everywhere throughout the Universe, is accessed by catalytic activity, directly 
as in Solar Cells or indirectly as by mechanical means. Resonate, Magnetic Waves (Faraday's "Action at 
a Distance") allow Energy Activation Transfer to remote points of usage. The method of capture and 
use of this Energy is optional, and therefore it's cost is a function of Human Stupidity (Free-Energy). 


Direct access is more desirable, and technology transfer from Solar Cell-type Devices provides the 
Catalyst. Enormously high Ambient Energy Levels are not detected by instruments that use the 
Ambient Background as a Reference Plane. A spoonful of water lifted from the Ocean does not define 
the Ocean. Incoming magnetic waves are reflected, Deflected or absorbed. Deflected Magnetic Waves 
spin electrons sideways producing useful Electrical Energy. Absorbed Wave Energy produces heat, 
therefore a hot interior for the Earth. In Electrical Systems physical movement is in the direction of 


current flow, frictional drag from inflow current defines gravity. Accretion masses resulting from 
Energy Sinks, provide all solid entities with their respective gravitational effect. 


Increasing the tolerance level for Intellectual Awakening opens Doors of Reality. These doors blink 
into, and out of existence, and upon recognition, benefit Mankind. Opening some of these Doors, which 
at the present time are seen through a deep fog, is our purpose. Exploring Unrecognized Energy 
Sources, which are a Part of the Ambient Background, is another goal. Our Available Instruments do 
not use reference planes which allow recognition of this energy, as we shall see, vast Energy Sources 
that totally surround us are available through Technology Transfer. They are inexpensive (Free), fully 
self-renewable and environmentally benign. 


Incoming Magnetic Wave Energy with Faraday's "action at a distance" will be looked at closely. 
Particle Physics will be left for the Astrophysics. Excited Electrons at point "A" the Sun (including the 
Galaxy and Cosmos) do not travel to point "B" the Earth, however a corresponding action occurs at point 
"B". The Electrons being disturbed at the Central Power Plant, in the same manner excite the Electrons 
at Your House, upon switching into an Earth grounding (known as "flipping the switch"). 
Correspondingly, there are Four Major Power Sources providing enormous amounts of Ambient 
Background Magnetic Wave Energy. They are The Cosmic, Galactic, Solar and Earth's Ambient 
Electromagnetic Backgrounds. The Earth's Electromagnetic Field comes from reflection, deflection and 
absorption as a result of action at a distance from the above. 


Prescription Physics mandates that the Earth's background is of little interest. When we have 
Considered the evidence herein, it will become obvious that Special Interest's effort at keeping the 
People ignorant has, until now, largely succeeded. 


Information for the entire World is available regarding the Magnetic Flux Background of the Earth's 
Surface (United State's Geological Survey, Colorado, USA, Office). When examined and properly 
understood, these Maps yield important information regarding reflection, deflection and absorption of 
incoming Magnetic Waves, plus action at a distance. When properly understood, these Maps reveal a 
very large Ambient Electromagnetic Energy Source. This is the Part of the Earth's Energy System that 
relates to the Bird on the High Voltage Line. When deflected, magnetic flux from electrons changes to 
electrical flux, providing the Motor System that spins or rotates the Earth. Physical movement by 
electrical systems is from inflow current movement. What level of current movement is required to spin 
the Earth? The Earth's Mass is 5.98 x 10%. From this Information, the Watts of Electricity Required 
may be calculated! Absorbed microwave flux energy heats from the inside out, therefore a hot interior 
of the Earth results. Water is strongly diamagnetic, and on windless days, ocean waves provide visible 
Proof of the overhead incoming magnetic flux. From the information above, the Earth's weight and rate 


of spin allows the calculation of the amount of incoming ambient background energy required. As You 
can see, it is not inconsequential as Prescription Physics mandates. 


Astrophysicist are concerned with charged particles that whiz by, once every one hundred years, rather 
than Wave Phenomenon associated with action at a distance. This highly Active Wave Energy translates 
into Electrical Energy at point "B". The Galaxy is alive With Energy which is billions of times greater 
than that of the Sun. Visible Light is a very tiny part of the Electromagnetic Energy Spectrum. 
Frequencies present in the Galaxy and Cosmos allow Radio Telescope photographs of their existence 
and magnitude. One such 408 MHz photograph of the Electromagnetic Energy Spectrum shows that the 
Earth is a tiny speck of dust in this Enormous Ocean of Energy, and can be seen near the left end of the 
Central High Energy Area. 


This Energy extends in all directions. Accretion and formation of Planets, Suns and Galaxies are results 
of energy sinks and variable sized black holes. Mass retains heat, and is cooked from the inside out by 
the microwave background energy provided by the Universe. Flux movement into energy sinks, 
provides the frictional force know as gravity. Spinning mass in the presence of incoming flux amplifies 
the gravitational effect. 


At present, only Solar Energy is recognized. It is inconsistent, flaky and a very small Part of the 
Magnetic Wave Energy Present. Technology Transfer from Solar Power provides uncomplicated and 
inexpensive, direct access to the Other Greater Energy Sources. All Electromagnetic Energy harvesting 
methods include a Catalyst, a Collector and a Pump. Catalysts include sensitization through doping with 
certain elements, air and earth groundings. Collectors include temporary storage as in Capacitors, Coils 
and Transformers. The Pump System includes induced movement onward to the point of use. 
Conventional rotating coils and magnet systems activate electrons present, such that action at a distance 
can occur, therefore it is an energy activation pump. In Direct Access Systems such as Solar Cells, the 
Same occurs without mechanical action. Direct access occurs when Magnetic Waves impact a catalyst, 
spinning the local electrons sideways, producing useful electrical energy. 


Indirect acquisition of electrical energy by mechanical means is wasteful, troublesome, expensive and 
degrades the environment. The dynamo is a combination collector and pump of energy which is 
collected from the Earth's Ambient Energy Background. Generators do not. make electricity, they 
collect it from the Ambient Background and forward it, as in Faraday's "action at a distance". Energy 
Conservation Laws relating to these systems, relate to gray areas, and when understood, are excluded 
because of the existence of External forces, open and non-linear systems as per Einstein. The 
Knowledge Base just viewed, provides a Direct Understanding of the Requirements for Harvesting of 
unending, fully renewable, environmentally benign Sources of Electrical Energy. 


Magnetic Resonance Power System 
Suggestions for Construction 


This is the Basic Sonar Power System which permits submarines to see approximately 50 miles distance. 
What is not commonly known is that it works better at higher frequencies in the Gigahertz range. Any 
Device that can radiate 50 miles plus, is producing an enormous electromagnetic disturbance from a 
small input into a rod of magnetostrictive material. Disturbing the Earth's Ambient Background plus the 
strong dipole being produced, turns the magnetostrictive rod into a combination of a receiving antenna 
and a vastly superior output transformer. 


The Drawing is only the Key Unit. A power input module and an output inverter circuit (diode bridge 
plus output transformer) are also required. The metal core and the wire size of the output transformer, 
plus adjusting the Earth Grounding of the Load, will determine the Amperage. 


The Ideal rod material is Terfenol-D (check the internet). However a 1.5" diameter 10" long rod, costs 
over $5,000 each. Less expensive alternatives are obvious. When constructing, use PVC tubing with 
removable caps. Wind the coils on it and insert the experimental rod. Use only magnetostrictive 
material. When you get it right, you will have exactly what the Doctor ordered: 


Magnetic Resonance Power System for Water Systems 
Donald L. Smith 


MESA TIVE 
PULSATING > iia 


POSITIVE 
DC INPUT 


NEGATIVE MAGNETORESTRICTIVE ROD 


ELECTROLYTIC 
CAPACITOR 


Magnetostriction oscillators work by magnetic resonance in a rod of magnetostriction material. This rod 
serves two purposes: It vibrates at the frequency of resonance oscillation, and it becomes the feedback 
transformer. Frequency is determined by items 4, 5, 6 and 8. The diameter, length and volume of the 
rod and output windings, determines the output. Item 2 provides feedback into the system. The 
negative magnetic character of item 8 plus the windings 2, in reaction to the magnetic flux field provided 
by 9, increases (amplifies or magnifies) the output. Magnetic permeability is the counterpart of negative 
resistance. Resonating with negative magnetic resistance, it pumps energy from the Earth's ambient 
background. Magnetic permeability is the ratio of flux density (Earth's B field) to the magnetizing force 
(H) in oersteds. 


Magnetostrictive materials are piezoelectric in character, and have a very high resistance to electrical 
current flow. Examples are: 

1. Permealloy Negative Magnetic Permeability > 80,000 

2. Sendust Negative Magnetic Permeability 30,000 -120,000 

3. Metglas Negative Magnetic Permeability > 200,000 

4. Iron with (34% ) Cobalt Magnetic Permeability 13,000 

5. New Technology Magnetic Permeability > 1,000,000 


ELECTRICAL ENERGY SYSTEMS METHODS 


1. DIRECT - Faraday's "Action at a Distance” incoming magnetic wave conversion to useful electrical 
energy. This includes Cosmic, Galactic, Solar and Magnets. Technology Transfer is 
from Solar Cell Technology. 


2. INDIRECT - Electron Stimulation-Induced Electron Spin Systems, Electron Avalanche Pumping 
Systems 


Primitive, Indirect Conversion from another form of energy. Coils and Magnet as in Dynamo 
Systems (Closed Systems). Chemical Systems, Atomic, Pons & Fleischman and etc. 


Advanced, Direct Conversion, Magnetic Wave ( Open Systems ). 
Ambient Sources 
Air Core Coil Systems 
Gaseous Tube Systems, 
Solid State Marx Generator Avalanche Type Systems. 
Leyden Bottle Capacitor Types inserted in Lakes and other. 
Magnet Systems 
Electron Beam Antenna Systems 


3. TRANSFER MECHANISMS 
Solids - as in metal conductors 


Gaseous as in radio wave transmission, a form of ionization. 


Sensitizing of Systems by use of Trace Doping with Radioactive elements, includes 
metal surfaces. 


Open Systems, non-linear with external forces. Albert Einstein in a direct quote from his 
biography states that these are excluded from the conservation of energy 
laws. 


Closed Systems Maxwellian Type Systems. Mathematics are predictable requiring 
deductive reasoning. Ohm's Law is King, and Establishment Intellectuals 
being comfortable with this, brand all else as a violation of the Laws of 
Nature by obtaining something for nothing. This is Dishonesty grand mal. 


AMBIENT ENERGY SOURCES 


Radiation System Diffusion Method Magnetic Wave Energy 
1. Cosmic Reflection, Deflection Ultraviolet 
and Absorption 
2. Galactic Reflection, Deflection Infrared 
and Absorption 
3. Solar Reflection, Deflection Visible Light 
and Absorption 
4. Earth Reflection, Deflection, Earth's Electrical 
Absorption, 


Faraday's "Action at a Distance" 


also, a Composite of all of the 
above 


A deep fog pervades the entire Scientific Community with regards to the Significance of the Above 
Energy Sources. Magnetic Waves convert directly into Electrical Waves (useful electricity). Two sides 
of the electromagnetic system are always present and never separate. Local electron spin provides 
(action at a distance) the flip side of the incoming magnetic wave energy. 


Enormous amounts of incoming magnetic wave energy becomes a part of the Ambient Background, and 
as such, cannot be measured directly. Reconstruction from indirect information, allows us to establish 
the actual energy levels which are present. Instruments provided by the Scientific Community measure 
only point "A" to "B", and when both are ambient, no potential energy is shown. This is the "bird sitting 
on the million volt power line and sensing nothing" approach. The Earth's actual ambient background 
has as it's Energy level multi-billions of Volts, which are conveniently and obliviously ignored by the 
scientific community. When properly understood, this enormous, never-ending source of 
environmentally-friendly energy becomes available. 
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Electrical Energy System 


Don L. Smith, Energy Consultant 


At a meeting between J.P. Morgan, Edison and Tesla, Tesla proposed an Electrical Energy 
System which could he connected into directly, without using a meter. Tesla's Idea of "Free 
Energy" was not compatible with their thinking. Courtesy of Morgan and Edison, from that 
day foreword, a complete and total bastardization of the Idea has been in progress. Agents for 
Morgan and Friends include the U.S. Patent Office and Academia. Academia's bad habit of 
incestuous quoting of each other, eliminates them as a possibility in cleaning up the mess. 
This selective ignorance, permeates throughout the study of electricity. 

Many people, otherwise known as "intellectuals", have a total blackout and become jabbering 
idiots when "free-energy" is mentioned. The term has been amended to say, "something which 
was never there is being harvested and that this violates the laws of physics". For the 
selectively ignorant, this seems the way to run. Those who choose Morgan's drum beat, have 
severely limited the possibilities built into electricity. 


This paper will be an exercise in creative understanding, in placing updated knowledge at your 
disposal. Whether it becomes a useful tool or is selectively ignored is your choice. 


Electrons are defined as being the practical source of electrical and magnetic energy. The 
electron as a particle, was postulated by professor J. Thompson in early 1900's. It is now 
universally accepted that the electron exists and that it is the source of electricity. When the 
electron is agitated it produces magnetic and negative electrical energy. Physics as it exists 
today, cannot explain why the electron remains intact and is not diminished by the energy it 
releases. This is a part of the built-in ignorance provided by the Morgan and Edison Camp. 


One volts worth of electrons, when cycled, yields one volts worth of electricity. This can be 
repeated continuously forever and it never deplete or diminishes the electrons in question. 
They simply return to their air and/or earth source, waiting to do the whole thing again and 
again. Therefore, electrical energy is available, anywhere and everywhere humans go. People 
who intercede for profit, set the cost of electrical energy. Otherwise, all electrical energy is 
free, Morgan and Edison be damned. 


Improving upon Professor Thompson's postulation, other obvious characteristics can be seen to 
further define the electron. It has both magnetic and electrical emanations resulting from a 
right-hand and left-hand spin. Since magnetism and amperage come as one package, this 
suggest, that electrons in their natural non-ionic state, exist as doublets. When pushed apart by 
agitation one spins and supplies electricity and the other spins and provides magnetic 
(amperage) energy. When they reunite, we have Volts x Amperage = Watts. This Idea, until 
now, has been totally absent from the knowledge base. 


The number of times that an electron is cycled, sets the collective energy potential present. 
The electrical equivalent of E = mC? is E = (Volts x Amperes) x (Cycles Per Second)”. Those 
who choose, are now free to head for the bushes and make their usual contribution to 
humanity. 


Prior to Tesla, there was a large group of people in Europe, who were building resonant coil 
systems for medical use. Amperage was dangerous in their coil systems. The Tesla Coil is 
only the Voltage half of their coil system, as will be demonstrated. 


A short list of those (from 1860 onwards) active in resonate high frequency coil systems 
include; the Curies, Roentgen, Ruhmkoff, Oudin, Hertz, Levassor, Dumont, D'Arsonval and 
many others. 


Peugeot, Panhard-Levassor, Bollee, Renault and others had successful electric automobiles in 
production using A C. motors. Various electrically-powered airships, including the Dirigible 
"France" were in service. 


D'Arsonval, Professor of Experimental Medicine at the College of France, invented the 
electrocardiograph, oscilloscope, amp and volt meters, thermography and numerous other 
medical applications of high frequency electricity. As early as 1860, he was building high 
frequency coil systems, which he used in his experimental work. There is a strong connection 
between the work of Tesla and the people mentioned above. 


Electric vehicles of all sorts, dominated until the 1920s, when the electric starter motor made 
the internal combustion engine practical. Prior to that, upon cranking, it frequently would 
break the owner's arm. At that point the use of batteries as a source of power was replaced by 
oil. 


The establishment's carpet has some rather large lumps under it. Coulomb's and Newton's 
inverse square law is politely ignored and it's opposite is allowed to have only the most 
abstract status. Without opposites we have no definition. 


The source value of a remote flux reading, requires the squaring of the distance, times the 
remote reading, to obtain the original value. The opposite of this, being the derivations relate 
to Energy equals Mass times the Velocity constant squared. The electrical equivalent, being 
Energy equal capacitance times voltage squared and Energy equals induction times amperes 
squared. Flux lines increase as the law of squares and then activate electron energy which was 
not previously a part of the sum. The cumulative capacitance and inductance increase as the 
outer ends of a Tesla coil are approached, and this results in output energy being greater than 
the input energy present. This Energy is real. It can be safely measured by magnetic flux 
methods and electrostatic voltmeters, based on the inverse square law 


As seen above, flux lines result both from induction-henrys-amperage and capacitance- 
coulombs-volts, and define electrical energy. The non-linearity of this system does not obey 
Ohm's law, which is replaced with impedance and reactance for alternating current systems. 
Impedance is the sum of the system's resistance to AC current flow, and this becomes zero at 
resonance. In resonant induction systems, a cycles-per-second increase, invokes a second 
round for the law of squares. 


The degree to which flux lines are present, disturbs an equal amount of electrons, upsetting the 
ambient background energy, resulting in useful electrical energy being obtained. The 
frequency at which the disturbance occurs, increases the useful energy available, and it obeys 
the law of squares. Two square-law components, flux density and frequency are involved. 
Enter resonance which cancels the resistive effect. 


Only the electrical energy which is either above or below the ambient level is useful. For the 
Central U.S. going east to west, ambient as approximated by electro-static voltmeters and flux 
methods is 200,000 volts on a solar-quiet day. At night time, the ambient energy level drops to 
about one half of the daytime value. On a solar-active day, it may reach more than five times 
that of a solar-quiet day. Ambient background energy at the polar regions, is approximately 
500,000 volts on a solar-quiet day. The background energy varies as it relates to the North- 
South component and the East-West continuum. 


This leaves us with an interesting problem. Electrons, when disturbed, first produce magnetic 
flux and then produce electrical flux when they spin back to their normal position. Therefore 
any electron movement produces above ambient energy, being over unity. 


ELECTRICAL ENERGY WITH ASSOCIATED PHENOMENA 


1. Current-amperes results from the unequal distribution of negativity (electrons). 
2. Electron spin causes electrical current and magnetic lines of force. 


3. Magnetic imbalance causes the gravitational effect. This is evidenced in electric 


motors by magneto-gravitational displacement of mess, which causes the motor to 
rotate. 


ENERGY LINES OF FLUX (FORCE) 
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MAGNETIC EFFECT 
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Derivation of Magnetic and Electrical Power 


Analogous Relationships: 


1. Potential Power is present in a bar magnet as shown: 


BLOCH WALL (Space ) 
(Area of Electron Spin Seperation ) 


Y 


More Negative Less Negative 


y A 


Domain mos: 
Domain hes: | 
Left hand spin Right hand spin 
(= Source of Amperes ) 


(=Source of Volts} 


2. The Source of these Electrons being from the Solar Plasma, are non-ionic and occupy all 
Free Space. They are commonly obtained from Earth and Air Groundings. They exist in 
Doublet Pairs, one being more negative than the other. The more negative one has a Left 
Hand Spin. The less negative one has a Right Hand Spin. 


3. Resonate Electrical Coil Systems (Tesla ) are Analogous to the System observed in the Bar 
Magnet (above). The Bloch Wall Area is Located at the base of the L-2 Coil. The Left Spin 
portion of the coil (Voltage Only ) Coil predominates. The Right hand Spin portion of the 
coil (Magnetic-Amperage) is mostly absent. 


Tesla Coil Geometry * 
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Induced Electrical Energy System 


Collection and transfer of energy requires temporary storage, which occurs as capacitors and coils of a 
resonant circuit are cycled, on and off. The frequency at which the capacitors and coils are pumped, 
determines the amount of electrical energy that moves onward. 


The amount of Energy transferred relates directly to the density of lines of flux present. The Kinetic 
Energy Formula is helpful in establishing the amount of energy present. This formula squares the 
velocity times mass. In the case of electrical energy, the intensity of voltage and amperes multiplied by 
the cycles per second, replace the velocity component. 


Note that the "acceleration" of the Voltage "E" and Amperage "I", which increase as non-linear 


components, then obeys the Law of Squares. 


Each unit of increase, causes a squaring of the flux lines present. The amount of energy transfer 
caused by this increase in flux lines is demonstrated below. 


Increase in Flux Lines Present Symbolized 


-m HEE 


One Volt Two Volts = Four Four Volts = Sixteen 


In resonant air-core coil energy transfer, the increase in flux lines present disturbs more electrons than 
previously, resulting in over-unity energy being present and available. 


Energy stored, times the cycles per second, represents the energy being pumped by the system. 
Capacitors and inductors store electrons temporarily. 


Capacitor formula: W = 0.5 x C x E x Cycles per second where: 


W = energy in Joules (Watt Seconds ) 
C = capacitance in farads 
E = applied potential in volts squared. 


Inductor (Coil) formula: W = 0.5 xL xIx Cycles per second where: 


W = energy in Joules (Watt Seconds ) 
L = inductance in henrys 
| = current in amperes squared 


Both one henry, and one farad, equal one volt. The higher the cycles per second, including the 
squaring of the flux lines, cause a large increase in the amount of energy being produced. 


The above combined with a resonant energy induction system (where all electrons are moving in the 
same direction at the same time), make the next move into over-unity practical. 


The dampening process of conventional electrical power generation, has all the available electrons 
bouncing randomly, mostly cancelling out each other. In that System, the useful energy available is a 
very small percentage of the energy which is present. 


In the resonant induction system, a very high percentage of the energy present is useful. At resonance, 
(ohms-impedance-Z) becomes zero and all of the energy present is not degraded and becomes 
available to do useful work. "Ohms" is load or wasted energy, and "amperes" is the rate of that wasting 
of energy. 


Using the previous information, if we now apply it to an air-core coil, resonant transformer energy 
system. L-1 and L-2 coils are now present. L-1 has a smaller number of turns and is several times the 
diameter of L-2. Input from a 12 volt high-voltage laser driver source, produces 8,000 volts with a low 
level of wasted energy, pushing amperage into, say, 4 turns of coil L-1. Each turn of the L-1 coil then 
acquires 2,000 volts of resonant potential. Consequently, each turn of L-2 is then exposed to the 
electric flux of 2,000 volts. Each turn at the bottom end of L-2 acquires 2,000 volts. The flux lines are 
squared and are additive as the voltage and amperage progresses towards the top end of L-2's large 
number of turns. 


A huge number of additional flux lines which were not previously present become present at the top end 
of the L-2 coil. These flux lines excite the nearby electrons in it's earth and air and groundings. This 
high level of excitement above the ambient, causes a large number of electrons which were not 
previously a part of the energy present, to become available for use. At this point over-unity is present 
in large amounts. 


The "bubble gum between the ears" response to this is: "this must be lots of volts but no amperes". 
Please recall that amperage is wasted energy, and that until that wasting occurs, there are no amperes. 
A good way to demonstrate this, would be to let the bubble gum crowd put their hands on the high- 
voltage end of the device while standing on wet ground (a people Zapper). Note: don't do this. 


This over-unity device produces energy at radio frequencies which range into the megahertz band. 
This allows the device to be small in size, and yet produce large amounts of energy. A megawatt-sized 
unit will sit comfortably on a breakfast table. This energy is changed to Direct Current and then 
switched to produce the desired working frequency AC. 


Power Triangle 


L2 Power 


L1 Power C 


A: Volts x Amperes (the Available Power) 
B: Volts x Ampres x Time (the Used Power) 


C: ¥Volts x Amperes x Recative (the Resinant Power) 


1. Random movement of electrons in "A" and "B", mostly cancel each other out. This 
dampening, or wasteful concept of energy, is a source of much pleasure for the 
establishment. 


2. "C" (Volt, Amperes, Reactive "V.A.R."), is the situation where all of the electrons move in the 
same direction at the same time. This results in near-unity energy output by resonant 
induction transfer. 


3. Resonant induction transfer from one isolated power system, allows other resonant induction 
systems to duplicate the original source, which in no way diminishes the original source. 
Air-core coils (isolation-transformers) confirm this when they are a part of one of these 
functioning systems. A less perfect illustration would be the fact that the number of radio 
sets tuned to a particular radio transmission, does not alter the power required at the radio 
transmitter. 


4. Resonant induction transfer, disturbs a large number of adjacent electrons which were 
not a part of the original input power source. The pulsating-pumping effect then draws in 
the newly available additional electrons into the on-going energy generation system. A near 
unity energy system of resonant air-core coils and the extra acquired electron-energy source 
constitute an over-unity system. 


Electrical Power Generation / Points of Reference 


Useful Electrical Power is Generated when Electrons from Earth and Air Groundings are 
disturbed by the movement of coils and magnets with reference to each other. The resulting 
electrical and magnetic energy is then changed to joules [watt-seconds: Volts x Amps x 
Seconds]. Each forward electron movement results in a magnetic impulse and each return 
movement causes an electrical impulse. The composite of the electrical energy impulses from 
these electrons yields useful energy [Power]. 


Let the above electron movement be represented by a room full of ping pong balls bouncing 
randomly. Most of the energy present cancels out by random impacts. This is the Classic 
Under-Unity approach to Electrical Power Generation, sanctioned by the Establishment. 


In contrast to that, in the Electrical Energy Generation System presented here, the resonant 
Electrons are all moving in the same direction at the same time. This allows Near-Unity 
Electrical Power to Develop. This is the room-temperature equivalent of super conductivity. 


The Energy System presented here, consists of a properly-adjusted and functional resonant 
air-core coil tank. The magnetic energy is stored in the coil system and the Electrical Energy is 
stored in capacitors. From Maxwell and others, we know that electrical-related energy has an 
equal amount of magnetic energy associated with it. 


"The formula which establishes the Useful Energy of the System": 


Joules = 0.5 x C x V squared x C.P.S. squared 
units: 
Joules (Volts x Amps x Seconds) Watt Seconds 


C = Capacitance in microfarads 
V = Potential in Volts 
C.P.S. = Cycles per second 


The transfer of Electrical Power by Resonant Induction is a direct function of the squaring of 
the cycles per second. For example, square 60 C.P.S. and then square the radio frequency 
C.P.S.s of the System here presented. Obviously, One Million Cycles per Second transfers 
more energy than Sixty Cycles per second. The Sanctioned Method of Electrical Power 
Generation uses the 60 C.P.S. Method. Using 60 C.P.S. and the random scattering of the 
Electrons System, assures the Establishment of it's desired Under-Unity Goal. 


This random bouncing of the Electrons is the Ohms of Ohm's Law and Is used to establish the 
rate of dissipation and/or Load [Work]. 


In the Resonant Tank Induction Energy Transfer System presented here, Impedance [system 
resistance] replaces the conventional ohm's usage. At Resonance, impedance becomes zero 


and the full force and effect of the Energy Transfer occurs. This is superconducting conditions 
at room temperature. At radio frequency the Electrons do not pass through the conductor as 
they do at lower frequencies. Instead, these Electrons encircle the conductor and are free of 
the conductor's resistance. 


Let the Establishments Power Generation System be called 'A" and the System presented here 
be called "B". 


With "A": Given 60 C.P.S. at 120 Volts using a 10 microfarad Capacitor: 


Joules = [0.5 x 0.000010 x 120 squared] x C.P.S.s squared 


(120 x 120 = 14,400) 
[0.000010 x 14,400 = 0.144] 
[0.144 x 0.5 = .072] 

(0.072 x 3,600 = 259.2] 


Using the Inventor's Resonant Induction System, the Electrical Power available would then be 
259.2 Joules [Watt-Seconds]. Using the Establishment's method only permits less than 10 
Watt-Seconds of Useful Electrical Energy. 


"B". Given One Million Cycles per second at 100,000 Volts, using a 10 microfarad Capacitor. 
Joules = [0.5 x 0.000010 x 100,000 squared] x C.P.S.s squared 


(100,000 x 100,000 = 10,000,000,000) 

[0.000010 x 10,000,000,000 = 100,000] 

(100,000 x 0.5 = 50,000] 

(50,000 x One Million squared = 50,000,000,000,000,000) 


The useful Electrical Energy available is greater than 50 Mega Watts. Since the Resonant 
Electrons are non-impacting, all of the Energy is available for direct usage. 


Benefits of the Inventor's System 


1. Induction Energy transfer is enhanced by the squaring of the cycles per 
second produced by the System. 


2. Induction Energy transfer is enhanced by the squaring the input voltage 
and amperage. 


3. The increase of the flux lines occurring from the above, disturbing more 
electrons, causes more electrical energy to become available. 


4. Resonant Induction has all of the Electrons moving unimpeded, 
resulting in Superconductor conditions at room temperature. 


5. A smaller amount of energy is used to disturb a larger number of 
Electrons. Electrons not originally a part of the System then contribute 
their energy, resulting in a net gain in available usable power. 


6. The physical size of the System [Device] is small. The Device 
described in "B" sits comfortable on a breakfast table. 


7. A small energy source is used to start the device and that source 
remains fully charged at all times by the System. 


þa 


The Evidence Against Under Unity 


Use of Logarithmic Scales on electrical measurement instruments. Linear measurement 
works fine where Ohm's Law applies (direct current). In alternating current, ohms are 
replaced by impedance and the measurements become non-linear. 


. Infinite "Q" at resonance confirms that voltage and amperage is squared, as in the kinetic 


energy formula. See the formulas of this report. 


. Square waves are clipped infinite "Q"s. 


. Maxwell and others show that magnetic-inductance-amperage and electrical-capacitance- 


voltage are two sides of the same coin. Magnetic-inductance Is directly equal to amperage. 
Both obey the Law of Squares, which has over-unity built in. 


. Magnetic and electrical flux are present in enormous amounts at the outer ends of an 


operating Tesla Coil. 


. Ignorance of how to measure and relate magnetic and electrical flux, is the chief weapon of 


the under-unity gaggle. 


. The Cumulative inductance and capacitance of the Tesla Coil grounds itself out, if not 


properly utilized. See this report for the temporary energy storage accessible, when 
properly managed. 


. The Patent Office refers devices related to over-unity to their metering group, which is a 


sure indication that they are aware and accept the logarithmic measuring devices. This is 
direct and absolute evidence that they accept the square law as it relates to kinetic energy. 
This also indicates they are aware that over-unity exists. Since their bureaucratic brain is 
improperly motivated they continue to badger inventors who are working in the over-unity 
arena. Their level of intellectual dishonesty is sanctioned by, and is a real part of doing 
business with, a government which prides itself in being a hooliganistic bureaucracy. 
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An Answer to America's Energy Deficit 
Donald L. Smith 


Energy Consultant 


Energy, energy everywhere and not a Joule to Jounce. Conventional wisdom, when properly tuned will 
appreciate the nature of energy, as here presented. The basic unit of electricity (the electron) upon 
encountering a moving magnetic field (or wave) spins, giving off an electric impulse. When this impulse 
collapses, it spins back to it's natural position, giving off a magnetic impulse. Therefore, magnetic and 
electric are two sides of the same coin. When the magnetic side is pulsed, it yields electricity and 
conversely, pulsing of the electrical side yields a magnetic field. Moving one in relation to the other 
produces useful energy. When done consecutively, each cycle pushes (current) forward, while pulling 
electrons into the system... in much the same way as a water pump moves water. These electrons are 
obtained from Earth and air grounding. 


The word "electric" comes from the Latin word electron "amber". When rubbed, amber develops an 
electrical charge, which can be transferred to a dissimilar substance. During the seventeenth and 
elghteenth centuries, a great deal of attention was centered on this attribute of amber. Amber was used 
to differentiate the non-metals. Carbon-related substances and other non-metals, when subjected to 
friction, give up negative electrical charges. On the other hand, metals when subjected to friction, 
simply conduct the charge. It is important to note that approximately 70% of the Earth's exposed 
crustal portions (surface) consist of silicone-related non-metals (electron donors) and become a direct 
source of electrical energy when properly agitated. 


Useful electrical energy can be obtained by grounding into the Earth's non-metal crust and into it's 
atmosphere as a natural source of electrons. These electrons have accumulated from the solar plasma 
during the aging of the Earth for more than 4.5 billion years, at a rate exceeding 3.9 exajoules per year 
This indicates that the Earth's electrical field contains in excess of 17.6 x 10% of cumulative exajoules of 
energy. One exajoule is the approximate energy equivalent of 125 million barrels of oil. The electrical 
energy in one display of lightning is approximately ten trillion joules. During each 24 hour period, the 
land portions of Earth's surface yields in excess of 200,000 emissions, which involves more than 2,000 
quadrillion watts. 


C.F. Gauss (1777-1855) and H.C. Oersted (1777-1851) were each separately trying to define the 
Earth's electrical field with all external influences removed. These external influences being solar-quiet 
periods and being remote from the land's surface. The air electricity background which they measured 
varies with latitude. Their European measurements correspond to approximately the latitude of 
Washington. D C. They were measuring magnetic field flux as an indicator of negative electron energy 
active and present. A related family of measurement are now presented. Units of measurement used 
to define flux fields include Gauss (one unit = 100,000 volts), Oersted (one unit = 50,000 volts), Tesla 
(one unit = 10,000 Gauss) and Gamma (one unit = 1/10,000 of a Gauss). Much confusion exists in 
electrical related publications about these units. As presented here they are correct with values taken 
from their original definitions. 


The entire surface of the Earth has been surveyed by aerial magnetometer, in most cases using 
gamma or nano teslas. One gamma is the magnetic flux equivalent of 10 active volts of electricity. 
When the data is corrected for flight height it becomes obvious that there are numerous areas where 
the gamma readings exceed one trillion gammas. Lightning strikes from the ground up are in that 
energy range. With knowledge of these electron enriched areas, the quality of Earth grounding, 
becomes enhanced. The correction necessary for land surface data when acquired from aerial 
magnetometer maps (using Coulomb's law) requires that the remote distance be squared and then 
multiplied by the remote reading. As an example, if the remote reading is 1,600 gammas and the flight 
height being 1,000 feet. Take 1,000 x 1,000 = 1,000,000 x 1,600 gammas = 1.6 trillion gammas x 10 
volts = 16 trillion volts equivalent for land surface data. Present day methodology requires mechanical 
energy in exchange for electrical energy. Once obtained, this energy is subject to Ohm's Law. Present 
Methodology obtains it's electrical energy from it's non-metal and air groundings. 


This same energy can be obtained without the wasteful mechanical approach and at a much, much 
lower cost. Any required amount of electricity is available by resonant induction transfer from the 


Earth's magnetic and electrical fields. The major difference is in the functioning of Ohm's Law in 
relation to resonant circuits. In the resonant induction system suggested here, system resistance (Z) 
becomes zero at resonance. 


Therefore, Volts and Amperes are equal (V.A.R.) until work (load) is introduced. 


Each cycling of this resonant induction system pulls in additional electrons from the Earth's electrical 
field, generating electrical energy in any required amount. In this system, a small amount of electrical 
energy is used to activate and pull a much larger amount of energy into the system. 


This electrical advantage corresponds to the pulley and lever of the mechanical world. The electrical 
system presented here is extremely efficient. Using present methodology as a basis for comparison, 
with it's 60 cycles per second system. The resonant induction system, cycling at 60 million times per 
second produces one million times the energy which is produced by the present energy systems. A 
single small size unit of the resonant induction system has more usable electrical output than a major 
conventional unit. The radio frequency energy produced is easily changed to Direct Current, and then 
to the present 60 cycles per second system in preparation for commercial usage. 


The Patent Pending on this system is #08/100,074, "Electrical Energy Generating System", dated 
4 February, 1992. 


Definitions: One Joule is one watt for one second 
One Watt is one volt ampere 
V.A.R. is Volt Amperes Reactive 


Additional Reading: 


Electricity and Magnetism by B.I. Bleany and B. Bleany Oxford University Press 1991 
ISBN. 0-19-851172-8 


Engineering Electromagnetics by W. H. Hayt. Jr. McGraw-Hill 1989 ISBN. 0-07-027406-1 


Energy Methods in Electromagnetism by P. Hammond Oxford University Press 1986 
ISBN. 0-19-859368-6 


Energy in Electromagnetism by H. G. Booker Institution of Electrical Engineers by Peter Peregrinus Ltd. 
1982 ISBN 0-900040-59-1 


The American Radio Relay League Handbook for 1992 and 1993. 69th and 70th editions. Published by 
The American Radio Relay League. (For V.A.R. information) ISBN. 0-87259-169-7 


Electron Paramagnetic Resonance, Techniques & Applications by R. S. Alger, U. S. Naval Radiological 
Defence Laboratory, San Francisco, California. Pub. Interscience Lib. Congress 
#67-20255 


Geomagnetic Diagnosis of the Magnetosphere by A. Nishida, University of Tokyo 1978 Pub: Springer- 
Verlag ISBN. 0-387-08297-2 


Energy and The Missing Resource by |. Dostrovsky. Pub: Cambridge University Press 1988 
ISBN. 0-521-26592-4 


High Voltage Measurement Techniques By A. Schwab, M.!.T.. 1971 | S.B.N. 0-262-19096 


Environmental Magnetism by R. Thompson & F. Oldfield Pub: Allen & Unwin, London 1986 
ISBN. 0-04-538003-1 


Geo-electromagnetic Investigation of the Earth's Crust and Mantle. Translated from Russian, By I. I. 
Rokityansky. Institute of Geophysics, Kiev, U.S.S R. Pub: Springer-Verlag 1082. 
ISBN. 3-540-10630-8 


Electron Paramagnetic Resonance of Transition lons by A. Abragam and B. Bleaney Dover 
Publications, New York, N.Y. 1986 


The Electromagnetic Field by A. Shadowitz, Dover Publications, New York, N.Y. 


Geomagnetism, Several Volumes, Pub. Periodically by J.A. Jacobs, Institute of Earth Studies, Dyfed, 
U.K. Pub: Academic Press 1989-1990's. 


Geomagnetism by S. Chapman and J. Bartels, 3 Volumes Oxford University Press, 1940 


Physics of Geomagnetic Phenomena, Several Volumes by S. Matsushita and W. H. Campbell National 
Center for Atmospheric Research, Boulder, Colorado Library of Congress #67- 
23168 Pub: Academic Press, 1967 


Physics Problems and How to Solve Them by C. E. Bennett, Professor Emeritus of Physics. University 
of Main (Particularly the sections on Electricity and Magnetism, and Units of 
Measure). Pub: Harper & Row ISBN. 0-06-460203-6 


Units and Standards for Electromagnetics By P. Vigoureux, National Physical Laboratory Pub: Springer- 
Verlag 1071 ISBN. 0-387-91077-8 


Surveyor's Guide to Electromagnetic Distance Measurement. Edited by J. J. Saastamoinen, Canada 
Pub: University of Toronto Press 


Electromagnetic Distance Measurement by C. D. Burnside Pub: Granada, London 1971 
ISBN. 0-258-96793-5 


Der Magnetische Kreis "The Magnetic Circuit" By Von Heinz Rieger of Siemens AG. 1970 Berlin and 
Munchen, Germany |.S.B.N. 3-8009-4719 6 


Electronic Modelling of Power Electronic Converters by J. A Ferreira Pub: Kluwer Academic 1989 33 
AH Dordrecht, The Netherlands |.S.B.N. 0-7923-9034-2 


ALTERNATIMG IMPACT ENERGY TRANSFER ANALOGY 
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E.E.S. Il, BACKGROUND INFORMATION & CONCEPT 


With alternating electrical current, electrons do not move from point "A" to point "B" as commonly 
envisioned! Electrical potential (oscillating electrons) at point "A", results in harmonic electron activity 
at point "B", when the grounding switch (circuit) is closed. That is to say, point "B" supplies It's own 
electrons and mirrors the activity of point "A". Impulsing (turbulence) by magnetic induction causes 
electrons to be pulled into the system, which then oscillates. When the magnetic field collapses 
(becomes absent) the electrical potential returns to it's natural background level. 


Several major flaws are present in the conventional 60 cycles per second method of electrical power 
generation and it's iron core transformer system. This system is handcuffed by the inverse 
relationship of volts to amperes. This represents a stodgy, inflexible inheritance, courtesy of Mr. T.A. 
Edison and his concept of electrical power generation. 


Nikola Tesla stood, almost alone, against Edison and managed to prevail with his Alternating Current 
system. Without the alternating current system, electronic things in the modern sense would not exist. 


This report will be concerned with some of the extensions and benefits of the alternating current 
electrical system. This study will limit it's scope to air core coil transformers at radio frequency 
and upwards. The electrical power produced by this method is inverted to Direct Current and 
then to Alternating Current as required for popular usage. There are several important advantages 
of this system over conventional power generation. 


Start with two coils (Separate-apart), one being a reactor coil (L-1) and a second coil (L-2), being the 
reactant coil. Magnetic field fluxing (off-on of the electrical source) causes inductive reactance of L-1 
which replicates by induction in L-2. Pulsing of the magnetic field (from L-1) in the presence of L-2, 
generates electrical potential. For example, should the L-1 coil have ten turns, with an imposed AC. 
potential of 1,200 volts. This results in each turn of L-1 acquiring 120 volts of potential. This induced 
magnetic field, then replicates itself in each turn of the L-2 coil. The L-2 coil may have one or many 
hundreds of turns. Modern encapsulation techniques makes high frequency and high energy 
controllable. 


Let's take another important step in this air-core transformer process. For purpose of discussion, let the 
value of inductive reactance at 60 cycles per second, equal one. Each time the frequency is doubled, 
the effectiveness of induction is squared. At about 20,000 Hz, when radio frequency is achieved, 
the electrons begin spinning free, outside of the inductor and they become increasingly free of 
the inverse relationship of volt-amperes. From this point on, they replicate by the inductive process 
as V.A.R.. That is to say, volts and amperes are equal, until resistance (work) is introduced. 
Therefore, additional, not previously available electrons become incorporated for a very large 
net gain in potential. This gain Is real ! 


The quality of the grounding system determines the effectiveness of this method of producing electricity. 
A handy reference to locate the negative grounding areas for power generation can be found in the 
Aeromagnetic Map Studies of the US Geological Survey. They provide an excellent method for locating 
the best sites for optimum negative grounding areas. 


When this method is combined with the induction coil system, already described, it provides an 
electrical power generating system millions of times more efficient than any known conventional 
method. 


This new system ("E.E.S. Il") is uncomplicated, physically small and it is inexpensive to build. The 
technology required for it's construction already exists. Maintenance is near zero, as there are no 
moving parts. Once operating, this system could last forever. 


Small mobile E.E.S. Il units are already available as replacements for the batteries used in electric 
automobiles. Larger E.E.S. Il units can be provided as a replacement source of power for hotels, office 
buildings, subdivisions, electric trains, manufacturing, heavy equipment, ships, and generally speaking, 
any present day application of electrical power. 


Earth Electrical System II, Modular Units 


The system consists of three separate modules. Reverse engineering is used in matching the modules 
to the desired usage. 


HIGH VOLTAGE INDUCTION TRANSFORMER MODULE: 

1. Preferably an off-the-shelf-unit similar to a TV flyback and/or automobile ignition type related coil 
(transformer). 

2. Ratio of input to output may be from less than 1:100 to greater than 1:1,000 A voltage tripler may 
then be used. 


3. A connection allowing the high voltage output to pass onward through the induction coil L-1 and then 
to it's grounding. 


AN AIR CORE INDUCTION COIL TRANSFORMER MODULE: 


1. There are two coils: the reactor coil L-1 and the reactant coil L-2. L-1 has a high voltage radio 
frequency capacitor between it and it's grounding. 


2. Input into the L-1 inductor is divided by the number of turns in it. The magnetic flux field provided 
from each turn of L-1 replicates itself as an electrical potential in each turn of L-2. 


3. L-2 may have one turn or many hundreds of turns. The net gain depends upon the number of turns 
in L-2. Output from L-2 is in V.A.R. With this type of output, volts and amperes are the same 
until work(resistivity) is introduced. 


THE INVERTER MODULE: 

1. Inverts to direct current (D C.) 

2. Inverts to alternating current (A C ), as desired. 

3. Provides customized output of electrical power ready for designated usage 
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DONALD L. SMITH 
ENERGY CONSULTANT 
8110 BENT OAK LANE 
SPRING. TEXAS 77379 


ELECTRICAL ENERGY REFERENCE POINTS 
Electrical Energy Generating System 
Patent Pending + 08/100.074. 2/4/92 


The word "electric" comes from the Latin word electron "amber". When rubbed, amber develops an 
electrical charge, which can be transferred to a dissimilar substance. During the seventeenth and 
eighteenth centuries, a great deal of attention was centered on this attribute of amber. Amber was used 


to differentiate the non-metals. Carbon-related substances and other non-metals, when subjected to 
friction, give up negative electrical charges. On the other hand, metals when subjected to friction, 
simply conduct the charge. It is important to note that approximately 70% of the Earth's exposed 
crustal portions (surface) consist of silicone related non-metals (electron donors) and therefore 
becomes a direct source of electrical energy when properly agitated. 


Useful electrical energy is obtained by grounding into the Earth's non-metal crust and into it's 
atmosphere as a natural source of electrons. These electrons have accumulated from the solar plasma 
during the aging of the Earth for more than 4.5 billion years, at a rate exceeding 3.9 exajoules per year. 
This indicates that the Earth's electrical field contains in excess of 17.6 x 10% power of cumulative 
exajoules of energy. One exajoule is the approximate energy equivalent of 125 million barrels of oil. 
The electrical energy in one display of lightning is approximately ten trillion joules. During each 24 hour 
period, the land portions of the Earth's surface yields in excess of 200,000 emissions, which involves 
more than 2,000 quadrillion watt-seconds of active energy on display. 


This physical phenomenon indicates that the Earth's crust is an unending source of electrical energy. 
The surface area involved is a very small portion of the Earth's crust. 


J.C. Maxwell (1891) suggested that an active electron field gives rise to an associated magnetic field. 
Therefore, both are present with pulsating current. Early studies, involving observation of compass 
needles by microscopy, revealed that the needle vibrates as with alternating current. More recent 
studies by A. Nishida and others, confirm that alternating current is common in the Earth's crust. 


C.F. Gauss (1777-1855) and H.C. Oersted (1777-1851), both were separately trying to define the 
Earth's electrical field with all external influences removed. These external influences being solar-quiet 
periods and being remote from the land's surface. The air electricity background which they measured 
varies with latitude. Their European measurements correspond to approximately the latitude of 
Washington, D.C. They were measuring magnetic field flux as an indicator of negative electron energy 
active and present. 


A related family of measurement is now presented. Units of measurement used to define flux fields 
include Gauss (one unit = 100,000 volts), Oersted (one unit - 50,000 volts), Tesla (one unit = 10,000 
Gauss) and Gamma (one unit = 1/10,000 th of a Gauss). Much confusion exists in electrical related 
publications about these units. As presented here, they are correct with values taken from their original 
definitions. 


The entire surface of the Earth has been surveyed by aerial magnetometer, in most cases using 
gamma or nano teslas. One gamma is the magnetic flux equivalent of 10 active volts of electricity. 
When this data is corrected for flight height, it becomes obvious that there are numerous areas where 
the gamma readings exceed one trillion gammas. Lightning strikes from the ground up are in that 
energy range. With knowledge of these electron enriched areas, the quality of Earth grounding, 
becomes enhanced. 


The correction necessary for land surface data when acquired from aerial magnetometer maps (using 
the inverse square law) requires that the remote distance be squared and then multiplied by the remote 
reading. For example, if the reading is 1,600 gammas and the flight height is 1,000 feet. Take 1,000 x 
1,000 = 1,000,000 x 1,600 gammas = 1.6 trillion gammas x 10 volts = 16 trillion volts equivalent for 
land surface data. 


Present day methodology requires mechanical energy to be expended in exchange for electrical 
energy. Any required amount of electricity is available by resonant induction transfer from the Earth's 
magnetic and electrical fields. Each cycling of this resonant induction system pulls in additional 
electrons, generating energy in any required amount. A small amount of electrical energy is used to 
activate and pull into the system a much larger amount of energy. 


ENERGY VERSUS MASS 


Steady State Unsteady State 
static "Pre-Ensrgy “ Kinetic "Energy 
Mass attracts Mass, Gravity Expanding, Magnetic Energy 
Dominates Dominates 
Electoons moving apar 


Pressure decreasing 
Cooling efect dominates 
Less scattering of Energy 
Negative resistance 


Contraction, Electrical Energy 
Dominates 
Electrons moving together 
Pressure increasing 
Heating effect dominates 
ocattering of Energy 
Positive resistance 


Functions of active Electrons 


Electrons become active when placed inside the critical distance allowed by their negativity. 


Active Electrons provide: 
1. Electricity 
2. Magnetics 
3. Gravitational thrust as in Electric Motors 
4. The source of Visible Light 
5. It's charge is Negative 


They move in a closed loop as seen in the Icon for infinity, not in a circle as shown in many books. One 
half of the loop consist of a magnetic impulse and the return half consist of the electrical impulse. This 
is seen as the classic sine wave of alternating electrical energy. 


A flash of light occurs when two electrons suddenly find they are too close together. Daylight results 
from the impingement of Electrons in the Earth's atmosphere with the Electrons of the Solar Plasma. 


My Concept of the Forces of Nature differs from the conventional. It consist of a weak and a strong 
force, each being additionally composed of electrical, magnetic and gravitational (fields and waves). 
Any two of the three constitute the third member; Gravity "B" of the weak force competes with humans 
on a daily basis. Gravity "A" of the strong force is the force that holds the Solar System and the 
Universe in place. Energy from the Electrons represent the weak force. Energy inside the Atom 
represents the strong force "A". Controlled resonant induction of any two of the three, changes into the 
third and is the motor that runs the Universe. We see this in the electrically-induced magnetic thrust 
against gravity in electric motors. 


Weak force is required to dislodge electrons and strong force (atomic) to dislodge protons. Unless 
dislodged, these particles are of little value in producing Conventional Electrical Energy. 


Therefore, in conventional electrical energy production, the particle of importance is the negative 
electron. Electrons have a "grudging" relationship with other electrons. They like each other, especially 
at arms length. Like potentials repel each other, and unlike potentials attract. To demonstrate this, take 
two batteries of the same type, but of a different charge level (unequal potentials). Put the plus and 


minus ends facing the same direction. Then with a volt meter, measure the electrical potential between 
the two negative ends and then the two positive ends. It is obvious that the "more negative" moves to 
the "less negative" is the correct concept for electrical energy generation. Electrical Energy flow consist 
of a higher concentration of electrons moving to an area of lesser concentration. 


OHM'S LAW WITH CORRECTIONS: 


A major obstruction in reference to the correct function of electrical energy is the establishment's 
incorrect interpretation of Ohm's Law. The corrected version is: 


Volts = Energy Available (Potential) 
Ohm = Scattering, dissipation of Energy (Load) 
Ampere = the rate of, dissipation / scattering of energy 


It is important to note that Ohm and Ampere are after the fact, and are not decisive except for the 
dissipation factor. High Voltage at low amperage simply means that the High Voltage is still intact for 
future usage. In no way Is the potential diminished by low amperage. 


EXAMPLES OF OVERUNITY 


Dominos did not exist in England when the Laws of Conservation were originally put in place. 
Otherwise they might have been very different. For example, let us take a long row of upright dominos, 
(many thousands) and flip number one. The Energy required to flip the first domino must now be added 
with that of thousands more in order to have a correct assessment. 


The Electron itself is an excellent example of over-unity. The electron provides various forms of energy 
continuously throughout eternity and is in no way diminished. It simply cycles through the system and 
is available thereafter. 


In Electrical Systems, Electrons active at point "A" are not the same Electrons active at point "B". That 
is to say, the Electrons activated at the Central Electrical Energy Station are not the ones used at your 
house. When you ground your system by flipping the wall switch, you use your own electrons. In 
closed energy systems, electrons communicate with and replicate the activity of the overbalanced 
potential, when provided with Earth and or Air Groundings. 


The number of Radio sets and Television sets running at any one time do not diminish, in any way the 
electrical output of the source station. 


For example, let now use an Air Coil Resonant Induction System for the purpose of flipping some 
electrons. The flipping device (reactor coil L-1) is pulsed, which then provides a resonant induction 
pulse. In turn, this flips the electrons present at the (reactant L-2) Coil. The energy input in L-1 is 
divided by the number of turns present. The induced magnetic pulsing in turn flips the electrons in each 
turn of L-2. If more turns are present in L-2 than L-1, there is a net gain in the Energy present, as 
demonstrated by the dominos above. The farads and henrys of the resonant system provide the 
resonant frequency when pulsed by an external energy system. A system shunt in the resonant circuit 
sets the containment level for energy potential. 


The Induction Process itself provides an excellent example of over-unity. When comparing rate of 
induction, the cycles per second must be squared and then compared to the square of the second 
System. Let us then compare the 60 c.p.s. System with my 220 MHz Device. Energy produced at 
radio frequency has several major advantages over the conventional system. Ohm's Law does not 
apply to a resonant air-core radio frequency system. 


For example: When the system is resonant, the following is true: 


EXPECTED RESULTS 


Energy Potential as Volts a 
A = Rate of Dissipation 
Dissipation 


ACTUAL RESULTS 
Superconductor Conditions take over 


Energy Potential as Volts DER ee ee 
nae aan aia = (Rate of Dissipation) 
(Dissipation) 


* OHMS / DISSIPATION IN AIR-COIL RESONANT INDUCTION 
STSTEMS: RESISTIVITY BECOMES ZERO AT RESONANCE 


This is named the V.A.R. ( Volt Amperes Reactive ) System. 


When compared to the Conventional Under-Unity iron-core transformer system, the results are over- 
unity. It is strange that mechanical advantage as in pulleys, gears, levers and others which correspond 
to the electrical advantage above mentioned, are not considered over-unity devices. 


Let us take a closer look at resonant induction. As an example, let a room full of ping pong balls 
randomly bouncing at a high speed represent the Conventional method of under-unity energy 
generation. Suppose that by resonant induction the balls all move in the same direction at the same 
time. When this occurs a huge amount of energy not previously available is present. The resonant air- 
core coil system lines up the electrons in such a manner that the energy factor is nearly 100 % , and not 
the 2% or 3% of Conventional under-unity devices sanction by the establishment. 


Some other devices where overunity is common would be resonant induction circuits present in 
conventional radio tubes (high plate voltage), negative-feedback systems found in Op-Amps and 
possibly others. 


SUMMARY 


Useful electrical energy is achieved when the electron density at point "A" becomes greater than at 
point "B", (being the more-negative moving to the less-negative concept). Coils moving through a 
magnetic field or vice versa causes this imbalance. 


The mindset of the professional Electrical Engineer is restricted to non-resonant and iron-core coil 
resonant systems. Ohm's Law, when applied to resonant air-core induction systems, becomes, system 
resistivity (Impedance, Z). "Z" becomes zero at resonance. Therefore, in this system, volts and 
amperes are equal until load (resistivity) is introduced. This is called the Volt Ampere Reactive (V.A.R.) 
System. With impedance being zero, the System grounding is coupled directly into the Earth's 
immense electrical potential. Efficiency of induction relates to the square of the cycles per second. 
Compare the ratio of the conventional 60 c.p.s. System and the 220 million plus cycles of my Earth 
Electrical System II. 


Electrons which cycle through this system, after being used, are returned intact to their former state for 
future usage. 


Electron spin causes electrical current and magnetic lines of force 
The effect of current, results from the unequal distribution of negativity (electrons). 


Magnetic imbalance causes the gravitational effect. This is evidenced in electric motors by magnet- 
gravitational displacement of mass which causes the motor to rotate. 


The System is an extension of present technology. 

The System and it's source utilizes magnetometer studies. 

This System (Earth Electrical System Il. "EES. H") utilizes a fully renewable energy source. 
This System utilizes a non-polluting energy source. 

This System utilizes an universally available energy source. 


Endorsement and Certification of The System can be anticipated by States with pollution problems. 


AIR CORE INDUCTION COIL BUILDERS GUIDE 
DONALD L. SMITH 


Energy Consultant 


1. Decide frequency. Considerations are: (economy of size) 
a. Use radio frequency upward (above 20,000 Hz). 


b. Use natural frequency (coils have both capacitance and inductance), that is match the wire 
length of the wire in the coil to the desired frequency. 


c. Wire length is either one quarter, one half or full wave length. 


d. To obtain the wire length (in feet) use the following: If using one quarter wave length divide 
247 by the desired frequency (megahertz range is desirable). If using one half wave length 
divide 494 by the desired frequency. If using full wave length divide 998 by the desired 
frequency. 


2. Decide number of turns, ratio of increase in number of turns sets the function. In the case of the L-1 
coil, each turn divides the input voltage by the number of turns. In the case of L-2 coil, the resulting 
voltage in each turn of L-1 is induced into each turn of L-2, adding up with each turn. For example if 
the input into L-1 from a high voltage, low amperage module is 2,400 volts, and L-1, for example, has 
10 turns, then each turn of L-1 will have 240 volts of magnetic induction which transfers 240 volts of 
electricity to each turn of L-2. L-2 may be one turn or many turns, such as 100 to 500 or more turns. 
At 100 turns, 24,000 volts would be produced. At 500 turns, 120,000 volts would be produced. 


3. Decide the height and diameter of the coil system. The larger the diameter of the coil, the fewer 
turns are required, and the coil has a lesser height. In the case of L-2 this results in lowering the 
amplification of the induced voltage from L-1. 


4. For example, if 24.7 MHz is the desired frequency output from L-2. One quarter wave length would 
be 247 divided by 24.7 which equals 10 feet of wire. The number of turns will be the amplification 
factor. The coil may be wound on standard size P.V.C. or purchased from a supplier. The supplier 
is normally a ham radio supply source. Once the length is determined and the number of turns 
decided, move to the next step. For example, let each turn of L-1 have 24 volts and desired output 
of L-2 be 640 volts. Therefore L-2 needs 26.67 turns. It has been determined that the wire length 
for one quarter wave length is 10 feet. The number of inches in 10 feet is 120. Using Chart "A" 
supplied look for next higher number of turns showing (being between 20 and 30 turns with a 2" 
diameter coil). This tells us to use a 2" coil. If ready-made as In the case of Barker and Williamson, 
10 Canal Street, Bristol, Penna., 215-788-5581, the coils come in standard sizes of 4, 6 and 10 
turns per inch. For higher "Q" use wider spacing of the turns. These coils come in a ready-made 
length of 10 inches. Select from the coil 30 turns and put input clamps on the base of the coil and at 
30 turns. For exact determination of the correct position of the output clamp, use an externally 
grounded voltage probe. The node of maximum intensity, being the natural resonant point. Off the 
shelf multimeters are not radio frequency responsive. The easiest way to accomplish the above is 
to get from the hardware store or Radio Shack a voltage detector having a neon bulb system (Radio 
Shack Cat. No. 272-1100b, NE2-Neon Lamps) will work. With your hand as a ground, move the 
wire extension of the neon lamp along the coil surface until the neon is brightest. This is the desired 
point of resonance and it is the optimum connection point. 


5. The input power now needs consideration. A 2,400 High Voltage module has been previously 
selected. This module can be made from a diode bridge or any combination of voltage amplifiers. 
The one used here is an off-the-shelf type, similar to those used for laser technology. 


6. Construction of the input L-1 coil. It has already been decided that there will be 10 turns. The length 
of the wire here is not critical. Since the L-2 coil is 2-inches in diameter, the next off-the-shelf larger 
size may be used for L-1. Use a 3" diameter off-the-shelf coil which has 10 turns to the inch. 
Remove (cut) a 10 turn portion from the larger coil. Use an L.C.R. meter and measure the natural 
farads (capacitance) and henrys (inductance) values of the L-2 coil. Now do the same for the L-1 
coil. It will be necessary to put a capacitor across the voltage input of L-1 in order to match the L-1 
coil to the L-2 coil. A spark gap across L1 is also required to deal with the return voltage from L-1. 
A tuneable capacitor of the pad ("trimmer") type for L-1 is desirable. 


7. The performance of the L-2 coil can be further enhanced by having an Earth grounding from the base 
of the coil. The maximum voltage output will be between the base and the top of the L-2 coil. 
Lesser voltages can be obtained at intermediate points along the length of the L-2 coil. 


SUPPLY SOURCES 
1. HAM RADIO SUPPLY STORES 
2. COILS, AIR INDUCTOR IN HOUSTON 


3. BAKER AND WILLIAMSON (READY MADB), BRISTOL. PENNA. 
ALSO R.F. DUMMY LOADS AND WATTMETERS. 
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ELECTRICAL PRINCIPLES: TERMINOLOGY & SAFETY 


The use of electricity is so commonplace that most people assume that it will always be 
available on demand. To fully realize our dependence upon electricity, consider the ways in 
which electricity is being used each day in the home, on the farm and the ranch. Electricity 
is doing more to increase work efficiency and promote enjoyable living than any other single 
factor. The use of electricity has grown to the extent that an increasing portion of the home 


or business budget, is used in paying for this source of energy. 


1. Definition of Electricity 

Electricity can be defined in several ways. The layman defines electricity as a source of 
energy that can be converted to light, heat, or power. Electrical Engineers define electricity as 
a movement of electrons caused by electrical pressure or voltage. The amount of energy 
produced depends on the number of electrons in motion. 


2. The Manufacture and Distribution of Electricity 


Electricity is produced from generators that are run by water, steam, or internal combustion 
engines. If water is used as a source of power to turn generators, it is referred to as 
hydroelectric generation. There are a number of this type located in areas where huge dams 
have been built across large streams. 


Steam is used as a source of power for generating much of today's electricity. Water is heated 
to a high temperature, and the steam pressure is used to turn turbines which generate 
electricity. These are referred to as thermal-powered generators. Fuels used to heat the water 
are coal, natural gas, and/or fuel oil. 


Generators at the power plant generate from 13,800 to 22,000 volts of electricity. From the 
power plant, electricity is carried to a step-up sub-station which, through the use of 
transformers, increases the voltage from 69,000 to 750,000 volts. This increase in voltage is 
necessary for the efficient transmission of electricity over long distances. From the step-up 
sub-station, the electricity is carried on transmission lines to a step-down sub-station which 
reduces the voltage to 7,200 to 14,000 volts for distribution to rural and city areas. 
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Transformers at the business or residence reduce the voltage to 120 or 240 volts to supply the 
meter of the customer: 
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3. Common Electrical Terms 


In order to work safely and efficiently with electricity and have the ability to converse on the 
subject, the following terms should be understood: 


Ampere (Amp) - A measurement in units of the rate of flow of electrical current. This 
may be compared with the rate of flow of water in gallons per minute. 


Example: A 60-watt incandescent lamp on a 120V circuit would pull 1/2 ampere of 
electricity (60 divided by 120 = 0.5 or 1/2, Formula: Amperes = Watts / Volts 


Volt (V) - A unit of measure of electrical pressure. A given electrical pressure (V) 
causes a given amount of electrical current (Amps) to flow through a load of given 
resistance. Voltage may be compared to water pressure in pounds per square inch in a 
water system. Common service voltages are 120 volts for lighting and small appliance 
circuits and 240 volts for heating, air conditioning, and large equipment circuits. 


Watt (W) - A unit of measure of electrical power. When applied to electrical 
equipment, it is the rate that electrical energy is transformed into some other form of 
energy such as light. Watts may be compared to the work done by water in washing a 
car. (Formula: Volts x Amps = Watts) 


Kilowatt (KW) - A unit of measurement used in computing the amount of electrical 
energy used. Kilowatts are determined by dividing the number of watts by 1000 as 1 
kilowatt = 1,000 watts. 


Kilowatt-Hour (KWH) - A measure of electricity in terms of power in kilowatts and 
time in hours. One KWH is 1000 watts used for one hour. 


Alternating Current (A.C.) - Electrical current that alternates or changes direction 
several times per second. The direction current moves depends on the direction in 
which the voltage forces it. 


Cycle - The flow of electricity in one direction, the reverse flow of electricity in the 
other direction, and the start of the flow back in the other direction. The cycles per 
second are regulated by the power supplier and are usually 60 in America. Most electric 
clocks are built to operate on the mains frequency. More or fewer cycles per second 
would cause mains-operated clocks to gain or lose time. The present practice is to use 
the term Hertz (Hz) rather than "cycles per second". 
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Direct Current (D.C.) - Electrical current flowing in one direction. Example: electrical 
circuits in automobiles and tractors. 


Transformer - A device used to increase or decrease voltage. 
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Single Phase - The most common type of electrical service or power available to 
consumers. One transformer is used between the distribution line and the meter. Usually 


three wires, two "hot" and one neutral, are installed to provide 120V and 240V single- 
phase service. Single-phase service may also be supplied with a three-phase service. 


Three-Phase - This type of service is designed especially for large electrical loads. It 
is a more expensive installation due to three wires and three transformers being 
required. The important advantage of three-phase power is that the total electrical load 
is divided among the three phases, consequently, the wire and transformers can be 
smaller. Other advantages exist in the design of three-phase motors. 


Short Circuit - A direct connection (before current flows through an appliance) 
between two "hot" wires, between a "hot" and neutral wire, or between a "hot" wire and 
ground. 


Voltage Drop - A reduction of current between the power supply and the load. Due to 
resistance, there will be a loss of voltage any time electricity flows through a conductor 
(wire). Factors that influence voltage drop are size of wire, length of wire, and the 
number of amps flowing. A drop in voltage may cause a loss of heat, light, or the full 
power output of a motor. It could cause motor burn-out unless the motor is properly 
protected (time-delay fuse). 


Fuse - A device used to protect circuits from an overload of current. 


Circuit Breaker - A device used to protect circuits from an overload of current. May 
be manually reset. 


Time-Delay Fuse - A fuse with the ability to carry an overload of current for a short 
duration without disengaging the contacts or melting the fuse link. 


Horsepower (hp) - A unit of mechanical power equal to 746 watts of electrical power 
(assuming 74.6% electric motor efficiency). Motors of one horsepower and 
above are rated at 1000 watts per hp while motors below one horsepower are 
rated at 1,200 watts per hp. 


Conductor - The wire used to carry electricity (typically, copper or aluminum). Copper 
and aluminum should not be spliced together due to their incompatibility 
resulting in deterioration and oxidation. 


Insulator - A material which will not conduct electricity and is usually made of glass, 
Bakelite, porcelain, rubber, or thermo-plastic. 


"Hot" Wire - A current-carrying conductor under electrical pressure and connected to a 
fuse or circuit breaker at the distribution panel. (Color Code: usually black or 
red) 


Neutral Wire - A current-carrying conductor not under electrical pressure and 
connected to the neutral bar at the distribution panel. (Color Code: usually 
white) 


Grounding - The connection of the neutral part of the electrical system to the earth to 
reduce the possibility of damage from lightning and the connection of electrical 
equipment housings to the earth to minimize the danger from electrical shock. 
(Color Code: Can be green or bare wire). 


Underwriters' Laboratory (U.L.) - An American national organization which tests all 
types of wiring materials and electrical devices to insure that they meet 
minimum standards for safety and quality. 


National Electric Code (N.E.C.) - Regulations approved by the National Board of Fire 
Underwriters primarily for safety in electrical wiring installations. All wiring 
should meet the requirements of the national as well as the local code. 


4. Computing Electrical Energy Use and Cost 


If an estimate of cost for electricity used is desired, the name plate data on appliances and 
equipment and an estimate of operating time may be used. The following formulas should be 
used for determining watts, amps, volts, watt-hours, kilowatt-hours, and cost. 


Watts = Volts x Amperes 

Amperes = Watts / Volts 

Volts = Watts / Amperes 

Watt-Hours = Watts x Hours of operation 

Kilowatt-Hours = Watt-Hours / 1000 

Cost = Kilowatt-Hours x Local Rate per Kilowatt-Hour (or per "Unit") 


Example: 


Local electricity rate per Kilowatt-Hour: 8 cents 
Equipment plate data: 120 Volts 5 Amps 
Monthly hours of operation: 10 


1. Watts = Volts x Amperes, so Watts = 120 x 5 = 600 watts 

2. Watt-Hours = 600 x 10 = 6,000 watt-hours 

3. Kilowatt-Hours = 5,000 / 1,000 = 6 kilowatt-hours (or 6 Units) 
4. Cost = 6 x 8 = 48 cents 


5. Electrical Circuits 


An Electrical Circuit is a completed path through which electricity flows. Insulated 
conductors (wires) provide the path for the flow of electricity. A water system and an 
electrical circuit are similar in many respects. Water flows through pipes and is measured in 
gallons per minute, and electricity flows through conductors and is measured in amperes. A 
simple circuit is shown here: 
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A circuit includes a "hot" wire (red or black) carrying current from the source through a 
switch, circuit protector (fuse or circuit-breaker), and an appliance. The neutral wire (white) 
conducts the current from the appliance to the source (ground). 


There arc two methods for connecting devices in a circuit - "in series" or "in parallel". Ina 
series circuit, all of the current must flow through each device in the circuit. Removing any 
one of the devices in a series circuit will stop the flow of current. In parallel circuits, the load 
(lights or appliances) are connected between the two wires of the circuit providing an 
independent path for the flow of current, and removing a lamp has no effect on the other lamps 
in the circuit. 


Switches, fuses, and circuit breakers are always connected in series. In most cases, except for 
some Christmas tree lights, appliances and lights are connected in parallel. 
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6. 120 Volt and 240 Volt Circuits 


The 120V circuit has one "hot" and one neutral wire, with the switch and circuit protector in 
the hot line. The neutral wire from the appliance is connected to the neutral bar in the fuse or 
breaker box. For safety, the neutral wire should never be broken or interrupted with a switch 
or fuse. 


120 VOLT CIRCUIT 
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The voltage in a 120V circuit is measured with a voltmeter with one lead on the hot terminal 
and the other lead on the neutral bar. The number of amperes flowing may be measured with a 
clamp-on ammeter by encircling the hot or neutral wire with the jaws of the ammeter. 
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The 240V circuit has two hot wires and one safety-ground wire. Switches and fuses are 
installed in the hot lines. The two hot wires arc necessary for the operation of 240V welders 
and motors. The safety-ground wire, connected to the metal frame of the equipment or motor 
and to the neutral bar, does not carry current unless a "short" develops in the motor or welder. 
If a short should occur, one of the circuit protectors will burn-out or open, thus opening the 
circuit. 
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The voltage on a 240V circuit is measured by fastening a lead on the voltmeter to each of the 
hot wires. Voltage between either hot terminal and the neutral bar will be one-half of the 
voltage between the two hot wires. The number of amperes flowing can be measured by 
clamping an ammeter around either of the hot wires. 


7. Safety Grounding of Electrical Equipment 


Refer back, to the 240V circuit and note the ground wire from the metal frame to the neutral 
bar. The following illustration shows proper safety grounding when operating a drill in a 
120V circuit. The safety-ground wire may be bare, but a three-wire cable is recommended. 
Safety-ground wire in three-wire cable is usually green in color. A current-carrying neutral 
wire should never be used for a safety-ground. Likewise, a safety-ground wire should never be 
used as a current-carrying hot or neutral wire. 
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Using grounded receptacles and a safety-ground on all circuits will allow the safety-grounding 
of appliances when they are plugged into the outlet. An adapter must be used to properly 
ground appliances connected to receptacles which are not safety-grounded. If an adapter is 
used, the green pigtail wire must be connected to a known ground to give protection from 
electrical shock should a short-circuit occur. 
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A test lamp can be used to check a circuit completed between a "hot" wire and a neutral wire. 
Use the test lamp to check appliances for shorts. With the appliance plugged into an outlet, 
touch the appliance frame with one lead of the test lamp while the other lead of the test lamp is 
grounded to a water or gas pipe. If the test light does not burn, reverse the appliance plug and 
check with the test lamp again. If the light burns, a short exists (the hot wire is touching the 
frame of the appliance). Unplug the appliance and repair or discard it. 


8. Electrical Circuit Protection 


Electrical circuits should be protected from an overload of amperes. Too many amperes 
flowing through an unprotected circuit will generate heat, which will deteriorate or melt the 
insulation and possibly cause a fire. The number of amperes that a given conductor can safely 
carry, depends upon the kind and size of wire, type of insulation, length of run in feet, and the 
type of installation. Charts are available in reference texts giving allowable current-carrying 
capabilities of various conductors. 


The four types of circuit protection are: common fuses, fusetrons (time-delay), fustats (two- 
part time-delay), and circuit-breakers. Fuses are of two basic types: plug, and cartridge. 


Common fuses contain a link made from a low-temperature melting alloy which is designed to 
Carry current up to the rating of the fuse. Current higher than the amperage rating causes the 
link to heat above it's melting point. When the fuse "blows", the link melts and opens the 
circuit. 
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Fusetrons (time-delay fuses) are made to carry a temporary overload, such as the overload 
caused by the starting of an electric motor. The fuse, however, still provides protection for the 
circuit, and a short-circuit will melt the fuse link. If a common fuse is used, the fuse link will 
melt every time an electric motor starts. The use of a larger ampere common fuse will prevent 
the "blow" resulting from the temporary overload, but will not provide protection for the motor 
or the circuit. 
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Fustats, non-tamperable fuses of the time-delay type, have a different size base and require a 
special adapter which is screwed into the standard fuse socket. After the adapter is installed, it 
cannot be removed. For example, the installation of a 15-ampere adapter allows only the use 
of 15-ampere or smaller fuse. 


FUSTATS 
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Circuit breakers eliminate the replacement of fuses and are commonly used even though a 
circuit breaker box costs more than a fuse box. Circuit breakers are of two types, thermal and 
magnetic. The thermal breaker has two contacts held together by a bi-metal latch. A current 
overload causes the bi-metallic strip to become heated, the latch releases, and the points spring 
open. After the bi-metallic strip cools, the switch is reset and service is restored. 


CIRCUIT BREAKER OPERATION 


CLOSED 


The magnetic breaker has contacts that are held together by a latch which is released by the 
action of an electromagnet. The amount of current flowing through the circuit will determine 
the size of the electromagnet. This type of circuit-breaker is reset by moving the toggle switch 
to the "on" position. 


The following diagram shows the parts of a circuit breaker. 
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9. No Fault Grounding 
Fuses and circuit-breakers are safety devices which limit current (amperage) in 
a circuit. Their main function is to protect equipment and wiring from 


overload. Ground fault circuit interrupters (GFI) are designed to protect 
humans, equipment, and/or electrical systems from injury or damage if 
electricity flows in an unintended path (a short-circuit). 


A GFI is a very sensitive device that functions by comparing the current moving 
in the "hot" wire with that in the neutral wire. If these two currents are not 
equal, a fault exists, and current is "leaking" out of the circuit. If the 
difference in current between the two wires is 5/1000 of an ampere or greater, 


the GFI will open the circuit, shutting off the power and eliminating any shock 
hazard. 


The National Electrical Code requires GF]'s for all 120V, single phase, 15 and 
20 amp receptacles installed outdoors, in bathrooms, and in garages for 
residential buildings. A GFI is required at construction sites and some other 
applications. After correcting a circuit fault, the GFI may be reset for further 
use. 


A variety of GFI equipment is made for 120 and 240 volt circuits: 
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REFERENCES: 
COOPER, ELMER L., AGRICULTURAL MECHANICS: FUNDAMENTALS AND APPLICATIONS. DELMAR 
PUBLISHERS INC., ALBANY, NEW YORK 


ELECTRICAL WIRING - RESIDENTIAL, UTILITY BUILDINGS, SERVICE AREAS, AAVIM, ATHENS, GEORGIA. 


Note: This electrical information does not apply directly to areas outside America and 
local regulations for electrical supply should be checked. 


The following material is the section originally in Chapter 3 of "The Practical Guide to Free-Energy Devices" which 
deals with Don Smith's technology: 


Don Smith. One of most impressive developers of free-energy devices is Don Smith who has produced many 
spectacular devices, generally with major power output. These are a result of his in-depth knowledge and 
understanding of the way that the environment works. Don says that his understanding comes from the work of 
Nikola Tesla as recorded in Thomas C. Martin's book "The Inventions, Researches, and Writings of Nikola Tesla" 
ISBN 0-7873-0582-0 available from http://www.healthresearchbooks.com and various other book companies. 
This book can be downloaded from http://www.free-energy-info.com as a pdf file, but a paper copy is much better 
quality and easier to work from. 


Don states that he repeated each of the experiments found in the book and that gave him his understanding of 
what he prefers to describe as the 'ambient background energy’ which is called the 'zero-point energy field’ 
elsewhere in this eBook. Don remarks that he has now advanced further than Tesla in this field, partly because of 
the devices now available to him and which were not available when Tesla was alive. 


Don stresses two key points. Firstly, a dipole can cause a disturbance in the magnetic component of the 'ambient 
background' and that imbalance allows you to collect large amounts of electrical power, using capacitors and 
inductors (coils). Secondly, you can pick up as many powerful electrical outputs as you want from that one 
magnetic disturbance, without depleting the magnetic disturbance in any way. This allows massively more power 
output than the small power needed to create the magnetic disturbance in the first place. This is what produces a 
COP>1 device and Don has created nearly fifty different devices based on that understanding. 


Although they get removed quite frequently, there is one video which is definitely worth watching if it is still there. 
It is located at http:/Awww.metacafe.com/watch/2820531/don smith free energy/ and was recorded in 2006. It 
covers a good deal of what Don has done. In the video, reference is made to Don's website but you will find that it 
has been taken over by Big Oil who have filled it with innocuous similar-sounding things of no consequence, 
apparently intended to confuse newcomers. A website which | understand is run by Don's son is 
http://www.28an.com/altenergypro/index.htm and it has brief details of his prototypes and theory. You will find the 
only document of his which | could locate, here http://www.free-energy-info.com/Smith.pdf in pdf form and it 
contains the following patent on a most interesting device which appears to have no particular limit on the output 
power. This is a slightly re-worded copy of that patent as patents are generally worded in such a way as to make 
them difficult to understand. 


Patent NL 02000035 A 20th May 2004 Inventor: Donald Lee Smith 


TRANSFORMER GENERATOR MAGNETIC RESONANCE INTO ELECTRIC ENERGY 


ABSTRACT 


The present invention refers to an Electromagnetic Dipole Device and Method, where wasted radiated energy is 
transformed into useful energy. A Dipole as seen in Antenna Systems is adapted for use with capacitor plates in 
such a way that the Heaviside Current Component becomes a useful source of electrical energy. 


DESCRIPTION 


Technical Field: 


This invention relates to loaded Dipole Antenna Systems and their Electromagnetic radiation. When used as a 
transformer with an appropriate energy collector system, it becomes a transformer/generator. The invention 
collects and converts energy which is radiated and wasted by conventional devices. 


Background Art: 


A search of the International Patent Database for closely related methods did not reveal any prior art with an 
interest in conserving radiated and wasted magnetic waves as useful energy. 


DISCLOSURE OF THE INVENTION 


The invention is a new and useful departure from transformer generator construction, such that radiated and 
wasted magnetic energy changes into useful electrical energy. Gauss meters show that much energy from 
conventional electromagnetic devices is radiated into the ambient background and wasted. In the case of 
conventional transformer generators, a radical change in the physical construction allows better access to the 
energy available. It is found that creating a dipole and inserting capacitor plates at right angles to the current flow, 
allows magnetic waves to change back into useful electrical (coulombs) energy. Magnetic waves passing through 
the capacitor plates do not degrade and the full impact of the available energy is accessed. One, or as many sets 
of capacitor plates as is desired, may be used. Each set makes an exact copy of the full force and effect of the 
energy present in the magnetic waves. The originating source is not depleted of degraded as is common in 
conventional transformers. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The Dipole at right angles, allows the magnetic flux surrounding it to intercept the capacitor plate, or plates, at 
right angles. The electrons present are spun such that the electrical component of each electron is collected by 
the capacitor plates. Essential parts are the South and North component of an active Dipole. Examples 
presented here exist as fully functional prototypes and were engineer constructed and fully tested in use by the 
Inventor. In each of the three examples shown in the drawings, corresponding parts are used. 


Fig.1 is a View of the Method, where N is the North and S is the South component of the Dipole. 


Here, 1 marks the Dipole with its North and South components. 2 is a resonant high-voltage induction coil. 3 
indicates the position of the electromagnetic wave emission from the Dipole. 4 indicates the position and flow 
direction of the corresponding Heaviside current component of the energy flow caused by the induction coil 2. 5 is 
the dielectric separator for the capacitor plates 7. 6 for the purposes of this drawing, indicates a virtual limit for the 
scope of the electromagnetic wave energy. 
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Fig.2 has two parts A and B. 


In Fig.2A 1 is the hole in the capacitor plates through which the Dipole is inserted and in Fig.2B it is the Dipole 
with its North and South poles shown. 2 is the resonant high-voltage induction coil surrounding part of the Dipole 
1. The dielectric separator 5, is a thin sheet of plastic placed between the two capacitor plates 7, the upper plate 
being made of aluminium and the lower plate made of copper. Unit 8 is a deep-cycle battery system powering a 
DC inverter 9 which produces 120 volts at 60 Hz (the US mains supply voltage and frequency, obviously, a 240 
volt 50 Hz inverter could be used here just as easily) which is used to power whatever equipment is to be driven 
by the device. The reference number 10 just indicates connecting wires. Unit 11 is a high-voltage generating 
device such as a neon transformer with its oscillating power supply. 


Fig.3 is a Proof Of Principal Device using a Plasma Tube as an active Dipole. In this drawing, 5 is the plastic 
sheet dielectric separator of the two plates 7 of the capacitor, the upper plate being aluminium and the lower plate 
copper. The connecting wires are marked 10 and the plasma tube is designated 15. The plasma tube is four feet 
long (1.22 m) and six inches (100 mm) in diameter. The high-voltage energy source for the active plasma dipole 
is marked 16 and there is a connector box 17 shown as that is a convenient method of connecting to the capacitor 
plates when running tests on the device. 


Fig.4 shows a Manufacturer's Prototype, constructed and fully tested. 1 is a metal Dipole rod and 2 the resonant 
high-voltage induction coil, connected through wires 10 to connector block 17 which facilitates the connection of 
it's high-voltage power supply. Clamps 18 hold the upper edge of the capacitor packet in place and 19 is the base 
plate with it's supporting brackets which hold the whole device in place. 20 is a housing which contains the 
capacitor plates and 21 is the point at which the power output from the capacitor plates is drawn off and fed to the 
DC inverter. 


BEST METHOD OF CARRYING OUT THE INVENTION 


The invention is applicable to any and all electrical energy requirements. The small size and it's high efficiency 
make it an attractive option, especially for remote areas, homes, office buildings, factories, shopping centres, 
public places, transportation, water systems, electric trains, boats, ships and ‘all things great and small’. The 
construction materials are commonly available and only moderate skill levels are needed to make the device. 


CLAIMS 


1. Radiated magnetic flux from the Dipole, when intercepted by capacitor plates at right angles, changes into 
useful electrical energy. 


2. A Device and Method for converting for use, normally wasted electromagnetic energy. 


3. The Dipole of the Invention is any resonating substance such as Metal Rods, Coils and Plasma Tubes which 
have interacting Positive and Negative components. 


4. The resulting Heaviside current component is changed to useful electrical energy. 


kkkkkkkkkkkkkkkk 


This patent does not make it clear that the device needs to be tuned and that the tuning is related to its physical 
location. The tuning will be accomplished by applying a variable-frequency input signal to the neon transformer 
and adjusting that input frequency to give the maximum output. 


Don Smith has produced some forty eight different devices, and because he understands that the real power in 
the universe is magnetic and not electric, these devices have performances which appear staggering to people 
trained to think that electrical power is the only source of power. One device which | understand is commercially 
produced in Russia, is shown here: 


This is a small table-top device which looks like it is an experiment by a beginner, and something which would be 
wholly ineffective. Nothing could be further from the truth. Each of the eight coils pairs (one each side of the 
rotating disc) produces 1,000 volts at 50 amps (fifty kilowatts) of output power, giving a total power output of 400 
kilowatts. It's overall size is 16" x 14.5" x 10" (400 x 370 x 255 mm). In spite of the extremely high power output, 
the general construction is very simple: 


PYC pipe 


“= ma] 
Neodymium magnet 
— Small DC motor 


ae 


The device operates on a fluctuating magnetic field which is produced by a small low-power DC motor spinning a 
plastic disc. In the prototype shown above, the disc is an old vinyl record which has had holes cut in it. Between 
the holes is an area which was covered with glue and then sprinkled with powdered neodymium magnet material. 
It takes very little power to spin the disc, but it acts in a way which is very much like the Ecklin-Brown generator, 
repeatedly disrupting the magnetic field. The magnetic field is created by a neodymium magnet in each of the 
sixteen plastic pipes. It is important that the change in the magnetic flux between the matching magnets on each 
side of the disc is as large as possible. The ideal rotor material for this is "Terfenol-D" (tungsten zirconate) with 
slots cut in it but it is so expensive that materials like stainless steel are likely to be used instead. Please 
understand that all of Don's designs rely on resonant operation and so the coil impedance has to be matched to 
the pulse frequency used to drive the coil. 


Area covered with 
glue and sprinkled ROTOR 


with neodymium 
powder 


For Don Smith, this is not an exceptional device. The one shown below is also physically quite small and yet it 
has an output of 160 kilowatts (8000 volts at 20 amps) from an input of 12 volts 1 amp (COP = 13,333): 


Again, this is a device which can be placed on top of a table and is not a complicated form of construction, having 
a very open and simplistic layout. However, some components are not mounted on this board. The twelve volt 
battery and connecting leads are not shown, nor is the ground connection, the step-down isolation transformer 
and the varistor used to protect the load from over-voltage by absorbing any random voltage spikes which might 
occur, but more of these things later on when a much more detailed description of this device is given. Again, 
please understand that Don does not reveal all of the details of any of his designs, and he deliberately omits to 
mention various important details, leaving us to deduce what is missing from our own understanding of how these 
devices work. 


The device shown above is a typical example of this with various subtle points glossed over in spite of this being 
one device which Don says that we should be able to reproduce ourselves. Let me state here that reproducing 
this seemingly simple design of Don's is not an easy thing to do and it is not something which can be thrown 
together by a beginner using whatever components happen to be at hand at the time. Having said that, with 
careful study and commonsense application of some obvious facts, it should be possible to make one of these 
devices. 


Another of Don's devices is shown here: 


This is a larger device which uses a plasma tube four feet (1.22 m) long and 6 inches (100 mm) in diameter. The 
output is a massive 100 kilowatts. This is the design shown as one of the options in Don's patent. Being an 
Electrical Engineer, none of Don's prototypes are in the "toy" category. If nothing else is taken from Don's work, 
we should realise that high power outputs can be had from very simple devices. 


There is one other brief document "Resonate Electrical Power System" from Don Smith which says: 


Potential Energy is everywhere at all times, becoming useful when converted into a more practical form. There is 
no energy shortage, only grey matter. This energy potential is observed indirectly through the manifestation of 
electromagnetic phenomenon, when intercepted and converted, becomes useful. In nonlinear systems, 
interaction of magnetic waves amplify (conjugate) energy, providing greater output than input. In simple form, in 
the piano where three strings are struck by the hammer, the centre one is impacted and resonance activates the 
side strings. Resonance between the three strings provides a sound level greater than the input energy. Sound 
is part of the electromagnetic spectrum and is subject to all that is applicable to it. 


"Useful Energy" is defined as "that which is other than Ambient". "Electric Potential" relates to mass and it's 
acceleration. Therefore, the Earth's Mass and Speed through space, gives it an enormous electrical potential. 
Humans are like the bird sitting unaware on a high voltage line. in nature, turbulence upsets ambient and we see 
electrical displays. Tampering with ambient, allows humans to convert magnetic waves into useful electricity. 


Putting this in focus, requires a look at the Earth in general. During each of the 1,440 minutes of each day, more 
than 4,000 displays of lightning occur. Each display yields more than 10,000,000 volts at more than 200,000 
amperes in equivalent electromagnetic flux. This is more than 57,600,000,000,000 volts and 1,152,000,000,000 
amperes of electromagnetic flux during each 24 hour period. This has been going on for more than 4 billion years. 
The USPTO insist that the Earth's electrical field is insignificant and useless, and that converting this energy 
violates the laws of nature. At the same time, they issue patents in which, electromagnetic flux coming in from the 
Sun is converted by solar cells into DC energy. Aeromagnetic flux (in gammas) Maps World-Wide, includes those 
provided by the US Department of Interior-Geological Survey, and these show clearly that there is present, a 
spread of 1,900 gamma above Ambient, from reading instruments flown 1,000 feet above the (surface) source. 
Coulomb's Law requires the squaring of the distance of the remote reading, multiplied by the recorded reading. 
Therefore, that reading of 1,900 gamma has a corrected value of 1,900 x 1,000 x 1,000 = 1,900,000,000 gamma. 


There is a tendency to confuse "gamma ray" with "gamma". "Gamma" is ordinary, everyday magnetic flux, while 
"gamma ray" is high-impact energy and not flux. One gamma of magnetic flux is equal to that of 100 volts RMS. 
To see this, take a Plasma Globe emitting 40,000 volts. When properly used, a gamma meter placed nearby, will 
read 400 gammas. The 1,900,000,000 gamma just mentioned, is the magnetic ambient equivalent of 


190,000,000 volts of electricity. This is on a "Solar Quiet" day. On "Solar Active" days it may exceed five times 
that amount. The Establishment's idea that the Earth's electrical field is insignificant, goes the way of their other 
great ideas. 


There are two kinds of electricity: "potential" and "useful". All electricity is "potential" until it is converted. The 
resonant-fluxing of electrons, activates the electrical potential which is present everywhere. The Intensity/CPS of 
the resonant-frequency-flux rate, sets the available energy. This must then be converted into the required 
physical dimensions of the equipment being used. For example, energy arriving from the Sun is magnetic flux, 
which solar cells convert to DC electricity, which is then converted further to suit the equipment being powered by 
it. Only the magnetic flux moves from point "A" (the Sun) to point "B" (the Earth). All electrical power systems 
work in exactly the same way. Movement of Coils and Magnets at point "A" (the generator) fluxes electrons, 
which in turn, excite electrons at point "B" (your house). None of the electrons at point "A" are ever 
transmitted to point "B". In both cases, the electrons remain forever intact and available for further fluxing. This 
is not allowed by Newtonian Physics (electrodynamics and the laws of conservation). Clearly, these laws are all 
screwed up and inadequate. 


In modern physics, USPTO style, all of the above cannot exist because it opens a door to overunity. The good 
news is that the PTO has already issued hundreds of Patents related to Light Amplification, all of which are 
overunity. The Dynode used to adjust the self-powered shutter in your camera, receives magnetic flux from light 
which dislodges electrons from the cathode, reflecting electrons through the dynode bridge to the anode, resulting 
in billions of more electrons out than in. There are currently, 297 direct patents issued for this system, and 
thousands of peripheral patents, all of which support overunity. More than a thousand other Patents which have 
been issued, can be seen by the discerning eye to be overunity devices. What does this indicate about 
Intellectual Honesty? 


Any coil system, when fluxed, causes electrons to spin and produce useful energy, once it is converted to the style 
required by its use. Now that we have described the method which is required, let us now see how this concerns 
Us. 


The entire System already exists and all that we need to do is to hook it up in a way which is useful to our required 
manner of use. Let us examine this backwards and start with a conventional output transformer. Consider one 
which has the required voltage and current handling characteristics and which acts as an isolation transformer. 
Only the magnetic flux passes from the input winding to the output winding. No electrons pass through from the 
input side to the output side. Therefore, we only need to flux the output side of the transformer to have an 
electrical output. Bad design by the establishment, allowing hysteresis of the metal plates, limits the load which 
can be driven. Up to this point, only potential is a consideration. Heat (which is energy loss) limits the output 
amperage. Correctly designed composite cores run cool, not hot. 


A power correction factor system, being a capacitor bank, maintains an even flow of flux. These same capacitors, 
when used with a coil system (a transformer) become a frequency-timing system. Therefore, the inductance of 
the input side of the transformer, when combined with the capacitor bank, provides the required fluxing to produce 
the required electrical energy (cycles per second). 


With the downstream system in place, all that is needed now is a potential system. Any flux system will be 
suitable. Any amplification over-unity output type is desirable. The input system is point "A" and the output 
system is point "B". Any input system where a lesser amount of electrons disturbs a greater amount of electrons - 
producing an output which is greater than the input - is desirable. 


At this point, it is necessary to present updated information about electrons and the laws of physics. A large part 
of this, originates from me (Don Smith) and so is likely to upset people who are rigidly set in the thought patterns 
of conventional science. 


Non - lonic Electrons 


As a source of electrical energy, non-ionic electrons doublets exist in immense quantities throughout the universe. 
Their origin is from the emanation of Solar Plasma. When ambient electrons are disturbed by being spun or 
pushed apart, they yield both magnetic and electrical energy. The rate of disturbance (cycling) determines the 
energy level achieved. Practical methods of disturbing them include, moving coils past magnets or vice versa. A 
better way is the pulsing (resonant induction) with magnetic fields and waves near coils. 


In coil systems, magnetic and amperage are one package. This suggests that electrons in their natural non-ionic 
state, exist as doublets. When pushed apart by agitation, one spins right (yielding Volts-potential electricity) and 
the other spins left (yielding Amperage-magnetic energy), one being more negative than the other. This further 
suggests that when they reunite, we have (Volts x Amps = Watts) useful electrical energy. Until now, this idea has 
been totally absent from the knowledge base. The previous definition of Amperage is therefore flawed. 


Electron Related Energy 


Energy Available Method of Storage Common Unit Units of Measure 
Electrical Capacitor/Coulombs Volts Flux Units 


Spin / Gravity Momentum Torque Ergs 
Magnetic Coils/Amp. turns Amperes Flux Units 
Teslas, Gauss, 
Electrons Gammas, Oesteds 
Light Laser Lux, Photons/Gamma Rays 
Impact / resistance 
Heat Various Fahrenheit/Celsius Temp 


Left hand spin of electrons results in Electrical Energy and right hand spin results in Magnetic Energy. Impacted 
electrons emit visible Light and heat. 


Useful Circuits, Suggestions for Building an Operational Unit 


1. Substitute a Plasma Globe such as Radio Shack's "Illumna-Storm" for the source-resonant induction system. It 
will have about 400 milligauss of magnetic induction. One milligauss is equal to 100 volts worth of magnetic 
induction. 


2. Construct a coil using a 5-inch to 7-inch (125 to 180 mm) diameter piece of PVC for the coil former. 


3. Get about 30 feet (10 m) of Jumbo-Speaker Cable and separate the two strands. This can be done by sticking 
a carpet knife into a piece of cardboard or wood, and then pulling the cable carefully past the blade to 
separate the two insulated cores from each other. (PJK Note: "Jumbo-Speaker Cable" is a vague term as that 
cable comes in many varieties, with anything from a few, to over 500 strands in each core. As Don points out 
that the output power increases with each turn of wire, it is distinctly possible that each of these strands acts 
the same as individual insulated turns which have been connected in parallel, so a 500-strand cable may well 
be far more effective than a cable with just a few strands). 


4. Wind the coil with 10 to 15 turns of wire and leave about 3 feet (1 m) of cable spare at each end of the coil. Use 
a glue gun to hold the start and finish of the coil. 


5. This will become the "L - 2" coil shown in the Circuits page. 
6. When sitting on top of the Plasma Globe (like a crown) you have a first-class resonant air-core coil system. 


7. Now, substitute two or more capacitors (rated at 5,000 volts or more) for the capacitor bank shown on the 
Circuits page. | use more than two 34 microfarad capacitors. 


8. Finish out the circuit as shown. You are now in business ! 


9. Voltage - Amperage limiting resistors are required across the output side of the Load transformer. These are 
used to adjust the output level and the desired cycles per second. 


Useful Circuits trom Nikola Tesla 


Isolation Tesla Coil System 
+ Transformer 


Tunable Coil System 
Insertable Movable L-1 


Armature ( generator ) 

taking place of the L- 1 

l Coil System having yields desired Amperage 
desired Amperage Output 


Don Smith's Suggestions: Get a copy of the "Handbook of Electronic Tables and Formulas", published by 
Sams, ISBN 0-672-22469-0, also an Inductance/Capacitance/Resistance meter is required. Chapter 1 of Don's 
pdf document has important time-constant (frequency) information and a set of reactance charts in nomograph 
style ("nomograph": a graph, usually containing three parallel scales graduated for different variables so that when 
a straight line connects values of any two, the related value may be read directly from the third at the point 
intersected by the line) which makes working, and approximating of the three variables (capacitance, inductance 
and resistance) much easier. If two of the variables are known, then the third one can be read from the 
nomograph. 


For example, if the input side of the isolation transformer needs to operate at 60 Hz, that is 60 positive cycles and 
60 negative cycles, being a total of 120 cycles. Read off the inductance in Henries by using the Inductance meter 
attached to the input side of the isolation transformer. Plot this value on the (nomographic) reactance chart. Plot 
the needed 120 Hz on the chart and connect these two points with a straight line. Where this line crosses the 
Farads line and the Ohms line, gives us two values. Choose one (resistor) and insert it between the two leads of 
the transformer input winding. 


The Power Correction Factor Capacitor (or bank of more than one capacitor) now needs adjusting. The following 
formula is helpful in finding this missing information. The capacitance is known, as is the desired potential to 
pulse the output transformer. One Farad of capacitance is one volt for one second (one Coulomb). Therefore, if 
we want to keep the bucket full with a certain amount, how many dippers full are needed? If the bucket needs 
120 volts, then how many coulombs are required? 


Desired Voltage 
— Required frequency in Hz 


Capacitance in Microfarads 


Now, go to the nomograph mentioned above, and find the required resistor jumper to place between the poles of 
the Correction Factor Capacitor. 


An earth grounding is desirable, acting as both a voltage-limiter and a transient spike control. Two separate 
earths are necessary, one at the Power Factor Capacitor and one at the input side of the isolation transformer. 
Off-the-shelf surge arrestors / spark gaps and varistors having the desired voltage/potential and amperage control 
are commonly available. Siemens, Citel America and others, make a full range of surge arrestors, etc. Varistors 
look like coin-sized flat capacitors. Any of these voltage limiters are marked as "V - 1" in the following text. 


It should be obvious that several separate closed circuits are present in the suggested configuration: The power 
input source, the high-voltage module, a power factor capacitor bank combined with the input side of the isolation 
transformer. Lastly, the output side of the isolation transformer and its load. None of the electrons active at the 
power source (battery) are passed through the system for use downstream. At any point, if the magnetic flux rate 
should happen to vary, then the number of active electrons also varies. Therefore, controlling the flux rate 
controls the electron (potential) activity. Electrons active at point "A" are not the same electrons which are active 
at point "B", or those at point "C", and so on. If the magnetic flux rate (frequency Hz) varies, then a different 
number of electrons will be disturbed. This does not violate any Natural Law and it does produce more output 
energy than the input energy, should that be desirable. 


A convenient high-voltage module is a 12 volt DC neon tube transformer. The Power Factor Correction 
Capacitors should be as many microfarads as possible as this allows a lower operating frequency. The 12-volt 
neon tube transformer oscillates at about 30,000 Hz. At the Power Correction Factor Capacitor bank we lower the 
frequency to match the input side of the isolation transformer. 


Other convenient high-voltage sources are car ignition coils, television flyback transformers, laser printer modules, 
and various other devices. Always lower the frequency at the Power Factor Correction Capacitor and correct, if 
needed, at the input side of the isolation transformer. The isolation transformer comes alive when pulsed. 
Amperage becomes a part of the consideration only at the isolation transformer. Faulty design, resulting in 
hysteresis, creates heat which self-destructs the transformer if it is overloaded. Transformers which have a 
composite core instead of the more common cores made from many layers of thin sheets of soft iron, run cool and 
can tolerate much higher amperage. 


RESONATE ELECTROMAGNETIC POWER SYSTEM 


Not to Scale 
Patent Pending 1904 


Power Source: B-1 Gelcell, 12 Volt, 7 Amp Hour 
D-1 Kick back protection for L- 1 
L-1 Bertonee, NPS - 12D8, constant burn Neon 
Tube transformer, Bertonee, Boston, MS 
Power Conditioner: C-1, Capacitor or Capacitor Bank, 8,000 microfarads 
for 480 volts DC. R-1, Resister used to set electron 
pump rate, frequency of the capacitor. Maintains the 
desired voltage level required to operate the system. 
Voltage Control: V-1, Wanstor, limits the voltage as required for 
the Output Transformer L-2. ( 480 V @ 60 Amps) 
Output Transformer: Isolation Type, (L-2 / L-3) with R-2 (resistor ) 
correcting the output frequency to 60 CPS, 
being 60 UP and 60 DN (120 total), (288 KVA ) 
Useful Timing Formulas: 
T = frequency im cycles per second 
C = capacitance im mucrofarads 
L = Inductance in mulliheneries 
R = resistance m ohms 


Therefore: T = RC and ee 


The information shown above, relates to the small Suitcase Model demonstrated at the 1996 Tesla Convention, 
presented as Don Smiths' Workshop. This unit was a very primitive version and newer versions have atomic 
batteries and power output ranges of Gigawatts. The battery requirement is low level and is no more harmful than 
the radium on the dial of a clock. Commercial units of Boulder Dam size are currently being installed at several 
major locations throughout the world. For reasons of Don's personal security and contract obligations, the 
information which he has shared here, is incomplete. 
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| am most definitely not an expert in this area. However, it is probably worth mentioning some of the main points 
which Don Smith appears to be making. There are some very important points being made here, and grasping 
these may make a considerable difference to our ability to tap into the excess energy available in our local 
environment. There are four points worth mentioning: 


1. Voltage 

2. Frequency 

3. Magnetic / Electric relationship 
4. Resonance 


1. Voltage. We tend to view things with an ‘intuitive’ view, generally based on fairly simple concepts. For 
example, we automatically think that it is more difficult to pick up a heavy object than to pick up a light one. How 
much more difficult? Well, if it is twice as heavy, it would probably be about twice as much effort to pick it up. 
This view has developed from our experience of things which we have done in the past, rather than on any 
mathematical calculation or formula. 


Well, how about pulsing an electronic system with a voltage? How would the output power of a system be 
affected by increasing the voltage? Our initial 'off-the cuff’ reaction might be that the power output might be 
increased a bit, but then hold on... we've just remembered that Watts = Volts x Amps, so if you double the 
voltage, then you would double the power in watts. So we might settle for the notion that if we doubled the 
voltage then we could double the output power. If we thought that, then we would be wrong. 


Don Smith points out that as capacitors and coils store energy, if they are involved in the circuit, then the output 
power is proportional to the square of the voltage used. Double the voltage, and the output power is four times 
greater. Use three times the voltage and the output power is nine times greater. Use ten times the voltage and 
the output power is one hundred times greater ! 
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Don says that the energy stored, multiplied by the cycles per second, is the energy being pumped by the system. 
Capacitors and inductors (coils) temporarily store electrons, and their performance is given by: 


Capacitor formula: W=0.5x Cx v* x Hz where: 


W is the energy in Joules (Joules = Volts x Amps x seconds) 
C is the capacitance in Farads 

V is the voltage 

Hz is the cycles per second 


Inductor formula: W=0.5xL x Af x Hz where: 


W is the energy in Joules 

L is the inductance in henrys 

A is the current in amps 

Hz is the frequency in cycles per second 


You will notice that where inductors (coils) are involved, then the output power goes up with the square of the 
current. Double the voltage and double the current gives four times the power output due to the increased voltage 
and that increased output is increased by a further four times due to the increased current, giving sixteen times 
the output power. 


2. Frequency. You will notice from the formulas above, that the output power is directly proportional to the 
frequency "Hz". The frequency is the number of cycles per second (or pulses per second) applied to the circuit. 
This is something which is not intuitive for most people. If you double the rate of pulsing, then you double the 
power output. When this sinks in, you suddenly see why Nikola Tesla tended to use millions of volts and millions 
of pulses per second. 


However, Don Smith states that when a circuit is at it's point of resonance, resistance in the circuit drops to zero 
and the circuit becomes effectively, a Superconductor. The energy for such a system which is in resonance is: 


Resonant circuit: W = 0.5 x Cx V? x (Hz)* where: 


W is the energy in Joules 

C is the capacitance in Farads 
V is the voltage 

Hz is the cycles per second 


If this is correct, then raising the frequency in a resonating circuit has a massive effect on the power output of the 
device. The question then arises: why is the mains power in Europe just fifty cycles per second and in America 
just sixty cycles per second? If power goes up with frequency, then why not feed households at a million cycles 
per second? One major reason is that it is not easy to make electric motors which can be driven with power 
delivered at that frequency, so a more suitable frequency is chosen in order to suit the motors in vacuum cleaners, 
washing machines and other household equipment. 


However, if we want to extract energy from the environment, then we should go for high voltage and high 
frequency. Then, when high power has been extracted, if we want a low frequency suited to electric motors, we 
can pulse the already captured power at that low frequency. 


It might be speculated that if a device is being driven with sharp pulses which have a very sharply rising leading 
edge, that the effective frequency of the pulsing is actually determined by the speed of that rising edge, rather 
than the rate at which the pulses are actually generated. For example, if pulses are being generated at, say, 50 
kHz but the pulses have a leading edge which would be suited to a 200 kHz pulse train, then the device might well 
see the signal as a 200 kHz signal with a 25% Mark/Space ratio, the very suddenness of the applied voltage 
having a magnetic shocking effect equivalent to a 200 kHz pulse train. 


3. Magnetic / Electric relationship. Don states that the reason why our present power systems are so inefficient 
is because we concentrate on the electric component of electromagnetism. These systems are always COP<1 as 
electricity is the 'losses' of electromagnetic power. Instead, if you concentrate on the magnetic component, then 
there is no limit on the electric power which can be extracted from that magnetic component. Contrary to what 
you might expect, if you install a pick-up system which extracts electrical energy from the magnetic component, 
you can install any number of other identical pick-ups, each of which extract the same amount of electrical energy 
from the magnetic input, without loading the magnetic wave in any way. Unlimited electrical output for the 'cost' 
of creating a single magnetic effect. 


The magnetic effect which we want to create is a ripple in the zero-point energy field, and ideally, we want to 
create that effect while using very little power. Creating a dipole with a battery which has a Plus and a Minus 
terminal or a magnet which has North and South poles, is an easy way to do create an electromagnetic imbalance 
in the local environment. Pulsing a coil is probably an even better way as the magnetic field reverses rapidly if it is 
an air-core coil, such as a Tesla Coil. Using a ferromagnetic core to the coil can create a problem as iron can't 
reverse it's magnetic alignment very rapidly, and ideally, you want pulsing which is at least a thousand times faster 
than iron can handle. 


Don draws attention to the "Transmitter / Receiver" educational kit "Resonant Circuits #10-416" supplied by The 
Science Source, Maine. This kit demonstrates the generation of resonant energy and it's collection with a receiver 
circuit. However, if several receiver circuits are used, then the energy collected is increased several times without 
any increase in the transmitted energy. This is similar to a radio transmitter where hundreds of thousands of radio 
receivers can receive the transmitted signal without loading the transmitter in any way. 


This immediately makes the Hubbard device spring to mind. Hubbard has a central "electromagnetic transmitter" 
surrounded by a ring of "receivers" closely coupled magnetically to the transmitter, each of which will receive a 
copy of the energy sent by the transmitter: 


15" 
(380 mm) 


Don points to an even more clearly demonstrated occurrence of this effect in the Tesla Coil. In a typical Tesla 
Coil, the primary coil is much larger diameter than the inner secondary coil: 


=> 


If, for example, 8,000 volts is applied to the primary coil which has four turns, then each turn would have 2,000 
volts of potential. Each turn of the primary coil transfers electromagnetic flux to every single turn of the secondary 
winding, and the secondary coil has a very large number of turns. Massively more power is produced in the 
secondary coil than was used to energise the primary coil. A common mistake is to believe that a Tesla Coil can't 
produce serious amperage. lf the primary coil is positioned in the middle of the secondary coil as shown, then the 
amperage generated will be as large as the voltage generated. A low power input to the primary coil can produce 
kilowatts of usable electrical power as described in chapter 5. 


4. Resonance. An important factor in circuits aimed at tapping external energy is resonance. It can be hard to 
see where this comes in when it is an electronic circuit which is being considered. However, everything has it's 
own resonant frequency, whether it is a coil or any other electronic component. When components are connected 
together to form a circuit, the circuit has an overall resonant frequency. As a simple example, consider a swing: 


If the swing is pushed before it reaches the highest point on the mother's side, then the push actually detracts 
from the swinging action. The time of one full swing is the resonant frequency of the swing, and that is determined 
by the length of the supporting ropes holding the seat and not the weight of the child nor the power with which the 
child is pushed. Provided that the timing is exactly right, a very small push can get a swing moving ina 
substantial arc. The key factor is, matching the pulses applied to the swing, to the resonant frequency of the 
swing. Get it right and a large movement is produced. Get it wrong, and the swing doesn't get going at all (at 
which point, critics would say "see, see ...swings just don't work - this proves it !!"). 


Establishing the exact pulsing rate needed for a resonant circuit is not particularly easy, because the circuit 
contains coils (which have inductance, capacitance and resistance), capacitors (which have capacitance and a 
small amount of resistance) and resistors and wires, both of which have resistance and some capacitance. These 
kinds of circuit are called "LRC" circuits because "L" is the symbol used for inductance, "R" is the symbol used for 
resistance and "C" is the symbol used for capacitance. 


Don Smith provides instructions for winding and using the type of air-core coils needed for a Tesla Coil. He says: 
1. Decide a frequency and bear in mind, the economy of the size of construction selected. The factors are: 


(a) Use radio frequency (above 20 kHz). 
(b) Use natural frequency, i.e. match the coil wire length to the frequency - coils have both capacitance and 
inductance. 

(c) Make the wire length either one quarter, one half of the full wavelength. 

(d) Calculate the wire length in feet as follows: 
If using one quarter wavelength, then divide 247 by the frequency in MHz. 
If using one half wavelength, then divide 494 by the frequency in MHz. 
If using the full wavelength, then divide 998 by the frequency in MHz. 

For wire lengths in metres: 

If using one quarter wavelength, then divide 75.29 by the frequency in MHz. 
If using one half wavelength, then divide 150.57 by the frequency in MHz. 
If using the full wavelength, then divide 304.19 by the frequency in MHz. 


2. Choose the number of turns to be used in the coil when winding it using the wire length just calculated. The 
number of turns will be governed by the diameter of the tube on which the coil is to be wound. Remember 
that the ratio of the number of turns in the "L - 1" and "L - 2" coils, controls the overall output voltage. For 
example, if the voltage applied the large outer coil "L - 1" is 2,400 volts and L - 1 has ten turns, then each turn 
of L - 1 will have 240 volts dropped across it. This 240 volts of magnetic induction transfers 240 volts of 
electricity to every turn of wire in the inner "L - 2" coil. If the diameter of L - 2 is small enough to have 100 
turns, then the voltage produced will be 24,000 volts. If the diameter of the L - 2 former allows 500 turns, then 
the output voltage will be 120,000 volts. 


3. Choose the length and diameter of the coils. The larger the diameter of the coil, the fewer turns can be made 
with the wire length and so the coil length will be less, and the output voltage will be lower. 


4. For example, if 24.7 MHz is the desired output frequency, then the length of wire, in feet, would be 247 divided 
by 24.7 which is 10 feet of wire (3,048 mm). The coil may be wound on a standard size of PVC pipe or 
alternatively, it can be purchased from a supplier - typically, an amateur radio supply store. 


If the voltage on each turn of L - 1 is arranged to be 24 volts and the desired output voltage 640 volts, then 
there needs to be 640 / 24 = 26.66 turns on L - 2, wound with the 10 feet of wire already calculated. 


Note: At this point, Don's calculations go adrift and he suggests winding 30 turns on a 2-inch former. If you do 
that, then it will take about 16 feet of wire and the resonant point at 10-feet will be at about 19 turns, giving an 
output voltage of 458 volts instead of the required 640 volts, unless the number of turns on L - 1 is reduced to 
give more than 24 volts per turn. However, the actual required diameter of the coil former (plus one diameter 
of the wire) is 10 x 12 / (26.67 x 3.14159) = 1.43 inches. You can make this size of former up quite easily if 
you want to stay with ten turns on the L - 1 coil. 


5. Connect to the start of the coil. To determine the exact resonant point on the coil, a measurement is made. 
Off-the-shelf multimeters are not responsive to high-frequency signals so a cheap neon is used instead. 
Holding one wire of the neon in one hand and running the other neon wire along the outside of the L - 2 
winding, the point of brightest light is located. Then the neon is moved along that turn to find the brightest 
point along that turn, and when it is located, a connection is made to the winding at that exact point. L - 2 is 
now a resonant winding. It is possible to increase the ("Q") effectiveness of the coil by spreading the turns out 
a bit instead of positioning them so that each turn touches both of the adjacent turns. 


6. The input power has been suggested as 2,400 volts. This can be constructed from a Jacob's ladder 
arrangement or any step-up voltage system. An off-the-shelf module as used with lasers is another option. 


7. Construction of the L - 1 input coil has been suggested as having 10 turns. The length of the wire in this coil is 
not critical. If a 2-inch diameter PVC pipe was used for the L - 2 coil, then the next larger size of PVC pipe 
can be used for the L - 1 coil former. Cut a 10-turn length of the pipe (probably a 3-inch diameter pipe). The 
pipe length will depend on the diameter of the insulated wire used to make the winding. Use a good quality 
multimeter or a specialised LCR meter to measure the capacitance (in Farads) and the inductance (in henrys) 
of the L - 2 coil. Now, put a capacitor for matching L - 1 to L - 2 across the voltage input of L - 1, and a spark 
gap connected in parallel is required for the return voltage from L - 1. A trimmer capacitor for L - 1 is 
desirable. 


8. The performance of L - 2 can be further enhanced by attaching an earth connection to the base of the coil. The 


maximum output voltage will be between the ends of coil L - 2 and lesser voltages can be taken off 
intermediate points along the coil if that is desirable. 


Don provides quite an amount of information on one of his devices shown here: 


Without his description of the device, it would be difficult to understand it's construction and method of operation. 
As | understand it, the circuit of what is mounted on this board is as shown here: 
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This arrangement has bothered some readers recently as they feel that the spark gap should be in series with the 
L1 coil, like this: 
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This is understandable, as there is always a tendency to think of the spark gap as being a device which is there to 
protect against excessive voltages rather than seeing it as an active component of the circuit, a component which 
is in continuous use. In 1925, Hermann Plauston was granted a patent for a whole series of methods for 
converting the high voltage produced by a tall aerial system into useable, standard electricity. Hermann starts off 
by explaining how high voltage can be converted into a convenient form and he uses a Wimshurst static electricity 
generator as an example of a constant source of high voltage. The output from a rectified Tesla Coil, a Wimshurst 
machine and a tall aerial are very much alike, and so Hermann's comments are very relevant here. He shows it 
like this: 
Wirmshurst machine 


Spark gap 


Capacitor Capacitor 
| ES | 


Transformer 


Here, the output of the Wimshurst machine is stored in two high-voltage capacitors (Leyden jars) causing a very 
high voltage to be created across those capacitors. When the voltage is high enough, a spark jumps across the 
spark gap, causing a massive surge of current through the primary winding of the transformer, which in his case is 
a step-down transformer as he is aimed at getting a lower output voltage. Don's circuit is almost identical: 
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driver 
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Here the high voltage comes from the battery/inverter/neon-tube driver/rectifiers, rather than from a mechanically 
driven Wimshurst machine. He has the same build up of voltage in a capacitor with a spark gap across the 
capacitor. The spark gap will fire when the capacitor voltage reaches its designed level. The only difference is in 
the positioning of the capacitor, which if it matched Hermann's arrangement exactly, would be like this: 


—— Neon-tube 
driver 


Inverter 


which would be a perfectly viable arrangement as far as | can see. You will remember that Tesla, who always 
speaks very highly of the energy released by the very sharp discharge produced by a spark, shows a high-voltage 
source feeding a capacitor with the energy passing through a spark gap to the primary winding of a transformer: 
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However, with Don's arrangement, it can be a little difficult to see why the capacitor is not short-circuited by the 
very low resistance of the few turns of thick wire forming the L1 coil. Well, it would do that if we were operating 
with DC, but we are most definitely not doing that as the output from the neon-tube driver circuit is pulsing 35,000 
times per second. This causes the DC resistance of the L1 coil to be of almost no consequence and instead, the 
coil's "impedance" or "reactance" (effectively, it's AC resistance) is what counts. Actually, the capacitor and the L1 
coil being connected across each other have a combined "reactance" or resistance to pulsing current at this 
frequency. This is where the nomograph diagram comes into play, and there is a much easier to understand 
version of it a few pages later on in this document. So, because of the high pulsing frequency, the L1 coil does 
not short-circuit the capacitor and if the pulsing frequency matches the resonant frequency of the L1 coil (or a 
harmonic of that frequency), then the L1 coil will actually have a very high resistance to current flow through it. 
This is how a crystal set radio receiver tunes in a particular radio station, broadcasting on it's own frequency. 


Anyway, coming back to Don's device shown in the photograph above, the electrical drive is from a 12-volt battery 
which is not seen in the photograph. Interestingly, Don remarks that if the length of the wires connecting the 
battery to the inverter are exactly one quarter of the wave length of the frequency of the oscillating magnetic field 
generated by the circuit, then the current induced in the battery wires will recharge the battery continuously, even 
if the battery is supplying power to the circuit at the same time. 


The battery supplies a small current through a protecting diode, to a standard off-the-shelf "true sine-wave" 
inverter. An inverter is a device which produces mains-voltage Alternating Current from a DC battery. As Don 
wants adjustable voltage, he feeds the output from the inverter into a variable transformer called a "Variac" 
although this is often made as part of the neon-driver circuit to allow the brightness of the neon tube to be 
adjusted by the user. This arrangement produces an AC output voltage which is adjustable from zero volts up to 
the full mains voltage (or a little higher, though Don does not want to use a higher voltage). The use of this kind 
of adjustment usually makes it essential for the inverter to be a true sine-wave type. As the power requirement of 
the neon-tube driver circuit is so low, the inverter should not cost very much. 


The neon-tube (or "gas-discharge" tube) driver circuit is a standard off-the-shelf device used to drive neon tube 
displays for commercial establishments. The one used by Don contains an oscillator and a step-up transformer, 
which together produce an Alternating Current of 9,000 volts at a frequency of 35,100 Hz (Sometimes written as 
35.1 kHz). The term "Hz" stands for "cycles per second". Don lowers the 9,000 volts as he gets great power 
output at lower input voltages and the cost of the output capacitors is a significant factor. The particular neon-tube 
driver circuit which Don is using here, has two separate outputs, so Don connects them together and uses a 
blocking diode in each line to prevent either of them affecting the other one. Not easily seen in the photograph, 
the high-voltage output line has a very small, encapsulated, spark gap in it and the line is also earthed. This 


device is commonly used as a lightning strike protection component and in Don's circuit it lights continuously when 
the device is running. It looks like this: 
— l 


The output of the neon-tube driver circuit is used to drive the primary "L1" winding of a Tesla Coil style 
transformer. This looks ever so simple and straightforward, but there are some subtle details which need to have 
attention paid to them. 


The operating frequency of 35.1 kHz is set and maintained by the neon-tube driver circuitry, and so, in theory, we 
do not have to do any direct tuning ourselves. However, we want the resonant frequency of the L1 coil and the 
capacitor across it to match the neon-driver circuit frequency. The frequency of the "L1" coil winding will induce 
exactly the same frequency in the "L2" secondary winding. However, we need to pay special attention to the ratio 
of the wire lengths of the two coil windings as we want these two windings to resonate together. A rule of thumb 
followed by most Tesla Coil builders is to have the same weight of copper in the L1 and L2 coils, which means 
that the wire of the L1 coil is usually much thicker than the wire of the L2 coil. Ifthe L1 coil is to be one quarter of 
the length of the L2 coil, then we would expect the cross-sectional area of the L1 coil to be four times that of the 
wire of the L2 coil (as the area is proportional to the square of the radius, and the square of two is four) 


Don uses a plastic tube as the former for his "L1" primary coil winding. As you can see here, the wire is fed into 
the former, leaving sufficient clearance to allow the former to slide all the way into the outer coil. The wire is fed 
up inside the pipe and out through another hole to allow the coil turns to be made on the outside of the pipe. 
There appear to be five turns, but Don does not always go for a complete number of turns, so it might be 4.3 turns 
or some other value. The key point here is that the length of wire in the "L1" coil turns should be exactly one 
quarter of the length of wire in the "L2" coil turns. 


The "L2" coil used here is a commercial 3-inch diameter unit from Barker & Williamson, constructed from 
uninsulated, solid, single-strand "tinned" copper wire. Don has taken this coil and unwound four turns at the 
centre of the coil in order to make a centre-tap. He then measured the exact length of wire in the remaining 
section and made the length of the "L1" coil turns to be exactly one quarter of that length. The wire used for the 
"L1" coil looks like Don's favourite "Jumbo Speaker Wire" which is a very flexible wire with a very large number of 
extremely fine uninsulated copper wires inside it. 


You will notice that Don has placed a plastic collar on each side of the winding, matching the thickness of the wire, 
in order to create a secure sliding operation inside the outer "L2" coil, and the additional plastic collars positioned 
further along the pipe provide further support for the inner coil. This sliding action allows the primary coil "L1" to 
be positioned at any point along the length of the "L2" secondary coil, and that has a marked tuning effect on the 
operation of the system. The outer "L2" coil does not have any kind of tube support but instead, the coil shape is 
maintained by the stiffness of the solid wire plus four slotted strips. This style of construction produces the highest 
possible coil performance at radio frequencies. With a Tesla Coil, it is most unusual to have the L1 coil of smaller 
diameter than the L2 coil. 
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The "L2" coil has two separate sections, each of seventeen turns. One point to note is the turns are spaced apart 
using slotted strips to support the wires and maintain an accurate spacing between adjacent turns. It must be 
remembered that spacing coil turns apart like this alters the characteristics of the coil, increasing it's "capacitance" 
factor substantially. Every coil has resistance, inductance and capacitance, but the form of the coil construction 
has a major effect on the ratio of these three characteristics. The coil assembly is held in position on the base 
board by two off-white plastic cable ties. The nearer half of the coil is effectively connected across the further half 
as shown in the circuit diagram above. 


One point which Don stresses, is that the length of the wire in the "L1" coil and the length of wire in the "L2" coil, 
must be an exact even division or multiple of each other (in this case, the "L2" wire length in each half of the "L2" 
coil is exactly four times as long as the "L1" coil wire length). This is likely to cause the "L1" coil to have part of a 
turn, due to the different coil diameters. For example, if the length of the "L2" coil wire is 160 inches and "L1" is to 
be one quarter of that length, namely, 40 inches. Then, if the "L1" coil has an effective diameter of 2.25 inches, 
(allowing for the thickness of the wire when wound on a 2-inch diameter former), then the "L1" coil would have 
5.65 (or 5 and 2/3) turns which causes the finishing turn of "L2" to be 240 degrees further around the coil former 
than the start of the first turn - that is, five full turns plus two thirds of the sixth turn. 


The L1 / L2 coil arrangement is a Tesla Coil. The positioning of the "L1" coil along the length of the "L2" coil, 
adjusts the voltage to current ratio produced by the coil. When the "L1" coil is near the middle of the "L2" coil, 
then the amplified voltage and amplified current are roughly the same. However, Don stresses that the "height" 
length of the coil (when standing vertically) controls the voltage produced while the coil "width" (the diameter of the 
turns) controls the current produced. 


The exact wire length ratio of the turns in the "L1" and "L2" coils gives them an almost automatic synchronous 
tuning with each other, and the exact resonance between them can be achieved by the positioning of the "L1" coil 
along the length of the "L2" coil. While this is a perfectly good way of adjusting the circuit, in the 1994 build shown 
in the photograph, Don has opted to get the exact tuning by connecting a capacitor across "L1" as marked as "C" 
in the circuit diagram. Don found that the appropriate capacitor value for his particular coil build, was about 0.1 
microfarad (100 nF) and so he connected two 47 nF high-voltage capacitors in parallel to get the value which he 
wanted. It must be remembered that the voltage across "L1" is very high, so a capacitor used in that position 
needs a voltage rating of at least 9,000 volts. Don remarks that the actual capacitors seen in the photograph of 
this prototype are rated at fifteen thousand volts, and were custom made for him using a "self-healing" style of 
construction. 


Don has also connected a small capacitor across the "L2" coil, and that optional component is marked as "C2" in 
the circuit diagram and the value used by Don happened to be a single 47nF, high-voltage capacitor. As the two 
halves of the "L2" coil are effectively connected across each other, it is only necessary to have one capacitor for 
"L2": 
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There are various ways of dealing with the output from the "L2" coil in order to get large amounts of conventional 
electrical power out of the device. The method shown here uses the four very large capacitors seen in the 
photograph. Each of these four capacitors are said to be 8 microfarad capacity with a 2,000 volt rating. In spite of 
the fact that they appear to be wired in parallel, Don states that they are in fact, wired in series to make a single 
capacitor of 2 microfarad capacity with an 8,000 volt rating. Don remarks that he has to be very careful to keep 
the voltage to the neon-tube driver circuit turned down in order to avoid getting more than 8,000 volts on these 
output storage capacitors. 


This capacitor bank is fed through a diode which is rated for both high voltage and high current, as Don states that 
the device produces 8,000 volts at 20 amps, in which case, this rectifying diode has to be able to handle that level 
of power, both at start-up when the capacitor bank is fully discharged and "L2" is producing 8,000 volts, and when 
the full load of 20 amps is being drawn. The actual diodes used by Don happen to be rated at 25 KV but that is a 
far greater rating than is actually needed. 


In passing, it might be remarked that the average home user will not have an electrical requirement of anything 
remotely like as large as this, seeing that 10 kW is more than most people use on a continuous basis, while 8 KV 
at 20 A is a power of 160 kilowatts. As the neon-tube driver circuit can put out 9,000 volts and since the L1 / L2 
coil system is a step-up transformer, if the voltage fed to the capacitor bank is to be kept down to 8,000 volts, then 
the Variac adjustment must be used to reduce the voltage fed to the neon-tube driver circuit, in order to lower the 
voltage fed to the L1 / L2 coil pair, typically, to 3,000 volts. 


A very astute and knowledgeable member of the EVGRAY Yahoo EVGRAY forum whose ID is "silverhealtheu" 
has recently pointed out that Don Smith says quite freely that he does not disclose all of the details of his designs, 
and it is his opinion that a major item which has not been disclosed is that the diodes in the circuit diagrams 
shown here are the wrong way round and that Don operates his voltages in reverse to the conventional way. In 
fact, the circuit diagram should be: 
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He comments: "the diodes leaving the Neon-tube Driver may need to be reversed as we want to collect the 
negative polarity. The spark gap will then operate on ambient inversion and the spark will look and sound totally 
different with a much faster crack and producing very little heat and even becoming covered in frost is possible. 


The Variac should be raised up just enough to get a spark going then backed off slightly. Any higher voltage is 
liable to make the Neon-tube Driver think that it has a short-circuit condition, and the new electronic designs will 
then shut down automatically and fail to operate at all if this method is not followed. 


When running, C, L1 and L2 operate somewhere up in the Radio Frequency band because the Neon-tube Driver 
only acts as a tank-circuit exciter. The large collection capacitor C3, should fill inverted to earth polarity as shown 
above. The load will then be pulling electrons from the earth as the cap is REFILLED back to ZERO rather than 
the joules in the capacitor being depleted. 


Also remember that the Back-EMF systems of John Bedini and others, create a small positive pulse but they 
collect a super large NEGATIVE polarity spike which shoots off the bottom of an oscilloscope display. This is 
what we want, plenty of this stored in capacitors, and then let the ambient background energy supply the current 
when it makes the correction." 


This is a very important point and it may well make a really major difference to the performance of a device of 
this nature. 
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One reader has drawn attention to the fact that Don's main document indicates that there should be a resistor "R" 
across the L1 coil as well as the capacitor "C" and he suggests that the circuit should actually be as shown above, 
considering what Don said earlier about his "suitcase" design. Another reader points out that the wire in the 
output choke shown in the photograph below appears to be wound with wire that is far too small diameter to carry 
the currents mentioned by Don. | seems likely that a choke is not needed in that position, but a more powerful 
choke can easily be wound using larger diameter wire. 


When the circuit is running, the storage capacitor bank behaves like an 8,000 volt battery which never runs down 
and which can supply 20 amps of current for as long as you want. The circuitry for producing a 220 volt 50 Hz AC 
output or a 110 volt 60 Hz AC output from the storage capacitors is just standard electronics. In passing, one 
option for charging the battery is to use the magnetic field caused by drawing mains-frequency current pulses 
through the output "choke" coil, shown here: 


This coil is 
not used 


The output current flows through the left hand winding on the brown cylindrical former, and when the photograph 
was taken, the right-hand winding was no longer in use. Previously, it had been used to provide charging power 
to the battery by rectifying the electrical power in the coil, caused by the fluctuating magnetic field caused by the 
pulsing current flowing through the left hand winding, as shown here: 
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The DC output produced by the four diodes was then used to charge the driving battery, and the power level 
produced is substantially greater than the minor current drain from the battery. Consequently, it is a sensible 
precaution to pass this current to the battery via a circuit which prevents the battery voltage rising higher than it 
should. A simple voltage level sensor can be used to switch off the charging when the battery has reached its 
optimum level. Other batteries can also be charged if that is wanted. Simple circuitry of the type shown in chapter 


12 can be used for controlling and limiting the charging process. The components on Don's board are laid out like 
this: 
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Don draws attention to the fact that the cables used to connect the output of "L2" to the output of the board, 
connecting the storage capacitors on the way, are very high-voltage rated cables with special multiple coverings to 
ensure that the cables will remain sound over an indefinite period. It should be remarked at this point, that the 
outer 3" diameter coil used by Don, is not wound on a former, but in order to get higher performance at high 
frequencies, the turns are supported with four separate strips physically attached to the turns - the technique 
described later in this document as being an excellent way for home construction of such coils. 


Please bear in mind that the voltages here and their associated power levels are literally lethal and 
perfectly capable of killing anyone who handles the device carelessly when it is powered up. When a 
replication of this device is ready for routine use, it must be encased so that none of the high-voltage 
connections can be touched by anyone. This is not a suggestion, but it is a mandatory requirement, 
despite the fact that the components shown in the photographs are laid out in what would be a most 
dangerous fashion were the circuit to be powered up as it stands. Under no circumstances, construct 
and test this circuit unless you are already experienced in the use of high-voltage circuits or can be 
supervised by somebody who is experienced in this field. This is a "one hand in the pocket at all times" 
type of circuit and it needs to be treated with great care and respect at all times, so be sensible. 


The remainder of the circuit is not mounted on the board, possibly because there are various ways in which the 
required end result can be achieved. The one suggested here is perhaps the most simple solution: 
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The voltage has to be dropped, so an iron-cored mains-frequency step-down transformer is used to do this. To 
get the frequency to the standard mains frequency for the country in which the device is to be used, an oscillator is 
used to generate that particular mains frequency. The oscillator output is used to drive a suitable high-voltage 
semiconductor device, be it an FET transistor, an IGBT device, or whatever. This device has to switch the 
working current at 8,000 volts, though admittedly, that will be a current which will be at least thirty six times lower 
than the final output current, due to the higher voltage on the primary winding of the transformer. The available 
power will be limited by the current handling capabilities of this output transformer. 


High-voltage 
semiconductor 


As the circuit is capable of picking up additional magnetic pulses, such as those generated by other equipment, 
nearby lightning strikes, etc. an electronic component called a "varistor" marked "V" in the diagram, is connected 
across the load. This device acts as a voltage spike suppressor as it short circuits any voltage above its design 
voltage, protecting the load from power surges. 


Don also explains an even more simple version of the circuit as shown here: 
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This simplified circuit avoids the need for expensive capacitors and the constraints of their voltage ratings, and the 
need for electronic control of the output frequency. The wire length in the turns of coil "L2" still needs to be exactly 
four times the wire length of the turns in coil "L1", but there is only one component which needs to be introduced, 
and that is the resistor "R" placed across the primary winding of the step-down isolation transformer. This 
transformer is a laminated iron-core type, suitable for the low mains frequency, but the output from "L2" is at much 
higher frequency. It is possible to pull the frequency down to suit the step-down transformer by connecting the 
correct value of resistor "R" across the output transformer (or a coil and resistor, or a coil and a capacitor). The 


value of resistor needed can be predicted from the American Radio Relay League graph (shown as Fig.44 in 
Don's .pdf document which can be downloaded from the www.free-energy-info.com website). The sixth edition of 
the Howard Sams book "Handbook of Electronics Tables and Formulas" (ISBN-10: 0672224690 or ISBN-13: 978- 
0672224690) has a table which goes down to 1 kHz and so does not need to be extended to reach the 
frequencies used here. The correct resistor value could also be found by experimentation. You will notice that an 
earthed dual spark gap has been placed across "L2" in order to make sure that the voltage levels always stay 
within the design range. Don remarks that he intends this particular device to be built by anyone who wants to, 
providing power for that person's needs and he states that some two hundred replications have already been built. 


Don also explains an even more simple version which does not need a Variac, high voltage capacitors or high 
voltage diodes. Here, a DC output is accepted which means that high-frequency step-down transformer operation 
can be used. This calls for an air-core transformer which you would wind yourself from heavy duty wire. Mains 
loads would then be powered by using a standard off-the-shelf inverter. In this version, it is of course, necessary 
to make the "L1" turns wire length exactly one quarter of the "L2" turns wire length in order to make the two coils 
resonate together. The operating frequency of each of these coils is imposed on them by the output frequency of 
the neon-tube driver circuit. That frequency is maintained throughout the entire circuit until it is rectified by the 
four diodes feeding the low-voltage storage capacitor. The target output voltage will be either just over 12 volts or 
just over 24 volts, depending on the voltage rating of the inverter which is to be driven by the system. The circuit 
diagram is: 
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As many people will find the nomograph chart in Don's pdf document very difficult to understand and use, here is 
an easier version: 
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The objective here is to determine the "reactance" or 'AC resistance' in ohms and the way to do that is as follows: 


Suppose that your neon-tube driver is running at 30 kHz and you are using a capacitor of 100 nF (which is the 
same as 0.1 microfarad) and you want to know what is the AC resistance of your capacitor is at that frequency. 
Also, what coil inductance would have that same AC resistance. Then the procedure for finding that out is as 
follows: 
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Draw a straight line from your 30 kHz frequency (purple line) through your 100 nanofarad capacitor value and 
carry the line on as far as the (blue) inductance line as shown above. 


You can now read the reactance ("AC resistance”) off the red line, which looks like 51 ohms to me. This means 
that when the circuit is running at a frequency of 30 kHz, then the current flow through your 100 nF capacitor will 
be the same as through a 51 ohm resistor. Reading off the blue "Inductance" line that same current flow at that 
frequency would occur with a coil which has an inductance of 0.28 millihenries. 


| have been passed a copy of Don’s circuit diagram for this device, and it is shown here: 
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The 4000V 30mA transformer shown in this circuit diagram, may use a ferrite-cored transformer from a neon-tube 
driver module which steps up the voltage but it does not raise the frequency as that is clearly marked at 120 Hz 
pulsed DC. You will notice that this circuit diagram is drawn with Plus shown below Minus (which is most 
unusual). 


Please note that when an earth connection is mentioned in connection with Don Smith's devices, we are talking 
about an actual wire connection to a metal object physically buried in the ground, whether it is a long copper rod 
driven into the ground, or an old car radiator buried in a hole like Tariel Kapanadze used, or a buried metal plate. 
When Thomas Henry Moray performed his requested demonstration deep in the countryside at a location chosen 
by the sceptics, the light bulbs which formed his demonstration electrical load, glowed more brightly with each 
hammer stroke as a length of gas pipe was hammered into the ground to form his earth connection. 


Don also explains an even more simple version of his main device. This version does not need a Variac (variable 
voltage transformer) or high voltage capacitors. Here, a DC output is accepted which means that high-frequency 
step-down transformer operation can be used. This calls on the output side, for an air-core (or ferrite rod core) 
transformer which you would wind yourself from heavy duty wire. Mains loads would then be powered by using a 
standard off-the-shelf inverter. In this version, it is of course, very helpful to make the "L1" turns wire length 
exactly one quarter of the "L2" turns wire length in order to make the two coils automatically resonate together. 
The operating frequency of each of these coils is imposed on them by the output frequency of the neon-tube 
driver circuit. That frequency is maintained throughout the entire circuit until it is rectified by the four diodes 
feeding the low-voltage storage capacitor. The target output voltage will be either just over 12 volts or just over 24 
volts, depending on the voltage rating of the inverter which is to be driven by the system. 


As the circuit is capable of picking up additional magnetic pulses, such as those generated by other equipment, 
nearby lightning strikes, etc. an electronic component called a "varistor" marked "V" in the diagram, is connected 
across the load. This device acts as a voltage spike suppressor as it short-circuits any voltage above its design 
voltage, protecting the load from power surges. A Gas-Discharge Tube is an effective alternative to a varistor. 


This circuit is effectively two Tesla Coils back-to-back and the circuit diagram might be: 
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It is by no means certain that in this circuit, the red and blue windings are wound in opposing directions. The 
spark gap (or gas-discharge tube) in series with the primary of the first transformer alters the operation in a 
somewhat unpredictable way as it causes the primary to oscillate at a frequency determined by it's inductance and 
its self-capacitance, and that may result in megahertz frequencies. The secondary winding(s) of that transformer 
must resonate with the primary and in this circuit which has no frequency-compensating capacitors, that 
resonance is being produced by the exact wire length in the turns of the secondary. This looks like a simple 
circuit, but it is anything but that. The excess energy is produced by the raised frequency, the raised voltage, and 
the very sharp pulsing produced by the spark. That part is straightforward. The remainder of the circuit is likely to 
be very difficult to get resonating as it needs to be in order to deliver that excess energy to the output inverter. 


When considering the “length” of wire in a resonant coil, it is necessary to pay attention to the standing wave 
created under those conditions. The wave is caused by reflection of the signal when it reaches the end of the wire 
OR when there is a sudden change in the diameter of the wire as that changes the signal reflection ability at that 
point in the connection. You should pay attention to Richard Quick's very clear description of this in the section of 
his patent which is included later on in this chapter. Also, remember what Don Smith said about locating the 
peaks of the standing wave by using a hand-held neon lamp. 


One very significant thing which Don pointed out is that the mains electricity available through the wall socket in 
my home, does not come along the wires from the generating station. Instead, the power station influences a 
local ‘sub-station’ and the electrons which flow through my equipment actually come from my local environment 
because of the influence of my local sub-station. Therefore, if | can create a similar influence in my home, then | 
no longer need that sub-station and can have as much electrical energy as | want, without having to pay 
somebody else to provide that influence for me. 


A Practical Implementation of one of Don Smith's Designs 


The objective here, is to determine how to construct a self-powered, free-energy electrical generator which has no 
moving parts, is not too expensive to build, uses readily available parts and which has an output of some 
kilowatts. However, under no circumstances should this document be considered to be an encouragement for 
you, or anyone else to actually build one of these devices. This document is presented solely for information and 
educational purposes, and as high voltages are involved, it should be considered to be a dangerous device 
unsuited to being built by inexperienced amateurs. The following section is just my opinions and so should not be 
taken as tried and tested, working technology, but instead, just the opinion of an inexperienced writer. 


However, questions from several different readers indicate that a short, reasonably specific description of the 
steps needed to attempt a replication of a Don Smith device would be helpful. Again, this document must not be 
considered to be a recommendation that you actually build one of these high-voltage, potentially dangerous 
devices. This is just information intended to help you understand what | believe is involved in this process. 


In broad outline, the following steps are used in the most simple version of the arrangement: 


1. The very low frequency and voltage of the local mains supply is discarded in favour of an electrical supply 
which operates at more than 20,000 Hz (cycles per second) and has a voltage of anything from 350 volts to 
10,000 volts. The higher voltages can give greater overall output power, but they involve greater effort in 
getting the voltage back down again to the level of the local mains voltage in order for standard mains 
equipment to be used. 


2. This high-frequency high voltage is used to create a series of very rapid sparks using a spark gap which is 
connected to a ground connection. Properly done, the spark frequency is so high that there is no audible 
sound caused by the sparks. Each spark causes a flow of energy from the local environment into the circuit. 
This energy is not standard electricity which makes things hot when current flows through them, but instead this 
energy flow causes things to become cold when the power flows through them, and so it is often called “cold” 
electricity. It is tricky to use this energy unless all you want to do is light up a series of light bulbs (which 


incidentally, give out a different quality of light when powered with this energy). Surprisingly, the circuit now 
contains substantially more power than the amount of power needed to produce the sparks. This is because 
additional energy flows in from the ground as well as from the local environment. If you have conventional 
training and have been fed the myth of “closed systems”, then this will seem impossible to you. So, let me ask 
you the question: if, as can be shown, all of the electricity flowing into the primary winding of a transformer, 
flows back out of that winding, then where does the massive, continuous flow of electricity coming from the 
secondary winding come from? None of it comes from the primary circuit and yet millions of electrons flow out 
of the secondary in a continuous stream which can be supplied indefinitely. So, where do these electrons 
come from? The answer is ‘from the surrounding local environment which is seething with excess energy’ but 
your textbooks won't like that fact as they believe that the transformer circuit is a ‘closed system’ — something 
which probably can’t be found anywhere in this universe. 


3. This high-voltage, high-frequency, high-power energy needs to be converted to the same sort of hot electricity 
which comes out of a mains wall socket at the local voltage and frequency. This is where skill and 
understanding come into play. The first step is to lower the voltage and increase the available current with a 
step-down resonant transformer. This sounds highly technical and complicated, and looking at Don Smith’s 
expensive Barker & Williamson coil, makes the whole operation appear to be one for rich experimenters only. 
This is not the case and a working solution can be cheap and easy. Itis generally not convenient to get the 
very high voltage all the way down to convenient levels in a single step, and so, one or more of those resonant 
transformers can be used to reach the target voltage level. Each step down transformer boosts the available 
current higher and higher. 


4. When a satisfactory voltage has been reached, we need to deal with the very high frequency. The easiest way 
to deal with it is to use high-speed diodes to convert it to pulsing DC and feed that into a capacitor to create 
what is essentially, an everlasting battery. Feeding this energy into a capacitor converts it into conventional 
“hot” electricity and a standard off-the-shelf inverter can be used to give the exact voltage and frequency of the 
local mains supply. In most of the world, that is 220 volts at 50 cycles per second. In America it is 110 volts at 
60 cycles per second. Low-cost inverters generally run on either 12 volts or 24 volts with the more common 12 
volt units being cheaper. 


So, let’s take a look at each of these step in more detail and see if we can understand what is involved and what 
Our options are: 


1. We want to produce a high-voltage, high-frequency, low-current power source. Don Smith shows a Neon-Sign 
Transformer module. His module produced a voltage which was higher than was convenient and so he used a 
variable AC transformer or “Variac” as it is commonly known, to lower the input voltage and so, lower the output 
voltage. There is actually no need for a Variac as we can handle the higher voltage or alternatively, use a more 
Suitable Neon-Sign Transformer module. 


However, we have a problem with using that technique. In the years since Don bought his module, they have 
been redesigned to include circuitry which disables the module if any current flows out of it directly to earth, and 
as that is exactly what we would want to use it for, so most, if not all of the currently available neon-sign 
transformer modules are not suitable for our needs. However, I’m told that if the module has an earth wire and 
that earth wire is left unconnected, that it disables the earth-leakage circuitry, allowing the unit to be used ina 
Don Smith circuit. Personally, | would not recommend that if the module is enclosed in a metal housing. 


A much cheaper alternative is shown here: http:/Awww.youtube.com/watch?v=RDDRe 4D930 where a small 
plasma globe circuit is used to generate a high-frequency spark. It seems highly likely that one of those 
modules would suit our needs: 


MODULE WITHOUT 
THE PLASMA GLOBE 


An alternative method is to build your own power supply from scratch. Doing that is not particularly difficult and 
if you do not understand any electronics, then perhaps, reading the beginner’s electronics tutorial in chapter 12 
(http://www free-energy-info.com/Chapter12.pdf) will fill you in on all of the basics needed for understanding 
(and probably designing your own) circuits of this type. Here is a variable frequency design for home- 
construction: 
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One advantage of this circuit is that the output transformer is driven at the frequency set by the 555 timer and 
that frequency is not affected by the number of turns in the primary winding, nor it’s inductance, wire diameter, 
or anything else to do with the coil. While this circuit shows the rather expensive IRF9130 transistor, | expect 
that other P-channel FETs would work satisfactorily in this circuit. The IRF9130 transistor looks like this: 


The circuit has a power supply diode and capacitor, ready to receive energy from the output at some later date 
If that is possible and desired. The 555 circuit is standard, giving a 50% Mark/Space ratio. The 10 nF capacitor 
is there to maintain the stability of the 555 and the timing section consists of two variable resistors, one fixed 
resistor and the 1 nF capacitor. This resistor arrangement gives a variable resistance of anything from 100 
ohms to 51.8K and that allows a substantial frequency range. The 47K (Linear) variable resistor controls the 
main tuning and the 4.7K (Linear) variable resistor gives a more easily adjustable frequency for exact tuning. 
The 100 ohm resistor is there in case both of the variable resistors are set to zero resistance. The output is fed 


through a 470 ohm resistor to the gate of a very powerful P-channel FET transistor which drives the primary 
winding of the output transformer. 


The output transformer can be wound on an insulating spool covering a ferrite rod, giving both good coupling 
between the windings, and high-frequency operation as well. The turns ratio is set to just 30:1 due to the high 
number of primary winding turns. With a 12-volt supply, this will give a 360-volt output waveform, and by 
reducing the primary turns progressively, allows the output voltage to be increased in controlled steps. With 10 
turns in the primary, the output voltage should be 3,600 volts and with just 5 turns 7,200 volts. The higher the 
voltage used, the greater the amount of work needed later on to get the voltage back down to the output level 
which we want. 


Looking at the wire specification table, indicates that quite a small wire diameter could be used for the oscillator 
output transformer’s secondary winding. While this is perfectly true, it is not the whole story. Neon Tube 
Drivers are very small and the wire in their output windings is very small diameter indeed. Those driver 
modules are very prone to failure. If the insulation on any one turn of the winding fails and one turn becomes a 
short-circuit, then that stops the winding from oscillating, and a replacement is needed. As there are no 
particular size constraints for this project, it might be a good idea to use enamelled copper wire of 0.45 mm or 
larger in an attempt to avoid this insulation failure hazard. No part of the transformer coil spool should be metal 
and it would not be any harm to cover each layer of secondary winding with a layer of electrical tape to provide 
additional insulation between the coil turns in one layer and the turns in the layer on top of it. 


A plug-in board layout might be: 
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Please remember that you can't just stick your average voltmeter across a 4 kV capacitor (unless you really do 
want to buy another meter) as they only measure up to about a thousand volts DC. So, if you are using high 
voltage, then you need to use a resistor-divider pair and measure the voltage on the lower resistor. But what 
resistor values should you use? If you put a 10 Megohm resistor across your 4 kV charged capacitor, the 
current flowing through the resistor would be 0.4 milliamps. Sounds tiny, doesn’t it? But that 0.4 mA is 1.6 
watts which is a good deal more than the wattage which your resistor can handle. Even using this 
arrangement: 


VOLTMETER 
1000 


the current will be 0.08 mA and the wattage per resistor will be 64 mW. The meter reading will be about 20% of 
the capacitor voltage which will give a voltmeter reading of 800 volts. The input resistance of the meter needs 
to be checked and possibly, allowed for as the resistance in this circuit is so high (see chapter 12). When 
making a measurement of this type, the capacitor is discharged, the resistor chain and meter attached, and 


then, and only then, is the circuit powered up, the reading taken, the input power disconnected, the capacitor 
discharged, and the resistors disconnected. High-voltage circuits are highly dangerous, especially so, where a 
capacitor is involved. The recommendation to wear thick rubber gloves for this kind of work, is not intended to 
be humorous. Circuits of this type are liable to generate unexpected high-voltage spikes, and so, it might be a 
good idea to connect a varistor across the meter to protect it from those spikes. The varistor need to be set to 
the voltage which you intend to measure and as varistors may not be available above a 300V threshold, two or 
more may need to be connected in series where just one is shown in the diagram above. The varistor should 
not have a higher voltage rating than your meter. 


2. We now need to use this high voltage to create a strategically positioned spark to a ground connection. When 
making an earth connection, it is sometimes suggested that connecting to water pipes or radiators is a good 
idea as they have long lengths of metal piping running under the ground and making excellent contact with it. 
However, it has become very common for metal piping to be replaced with cheaper plastic piping and so any 
proposed pipe connection needs a check to ensure that that there is metal piping which runs all the way into 
the ground. 


Neon Gas-Discharge Tube 


The spark gaps shown can be commercial high-voltage gas discharge tubes, adjustable home-made spark 
gaps with stainless steel tips about 1 mm apart, car spark plugs, or standard neon bulbs, although these run 
rather hot in this application. A 15 mm x 6 mm size neon bulb operates with only 90 or 100 volts across it, it 
would take a considerable number of them connected in series to create a high voltage spark gap, but it is 
probably a misconception that the spark gap itself needs a high voltage. Later on in this chapter, there is an 
example of a very successful system where just one neon bulb is used for the spark gap and an oscillating 
magnetic field more than a meter wide is created when driven by just an old 2,500 volt neon-sign transformer 
module. If using a neon bulb for the spark gap, then an experienced developer recommends that a 22K 
resistor is used in series with the neon in order to extend it’s working life very considerably. 


This circuit is one way to connect the spark gap and ground connection: 
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This is an adaption of a circuit arrangement used by the forum member “SLOW-'N-EASY” on the Don Smith 
topic in the energeticforum. Here, he is using a 'LowGlow neon transformer intended for use on a bicycle. The 
diodes are there to protect the high-voltage power supply from any unexpected voltage spikes created later on 
in the circuit. The spark gap is connected between the primary winding of a step-up transformer and the earth 
connection. No capacitor is used. Seeing this circuit, we immediately think of Don Smith's large and expensive 
coils, but this experimenter does not use anything like that. Instead, he winds his transformer on a simple 
plastic former like this: 
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And to make matters ‘worse’ the primary winding wire is just 9 inches (228.6 mm) long and the secondary just 
36 inches (914.4 mm) long, the primary being wound directly on top of the secondary. Not exactly a large or 
expensive construction and yet one which appears to perform adequately in actual tests. 


This is a very compact form of construction, but there is no necessity to use exactly the same former for coils, 
nor is there anything magic about the nine-inch length of the L1 coil, as it could easily be any convenient length, 
say two feet or 0.5 metres, or whatever. The important thing is to make the L2 wire length exactly four times 
that length, cutting the lengths accurately. It is common practice to match the weight of copper in each coil and 
so the shorter wire is usually twice the diameter of the longer wire. 


The circuit above, produces a cold electricity output of high voltage and high frequency. The voltage will not be 
the same as the neon transformer voltage, nor is the frequency the same either. The two coils resonate at their 
own natural frequency, unaltered by any capacitors. 


3. The next step is to get the high voltage down to a more convenient level, perhaps, like this: 


10% UFS408 


Low-power 

High voltage 36" 20.57 T 95.14 T 
High frequency 30 AWG 26 AWS 
Power Supply 


10x UFS408 


Here, an identical transformer, wound in exactly the same way, is used in reverse, to start the voltage lowering 
sequence. The wire length ratio is maintained to keep the transformer windings resonant with each other. 


Supposing we were to wind the L2 coil of this second transformer in a single straight winding and instead of 
winding just one L1 winding on top of it, two or more L1 identical windings were placed on top of it — what would 


happen?: 
L1 L1 L1 
EO DDD L2 


Now for a comment which will seem heretical to people steeped in the present day (inadequate) level of 
technology. The power flowing in these transformers is cold electricity which operates in an entirely different 
way to hot electricity. The coupling between these coils would be inductive if they were carrying hot electricity 
and in that case, any additional power take-off from additional L1 coils would have to be ‘paid’ for by additional 
current draw through the L2 coil. However, with the cold electricity which these coils are actually carrying, the 
coupling between the coils is magnetic and not inductive and that results in no increase in L2 current, no matter 
how many L1 coil take-offs there are. Any additional L1 coils will be powered for free. However, the position of 
the coils relative to each other has an effect on the tuning, so the L1 coil should be in the middle of the L2 coil, 
which means that any additional L1 coils are going to be slightly off the optimum tuning point. 


4. Anyway, following through on just one L1 coil, there is likely to be at least one further step-down transformer 
needed and eventually, we need conversion to hot electricity: 
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Probably the easiest conversion is by feeding the energy into a capacitor and making it standard DC. The 
frequency is still very high, so high-speed diodes (such as the 75-nanosecond UF54008) are needed here 
although the voltage level is now low enough to be no problem. The DC output can be used to power an inverter 
so that standard mains equipment can be used. It is not necessary to use just one (expensive) large-capacity 
inverter to power all possible loads as it is cheaper to have several smaller inverters, each powering it's own set of 
equipment. Most equipment will run satisfactorily on square-wave inverters and that includes a mains unit for 
powering the input oscillator circuit. 


PVC pipe is not a great material when using high-frequency high-voltage signals, and grey PVC pipe is a 
particularly poor coil former material. The much more expensive acrylic pipe is excellent, but if using PVC, then 
performance will be better if the PVC pipe is coated with an insulating lacquer (or table tennis balls dissolved in 
acetone as show on YouTube). 


However, there are some other factors which have not been mentioned. For example, if the L1 coil is wound 
directly on top of the L2 coil, it will have roughly the same diameter and so, the wire being four times longer, will 
have roughly four times as many turns, giving a step-up or step-down ratio of around 4:1. If, on the other hand, 
the coil diameters were different, the ratio would be different as the wire lengths are fixed relative to each other. If 
the L2 coil were half the diameter of the L1 coil, then the turns ratio would be about 8:1 and at one third diameter, 
12:1 and at a quarter diameter 16:1 which means that a much greater effect could be had from the same wire 
length by reducing the L2 coil diameter. However, the magnetic effect produced by a coil is linked to the cross- 
sectional area of the coil and so a small diameter is not necessarily at great advantage. Also, the length of the L1 
coil wire and number of turns in it, affect the DC resistance, and more importantly, the AC impedance which 
affects the amount of power needed to pulse the coil. 


It is also thought that having the same weight of copper in each winding gives an improved performance, but what 
is not often mentioned is the opinion that the greater the weight of copper, the greater the effect. You will recall 
that Joseph Newman (chapter 11) uses large amounts of copper wire to produce remarkable effects. So, while 9 
inches and 36 inches of wire will work for L1 and L2, there may well be improved performance from longer lengths 
of wire and/or thicker wires. 


We should also not forget that Don Smith pointed out that voltage and current act (out of phase and) in opposite 
directions along the L2 coil, moving away from the L1 coil: 


+ Volts Amperes => 


L-2 


It has been suggested that a greater and more effective power output can be obtained by splitting the L2 coil 
underneath the L1 coil position, winding the second part of L2 in the opposite direction and grounding the junction 
of the two L2 windings. Don doesn’t consider it necessary to reverse the direction of winding. The result is an L2 
winding which is twice as long as before and arranged like this: 
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Here, the additional high-voltage diodes allow the two out of phase windings to be connected across each other. 
You will notice that this arrangement calls for two separate earth connections, both of which need to be high- 
quality connections, something like a pipe or rod driven deeply into moist soil or alternatively, a metal plate or 
similar metal object of substantial surface area, buried deep in moist earth, and a thick copper wire or copper braid 
used to make the connection. These earthing points need to be fairly far apart, say, ten metres. A single earth 
connection can't be used as that would effectively short-circuit across the L1/L2 transformer which you really do 
not want to do. 


With this arrangement, the outline circuit becomes: 
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The thick earth wiring is helpful because in order to avoid the earth wire being included in the resonant wire 
length, you need a sudden change in wire cross-section: 


These are just some ideas which might be considered by some experienced developer who may be thinking of 
investigating Don Smith style circuitry. 


To give you some idea of the capacity of some commercially available wires when carrying hot electricity, this 
table may help: 
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It is recommended that the wire have a current carrying capacity of 20% more than the expected actual load, so 
that it does not get very hot when in use. The wire diameters do not include the insulation, although for solid 
enamelled copper wire, that can be ignored. 


There is a most impressive video and circuit shown at http://youtu.be/Q3vr6qmOwLw where a very simple 


arrangement produces an immediately successful performance for the front end of Don’s circuitry. The circuit 
appears to be: 
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Here, a simple Neon Sign Transformer module which has no earth connection, is used to produce a 2.5 kV 
voltage with a frequency of 25 kHz and a maximum output current capacity of 12 mA. There is no difficulty in 
constructing the equivalent to that power supply unit. The two outputs from the module are converted to DC by a 
chain of four 1N4007 diodes in series in each of the two outputs (each chain being inside a plastic tube for 
insulation). 


This output is fed through an optional 22K resistor via a neon lamp to a microwave oven capacitor which happens 
to be 874 nF with a voltage rating of 2,100 volts. You might feel that the voltage rating of the capacitor is too low 
for the output voltage of the neon sign module, but the neon has a striking voltage of just 90 volts and so the 
capacitor is not going to reach the output voltage of the power supply. The resistors are solely to extend the life of 
the neons as the gas inside the tube gets a considerable jolt in the first nanosecond after switch-on. It is unlikely 
that omitting those resistors would have any significant effect, but then, including them is a trivial matter. The 
second neon feeds the primary of the resonant transformer which is only shown in notional outline in the diagram 
above as the developer suggests that the primary acts as a transmitter and that any number of receiving coils can 
be used as individual secondaries by being tuned to the exact frequency of that resonating primary. 
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In the video showing this arrangement, the developer demonstrates the fluctuating, high-frequency field which 
extends for some four feet (1.2 m) around the coil. He also remarks that the single neons in his arrangement 
could each be replaced with two neons in series. In test which I ran, | found that | needed two neons in series 
ahead of the capacitor in order to get continuous lighting of the output neon. Also, one of the diodes needed to be 
reversed so that one faced towards the input and one away from it. It did not matter which diode was reversed as 
both configurations worked. Again, please note that this presentation is for information purposes only and it is 
NOT a recommendation that you should actually build one of these devices. Let me stress again that this is a 
high-voltage device made even more dangerous by the inclusion of a capacitor, and it is quite capable of killing 


you, so, don't build one. The developer suggests that it is an implementation of the “transmitter” section of Don's 
Transmitter/multiple-receivers design shown below. However, before looking at that design, there is one question 
which causes a good deal of discussion on the forums, namely, if the centre-tap of the L2 secondary coil is 
connected to ground, then should that earth-connection wire length be considered to be part of the quarter length 
of the L1 coil? To examine this possibility in depth, the following quote from Richard Quick’s very clear 
explanation of resonance in his US patent 7,973,296 of 5th July 2011 is very helpful. 


However, the simple answer is that for there to be exact resonance between two lengths of wire (whether or not 
part, or all of those lengths of wire happen to be wound into a coil), then one length needs to be exactly four times 
as long as the other, and ideally, half the diameter as well. At both ends of both lengths of wire, there needs to be 
a sudden change in wire diameter and Richard explains why this is. But, leaving that detailed explanation for now, 
we can use that knowledge to explain the above simplified system in more detail. Here is the circuit again: 
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One very important point to note is that no earth connection is required and in spite of that, the performance 
shown on video is very impressive. While an earth connection can feed substantial power into the circuit, not 
needing one for the front end is an enormous advantage and potentially, opens the way for a truly portable device. 
Another very important point is the utter simplicity of the arrangement where only cheap, readily available 
components are used (and not many of those are needed). The resistors for extending the life of the neon bulbs 
are not shown, but they can be included if desired and the circuit operation is not altered significantly by having 
them there. If a higher spark voltage is wanted, then two or more neon bulbs can be used in series where these 
circuit diagrams show just one. 


A point to note is that the lower diode is shown reversed when compared to the previous diagram. This is 
because the power supply shown is any generic power supply which drives a simple output coil which does not 
have a centre tap. The neon supply of the earlier diagram appears to have two separate outputs which will, 
presumably, be out of phase with each other as that is common practice for neon-sign driver modules. If you 
wish, the two diodes shown here could be replaced by a diode bridge of four high-voltage, high-speed diodes. 


The wire lengths of L1 and L2 are measured very accurately from where the wire diameter changes suddenly, as 
indicated by the red dashed lines. The L2 wire length is exactly four times as long as the L1 wire length and the 
L2 wire diameter is half of the L1 wire diameter. 


How long is the L1 wire? Well, how long would you like it to be? It can be whatever length you want and the 
radius of the L1 coil can be whatever you want it to be. The theory experts will say that the L1 coil should 
resonate at the frequency of the power feeding it. Well, good for them, | say, so please tell me what frequency 
that is. It is not going to be the frequency of the power supply as that will be changed by at least one of the neon 
bulbs. So, what frequency will the neon bulb produce? Not even the manufacturer could tell you that as there is 
quite a variation between individual bulbs which are supposedly identical. 


Actually, it doesn’t matter at all, because the L1 coil (and the L2 coil if you measure them accurately) has a 
resonant frequency all of its own and it will vibrate at that frequency no matter what the frequency feeding it 
happens to be. A coil resonates in very much the same way that a bell rings when it is struck. It doesn’t matter 
how hard you strike the bell or how rapidly you strike it — the bell will ring at it's own natural frequency. So the L1 
coil will resonate at it's own natural frequency no matter what rate the voltage spikes striking it arrive, and as the 
L2 coil has been carefully constructed to have exactly that same frequency, it will resonate in synchronisation with 
the L1 coil. 


This means that the length of the wire for the L1 coil is the choice of the builder, but once that length is chosen it 
determines the length of the wire for the L2 coil as that is exactly four times as long, unless the builder decides to 
use an arrangement which has L2 wound in both the Clockwise and counter-clockwise directions, in which case, 
each half of the L2 coil will be four times the length of the wire in the L1 coil, like this: 
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Mind you, there is one other factor to be considered when deciding what the most convenient wire length for L1 
might be, and that is the number of turns in the L1 coil. The larger the ratio between the turns in L1 and the turns 
in L2, the higher the voltage boost produced by the L1/L2 transformer, and remember that the length of L2 is fixed 
relative to the length of L1. 


So, a possible circuit style might be: 
10% UF5408 
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There are some important points to remember. One is that there must be a sudden change of wire diameter at 
both ends of each L1 coil and at the ends of each L2 coil. If there isn’t, then the connecting wire length will form 
part of the coil and if there is some change in diameter but not very much, then it is anybody’s guess what the 
resonant wire length for that coil will be. There can be as many step-down isolation air-core L1/L2 transformers as 
desired and these do not need to be particularly large or expensive. 


The builder of this circuit put it together in just a few minutes, using components which were to hand, including the 
microwave oven capacitor marked “C” in the diagrams above. That capacitor is isolated on both sides by the 
neon bulb spark gaps and so it will have no modifying effect on the resonant frequency of any of the coils in this 
circuit. But it is vital to understand that the energy stored in that capacitor can, and will, kill you instantly if you 
were to touch it, so let me stress once again that this information is NOT a recommendation that you actually build 
this circuit. The DC output from the circuit is intended to power a standard inverter, which in turn, would be 
perfectly capable of powering the high voltage, high frequency input oscillator. 


One final point is that as demonstrated in the video, the oscillating magnetic field produced by the L1 coil can 
power several identical L2 coils, giving several additional power outputs for no increase in input power, because 
the coupling is magnetic and not inductive as mentioned earlier in this chapter. Please notice that neither the L1 
coil nor the L2 coil has a capacitor connected across it, so resonance is due solely to wire length and no 
expensive high-voltage capacitors are needed to get every L1/L2 coil pair resonating together. One possible 
arrangement might be like this: 
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Where two of the L2 coils are shown connected together to give increased output power. This arrangement uses 
low-voltage inexpensive components for the output stages and there is no obvious limit to the amount of output 
power which could be provided. As the circuit operates at high frequency throughout, there is no particular need 
for additional L2 coils to be placed physically inside the L1 coil: 


However, there can be an advantage to this arrangement in that the wire length of the L1 coil is greater, which in 
turn makes the wire length of each L2 coil greater (being four times longer). This gives greater flexibility when 
planning the turns ratio of the L1/L2 transformer. The voltage step-up or step-down of that transformer happens to 
be in the ratio of the turns, in spite of the fact that this is not inductive coupling and so standard transformer 
technology does not apply. 


When you choose the number of turns and coil diameter for L1, that also gives the length of the L2 wire. In order 
to get the desired output voltage, if perhaps, the step-down ratio is needed to be an amount of 46:1, then you 
need 46 times the number of L1 turns on the L2 coil. That means that you know both the wire length and number 
of turns wanted in the L2 coil. But, as each turn will have a length of 3.14159 times the diameter, it follows then 
that the wanted diameter is the wire length per turn, divided by 3.14159. The wire sits on top of the tube on which 
it is wound and so has a greater diameter by one wire thickness, so the calculated tube diameter needs to be 
reduced by one wire diameter. For example, if the length per turn is 162 mm and the wire diameter 0.8 mm, then 
the tube diameter would be 162 / 3.14159 — 0.8 which is 50.766 mm (just over two inches). 


Now for Richard's explanation of the resonant frequency of any length of wire: 


“Quarter-Wave” Resonance; Standing Electromagnetic Waves” 


One of the two main types is electrical resonance is referred to here as quarter-wave resonance. This type of 
resonance depends almost entirely on the length of a wire element For reasons described below, if a segment or 
length of wire is one quarter as long as the “voltage waves” which are travelling through the wire, then a set of 
“reflected” waves will be added to the emitted waves, in a synchronised alignment which creates stronger 
“superimposed waves”. 


Accordingly, an understanding of the “quarter-wave” phenomenon will help a reader understand how a 
straightforward and easily-controlled factor (i.e., the length of a wire ribbon which will be used to form a spiral coil) 
can help create a “quarter-wave” resonant response, which will create the types of electromagnetic pulses and 
fields referred to as “standing waves”. 


The speed at which a voltage impulse is transmitted through a metal wire is extremely fast. It is essentially the 
same as the speed of light, which travels 300 million meters (186,000 miles) in a single second (that distance 
would circle the earth more than 7 times). 


If wavelength (in meters) is multiplied by frequency (cycles per second), the result will be the speed of light, 300 
million meters/second. Therefore, the wavelength of an “alternating current” (AC) voltage, at some particular 
frequency, will be the speed of light, divided by which frequency. 


Therefore, using simple division, if an alternating voltage operates at a frequency of 1 megahertz (MHZ), which is 
a million cycles per second, then the “wavelength” at that frequency will be 300 meters. If the frequency halves 
become 500 kilohertz, the wavelength becomes twice as long (600 meters); and, if the frequency were to increase 
to 2 megahertz, the wavelength drops to 150 meters. 


It should be noted which the term “cycles” is what scientists call “a dimensionless unit”, which drops out and 
becomes silent when other physical terms are multiplied or divided. 


At AC frequencies of 10 kilohertz or greater, the common references to “alternating current” (AC) voltage begin 
using a different term, which is “radio-frequency” (RF) voltage. Accordingly, RF voltage is a form (or subset) of AC 
voltage, which operates at frequencies higher than 10 kilohertz. RF power generators are readily available, and 


are sold by numerous companies which can be easily located by an Internet search, using the term “RF power 
generator”. For example, Hotek Technologies Inc. (hotektech.com) sells two RF power generators, called the AG 
1024 and AG 1012 models, which can provide output power at frequencies ranging from 20 kHz to 1 MHz; the 
1012 model has a power output of 1000 watts, while the 1024 model has a power output of 2000 watts. The 
output frequency of any such RF power supply can be adjusted and “tuned” across the entire range of operating 
frequencies, merely by turning knobs or manipulating other controls in a power supply of this type. 


Ina wire having a fixed and unchanging length, the easiest way to create a “standing wave” is to adjust the RF 
frequency emitted by a power supply with an adjustable frequency, until the “tuned” frequency creates a 
wavelength which is 4 times as long as the wire. This principle is well-known to physicists, and it is commonly 
referred to as “quarter-wave” behaviour, since the length of the wire segment must be one quarter as long as the 
wavelength. Since it is important to this invention, the principles behind it are illustrated in a series of drawings 
provided in Fig.1 to Fig.4, all of which are well-known prior art. 
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Fig.1A indicates an idealized wavelength of an alternating voltage, depicted by a sine wave which is being sent 
from an AC power supply (shown by a circle at the left end of a horizontal straight wire) into the “input” end of the 
wire. The voltage waves travel through the wire towards the right, as indicated by the block arrow in Fig.1A. 
When the waves reach the end of the wire, they cannot leave the wire (at least, not in a simplified and “ideal” 
system, which is being assumed and used here to explain the principle of how a simple straight wire can create a 
standing wave). Therefore, the voltage wave will effectively “bounce” or “reflect” back from the tip of the wire, and 
the “reflected wave” will begin travelling back through the wire, going in the opposite direction, as indicated by the 
left-pointing block arrow in Fig.1B. 


Because of the laws of conservation of energy, the reflection and “return travel” of these types of waves, when 
they bounce off the tip of a wire, is actually quite good, and rather efficient, as discussed below, provided which 
the wire tip does not emit sparks, arc discharges, or other forms of “escaping” electrical energy. 


Accordingly, Fig.1A depicts a set of “emitted waves” travelling towards the right, while Fig.1B depicts an idealised 
set of “reflected waves” travelling toward the left along the same wire. 


Fig.1C illustrates what happens when both sets of waves (emitted and reflected) are superimposed on each other. 
Since the two sets of waves are travelling at exactly the same speed, and since they have exactly the same 
wavelength, they will create a “standing wave” pattern when they are added together. As can be visualised from 
Fig.1C, there will be a set of locations, along the length of the wire, which can be referred to as “peak nodes”, 
where the AC voltage reaches it's maximum. 


At a location halfway between a pair of adjacent “peak nodes”, there will be a spot which can be called a “null 
node”, a “zero node”, a trough or valley node, or similar terms. At each “null node” location, the AC voltage will 
appear to be not fluctuating at all. Those are the sites, along the length of the wire, where each “positive” hump 
(created by a sine wave travelling toward the right) will be counter-balanced and offset by a “negative hump” with 
exactly the same height, travelling at an identical speed toward the left. 


As a result, this type of response within a wire creates a “standing wave”. If the instantaneous voltage is 
measured at a “null node”, it would appear that nothing is happening, in terms of fluctuating voltage. Furthermore, 
the “null node” will not be moving, along the length of the wire; instead, it will appear to be standing still. 


This can be demonstrated, in a coil, by using a “grounded lead” to test for voltages along the length of a coil. Ifa 
“grounded lead” coupled to a volt meter is used to touch the surfaces of a series of strands in a non-insulated coil 
(such as a coil made of thin copper tubing, wrapped around a plastic cylindrical shape, as used in the types of 
large transformers used by hobbyists to create “Tesla coils” which will emit large and visually impressive electrical 
arcs), the “test lead” will detect no apparent voltage at a null node, which will occur at some particular strand in the 
coil. At a different strand of the coil, the “test lead” will detect an alternating voltage which has twice the strength 
and intensity of the voltage being emitted by the power supply. 


If voltage is measured at a “peak node”, the voltage will be doing something which can be called, using vernacular 
or laymen's terms, “the full-tilt boogie”. The AC voltage levels will be moving back and forth, between: (i) a very 
high and intense positive voltage, to (ii) an equally intense negative voltage. This is indicated by the “bubble” 
shapes shown along the wire in Fig.1C. 


The “bubbles” which are shown in Fig.1C can help someone understand how standing waves are created, and 
how they act in a synchronised manner. However, which drawing fails to show another result which is very 
important in what actually happens in a standing wave. For purposes of description and analysis at this 
introductory level, the system can be assumed to be “ideal”, which implies a perfect “mirror-image” reflection of 
each wave from the right end of the wire. An “ideal” system also implies that no reflections occur at the left hand 
end of the wire where the power supply is located, and all “reflected” wave activity simply ceases. In real circuits 
and wires of this type, second and third order reflections do in fact occur, and they are used to further increase the 
strength and power output of these types of systems; however, those additional factors and “harmonics” should be 
ignored until after the basic principles of this type of system have been grasped and understood. 


In an ideal system, when the reflected waves (which are travelling toward the left, in the wire segments illustrated 
in Fig.1) are “superimposed” on the emitted waves (travelling toward the right), the “peak” positive voltage which 
will be instantaneously reached, at the highest point of each “bubble” shown in Fig.1C, will occur when the 
positive peak of an emitted wave crosses a mirror-image positive peak of a reflected wave, travelling in the 
Opposite direction. Accordingly, when those two “positive peak” values are added to each other, the 
instantaneous positive peak voltage which will occur, in the wire, will actually be twice as intense as the “positive 
peak” voltage being emitted by the AC power supply. 


An instant later, at that exact point on that segment of wire, a negative peak voltage will be created, which will be 
the sum of (i) the negative peak voltage emitted by the power supply, and (ii) the negative peak voltage of a 
reflected wave also will pass through, travelling toward the left. At which instant, when those two negative peak 
voltages are added to each other, the instantaneous negative voltage which will occur, in the wire, will be twice as 
intense as the “negative peak” voltage being generated by the AC power supply. 


A more accurate and representative visual depiction of a “standing wave” in a wire would actually show the 
heights of the peaks as being twice as tall as the peaks of the emitted voltage waves, and the reflected voltage 
waves. However, which depiction might confuse people, so it usually is not shown in drawings of “standing 
waves”. 


Accordingly, the instantaneous response in the wire, at a location halfway between two “null nodes”, is doing 
something which can fairly and properly be called “the full-tilt double double boogie”. The “double double” phrase 
(note which it contains not just one but two “doubles”) was added to that phrase, for two reasons: 


(i) To emphasise the fact that each and every voltage peak (maximum positive, and maximum negative) will be 
twice as strong, and twice as intense, as the maximum positive and negative peak voltages emitted by the power 
Supply; and, 


(ii) to point out that the frequency of the superimposed “bubbles”, shown in Fig.1C, is actually twice as fast as the 
frequency of the AC cycle which is emitted by the power supply, as discussed below. 


The “twice the intensity” result is directly comparable to what an observer will see, if a large mirror is placed 
behind a light bulb in an otherwise dark room. The mirror effectively keeps the room dark, everywhere behind the 
mirror, so there is no “magical doubling” of the light in the room; which would violate the basic law of conservation 
of energy. Instead, what the mirror does is to shift light away from the backside of the mirror, and keep that light 
energy on the reflective side of the mirror. Anyone standing in front of the mirror will see two apparent light bulbs. 
Both of those light bulbs (the original bulb, and the reflected image) will have the same brightness (if the mirror is 
perfect). Therefore, the mirror will double the intensity of the light energy reaching the observer. 


That same effect, in a circuit, will happen if the end of a wire acts like a mirror. If a wire does not have any 
components which will cause it to become an active “emission source” (which is the behaviour of transmission 
antennas and certain other components), in a way which efficiently releases voltage-created energy into the 
atmosphere, then the basic rules which require conservation of energy will prevent that energy from simply 
disappearing and ceasing to exist. As a result, even if the end of a wire is not designed to be a perfect reflector, a 


large portion of the voltage wave will indeed reflect off the wire tip, and travel back through the same wire, in a 
“second pass”. 


To understand adequately, the type and amount of “wave reflection” which occurs at a wire tip, consider what 
happens if a light bulb is shining in a room which has shiny, glossy white paint on all the walls and ceilings; then, 
consider how it would look if the same light bulb were located in a room with all of the walls and ceilings painted 
“matt black”. The total amount of light which would be available, to carry out a task such as reading a newspaper, 
clearly would be much greater in the white room, because light reflects off white paint, even though white paint 
does not even begin to approach the type of “reflection quality or clarity” which a mirror creates. The difference in 
what happens, when light intensity in a room painted matt black is compared to a room painted a glossy white, 
does not arise from the presence or absence of “reflection quality or clarity”; instead, it is governed by the laws of 
conservation of energy. When light shines on to a surface which is painted matt black, the light energy is 
absorbed by the paint, and it literally warms the paint up. In contrast to that, glossy white paint will not absorb light 
energy, so it reflects the light back out, for a “second pass” through the air which fills a room. 


Because of the laws of conservation of energy, and without depending on any “quality of reflectance” 
characteristic of wire tips, electrical energy cannot simply disappear, when it reaches the end of a wire. Instead, 
there are only two things which can happen to that energy: 


(i) the electrical energy can be emitted into the surroundings, such as by emitting sparks, arcs, or radio-frequency 
signals which will carry energy; or 


(ii) if the energy is not emitted by the tip of the wire, then, by simple necessity and because of the basic law of 
conservation of energy, it must be reflected back into the wire, and it will be forced to travel back through the wire 
again. 


lf a wire has a long and tapered tip, then the reflected wave might become somewhat diffused, and it might lose 
some portion of the “clarity” of the wave. However, since wavelengths in the frequencies of interest here are 
hundreds of meters long, the type of tip created by a conventional wire cutter will not create any significant 
diffusion, in a reflected wave. And, unlike the white-painted walls of a room, there is not a large area which is 
available, at the tip of a wire, which can create scatter, spread, or diffusion. As a result, the tip of a wire will be a 
relatively efficient mirror-type reflector, when an AC voltage is “pumped” into one end of the wire. 


The second factor mentioned above, when the “double-double” boogie phrase was mentioned, relates to a 
doubling of the frequency of a standing wave. When a standing wave is created in a wire by reflection of an 
emitted AC voltage wave, the frequency of the standing wave is, quite literally, double the frequency of the emitted 
wave. 


This can be seen, visually, by noting that in the emitted AC voltage, shown in Fig.1A, a single complete 
wavelength contains both a “positive hump” and a “negative hump”. Accordingly, three complete sine waves, 
divided into three segments by the imaginary vertical lines, are shown in Fig.1A. 


By contrast, each and every “bubble” shown in Fig.1C depicts a complete and total “wavelength”, in a standing 
wave. Six of those standing wave “bubbles” fit into exactly the same length of wire which holds only 3 emitted 
wavelengths from the power supply. 


The “frequency doubling” effect of standing waves is important, because AC systems can convey and release 
energy in a manner which increases, as the frequency of the AC voltage supply increases. To some extent, this is 
analogous to saying that, if a motor can be run at twice the speed (while still generating the same torque), then the 
work output of that motor can be twice as great, at the higher speed. That analogy is not entirely accurate, since 
work output from an electric device which uses AC power depends on “area of the curve” functions which occur 
when sine waves are involved. Nevertheless, as a general principle, if the frequency of the voltage peaks 
increases, then power output will also increase, in many types of electric circuit components. 


In the three panels of Fig.1, the wire length is three times as long as the wavelength of the voltage from the power 
supply. However, to create standing waves, a wire length does not need to be any particular multiple of the 
wavelength of an AC voltage. As can be seen by considering Fig.1C, the same types of “bubbles” would be 
created: (i) if the wire length were exactly twice as long as the wavelength; or, (ii) if the wire length were the same 
length as the wavelength. 


Fig. 2A Emitted waves Fig. 2 


Wire length = single wavelength 


Fig. 2B Reflected waves 


Peak nodes 


Fig. 2C Superimposed waves create 
standing waves 


Null nodes 


Accordingly, Fig.2 (which includes Fig.2A showing an emitted wave, Fig.2B showing a reflected wave, and 
Fig.2C showing the superimposed “bubbles”) shows what happens in a wire segment which has a length which is 
equal to a single wavelength from an AC voltage at a fixed frequency. A resonant standing wave will be formed, 
with a frequency which is double the frequency of the input AC voltage. which same result will apply, in a wire 
having any length which is an exact (integer) multiple (Such as 1x, 2x, 3x, etc.) of the wavelength of the AC 
voltage being pushed (or forced, driven, pumped, etc.) into the wire segment. 


Fig. 3A Emitted waves 


Fig. 3 


Wire Length = Y Wavelength 


Fig. 3B Reflected waves 


Peak node 


aa Fig. 3C Superimposed standing waves 


Null nodes 


Moving to still shorter wires, the same principle also applies to any wire with a length equal to one half of an AC 
voltage wavelength. As shown in Fig.3 (which includes Fig. 3A showing an emitted wave, Fig. 3B showing a 
reflected wave, and Fig. 3C showing the superimposed “bubbles”), if the wire length is one half of the wavelength, 
a natural and resonant standing wave will still form, with a frequency which is double the frequency of the input AC 
voltage. 


Fig. 44 Emitted waves 
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stable and natural standing waves 
is Ya wavelength 


Fig. 4B Reflected waves 
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Fig. 4C Superimposed standing waves 


Null node 


Finally, moving to a still shorter wire, the same principle also applies to any wire which has a length equal to one 
quarter of an AC voltage wavelength, as shown in Fig.4A, Fig.4B, and Fig.4C Even though it does not stretch 
across or cover a complete “bubble”, the standing wave shown in Fig.4C is nevertheless a stable, natural, and 
resonant “standing wave”, with a frequency which is exactly twice the frequency of the input AC voltage. 


It is possible to create partially stable and semi-resonant responses, using one eighth, one sixteenth, or shorter 
lengths of wire, by using additional devices which can remove electrical power from the system, or which can 
generate effects which are usually called “harmonics”. However, those are not the types of natural and stable 
responses which can be created by a simple, basic system consisting of nothing more than: (i) a wire having a 
fixed length and a “reflective” tip; and (ii) an AC power source with a frequency which can be “tuned” until it 
creates a resonant response in any wire segment having a suitable length. 


Therefore, since quarter-wave wire lengths are the shortest lengths which can create natural and stable standing 
waves, the conventional term which is commonly used, to describe what happens when a wire creates a resonant 
standing-wave response, is a “quarter-wave” response. 


In some devices, telescoping components (or other elements which can alter the effective length of a wire-type 
element) can be used to alter the ability of the element to respond to a fixed wavelength. Many types of antennas 
use this approach, if they need to process signals which are being transmitted on fixed and known frequencies. 
However, those examples are not relevant to spiral coil reactors, which will use an approach which involves tuning 
and adjusting the frequency of the voltage which is being supplied to a reactor, until a resonant response is 
observed in coils with fixed and unchanging lengths. 


It should also be noted that certain types of “tuning” elements (such as capacitors, which can have either fixed or 
adjustable capacitance levels) can also be coupled electrically to a wire, in a manner which “emulates” adding 
more length to that wire. This approach can be used to alter (or increase the range of) the frequencies to which a 
wire circuit will respond resonantly. 


So, if we have resonant standing-wave voltages in our L2 coil and some of that signal passes through the wire 
connecting one end of the coil to the earth, then what will happen? The best way to check it is to test the way 
which a prototype behaves, however, if | may express an opinion, | would suggest that the signal passing down 
the earth wire will be absorbed when it reaches the earth and that will prevent the signal being reflected back to 
the L2 coil to upset it's operation. 


Another device of Don's is particularly attractive because almost no home-construction is needed, all of the 
components being available commercially, and the output power being adaptable to any level which you want. 
Don particularly likes this circuit because it demonstrates COP>1 so neatly and he remarks that the central 
transmitter Tesla Coil on its own is sufficient to power a household. 


Another device of Don's is particularly attractive in that almost no home-construction is needed, all of the 
components being available commercially, and the output power being adaptable to any level which you want. 
Don particularly likes this circuit because it demonstrates COP>1 so neatly and he remarks that the central 
transmitter Tesla Coil on its own is sufficient to power a household. 


The coil in the centre of the board is a power transmitter made from a Tesla Coil constructed from two Barker & 
Williamson ready-made coils. Three more of the inner coil are also used as power receivers. The outer, larger 
diameter coil is a few turns taken from one of their standard coils and organised so that the coil wire length is one 
quarter of the coil wire length of the inner coil ("L2"). 


As before, a commercial neon-tube driver module is used to power the "L1" outer coil with high voltage and high 
frequency. It should be understood that as power is drawn from the local environment each time the power driving 
the transmitter coil "L1" cycles, that the power available is very much higher at higher frequencies. The power at 
mains frequency of less than 100 Hz is far, far less than the power available at 35,000 Hz, so if faced with the 
choice of buying a 25 kHz neon-tube driver module or a 35 kHz module, then the 35 kHz module is likely to give a 
much better output power at every voltage level. 


The "L1" short outer coil is held in a raised position by the section of white plastic pipe in order to position it 
correctly relative to the smaller diameter "L2" secondary coil. Again, it appears to have five turns: 


The secondary coils are constructed using Barker €. Williamson's normal method of using slotted strips to hold the 
tinned, solid copper wire turns in place. 


As there are very slight differences in the manufactured coils, each one is tuned to the exact transmitter frequency 
and a miniature neon is used to show when the tuning has been set correctly. 


The key feature of this device is the fact that any number of receiver coils can be placed near the transmitter and 
each will receive a full electrical pick up from the local environment, without altering the power needed to drive the 
Tesla Coil transmitter - more and more output without increasing the input power - unlimited COP values, all of 
which are over 1. The extra power is flowing in from the local environment where there is almost unlimited 
amounts of excess energy and that inflow is caused by the rapidly vibrating magnetic field generated by the 


central Tesla Coil. While the additional coils appear to just be scattered around the base board, this is not the 
case. The YouTube video http://www. youtube.com/watch?v=TINEHZRm4z44feature=related demonstrates that 
the pick-up of these coils is affected to a major degree by the distance from the radiating magnetic field. This is to 
do with the wavelength of the signal driving the Tesla Coil, so the coils shown above are all positioned at exactly 
the same distance from the Tesla Coil. You still can have as many pick-up coils as you want, but they will be 
mounted in rings around the Tesla Coil and the coils in each ring will be at the same distance from the Tesla Coil 
in the centre. 


Each of the pick up coils act exactly the same as the "L2" secondary coil of the Tesla Coil transmitter, each 
picking up the same level of power. Just as with the actual "L2" coil, each will need an output circuit arrangement 
as described for the previous device. Presumably, the coil outputs could be connected in parallel to increase the 
output amperage, as they are all resonating at the same frequency and in phase with each other. Each will have 
Its own separate output circuit with a step-down isolation transformer and frequency adjustment as before. If any 
output is to be a rectified DC output, then no frequency adjustment is needed, just rectifier diodes and a 
smoothing capacitor following the step-down transformer which will need to be an air core or ferrite core type due 
to the high frequency. High voltage capacitors are very expensive. The http://www.richieburnett.co.uk/parts.html 
web site shows various ways of making your own high-voltage capacitors and the advantages and disadvantages 
of each type. 


There are two practical points which need to be mentioned. Firstly, as the Don Smith devices shown above feed 
radio frequency waveforms to coils which transmit those signals, it may be necessary to enclose the device in an 
earthed metal container in order not to transmit illegal radio signals. Secondly, as it can be difficult to obtain high- 
voltage high-current diodes, they can be constructed from several lower power diodes. To increase the voltage 
rating, diodes can be wired in a chain. Suitable diodes are available as repair items for microwave ovens. These 
typically have about 4,000 volt ratings and can carry a good level of current. As there will be minor manufacturing 
differences in the diodes, it is good practice to connect a high value resistor (in the 1 to 10 megohm range) across 
each diode as that ensures that there is a roughly equal voltage drop across each of the diodes: 
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If the diode rating of these diodes were 4 amps at 4,000 volts, then the chain of five could handle 4 amps at 
20,000 volts. The current capacity can be increased by connecting two or more chains in parallel. 


Two DVDs containing video recordings of Don Smith's lectures are available for purchase via the website link: 
https://secure.netsolhost.com/nuenergy.org/product_catalog.htm 


Various questions from readers indicate that the operation of AC circuits is not really understood, so electronics 
experts can skip this next section. 


AC Circuits. This is a lightweight introduction to Alternating Current circuits and pulsed DC circuits for people 
who have not read Chapter 12 which is an electronics tutorial. Let me say again, that | am mainly self-taught, and 
so this is just a general introduction based on my present understanding. 


Alternating Current, generally called “AC” is called that because the voltage of this type of power supply is not a 
constant value. A car battery, for instance, is DC and has a fairly constant voltage usually about 12.8 volts when 
in it’s fully charged state. If you connect a voltmeter across a car battery and watch it, the voltage reading will not 
change. Minute after minute it says exactly the same because it is a DC source. 


If you connect an AC voltmeter across an AC power supply, it too will give a steady reading, but it is telling a lie. 
The voltage is changing all the time in spite of that steady meter reading. What the meter is doing is assuming 
that the AC waveform is a sine wave like this: 


and based on that assumption, it displays a voltage reading which is called the “Root Mean Square” or “RMS” 
value. The main difficulty with a sine wave is that the voltage is below zero volts for exactly the same length of 


time as it is above zero volts, so if you average it, the result is zero volts, which is not a satisfactory result because 
you can get a shock from it and so it can't be zero volts, no matter what the arithmetical average is. 


To get over this problem, the voltage is measured thousands of times per second and the results squared (that is, 
the value is multiplied by itself) and then those values are averaged. This has the advantage that when the 
voltage is say, minus 10 volts and you square it, the answer is plus 100 volts. In fact, all of the answers will be 
positive, which means that you can add them together, average them and get a sensible result. However, you 
end up with a value which is far too high because you squared every measurement, and so you need to take the 
square root of that average (or “mean” value, and that is where the fancy sounding “Root Mean Square” name 
comes from — you are taking the (square) root of the (average or) mean value of the squared measurements. 


With a sine wave like this, the voltage peaks are 41.4% higher than the RMS value which everyone talks about. 
This means that if you feed 100 volts AC through a rectifier bridge of four diodes and feed it into a capacitor the 
capacitor voltage will not be 100 volts DC but instead it will be 141.4 volts DC and you need to remember that 
when choosing the voltage rating of the capacitor. In that instance | would suggest a capacitor which is made to 
operate with voltages up to 200 volts. 


You probably already knew all of that, but it may not have occurred to you that if you use a standard AC voltmeter 
on a waveform which is not a sine wave, that the reading on the meter is most unlikely to be correct or anywhere 
near correct. So, please don’t merrily connect an AC voltmeter across a circuit which is producing sharp voltage 
spikes like, for instance, one of John Bedini's battery pulsing circuits, and think that the meter reading means 
anything (other than meaning that you don't understand what you are doing). 


You will, hopefully, have learned that power in watts is determined by multiplying the current in amps by the 
voltage in volts. For example, 10 amps of current flowing out of a 12 volt power supply, represents 120 watts of 
power. Unfortunately, that only holds true for circuits which are operating on DC, or AC circuits which have only 
resistors in them. The situation changes for AC circuits which have non-resistive components in them. 


The circuits of this type which you are likely to come across are circuits which have coils in them, and you need to 
think about what you are doing when you deal with these types of circuit. For example, consider this circuit: 


Tran=ftormer 


This is the output section of a prototype which you have just built. The input to the prototype is DC and measures 
at 12 volts, 2 amps (which is 24 watts). Your AC voltmeter on the output reads 15 volts and your AC ammeter 
reads 2.5 amps and you are delighted because 15 x 2.5 = 37.5 which looks much bigger than the 24 watts of input 
power. But, just before you go rushing off to announce on YouTube that you have made a prototype with COP = 
1.56 or 156% efficient, you need to consider the real facts. 


This is an AC circuit and unless your prototype is producing a perfect sine wave, then the AC voltmeter reading 
will be meaningless. It is just possible that your AC ammeter is one of the few types that can accurately measure 
the current no matter what sort of waveform is fed to it, but it is distinctly possible that it will be a digital meter 
which assesses current by measuring the AC voltage across a resistor in series with the output, and if that is the 
case, it will probably be assuming a sine wave. The odds are that both readings are wrong, but let's take the case 
where we have great meters which are reading the values perfectly correctly. Then the output will be 37.5 watts, 
won't it? Well, actually, no it won't. The reason for this is that the circuit is feeding the transformer winding which 
is a coil and coils don't work like that. 


The problem is that, unlike a resistor, when you apply a voltage across a coil the coil starts absorbing energy and 
feeding it into the magnetic field around the coil, so there is a delay before the current reaches it's maximum 
value. With DC, this generally doesn't matter very much, but with AC where the voltage is changing continuously, 
it matters a great deal. The situation can be as shown in this graph of both voltage and current: 


Current lags behind 
the voltage 
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At first, this does not look like any great problem, but it has a very significant effect on the actual power in watts. 
To get the 37.5 watts output which we were talking about earlier, we multiplied the average voltage level by the 
average current level. But these two values do not occur at the same time and that has a major effect. 


As this can be a little difficult to see, let's take the peak values rather than the averages as they are easier to see. 
Let's say that in our example graph that the voltage peak is 10 volts and the current peak is 3 amps. If this were 


DC we would multiply them together and say that the power was 30 watts. But with AC, this does not work due to 
the timing difference: 


Pe peak is 10 volts Current peak is 3 amps 


When the voltage is peaking, the current is nowhere near it’s peak value of 3 amps: 


Current is only about 1.4 amps 
when the voltage is at it's peak 


As a result of this, instead of getting our expected peak power at the top of the voltage peak, the actual power in 
watts is very much lower — less than half of what we were expecting. Not so good, but it gets worse when you 
look at the situation more closely. Take a look at what the voltage is when the current crosses the zero line, that 


is, when the current is zero. The output power is zero when the current is zero but this occurs when the voltage is 
at a very high value: 


Power is zero when votage is near its piak E 


The same goes for when the voltage is zero. When the voltage is zero, then the power is also zero, and you will 
notice that this occurs when the current is at a high value: 


ia is zero at a high current value 


The power is not the average current multiplied by the average voltage if there is a coil involved in the circuit — it 
will be less than that by an amount known as the “power factor” and I'll leave you to work out why it is called that. 


So, how do you determine what the power is? It is done by sampling the voltage and current many times per 
second and averaging those combined results: 


Both the voltage and the current are sampled at the times indicated by the vertical red lines and those figures are 
used to calculate the actual power level. In this example, only a few samplings are shown, but in practice, a very 
large number of samples will be taken. The piece of equipment which does this is known as a wattmeter as it 
measures watts of power. The sampling can be done by windings inside the instrument, resulting in an instrument 
which can be damaged by overloading without the needle being anywhere near full deflection, or it can be done 
by digital sampling and mathematical integration. Most digital sampling versions of these meters only operate at 
high frequencies, typically over 400,000 cycles per second. Both varieties of wattmeter can handle any waveform 
and not just sine waves. 


The power company supplying your home, measures the current and assumes that the full voltage is present 
during all of the time that the current is being drawn. If you are powering a powerful electric motor from the mains, 
then this current lag will cost you money as the power company does not take it into account. It is possible to 
correct the situation by connecting one or more suitable capacitors across the motor to minimise the power loss. 


With a coil (fancy name “inductor” symbol “L”), AC operation is very different to DC operation. The coil has a DC 
resistance which can be measured with the ohms range of a multimeter, but that resistance does not apply when 
AC is being used as the AC current flow is not determined by the DC resistance of the coil. Because of this, a 
second term has to be used for the current-controlling factor of the coil, and the term chosen is “impedance” or for 
people who like to make everything sound unduly complicated “reactance”. | will stick with the term “impedance” 
as it is clear that it is the feature of the coil which “impedes” AC current flow through the coil. 


The impedance of a coil depends on it’s size, shape, method of winding, number of turns and core material. It 
also depends on the frequency of the AC voltage being applied to it. If the core is made up of iron or steel, usually 
thin layers of iron which are insulated from each other, then it can only handle low frequencies. You can forget 
about trying to pass 10,000 cycles per second (“Hz”) through the coil as the core just can’t change it’s magnetic 
poles fast enough to cope with that frequency. A core of that type is ok for the very low 50 Hz or 60 Hz 
frequencies used for mains power, which are kept that low so that electric motors can use it. 


For higher frequencies, ferrite can be used for a core and that is why some portable radios use ferrite-rod aerials, 
which are a bar of ferrite with a coil wound on it. For higher frequencies (or higher efficiencies) iron dust 
encapsulated in epoxy resin is used. An alternative is to not use any core material and that is usually referred to 
as an “air-core” coil. These are not limited in frequency by the core but they have a very much lower inductance 
for any given number of turns. The efficiency of the coil is called it’s “Q” (for “Quality”) and the higher the Q factor, 
the better. The resistance of the wire lowers the Q factor. 


A coil has inductance, and resistance caused by the wire, and capacitance caused by the turns being near each 
other. However, having said that, the inductance is normally so much bigger than the other two components that 
we tend to ignore the other two. Something which may not be immediately obvious is that the impedance to AC 
current flow through the coil depends on how fast the voltage is changing. If the AC voltage applied to a coil 
completes one cycle every ten seconds, then the impedance will be much lower than if the voltage cycles a million 
times per second. 


If you had to guess, you would think that the impedance would increase steadily as the AC frequency increased. 
In other words, a straight-line graph type of change. That is not the case. Due to a feature called resonance, 
there is one particular frequency at which the impedance of the coil increases massively. This is used in the 
tuning method for AM radio receivers. In the very early days when electronic components were hard to come by, 
variable coils were sometimes used for tuning. We still have variable coils today, generally for handling large 
currents rather than radio signals, and we call them “rheostats” and some look like this: 


COIL CONTACT 


These have a coil of wire wound around a hollow former and a slider can be pushed along a bar, connecting the 
Slider to different winds in the coil depending on it’s position along the supporting bar. The terminal connections 
are then made to the slider and to one end of the coil. The position of the slider effectively changes the number of 
turns of wire in the part of the coil which is being used in the circuit. Changing the number of turns in the coil, 
changes the resonant frequency of that coil. AC current finds it very, very hard to get through a coil which has the 
same resonant frequency as the AC current frequency. Because of this, it can be used as a radio signal tuner: 


Aerial 
Germanium 
diode 


Coil J Headphones 


If the coil’s resonant frequency is changed to match that of a local radio station by sliding the contact along the 
coil, then that particular AC signal frequency from the radio transmitter finds it almost impossible to get through the 
coil and so it (and only it) diverts through the diode and headphones as it flows from the aerial wire to the earth 
wire and the radio station is heard in the headphones. If there are other radio signals coming down the aerial 
wire, then, because they are not at the resonant frequency of the coil, they flow freely through the coil and don't 
go through the headphones. 


This system was soon changed when variable capacitors became available as they are cheaper to make and they 
are more compact. So, instead of using a variable coil for tuning the radio signal, a variable capacitor connected 
across the tuning coil did the same job: 


Aerial 
Germanium 
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Coil ) Headphones 


While the circuit diagram above is marked “Tuning capacitor” that is actually quite misleading. Yes, you tune the 
radio receiver by adjusting the setting of the variable capacitor, but, what the capacitor is doing is altering the 


resonant frequency of the coil/capacitor combination and it is the resonant frequency of that combination which is 
doing exactly the same job as the variable coil did on it’s own. 


This draws attention to two very important facts concerning coil/capacitor combinations. When a capacitor is 
placed across a coil “in parallel” as shown in this radio receiver circuit, then the combination has a very high 
impedance (resistance to AC current flow) at the resonant frequency. But if the capacitor is placed “in series” with 
the coil, then there is nearly zero impedance at the resonant frequency of the combination: 


4 | y L Very HIGH resistance 20000 51. Very LOW resistance 
at resonance at resonance 


This may seem like something which practical people would not bother with, after all, who really cares? However, 
it is a very practical point indeed. Remember that Don Smith often uses an early version, off-the-shelf neon-tube 
driver module as an easy way to provide a high-voltage, high-frequency AC current source, typically, 6,000 volts 
at 30,000 Hz. He then feeds that power into a Tesla Coil which is itself, a power amplifier. The arrangement is 


like this: 
Neon-tube Neon-tube 
driver driver 


People who try to replicate Don's designs tend to say “I get great sparks at the spark gap until | connect the L1 
coil and then the sparks stop. This circuit can never work because the resistance of the coil is too low”. 


L1 


L1 


L? 


If the resonant frequency of the L1 coil does not match the frequency being produced by the neon-tube driver 
circuit, then the low impedance of the L1 coil at that frequency, will definitely pull the voltage of the neon-tube 
driver down to a very low value. But if the L1 coil has the same resonant frequency as the driver circuit, then the 
L1 coil (or the L1 coil/capacitor combination shown on the right, will have a very high resistance to current flow 
through it and it will work well with the driver circuit. So, no sparks, means that the coil tuning is off. It is the same 
as tuning a radio receiver, get the tuning wrong and you don't hear the radio station. 


This is very nicely demonstrated using simple torch bulbs and two coils in the YouTube video showing good 


output for almost no input power: http://www.youtube.com/watch?v=kOdcwDCBoNY and while only one resonant 
pick-up coil is shown, there is the possibility of using many resonant pick-up coils with just the one transmitter. 


As it would not be unusual for many readers to feel that there is some "black magic" about the neon-driver circuit 
used by Don to drive the Tesla Coil section of his circuitry and that if a suitable unit could not be purchased then 
the circuit could not be reproduced or tested, it seems reasonable to show how it operates and how it can be 
constructed from scratch: 


The circuit itself is made up of an oscillator to convert the 12-volt DC supply into a pulsating current which is then 
stepped up to a high voltage by a transformer. Here is a circuit which has been used for this: 
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The supply for the 555 timer chip is protected against spikes and dips by the resistor "R" and the capacitor "C". 
The 555 timer chip acts as an oscillator or "clock" whose speed is governed by the two 10K resistors feeding the 
440 nF capacitor. The step-up transformer is an ordinary car coil and the drive power to it is boosted by the 
IRP9130 FET transistor which is driven by the 555 chip output coming from it's pin 3. 


The output from the (Ford Model T) car coil is rectified by the diode, which needs to have a very high voltage 
rating as the voltage at this point is now very high. The rectified voltage pulses are stored in a very high-voltage 
Capacitor before being used to drive a Tesla Coil. As a powerful output is wanted, two car coils are used and their 
outputs combined as shown here: 
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You will notice that the car coil has only three terminals and the terminal marked "+" is the one with the connection 
common to both of the coils inside the housing. The coil may look like this: 


and the "+" is generally marked on the top beside the terminal with the two internal connections running to it. The 
circuit described so far is very close to that provided by a neon-tube driver circuit and it is certainly capable of 
driving a Tesla Coil. 


There are several different way of constructing a Tesla Coil. It is not unusual to have several spark gaps 
connected in a chain. This arrangement is called a "series spark gap" because the spark gaps are connected "in 
series" which is just a technical way of saying "connected in a row". In the chapter on aerial systems, you will see 
that Hermann Plauston uses that style of spark gap with the very high voltages which he gets from his powerful 
aerial systems. These multiple spark gaps are much quieter in operation than a single spark gap would be. One 
of the possible Tesla Coil designs uses a pancake coil as the "L1" coil as that gives even higher gain. The circuit 
is as shown here: 
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The connection to the pancake coil is by a moveable clamp and the two coils are tuned to resonance by careful 
and gradual adjustment of that connection. The series spark gap can be constructed in various ways, including 
using car spark plugs. The one shown here uses nuts and bolts projecting through two strips of a stiff, non- 
conducting material, as that is much easier to adjust than the gaps of several spark plugs: 


Wire . 
connection 


Tightening the bolts which compress the springs moves the bolt heads closer together and reduces all of the 
spark gaps. The electrical connections can be made to the end tags or to any of the intermediate wire connection 
straps if fewer spark gaps are required in the chain. 


Let me remind you again that this is not a toy and very high voltages will be produced. Also, let me stress again 
that if you decide to construct anything, then you do so entire on your own responsibility. This document is only 
provided for information purposes and must not be seen as an encouragement to build any such device nor is any 
guarantee given that any of the devices described in this eBook will work as described should you decide to 
attempt to construct a replication prototype of your own. Generally, it takes skill and patience to achieve success 
with any free-energy device and Don Smith's devices are some of the most difficult, especially since he admits 
quite freely that he does not disclose all of the details. 


The output capacitor marked "C1" in the circuit diagram above has to be able to handle very high voltages. There 
are various ways of dealing with this. Don dealt with it by getting very expensive capacitors manufactured by a 
specialist company. Some home-based constructors have had success using glass beer bottles filled with a salt 
solution. The outside of the bottles are wrapped in aluminium foil to form one of the contacts of the capacitor and 
bare wires are looped from deep inside each bottle on to the next one, looping from the inside of one bottle to the 
inside of the next one, and eventually forming the other contact of the capacitor. While that appears to work well, 
it is not a very convenient thing to carry around. An alternative is just to stand the bare bottles in a container 
which is lined with foil which forms the second contact of the capacitor. 


One method which has been popular in the past is to use two complete rolls of aluminium foil, sometimes called 
"baking foil", laying them one flat, covering it with one or more layers of plastic cling film and laying the second roll 
of foil on top of the plastic. The three layers are then rolled up to form the capacitor. Obviously, several of these 
can be connected together in parallel in order to increase the capacitance of the set. The thicker the plastic, the 
lower the capacitance but the higher the voltage which can be handled. 


The November 1999 issue of Popular Electronics suggests using 33 sheets of the thin aluminium used as a 
flashing material by house builders. At that time it was supplied in rolls which were ten inches (250 mm) wide, so 
their design uses 14" (355 mm) lengths of the aluminium. The plastic chosen to separate the plates was 
polythene sheet 0.062 inch (1.6 mm) thick which is also available from a builders merchants outlet. The plastic is 
cut to 11 inch (280 mm) by 13 inch (330 mm) and assembly is as follows: 


Aluminium sheet 


NX Y Plastic sheet 


SIDE VIEW TOP VIEW 


The sandwich stack of sheets is then clamped together between two rigid timber sheets. The tighter that they are 
clamped, the closer the plates are to each other and the higher the capacitance. The electrical connections are 
made by running a bolt through the projecting ends of the plates. With two thicknesses of plastic sheet and one of 
aluminium, there should be room for a washer between each pair of plates at each end and that would improve 
the clamping and the electrical connection. An alternative is to cut a corner off each plate and position them 
alternatively so that almost no plate area is ineffective. 


As Don Smith has demonstrated in one of his video presentations, Nikola Tesla was perfectly correct when he 
stated that directing the discharge from a Tesla Coil on to a metal plate (or in Don's case, one of the two metal 
plates of a two-plate capacitor where a plastic sheet separates the plates just as shown above), produces a very 
powerful current flow onwards through a good earth connection. Obviously, if an electrical load is positioned 
between the plates and the earth connection, then the load can be powered to a high level of current, giving a 
very considerable power gain. 


Coil Construction: The Barker & Williamson coils used by Don in his constructions are expensive to purchase. Some 
years ago, in an article in a 1997 issue of the “QST” amateur radio publication, Robert H. Johns shows how similar coils can be 
constructed without any great difficulty. The Electrodyne Corporation research staff have stated that off-the-shelf solid tinned 
copper wire produces three times the magnetic field that un-tinned copper does, so perhaps that should be borne in mind 
when choosing the wire for constructing these coils. 
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These home-made coils have excellent “Q” Quality factors, some even better than the tinned copper wire coils of 
Barker & Williamson because the majority of electrical flow is at the surface of the wire and copper is a better 
conductor of electricity than the silver tinning material. 


The inductance of a coil increases if the turns are close together. The capacitance of a coil decreases if the turns 
are spread out. A good compromise is to space the turns so that there is a gap between the turns of one wire 
thickness. A common construction method with Tesla Coil builders is to use nylon fishing line or plastic strimmer 
cord between the turns to create the gap. The method used by Mr Johns allows for even spacing without using 
any additional material. The key feature is to use a collapsible former and wind the coil on the former, space the 
turns out evenly and then clamp them in position with strips of epoxy resin, removing the former when the resin 
has set and cured. 


Mr Johns has difficulty with his epoxy being difficult to keep in place, but when mixed with the West System micro 
fibres, epoxy can be made any consistency and it can be applied as a stiff paste without any loss of it’s properties. 
The epoxy is kept from sticking to the former by placing a strip of electrical tape on each side of the former. 


Plastic pipe 
coll former == 


Wire termination holes 


Wooden spreader piece 


| suggest that the plastic pipe used as the coil former is twice the length of the coil to be wound as that allows a 
good degree of flexing in the former when the coil is being removed. Before the two slots are cut in the plastic 
pipe, a wooden spreader piece is cut and it's ends rounded so that it is a push-fit in the pipe. This spreader piece 
is used to hold the sides of the cut end exactly in position when the wire is being wrapped tightly around the pipe. 


Two or more small holes are drilled in the pipe beside where the slots are to be cut. These holes are used to 
anchor the ends of the wire by passing them through the hole and bending them. Those ends have to be cut off 
before the finished coil is slid off the former, but they are very useful while the epoxy is being applied and 
hardening. The pipe slots are cut to a generous width, typically 10 mm or more. 


The technique is then to wedge the wooden spreader piece in the slotted end of the pipe. Then anchor the end of 
the solid copper wire using the first of the drilled holes. The wire, which can be bare or insulated, is then wrapped 
tightly around the former for the required number of turns, and the other end of the wire secured in one of the 
other drilled holes. It is common practice to make the turns by rotating the former. When the winding is 
completed, the turns can be spaced out more evenly if necessary, and then a strip of epoxy paste applied all 
along one side of the coil. When that has hardened, (or immediately if the epoxy paste is stiff enough), the pipe is 
turned over and a second epoxy strip applied to the opposite side of the coil. A strip of paxolin board or strip- 
board can be made part of the epoxy strip. Alternatively, an L-shaped plastic mounting bracket or a plastic 
mounting bolt can be embedded in the epoxy ready for the coil installation later on. 


When the epoxy has hardened, typically 24 hours later, the coil ends are snipped off, the spreader piece is tapped 
out with a dowel and the sides of the pipe pressed inwards to make it easy to slide the finished coil off the former. 
Larger diameter coils can be wound with small-diameter copper pipe. 


The coil inductance can be calculated from: 
Inductance in microhenrys L = dnf / (18d + 40!) 


Where: 

d is the coil diameter in inches measured from wire centre to wire centre 
n is the number of turns in the coil 

lis coil length in inches (1 inch = 25.4 mm) 


Using this equation for working out the number of turns for a given inductance in microhenrys: 


J L(18d + 401) 


d 


Patrick Kelly 

engpik@gmail.com 
http://www.free-energy-info.co.uk 
http://www.free-energy-devices.com 


A Practical Guide to Free-Energy Devices Author: Patrick J. Kelly 


Donald Lee Smith 


Don Smith is elderly and has suffered several serious strokes in the last few years. He is no longer able to 
respond to e-mails and his web site has been taken over by people who appear very keen to ensure that his work 
and information can no longer be accessed by members of the public. 


At this point in time there is very little information available on Don's achievements. What | have been able to 
locate is four video recordings of lectures which he gave, plus a copy of his pdf document entitled "Resonance 
Energy Systems". There is also a web site with limited information. This site appears to have been set up by Don's 
son whom | suspect does not fully understand how his father's devices work. Don has produced at least forty eight 
different devices which draw energy from what Don prefers to call "the ambient background". His devices are 
capable of supplying kilowatts of excess energy and in most cases they do not require any input energy to be 
supplied by the user. 


It is said that 40,000 copies of Don's pdf document have been sold worldwide, but it appears that it is no longer 
possible to buy a copy, and for that reason, a copy is contained within this document. Please be aware that Don 
states quite openly that he does not disclose all of the details on any of his devices in his public discussions. This 
is because the rights to each device have been assigned to a different company in which Don has a financial 
interest, and so it is not in his interests to disclose the full details. However, ha says that he discloses enough for 
somebody who is experienced in radio-frequency electronics to be able to deduce the things which he does not 
disclose and so build a device for his own use. If that is the case, then anybody who has succeeded in doing so 
has kept very quiet about it afterwards (which is understandable). Having said that, Tariel Kapanadze of Georgia 
appears to have replicated one of the designs although it is quite likely that Tariel deduced the operating 
principles for himself. These principles are clearly based on the work of Nikola Tesla. 


In Don's work, he refers to the educational kit entitled "Resonant Circuits" No 10 - 416 from The Science Source 
at www.thesciencesiource.com. That kit now costs US$100 and they don't mention the fact that you need a signal 
generator capable of producing a 10 volt output at up to 1 MHz in order to be able to do resonance tests, and the 
kit now uses an LED rather than a neon bulb. 


There is a "book" of Don's entitled "An Answer to America's Energy Deficit" but, being an earlier work than his pdf 
document, it does not appear to contain anything extra of any significance. Here is Don's pdf document, in it's 
original American-language wording with just minor clerical corrections: 


RESONANCE ENERGY 
METHODS 


Donald L. Smith 
TransWorld Energy, CEO 
September 23, 2002 


FawPhone 281-370-4547 and e-mail donsm1@earthiink.net 
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DIPOLE TRANSFORMER GENERATOR 
DESCRIPTION 


TECHNICAL FIELD: 


The Invention relates to loaded Dipole Antenna Systems and their Electromagnetic radiation. When used as a 
transformer with an appropriate energy collector system it becomes a transformer generator. The invention 
collects and converts energy which, with conventional devices, is radiated and wasted. 


BACKGROUND ART: 


An International search of Patent Databases for closely related methods did not reveal any prior Art with an 
Interest in conserving radiated and wasted magnetic waves as useful energy. 


DISCLOSURE OF INVENTION: 


The Invention is a new and useful departure from transformer generator construction, such that radiated and 
wasted magnetic energy changes into useful electrical energy. Gauss Meters show that much energy from 
conventional electromagnetic devices is radiated back into the ambient background and wasted. In the case of 
conventional transformer generators, a radical change in the physical construction, allows better access to the 
energy available. It is found that creating a dipole and Inserting capacitor plates at right angle to the current flow, 
allows magnetic waves to change back to useful electrical (coulombs) energy. Magnetic waves passing through 
the capacitor plates do not degrade and the full impact of the available energy is accessed. One, or many sets of 
capacitor plates, may be used as desired. Each set of plates makes an exact copy of the full force and effect of 
the energy present in the magnetic waves. The originating source is not depleted or degraded as is common in 
conventional transformers. 


BRIEF DESCRIPTION OF THE DRAWINGS: 


The Dipole at right angle allows the magnetic flux surrounding it to intercept the capacitor plate, or plates, at right 
angles. The electrons present are spun in such a way that the electrical component of the electrons is collected 
by the capacitor plates. Essential parts are the South and North component of an active Dipole. Examples 
presented here, exist as fully functional prototypes, and were engineer constructed and fully tested for utility by the 
Inventor. Corresponding parts are utilized in each of the three examples as shown in the Drawings. 


DRAWING 1 OF 4: VIEW OF THE METHOD 
N = North and S = South of the Dipole 
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North and South component of the Dipole. 

Resonate High Voltage induction coil. 

Dipole's electromagnetic wave emission. 

Heaviside current component. 

Dielectric separator for the capacitor plates 

For purposes of the drawing, a virtual limit of the electromagnetic wave energy. 
Capacitor plates, with dielectric in between. 
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DRAWING 2 OF 4: COMPONENTS, 2A and 2B 
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Fig.2-A: 

1. Hole for mounting Dipole B-1. 

. Resonate high voltage induction coil. 

. Dielectric separator, a thin sheet of plastic separating the capacitor plates. 
. Capacitor plates, upper plate is aluminum and lower plate is copper. 

. Battery system, deep cycle. 

. Inverter. Input: Direct Current, output: 120 Volts at 60 cycles per second. 
. Connector wires. 

. Output to point of use being the load. 
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Fig.2-B N = North and S = South component of the Dipole 
1. Metal rod, being soft magnetic metal such as iron. 
2. Resonate high voltage induction coil. 
10. Connector wires. 
11. High Voltage input energy source such as a neon tube transformer. 


DRAWING 3 OF 4 : Proof of Principle Device, using a Plasma Tube as an active Dipole. 
N = North and S = South Components of the active Dipole. 
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5. Dielectric separator of the capacitor plates. 
7. Upper capacitor plate: upper plate is aluminum and lower plate is copper. 
10. Connector wires. 
15. Plasma Tube, 4 feet long and 6 inches in diameter. 
16. High Voltage Energy source for the active Plasma Dipole. 
17. Connector block: outlet for testing and use. 


DRAWING 4 OF 4: Manufactures Prototype, Constructed and fully tested. 


1. Metal Dipole rod. 
2. Resonate High Voltage induction coil. 
10. Connector wires. 
17. Connector block for Input from high voltage energy source. 
18. Clamps for upper edge of capacitor packet. 
19. Support Device for The Dipole Transformer Generator. 
20. Packet of Capacitor Plates. 
21. Output connectors of the capacitor, producing energy into a deep cycle battery which then powers the 
inverter. 


BEST METHOD OF CARRYING OUT THE INVENTION: 


The Invention is applicable to any and all electrical energy requirements. The small size and high efficiency makes 
It an attractive option. It is particularly attractive for remote areas, homes, office buildings, factories, shopping 
centers, public places, transportation, water systems, electric trains, boats, ships and all things small or great 
Construction materials are readily available and the skill level required is moderate. 


CLAIMS: 


1. Radiated magnetic flux from the Dipole, when intercepted by capacitor plates at right angles, changes to 
useful electrical energy. 
2. A Device and method for converting for use, normally wasted electromagnetic energy. 
3. The Dipole of the Invention is any resonating substance such as Metal Rods, Coils and Plasma Tubes 
which have interacting Positive and Negative Components. 
4. The Resulting Heaviside current component ls changed to useful electrical energy. 


ABSTRACT 


An Electromagnetic Dipole Device and Method, wherein, radiated and wasted energy is transformed into useful 
energy. A Dipole as seen in Antenna Systems is adapted for use with capacitor plates such that the Heaviside 
Current Component becomes a useful source of electrical energy. 


TransWorld Energy 
227 W. Airtex Blvd. 
Houston, Tx. 77090 


September 23.2002 


Phone: (281)876-9200 Web-site: altenergy-pro.com 
Fax: (281)876-9216 E-mail: donsml @earthlink.net 


Dear Reader: 


TransWorld Energy is dedicated to improving the Human Condition in the Field of Energy 
which, at the same time, makes possible Healthy Water and increases the food Supply. A 
never-ending source of energy found throughout the universe is easily accessed with the 
minimum of effort and cost. The technology for doing this has been around since the 1820s. 
Selfish special interests have made sure that the technology remains discredited. People who 
control the Energy Sources control the World. 


Extensive research and development by TransWorld and Associates has been progressing for 
more than 15 years. Numerous successful Energy Producing Devices have been produced and 
demonstrated throughout the World. Some of these can be viewed by the Web Site located 
using any major search engine (such as Lycos, Yahoo, Altavista, NorthenLight and more than 
2,000 others throughout the World). 


The Book which You are viewing has more than 40,000 copies in circulation. It has been 
translated and distributed in all major languages including Japanese, Arabic, Portuguese, 
French, Italian, Russian, Chinese, German, Spanish and many more. There are seven editions 
in circulation. An enormous interest is evident in the subject matter. An average of about fifty 
e-mails per day are received from the ends of the Earth (that is about 1,500 per month). 


Once the Web Site and the book are viewed, it will become evident that abundant, self- 
sustainable energy 1s available everywhere for the taking. This is natural energy which does 
not harm the environment or those using it. The proper Device for Collecting is all that's 
required. 


The Good News is that the problem is solved and with assistance, an ultimate source of energy 
which is environmentally benign, abundant throughout the universe and inexpensive to 


capture, is there for the taking. 


Thank You for your consideration 


Donald L. Smith, CEO 


Electrical Energy Generating System 


Description and Function: 


The Generation of Electrical Power requires the presence of electrons with various methods of 
stimulation, yielding magnetic and electrical impulses, collectively resulting in Electrical 
Energy (Power). In place of the mechanical - coils and magnet system, present in conventional 
electrical power generation, visible moving parts are replaced by resonate magnetic induction, 
using radio frequency. Transfer of energy by resonate induction 1s related to the ratio of the 
square of the cycles per second. 


The Energy System, presented here, operates at millions of cycles per second verses the 
conventional 60 C.P.S. This tells us that it has a frequency advantage over conventional 
methods. This same advantage applies to the amount of electrical energy output. Therefore 
the Device is small in size and produces large amounts of Electrical Energy. The Electrons 
acquired, are from the surrounding Air and Earth Groundings, being the same source as in 
conventional methods. This is accomplished by magnetic resonate radio induction. 


Applications: 

This Electrical System adapts nicely to all Energy Requirements. It is a direct replacement for 
all existing Energy Systems. This includes such things as Manufacturing, Agricultural, Home 
Usage, Office Complexes, Shopping Centers, Rail Transportation, Automobiles, Electrical 
Power Grids, Municipalities, Subdivisions, and Remote Areas. Briefly, the only limiting 
factor is the imagination. 


Economic Possibilities: 

No Historical Reference Point exists for a comparison of the Possibilities of this System. One 
can see from the impacted applications listed above, that the magnitude exceeds any known 
invention, presently a part of the Human Experience. 


Present and Future Plans: 

The Energy System has been in the developmental stage during the past seven years. It is 
Patent Pending # 08/100,074 with the Patent Office. No prior art exists according to the Patent 
Office's response. The System is presently being introduced into the World Market. 


Useful energy occurs as the result of imbalances in the ambient background energy, which 1s a transient 
phenomena. In the electrical field, it 1s a closed system subject to heat death, which severely limits it's 
utility. The flip side of the electron, produces magnetic waves which are an open system, not subject to 
heat death. These waves, being unrestricted, are the universal source of energy when unlimited resonate 
duplicates from this one source are available. Therefore, the key to unlimited energy, is Magnetic 
Resonance. In order to understand this, requires putting a stake through the Heart of Antique Physics. 
Non-linear and Open Systems are universally available in Magnetic Resonance Systems, Explosions of 


any sort [including Atomic Explosions] and Combustibles of any type. Mechanical equivalents would 
be levers, pulleys and hydraulics. A highly obvious example is the Piano where the Key impacts the one 
note giving one sound level, which resonates with it's two side keys providing a much higher sound 
level. Magnetic Resonance Energy clearly amplifies itself, demonstrating more energy out, than 1n. 


Ohmic resistance does not apply to Magnetic Resonance which travels unrestricted for great distances, 
therefore multitudes of electrons are disturbed, and their back-spin translates magnetic into usable 
electric energy. The right angle component which the magnetic flux provides, translates into useful 
electrical energy. Taken at right angles, the Magnetic Dipole provides an unlimited source of electrical 
energy. The writer is recognized world-wide for his knowledge and experience. See his Web Site at 
altenergy-pro.com . 


Gravity 1s a function of spin phenomenon as observed in gravity separation of liquids. When spun, milk 
and cream separate. Therefore, relative specific gravity 1s function of mass versus spin. Magnetics and 
gravity are both spin related. In part, a top levitates when spun. Therefore, spinning magnetic fields are 
a functional motor source as in flying saucers. 


ABSTRACT: Technology of New Energy: 


Developments in the understanding of Electricity, along with Materials which were not previously 
available, allows the construction of Devices which collect energy in large quantities, from the Earth's 
Ambient Electrical Background. This Energy is naturally occurring, environmentally benign and is 
available everywhere. It is available wherever and whenever it is required. New Devices use Resonate 
Magnetic Waves which replicate upon spinning the locally present electrons, providing multiple 
duplicate copies of the Energy Present. Each electron when spun yields both magnetic and electric 
waves in equal proportion. The electrical component is a closed system limited by Ohms Law. The 
magnetic component is an open system not limited and it replicates multiple copies of the energy 
present. 


Special materials and recent developments allow the magnetic energy to reproduce, through resonance, 
unlimited duplicate copies acquired from the ambient background. These Devices harvest the energy 
that has been, and is always present universally. Conventional methods consist of coils and magnets 
systems. Upon moving past each other, the magnetic flux field disturbs electrons which yield electricity, 
which is collected by the coils system. This is accomplished electronically with the new technology, 
without any moving parts and the energy is multiplied such that the Device becomes self-sustaining once 
itis started. This Technology, already presented Worldwide, will be shown at the Conference. 


Dr. Smith 


www.altenergy-pro.com 
e-mail donsml@earthlink.net 


"Putting a stake through the Heart" and thus removing the mental block created by antique physics is 
required. Conditions wherein this becomes necessary are non-linearity, resonance and explosions of any 
sort. Combustibles of any sort such gasoline and atomic explosions are good examples wherein more 
energy out than in, is obvious. You can add to that the non-linearity found in pulleys, hydraulics, steam 
power and suchlike. Magnetic resonance is a highly obvious source for multiplying energy output. The 
sound system present in the piano, demonstrates this very clearly. Energy amplification clearly present 
in the above, demonstrates the silliness attested to by many Physicists. 


Ohmic resistance does not apply to magnetic resonance which travels unrestricted for great distances, 
therefore multitudes of electrons are disturbed, and their back-spin converts from magnetic energy to 
usable electric energy. These same electrons have been around from the beginning of time and they are 
undiminished and will remain so until the end of time. 


ELECTRICAL ENERGY SYSTEMS PREFACE 


Useful Electrical Energy 1s obtained directly from electron spin induced by incoming magnetic waves, or 
indirectly through mechanical exchange as in dynamo type devices. Simply put, electron spin converts 
from magnetic to electrical energy and vice versa. Nature provides grand scale magnetic wave 
induction throughout the universe, for free. In Electrical Systems, movement is at right angles to the 
direction of current movement. This explains the rotary movement of the Earth and other related 
Systems. The rate of Spin for the Earth 1s known as well as the mass (5.98 x 10% Kg - "Physics for 
Scientist and Engineers , by Raymond A. Serway, Saunders College Publishing, 2nd Ed. page 288, Table 
14.2), therefore the amount of incoming Electrical Energy which produces this action can be calculated. 


It can be seen quite easily, that the incoming magnetic wave energy 1s Vast and Continuous. As an 
accretion mass, the Earth is an Energy Sink, getting it's energy from elsewhere, being Cosmic, Galactic 
and Solar. Conversion of incoming magnetic waves into electrical energy provides an unending, 
inexpensive and environmentally friendly source available to all. Cosmic and Galactic Energy is 
available twenty four hours per day. Large amounts of this Energy accumulates in the Earth's radiation 
belts. This Giant Energy Storage, when properly understood, provides a major source of free unending 
electrical energy. Each of My Inventions plugs into this vast energy source. 


A perverse, Intentional Ignorance on the part of the Establishment, prevents recognition of the 
importance of the Energy Systems shown here. Any new system which is favorable towards the masses, 
is considered as disruptive, and therefore not allowed. Those who have the (Gold) Energy Rule (Golden 
rule ) Mandated Destruction of all Humanity is not a consideration. 


This Presenter will remove some of the Fog placed with the intention of preventing the recognition of 
this unending, environmentally clean, electrical energy Source, which 1s present everywhere throughout 
the Universe. The Cost of Harvesting and Using this Free Energy is a function of Human Stupidity. 


RESONANCE CIRCUITS DEMO 


Used to demonstrate electromagnetic radiation between 
two UC circuits - one a transmitter and the other a 
receiver. When the 1.5 volt power transmitter is pulsed, 
the radiated signal is picked up by the remote receiver 
circuit which then lights up a 70 volt neon lamp. 


With this apparatus, the student quickly understands 
some basic principles governing wireless communication, 
broadcasting, etc. 


Kit: 10-416 $49.95 


THE SCIENCE SOURCE 
WALDOBORO, MAINE 04572 
P.O. BOX 727 


Tel. 1-800-299-5469 
info@thesciencesource.com 
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Transmitter Receiver 
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Diagram of transmitter and receiver coils 


ULTIMATE ENERGY SOURCES 


A human is a speck of dust on Earth, the Solar System is a speck of dust in the Galaxy and in turn, the 
Galaxy is a speck of dust in the Universe (Cosmos). All of these respectively represent vast ambient 
energy reservoirs. Awareness of the Sun, opens doors into other energy sources. Electromagnetic 
Energy which 1s present everywhere throughout the Universe, is accessed by catalytic activity, directly 
as in Solar Cells or indirectly as by mechanical means. Resonate, Magnetic Waves (Faraday's "Action at 
a Distance") allow Energy Activation Transfer to remote points of usage. The method of capture and 
use of this Energy is optional, and therefore it's cost is a function of Human Stupidity (Free-Energy). 


Direct access 1s more desirable, and technology transfer from Solar Cell-type Devices provides the 
Catalyst. Enormously high Ambient Energy Levels are not detected by instruments that use the 
Ambient Background as a Reference Plane. A spoonful of water lifted from the Ocean does not define 
the Ocean. Incoming magnetic waves are reflected, Deflected or absorbed. Deflected Magnetic Waves 
spin electrons sideways producing useful Electrical Energy. Absorbed Wave Energy produces heat, 
therefore a hot interior for the Earth. In Electrical Systems physical movement is in the direction of 
current flow, frictional drag from inflow current defines gravity. Accretion masses resulting from 
Energy Sinks, provide all solid entities with their respective gravitational effect. 


Increasing the tolerance level for Intellectual Awakening opens Doors of Reality. These doors blink 
into, and out of existence, and upon recognition, benefit Mankind. Opening some of these Doors, which 
at the present time are seen through a deep fog, 1s our purpose. Exploring Unrecognized Energy 
Sources, which are a Part of the Ambient Background, is another goal. Our Available Instruments do 
not use reference planes which allow recognition of this energy, as we shall see, vast Energy Sources 
that totally surround us are available through Technology Transfer. They are inexpensive (Free), fully 
self-renewable and environmentally benign. 


Incoming Magnetic Wave Energy with Faraday's "action at a distance" will be looked at closely. 
Particle Physics will be left for the Astrophysics. Excited Electrons at point "A" the Sun (including the 
Galaxy and Cosmos) do not travel to point "B" the Earth, however a corresponding action occurs at point 
"B". The Electrons being disturbed at the Central Power Plant, in the same manner excite the Electrons 
at Your House, upon switching into an Earth grounding (known as "flipping the switch"). 
Correspondingly, there are Four Major Power Sources providing enormous amounts of Ambient 
Background Magnetic Wave Energy. They are The Cosmic, Galactic, Solar and Earth's Ambient 
Electromagnetic Backgrounds. The Earth's Electromagnetic Field comes from reflection, deflection and 
absorption as a result of action at a distance from the above. 


Prescription Physics mandates that the Earth's background is of little interest. When we have 
Considered the evidence herein, it will become obvious that Special Interest's effort at keeping the 
People ignorant has, until now, largely succeeded. 


Information for the entire World 1s available regarding the Magnetic Flux Background of the Earth's 
Surface (United State's Geological Survey, Colorado, USA, Office). When examined and properly 
understood, these Maps yield important information regarding reflection, deflection and absorption of 
incoming Magnetic Waves, plus action at a distance. When properly understood, these Maps reveal a 
very large Ambient Electromagnetic Energy Source. This is the Part of the Earth's Energy System that 
relates to the Bird on the High Voltage Line. When deflected, magnetic flux from electrons changes to 
electrical flux, providing the Motor System that spins or rotates the Earth. Physical movement by 
electrical systems is from inflow current movement. What level of current movement is required to spin 
the Earth? The Earth's Mass is 5.98 x 10°. From this Information, the Watts of Electricity Required 
may be calculated! Absorbed microwave flux energy heats from the inside out, therefore a hot interior 
of the Earth results. Water is strongly diamagnetic, and on windless days, ocean waves provide visible 
Proof of the overhead incoming magnetic flux. From the information above, the Earth's weight and rate 


of spin allows the calculation of the amount of incoming ambient background energy required. As You 
can see, it is not inconsequential as Prescription Physics mandates. 


Astrophysicist are concerned with charged particles that whiz by, once every one hundred years, rather 
than Wave Phenomenon associated with action at a distance. This highly Active Wave Energy translates 
into Electrical Energy at point "B". The Galaxy is alive With Energy which is billions of times greater 
than that of the Sun. Visible Light is a very tiny part of the Electromagnetic Energy Spectrum. 
Frequencies present in the Galaxy and Cosmos allow Radio Telescope photographs of their existence 
and magnitude. One such 408 MHz photograph of the Electromagnetic Energy Spectrum shows that the 
Earth 1s a tiny speck of dust in this Enormous Ocean of Energy, and can be seen near the left end of the 
Central High Energy Area. 


This Energy extends in all directions. Accretion and formation of Planets, Suns and Galaxies are results 
of energy sinks and variable sized black holes. Mass retains heat, and is cooked from the inside out by 
the microwave background energy provided by the Universe. Flux movement into energy sinks, 
provides the frictional force know as gravity. Spinning mass in the presence of incoming flux amplifies 
the gravitational effect. 


At present, only Solar Energy is recognized. It is inconsistent, flaky and a very small Part of the 
Magnetic Wave Energy Present. Technology Transfer from Solar Power provides uncomplicated and 
inexpensive, direct access to the Other Greater Energy Sources. All Electromagnetic Energy harvesting 
methods include a Catalyst, a Collector and a Pump. Catalysts include sensitization through doping with 
certain elements, air and earth groundings. Collectors include temporary storage as in Capacitors, Coils 
and Transformers. The Pump System includes induced movement onward to the point of use. 
Conventional rotating coils and magnet systems activate electrons present, such that action at a distance 
can occur, therefore it is an energy activation pump. In Direct Access Systems such as Solar Cells, the 
same occurs without mechanical action. Direct access occurs when Magnetic Waves impact a catalyst, 
spinning the local electrons sideways, producing useful electrical energy. 


Indirect acquisition of electrical energy by mechanical means is wasteful, troublesome, expensive and 
degrades the environment. The dynamo is a combination collector and pump of energy which is 
collected from the Earth's Ambient Energy Background. Generators do not. make electricity, they 
collect it from the Ambient Background and forward it, as in Faraday's "action at a distance". Energy 
Conservation Laws relating to these systems, relate to gray areas, and when understood, are excluded 
because of the existence of External forces, open and non-linear systems as per Einstein. The 
Knowledge Base just viewed, provides a Direct Understanding of the Requirements for Harvesting of 
unending, fully renewable, environmentally benign Sources of Electrical Energy. 


Magnetic Resonance Power System 
Suggestions for Construction 


This 1s the Basic Sonar Power System which permits submarines to see approximately 50 miles distance. 
What 1s not commonly known is that it works better at higher frequencies in the Gigahertz range. Any 
Device that can radiate 50 miles plus, 1s producing an enormous electromagnetic disturbance from a 
small input into a rod of magnetostrictive material. Disturbing the Earth's Ambient Background plus the 
strong dipole being produced, turns the magnetostrictive rod into a combination of a receiving antenna 
and a vastly superior output transformer. 


The Drawing 1s only the Key Unit. A power input module and an output inverter circuit (diode bridge 
plus output transformer) are also required. The metal core and the wire size of the output transformer, 
plus adjusting the Earth Grounding of the Load, will determine the Amperage. 


The Ideal rod material is Terfenol-D (check the internet). However a 1.5" diameter 10" long rod, costs 
over $5,000 each. Less expensive alternatives are obvious. When constructing, use PVC tubing with 
removable caps. Wind the coils on it and insert the experimental rod. Use only magnetostrictive 
material. When you get it right, you will have exactly what the Doctor ordered: 


Magnetic Resonance Power System for Water Systems 
Donald L. Smith 


NEGATIVE 
PULSATING Bele 


POSITIVE 
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Magnetostriction oscillators work by magnetic resonance in a rod of magnetostriction material. This rod 
serves two purposes: It vibrates at the frequency of resonance oscillation, and it becomes the feedback 
transformer. Frequency is determined by items 4, 5, 6 and 8. The diameter, length and volume of the 
rod and output windings, determines the output. Item 2 provides feedback into the system. The 
negative magnetic character of item 8 plus the windings 2, in reaction to the magnetic flux field provided 
by 9, increases (amplifies or magnifies) the output. Magnetic permeability is the counterpart of negative 
resistance. Resonating with negative magnetic resistance, it pumps energy from the Earth's ambient 
background. Magnetic permeability is the ratio of flux density (Earth's B field) to the magnetizing force 
(H) in oersteds. 


Magnetostrictive materials are piezoelectric in character, and have a very high resistance to electrical 
current flow. Examples are: 

1. Permealloy Negative Magnetic Permeability > 80,000 

2. Sendust Negative Magnetic Permeability 30,000 -120,000 

3. Metglas Negative Magnetic Permeability > 200,000 

4. Iron with ( 34% ) Cobalt Magnetic Permeability 13,000 

5. New Technology Magnetic Permeability > 1,000,000 


ELECTRICAL ENERGY SYSTEMS METHODS 


1. DIRECT - Faraday's "Action at a Distance" incoming magnetic wave conversion to useful electrical 
energy. This includes Cosmic, Galactic, Solar and Magnets. Technology Transfer 1s 
from Solar Cell Technology. 


2. INDIRECT - Electron Stimulation-Induced Electron Spin Systems, Electron Avalanche Pumping 
Systems 


Primitive, Indirect Conversion from another form of energy. Coils and Magnet as in Dynamo 
Systems (Closed Systems). Chemical Systems, Atomic, Pons & Fleischman and etc. 


Advanced, Direct Conversion, Magnetic Wave ( Open Systems ). 
Ambient Sources 
Air Core Coil Systems 
Gaseous Tube Systems, 
Solid State Marx Generator Avalanche Type Systems. 
Leyden Bottle Capacitor Types inserted 1n Lakes and other. 
Magnet Systems 
Electron Beam Antenna Systems 


3. TRANSFER MECHANISMS 
Solids - as in metal conductors 


Gaseous as in radio wave transmission, a form of ionization. 


Sensitizing of Systems by use of Trace Doping with Radioactive elements, includes 
metal surfaces. 


Open Systems, non-linear with external forces. Albert Einstein in a direct quote from his 
biography states that these are excluded from the conservation of energy 
laws. 


Closed Systems Maxwellian Type Systems. Mathematics are predictable requiring 
deductive reasoning. Ohm's Law is King, and Establishment Intellectuals 
being comfortable with this, brand all else as a violation of the Laws of 
Nature by obtaining something for nothing. This is Dishonesty grand mal. 


AMBIENT ENERGY SOURCES 


Radiation System Diffusion Method Magnetic Wave Energy 
1. Cosmic Reflection, Deflection Ultraviolet 
and Absorption 
2. Galactic Reflection, Deflection Infrared 
and Absorption 
3. Solar Reflection, Deflection Visible Light 
and Absorption 
4. Earth Reflection, Deflection, Earth's Electrical 
Absorption, 


Faraday's "Action at a Distance" 


also, a Composite of all of the 
above 


A deep fog pervades the entire Scientific Community with regards to the Significance of the Above 
Energy Sources. Magnetic Waves convert directly into Electrical Waves (useful electricity). Two sides 
of the electromagnetic system are always present and never separate. Local electron spin provides 
(action at a distance) the flip side of the incoming magnetic wave energy. 


Enormous amounts of incoming magnetic wave energy becomes a part of the Ambient Background, and 
as such, cannot be measured directly. Reconstruction from indirect information, allows us to establish 
the actual energy levels which are present. Instruments provided by the Scientific Community measure 
only point "A" to "B", and when both are ambient, no potential energy is shown. This is the "bird sitting 
on the million volt power line and sensing nothing" approach. The Earth's actual ambient background 
has as it's Energy level multi-billions of Volts, which are conveniently and obliviously ignored by the 
scientific community. When properly understood, this enormous, never-ending source of 
environmentally-friendly energy becomes available. 
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Electrical Energy System 


Don L. Smith, Energy Consultant 


At a meeting between J.P. Morgan, Edison and Tesla, Tesla proposed an Electrical Energy 
System which could he connected into directly, without using a meter. Tesla's Idea of "Free 
Energy" was not compatible with their thinking. Courtesy of Morgan and Edison, from that 
day foreword, a complete and total bastardization of the Idea has been in progress. Agents for 
Morgan and Friends include the U.S. Patent Office and Academia. Academia's bad habit of 
incestuous quoting of each other, eliminates them as a possibility in cleaning up the mess. 
This selective ignorance, permeates throughout the study of electricity. 


Many people, otherwise known as "intellectuals", have a total blackout and become jabbering 
idiots when "free-energy" is mentioned. The term has been amended to say, "something which 
was never there is being harvested and that this violates the laws of physics". For the 
selectively ignorant, this seems the way to run. Those who choose Morgan's drum beat, have 
severely limited the possibilities built into electricity. 


This paper will be an exercise in creative understanding, in placing updated knowledge at your 
disposal. Whether it becomes a useful tool or is selectively ignored is your choice. 


Electrons are defined as being the practical source of electrical and magnetic energy. The 
electron as a particle, was postulated by professor J. Thompson in early 1900's. It is now 
universally accepted that the electron exists and that it is the source of electricity. When the 
electron is agitated it produces magnetic and negative electrical energy. Physics as it exists 
today, cannot explain why the electron remains intact and 1s not diminished by the energy it 
releases. This is a part of the built-in ignorance provided by the Morgan and Edison Camp. 


One volts worth of electrons, when cycled, yields one volts worth of electricity. This can be 
repeated continuously forever and it never deplete or diminishes the electrons in question. 
They simply return to their air and/or earth source, waiting to do the whole thing again and 
again. Therefore, electrical energy is available, anywhere and everywhere humans go. People 
who intercede for profit, set the cost of electrical energy. Otherwise, all electrical energy is 
free, Morgan and Edison be damned. 


Improving upon Professor Thompson's postulation, other obvious characteristics can be seen to 
further define the electron. It has both magnetic and electrical emanations resulting from a 
right-hand and left-hand spin. Since magnetism and amperage come as one package, this 
suggest, that electrons in their natural non-ionic state, exist as doublets. When pushed apart by 
agitation one spins and supplies electricity and the other spins and provides magnetic 
(amperage) energy. When they reunite, we have Volts x Amperage = Watts. This Idea, until 
now, has been totally absent from the knowledge base. 


The number of times that an electron is cycled, sets the collective energy potential present. 
The electrical equivalent of E = mC’ is E = (Volts x Amperes) x (Cycles Per Second). Those 
who choose, are now free to head for the bushes and make their usual contribution to 
humanity. 


Prior to Tesla, there was a large group of people in Europe, who were building resonant coil 
systems for medical use. Amperage was dangerous in their coil systems. The Tesla Coil is 
only the Voltage half of their coil system, as will be demonstrated. 


A short list of those (from 1860 onwards) active in resonate high frequency coil systems 
include; the Curies, Roentgen, Ruhmkoff, Oudin, Hertz, Levassor, Dumont, D'Arsonval and 
many others. 


Peugeot, Panhard-Levassor, Bollee, Renault and others had successful electric automobiles in 
production using A C. motors. Various electrically-powered airships, including the Dirigible 
"France" were in service. 


D'Arsonval, Professor of Experimental Medicine at the College of France, invented the 
electrocardiograph, oscilloscope, amp and volt meters, thermography and numerous other 
medical applications of high frequency electricity. As early as 1860, he was building high 
frequency coil systems, which he used in his experimental work. There is a strong connection 
between the work of Tesla and the people mentioned above. 


Electric vehicles of all sorts, dominated until the 1920s, when the electric starter motor made 
the internal combustion engine practical. Prior to that, upon cranking, 1t frequently would 
break the owner's arm. At that point the use of batteries as a source of power was replaced by 
oil. 


The establishment's carpet has some rather large lumps under it. Coulomb's and Newton's 
inverse square law is politely ignored and it's opposite is allowed to have only the most 
abstract status. Without opposites we have no definition. 


The source value of a remote flux reading, requires the squaring of the distance, times the 
remote reading, to obtain the original value. The opposite of this, being the derivations relate 
to Energy equals Mass times the Velocity constant squared. The electrical equivalent, being 
Energy equal capacitance times voltage squared and Energy equals induction times amperes 
squared. Flux lines increase as the law of squares and then activate electron energy which was 
not previously a part of the sum. The cumulative capacitance and inductance increase as the 
outer ends of a Tesla coil are approached, and this results in output energy being greater than 
the input energy present. This Energy is real. It can be safely measured by magnetic flux 
methods and electrostatic voltmeters, based on the inverse square law 


As seen above, flux lines result both from induction-henrys-amperage and capacitance- 
coulombs-volts, and define electrical energy. The non-linearity of this system does not obey 
Ohm's law, which is replaced with impedance and reactance for alternating current systems. 
Impedance is the sum of the system's resistance to AC current flow, and this becomes zero at 
resonance. In resonant induction systems, a cycles-per-second increase, invokes a second 
round for the law of squares. 


The degree to which flux lines are present, disturbs an equal amount of electrons, upsetting the 
ambient background energy, resulting in useful electrical energy being obtained. The 
frequency at which the disturbance occurs, increases the useful energy available, and it obeys 
the law of squares. Two square-law components, flux density and frequency are involved. 
Enter resonance which cancels the resistive effect. 


Only the electrical energy which is either above or below the ambient level 1s useful. For the 
Central U.S. going east to west, ambient as approximated by electro-static voltmeters and flux 
methods is 200,000 volts on a solar-quiet day. At night time, the ambient energy level drops to 
about one half of the daytime value. On a solar-active day, it may reach more than five times 
that of a solar-quiet day. Ambient background energy at the polar regions, is approximately 
500,000 volts on a solar-quiet day. The background energy varies as it relates to the North- 
South component and the East-West continuum. 


This leaves us with an interesting problem. Electrons, when disturbed, first produce magnetic 
flux and then produce electrical flux when they spin back to their normal position. Therefore 
any electron movement produces above ambient energy, being over unity. 


ELECTRICAL ENERGY WITH ASSOCIATED PHENOMENA 


1. Current-amperes results from the unequal distribution of negativity (electrons). 
2. Electron spin causes electrical current and magnetic lines of force. 


3. Magnetic imbalance causes the gravitational effect. This is evidenced in electric 
motors by magneto-gravitational displacement of mess, which causes the motor to 
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* Below 20,000 Cycles Per Second = Fields 
Above 20,000 Cycles Per Second = Waves (Radio Frequency) 


Derivation of Magnetic and Electrical Power 


Analogous Relationships: 


1. Potential Power is present in a bar magnet as shown: 


BLOCH WALL {Space} 
(Area of Electron Spin Seperation ) 


Y 


More Negative Less Negative 


y À 


Domain nos: 
Domain has: : 
Left hond goin Right hand spin 
= (= Source of Ampeares ) 


t= Source of Volts) 


2. The Source of these Electrons being from the Solar Plasma, are non-ionic and occupy all 
Free Space. They are commonly obtained from Earth and Air Groundings. They exist in 
Doublet Pairs, one being more negative than the other. The more negative one has a Left 
Hand Spin. The less negative one has a Right Hand Spin. 


3. Resonate Electrical Coil Systems (Tesla ) are Analogous to the System observed in the Bar 
Magnet (above). The Bloch Wall Area is Located at the base of the L-2 Coil. The Left Spin 
portion of the coil (Voltage Only ) Coil predominates. The Right hand Spin portion of the 
coil (Magnetic-Amperage) is mostly absent. 


Tesla Coil Geometry * 
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Induced Electrical Energy System 


Collection and transfer of energy requires temporary storage, which occurs as capacitors and coils of a 
resonant circuit are cycled, on and off. The frequency at which the capacitors and coils are pumped, 
determines the amount of electrical energy that moves onward. 


The amount of Energy transferred relates directly to the density of lines of flux present. The Kinetic 
Energy Formula is helpful in establishing the amount of energy present. This formula squares the 
velocity times mass. In the case of electrical energy, the intensity of voltage and amperes multiplied by 
the cycles per second, replace the velocity component. 


Note that the "acceleration" of the Voltage "E" and Amperage "I", which increase as non-linear 
components, then obeys the Law of Squares. 


Each unit of increase, causes a squaring of the flux lines present. The amount of energy transfer 
caused by this increase in flux lines is demonstrated below. 


Increase in Flux Lines Present Symbolized 


-m HEE 


One Volt Two Volts = Four Four Volts = Sixteen 


In resonant air-core coil energy transfer, the increase in flux lines present disturbs more electrons than 
previously, resulting in over-unity energy being present and available. 


Energy stored, times the cycles per second, represents the energy being pumped by the system. 
Capacitors and inductors store electrons temporarily. 


Capacitor formula: W = 0.5 x C x E x Cycles per second where: 


W = energy in Joules (Watt Seconds ) 
C = capacitance in farads 
E = applied potential in volts squared. 


Inductor (Coil) formula: W = 0.5 xL xIx Cycles per second where: 


W = energy in Joules (Watt Seconds ) 
L = inductance in henrys 
| = current in amperes squared 


Both one henry, and one farad, equal one volt. The higher the cycles per second, including the 
squaring of the flux lines, cause a large increase in the amount of energy being produced. 


The above combined with a resonant energy induction system (where all electrons are moving in the 
same direction at the same time), make the next move into over-unity practical. 


The dampening process of conventional electrical power generation, has all the available electrons 
bouncing randomly, mostly cancelling out each other. In that System, the useful energy available is a 
very small percentage of the energy which is present. 


In the resonant induction system, a very high percentage of the energy present is useful. At resonance, 
(ohms-impedance-Z) becomes zero and all of the energy present is not degraded and becomes 
available to do useful work. "Ohms" is load or wasted energy, and "amperes" is the rate of that wasting 
of energy. 


Using the previous information, if we now apply it to an air-core coil, resonant transformer energy 
system. L-1 and L-2 coils are now present. L-1 has a smaller number of turns and is several times the 
diameter of L-2. Input from a 12 volt high-voltage laser driver source, produces 8,000 volts with a low 
level of wasted energy, pushing amperage into, say, 4 turns of coil L-1. Each turn of the L-1 coil then 
acquires 2,000 volts of resonant potential. Consequently, each turn of L-2 is then exposed to the 
electric flux of 2,000 volts. Each turn at the bottom end of L-2 acquires 2,000 volts. The flux lines are 
Squared and are additive as the voltage and amperage progresses towards the top end of L-2's large 
number of turns. 


A huge number of additional flux lines which were not previously present become present at the top end 
of the L-2 coil. These flux lines excite the nearby electrons in it's earth and air and groundings. This 
high level of excitement above the ambient, causes a large number of electrons which were not 
previously a part of the energy present, to become available for use. At this point over-unity is present 
in large amounts. 


The "bubble gum between the ears" response to this is: "this must be lots of volts but no amperes". 
Please recall that amperage is wasted energy, and that until that wasting occurs, there are no amperes. 
A good way to demonstrate this, would be to let the bubble gum crowd put their hands on the high- 
voltage end of the device while standing on wet ground (a people zapper). Note: don't do this. 


This over-unity device produces energy at radio frequencies which range into the megahertz band. 
This allows the device to be small in size, and yet produce large amounts of energy. A megawatt-sized 
unit will sit comfortably on a breakfast table. This energy is changed to Direct Current and then 
switched to produce the desired working frequency AC. 


Power Triangle 


L2 Power 


Li Power C 


A: Volts x Amperes (the Available Power) 
B: Yolts x Ampres x Time (the Used Power) 


C: Volts x Amperes x Recative (the Resinant Power) 


1. Random movement of electrons in "A" and "B", mostly cancel each other out. This 
dampening, or wasteful concept of energy, is a source of much pleasure for the 
establishment. 


2. "C" (Volt, Amperes, Reactive "V.A.R."), is the situation where all of the electrons move in the 
same direction at the same time. This results in near-unity energy output by resonant 
induction transfer. 


3. Resonant induction transfer from one isolated power system, allows other resonant induction 
systems to duplicate the original source, which in no way diminishes the original source. 
Air-core coils (isolation-transformers) confirm this when they are a part of one of these 
functioning systems. A less perfect illustration would be the fact that the number of radio 
sets tuned to a particular radio transmission, does not alter the power required at the radio 
transmitter. 


4. Resonant induction transfer, disturbs a large number of adjacent electrons which were 
not a part of the original input power source. The pulsating-pumping effect then draws in 
the newly available additional electrons into the on-going energy generation system. A near 
unity energy system of resonant air-core coils and the extra acquired electron-energy source 
constitute an over-unity system. 


Electrical Power Generation / Points of Reference 


Useful Electrical Power is Generated when Electrons from Earth and Air Groundings are 
disturbed by the movement of coils and magnets with reference to each other. The resulting 
electrical and magnetic energy is then changed to joules [watt-seconds: Volts x Amps x 
seconds]. Each forward electron movement results in a magnetic impulse and each return 
movement causes an electrical impulse. The composite of the electrical energy impulses from 
these electrons yields useful energy [Power]. 


Let the above electron movement be represented by a room full of ping pong balls bouncing 
randomly. Most of the energy present cancels out by random impacts. This is the Classic 
Under-Unity approach to Electrical Power Generation, sanctioned by the Establishment. 


In contrast to that, in the Electrical Energy Generation System presented here, the resonant 
Electrons are all moving in the same direction at the same time. This allows Near-Unity 
Electrical Power to Develop. This is the room-temperature equivalent of super conductivity. 


The Energy System presented here, consists of a properly-adjusted and functional resonant 
air-core coil tank. The magnetic energy is stored in the coil system and the Electrical Energy is 
stored in capacitors. From Maxwell and others, we know that electrical-related energy has an 
equal amount of magnetic energy associated with it. 


"The formula which establishes the Useful Energy of the System": 


Joules = 0.5 x C x V squared x C.P.S. squared 
units: 
Joules (Volts x Amps x Seconds) Watt Seconds 


C = Capacitance in microfarads 
V = Potential in Volts 
C.P.S. = Cycles per second 


The transfer of Electrical Power by Resonant Induction is a direct function of the squaring of 
the cycles per second. For example, square 60 C.P.S. and then square the radio frequency 
C.P.S.s of the System here presented. Obviously, One Million Cycles per Second transfers 
more energy than Sixty Cycles per second. The Sanctioned Method of Electrical Power 
Generation uses the 60 C.P.S. Method. Using 60 C.P.S. and the random scattering of the 
Electrons System, assures the Establishment of it's desired Under-Unity Goal. 


This random bouncing of the Electrons is the Ohms of Ohm's Law and is used to establish the 
rate of dissipation and/or Load [Work]. 


In the Resonant Tank Induction Energy Transfer System presented here, Impedance [system 
resistance] replaces the conventional ohm's usage. At Resonance, impedance becomes zero 


and the full force and effect of the Energy Transfer occurs. This is superconducting conditions 
at room temperature. At radio frequency the Electrons do not pass through the conductor as 
they do at lower frequencies. Instead, these Electrons encircle the conductor and are free of 
the conductor's resistance. 


Let the Establishments Power Generation System be called 'A" and the System presented here 
be called "B". 


With "A": Given 60 C.P.S. at 120 Volts using a 10 microfarad Capacitor: 


Joules = [0.5 x 0.000010 x 120 squared] x C.P.S.s squared 


(120 x 120 = 14,400) 
[0.000010 x 14,400 = 0.144] 
[0.144 x 0.5 = .072] 

(0.072 x 3,600 = 259.2] 


Using the Inventor's Resonant Induction System, the Electrical Power available would then be 
259.2 Joules [Watt-Seconds]. Using the Establishment's method only permits less than 10 
Watt-Seconds of Useful Electrical Energy. 


"B". Given One Million Cycles per second at 100,000 Volts, using a 10 microfarad Capacitor. 
Joules = [0.5 x 0.000010 x 100,000 squared] x C.P.S.s squared 


(100,000 x 100,000 = 10,000,000,000) 

[0.000010 x 10,000,000,000 = 100,000] 

(100,000 x 0.5 = 50,000] 

(50,000 x One Million squared = 50,000,000,000,000,000) 


The useful Electrical Energy available is greater than 50 Mega Watts. Since the Resonant 
Electrons are non-impacting, all of the Energy is available for direct usage. 


Benefits of the Inventor's System 


1. Induction Energy transfer is enhanced by the squaring of the cycles per 
second produced by the System. 


2. Induction Energy transfer is enhanced by the squaring the input voltage 
and amperage. 


3. The increase of the flux lines occurring from the above, disturbing more 
electrons, causes more electrical energy to become available. 


4. Resonant Induction has all of the Electrons moving unimpeded, 
resulting in superconductor conditions at room temperature. 


5. A smaller amount of energy is used to disturb a larger number of 
Electrons. Electrons not originally a part of the System then contribute 
their energy, resulting in a net gain in available usable power. 


6. The physical size of the System [Device] is small. The Device 
described in "B" sits comfortable on a breakfast table. 


7. A small energy source is used to start the device and that source 
remains fully charged at all times by the System. 


The Evidence Against Under Unity 


. Use of Logarithmic Scales on electrical measurement instruments. Linear measurement 
works fine where Ohm's Law applies (direct current). In alternating current, ohms are 
replaced by impedance and the measurements become non-linear. 


. Infinite "Q" at resonance confirms that voltage and amperage is squared, as in the kinetic 
energy formula. See the formulas of this report. 


. Square waves are clipped infinite "Q"s. 


. Maxwell and others show that magnetic-inductance-amperage and electrical-capacitance- 
voltage are two sides of the same coin. Magnetic-inductance is directly equal to amperage. 
Both obey the Law of Squares, which has over-unity built in. 


. Magnetic and electrical flux are present in enormous amounts at the outer ends of an 
operating Tesla Coil. 


. Ignorance of how to measure and relate magnetic and electrical flux, is the chief weapon of 
the under-unity gaggle. 


. The Cumulative inductance and capacitance of the Tesla Coil grounds itself out, if not 
properly utilized. See this report for the temporary energy storage accessible, when 
properly managed. 


. The Patent Office refers devices related to over-unity to their metering group, which is a 
sure indication that they are aware and accept the logarithmic measuring devices. This is 
direct and absolute evidence that they accept the square law as it relates to kinetic energy. 
This also indicates they are aware that over-unity exists. Since their bureaucratic brain is 
improperly motivated they continue to badger inventors who are working in the over-unity 
arena. Their level of intellectual dishonesty is sanctioned by, and is a real part of doing 
business with, a government which prides itself in being a hooliganistic bureaucracy. 
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An Answer to America's Energy Deficit 
Donald L. Smith 


Energy Consultant 


Energy, energy everywhere and not a Joule to Jounce. Conventional wisdom, when properly tuned will 
appreciate the nature of energy, as here presented. The basic unit of electricity (the electron) upon 
encountering a moving magnetic field (or wave) spins, giving off an electric impulse. When this impulse 
collapses, it spins back to it's natural position, giving off a magnetic impulse. Therefore, magnetic and 
electric are two sides of the same coin. When the magnetic side is pulsed, it yields electricity and 
conversely, pulsing of the electrical side yields a magnetic field. Moving one in relation to the other 
produces useful energy. When done consecutively, each cycle pushes (current) forward, while pulling 
electrons into the system... in much the same way as a water pump moves water. These electrons are 
obtained from Earth and air grounding. 


The word "electric" comes from the Latin word electron "amber". When rubbed, amber develops an 
electrical charge, which can be transferred to a dissimilar substance. During the seventeenth and 
eighteenth centuries, a great deal of attention was centered on this attribute of amber. Amber was used 
to differentiate the non-metals. Carbon-related substances and other non-metals, when subjected to 
friction, give up negative electrical charges. On the other hand, metals when subjected to friction, 
simply conduct the charge. lt is important to note that approximately 70% of the Earth's exposed 
crustal portions (surface) consist of silicone-related non-metals (electron donors) and become a direct 
source of electrical energy when properly agitated. 


Useful electrical energy can be obtained by grounding into the Earth's non-metal crust and into it's 
atmosphere as a natural source of electrons. These electrons have accumulated from the solar plasma 
during the aging of the Earth for more than 4.5 billion years, at a rate exceeding 3.9 exajoules per year 
This indicates that the Earth's electrical field contains in excess of 17.6 x 10%? of cumulative exajoules of 
energy. One exajoule is the approximate energy equivalent of 125 million barrels of oil. The electrical 
energy in one display of lightning is approximately ten trillion joules. During each 24 hour period, the 
land portions of Earth's surface yields in excess of 200,000 emissions, which involves more than 2,000 
quadrillion watts. 


C.F. Gauss (1777-1855) and H.C. Oersted (1777-1851) were each separately trying to define the 
Earth's electrical field with all external influences removed. These external influences being solar-quiet 
periods and being remote from the land's surface. The air electricity background which they measured 
varies with latitude. Their European measurements correspond to approximately the latitude of 
Washington. D C. They were measuring magnetic field flux as an indicator of negative electron energy 
active and present. A related family of measurement are now presented. Units of measurement used 
to define flux fields include Gauss (one unit = 100,000 volts), Oersted (one unit = 50,000 volts), Tesla 
(one unit = 10,000 Gauss) and Gamma (one unit = 1/10,000 of a Gauss). Much confusion exists in 
electrical related publications about these units. As presented here they are correct with values taken 
from their original definitions. 


The entire surface of the Earth has been surveyed by aerial magnetometer, in most cases using 
gamma or nano teslas. One gamma is the magnetic flux equivalent of 10 active volts of electricity. 
When the data is corrected for flight height tt becomes obvious that there are numerous areas where 
the gamma readings exceed one trillion gammas. Lightning strikes from the ground up are in that 
energy range. With knowledge of these electron enriched areas, the quality of Earth grounding, 
becomes enhanced. The correction necessary for land surface data when acquired from aerial 
magnetometer maps (using Coulomb's law) requires that the remote distance be squared and then 
multiplied by the remote reading. As an example, if the remote reading is 1,600 gammas and the flight 
height being 1,000 feet. Take 1,000 x 1,000 = 1,000,000 x 1,600 gammas = 1.6 trillion gammas x 10 
volts = 16 trillion volts equivalent for land surface data. Present day methodology requires mechanical 
energy in exchange for electrical energy. Once obtained, this energy is subject to Ohm's Law. Present 
Methodology obtains it's electrical energy from it's non-metal and air groundings. 


This same energy can be obtained without the wasteful mechanical approach and at a much, much 
lower cost. Any required amount of electricity is available by resonant induction transfer from the 


Earth's magnetic and electrical fields. The major difference is in the functioning of Ohm's Law in 
relation to resonant circuits. In the resonant induction system suggested here, system resistance (Z) 
becomes Zero at resonance. 


Therefore, Volts and Amperes are equal (V.A.R.) until work (load) is introduced. 


Each cycling of this resonant induction system pulls in additional electrons from the Earth's electrical 
field, generating electrical energy in any required amount. In this system, a small amount of electrical 
energy is used to activate and pull a much larger amount of energy into the system. 


This electrical advantage corresponds to the pulley and lever of the mechanical world. The electrical 
system presented here is extremely efficient. Using present methodology as a basis for comparison, 
with it's 60 cycles per second system. The resonant induction system, cycling at 60 million times per 
second produces one million times the energy which is produced by the present energy systems. A 
single small size unit of the resonant induction system has more usable electrical output than a major 
conventional unit. The radio frequency energy produced is easily changed to Direct Current, and then 
to the present 60 cycles per second system in preparation for commercial usage. 


The Patent Pending on this system is #08/100,074, "Electrical Energy Generating System", dated 
4 February, 1992. 


Definitions: One Joule is one watt for one second 
One Watt is one volt ampere 
V.A.R. is Volt Amperes Reactive 


Additional Reading: 


Electricity and Magnetism by B.I. Bleany and B. Bleany Oxford University Press 1991 
ISBN. 0-19-851172-8 


Engineering Electromagnetics by W. H. Hayt. Jr. McGraw-Hill 1989 ISBN. 0-07-027406-1 


Energy Methods in Electromagnetism by P. Hammond Oxford University Press 1986 
ISBN. 0-19-859368-6 


Energy in Electromagnetism by H. G. Booker Institution of Electrical Engineers by Peter Peregrinus Ltd. 
1982 ISBN 0-900040-59-1 


The American Radio Relay League Handbook for 1992 and 1993. 69th and 70th editions. Published by 
The American Radio Relay League. (For V.A.R. information) ISBN. 0-87259-169-7 


Electron Paramagnetic Resonance, Techniques € Applications by R. S. Alger, U. S. Naval Radiological 
Defence Laboratory, San Francisco, California. Pub. Interscience Lib. Congress 
#6 /7-20255 


Geomagnetic Diagnosis of the Magnetosphere by A. Nishida, University of Tokyo 1978 Pub: Springer- 
Verlag ISBN. 0-387-08297-2 


Energy and The Missing Resource by I. Dostrovsky. Pub: Cambridge University Press 1988 
ISBN. 0-521-26592-4 


High Voltage Measurement Techniques By A. Schwab, M.I.T.. 1971 1 S.B.N. 0-262-19096 


Environmental Magnetism by R. Thompson & F. Oldfield Pub: Allen & Unwin, London 1986 
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Geo-electromagnetic Investigation of the Earth's Crust and Mantle. Translated from Russian, By l. I. 
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Electron Paramagnetic Resonance of Transition lons by A. Abragam and B. Bleaney Dover 
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The Electromagnetic Field by A. Shadowitz, Dover Publications, New York, N.Y. 
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Physics of Geomagnetic Phenomena, Several Volumes by S. Matsushita and W. H. Campbell National 
Center for Atmospheric Research, Boulder, Colorado Library of Congress #67- 
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Physics Problems and How to Solve Them by C. E. Bennett, Professor Emeritus of Physics. University 
of Main (Particularly the sections on Electricity and Magnetism, and Units of 
Measure). Pub: Harper & Row ISBN. 0-06-460203-6 


Units and Standards for Electromagnetics By P. Vigoureux, National Physical Laboratory Pub: Springer- 
Verlag 1071 ISBN. 0-387-91077-8 


Surveyor's Guide to Electromagnetic Distance Measurement. Edited by J. J. Saastamoinen, Canada 
Pub: University of Toronto Press 


Electromagnetic Distance Measurement by C. D. Burnside Pub: Granada, London 1971 
ISBN. 0-258-96793-5 


Der Magnetische Kreis "The Magnetic Circuit" By Von Heinz Rieger of Siemens AG. 1970 Berlin and 
Munchen, Germany 1I.S.B.N. 3-8009-4719 6 


Electronic Modelling of Power Electronic Converters by J. A Ferreira Pub: Kluwer Academic 1989 33 
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E.E.S. ll, BACKGROUND INFORMATION & CONCEPT 


With alternating electrical current, electrons do not move from point "A" to point "B" as commonly 
envisioned! Electrical potential (oscillating electrons) at point "A", results in harmonic electron activity 
at point "B", when the grounding switch (circuit) is closed. That is to say, point "B" supplies it's own 
electrons and mirrors the activity of point "A". Impulsing (turbulence) by magnetic induction causes 
electrons to be pulled into the system, which then oscillates. When the magnetic field collapses 
(becomes absent) the electrical potential returns to it's natural background level. 


Several major flaws are present in the conventional 60 cycles per second method of electrical power 
generation and it's iron core transformer system. This system is handcuffed by the inverse 
relationship of volts to amperes. This represents a stodgy, inflexible inheritance, courtesy of Mr. T.A. 
Edison and his concept of electrical power generation. 


Nikola Tesla stood, almost alone, against Edison and managed to prevail with his Alternating Current 
system. Without the alternating current system, electronic things in the modern sense would not exist. 


This report will be concerned with some of the extensions and benefits of the alternating current 
electrical system. This study will limit it's scope to air core coil transformers at radio frequency 
and upwards. The electrical power produced by this method is inverted to Direct Current and 
then to Alternating Current as required for popular usage. There are several important advantages 
of this system over conventional power generation. 


Start with two coils (separate-apart), one being a reactor coil (L-1) and a second coil (L-2), being the 
reactant coil. Magnetic field fluxing (off-on of the electrical source) causes inductive reactance of L-1 
which replicates by induction in L-2. Pulsing of the magnetic field (from L-1) in the presence of L-2, 
generates electrical potential. For example, should the L-1 coil have ten turns, with an imposed AC. 
potential of 1,200 volts. This results in each turn of L-1 acquiring 120 volts of potential. This induced 
magnetic field, then replicates itself in each turn of the L-2 coil. The L-2 coil may have one or many 
hundreds of turns. Modern encapsulation techniques makes high frequency and high energy 
controllable. 


Let's take another important step in this air-core transformer process. For purpose of discussion, let the 
value of inductive reactance at 60 cycles per second, equal one. Each time the frequency is doubled, 
the effectiveness of induction is squared. At about 20,000 Hz, when radio frequency Is achieved, 
the electrons begin spinning free, outside of the inductor and they become increasingly free of 
the inverse relationship of volt-amperes. From this point on, they replicate by the inductive process 
as V.A.R.. That is to say, volts and amperes are equal, until resistance (work) is introduced. 
Therefore, additional, not previously available electrons become incorporated for a very large 
net gain in potential. This gain is real ! 


The quality of the grounding system determines the effectiveness of this method of producing electricity. 
A handy reference to locate the negative grounding areas for power generation can be found in the 
Aeromagnetic Map Studies of the US Geological Survey. They provide an excellent method for locating 
the best sites for optimum negative grounding areas. 


When this method is combined with the induction coil system, already described, it provides an 
electrical power generating system millions of times more efficient than any known conventional 
method. 


This new system ("E.E.S. II") is uncomplicated, physically small and it is inexpensive to build. The 
technology required for it's construction already exists. Maintenance is near zero, as there are no 
moving parts. Once operating, this system could last forever. 


Small mobile E.E.S. Il units are already available as replacements for the batteries used in electric 
automobiles. Larger E.E.S. Il units can be provided as a replacement source of power for hotels, office 
buildings, subdivisions, electric trains, manufacturing, heavy equipment, ships, and generally speaking, 
any present day application of electrical power. 


Earth Electrical System Il, Modular Units 


The system consists of three separate modules. Reverse engineering is used in matching the modules 
to the desired usage. 


HIGH VOLTAGE INDUCTION TRANSFORMER MODULE: 

1. Preferably an off-the-shelf-unit similar to a TV flyback and/or automobile ignition type related coil 
(transformer). 

2. Ratio of input to output may be from less than 1:100 to greater than 1:1,000 A voltage tripler may 
then be used. 


3. A connection allowing the high voltage output to pass onward through the induction coil L-1 and then 
to it's grounding. 


AN AIR CORE INDUCTION COIL TRANSFORMER MODULE: 


1. There are two coils: the reactor coil L-1 and the reactant coil L-2. L-1 has a high voltage radio 
frequency capacitor between it and it's grounding. 


2. Input into the L-1 inductor is divided by the number of turns in it. The magnetic flux field provided 
from each turn of L-1 replicates itself as an electrical potential in each turn of L-2. 


3. L-2 may have one turn or many hundreds of turns. The net gain depends upon the number of turns 
in L-2. Output from L-2 is in V.A.R. With this type of output, volts and amperes are the same 
until work(resistivity) is introduced. 


THE INVERTER MODULE: 

1. Inverts to direct current (D C.) 

2. Inverts to alternating current (A C ), as desired. 

3. Provides customized output of electrical power ready for designated usage 
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Speech presented the evening of 23 July. 1994 at the 
International Tesla Society Convention at Colorado Springs. Colorado. 


DONALD L. SMITH 
ENERGY CONSULTANT 
8110 BENT OAK LANE 
SPRING. TEXAS 77379 


ELECTRICAL ENERGY REFERENCE POINTS 
Electrical Energy Generating System 
Patent Pending # 08/100.074. 2/4/92 


The word "electric" comes from the Latin word electron "amber". When rubbed, amber develops an 
electrical charge, which can be transferred to a dissimilar substance. During the seventeenth and 
eighteenth centuries, a great deal of attention was centered on this attribute of amber. Amber was used 


to differentiate the non-metals. Carbon-related substances and other non-metals, when subjected to 
friction, give up negative electrical charges. On the other hand, metals when subjected to friction, 
simply conduct the charge. It is important to note that approximately 70% of the Earth's exposed 
crustal portions (surface) consist of silicone related non-metals (electron donors) and therefore 
becomes a direct source of electrical energy when properly agitated. 


Useful electrical energy is obtained by grounding into the Earth's non-metal crust and into it's 
atmosphere as a natural source of electrons. These electrons have accumulated from the solar plasma 
during the aging of the Earth for more than 4.5 billion years, at a rate exceeding 3.9 exajoules per year. 
This indicates that the Earth's electrical field contains in excess of 17.6 x 10'® power of cumulative 
exajoules of energy. One exajoule is the approximate energy equivalent of 125 million barrels of oil. 
The electrical energy in one display of lightning is approximately ten trillion joules. During each 24 hour 
period, the land portions of the Earth's surface yields in excess of 200,000 emissions, which involves 
more than 2,000 quadrillion watt-seconds of active energy on display. 


This physical phenomenon indicates that the Earth's crust is an unending source of electrical energy. 
The surface area involved is a very small portion of the Earth's crust. 


J.C. Maxwell (1891) suggested that an active electron field gives rise to an associated magnetic field. 
Therefore, both are present with pulsating current. Early studies, involving observation of compass 
needles by microscopy, revealed that the needle vibrates as with alternating current. More recent 
Studies by A. Nishida and others, confirm that alternating current is common in the Earth's crust. 


C.F. Gauss (1777-1855) and H.C. Oersted (1777-1851), both were separately trying to define the 
Earth's electrical field with all external influences removed. These external influences being solar-quiet 
periods and being remote from the land's surface. The air electricity background which they measured 
varies with latitude. Their European measurements correspond to approximately the latitude of 
Washington, D.C. They were measuring magnetic field flux as an indicator of negative electron energy 
active and present. 


A related family of measurement is now presented. Units of measurement used to define flux fields 
include Gauss (one unit = 100,000 volts), Oersted (one unit - 50,000 volts), Tesla (one unit = 10,000 
Gauss) and Gamma (one unit = 1/10,000 th of a Gauss). Much confusion exists in electrical related 
publications about these units. As presented here, they are correct with values taken from their original 
definitions. 


The entire surface of the Earth has been surveyed by aerial magnetometer, in most cases using 
gamma or nano teslas. One gamma is the magnetic flux equivalent of 10 active volts of electricity. 
When this data is corrected for flight height, it becomes obvious that there are numerous areas where 
the gamma readings exceed one trillion gammas. Lightning strikes from the ground up are in that 
energy range. With knowledge of these electron enriched areas, the quality of Earth grounding, 
becomes enhanced. 


The correction necessary for land surface data when acquired from aerial magnetometer maps (using 
the inverse square law) requires that the remote distance be squared and then multiplied by the remote 
reading. For example, if the reading is 1,600 gammas and the flight height is 1,000 feet. Take 1,000 x 
1,000 = 1,000,000 x 1,600 gammas = 1.6 trillion gammas x 10 volts = 16 trillion volts equivalent for 
land surface data. 


Present day methodology requires mechanical energy to be expended in exchange for electrical 
energy. Any required amount of electricity is available by resonant induction transfer from the Earth's 
magnetic and electrical fields. Each cycling of this resonant induction system pulls in additional 
electrons, generating energy in any required amount. A small amount of electrical energy is used to 
activate and pull into the system a much larger amount of energy. 


ENERGY VERSUS MASS 


Steady State Unsteady State 
Static “Pré-Energy “ Kinetic "Energy 
Mass attracts Mass, Gravity Expanding, Magnetic Energy 
Dominates Dominates 
Electrons moving apart 


Pressure decreasing 
Cooling efecti dominates 
Less scattering of Energy 
Negative resistance 


Contraction, Electrical Energy 
Dominates 
Electrons moving together 
Pressure increasing 
Heating effect dominates 
ocattenng of Energy 
Positive resistance 


Functions of active Electrons 


Electrons become active when placed inside the critical distance allowed by their negativity. 


Active Electrons provide: 
1. Electricity 
2. Magnetics 
3. Gravitational thrust as in Electric Motors 
4. The source of Visible Light 
5. It's charge is Negative 


They move in a closed loop as seen in the Icon for infinity, not in a circle as shown in many books. One 
half of the loop consist of a magnetic impulse and the return half consist of the electrical impulse. This 
is seen as the classic sine wave of alternating electrical energy. 


A flash of light occurs when two electrons suddenly find they are too close together. Daylight results 
from the impingement of Electrons in the Earth's atmosphere with the Electrons of the Solar Plasma. 


My Concept of the Forces of Nature differs from the conventional. It consist of a weak and a strong 
force, each being additionally composed of electrical, magnetic and gravitational (fields and waves). 
Any two of the three constitute the third member; Gravity "B" of the weak force competes with humans 
on a daily basis. Gravity "A" of the strong force is the force that holds the Solar System and the 
Universe in place. Energy from the Electrons represent the weak force. Energy inside the Atom 
represents the strong force "A". Controlled resonant induction of any two of the three, changes into the 
third and is the motor that runs the Universe. We see this in the electrically-induced magnetic thrust 
against gravity in electric motors. 


Weak force is required to dislodge electrons and strong force (atomic) to dislodge protons. Unless 
dislodged, these particles are of little value in producing Conventional Electrical Energy. 


Therefore, in conventional electrical energy production, the particle of importance is the negative 
electron. Electrons have a "grudging" relationship with other electrons. They like each other, especially 
at arms length. Like potentials repel each other, and unlike potentials attract. To demonstrate this, take 
two batteries of the same type, but of a different charge level (unequal potentials). Put the plus and 


minus ends facing the same direction. Then with a volt meter, measure the electrical potential between 
the two negative ends and then the two positive ends. It is obvious that the "more negative" moves to 
the "less negative" is the correct concept for electrical energy generation. Electrical Energy flow consist 
of a higher concentration of electrons moving to an area of lesser concentration. 


OHM'S LAW WITH CORRECTIONS: 


A major obstruction in reference to the correct function of electrical energy is the establishment's 
incorrect interpretation of Ohm's Law. The corrected version ¡s: 


Volts = Energy Available (Potential) 
Ohm = Scattering, dissipation of Energy (Load) 
Ampere = the rate of, dissipation / scattering of energy 


It is important to note that Ohm and Ampere are after the fact, and are not decisive except for the 
dissipation factor. High Voltage at low amperage simply means that the High Voltage is still intact for 
future usage. In no way is the potential diminished by low amperage. 


EXAMPLES OF OVERUNITY 


Dominos did not exist in England when the Laws of Conservation were originally put in place. 
Otherwise they might have been very different. For example, let us take a long row of upright dominos, 
(many thousands) and flip number one. The Energy required to flip the first domino must now be added 
with that of thousands more in order to have a correct assessment. 


The Electron itself is an excellent example of over-unity. The electron provides various forms of energy 
continuously throughout eternity and is in no way diminished. lt simply cycles through the system and 
is available thereafter. 


In Electrical Systems, Electrons active at point "A" are not the same Electrons active at point "B". That 
is to say, the Electrons activated at the Central Electrical Energy Station are not the ones used at your 
house. When you ground your system by flipping the wall switch, you use your own electrons. In 
closed energy systems, electrons communicate with and replicate the activity of the overbalanced 
potential, when provided with Earth and or Air Groundings. 


The number of Radio sets and Television sets running at any one time do not diminish, in any way the 
electrical output of the source station. 


For example, let now use an Air Coil Resonant Induction System for the purpose of flipping some 
electrons. The flipping device (reactor coil L-1) is pulsed, which then provides a resonant induction 
pulse. In turn, this flips the electrons present at the (reactant L-2) Coil. The energy input in L-1 is 
divided by the number of turns present. The induced magnetic pulsing in turn flips the electrons in each 
turn of L-2. If more turns are present in L-2 than L-1, there is a net gain in the Energy present, as 
demonstrated by the dominos above. The farads and henrys of the resonant system provide the 
resonant frequency when pulsed by an external energy system. A system shunt in the resonant circuit 
sets the containment level for energy potential. 


The Induction Process itself provides an excellent example of over-unity. When comparing rate of 
induction, the cycles per second must be squared and then compared to the square of the second 
System. Let us then compare the 60 c.p.s. System with my 220 MHz Device. Energy produced at 
radio frequency has several major advantages over the conventional system. Ohm's Law does not 
apply to a resonant air-core radio frequency system. 


For example: When the system is resonant, the following is true: 


EXPECTED RESULTS 


Energy Potential as Volts E 
— Om = Rate of Dissipation 
Dissipation 


ACTUAL RESULTS 
Superconductor Conditions take over 


Energy Potential as Volts ES 
5 = (Rate of Dissipation) 
(Dissipation) 


* OHMS / DISSIPATION IN AIR-COIL RESONANT INDUCTION 
SYSTEMS: RESISTIVITY BECOMES “ERO AT RESONANCE 


This is named the V.A.R. ( Volt Amperes Reactive ) System. 


When compared to the Conventional Under-Unity iron-core transformer system, the results are over- 
unity. It is strange that mechanical advantage as in pulleys, gears, levers and others which correspond 
to the electrical advantage above mentioned, are not considered over-unity devices. 


Let us take a closer look at resonant induction. As an example, let a room full of ping pong balls 
randomly bouncing at a high speed represent the Conventional method of under-unity energy 
generation. Suppose that by resonant induction the balls all move in the same direction at the same 
time. When this occurs a huge amount of energy not previously available is present. The resonant air- 
core coil system lines up the electrons in such a manner that the energy factor is nearly 100 % , and not 
the 2% or 3% of Conventional under-unity devices sanction by the establishment. 


some other devices where overunity is common would be resonant induction circuits present in 
conventional radio tubes (high plate voltage), negative-feedback systems found in Op-Amps and 
possibly others. 


SUMMARY 


Useful electrical energy is achieved when the electron density at point "A" becomes greater than at 
point "B", (being the more-negative moving to the less-negative concept). Coils moving through a 
magnetic field or vice versa causes this imbalance. 


The mindset of the professional Electrical Engineer is restricted to non-resonant and iron-core coil 
resonant systems. Ohm's Law, when applied to resonant air-core induction systems, becomes, system 
resistivity (impedance, Z). "Z" becomes zero at resonance. Therefore, in this system, volts and 
amperes are equal until load (resistivity) is introduced. This is called the Volt Ampere Reactive (V.A.R.) 
system. With impedance being zero, the System grounding is coupled directly into the Earth's 
immense electrical potential. Efficiency of induction relates to the square of the cycles per second. 
Compare the ratio of the conventional 60 c.p.s. System and the 220 million plus cycles of my Earth 
Electrical System Il. 


Electrons which cycle through this system, after being used, are returned intact to their former state for 
future usage. 


Electron spin causes electrical current and magnetic lines of force 
The effect of current, results from the unequal distribution of negativity (electrons). 


Magnetic imbalance causes the gravitational effect. This is evidenced in electric motors by magnet- 
gravitational displacement of mass which causes the motor to rotate. 


The System is an extension of present technology. 

The System and it's source utilizes magnetometer studies. 

This System (Earth Electrical System Il. "E E S.H") utilizes a fully renewable energy source. 
This System utilizes a non-polluting energy source. 

This System utilizes an universally available energy source. 


Endorsement and Certification of The System can be anticipated by States with pollution problems. 


AIR CORE INDUCTION COIL BUILDERS GUIDE 
DONALD L. SMITH 


Energy Consultant 


1. Decide frequency. Considerations are: (economy of size) 
a. Use radio frequency upward (above 20,000 Hz). 


b. Use natural frequency (coils have both capacitance and inductance), that is match the wire 
length of the wire in the coil to the desired frequency. 


c. Wire length is either one quarter, one half or full wave length. 


d. To obtain the wire length (in feet) use the following: If using one quarter wave length divide 
247 by the desired frequency (megahertz range is desirable). If using one half wave length 
divide 494 by the desired frequency. If using full wave length divide 998 by the desired 
frequency. 


2. Decide number of turns, ratio of increase in number of turns sets the function. In the case of the L-1 
coil, each turn divides the input voltage by the number of turns. In the case of L-2 coil, the resulting 
voltage in each turn of L-1 is induced into each turn of L-2, adding up with each turn. For example if 
the input into L-1 from a high voltage, low amperage module is 2,400 volts, and L-1, for example, has 
10 turns, then each turn of L-1 will have 240 volts of magnetic induction which transfers 240 volts of 
electricity to each turn of L-2. L-2 may be one turn or many turns, such as 100 to 500 or more turns. 
At 100 turns, 24,000 volts would be produced. At 500 turns, 120,000 volts would be produced. 


3. Decide the height and diameter of the coil system. The larger the diameter of the coil, the fewer 
turns are required, and the coil has a lesser height. In the case of L-2 this results in lowering the 
amplification of the induced voltage from L-1. 


4. For example, if 24.7 MHz is the desired frequency output from L-2. One quarter wave length would 
be 247 divided by 24.7 which equals 10 feet of wire. The number of turns will be the amplification 
factor. The coil may be wound on standard size P.V.C. or purchased from a supplier. The supplier 
is normally a ham radio supply source. Once the length is determined and the number of turns 
decided, move to the next step. For example, let each turn of L-1 have 24 volts and desired output 
of L-2 be 640 volts. Therefore L-2 needs 26.67 turns. It has been determined that the wire length 
for one quarter wave length is 10 feet. The number of inches in 10 feet is 120. Using Chart "A" 
supplied look for next higher number of turns showing (being between 20 and 30 turns with a 2" 
diameter coil). This tells us to use a 2" coil. If ready-made as in the case of Barker and Williamson, 
10 Canal Street, Bristol, Penna., 215-788-5581, the coils come in standard sizes of 4, 6 and 10 
turns per inch. For higher "Q" use wider spacing of the turns. These coils come in a ready-made 
length of 10 inches. Select from the coil 30 turns and put input clamps on the base of the coil and at 
30 turns. For exact determination of the correct position of the output clamp, use an externally 
grounded voltage probe. The node of maximum intensity, being the natural resonant point. Off the 
shelf multimeters are not radio frequency responsive. The easiest way to accomplish the above is 
to get from the hardware store or Radio Shack a voltage detector having a neon bulb system (Radio 
Shack Cat. No. 272-1100b, NE2-Neon Lamps) will work. With your hand as a ground, move the 
wire extension of the neon lamp along the coil surface until the neon is brightest. This is the desired 
point of resonance and it is the optimum connection point. 


5. The input power now needs consideration. A 2,400 High Voltage module has been previously 
selected. This module can be made from a diode bridge or any combination of voltage amplifiers. 
The one used here is an off-the-shelf type, similar to those used for laser technology. 


6. Construction of the input L-1 coil. lt has already been decided that there will be 10 turns. The length 
of the wire here is not critical. Since the L-2 coil is 2-inches in diameter, the next off-the-shelf larger 
size may be used for L-1. Use a 3" diameter off-the-shelf coil which has 10 turns to the inch. 
Remove (cut) a 10 turn portion from the larger coil. Use an L.C.R. meter and measure the natural 
farads (capacitance) and henrys (inductance) values of the L-2 coil. Now do the same for the L-1 
coil. It will be necessary to put a capacitor across the voltage input of L-1 in order to match the L-1 
coil to the L-2 coil. A spark gap across L1 is also required to deal with the return voltage from L-1. 
A tuneable capacitor of the pad ("trimmer") type for L-1 is desirable. 


7. The performance of the L-2 coil can be further enhanced by having an Earth grounding from the base 
of the coil. The maximum voltage output will be between the base and the top of the L-2 coil. 
Lesser voltages can be obtained at intermediate points along the length of the L-2 coil. 


SUPPLY SOURCES 
1. HAM RADIO SUPPLY STORES 
2. COILS, AIR INDUCTOR IN HOUSTON 


3. BAKER AND WILLIAMSON (READY MADE), BRISTOL. PENNA. 
ALSO R.F. DUMMY LOADS AND WATTMETERS. 
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ELECTRICAL PRINCIPLES: TERMINOLOGY & SAFETY 


The use of electricity is so commonplace that most people assume that it will always be 
available on demand. To fully realize our dependence upon electricity, consider the ways in 
which electricity is being used each day in the home, on the farm and the ranch. Electricity 
is doing more to increase work efficiency and promote enjoyable living than any other single 
factor. The use of electricity has grown to the extent that an increasing portion of the home 
or business budget, is used in paying for this source of energy. 


1. Definition of Electricity 

Electricity can be defined in several ways. The layman defines electricity as a source of 
energy that can be converted to light, heat, or power. Electrical Engineers define electricity as 
a movement of electrons caused by electrical pressure or voltage. The amount of energy 
produced depends on the number of electrons in motion. 


2. The Manufacture and Distribution of Electricity 


Electricity is produced from generators that are run by water, steam, or internal combustion 
engines. If water is used as a source of power to turn generators, it is referred to as 
hydroelectric generation. There are a number of this type located in areas where huge dams 
have been built across large streams. 


Steam is used as a source of power for generating much of today's electricity. Water is heated 
to a high temperature, and the steam pressure is used to turn turbines which generate 
electricity. These are referred to as thermal-powered generators. Fuels used to heat the water 
are coal, natural gas, and/or fuel oil. 


Generators at the power plant generate from 13,800 to 22,000 volts of electricity. From the 
power plant, electricity is carried to a step-up sub-station which, through the use of 
transformers, increases the voltage from 69,000 to 750,000 volts. This increase in voltage 1s 
necessary for the efficient transmission of electricity over long distances. From the step-up 
sub-station, the electricity is carried on transmission lines to a step-down sub-station which 
reduces the voltage to 7,200 to 14,000 volts for distribution to rural and city areas. 
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Transformers at the business or residence reduce the voltage to 120 or 240 volts to supply the 
meter of the customer: 
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3. Common Electrical Terms 


In order to work safely and efficiently with electricity and have the ability to converse on the 
subject, the following terms should be understood: 


Ampere (Amp) - A measurement in units of the rate of flow of electrical current. This 
may be compared with the rate of flow of water in gallons per minute. 


Example: A 60-watt incandescent lamp on a 120V circuit would pull 1/2 ampere of 
electricity (60 divided by 120 = 0.5 or 1/2, Formula: Amperes = Watts / Volts 


Volt (V) - A unit of measure of electrical pressure. A given electrical pressure (V) 
causes a given amount of electrical current (Amps) to flow through a load of given 
resistance. Voltage may be compared to water pressure in pounds per square inch in a 
water system. Common service voltages are 120 volts for lighting and small appliance 
circuits and 240 volts for heating, air conditioning, and large equipment circuits. 


Watt (W) - A unit of measure of electrical power. When applied to electrical 
equipment, it is the rate that electrical energy is transformed into some other form of 
energy such as light. Watts may be compared to the work done by water in washing a 
car. (Formula: Volts x Amps = Watts) 


Kilowatt (KW) - A unit of measurement used in computing the amount of electrical 
energy used. Kilowatts are determined by dividing the number of watts by 1000 as 1 
kilowatt = 1,000 watts. 


Kilowatt-Hour (KWH) - A measure of electricity in terms of power in kilowatts and 
time in hours. One KWH is 1000 watts used for one hour. 


Alternating Current (A.C.) - Electrical current that alternates or changes direction 
several times per second. The direction current moves depends on the direction in 
which the voltage forces it. 


Cycle - The flow of electricity in one direction, the reverse flow of electricity in the 
other direction, and the start of the flow back in the other direction. The cycles per 
second are regulated by the power supplier and are usually 60 in America. Most electric 
clocks are built to operate on the mains frequency. More or fewer cycles per second 
would cause mains-operated clocks to gain or lose time. The present practice is to use 
the term Hertz (Hz) rather than "cycles per second". 


GENERATION SINGLE-PHASE 
OF ALTERNATING CURRENT 60-Hz ALTERNATING CURRENT 


one cycle of one complete revolution | 


Direct Current (D.C.) - Electrical current flowing in one direction. Example: electrical 
circuits in automobiles and tractors. 


Transformer - A device used to increase or decrease voltage. 
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Single Phase - The most common type of electrical service or power available to 
consumers. One transformer is used between the distribution line and the meter. Usually 


three wires, two "hot" and one neutral, are installed to provide 120V and 240V single- 
phase service. Single-phase service may also be supplied with a three-phase service. 


Three-Phase - This type of service is designed especially for large electrical loads. It 
is a more expensive installation due to three wires and three transformers being 
required. The important advantage of three-phase power is that the total electrical load 
is divided among the three phases, consequently, the wire and transformers can be 
smaller. Other advantages exist in the design of three-phase motors. 


Short Circuit - A direct connection (before current flows through an appliance) 
between two "hot" wires, between a "hot" and neutral wire, or between a "hot" wire and 
ground. 


Voltage Drop - A reduction of current between the power supply and the load. Due to 
resistance, there will be a loss of voltage any time electricity flows through a conductor 
(wire). Factors that influence voltage drop are size of wire, length of wire, and the 
number of amps flowing. A drop in voltage may cause a loss of heat, light, or the full 
power output of a motor. It could cause motor burn-out unless the motor is properly 
protected (time-delay fuse). 


Fuse - A device used to protect circuits from an overload of current. 


Circuit Breaker - A device used to protect circuits from an overload of current. May 
be manually reset. 


Time-Delay Fuse - A fuse with the ability to carry an overload of current for a short 
duration without disengaging the contacts or melting the fuse link. 


Horsepower (hp) - A unit of mechanical power equal to 746 watts of electrical power 
(assuming 74.6% electric motor efficiency). Motors of one horsepower and 
above are rated at 1000 watts per hp while motors below one horsepower are 
rated at 1,200 watts per hp. 


Conductor - The wire used to carry electricity (typically, copper or aluminum). Copper 
and aluminum should not be spliced together due to their incompatibility 
resulting in deterioration and oxidation. 


Insulator - A material which will not conduct electricity and is usually made of glass, 
Bakelite, porcelain, rubber, or thermo-plastic. 


"Hot" Wire - A current-carrying conductor under electrical pressure and connected to a 
fuse or circuit breaker at the distribution panel. (Color Code: usually black or 
red) 


Neutral Wire - A current-carrying conductor not under electrical pressure and 
connected to the neutral bar at the distribution panel. (Color Code: usually 
white) 


Grounding - The connection of the neutral part of the electrical system to the earth to 
reduce the possibility of damage from lightning and the connection of electrical 
equipment housings to the earth to minimize the danger from electrical shock. 
(Color Code: Can be green or bare wire). 


Underwriters' Laboratory (U.L.) - An American national organization which tests all 
types of wiring materials and electrical devices to insure that they meet 
minimum standards for safety and quality. 


National Electric Code (N.E.C.) - Regulations approved by the National Board of Fire 
Underwriters primarily for safety in electrical wiring installations. All wiring 
should meet the requirements of the national as well as the local code. 


4. Computing Electrical Energy Use and Cost 


If an estimate of cost for electricity used 1s desired, the name plate data on appliances and 
equipment and an estimate of operating time may be used. The following formulas should be 
used for determining watts, amps, volts, watt-hours, kilowatt-hours, and cost. 


Watts = Volts x Amperes 

Amperes = Watts / Volts 

Volts = Watts / Amperes 

Watt-Hours = Watts x Hours of operation 

Kilowatt-Hours = Watt-Hours / 1000 

Cost = Kilowatt-Hours x Local Rate per Kilowatt-Hour (or per "Unit") 


Example: 


Local electricity rate per Kilowatt-Hour: 8 cents 
Equipment plate data: 120 Volts 5 Amps 
Monthly hours of operation: 10 


1. Watts = Volts x Amperes, so Watts = 120 x 5 = 600 watts 

2. Watt-Hours = 600 x 10 = 6,000 watt-hours 

3. Kilowatt-Hours = 5,000 / 1,000 = 6 kilowatt-hours (or 6 Units) 
4. Cost = 6 x 8 = 48 cents 


5, Electrical Circuits 

An Electrical Circuit 1s a completed path through which electricity flows. Insulated 
conductors (wires) provide the path for the flow of electricity. A water system and an 
electrical circuit are similar in many respects. Water flows through pipes and is measured in 
gallons per minute, and electricity flows through conductors and is measured in amperes. A 
simple circuit is shown here: 
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A circuit includes a "hot" wire (red or black) carrying current from the source through a 
switch, circuit protector (fuse or circuit-breaker), and an appliance. The neutral wire (white) 
conducts the current from the appliance to the source (ground). 


There arc two methods for connecting devices in a circuit - "in series" or "in parallel". In a 
series circuit, all of the current must flow through each device in the circuit. Removing any 
one of the devices in a series circuit will stop the flow of current. In parallel circuits, the load 
(lights or appliances) are connected between the two wires of the circuit providing an 
independent path for the flow of current, and removing a lamp has no effect on the other lamps 
in the circuit. 


Switches, fuses, and circuit breakers are always connected in series. In most cases, except for 
some Christmas tree lights, appliances and lights are connected in parallel. 


SERIES CIRCUIT PARALLEL CIRCUIT 
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6. 120 Volt and 240 Volt Circuits 


The 120V circuit has one "hot" and one neutral wire, with the switch and circuit protector in 
the hot line. The neutral wire from the appliance 1s connected to the neutral bar in the fuse or 
breaker box. For safety, the neutral wire should never be broken or interrupted with a switch 
or fuse. 


120 VOLT CIRCUIT 


hot wire 


neutral wire 
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The voltage in a 120V circuit 1s measured with a voltmeter with one lead on the hot terminal 
and the other lead on the neutral bar. The number of amperes flowing may be measured with a 
clamp-on ammeter by encircling the hot or neutral wire with the jaws of the ammeter. 
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The 240V circuit has two hot wires and one safety-ground wire. Switches and fuses are 
installed in the hot lines. The two hot wires arc necessary for the operation of 240V welders 
and motors. The safety-ground wire, connected to the metal frame of the equipment or motor 
and to the neutral bar, does not carry current unless a "short" develops in the motor or welder. 
If a short should occur, one of the circuit protectors will burn-out or open, thus opening the 
circuit. 


240 VOLT CIRCUIT 
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The voltage on a 240V circuit is measured by fastening a lead on the voltmeter to each of the 
hot wires. Voltage between either hot terminal and the neutral bar will be one-half of the 
voltage between the two hot wires. The number of amperes flowing can be measured by 
clamping an ammeter around either of the hot wires. 


7. Safety Grounding of Electrical Equipment 


Refer back, to the 240V circuit and note the ground wire from the metal frame to the neutral 
bar. The following illustration shows proper safety grounding when operating a drill in a 
120V circuit. The safety-ground wire may be bare, but a three-wire cable is recommended. 
Safety-ground wire in three-wire cable is usually green in color. A current-carrying neutral 
wire should never be used for a safety-ground. Likewise, a safety-ground wire should never be 
used as a current-carrying hot or neutral wire. 
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Using grounded receptacles and a safety-ground on all circuits will allow the safety-grounding 
of appliances when they are plugged into the outlet. An adapter must be used to properly 
ground appliances connected to receptacles which are not safety-grounded. If an adapter is 
used, the green pigtail wire must be connected to a known ground to give protection from 
electrical shock should a short-circuit occur. 


GROUND PLUG AND ADAPTER 
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A test lamp can be used to check a circuit completed between a "hot" wire and a neutral wire. 
Use the test lamp to check appliances for shorts. With the appliance plugged into an outlet, 
touch the appliance frame with one lead of the test lamp while the other lead of the test lamp is 
grounded to a water or gas pipe. If the test light does not burn, reverse the appliance plug and 
check with the test lamp again. If the light burns, a short exists (the hot wire 1s touching the 
frame of the appliance). Unplug the appliance and repair or discard it. 


8. Electrical Circuit Protection 


Electrical circuits should be protected from an overload of amperes. Too many amperes 
flowing through an unprotected circuit will generate heat, which will deteriorate or melt the 
insulation and possibly cause a fire. The number of amperes that a given conductor can safely 
carry, depends upon the kind and size of wire, type of insulation, length of run in feet, and the 
type of installation. Charts are available in reference texts giving allowable current-carrying 
capabilities of various conductors. 


The four types of circuit protection are: common fuses, fusetrons (time-delay), fustats (two- 
part time-delay), and circuit-breakers. Fuses are of two basic types: plug, and cartridge. 


Common fuses contain a link made from a low-temperature melting alloy which 1s designed to 
carry current up to the rating of the fuse. Current higher than the amperage rating causes the 
link to heat above it's melting point. When the fuse "blows", the link melts and opens the 
circuit. 
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Fusetrons (time-delay fuses) are made to carry a temporary overload, such as the overload 
caused by the starting of an electric motor. The fuse, however, still provides protection for the 
circuit, and a short-circuit will melt the fuse link. If a common fuse is used, the fuse link will 
melt every time an electric motor starts. The use of a larger ampere common fuse will prevent 
the "blow" resulting from the temporary overload, but will not provide protection for the motor 
or the circuit. 
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Fustats, non-tamperable fuses of the time-delay type, have a different size base and require a 
special adapter which is screwed into the standard fuse socket. After the adapter is installed, it 
cannot be removed. For example, the installation of a 15-ampere adapter allows only the use 
of 15-ampere or smaller fuse. 
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Circuit breakers eliminate the replacement of fuses and are commonly used even though a 
circuit breaker box costs more than a fuse box. Circuit breakers are of two types, thermal and 
magnetic. The thermal breaker has two contacts held together by a bi-metal latch. A current 
overload causes the bi-metallic strip to become heated, the latch releases, and the points spring 
open. After the bi-metallic strip cools, the switch is reset and service is restored. 


CIRCUIT BREAKER OPERATION 


CLOSED 


The magnetic breaker has contacts that are held together by a latch which is released by the 
action of an electromagnet. The amount of current flowing through the circuit will determine 
the size of the electromagnet. This type of circuit-breaker 1s reset by moving the toggle switch 
to the "on" position. 


The following diagram shows the parts of a circuit breaker. 
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9. No Fault Grounding 
Fuses and circuit-breakers are safety devices which limit current (amperage) in 
a circuit. Their main function is to protect equipment and wiring from 


overload. Ground fault circuit interrupters (GFI) are designed to protect 
humans, equipment, and/or electrical systems from injury or damage if 
electricity flows in an unintended path (a short-circuit). 


A GFI 1s a very sensitive device that functions by comparing the current moving 
in the "hot" wire with that in the neutral wire. If these two currents are not 
equal, a fault exists, and current is "leaking" out of the circuit. If the 
difference in current between the two wires is 5/1000 of an ampere or greater, 


the GFI will open the circuit, shutting off the power and eliminating any shock 
hazard. 


The National Electrical Code requires GFl's for all 120V, single phase, 15 and 
20 amp receptacles installed outdoors, in bathrooms, and in garages for 
residential buildings. A GFI is required at construction sites and some other 
applications. After correcting a circuit fault, the GFI may be reset for further 
use. 


A variety of GFI equipment 1s made for 120 and 240 volt circuits: 


GFIRECEPTACIE FOR 
CONVENTIONAL OUTLET 


PORTABLE GFI TO PLUG INTC OUTLET 


GFI TO REPLACE 
CIRCUIT BREAKER 


GF TO INSTALL IN 
BRANCH CIRCUIT 


fest button 


REFERENCES: 
COOPER, ELMER L., AGRICULTURAL MECHANICS: FUNDAMENTALS AND APPLICATIONS. DELMAR 
PUBLISHERS INC., ALBANY, NEW YORK 


ELECTRICAL WIRING - RESIDENTIAL, UTILITY BUILDINGS, SERVICE AREAS, AAVIM, ATHENS, GEORGIA. 


Note: This electrical information does not apply directly to areas outside America and 
local regulations for electrical supply should be checked. 


The following material is the section in Chapter 3 of "The Practical Guide to Free-Energy Devices” which deals 
with Don Smith's technology: 


Don Smith. One of most impressive developers of free-energy devices is Don Smith who has produced many 
spectacular devices, generally with major power output. These are a result of his in-depth knowledge and 
understanding of the way that the environment works. Don says that his understanding comes from the work of 
Nikola Tesla as recorded in Thomas C. Martin's book "The Inventions, Researches, and Writings of Nikola Tesla" 
ISBN 0-7873-0582-0 available from http://www.healthresearchbooks.com and various other book companies. 
This book can be downloaded from http://www.free-energy-info.com as a pdf file, but a paper copy is much better 
quality and easier to work from. 


Don states that he repeated each of the experiments found in the book and that gave him his understanding of 
what he prefers to describe as the 'ambient background energy' which is called the 'zero-point energy field' 
elsewhere in this eBook. Don remarks that he has now advanced further than Tesla in this field, partly because of 
the devices now available to him and which were not available when Tesla was alive. 


Don stresses two key points. Firstly, a dipole can cause a disturbance in the magnetic component of the 'ambient 
background' and that imbalance allows you to collect large amounts of electrical power, using capacitors and 
inductors (coils). Secondly, you can pick up as many powerful electrical outputs as you want from that one 
magnetic disturbance, without depleting the magnetic disturbance in any way. This allows massively more power 
output than the small power needed to create the magnetic disturbance in the first place. This is what produces a 
COP>1 device and Don has created nearly fifty different devices based on that understanding. 


Although they get removed quite frequently, there is one video which is definitely worth watching if it is still there. 
It is located at http://www.metacafe.com/watch/2820531/don smith free energy/ and was recorded in 2006. It 
covers a good deal of what Don has done. In the video, reference is made to Don's website but you will find that it 
has been taken over by Big Oil who have filled it with innocuous similar-sounding things of no consequence, 
apparently intended to confuse newcomers. A website which is run by Conny Ostrém of Sweden is 
http://www.johnnyfg.110mb.com/ and it has brief details of his prototypes and theory. You will find the only 
document of his which | could locate, here http://www.free-energy-info.com/Smith.pdf in pdf form and it contains 
the following patent on a most interesting device which appears to have no particular limit on the output power. 
This ts a slightly re-worded copy of that patent as patents are generally worded in such a way as to make them 
difficult to understand. 


Patent NL 02000035 A 20th May 2004 Inventor: Donald Lee Smith 


TRANSFORMER GENERATOR MAGNETIC RESONANCE INTO ELECTRIC ENERGY 


ABSTRACT 


The present invention refers to an Electromagnetic Dipole Device and Method, where wasted radiated energy is 
transformed into useful energy. A Dipole as seen in Antenna Systems is adapted for use with capacitor plates in 
such a way that the Heaviside Current Component becomes a useful source of electrical energy. 


DESCRIPTION 


Technical Field: 


This invention relates to loaded Dipole Antenna Systems and their Electromagnetic radiation. When used as a 
transformer with an appropriate energy collector system, it becomes a transformer/generator. The invention 
collects and converts energy which is radiated and wasted by conventional devices. 


Background Art: 


A search of the International Patent Database for closely related methods did not reveal any prior art with an 
interest in conserving radiated and wasted magnetic waves as useful energy. 


DISCLOSURE OF THE INVENTION 


The invention is a new and useful departure from transformer generator construction, such that radiated and 
wasted magnetic energy changes into useful electrical energy. Gauss meters show that much energy from 
conventional electromagnetic devices is radiated into the ambient background and wasted. In the case of 
conventional transformer generators, a radical change in the physical construction allows better access to the 
energy available. It is found that creating a dipole and inserting capacitor plates at right angles to the current flow, 
allows magnetic waves to change back into useful electrical (coulombs) energy. Magnetic waves passing through 
the capacitor plates do not degrade and the full impact of the available energy is accessed. One, or as many sets 
of capacitor plates as is desired, may be used. Each set makes an exact copy of the full force and effect of the 
energy present in the magnetic waves. The originating source is not depleted of degraded as is common in 
conventional transformers. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The Dipole at right angles, allows the magnetic flux surrounding it to intercept the capacitor plate, or plates, at 
right angles. The electrons present are spun such that the electrical component of each electron is collected by 
the capacitor plates. Essential parts are the South and North component of an active Dipole. Examples 
presented here exist as fully functional prototypes and were engineer constructed and fully tested in use by the 
Inventor. In each of the three examples shown in the drawings, corresponding parts are used. 


Fig.1 is a View of the Method, where N is the North and $ is the South component of the Dipole. 


Here, 1 marks the Dipole with its North and South components. 2 is a resonant high-voltage induction coil. 3 
indicates the position of the electromagnetic wave emission from the Dipole. 4 indicates the position and flow 
direction of the corresponding Heaviside current component of the energy flow caused by the induction coil 2. 5 is 
the dielectric separator for the capacitor plates 7. 6 for the purposes of this drawing, indicates a virtual limit for the 
scope of the electromagnetic wave energy. 


A 


Fig.2 has two parts A and B. 


In Fig.2A 1 is the hole in the capacitor plates through which the Dipole is inserted and in Fig.2B it is the Dipole 
with its North and South poles shown. 2 is the resonant high-voltage induction coil surrounding part of the Dipole 
1. The dielectric separator 5, is a thin sheet of plastic placed between the two capacitor plates 7, the upper plate 
being made of aluminium and the lower plate made of copper. Unit 8 is a deep-cycle battery system powering a 
DC inverter 9 which produces 120 volts at 60 Hz (the US mains supply voltage and frequency, obviously, a 240 
volt 50 Hz inverter could be used here just as easily) which is used to power whatever equipment is to be driven 
by the device. The reference number 10 just indicates connecting wires. Unit 11 is a high-voltage generating 
device such as a neon transformer with its oscillating power supply. 


Fig.3 is a Proof Of Principal Device using a Plasma Tube as an active Dipole. In this drawing, 5 is the plastic 
sheet dielectric separator of the two plates 7 of the capacitor, the upper plate being aluminium and the lower plate 
copper. The connecting wires are marked 10 and the plasma tube is designated 15. The plasma tube is four feet 
long (1.22 m) and six inches (100 mm) in diameter. The high-voltage energy source for the active plasma dipole 
is marked 16 and there is a connector box 17 shown as that is a convenient method of connecting to the capacitor 
plates when running tests on the device. 


Fig.4 shows a Manufacturer's Prototype, constructed and fully tested. 1 is a metal Dipole rod and 2 the resonant 
high-voltage induction coil, connected through wires 10 to connector block 17 which facilitates the connection of 
it's high-voltage power supply. Clamps 18 hold the upper edge of the capacitor packet in place and 19 is the base 
plate with it's supporting brackets which hold the whole device in place. 20 is a housing which contains the 
capacitor plates and 21 is the point at which the power output from the capacitor plates is drawn off and fed to the 
DC inverter. 


BEST METHOD OF CARRYING OUT THE INVENTION 


The invention is applicable to any and all electrical energy requirements. The small size and it's high efficiency 
make it an attractive option, especially for remote areas, homes, office buildings, factories, shopping centres, 
public places, transportation, water systems, electric trains, boats, ships and 'all things great and small'. The 
construction materials are commonly available and only moderate skill levels are needed to make the device. 


CLAIMS 


1. Radiated magnetic flux from the Dipole, when intercepted by capacitor plates at right angles, changes into 
useful electrical energy. 


2. A Device and Method for converting for use, normally wasted electromagnetic energy. 


3. The Dipole of the Invention is any resonating substance such as Metal Rods, Coils and Plasma Tubes which 
have interacting Positive and Negative components. 


4. The resulting Heaviside current component is changed to useful electrical energy. 


EXERAEKERKKKEREKERK 


This patent does not make it clear that the device needs to be tuned and that the tuning Is related to its physical 
location. The tuning will be accomplished by applying a variable-frequency input signal to the neon transformer 
and adjusting that input frequency to give the maximum output. 


Don Smith has produced some forty eight different devices, and because he understands that the real power in 
the universe is magnetic and not electric, these devices have performances which appear staggering to people 
trained to think that electrical power is the only source of power. One of his devices is shown here: 


This is a small table-top device which looks like it is an experiment by a beginner, and something which would be 
wholly ineffective. Nothing could be further from the truth. Each of the eight coils pairs (one each side of the 
rotating disc) produces 1,000 volts at 50 amps (fifty kilowatts) of output power, giving a total power output of 400 
kilowatts. It's overall size is 16" x 14.5" x 10" (400 x 370 x 255 mm). In spite of the extremely high power output, 
the general construction is very simple: 


PYC pipe 


“= ma] 
Neodymium magnet 
—— Small DC motor 


Area covered with 
| ii | glue and sprinkled ROTOR 
with neodymium 


powder 


The device operates on a fluctuating magnetic field which is produced by a small low-power DC motor spinning a 
plastic disc. In the prototype shown above, the disc is an old vinyl record which has had holes cut in it. Between 
the holes is an area which was covered with glue and then sprinkled with powdered neodymium magnet material. 
It takes very little power to spin the disc, but it acts in a way which is very much like the Ecklin-Brown generator, 
repeatedly disrupting the magnetic field. The magnetic field is created by a neodymium magnet in each of the 
sixteen plastic pipes. It is important that the change in the magnetic flux between the matching magnets on each 
side of the disc is as large as possible. The ideal rotor material for this is "Terfenol-D" (tungsten zirconate) with 
slots cut in it but it is so expensive that materials like stainless steel are likely to be used instead. Please 
understand that all of Don's designs rely on resonant operation and so the coil impedance has to be matched to 
the pulse frequency used to drive the coil. 


For Don Smith, this is not an exceptional device. The one shown below is also physically quite small and yet it 
has an output of 160 kilowatts (8000 volts at 20 amps) from an input of 12 volts 1 amp (COP = 13,333): 


Again, this is a device which can be placed on top of a table and is not a complicated form of construction, having 
a very open and simplistic layout. However, some components are not mounted on this board. The twelve volt 
battery and connecting leads are not shown, nor is the ground connection, the step-down isolation transformer 
and the varistor used to protect the load from over-voltage by absorbing any random voltage spikes which might 
occur, but more of these things later on when a much more detailed description of this device is given. Again, 
please understand that Don does not reveal all of the details of any of his designs, and he deliberately omits to 
mention various important details, leaving us to deduce what is missing from our own understanding of how these 
devices work. 


The device shown above is a typical example of this with various subtle points glossed over in spite of this being 
one device which Don says that we should be able to reproduce ourselves. Let me state here that reproducing 
this seemingly simple design of Don's is not an easy thing to do and it is not something which can be thrown 
together by a beginner using whatever components happen to be at hand at the time. Having said that, with 
careful study and commonsense application of some obvious facts, it should be possible to make one of these 
devices. 


Another of Don's devices is shown here: 


This is a larger device which uses a plasma tube four feet (1.22 m) long and 6 inches (100 mm) in diameter. The 
output is a massive 100 kilowatts. This is the design shown as one of the options in Don's patent. Being an 
Electrical Engineer, none of Don's prototypes are in the "toy" category. If nothing else is taken from Don's work, 
we should realize that high power outputs can be had from very simple devices. 


There is one other brief document "Resonate Electrical Power System" from Don Smith which says: 


Potential Energy is everywhere at all times, becoming useful when converted into a more practical form. There is 
no energy shortage, only grey matter. This energy potential is observed indirectly through the manifestation of 
electromagnetic phenomenon, when intercepted and converted, becomes useful. In nonlinear systems, 
interaction of magnetic waves amplify (conjugate) energy, providing greater output than input. In simple form, in 
the piano where three strings are struck by the hammer, the centre one is impacted and resonance activates the 
side strings. Resonance between the three strings provides a sound level greater than the input energy. Sound 
is part of the electromagnetic spectrum and is subject to all that is applicable to it. 


"Useful Energy" is defined as "that which is other than Ambient". "Electric Potential" relates to mass and it's 
acceleration. Therefore, the Earth's Mass and Speed through space, gives it an enormous electrical potential. 
Humans are like the bird sitting unaware on a high voltage line. in nature, turbulence upsets ambient and we see 
electrical displays. Tampering with ambient, allows humans to convert magnetic waves into useful electricity. 


Putting this in focus, requires a look at the Earth in general. During each of the 1,440 minutes of each day, more 
than 4,000 displays of lightning occur. Each display yields more than 10,000,000 volts at more than 200,000 
amperes in equivalent electromagnetic flux. This is more than 57,600,000,000,000 volts and 1,152,000,000,000 
amperes of electromagnetic flux during each 24 hour period. This has been going on for more than 4 billion years. 
The USPTO insist that the Earth's electrical field is insignificant and useless, and that converting this energy 
violates the laws of nature. At the same time, they issue patents in which, electromagnetic flux coming in from the 
Sun is converted by solar cells into DC energy. Aeromagnetic flux (in gammas) Maps World-Wide, includes those 
provided by the US Department of Interior-Geological Survey, and these show clearly that there is present, a 
spread of 1,900 gamma above Ambient, from reading instruments flown 1,000 feet above the (surface) source. 
Coulomb's Law requires the squaring of the distance of the remote reading, multiplied by the recorded reading. 
Therefore, that reading of 1,900 gamma has a corrected value of 1,900 x 1,000 x 1,000 = 1,900,000,000 gamma. 


There is a tendency to confuse "gamma ray" with "gamma". "Gamma" is ordinary, everyday magnetic flux, while 
"gamma ray" is high-impact energy and not flux. One gamma of magnetic flux is equal to that of 100 volts RMS. 
To see this, take a Plasma Globe emitting 40,000 volts. When properly used, a gamma meter placed nearby, will 
read 400 gammas. The 1,900,000,000 gamma just mentioned, is the magnetic ambient equivalent of 


190,000,000 volts of electricity. This is on a "Solar Quiet" day. On "Solar Active" days it may exceed five times 
that amount. The Establishment's idea that the Earth's electrical field is insignificant, goes the way of their other 
great ideas. 


There are two kinds of electricity: "potential" and "useful". All electricity is "potential" until it is converted. The 
resonant-fluxing of electrons, activates the electrical potential which is present everywhere. The Intensity/CPS of 
the resonant-frequency-flux rate, sets the available energy. This must then be converted into the required 
physical dimensions of the equipment being used. For example, energy arriving from the Sun is magnetic flux, 
which solar cells convert to DC electricity, which is then converted further to suit the equipment being powered by 
it. Only the magnetic flux moves from point "A" (the Sun) to point "B" (the Earth). All electrical power systems 
work in exactly the same way. Movement of Coils and Magnets at point "A" (the generator) fluxes electrons, 
which in turn, excite electrons at point "B" (your house). None of the electrons at point "A" are ever 
transmitted to point "B". In both cases, the electrons remain forever intact and available for further fluxing. This 
is not allowed by Newtonian Physics (electrodynamics and the laws of conservation). Clearly, these laws are all 
screwed up and inadequate. 


In modern physics, USPTO style, all of the above cannot exist because it opens a door to overunity. The good 
news is that the PTO has already issued hundreds of Patents related to Light Amplification, all of which are 
overunity. The Dynode used to adjust the self-powered shutter in your camera, receives magnetic flux from light 
which dislodges electrons from the cathode, reflecting electrons through the dynode bridge to the anode, resulting 
in billions of more electrons out than in. There are currently, 297 direct patents issued for this system, and 
thousands of peripheral patents, all of which support overunity. More than a thousand other Patents which have 
been issued, can be seen by the discerning eye to be overunity devices. What does this indicate about 
Intellectual Honesty? 


Any coil system, when fluxed, causes electrons to spin and produce useful energy, once it is converted to the style 
required by its use. Now that we have described the method which is required, let us now see how this concerns 
US. 


The entire System already exists and all that we need to do Is to hook it up in a way which is useful to our required 
manner of use. Let us examine this backwards and start with a conventional output transformer. Consider one 
which has the required voltage and current handling characteristics and which acts as an isolation transformer. 
Only the magnetic flux passes from the input winding to the output winding. No electrons pass through from the 
input side to the output side. Therefore, we only need to flux the output side of the transformer to have an 
electrical output. Bad design by the establishment, allowing hysteresis of the metal plates, limits the load which 
can be driven. Up to this point, only potential is a consideration. Heat (which is energy loss) limits the output 
amperage. Correctly designed composite cores run cool, not hot. 


A power correction factor system, being a capacitor bank, maintains an even flow of flux. These same capacitors, 
when used with a coil system (a transformer) become a frequency-timing system. Therefore, the inductance of 
the input side of the transformer, when combined with the capacitor bank, provides the required fluxing to produce 
the required electrical energy (cycles per second). 


With the downstream system in place, all that is needed now is a potential system. Any flux system will be 
suitable. Any amplification over-unity output type is desirable. The input system is point "A" and the output 
system Is point "B". Any input system where a lesser amount of electrons disturbs a greater amount of electrons - 
producing an output which is greater than the input - is desirable. 


At this point, it is necessary to present updated information about electrons and the laws of physics. A large part 
of this, originates from me (Don Smith) and so is likely to upset people who are rigidly set in the thought patterns 
of conventional science. 


Non - lonic Electrons 


As a source of electrical energy, non-ionic electrons doublets exist in immense quantities throughout the universe. 
Their origin is from the emanation of Solar Plasma. When ambient electrons are disturbed by being spun or 
pushed apart, they yield both magnetic and electrical energy. The rate of disturbance (cycling) determines the 
energy level achieved. Practical methods of disturbing them include, moving coils past magnets or vice versa. A 
better way is the pulsing (resonant induction) with magnetic fields and waves near coils. 


In coil systems, magnetic and amperage are one package. This suggests that electrons in their natural non-ionic 
state, exist as doublets. When pushed apart by agitation, one spins right (yielding Volts-potential electricity) and 
the other spins left (yielding Amperage-magnetic energy), one being more negative than the other. This further 
suggests that when they reunite, we have (Volts x Amps = Watts) useful electrical energy. Until now, this idea has 
been totally absent from the knowledge base. The previous definition of Amperage is therefore flawed. 


Electron Related Energy 


Energy Available Method of Storage Common Unit Units of Measure 
Electrical Capacitor/Coulombs Volts Flux Units 


Spin / Gravity Momentum Torque Ergs 
Magnetic Cols/Amp. turns Amperes Flux Units 
Teslas, Gauss, 
Electrons Gammas, Oesteds 
Light Laser Lux, Photons/Gamma Rays 
Impact / resistance 
Heat Various Fahrenheit/Celsius Temp 


Left hand spin of electrons results in Electrical Energy and right hand spin results in Magnetic Energy. Impacted 
electrons emit visible Light and heat. 


Useful Circuits, Suggestions for Building an Operational Unit 


1. Substitute a Plasma Globe such as Radio Shack's "lllumna-Storm" for the source-resonant induction system. It 
will have about 400 milligauss of magnetic induction. One milligauss is equal to 100 volts worth of magnetic 
induction. 


2. Construct a coil using a 5-inch to 7-inch (125 to 180 mm) diameter piece of PVC for the coil former. 


3. Get about 30 feet (10 m) of Jumbo-Speaker Cable and separate the two strands. This can be done by sticking 
a carpet knife into a piece of cardboard or wood, and then pulling the cable carefully past the blade to 
separate the two insulated cores from each other. (PUK Note: "Jumbo-Speaker Cable" is a vague term as that 
cable comes in many varieties, with anything from a few, to over 500 strands in each core. As Don points out 
that the output power increases with each turn of wire, it is distinctly possible that each of these strands acts 
the same as individual insulated turns which have been connected in parallel, so a 500-strand cable may well 
be far more effective than a cable with just a few strands). 


4. Wind the coil with 10 to 15 turns of wire and leave about 3 feet (1 m) of cable spare at each end of the coil. Use 
a glue gun to hold the start and finish of the coil. 


5. This will become the "L - 2" coil shown in the Circuits page. 
6. When sitting on top of the Plasma Globe (like a crown) you have a first-class resonant air-core coil system. 


7. Now, substitute two or more capacitors (rated at 5,000 volts or more) for the capacitor bank shown on the 
Circuits page. | use more than two 34 microfarad capacitors. 


8. Finish out the circuit as shown. You are now in business |! 


9. Voltage - Amperage limiting resistors are required across the output side of the Load transformer. These are 
used to adjust the output level and the desired cycles per second. 


Useful Circuits irom Nikola Tesla 


Isolation Tesla Coil System 
+ Transformer 


Ty = fa 
nero E 


Tunable Coil System 
Insertable Movable L-] 


Armature (generator ) 

taking place of the L- 1 

= Coil System having ylelds desired Amperage 
desired Amperage Output 


Don Smith's Suggestions: Get a copy of the "Handbook of Electronic Tables and Formulas", published by 
Sams, ISBN 0-672-22469-0, also an Inductance/Capacitance/Resistance meter is required. Chapter 1 of Don's 
pdf document has important time-constant (frequency) information and a set of reactance charts in nomograph 
style ("nomograph": a graph, usually containing three parallel scales graduated for different variables so that when 
a straight line connects values of any two, the related value may be read directly from the third at the point 
intersected by the line) which makes working, and approximating of the three variables (capacitance, inductance 
and resistance) much easier. If two of the variables are known, then the third one can be read from the 
nomograph. 


For example, if the input side of the isolation transformer needs to operate at 60 Hz, that is 60 positive cycles and 
60 negative cycles, being a total of 120 cycles. Read off the inductance in Henries by using the Inductance meter 
attached to the input side of the isolation transformer. Plot this value on the (nomographic) reactance chart. Plot 
the needed 120 Hz on the chart and connect these two points with a straight line. Where this line crosses the 
Farads line and the Ohms line, gives us two values. Choose one (resistor) and insert it between the two leads of 
the transformer input winding. 


The Power Correction Factor Capacitor (or bank of more than one capacitor) now needs adjusting. The following 
formula is helpful in finding this missing information. The capacitance is known, as is the desired potential to 
pulse the output transformer. One Farad of capacitance is one volt for one second (one Coulomb). Therefore, if 
we want to keep the bucket full with a certain amount, how many dippers full are needed? If the bucket needs 
120 volts, then how many coulombs are required? 


Desired Voltage 
= Required frequency in Hz 


Capacitance in Microtarads 


Now, go to the nomograph mentioned above, and find the required resistor jumper to place between the poles of 
the Correction Factor Capacitor. 


An earth grounding is desirable, acting as both a voltage-limiter and a transient spike control. Two separate 
earths are necessary, one at the Power Factor Capacitor and one at the input side of the isolation transformer. 
Off-the-shelf surge arrestors / spark gaps and varistors having the desired voltage/potential and amperage control 
are commonly available. Siemens, Citel America and others, make a full range of surge arrestors, etc. Varistors 
look like coin-sized flat capacitors. Any of these voltage limiters are marked as "V - 1" in the following text. 


It should be obvious that several separate closed circuits are present in the suggested configuration: The power 
input source, the high-voltage module, a power factor capacitor bank combined with the input side of the isolation 
transformer. Lastly, the output side of the isolation transformer and its load. None of the electrons active at the 
power source (battery) are passed through the system for use downstream. At any point, if the magnetic flux rate 
should happen to vary, then the number of active electrons also varies. Therefore, controlling the flux rate 
controls the electron (potential) activity. Electrons active at point "A" are not the same electrons which are active 
at point "B", or those at point "C", and so on. If the magnetic flux rate (frequency Hz) varies, then a different 
number of electrons will be disturbed. This does not violate any Natural Law and it does produce more output 
energy than the input energy, should that be desirable. 


A convenient high-voltage module is a 12 volt DC neon tube transformer. The Power Factor Correction 
Capacitors should be as many microfarads as possible as this allows a lower operating frequency. The 12-volt 
neon tube transformer oscillates at about 30,000 Hz. At the Power Correction Factor Capacitor bank we lower the 
frequency to match the input side of the isolation transformer. 


Other convenient high-voltage sources are car ignition coils, television flyback transformers, laser printer modules, 
and various other devices. Always lower the frequency at the Power Factor Correction Capacitor and correct, if 
needed, at the input side of the isolation transformer. The isolation transformer comes alive when pulsed. 
Amperage becomes a part of the consideration only at the isolation transformer. Faulty design, resulting in 
hysteresis, creates heat which self-destructs the transformer if it is overloaded. Transformers which have a 
composite core instead of the more common cores made from many layers of thin sheets of soft iron, run cool and 
can tolerate much higher amperage. 


RESONATE ELECTROMAGNETIC POWER SYSTEM 


Not to Seale 
Patent Pending 1994 


Power Source: B-1 Gelcell, 12 Volt, 7 Amp Hour 
D-1 Kick back protection for L-1 
L-1 Berones, NPS - 12D8, constant bum Neon 
Tube transformer, Bertonee, Boston, MS 
Power Conditioner: C-1, Capacitor or Capacitor Bank, 8,000 mucrofarads 
for 480 volts DC. R-1, Resister used to set electron 
pump rate, frequency of the capacitor. Maintains the 
desired voltage level required to operate the system. 
Voltage Control: V-l, Vanstor, limits the voltage as required for 
the Output Transformer L-2. ( 480 V @ 60 Amps) 
Output Transformer: Isolation Type, (L-2 / L-3) with R-2 (resistor) 
correcting the output frequency to 60 CPS, 
being 60 UP and60 DN (120 total), (288 EVA ) 
Useful Timing Formulas: 
T = frequency in cycles per second 
C = capacitance im mucrofarads 
L = Inductance in muilliheneries 
R = resistance mm ohms 


Therefore: T= RC and T = us 
R 


The information shown above, relates to the small Suitcase Model demonstrated at the 1996 Tesla Convention, 
presented as Don Smiths' Workshop. This unit was a very primitive version and newer versions have atomic 
batteries and power output ranges of Gigawatts. The battery requirement is low level and is no more harmful than 
the radium on the dial of a clock. Commercial units of Boulder Dam size are currently being installed at several 
major locations throughout the world. For reasons of Don's personal security and contract obligations, the 
information which he has shared here, is incomplete. 
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| am most definitely not an expert in this area. However, it is probably worth mentioning some of the main points 
which Don Smith appears to be making. There are some very important points being made here, and grasping 
these may make a considerable difference to our ability to tap into the excess energy available in our local 
environment. There are four points worth mentioning: 


1. Voltage 

2. Frequency 

3. Magnetic / Electric relationship 
4. Resonance 


1. Voltage. We tend to view things with an ‘intuitive’ view, generally based on fairly simple concepts. For 
example, we automatically think that it is more difficult to pick up a heavy object than to pick up a light one. How 
much more difficult? Well, if it is twice as heavy, it would probably be about twice as much effort to pick it up. 
This view has developed from our experience of things which we have done in the past, rather than on any 
mathematical calculation or formula. 


Well, how about pulsing an electronic system with a voltage? How would the output power of a system be 
affected by increasing the voltage? Our initial ‘off-the cuff' reaction might be that the power output might be 
increased a bit, but then hold on... we've just remembered that Watts = Volts x Amps, so if you double the 
voltage, then you would double the power in watts. So we might settle for the notion that if we doubled the 
voltage then we could double the output power. If we thought that, then we would be wrong. 


Don Smith points out that as capacitors and coils store energy, if they are involved in the circuit, then the output 
power is proportional to the square of the voltage used. Double the voltage, and the output power is four times 
greater. Use three times the voltage and the output power is nine times greater. Use ten times the voltage and 
the output power is one hundred times greater ! 


Power 
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Don says that the energy stored, multiplied by the cycles per second, is the energy being pumped by the system. 
Capacitors and inductors (coils) temporarily store electrons, and their performance is given by: 


Capacitor formula: W=0.5x C x V? x Hz where: 


W is the energy in Joules (Joules = Volts x Amps x seconds) 
C is the capacitance in Farads 

V is the voltage 

Hz is the cycles per second 


Inductor formula: W=0.5xLx A? x Hz where: 


W is the energy in Joules 

L is the inductance in henrys 

A is the current in amps 

Hz is the frequency in cycles per second 


You will notice that where inductors (coils) are involved, then the output power goes up with the square of the 
current. Double the voltage and double the current gives four times the power output due to the increased voltage 
and that increased output is increased by a further four times due to the increased current, giving sixteen times 
the output power. 


2. Frequency. You will notice from the formulas above, that the output power is directly proportional to the 
frequency "Hz". The frequency is the number of cycles per second (or pulses per second) applied to the circuit. 
This is something which is not intuitive for most people. If you double the rate of pulsing, then you double the 
power output. When this sinks in, you suddenly see why Nikola Tesla tended to use millions of volts and millions 
of pulses per second. 


However, Don Smith states that when a circuit is at it's point of resonance, resistance in the circuit drops to zero 
and the circuit becomes effectively, a superconductor. The energy for such a system which is in resonance is: 


Resonant circuit: W = 0.5 x C x V? x (H2)? where: 


W is the energy in Joules 

C is the capacitance in Farads 
V is the voltage 

Hz is the cycles per second 


If this is correct, then raising the frequency in a resonating circuit has a massive effect on the power output of the 
device. The question then arises: why is the mains power in Europe just fifty cycles per second and in America 
just sixty cycles per second? If power goes up with frequency, then why not feed households at a million cycles 
per second? One major reason is that it is not easy to make electric motors which can be driven with power 
delivered at that frequency, so a more suitable frequency is chosen in order to suit the motors in vacuum cleaners, 
washing machines and other household equipment. 


However, if we want to extract energy from the environment, then we should go for high voltage and high 
frequency. Then, when high power has been extracted, if we want a low frequency suited to electric motors, we 
can pulse the already captured power at that low frequency. 


It might be speculated that if a device is being driven with sharp pulses which have a very sharply rising leading 
edge, that the effective frequency of the pulsing is actually determined by the speed of that rising edge, rather 
than the rate at which the pulses are actually generated. For example, if pulses are being generated at, say, 50 
kHz but the pulses have a leading edge which would be suited to a 200 kHz pulse train, then the device might well 
see the signal as a 200 kHz signal with a 25% Mark/Space ratio, the very suddenness of the applied voltage 
having a magnetic shocking effect equivalent to a 200 kHz pulse train. 


3. Magnetic / Electric relationship. Don states that the reason why our present power systems are so inefficient 
is because we concentrate on the electric component of electromagnetism. These systems are always COP<1 as 
electricity is the ‘losses’ of electromagnetic power. Instead, if you concentrate on the magnetic component, then 
there is no limit on the electric power which can be extracted from that magnetic component. Contrary to what 
you might expect, if you install a pick-up system which extracts electrical energy from the magnetic component, 
you can install any number of other identical pick-ups, each of which extract the same amount of electrical energy 
from the magnetic input, without loading the magnetic wave in any way. Unlimited electrical output for the 'cost' 
of creating a single magnetic effect. 


The magnetic effect which we want to create is a ripple in the zero-point energy field, and ideally, we want to 
create that effect while using very little power. Creating a dipole with a battery which has a Plus and a Minus 
terminal or a magnet which has North and South poles, is an easy way to do create an electromagnetic imbalance 
in the local environment. Pulsing a coil is probably an even better way as the magnetic field reverses rapidly if it is 
an air-core coil, such as a Tesla Coil. Using a ferromagnetic core to the coil can create a problem as iron can't 
reverse it's magnetic alignment very rapidly, and ideally, you want pulsing which is at least a thousand times faster 
than iron can hanale. 


Don draws attention to the "Transmitter / Receiver" educational kit 
"Resonant Circuits #10-416" supplied by The Science Source, 
Maine. This kit demonstrates the generation of resonant energy 
and it's collection with a receiver circuit. However, if several 
receiver circuits are used, then the energy collected is increased 
several times without any increase in the transmitted energy. This 
is similar to a radio transmitter where hundreds of thousands of 
radio receivers can receive the transmitted signal without loading 
the transmitter in any way. 


If you get the Science Source educational kit, then there are some details which you need to watch out for. The 
unit supplied to me had two very nice quality plastic bases and two very neatly wound coils each of 60 turns of 
0.47 mm diameter enamelled copper wire on clear acrylic tubes 57 mm (2.25”) in diameter. The winding covers a 
28 mm section of the tube. The layout of the transmitter and receiver modules does not match the accompanying 
instruction sheet and so considerable care needs to be taken when wiring up any of their circuits. 


The circuit diagrams are not shown, just a wiring diagram, which is not great from an educational point of view. 
The one relevant circuit ¡s: 


1MHz SIGNAL 1MHz SIGNAL 
GENERATOR OR GENERATOR 


3t010W 3t010W 


Before you buy the kit, it is not mentioned that in order to use it, you need a signal generator capable of producing 
a 10-volt signal at 1 MHz. The coil has a DC resistance of just 1.9 ohms but at a 1 MHz resonant frequency, the 
necessary drive power is quite low. 


A variable capacitor is mounted on the receiver coil tube, but the one in my kit made absolutely no difference to 
the frequency tuning, nor was my capacitance meter able to determine any capacitance value for it at all, even 
though it had no trouble at all in measuring the 101 pF capacitor which was exactly the capacitance printed on it. 
For that reason, it is shown in blue in the circuit diagram above. Disconnecting it made no difference whatsoever. 


In this particular kit, standard screw connectors have had one screw replaced with an Allen key headed bolt which 
has a head large enough to allow finger tightening. Unfortunately, those bolts have a square cut head where a 
domed head is essential if small diameter wires are to be clamped securely. If you get the kit, then | suggest that 
you replace the connectors with a standard electrical screw connector strip. 


In tests, the LED lights when the coils are aligned and within about 100 mm of each other, or if they are close 
together side by side. This immediately makes the Hubbard device spring to mind. Hubbard has a central 
"electromagnetic transmitter" surrounded by a ring of "receivers" closely coupled magnetically to the transmitter, 
each of which will receive a copy of the energy sent by the transmitter: 


1 La 
(380 mm) 


Don points to an even more clearly demonstrated occurrence of this effect in the Tesla Coil. In a typical Tesla 
Coil, the primary coil is much larger diameter than the inner secondary coil: 


=D 


If, for example, 8,000 volts is applied to the primary coil which has four turns, then each turn would have 2,000 
volts of potential. Each turn of the primary coil transfers electromagnetic flux to every single turn of the secondary 
winding, and the secondary coil has a very large number of turns. Massively more power is produced in the 
secondary coil than was used to energise the primary coil. A common mistake is to believe that a Tesla Coil can't 
produce serious amperage. lf the primary coil is positioned in the middle of the secondary coil as shown, then the 
amperage generated will be as large as the voltage generated. A low power input to the primary coil can produce 
kilowatts of usable electrical power as described in chapter 5. 


4. Resonance. An important factor in circuits aimed at tapping external energy is resonance. lt can be hard to 
see where this comes in when it is an electronic circuit which is being considered. However, everything has it's 
own resonant frequency, whether it is a coil or any other electronic component. When components are connected 
together to form a circuit, the circuit has an overall resonant frequency. As a simple example, consider a swing: 


If the swing is pushed before it reaches the highest point on the mother's side, then the push actually detracts 
from the swinging action. The time of one full swing is the resonant frequency of the swing, and that is determined 
by the length of the supporting ropes holding the seat and not the weight of the child nor the power with which the 
child is pushed. Provided that the timing is exactly right, a very small push can get a swing moving in a 
substantial arc. The key factor is, matching the pulses applied to the swing, to the resonant frequency of the 


swing. Get it right and a large movement is produced. Get it wrong, and the swing doesn't get going at all (at 
which point, critics would say "see, see ...swings just don't work - this proves it !!"). 


Establishing the exact pulsing rate needed for a resonant circuit is not particularly easy, because the circuit 
contains coils (which have inductance, capacitance and resistance), capacitors (which have capacitance and a 
small amount of resistance) and resistors and wires, both of which have resistance and some capacitance. These 
kinds of circuit are called "LRC" circuits because "L" is the symbol used for inductance, "R" is the symbol used for 
resistance and "C" is the symbol used for capacitance. 


Don Smith provides instructions for winding and using the type of air-core coils needed for a Tesla Coil. He says: 
1. Decide a frequency and bear in mind, the economy of the size of construction selected. The factors are: 


(a) Use radio frequency (above 20 kHz). 
(b) Use natural frequency, i.e. match the coil wire length to the frequency - coils have both capacitance and 
inductance. 

(c) Make the wire length either one quarter, one half of the full wavelength. 

(d) Calculate the wire length in feet as follows: 
If using one quarter wavelength, then divide 247 by the frequency in MHz. 
If using one half wavelength, then divide 494 by the frequency in MHz. 
If using the full wavelength, then divide 998 by the frequency in MHz. 

For wire lengths in metres: 

If using one quarter wavelength, then divide 75.29 by the frequency in MHz. 
If using one half wavelength, then divide 150.57 by the frequency in MHz. 
If using the full wavelength, then divide 304.19 by the frequency in MHz. 


2. Choose the number of turns to be used in the coil when winding it using the wire length just calculated. The 
number of turns will be governed by the diameter of the tube on which the coil is to be wound. Remember 
that the ratio of the number of turns in the "L - 1" and "L - 2" coils, controls the overall output voltage. For 
example, if the voltage applied the large outer coil "L - 1" is 2,400 volts and L - 1 has ten turns, then each turn 
of L - 1 will have 240 volts dropped across it. This 240 volts of magnetic induction transfers 240 volts of 
electricity to every turn of wire in the inner "L - 2" coil. If the diameter of L - 2 is small enough to have 100 
turns, then the voltage produced will be 24,000 volts. If the diameter of the L - 2 former allows 500 turns, then 
the output voltage will be 120,000 volts. 


3. Choose the length and diameter of the coils. The larger the diameter of the coil, the fewer turns can be made 
with the wire length and so the coil length will be less, and the output voltage will be lower. 


4. For example, if 24.7 MHz is the desired output frequency, then the length of wire, in feet, would be 247 divided 
by 24.7 which is 10 feet of wire (3,048 mm). The coil may be wound on a standard size of PVC pipe or 
alternatively, it can be purchased from a supplier - typically, an amateur radio supply store. 


If the voltage on each turn of L - 1 is arranged to be 24 volts and the desired output voltage 640 volts, then 
there needs to be 640 / 24 = 26.66 turns on L - 2, wound with the 10 feet of wire already calculated. 


Note: At this point, Don's calculations go adrift and he suggests winding 30 turns on a 2-inch former. If you do 
that, then it will take about 16 feet of wire and the resonant point at 10-feet will be at about 19 turns, giving an 
output voltage of 458 volts instead of the required 640 volts, unless the number of turns on L - 1 is reduced to 
give more than 24 volts per turn. However, the actual required diameter of the coil former (plus one diameter 
of the wire) is 10 x 12 / (26.67 x 3.14159) = 1.43 inches. You can make this size of former up quite easily if 
you want to stay with ten turns on the L - 1 coil. 


5. Connect to the start of the coil. To determine the exact resonant point on the coil, a measurement is made. 
Off-the-shelf multimeters are not responsive to high-frequency signals so a cheap neon is used instead. 
Holding one wire of the neon in one hand and running the other neon wire along the outside of the L - 2 
winding, the point of brightest light is located. Then the neon is moved along that turn to find the brightest 
point along that turn, and when it is located, a connection is made to the winding at that exact point. L - 2 is 
now a resonant winding. It is possible to increase the ("Q") effectiveness of the coil by spreading the turns out 
a bit instead of positioning them so that each turn touches both of the adjacent turns. 


6. The input power has been suggested as 2,400 volts. This can be constructed from a Jacob's ladder 
arrangement or any step-up voltage system. An off-the-shelf module as used with lasers is another option. 


7. Construction of the L - 1 input coil has been suggested as having 10 turns. The length of the wire in this coil is 
not critical. If a 2-inch diameter PVC pipe was used for the L - 2 coil, then the next larger size of PVC pipe 
can be used for the L - 1 coil former. Cut a 10-turn length of the pipe (probably a 3-inch diameter pipe). The 
pipe length will depend on the diameter of the insulated wire used to make the winding. Use a good quality 
multimeter or a specialised LCR meter to measure the capacitance (in Farads) and the inductance (in henrys) 
of the L - 2 coil. Now, put a capacitor for matching L - 1 to L - 2 across the voltage input of L - 1, and a spark 
gap connected in parallel is required for the return voltage from L - 1. A trimmer capacitor for L - 1 is 
desirable. 


8. The performance of L - 2 can be further enhanced by attaching an earth connection to the base of the coil. The 


maximum output voltage will be between the ends of coil L - 2 and lesser voltages can be taken off 
intermediate points along the coil if that is desirable. 


Don provides quite an amount of information on one of his devices shown here: 


| have recently been passed a copy of Don's circuit diagram for this device, and it is shown here: 
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This circuit diagram contradicts what Don says in his video presentations as the output matches the photographs 
which show the four output capacitors wired in parallel. It appears that while using the prototype shown above as 
an example of the construction, in the videos Don is actually describing a later version of the circuit. The 4000V 


30mA transformer shown in this circuit diagram, is a neon-tube driver module which steps up the voltage and 
raises the frequency to about 35 kilohertz. 


There is always a tendency to think of a spark gap as being a device which is there to protect against excessive 
voltages rather than seeing it as an active component of the circuit, a component which is in continuous use as it 
is in this circuit. Tesla, who always speaks very highly of the energy released by the very sharp discharge 
produced by a spark, shows a high-voltage source feeding a capacitor with the energy passing through a spark 
gap to the primary winding of a transformer: 


Isolation Transformer Tesla Coil System 


Capacitor Bank 


With Don's arrangement, it can be a little difficult to see why the capacitor is not short-circuited by the very low 
resistance of the few turns of thick wire forming the L1 coil. Well, it would do that if we were operating with DC, 
but we are most definitely not doing that as the output from the neon-tube driver circuit is pulsing 35,000 times per 
second. This causes the DC resistance of the L1 coil to be of almost no consequence and instead, the coil's AC 
"impedance" (effectively, it's AC resistance) is what counts. Actually, the “C1” capacitor and the L1 coil being 
connected across each other have a combined "impedance" or resistance to pulsing current at this frequency. 
This is where the nomograph diagram comes into play, and there is a much easier to understand version of it a 
few pages later on in this document. So, because of the high pulsing frequency, the L1 coil does not short-circuit 
the capacitor and if the pulsing frequency matches the resonant frequency of the L1 coil (or a harmonic of that 
frequency), then the L1 coil will actually have a very high resistance to current flow through it. This is how a 
crystal set radio receiver tunes in a particular radio station, broadcasting on it's own frequency. 


Anyway, coming back to Don's device shown in the photograph above, the electrical drive is from a 12-volt battery 
which is not seen in the photograph. Interestingly, Don remarks that if the length of the wires connecting the 
battery to the inverter are exactly one quarter of the wave length of the frequency of the oscillating magnetic field 
generated by the circuit, then the current induced in the battery wires will recharge the battery continuously, even 
if the battery is supplying power to the circuit at the same time. 


The battery supplies a small current through a protecting diode, to a standard off-the-shelf "true sine-wave" 
inverter. An inverter is a device which produces mains-voltage Alternating Current from a DC battery. As Don 
wants adjustable voltage, he feeds the output from the inverter into a variable transformer called a "Variac" 
although this is often made as part of the neon-driver circuit to allow the brightness of the neon tube to be 
adjusted by the user. This arrangement produces an AC output voltage which is adjustable from zero volts up to 
the full mains voltage (or a little higher, although Don does not want to use a higher voltage). The use of this kind 
of adjustment usually makes it essential for the inverter to be a true sine-wave type. As the power requirement of 
the neon-tube driver circuit is so low, the inverter should not cost very much and Don specifies just 140 watts of 
continuous current for the inverter specification. 


The neon-tube (or "gas-discharge" tube) driver circuit is a standard off-the-shelf device used to drive neon tube 
displays for commercial establishments. The one used by Don contains an oscillator and a step-up transformer, 
which together produce an Alternating Current of 4,000 volts at a frequency of 35,100 Hz (sometimes written as 
35.1 KHz). The term "Hz" stands for "cycles per second". lt should be noted, however, that since Don bought his 
neon-tube driver module, the design of many of those modules has been altered to include protection circuitry 
which is liable to prevent the module operating properly in this circuit. It might be worth considering building your 
own solid-state circuit as shown later on in this chapter. If you do that, then you have full control of the frequency 
and the output and are not dependent on anyone else’s circuit design. 


In this circuit, Don lowers the 4,000 volts as he gets great power output at lower input voltages and the cost of the 
output capacitors is a significant factor. The particular neon-tube driver circuit which Don is using here, has two 
separate outputs, so Don connects them together and uses a blocking diode in each line to prevent either of them 
affecting the other one. Not easily seen in the photograph, the high-voltage output line has a very small, 
encapsulated, spark gap in it and the line is also earthed. This device is commonly used as a lightning strike 
protection component but it is an active component in Don's circuit and it lights continuously when the device is 
running. It looks like this: 
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Please note that when an earth connection is mentioned in connection with Don Smith's devices, we are talking 
about an actual wire connection to a metal object physically buried in the ground, whether it is a long copper rod 
driven into the ground, or an old car radiator buried in a hold like Tariel Kapanadze uses, or a buried metal plate. 
When Thomas Henry Moray performed his requested demonstration deep in the countryside at a location chosen 
by the sceptics, the light bulbs which formed his demonstration electrical load, glowed more brightly with each 
hammer stroke as a length of gas pipe was hammered into the ground to form his earth connection. 


The output of the neon-tube driver circuit is used to drive the primary "L1" winding of a Tesla Coil style 
transformer. This looks ever so simple and straightforward, but there are some subtle details which need to have 
attention paid to them. 


The operating frequency of 35.1 KHz is set and maintained by the neon-tube driver circuitry, and so, in theory, we 
do not have to do any direct tuning ourselves. However, we want the resonant frequency of the L1 coil and the 
capacitor across it to match the neon-driver circuit frequency. The frequency of the "L1" coil winding will induce 
exactly the same frequency in the "L2" secondary winding with the “C6” tuning capacitor across it. However, we 
need to pay special attention to the ratio of the wire lengths of the two coil windings as we want these two 
windings to resonate together. 


A rule of thumb followed by most Tesla Coil builders is to have the same weight of copper in the L1 and L2 coils, 
which means that the wire of the L1 coil is usually much thicker than the wire of the L2 coil. If the L1 coil is to be 
one quarter of the length of the L2 coil, then we would expect the cross-sectional area of the L1 coil to be four 
times that of the wire of the L2 coil (as the area is proportional to the square of the radius, and the square of two is 
four, so doubling the wire diameter gives four times the cross-sectional area of the copper wire). 


Don uses a plastic tube as the former for his "L1" primary coil winding. As you can see here, the wire is fed into 
the former, leaving sufficient clearance to allow the former to slide all the way into the outer coil. The wire is fed 
up inside the pipe and out through another hole to allow the coil turns to be made on the outside of the pipe. 
There appear to be five turns, but Don does not always go for a complete number of turns, so it might be 4.3 turns 
or some other value. The key point here is that the length of wire in the "L1" coil turns should be exactly one 
quarter of the length of wire in the "L2" coil turns. 


The "L2" coil used here is a commercial 3-inch diameter unit from Barker & Williamson, constructed from 
uninsulated, solid, single-strand "tinned" copper wire. Don has taken this coil and unwound four turns at the 
centre of the coil in order to make a centre-tap. He then measured the exact length of wire in the remaining 
section and made the length of the "L1" coil turns to be exactly one quarter of that length. The wire used for the 
"L1" coil looks like Don's favourite "Jumbo Speaker Wire" which is a very flexible wire with a very large number of 
extremely fine uninsulated copper wires inside it. 


You will notice that Don has placed a plastic collar on each side of the winding, matching the thickness of the wire, 
in order to create a secure sliding operation inside the outer "L2" coil, and the additional plastic collars positioned 
further along the pipe provide further support for the inner coil. This sliding action allows the primary coil "L1" to 
be positioned at any point along the length of the "L2" secondary coil, and that has a marked tuning effect on the 
operation of the system. The outer "L2" coil does not have any kind of tube support but instead, the coil shape is 
maintained by the stiffness of the solid wire plus four slotted plastic strips. This style of construction produces a 
very high coil performance at radio frequencies. With a Tesla Coil, it is most unusual to have the L1 coil of smaller 
diameter than the L2 coil. 
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The "L2" coil has two separate sections, each of seventeen turns. One point to note is the turns are spaced apart 
using slotted strips to support the wires and maintain an accurate spacing between adjacent turns. It must be 
remembered that spacing coil turns apart like this alters the characteristics of the coil, increasing it's "capacitance" 
factor substantially. Every coil has resistance, inductance and capacitance, but the form of the coil construction 
has a major effect on the ratio of these three characteristics. The coil assembly is held in position on the base 
board by two off-white plastic cable ties. 


One point which Don stresses, is that the length of the wire in the "L1" coil and the length of wire in the "L2" coil, 
must be an exact even division or multiple of each other (in this case, the "L2" wire length in each half of the "L2" 
coil is exactly four times as long as the "L1" coil wire length). This is likely to cause the "L1" coil to have part of a 
turn, due to the different coil diameters. For example, if the length of the "L2" coil wire is 160 inches and "L1" is to 
be one quarter of that length, namely, 40 inches. Then, if the "L1" coil has an effective diameter of 2.25 inches, 
(allowing for the thickness of the wire when wound on a 2-inch diameter former), then the "L1" coil would have 
5.65 (or 5 and 2/3) turns which causes the finishing turn of "L2" to be 240 degrees further around the coil former 
than the start of the first turn - that Is, five full turns plus two thirds of the sixth turn. 


The L1 / L2 coil arrangement is a Tesla Coil. The positioning of the "L1" coil along the length of the "L2" coil, 
adjusts the voltage to current ratio produced by the coil. When the "L1" coil is near the middle of the "L2" coil, 
then the amplified voltage and amplified current are roughly the same. However, Don stresses that the "height" 
length of the coil (when standing vertically) controls the voltage produced while the coil "width" (the diameter of the 
turns) controls the current produced. 


The exact wire length ratio of the turns in the "L1" and "L2" coils gives them an almost automatic synchronous 


tuning with each other, and the exact resonance between them can be achieved by the positioning of the "L1" coil 
along the length of the "L2" coil. 


Don has also connected a small capacitor across the "L2" coil, and that optional component is marked as "C2" in 
the circuit diagram and the value used by Don happened to be a single 47nF, high-voltage capacitor. As the two 
halves of the "L2" coil are effectively connected across each other, it is only necessary to have one capacitor for 
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There are various ways of dealing with the output from the "L2" coil in order to get large amounts of conventional 
electrical power out of the device. The method shown here uses the four very large capacitors seen in the 
photograph. Don remarks that he has to be very careful to keep the voltage to the neon-tube driver circuit turned 
down in order to avoid getting more than 2,000 volts on these output storage capacitors. 


This capacitor bank is fed through two diodes which are rated for high voltage operation. In the build shown in the 
photographs and the circuit diagram, the output is rated at 2,000 volts and 6,000 watts, in which case, the output 


diodes have to be able to handle 3 amps continuously, but at start-up when the capacitor bank is fully discharged 
that current may well be exceeded while the capacitor bank charges up. 


When the circuit is running, the storage capacitor bank behaves like a 2,000 volt battery which never runs down 
and which can supply 3 amps of current for as long as you want. The circuitry for producing a 220 volt 50 Hz AC 
output or a 110 volt 60 Hz AC output from the storage capacitors is just standard electronics. 


The output current flows through the left hand winding on the brown cylindrical former, and that induces a current 
in the right-hand winding. This additional current is used to provide charging power for the battery used to drive 
the inverter. A possible circuit arrangement for doing this might be as shown here: 


mo + 
Battery charging 


Power 
storage output 


LA 


The DC output produced by the four diodes can then be used to charge the driving battery, and the power level 
produced is substantially greater than the minor current drain from the battery. Consequently, it is a sensible 
precaution to pass this current to the battery via a circuit which prevents the battery voltage rising higher than it 
should. A simple voltage level sensor can be used to switch off the charging when the battery has reached its 
optimum level. Other batteries can also be charged if that is wanted. Simple circuitry of the type shown in chapter 
12 can be used for controlling and limiting the charging process. The components on Don's board are laid out like 
this: 
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Don draws attention to the fact that the cables used to connect the output of "L2" to the output of the board, 
connecting the storage capacitors on the way, are very high-voltage rated cables with special multiple coverings to 
ensure that the cables will remain sound over an indefinite period. It should be remarked at this point, that the 
outer 3" diameter coil used by Don, is not wound on a former, but in order to get higher performance at high 
frequencies, the turns are supported with four separate strips physically attached to the turns - the technique 
described later in this document as being an excellent way for home construction of such coils. 


Please bear in mind that the voltages here and their associated power levels are literally lethal and 
perfectly capable of killing anyone who handles the device carelessly when it is powered up. When a 
replication of this device is ready for routine use, it must be encased so that none of the high-voltage 
connections can be touched by anyone. This is not a suggestion, but it is a mandatory requirement, 
despite the fact that the components shown in the photographs are laid out in what would be a most 
dangerous fashion were the circuit to be powered up as it stands. Under no circumstances, construct 
and test this circuit unless you are already experienced in the use of high-voltage circuits or can be 
supervised by somebody who is experienced in this field. This is a "one hand in the pocket at all times" 
type of circuit and it needs to be treated with great care and respect at all times, so be sensible. 


It may also be necessary to use an earthed screen around the device in order to prevent radio frequency 
emissions. The remainder of the circuit is not mounted on the board, possibly because there are various ways in 
which the required end result can be achieved. The one suggested here is perhaps the most simple solution: 
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The voltage has to be dropped, so an iron-cored mains-frequency step-down transformer is used to do this. To 
get the frequency to the standard mains frequency for the country in which the device is to be used, an oscillator is 
used to generate that particular mains frequency. The oscillator output is used to drive a suitable high-voltage 
semiconductor device, be it an FET transistor, an IGBT device, or whatever. This device has to switch the 
working current at 2,000 volts, though admittedly, that will be a current which will be very much lower than the final 
output current, due to the higher voltage on the primary winding of the transformer. When using this circuit, the 
available power will be limited by the current handling capabilities of this output transformer, so a custom-wound 
unit with heavy-duty wire and a substantial frame will be needed to provide the full six kilowatts of power. 


High-voltage 
semiconductor 


As the circuit is capable of picking up additional magnetic pulses, such as those generated by other equipment, 
nearby lightning strikes, etc. an electronic component called a "varistor" marked "V" in the diagram, is connected 
across the load. This device acts as a voltage spike suppressor as it short circuits any voltage above its design 
voltage, protecting the load from power surges. 


Don also explains an even more simple version which does not need a Variac, high voltage capacitors or high 
voltage diodes. Here, a DC output is accepted which means that high-frequency step-down transformer operation 
can be used. This calls for an air-core transformer which you would wind yourself from heavy duty wire. Mains 
loads would then be powered by using a standard off-the-shelf inverter. In this version, it is of course, necessary 
to make the "L1" turns wire length exactly one quarter of the "L2" turns wire length in order to make the two coils 
resonate together. The operating frequency of each of these coils is imposed on them by the output frequency of 
the neon-tube driver circuit. That frequency is maintained throughout the entire circuit until it is rectified by the 
four diodes feeding the low-voltage storage capacitor. The target output voltage will be either just over 12 volts or 
just over 24 volts, depending on the voltage rating of the inverter which is to be driven by the system. This is 
effectively two Tesla Coils back-to-back and the circuit diagram might be: 
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As many people will find the nomograph chart in Don's pdf document very difficult to understand and use, here is 
an easier version: 
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The objective here is to determine the "reactance" or 'AC resistance’ in ohms and the way to do that is as follows: 


Suppose that your neon-tube driver is running at 30 kHz and you are using a capacitor of 100 nF (which is the 
same as 0.1 microfarad) and you want to know what is the AC resistance of your capacitor is at that frequency. 
Also, what coil inductance would have that same AC resistance. Then the procedure for finding that out is as 
follows: 
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Draw a straight line from your 30 kHz frequency (purple line) through your 100 nanofarad capacitor value and 
carry the line on as far as the (blue) inductance line as shown above. 


You can now read the reactance off the red line, which looks like 51 ohms to me. This means that when the 
circuit is running at a frequency of 30 kHz, then the current flow through your 100 nF capacitor will be the same as 
through a 51 ohm resistor. Reading off the blue "Inductance" line that same current flow at that frequency would 
occur with a coil which has an inductance of 0.28 millihenries. 


Another device of Don's is particularly attractive in that almost no home-construction is needed, all of the 
components being available commercially, and the output power being adaptable to any level which you want. 
Don particularly likes this circuit because it demonstrates COP>1 so neatly and he remarks that the central 
transmitter Tesla Coil on its own is sufficient to power a household. 


The coil in the centre of the board is a power transmitter made from a Tesla Coil constructed from two Barker & 
Williamson ready-made coils. Three more of the inner coil are also used as power receivers. The outer, larger 
diameter coil is a few turns taken from one of their standard coils and organised so that the coil wire length is one 
quarter of the coil wire length of the inner coil ("L2"). 


As before, a commercial neon-tube driver module is used to power the "L1" outer coil with high voltage and high 
frequency. It should be understood that as power is drawn from the local environment each time the power driving 
the transmitter coil "L1" cycles, that the power available is very much higher at higher frequencies. The power at 
mains frequency of less than 100 Hz is far, far less than the power available at 35,000 Hz, so if faced with the 
choice of buying a 25 kHz neon-tube driver module or a 35 kHz module, then the 35 kHz module is likely to give a 
much better output power at every voltage level. 


The "L1" short outer coil is held in a raised position by the section of white plastic pipe in order to position it 
correctly relative to the smaller diameter "L2" secondary coil. Again, it appears to have five turns: 


The secondary coils are constructed using Barker & Williamson's normal method of using slotted strips to hold the 
tinned, solid copper wire turns in place. 


As there are very slight differences in the manufactured coils, each one is tuned to the exact transmitter frequency 
and a miniature neon is used to show when the tuning has been set correctly. 


The key feature of this device is the fact that any number of receiver coils can be placed near the transmitter and 
each will receive a full electrical pick up from the local environment, without altering the power needed to drive the 
Tesla Coil transmitter - more and more output without increasing the input power - unlimited COP values, all of 
which are over 1. The extra power is flowing in from the local environment where there is almost unlimited 
amounts of excess energy and that inflow is caused by the rapidly vibrating magnetic field generated by the 


central Tesla Coil. While the additional coils appear to just be scattered around the base board, this is not the 
case. The YouTube video http:/Awww.youtube.com/watch?v=TINEHZRm4z4&feature=related demonstrates that 
the pick-up of these coils is affected to a major degree by the distance from the radiating magnetic field. This is to 
do with the wavelength of the signal driving the Tesla Coil, so the coils shown above are all positioned at exactly 
the same distance from the Tesla Coil. You still can have as many pick-up coils as you want, but they will be 
mounted in rings around the Tesla Coil and the coils in each ring will be at the same distance from the Tesla Coil 
in the centre. 


Each of the pick up coils act exactly the same as the "L2" secondary coil of the Tesla Coil transmitter, each 
picking up the same level of power. Just as with the actual "L2" coil, each will need an output circuit arrangement 
as described for the previous device. Presumably, the coil outputs could be connected in parallel to increase the 
output amperage, as they are all resonating at the same frequency and in phase with each other. Each will have 
its own separate output circuit with a step-down isolation transformer and frequency adjustment as before. If any 
output is to be a rectified DC output, then no frequency adjustment is needed, just rectifier diodes and a 
smoothing capacitor following the step-down transformer which will need to be an air core or ferrite core type due 
to the high frequency. High voltage capacitors are very expensive. The http://www.richieburnett.co.uk/parts.html 
web site shows various ways of making your own high-voltage capacitors and the advantages and disadvantages 
of each type. 


There are two practical points which need to be mentioned. Firstly, as the Don Smith devices shown above feed 
radio frequency waveforms to coils which transmit those signals, it may be necessary to enclose the device in an 
earthed metal container in order not to transmit illegal radio signals. Secondly, as it can be difficult to obtain high- 
voltage high-current diodes, they can be constructed from several lower power diodes. To increase the voltage 
rating, diodes can be wired in a chain. Suitable diodes are available as repair items for microwave ovens. These 
typically have about 4,000 volt ratings and can carry a good level of current. As there will be minor manufacturing 
differences in the diodes, it is good practice to connect a high value resistor (in the 1 to 10 megohm range) across 
each diode as that ensures that there is a roughly equal voltage drop across each of the diodes: 


If the diode rating of these diodes were 4 amps at 4,000 volts, then the chain of five could handle 4 amps at 
20,000 volts. The current capacity can be increased by connecting two or more chains in parallel. 


Various questions from readers indicate that the operation of AC circuits is not really understood, so electronics 
experts can skip this next section. 


AC Circuits. This is a lightweight introduction to Alternating Current circuits and pulsed DC circuits for people 
who have not read Chapter 12 which is an electronics tutorial. Let me say again, that | am mainly self-taught, and 
so this is just a general introduction based on my present understanding. 


Alternating Current, generally called “AC” is called that because the voltage of this type of power supply is not a 
constant value. A car battery, for instance, is DC and has a fairly constant voltage usually about 12.8 volts when 
in it's fully charged state. If you connect a voltmeter across a car battery and watch it, the voltage reading will not 
change. Minute after minute it says exactly the same because it is a DC source. 


If you connect an AC voltmeter across an AC power supply, it too will give a steady reading, but it is telling a lie. 
The voltage is changing all the time in spite of that steady meter reading. What the meter is doing is assuming 
that the AC waveform is a sine wave like this: 


and based on that assumption, it displays a voltage reading which is called the “Root Mean Square” or “RMS” 
value. The main difficulty with a sine wave is that the voltage is below zero volts for exactly the same length of 
time as it is above zero volts, so if you average it, the result is zero volts, which is not a satisfactory result because 
you can get a shock from it and so it can’t be zero volts, no matter what the arithmetical average is. 


To get over this problem, the voltage is measured thousands of times per second and the results squared (that is, 
the value is multiplied by itself) and then those values are averaged. This has the advantage that when the 
voltage is say, minus 10 volts and you square it, the answer is plus 100 volts. In fact, all of the answers will be 
positive, which means that you can add them together, average them and get a sensible result. However, you 
end up with a value which is far too high because you squared every measurement, and so you need to take the 
square root of that average (or “mean”) value, and that is where the fancy sounding “Root Mean Square” name 
comes from — you are taking the (square) root of the (average or) mean value of the squared measurements. 


With a sine wave like this, the voltage peaks are 41.4% higher than the RMS value which everyone talks about. 
This means that if you feed 100 volts AC through a rectifier bridge of four diodes and feed it into a capacitor the 
capacitor voltage will not be 100 volts DC but instead it will be 141.4 volts DC and you need to remember that 
when choosing the voltage rating of the capacitor. In that instance | would suggest a capacitor which is made to 
operate with voltages up to 200 volts. 


You probably already knew all of that, but it may not have occurred to you that if you use a standard AC voltmeter 
on a waveform which is not a sine wave, that the reading on the meter is most unlikely to be correct or anywhere 
near correct. So, please don't merrily connect an AC voltmeter across a circuit which is producing sharp voltage 
spikes like, for instance, one of John Bedini's battery pulsing circuits, and think that the meter reading means 
anything (other than meaning that you don't understand what you are doing). 


You will, hopefully, have learned that power in watts is determined by multiplying the current in amps by the 
voltage in volts. For example, 10 amps of current flowing out of a 12 volt power supply, represents 120 watts of 
power. Unfortunately, that only holds true for circuits which are operating on DC, or AC circuits which have only 
resistors in them. The situation changes for AC circuits which have non-resistive components in them. 


The circuits of this type which you are likely to come across are circuits which have coils in them, and you need to 
think about what you are doing when you deal with these types of circuit. For example, consider this circuit: 


Transformer 


This is the output section of a prototype which you have just built. The input to the prototype is DC and measures 
at 12 volts, 2 amps (which is 24 watts). Your AC voltmeter on the output reads 15 volts and your AC ammeter 
reads 2.5 amps and you are delighted because 15 x 2.5 = 37.5 which looks much bigger than the 24 watts of input 
power. But, just before you go rushing off to announce on YouTube that you have made a prototype with COP = 
1.56 or 156% efficient, you need to consider the real facts. 


This is an AC circuit and unless your prototype is producing a perfect sine wave, then the AC voltmeter reading 
will be meaningless. It is just possible that your AC ammeter is one of the few types that can accurately measure 
the current no matter what sort of waveform is fed to it, but it is distinctly possible that it will be a digital meter 
which assesses current by measuring the AC voltage across a resistor in series with the output, and if that is the 
case, it will probably be assuming a sine wave. The odds are that both readings are wrong, but let's take the case 
where we have great meters which are reading the values perfectly correctly. Then the output will be 37.5 watts, 
won't it? Well, actually, no it won't. The reason for this is that the circuit is feeding the transformer winding which 
is a coil and coils don't work like that. 


The problem is that, unlike a resistor, when you apply a voltage across a coil the coil starts absorbing energy and 
feeding it into the magnetic field around the coil, so there is a delay before the current reaches it's maximum 
value. With DC, this generally doesn't matter very much, but with AC where the voltage is changing continuously, 
it matters a great deal. The situation can be as shown in this graph of both voltage and current: 
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At first, this does not look like any great problem, but it has a very significant effect on the actual power in watts. 
To get the 37.5 watts output which we were talking about earlier, we multiplied the average voltage level by the 
average current level. But these two values do not occur at the same time and that has a major effect. 


As this can be a little difficult to see, let’s take the peak values rather than the averages as they are easier to see. 
Let's say that in our example graph that the voltage peak is 10 volts and the current peak is 3 amps. If this were 


DC we would multiply them together and say that the power was 30 watts. But with AC, this does not work due to 
the timing difference: 


Yo peak is 10 volts Current peak is 3 amps 


When the voltage is peaking, the current is nowhere near it’s peak value of 3 amps: 


Current is only about 1.4 amps 
when the voltage is at it's peak 


As a result of this, instead of getting our expected peak power at the top of the voltage peak, the actual power in 
watts is very much lower — less than half of wnat we were expecting. Not so good, but it gets worse when you 
look at the situation more closely. Take a look at what the voltage is when the current crosses the zero line, that 


is, when the current is zero. The output power is zero when the current is zero but this occurs when the voltage is 
at a very high value: 
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The same goes for when the voltage is zero. When the voltage is zero, then the power is also zero, and you will 
notice that this occurs when the current is at a high value: 


J Power is zero at a high current value 


The power is not the average current multiplied by the average voltage if there is a coil involved in the circuit — it 
will be less than that by an amount known as the “power factor” and I'll leave you to work out why it is called that. 


So, how do you determine what the power is? It is done by sampling the voltage and current many times per 
second and averaging those combined results: 


Both the voltage and the current are sampled at the times indicated by the vertical red lines and those figures are 
used to calculate the actual power level. In this example, only a few samplings are shown, but in practice, a very 
large number of samples will be taken. The piece of equipment which does this is known as a wattmeter as it 
measures watts of power. The sampling can be done by windings inside the instrument, resulting in an instrument 
which can be damaged by overloading without the needle being anywhere near full deflection, or it can be done 
by digital sampling and mathematical integration. Most digital sampling versions of these meters only operate at 
high frequencies, typically over 400,000 cycles per second. Both varieties of wattmeter can handle any waveform 
and not just sine waves. 


The power company supplying your home, measures the current and assumes that the full voltage is present 
during all of the time that the current is being drawn. If you are powering a powerful electric motor from the mains, 
then this current lag will cost you money as the power company does not take it into account. It is possible to 
correct the situation by connecting one or more suitable capacitors across the motor to minimise the power loss. 


With a coil (fancy name “inductor” symbol *L”), AC operation is very different to DC operation. The coil has a DC 
resistance which can be measured with the ohms range of a multimeter, but that resistance does not apply when 
AC is being used as the AC current flow is not determined by the DC resistance of the coil. Because of this, a 
second term has to be used for the current-controlling factor of the coil, and the term chosen is “impedance” or for 
people who like to make everything sound unduly complicated “reactance”. | will stick with the term “impedance” 
as it is clear that it is the feature of the coil which “impedes” AC current flow through the coil. 


The impedance of a coil depends on it's size, shape, method of winding, number of turns and core material. It 
also depends on the frequency of the AC voltage being applied to it. If the core is made up of iron or steel, usually 
thin layers of iron which are insulated from each other, then it can only handle low frequencies. You can forget 
about trying to pass 10,000 cycles per second (“Hz”) through the coil as the core just can't change it’s magnetic 
poles fast enough to cope with that frequency. A core of that type is ok for the very low 50 Hz or 60 Hz 
frequencies used for mains power, which are kept that low so that electric motors can use it. 


For higher frequencies, ferrite can be used for a core and that is why some portable radios use ferrite-rod aerials, 
which are a bar of ferrite with a coil wound on it. For higher frequencies (or higher efficiencies) iron dust 
encapsulated in epoxy resin is used. An alternative is to not use any core material and that is usually referred to 
as an “air-core” coil. These are not limited in frequency by the core but they have a very much lower inductance 


for any given number of turns. The efficiency of the coil is called it’s “Q” (for “Quality”) and the higher the Q factor, 
the better. The resistance of the wire lowers the Q factor. 


A coil has inductance, and resistance caused by the wire, and capacitance caused by the turns being near each 
other. However, having said that, the inductance is normally so much bigger than the other two components that 
we tend to ignore the other two. Something which may not be immediately obvious is that the impedance to AC 
current flow through the coil depends on how fast the voltage is changing. If the AC voltage applied to a coil 
completes one cycle every ten seconds, then the impedance will be much lower than if the voltage cycles a million 
times per second. 


If you had to guess, you would think that the impedance would increase steadily as the AC frequency increased. 
In other words, a straight-line graph type of change. That is not the case. Due to a feature called resonance, 
there is one particular frequency at which the impedance of the coil increases massively. This is used in the 
tuning method for AM radio receivers. In the very early days when electronic components were hard to come by, 
variable coils were sometimes used for tuning. We still have variable coils today, generally for handling large 
currents rather than radio signals, and we call them “rheostats” and some look like this: 


COIL CONTACT 


These have a coil of wire wound around a hollow former and a slider can be pushed along a bar, connecting the 
slider to different winds in the coil depending on it's position along the supporting bar. The terminal connections 
are then made to the slider and to one end of the coil. The position of the slider effectively changes the number of 
turns of wire in the part of the coil which is being used in the circuit. Changing the number of turns in the coil, 
changes the resonant frequency of that coil. AC current finds it very, very hard to get through a coil which has the 
same resonant frequency as the AC current frequency. Because of this, it can be used as a radio signal tuner: 
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If the coil's resonant frequency is changed to match that of a local radio station by sliding the contact along the 
coil, then that particular AC signal frequency from the radio transmitter finds it almost impossible to get through the 
coil and so it (and only it) diverts through the diode and headphones as it flows from the aerial wire to the earth 
wire and the radio station is heard in the headphones. If there are other radio signals coming down the aerial 
wire, then, because they are not at the resonant frequency of the coil, they flow freely through the coil and don't 
go through the headphones. 


This system was soon changed when variable capacitors became available as they are cheaper to make and they 
are more compact. So, instead of using a variable coil for tuning the radio signal, a variable capacitor connected 
across the tuning coil did the same job: 
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While the circuit diagram above is marked “Tuning capacitor” that is actually quite misleading. Yes, you tune the 
radio receiver by adjusting the setting of the variable capacitor, but, what the capacitor is doing is altering the 


resonant frequency of the coil/capacitor combination and it is the resonant frequency of that combination which is 
doing exactly the same job as the variable coil did on it's own. 


This draws attention to two very important facts concerning coil/capacitor combinations. When a capacitor is 
placed across a coil “in parallel” as shown in this radio receiver circuit, then the combination has a very high 
impedance (resistance to AC current flow) at the resonant frequency. But if the capacitor is placed “in series” with 
the coil, then there is nearly zero impedance at the resonant frequency of the combination: 


This may seem like something which practical people would not bother with, after all, who really cares? However, 
it is a very practical point indeed. Remember that Don Smith often uses an early version, off-the-shelf neon-tube 
driver module as an easy way to provide a high-voltage, high-frequency AC current source, typically, 6,000 volts 
at 30,000 Hz. He then feeds that power into a Tesla Coil which is itself, a power amplifier. The arrangement is 
like this: 


People who try to replicate Don’s designs tend to say “I get great sparks at the spark gap until | connect the L1 
coil and then the sparks stop. This circuit can never work because the resistance of the coil is too low”. 


If the resonant frequency of the L1 coil does not match the frequency being produced by the neon-tube driver 
circuit, then the low impedance of the L1 coil at that frequency, will definitely pull the voltage of the neon-tube 
driver down to a very low value. But if the L1 coil has the same resonant frequency as the driver circuit, then the 
L1 coil (or the L1 coil/capacitor combination shown on the right, will have a very high resistance to current flow 
through it and it will work well with the driver circuit. So, no sparks, means that the coil tuning is off. It is the same 
as tuning a radio receiver, get the tuning wrong and you don't hear the radio station. 


This is very nicely demonstrated using simple torch bulbs and two coils in the YouTube video showing good 
output for almost no input power: http://www.youtube.com/watch?v=kQdcwDCBoNY and while only one resonant 
pick-up coil is shown, there is the possibility of using many resonant pick-up coils with just the one transmitter. 


It should be stated that people have tried to replicate the devices which Don has described and have not been 
successful. Consequently, they believe that Don’s presentations are a hoax and that he has never had any 
device which worked as he claimed. That is a rather doubtful conclusion to draw as the only certain thing which 
can be concluded is that they failed in their attempt. It is my experience that some people who attempt 
replications do not seem to have the ‘knack’ or perseverance needed to reach a successful result, while others do 
have what it takes. For example, many people tried to replicate Stan Meyer's water-splitter which he called his 
“Water Fuel Cell” or “WFC” for short, and they did not succeed. Dave Lawton in Wales decided to produce a 
replication and he had zero success for a whole month of effort. After a month of trying, his cell suddenly bust into 
substantial gas production, showing that the electrode pipes had to be “conditioned” before the cell would work 
properly. Most people would have given up long before the month was up, and declared that the WFC was a 
hoax. As a result of Dave's efforts and his generous sharing of what he did (in chapter 10), many people have 
now been very successful in replicating Stan Meyer's design. So, | will leave it up to you to decide if Don Smith’s 
devices are a hoax. It should be understood, that there is no particular reason why anyone who was successful 
with Don’s designs would necessarily tell me. Most will never even have heard of me. 


Bearing that in mind, | have been told of one man who used his common sense and produced an impressive 
result. He used a Tesla Coil as the driving force, and then used a second Tesla Coil back-to-back with the first 
one, to step the high voltage back down again. Doing that, he was able to light a series of powerful light bulbs 
from the “L1” output coils. He also confirmed that doubling the voltage, quadrupled the power output, verifying 
what Don said. He also found that adding additional coils with bulbs to the output Tesla Coil, did not increase the 
input power at all, did not cause any of the existing light bulbs to shine any less brightly, and yet lit the additional 
bulbs. That would appear to be confirmation of Don's statement that any number of magnetic copies of the 
original oscillating magnetic field of the first Tesla Coil, can provide a full-power electrical output without requiring 
any additional input power. I’m no expert, but my understanding of the arrangement is: 


As the large diameter coil is exactly one quarter the length of the smaller diameter coil, there is an automatic 
resonance of both when the applied frequency is just right. As the first narrow coil is identical to the second 
narrow coil, they are also automatically resonant together. Again, as the large coils which feed the loads are 
exactly one quarter the wire length of the narrow coils, they also resonate at the common frequency and at that 
frequency, the input power is at its minimum while the output power is at its maximum. The spike at the top of 
each of the narrow coils is connected with a wire to channel the generated power from the first Tesla Coil to the 
second one. 


As some readers may feel that there is some "black magic" about the neon-driver circuit used by Don to drive the 
Tesla Coil section of his circuitry and that if a suitable unit could not be purchased then the circuit could not be 
reproduced or tested, it seems reasonable to show how it operates and how it can be constructed from scratch: 


The circuit itself is made up of an oscillator to convert the 12-volt DC supply into a pulsating current which is then 
stepped up to a high voltage by a transformer. Here is a circuit which has been used for this: 
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The supply for the 555 timer chip is protected against spikes and dips by the resistor "R" and the capacitor "C". 
The 555 timer chip acts as an oscillator or "clock" whose speed is governed by the two 10K resistors feeding the 
440 nF capacitor. The step-up transformer is an ordinary car coil and the drive power to it is boosted by the 
IRP9130 FET transistor which is driven by the 555 chip output coming from it's pin 3. 


The output from the (Ford Model T) car coil is rectified by the diode, which needs to have a very high voltage 
rating as the voltage at this point is now very high. The rectified voltage pulses are stored in a very high-voltage 
capacitor before being used to drive a Tesla Coil. As a powerful output is wanted, two car coils are used and their 
outputs combined as shown here: 


HIV a 


Output 

(E 14007 z 

>) 45K 
= 2000)IF a! 1A 
40% T4a40nF 
ceramic z J0nF 
C1 

pal 

ov 


You will notice that the car coil has only three terminals and the terminal marked "+" is the one with the connection 
common to both of the coils inside the housing. The coil may look like this: 


and the "+" is generally marked on the top beside the terminal with the two internal connections running to it. The 
circuit described so far is very close to that provided by a neon-tube driver circuit and it is certainly capable of 
driving a Tesla Coil. 


There are several different way of constructing a Tesla Coil. It is not unusual to have several spark gaps 
connected in a chain. This arrangement is called a "series spark gap" because the spark gaps are connected "in 
series" which is just a technical way of saying "connected in a row". In the chapter on aerial systems, you will see 
that Hermann Plauston uses that style of spark gap with the very high voltages which he gets from his powerful 
aerial systems. These multiple spark gaps are much quieter in operation than a single spark gap would be. One 
of the possible Tesla Coil designs uses a pancake coil as the "L1" coil as that gives even higher gain. The circuit 
is as shown here: 
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The connection to the pancake coil is by a moveable clamp and the two coils are tuned to resonance by careful 
and gradual adjustment of that connection. The series spark gap can be constructed in various ways, including 
using car spark plugs. The one shown here uses nuts and bolts projecting through two strips of a stiff, non- 
conducting material, as that is much easier to adjust than the gaps of several spark plugs: 


Wire | 
connection 


Tightening the bolts which compress the springs moves the bolt heads closer together and reduces all of the 
spark gaps. The electrical connections can be made to the end tags or to any of the intermediate wire connection 
straps if fewer spark gaps are required in the chain. 


Let me remind you again that this is not a toy and very high voltages will be produced. Also, let me stress again 
that if you decide to construct anything, then you do so entire on your own responsibility. This document is only 
provided for information purposes and must not be seen as an encouragement to build any such device nor is any 
guarantee given that any of the devices described in this eBook will work as described should you decide to 
attempt to construct a replication prototype of your own. Generally, it takes skill and patience to achieve success 
with any free-energy device and Don Smith's devices are some of the most difficult, especially since he admits 
quite freely that he does not disclose all of the details. 


The output capacitor marked "C1" in the circuit diagram above has to be able to handle very high voltages. There 
are various ways of dealing with this. Don dealt with it by getting very expensive capacitors manufactured by a 
specialist company. Some home-based constructors have had success using glass beer bottles filled with a salt 
solution. The outside of the bottles are wrapped in aluminium foil to form one of the contacts of the capacitor and 
bare wires are looped from deep inside each bottle on to the next one, looping from the inside of one bottle to the 
inside of the next one, and eventually forming the other contact of the capacitor. While that appears to work well, 
it is not a very convenient thing to carry around. An alternative is just to stand the bare bottles in a container 
which is lined with foil which forms the second contact of the capacitor. 


One method which has been popular in the past is to use two complete rolls of aluminium foil, sometimes called 
"baking foil", laying them one flat, covering it with one or more layers of plastic cling film and laying the second roll 
of foil on top of the plastic. The three layers are then rolled up to form the capacitor. Obviously, several of these 
can be connected together in parallel in order to increase the capacitance of the set. The thicker the plastic, the 
lower the capacitance but the higher the voltage which can be handled. 


The November 1999 issue of Popular Electronics suggests using 33 sheets of the thin aluminium used as a 
flashing material by house builders. At that time it was supplied in rolls which were ten inches (250 mm) wide, so 
their design uses 14" (355 mm) lengths of the aluminium. The plastic chosen to separate the plates was 
polythene sheet 0.062 inch (1.6 mm) thick which is also available from a builders merchants outlet. The plastic is 
cut to 11 inch (280 mm) by 13 inch (330 mm) and assembly is as follows: 
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The sandwich stack of sheets is then clamped together between two rigid timber sheets. The tighter that they are 
clamped, the closer the plates are to each other and the higher the capacitance. The electrical connections are 
made by running a bolt through the projecting ends of the plates. With two thicknesses of plastic sheet and one of 
aluminium, there should be room for a washer between each pair of plates at each end and that would improve 
the clamping and the electrical connection. An alternative is to cut a corner off each plate and position them 
alternatively so that almost no plate area is ineffective. 


As Don Smith has demonstrated in one of his video presentations, Nikola Tesla was perfectly correct when he 
stated that directing the discharge from a Tesla Coil on to a metal plate (or in Don's case, one of the two metal 
plates of a two-plate capacitor where a plastic sheet separates the plates just as shown above), produces a very 
powerful current flow onwards through a good earth connection. Obviously, if an electrical load is positioned 
between the plates and the earth connection, then the load can be powered to a high level of current, giving a 
very considerable power gain. 


Coil Construction: The Barker & Williamson coils used by Don in his constructions are expensive to purchase. 
Some years ago, in an article in a 1997 issue of the “QST” amateur radio publication, Robert H. Johns shows how 
similar coils can be constructed without any great difficulty. The Electrodyne Corporation research staff have 
stated that off-the-shelf solid tinned copper wire produces three times the magnetic field that un-tinned copper 
does, so perhaps that should be borne in mind when choosing the wire for constructing these coils. 


These home-made coils have excellent “Q” Quality factors, some even better than the tinned copper wire coils of 
Barker & Williamson because the majority of electrical flow is at the surface of the wire and copper is a better 
conductor of electricity than the silver tinning material. 


The inductance of a coil increases if the turns are close together. The capacitance of a coil decreases if the turns 
are spread out. A good compromise is to space the turns so that there is a gap between the turns of one wire 
thickness. A common construction method with Tesla Coil builders is to use nylon fishing line or plastic strimmer 
cord between the turns to create the gap. The method used by Mr Johns allows for even spacing without using 
any additional material. The key feature is to use a collapsible former and wind the coil on the former, space the 
turns out evenly and then clamp them in position with strips of epoxy resin, removing the former when the resin 
has set and cured. 


Mr Johns has difficulty with his epoxy being difficult to keep in place, but when mixed with the West System micro 
fibres, epoxy can be made any consistency and it can be applied as a stiff paste without any loss of it's properties. 
The epoxy is kept from sticking to the former by placing a strip of electrical tape on each side of the former. 
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| suggest that the plastic pipe used as the coil former is twice the length of the coil to be wound as that allows a 
good degree of flexing in the former when the coil is being removed. Before the two slots are cut in the plastic 
pipe, a wooden spreader piece is cut and it’s ends rounded so that it is a push-fit in the pipe. This spreader piece 
is used to hold the sides of the cut end exactly in position when the wire is being wrapped tightly around the pipe. 


Two or more small holes are drilled in the pipe beside where the slots are to be cut. These holes are used to 
anchor the ends of the wire by passing them through the hole and bending them. Those ends have to be cut off 
before the finished coil is slid off the former, but they are very useful while the epoxy is being applied and 
hardening. The pipe slots are cut to a generous width, typically 10 mm or more. 


The technique is then to wedge the wooden spreader piece in the slotted end of the pipe. Then anchor the end of 
the solid copper wire using the first of the drilled holes. The wire, which can be bare or insulated, is then wrapped 
tightly around the former for the required number of turns, and the other end of the wire secured in one of the 
other drilled holes. It is common practice to make the turns by rotating the former. When the winding is 
completed, the turns can be spaced out more evenly if necessary, and then a strip of epoxy paste applied all 
along one side of the coil. When that has hardened, (or immediately if the epoxy paste is stiff enough), the pipe is 
turned over and a second epoxy strip applied to the opposite side of the coil. A strip of paxolin board or strip- 
board can be made part of the epoxy strip. Alternatively, an L-shaped plastic mounting bracket or a plastic 
mounting bolt can be embedded in the epoxy ready for the coil installation later on. 


When the epoxy has hardened, typically 24 hours later, the coil ends are snipped off, the spreader piece is tapped 
out with a dowel and the sides of the pipe pressed inwards to make it easy to slide the finished coil off the former. 
Larger diameter coils can be wound with small-diameter copper pipe. 


The coil inductance can be calculated from: 
Inductance in microhenrys L = d'n? / (18d + 401) 


Where: 

d is the coil diameter in inches measured from wire centre to wire centre 
n is the number of turns in the coil 

I is coil length in inches (1 inch = 25.4 mm) 


Using this equation for working out the number of turns for a given inductance in microhenrys: 


AL(18d + 401) 
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This project shows how to construct a low-powered, 
portable, solid-state, pulsed infrared laser. The system 
uses a gallium arsenide laser diode and provides 
pulse powers from 10 to 100 watts, depending on the 
diode used. The device operates from batteries and is 
completely self-contained. It may be built in a pistol, 
rifle, or a simple tubular configuration. The device is 
intended as a source of adjustable-frequency pulses 
from 10 to 1,000 repetitions per second of infrared 


energy at 900 nanometers 


The system is shown in Figure 1-1 as being built on 


a perforated board assembly and combination copper 


ground plane that all fits into a tubular enclosure 
with a lens and holder for a collimator. The housing 
serves as the enclosure for the batteries and contains 
the control panel at its rear. It may be fitted with a 
handle that can hold an optional trigger switch when 
the device is designed in a gun configuration. A con- 


Figure 1-] 


Photograph of laser 


ventional sighting system is also easily adapted to the 
device, 

‘The laser is intended as a rifle-type simulated 
weapon, whose range can be several miles or as a 
long-range, laser-beam protection fence with a similar 
range of several miles. It is intended to be used with 
our high-speed laser pulse detector deseribed in 
Chapter 2, 

The laser. when assembled as shown, is a class 3B 
FDA certified device and requires the appropriate 
labeling and several included safety functions, as 
described in the assembly instructions. At no time 
should it be pointed at anyone without protective 
eyewear or at anything that could reflect the pulses. 
Never look into the unit when the power is on. The 
device is intended to be used for ranging, simulated 
weapons practice, intrusion detection, communica- 
tions and signaling, and a variety of related scientific, 
optical experiments and uses. 

This is an intermediate- to advanced-level project 
requiring electronic skills and basic electronic shop 
equipment. Expect to spend $100 to $150. All parts 
are readily available, with specialized parts obtain- 
able through Information Unlimited (www.amaz- 
ing|.com), and they are listed in Table 1-1. 
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Theory of Operation 


A laser diode is nothing more than a three-layer 
device consisting of a pn junction of n-type silicon, a 
p type of gallium arsenide, and a third p layer of 
doped gallium arsenide with aluminum. The n-type 
material contains electrons that readily migrate 
across the pr junction and fill the holes of the p-type 
material. Conversely, holes in the p type migrate to 
the n type and join with electrons. This migration 
causes a potential hill or barrier consisting of nega- 
tive charges in the p-type material and positive 
charges in the n-type material that eventually ceases 
growing when a charge equilibrium exists. In order 
for current to flow in this device, it must be supplied 
at a voltage to overcome this potential barrier. This is 
the forward voltage drop across a common diode. If 
this voltage polarity is reversed, the potential barrier 
is simply increased, assuring no current flow. This is 
the reversed bias condition of a common diode. 


A diode without an external voltage applied to it 
contains electrons that move and wander through the 
lattice structure at a low, lazy average velocity as a 
function of temperature. When an external current al 
a voltage exceeding the barrier potential is applied, 
these lazy electrons increase their velocity so that 
some of them, by colliding, acquire a discrete amount 
of energy and become unstable. They eventually emit 
the acquired energy in the form of a photon after 
returning to a lower-energy state. These photons of 
energy are random both in time and direction; hence, 
any radiation produced is incoherent, such as that of 
an LED. 

The requirement for coherent radiation is that the 
discrete packets of radiation must be in the form of a 
lockstep phase and in a definite direction. This 
demands two essential requirements: first, sufficient 
electrons at the necessary excited energy levels, and 
second, an optical resonant cavity capable of trapping 
these energized electrons to stimulate more electrons 
and give them direction. The amount of energized 
electrons is determined by the forward diode current. 
A definite threshold condition exists where the 
device emits laser light rather than incoherent light, 
such as in an LED. This is why the device must be 
pulsed with high current. The radiation from these 
energized electrons is reflected back and forth 
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between the square-cut edges of the crystal that form 
the reflecting surfaces due to the index of refraction 
of the material and air. 

The electrons are initially energized in the region 
of the pr junction. When these energized electrons 
drift into the p-type transparent region, they sponta- 
neously liberate other photons that travel back and 
forth in the optical cavity interacting with other elec- 
trons, commencing laser action. A portion of the radi- 
ation traveling back and forth between the reflecting 
surfaces of these mirrors escapes and constitutes the 
output of the device. 


Circuit Theory of Operation 


Figure 1-2 shows the inverter section increasing the 
12 volts of the portable battery pack to 200 to 300 
volts performed by the circuit, which consists of a 
switching transistor (Q1) and step-up transformer 
(T1). Q1 conducts until saturated for a time until the 
base reverse biases and can no longer sustain if at an 
on state and O1 turns off. This causes the magnetic 
field in its collector winding (COL) to collapse, thus 
producing a stepped-up voltage in the secondary 
(SEC) of proper phase. The variable resistor (R3) 
controls the charging current to the capacitor (C2), 
the transistor turnoff time, and consequently system 
power. 

The stepped-up square wave voltage on the sec- 
ondary of T1 is rectified by diode (D1) and inte- 
grated onto the storage capacitor (C3). The trigger 
circuit determines the pulse rep rate of the laser and 
uses a timer (I1) whose pulse rate is determined by 
the timing resistor and capacitor (R9 and C6). R9 is 
adjustable for changing the laser pulse rate. The out- 
put trigger pulse is differentiated by capacitor (C4) 
with negative overshoot being clipped by diode D2. 
This differentiated pulse is fed to the gate terminal of 
the silicon controlled rectifier (SCR) switch. 

The discharge circuit generates the current pulse 
in the laser diode (LD1) and consequently is the 
most important section of the pulser. The basic con- 
figuration of the pulse power supply is shown in the 
system schematic. The current pulse is generated by 
the charging storage capacitor C3 being switched 
through the SCR and laser diode LD1. The rise time 
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Figure l-2 Circuit schematic 


of the current pulse is usually determined by the 
SCR, while the fall time is determined by the capaci- 
tor value and the total resistance in the discharge 
circuit. 

Figure 1-3 shows the typical anode voltage and 
current waveforms of the SCR during the current 
pulse through the diode laser. The peak current, pulse 
width, and voltage of the capacitor discharge circuit 
are related for various load and capacitance values. 
The peak laser current and charged capacitor voltage 
relationships are given for several different capacitor 
values and typical laser types. The voltage and cur- 
rent limits of the SCR are also shown. Short pulse 
widths provide less time for the SCR to turn on than 
longer pulse widths; therefore, the SCR impedance is 
higher and more voltage is required to generate the 
same current. Also shown are the current pulse wave- 
forms for the three different values of the capaci- 
tance. The capacitor is charged to the same voltage in 
all three cases, that 1s, 400 volts. 
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In conventional SCR operation, the anode cur- 
rent, initiated by a gate pulse, rises to its maximum 
value in about | microsecond. During this time, the 
anode-to-cathode impedance drops from an open cir- 
cuil to a fraction of an ohm. In injection laser pulsers, 
however, the duration of the anode-cathode pulse is 
much less than the time required for the SCR to turn 
on completely. Therefore, the anode-to-cathode 
impedance is at the level of 1 to 10 ohms throughout 
most of the conduction period. 

The major disadvantage of the high SCR imped- 
ance is that it causes low circuit efficiency. For exam- 
ple, at a current of 40 amps, the maximum voltage 
would be across the SCR. while only Y volts would be 
across the laser diode. These values represent very 
low circuit efficiency. 

The efficiency of a laser array is greater due to Its 
circuit impedance being more significant. Because 
the SCR is used unconventionally, many of the 
standard specifications such as peak current reverse 


SCR anode 


40A voltage 330v 
30A 225V 
20A 150v 
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Typical curves and parameters for laser pulses using SCR 
silicon controlled rectifier and capacitor discharges 


Figure 1-3) SCR operating curves 


voltage, on-state forward voltage, and turn-off time 
are not applicable. In fact, it is difficult to select an 
SCR for a pulsing circuit on the basis of normally 
specified characteristics. The specifications important 
to laser pulser applications are the forward-blocking 
voltage and current rise time. A use test is the best 
and often the only practical method of determining 
the suitability of a particular SCR. 

The voltage rating of the storage capacitor must 
be at least as high as the supply voltage. With the 
exception of ceramic types, most capacitors (metal- 
lized paper, mica, etc.) will perform well in this cir- 
cuit. Ceramic capacitors have noticeably greater 
series resistance but are usable in slower speed 
pulsing circuits. 

Lead lengths and circuit layout are very important 
to the performance of the discharge circuit. Lead 
inductance affects the rise time and peak value of the 
current, and it can also produce ringing and under- 
shoot in the current waveform that can destroy the 
laser. A well-built discharge circuit might have a total 
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lead length of only 1 inch and therefore an induc- 
tance ol approximately 20 nanohenries. If the current 
rises to 75 amperes in 100 nanoseconds, the inductive 
voltage drop across this lead can be 15 volts. It is 
now obvious that if proper care is not taken in wiring 
the discharge circuits, high-inductive voltage drops 
will result. 

A. 1-ohm resistor in the discharge circuit will 
greatly reduce the current undershoot in single-diode 
lasers. Laser arrays usually have sufficient resistance 
to eliminate undershoot. The small resistance in the 
discharge circuit is also useful in monitoring the laser 
current, as described in the following section. 

A clamping diode (D3) is added in parallel with 
the laser to reduce the current undershoot. Its polar- 
ity should be opposite that of the laser. Although the 
clamping diode is operated above its usual maximum 
current rating, the current undershoot caused by ring- 
ing is very short and the operating life of the diode is 
satisfactory. 
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Current Monitor 


The current monitor in the discharge circuit provides 
a means of observing the laser current's waveform 
with an oscilloscope. A resistive-type monitor (R6) 
reduces circuit ringing and current undershoot, but 
the lead inductance of the resistor may cause a cur- 
rent reading that is higher than it actually is. A cur- 
rent transformer such as the Tektronix CT-2 can also 
be used to monitor the current and is not affected by 
lead inductance. Because the transformer does not 
respond to low-frequency signals, it should be used 
with fast waveforms that have a short pulse width 
and a fast fall time. 


Charging Circuits 


The second major section of the pulser is the charg- 
ing circuit. This circuit charges the capacitor to the 
supply voltage during the time interval between the 
laser current pulses. It also isolates the supply voltage 
from the discharge circuit during the laser current 
pulse, thereby allowing the SCR to recover to the 
blocking state. Because the response times of the 
charging circuit are relatively long, lead lengths are 
not important and the circuit can be remotely located 
from the discharge circuit. 


Material is .031 copper sheet 


The simplest charging circuit is a resistor-cap 
combination. The resistor must limit the current to 
a value less than the SCR holding current, but 
it should be as low as practical, because this resist- 
ance also determines the charging time of the 
capacitor, C3. 


Chassis Hssembly 


The following is a list of steps to construct the laser 
project. 


l. Fabricate the copper chassis, as shown in 
Figure 1-4. This part is shown in Table 1-1 
as being available. 


2. Assemble the board as shown in Figure 1-5. 
Lay out and identify all the parts and pieces. 
Separate the components that go to the 
assembly board and fabricate the (PB1) perf- 
board from a 1.4 x 5-inch piece of .1 x .1 
grid. Note the two holes for attachment to the 
copper chassis section from Figure 1-6. 


3. Assemble the components as shown and 
observe the polarity of the capacitors and 
semiconductors. 


90 degree bend line 


0.800 


Contour these corners to fit into tubular enclosure (EN1). 
Screw heads may also require filing to fit properly. 


Figure l-4 Fabrication of laser chassis 
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Drill two 155 holes on 8" 

centers for mating to copper 
Fabricate the heatsink for Q1 from a piece of 06 aluminum chassis from figure 1-4 
1x .65° with a .15 hole for SVV1. Round off comers for 


clearance when fitting into the tubular enclosure. 


P a Dashed lines are connections on underside of perforated circuit board using the component leads. These points can 
also be used to determine foil runs for those who wish to fabricate a printed circuit board. 


* Small dots are holes used for component insertion. 
@ Black squares are solder junctions 


[ Squares with dots are holes that may require drilling for component mounting and points for external connecting wires 
indicating strain relief points. It is suggested to drill clearance holes for the leads and solder te points beneath board. 


Figure l-5 Assembly board parts identification 


Connect the components using their actual dering iron to do this correctly. The compo- 
leads wherever possible. Follow the layout nents themselves serve as anchor points and 
and avoid bare-wire bridges. will be self-supporting when soldered to one 
Figure 1-6 shows the wiring of the copper ANORI 
chassis (COPCHA 1). This type of wiring is 6. Figure 1-7 shows the interconnection of the 
preferred for high-frequency, sensitive. low- copper chassis and the perforated assembly 
noise circuitry, It is used in this circuit due to board via the two screws and nuts. Attach and 
the high-current pulses with fast rise times. connect the external leads and components as 
shown. 


Start by forming the leads and soldering to 
the copper plate. You will need a good hot sol- 


Solder points on the copper chassis to 
component leads. 


COPCHAT 


Mating holes for securing to the 
assembly board 


To J1 for monitonng diode 
current pulse 


Gale trigger pulse 
fram C4 


SWe/NUS/MICA 
Note that ihe SCR is insulated from the chassis bya 
mica or plastic washer and secured using a nylon 
screw. 


170 volts from Ra 


Figure l-6 Assembly of laser chassis 
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Figure 1-7 


From figure 1-4 
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Fabricate the LAHOLD1, as shown in 
Figure 1-8. Mount laser diode LD1 into the 
center hole and secure via a nut (NUI). 
Secure this assembly to the bent-down flange 
of the copper chassis. Use two !/s-inch screws 
as shown. 


A collimator adapter is shown and is optional. 


Assembly Testing 


The following steps will require basic testing 


equipment. 


1, 


It is assumed at this point that the assembly is 
complete, as shown in Figure 1-7. Verify the 
circuit and preset the two trimpots R3 and R9 
to midrange. 


Obtain a 12-yolt bench power supply and con- 
nect the 12 volts to the battery clip CL1. Turn 
on the key switch and note the LED coming 
on. Á current meter on the bench supply 
should read approximately 300 milliamps. 


Connect a scope to TP1, as shown in Figure 1-2, 
and adjust R3 for the waveshape as shown. 


Connect the scope to TP2 and note a spiky 
waveform that verifies the trigger pulse to the 
SCR. 


Connect the scope to TP3 and note the wave- 


From figure 1-8 


Interconnecting the assembly board to the laser chassis 


form, which is the voltage across the SCR. 
Note the flat spot indicating that capacitor C3 
has reached full charge before the SCR 1s 
triggered. The top of this waveshape 1s 
affected by the pulse repetition rate and 
should support 500 repetitions per second 
when set by RY. 


Connect the scope to TP4 and set it fora 
negative-going fast pulse, indicating the cur- 
rent waveform through the LD1 laser diode. 
If you have followed the instructions and your 
assembly of the copper chassis Is secure with 
short leads, you should see a picture-perfect 
waveform as shown. 


Note that the current pulse is 40 amps and 
corresponds to 1 amp for every volt read at 
TP4, If you find the pulse is less, you can 
increase the voltage ratings on one of the 
zener diodes. The laser diode specified 
requires 40 amps for full output. Any value 
over 40 amps will greatly shorten the useful 
life of this part. 


Verify the laser output by using a night vision 
scope or a video camera. You should see an 
indication of the output. Screw in LENI soit 
is flush with the holder and adjust for the 
smallest footprint at over 50 feet. Our lab 
model adjusted to about two turns below 
being flush with the holder for the best results. 
The output should be a sharp, narrow bar 
shape with the diode specified. 
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Material can be preferably aluminum or fabricated 
from a PVC rod. 


Tap the three LENI 
holes for 4-40 threaded 
lens 


ha 


DS 
O LD1 and 
yo NUTlaser 
O 
O sl diode and 
0.75 nul 


This section can be 
mated to section B when 
using a collimator with a 
C mount fitting. 


Thread to .5" depth to 
mate with lens as supplied. 


Optonal “C" mount collimator adapter 
fabricated from aluminum 


Countersink N 


Section B adapter for fitting to the lens holder when 
using the optional collimator 


Three mounting holes of .11 on a 1.25" diameter 
reference 120 degrees are mated to those in above 


Thread for C lens at 1" diameter 32 tpi to a 
minimum of .375" 


Figure l-8 Laser diode and lens holder 


CAP1 From Figure 1-7 EN 


Figure 1-9 X-ray view of enclosure 
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Final Assembly 


Create the EN1 enclosure from a 12 X 1.5-inch inner 
diameter plastic or aluminum tube (see Figure 1-9). 
Enclose the assembly and label it as shown in Figure 
1-10. You may want to construct a mounting block or 
another assembly to mechanically connect the laser 
to a good, sturdy video tripod for future use. 


Special Note 


This laser is rated at 10 to 20 watts and is not to be 
confused with a continuous-output device rated at 
this power level. The advantage of this system is that 
the pulses are optically equivalent to 10 to 20 watts, 
and a suitable detection system will see them at this 
power level. 

The equivalent energy output is related to the rep- 
etition rate times the peak power times the pulse 
duration and is approximately equal to joules. A joule 
is a watt second and is energy. If that energy is 
released in | microsecond as a pulse, the power of 
that pulse is now 1 megawatt. 


A very suitable detector for this pulsed laser is our 
laser light detector described in Chapter 2, and a use- 
ful application for it as a laser property security fence 
is described in Chapter 5. Note that a laser pointer is 
5 milliwatts, meaning the pulsed laser is 5,000 times 
more detectable. 


From Figure 1-3 


CAUTION: Viewing of laser beam of direct reflections require 
the use of protective eye wear available through Information 
Unlimited at www.amazing1.com 


Instruction 
1. Turn key switch counterclockwise to verify unit is off. Note that collimator will expand 
Note key is easily removed in the "off" position beam at near field but greatly 


reduce it at far field. 
2. Remove CAP1 and insert 8 AA batteries into holder. 


3. Turn key clockwise and note LED lighting. If not, check the battery 
holder. Note key cannot be removed in the on position. 
Laser energy is infrared and can not be seen with the 
eye. You must use infrared detection devices such as 
our laser pulse detector or suitable night vision devices. 
Video cameras will often detect the laser. 


4. Adjust collimator for desired effect if you are using. 


Compliance tests 

1. Verify correct labels as shown 

2. Key switch — nonremoval in off position 

3. Beam indicator LED indicates beam emission 


AVOID EXPOSURE: __ 
LASER RADIATION IS EMITTED 
FROM THIS APERTURE 


LAB3 


EE 
VISIBLE OR INVISIBLE 
LASER RADIATION 
AVOID DIRECT EXPOSURE 
TO BEAM 


CLASS IIIB LASER PRODUCT 


: LAB2 
Manufactured by 
INFORMATION Unlimited 
PO Box 716, AMHERST, NH 03031 
Model Number 


serial Number 

Manufactured Date 

This laser product conforms to the provisions of 
31CFR 1040 10 and 1040 11 


LAB1 


Figure I-10 Final assembl y view and labels 
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Table 1-1 
Parts List 


Ref. # 
RI 


RZ 


0d 


Co 


C7 


10 


Battery-Operated Infrared Laser 


Description OB Part # 


470 Va-watt resistor 
(yel-pur-br) 


220 'fa-wattl resistor 
(red-red-br) 


7K horizontal trimmer resistor 
ISK, 3-watl metal oxide resistor 


10-ohm, -watt resistor 
(br-blk-blk) 


l-ohm, -watt carbon resistor 
(br-blk-gold) 


39 -watt resistors (or-wh-blk} 


LK '/s-watt resistor 
(br-bik-red) 


OK horizontal trimmer resister 


‘Two 10-microfarad, 50-volt 
vertical electrolytic capacitors 


047-microfarad, 50-volt plastic 
capacitor 473 


033-microfarad, 250-volt 
polypropylene capacitor 


.|-microfarad, 50-volt plastic 
capacitor 


l-microfarad, S50-volt vertical 
electrolytic capacitor 


O1L-microfarad/50-volt plastic 
capacitor (103) 


‘Two 1N4937 1-kilovolt, 
l-amp diode 


IN9]14 silicon diode 


Bright green ligit-emitting 
diode (LED) 


MHMeamp, 10- to 20-wallt, 
904-nanometer 
TO18 pack laser diode 


DB# LD650 


SCRI 


fl 


Z2 


Ol 


[l 


TI 


PEI 


S] 


Jl 


COPCHASI 


LAHOLD 


LENSI3 


ENI 


CAP1,2 


HSINK 


C106M 600-volt, 4-amp DB C106M 
silicon-controlled rectifier (SCR) 


1I00/76-volt, S-watt zener 
diode 1N33785 


150/108-volt, 5-watt zener 
diode 1N5383 


MJE3055T NPN power 
transistor in 10220 case 


553 dual inline package 
(DIF) timer 


dO0- ol square-wave- DB+TYPEIPC 


switching transformer 


1.4 Xx 35-inch, .1 * .1 grid 
perforated board 


Key switch with non- DB? KEYS WSM 


removable key in on position 
RCA phono jack 


Copper chassis, DB# COPCHAS| 


created in Figure 1-4 


Laser and lens DB# LAHOLDI 


holder, created in 
Figure 1-8 
Threaded lens DB# LENSIS3 
l'/-ineh inner diameter x 

'/32-Inch wall x 12-inch 

plastic or aluminum housing tube 

| */s-inch plastic caps, 

reworked as shawn in 

Figure 1-9 

Fight AA cell holder 

Five 6-32 x '/4-inch screws 

Four 6-32 hex nuts 

4.41) x 3/s-inch nylon screw 

Mica insulating washer 


4-40 hex nut 


Heatsink tab for Q1 
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This project shows how to build a specialized device 
capable of detecting fast, high-speed optical pulses. A 
sultable laser generating these pulses is described in 
Chapters | and 4 and can have a range, limited only 
by the curvature of the earth. Its uniqueness is its 
ability to resolve these pulses with rise times in the 
nanosecond range. This capability makes it possible 
to transmit large amounts of information within a 
small period of time. 

The heart of this device is the actual front-end 
detector, in this case a PIN diode device. PIN comes 
from positive negative (PN) junction with intrinsic 
layer (1). The characteristics of this detector are low 
capacitance, high resistance, and low leakage when 


Figure 2-1 


The high-speed laser pulse detector 


operating in the reverse bias mode. It may also be 
used as a photo cell when operated in the forward 
mode, 

The first part of the circuit is built on a piece of 
thin copper and uses discrete components. The 
builder may choose to build on a fully copper-clad 
circuit board if available, and a facsimile output can 
be set up via a phono jack or a BNC connector. A 
signal-conditioning circuit is shown built on a normal 
pertorated circuit board and is designed to actuate a 
relay in the absence of the laser pulses. This mode of 
operation allows its use as a long-range laser perime- 
ter or invisible fence intrusion detector, as described 
in Chapter 5. 

Optics are shown for those wanting to operate at 
long ranges. Machined fittings are shown to mate 
with the 1.5-inch inner-diameter plastic enclosure 
used for the housing. 

This is an intermediate- to advanced-level project 
requiring certain electronic skills, and one should 
expect to spend $35 to $70, All parts are readily avail- 
able, with specialized parts obtainable through Infor- 
mation Unlimited (www.amazing].com), and they are 
listed in Table 2-1. 


Circuit Description 


The circuit in Figure 2-2 utilizes a pin photodiode 
(LPIN) reverse biased by resistor R3. The reverse- 
biased photodiode produces a voltage across bias 
resistor R2. The response of the PIN photo detector 
is determined by the resistance of R2 and is relatively 
low due to the nanosecond rise time of the laser 
pulses detected. Capacitor C3 couples the positive- 
going detected laser pulses to the gate of a preampli- 
fying field effect transistor (FET) Q1 where the 
negative-g0ing pulse is amplified and fed into a sec- 
ond FET (Q2) for further amplification. NPN transis- 
tor O3 again amplifies the positive-going pulse for 
Q2 to a negative pulse. This amplified signal is a rea- 
sonably good facsimile of the actual laser pulse and 
can be monitored or further processed via phono 
jack Jl. 


The negative-going pulses are also fed to a 
Schmidt discriminator that is in an untriggered state, 


Use a 1mfd for testing in 

place of the 10 mid tor 214 ta 

speed up the hold time aga 
10 


Figure 2-2 Circuit schematic 


providing that transistor Q4 continues to see these 
pulses. When the pulses are interrupted by an object 
in the laser path, O4 turns on due to a positive bias 
set by trimpot resistor R15 and turns transistor Q5 
off, regenerating the trigger state of the Schmidt dis- 
criminator, R15 allows the adjustment of a trigger 
threshold if required. The triggering time of the cir- 
cuit also helps prevent false triggering such as flying 
birds, windblown debris, and insects. 

The output of the Schmidt is DC coupled into the 
base of the emitter-follower transistor Q6 where the 
signal is inverted by transistor Q7. The negative- 
going level at the collector of Q7 now triggers timer 
Ii on for a preset time that controls an alarm or 
another function resulting from a qualified laser 
beam interruption. A relay (RE1) is shown in the 
circuit and can be used as normal open or normal 
closed contacts for control of external circuit 
functions. This is shown in the phasor pain held gen- 


erator in Chapter 35. 


FACSIMILE 
GUTPLIT 


R22 
10K 
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System Assembly 


Assemble the board, as shown in Figure 2-3. 
Lay out and identify all the parts and pieces. 
Separate the components that go to the 
assembly board and create the PB! perfboard 
from a 11 Xx 51/-inch piece of .1 X .1 grid. 
Note the two holes for attachment to the cop- 
per chassis section. 


Assemble the components as shown and 
observe polarity of the capacitors and semi- 
conductors. 


Connect the components using their actual 
leads wherever possible. Follow the layout 
and avoid bare-wire bridges. Note that Figure 
2-3 shows pieces of #20 bus lead used as VC+ 
and COMMON rails. This approach is easier 
for wiring as it gives a direct route for the 
component leads. 


Create the copper chassis as shown in Figure 
2-4, This part is listed as a fabricated piece in 
Table 2-1. 


Figure 2-5 shows the wiring of the COPCHAI 
copper chassis. This type of wiring is preferred 


Use .031copper sheet 


aci A 


Figure 2-4 Fabrication of the laser chassis 


for high-frequency and sensitive, low-noise 
circuitry. It is used in this circuit due to the 
fast-rise-time, low-level-voltage pulses. 


Start by forming the leads and soldering to 
the copper plate. You will need a good, hot 
soldering iron to do this correctly. The compo- 
nents themselves serve as anchor points and 
will be self-supporting when soldered to one 
another. 


Figure 2-6 shows the connection of the copper 
chassis and the perforated assembly board via 
the two screws and nuts. Attach and connect 
the external leads and components as shown. 


Button hook this lead under screw 
head for contact to the chassis section 


Use #20 buss wire for common rail 
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Drill two .155 holes on .9" 
centers for mating to copper 
chassis from figure 2-3 


Use #20 buss wire for Ve+ rail 


a Indicates holes in perforated board used for passage of component leads 
Indicates holes in perforated board used for external leads connection points 
A Indicates component soldering points on (+) plus and (-) negative rails 


Use a piece of #20 buss wire for rail leads indicated with heavy dashed lines 

Figure 2-3 Assembly board parts identification 
—H LL AAAA 
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co PCHAS1 


NS a 


: {Re 


#20 buss lead ¿Us 


Small plastic spacer 


; | and 4-40 x "nylon 
Side view showing insulating of plus rall puss screws and nuls 
wire. Secure by hook loop under screws 


Figure 2-5 Assembly of the laser chassis 


Control wires from relay. Do 
not exceed contact rating 


Et soou 
ect eo ole ooo 


Figure 2-6 Connection of board to chassis 
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Assembly Testing 


Testing of the laser receiver involves the use of a 
compatible laser transmitter to provide the necessary 
high-speed pulses, The laser described in Chapter 1 is 
recommended. 


l. Itis assumed at this point that the assembly is 
complete, as shown in Figure 2-6. Verify the 
circuit and preset the R15 trimpot to 
midrange. This test is performed without the 
circuitry installed and without a lens. You 
should temporarily replace C14 with a .1- 
microfarad value. 


bh 


Obtain a 12-volt bench power supply and con- 
nect the 12 volts to the battery clip CL1. Turn 
on the $1 switch and note the LED coming on 
and flashing erratically. A current meter on 
the bench supply should read approximately 
10 milliamps. 


3. Measure the DC voltage levels, as indicated in 
Figure 2-2, noted in the squares. These values 
should be within 10 to 15 percent of those 
indicated. 


CAPI 


The lens system shown uses a 38 mm diametar 100 mm focal length. A 


22 15 diameter tube (TUBIS is sleeved info the 

Main enclosure EM) and & posdioned lo adi bo the terms cn is 
shoulders. A plastic cap (CAP2) retains the lons against TUBIS, 
Acenter hole of over 1" Is moved for the light aperture 


Figure 2-7 X-ray view of enclosure 


At this point, you will need an optical laser 3 
pulse transmitter, such as that described in 
Chapter 1. Any suitable laser or optical trans- k 
mitter will work with a fast pulse rise of 1 usec = “= 
or so. The detector, as shown, uses a silicon '» 
PIN diode with a spectral sensitivity peak at | 
960 nanometers. This is very close to the spec- Fi 
tral output of the lasers described in Chapters ps 
| and 4. 


Position the laser pulse generator source so o 
that it is pointing in the direction of the laser 
receiver being tested. You will need to con- ti 
nect a scope at the drain of O1 and then 

attempt to position the receiver so it is receiv- = 
ing the pulses and is secure in this position. ) 
This may be tricky and require patience. | 
When the laser is perfectly aligned with the 
receiver, the signal will block the Q1 and pro- | Š 
duce an overloaded waveshape. Carefully m 
adjust the receiver off axis until the scope 

indicates the negative-going facsimile pulse as PTY 
shown. Continue through the circuit and pad 
observe the waveshapes as shown, again 
adjusting the receiver off axis to obtain the 
required waveshape. 


EN 
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Note that collimator will expand 
beam at near field but greatly 


reduce it at far field. 
Instructions 


1. Remove CAP1 and insert 8 AA batteries into holder. 
2. Adjust collimator for desired effect if you are using. 


It is suggested to fabricate a plastic block or sturdy 
metal bracket to secure the unit in place. You may 
want to consider a suitable method that will allow 
some adjustment of position and angle. Use your 
own ingenuity to mate this part to the mounting 
conditions. 


Note the LED indicates when the timer controlling the sense 
activation time relay is energized or triggered by an intrusion. 
This time may be internally adjusted. 


AAA... oo. a AAA me me ome oee me A e A A M 


ee m 


Figure 2-8 Final assembly view 


Note that the LED will be off if the circuit is 


working and will come on if you block the Final Assemb ly 
light with a solid object. | 


5. Verify that the discriminator works and you Fabricate the EN1 enclosure from a 15 X 1.5-inch ID 
can set the sensitivity trip level via R15. Verity plastic or aluminum tube. Enclose the assembly as 
the timer trips when the light beam is broken, shown in Figure 2-7. You may want to create a 
O activating the relay for a preset time as deter- mounting block or another assembly to mechanically 
Es mined by the value of C14. This feature now connect the laser to a good, sturdy video tripod for 
i allows external circuitry to be activated when Him 


the laser beam is broken, powering alarms or 


deterrents. The relay as shown provides a nor- The system as shown is enclosed in a long tube 


a mally closed and open circuit that can be that includes the batteries. You may separate the bat- 
y selected by the user. Do not switch loads that teries and relay control circuits from the actual detec- 
4) exceed the relay contact rating. tion section consisting of the copper chassis and 

oF optics. This approach will be a two-part system that is 


connected via a cable or cord. 


IIIT 
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Special Note Special Note on Photo 
Detectors 


This laser pulse detector receiver, when used with a 
pulsed laser like that described in Chapter 1, can o ! , 
Iwo photo detectors are referenced in Table 2-1. 


have a control range exceedine that allowed by the i E 
E | : ; es LPIN is the low-cost piece that will usually provide 

curvature of the earth when used with suitable optics. > ; 
| Ks iaa the necessary operating parameters for most hobby- 
Alignment is about as critical as sighting a high- f i 
; i . ist laser projects. LPINX is more expensive and has a 

powered rifle and requires extreme mechanical : | 
s i ; much lower dark current rating. It is used for lower 
stability once set. The alignment of a long-range i aa E: 
i , . : nose and more sensitive circuitry. 
system requires patience, perseverance, and a little | 


black magic. 

Chapter 5 describes how to use both the laser 
pulser from Chapter | and the above assembly in a 
multiple-reflection property protection device with 
an ultrasonic shock deterrent. 


Å C 
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Table 2-1 


Ref. # 
R! 


R2,3,5,7,8, 
11,13, 18, 
20,21 

R4, 12 

R6 

RY 

R10 

R14, 16, 19, 
27,24 

R15 


R17 


R23 


R25 


C2, 14 


e Tee 


C4. 6 


09,15 


010,15 


Cll 


01,2 


DE 
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Laser Pulse Detector Parts List 


Description 
LO ohms, watt (br-blk-blk) 


Ten 1K, '/s-watt resistors 
(br-blk-red) 


Two 470K, 'a-watt resistors 
(yel-pur-yel) 


ATK, '/u-watt resistor 
(yel-blk-red) 


39K, -watt resistor 
(or-wh-or} 

LOOK, -watt resistor 
(br-blk-yel) 


Five LOK. -watt resistors 
(br-blk-ar) 


IM horizontal trimmer resistor 


15K, -watt resistor 
(br-blk-or) 


LM, -watt resistor 
(br-blk-prm) 


470-ohm, -watt resistor 
(vel-pur-br) 


LOM, |/a-watt resistor 
(br-blk-blue) 


Two 100-microfarad, 50-volt 
vertical electrolytic 
capaci tors 


“Two lO-microfarad, 30-volt 
vertical electrolytic 
capacilors 


Four .001-microfarad, 100-volt 
disc capacitors 


Two .47-microfarad, 50-volt 
plastic capacilors 
Two .|-microfarad, 50-volt 


plastic capacitors 


Two 0l-microfarad, 50-volt 
plastic capacitors (103) 


lumicrofarad. 40-volt vertical 
electrolytic capacitor 


Two J202 N-channel FET 
transistors 


2N4124 negative positive 
negative (NPN) high- 


DB Part # 


H 


LEDI 


*LPINI 


*LPINIA 


REI 


COPCHAS] 


SWI'NUI 


SPCT 


PBI 


JI 


51 


CLI 


BHS 


ENI 


CAPL 2 


LENI 


frequency transistor 


Four PN2222 NPN general- 
purpose transistors 


Two 1914 silicon diodes 


Two IN4007 1-kilovolt, l-amp 
diodes 


555 dual inline package (DIP) 
timer integrated circuil 


High-brightness light-emitting 
diode (LED) 


Silicon PIN photodiode dark 
current less than .10 


nano-amp (see text) DB PIN 


Silicon photo diode dark current DB PINA 
less than ,02 nano-amp (see text) 


12-volt coil, 400-ohms, 120 
VAC 15-amp contacts 


DB# RE12115 


1,4 x 3.5-inch ,031 copper plate 
(see Figure 2-4) 


Four 440 X vs nylon screws and 
metal hex nuts 


Two 'A-inch plastic spacers 


54" x 12.1 X.1 grid 
perforated circuit board 


Chassis mount RCA phono jack 


Small single pole, single throw 
(SPST) toggle switch 


Battery clip 
Holder for 8 AA cell battery 


1'/2-inch inner diameter * 
-inch wall plastic 
or aluminum tube 


Two 154" plastic caps reworked 
as shown in Figure 2-5 


38 mm * 100 mm focal length DB# 38100 


DCX glass lens 


Reworked |'/2-inch plastic cap 
for retaining lens 


2-inch length of 1.5-inch outer 
diameter plastic or aluminum tube 
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This ultra-bright green laser project, as shown in 
Figure 3-1, is intended for the laser experimenter who 
desires to add a simple optical system that provides 
far-field focusing, beam collimation, or beam 
expanding. 

Construction parts such as tubing, handles, brack- 
ets, and hardware are all readily available from most 
local hardware stores (see Table 3-1). Our suggested 
lab approach is to locate some telescopic tubing of 
metal or plastic, or a combination of both, and fabri- 
cate the laser and lens holders {rom a suitable sized 
plastic rod or equivalent. The center holes of the 
holders must be as true as possible or the optical sys- 
tem’s integrity will be greatly degraded. 


Figure 3-1 


Photo of green laser project 
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aser Project : 


Š 


The grip or handle is created from a 1-inch-thick 
piece of finished pine that has a section carefully 
removed for the battery holder and push-button 
switch. Passage holes for the power leads are drilled 
as shown. You may also use a suitable sized plastic 
box. A clear piece of Lexan (polycarbonate) sheet is 
[ormed with a flange at a 90-degree bend and is the 
surface for mounting the switch. This cover is screwed 
to the wooden handle and makes an attractive design 
if done with care and precision. The handle can be 
constructed with a contoured shape to match the cur- 
vature of the tube, and you may also add rings, fins, 
and other décor to make a space-age optical ray gun. 

1he operation of the laser allows usage without 
any optics, providing similar performance to a high- 
quality laser pointer. The addition of the lens system 
allows far-field focusing, close range expansion, and 
far-field collimation where the beam spot impact will 
be reduced by the collimating power of the system. 
As an example, the bare foot beam diameter (or 
operation without external optics) at 300 meters will 
be approximately a S0-centimeter diameter spot. 
With an X10 collimator, the diameter can be reduced 
to 5 centimeters. 

This is a class iiia beginner’s laser project that uses 
a working laser module. Class iiia is a classification 
for lasers under 5 milliwatts of output power 


Never point it at vehicles, aircraft, or directly at 
people. Expect to spend $40 to $50 for this very 
rewarding laser project. 


Assembly Steps 


|. Rework the laser module (LM1) as shown in 
Figure 3-2. 


2. Wire the laser module with pushbutton switch 
(SW1) and battery clip (CL1) as shown in Fig- 
ure 3-3. 


3. Make final assembly as shown in Figure 3-4. 


4. Connect batteries and activate SW1. Note a 
green impact point. Adjust lenses as shown for 
desired beam profile. 


E | 
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Table 3-1 Ultra-Bright Green Laser Parts List 


Ref. 4 Description DB Part # 

Swi Pushbutton NO switch 

BH2AA Two-cell AA battery 
holder 

CLI Battery snap clip 

LMI S-milliwatt ercen laser DB LM-532-P5 
module 

LENI Concave lens .6 X 
-75-inch DB# LEIS 
focal length 

LENS Convex lens 
9 x 3.5-inch DB# LE2475 
focal length 

LABI Class 3a danger laser 
label 

LAB2 Certification label 

LABS Aperture label 


The mechanical parts you get yourself; they are not critical and 
those shown represent our finalized lab approach. 


TUBE] l-inch OD thin-walled 
plastic tubing 

TUBE2 Tube for telescope over 
TUBE] 

HANDLE 2x 4™ |-inch piece of 
soft pine 

COVER Piece of '/i+-inch clear 


plastic sheet 


BEKI la Veanch aluminum 
bracket 


LENS HOLDERS Wood or plastic dowels 


SCREWS Small wood 
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This project shows how to construct a laboratory-use. 
solid-state, pulsed infrared laser (see Figure 4-1). The 
system utilizes a gallium arsenide laser diode provid- 
ing pulse powers of 10 to 100 watts depending on the 
diode used. The device operates from the 115 VAC 
line via an isolation transformer and is constructed in 
two parts. The laser is an excellent source of variable- 
frequency pulses adjustable from 10 to 2.500 repeti- 
lions per second of infrared energy. 

The laser, when assembled as shown, is a class iiib 
device and requires the appropriate labeling and sev- 
eral included safety functions, as described in the 
assembly instructions. At no time should it be pointed 
at anyone without protective eyewear or at anything 
that could reflect these pulses. Also, never look into 
the unit when the power is on. It is intended to be used 


Gr 


for ranging, simulated weapons practice, intrusion 
detection, communications and signaling, and a variety 
of related scientific, optical experiments and uses. 


This is an intermediate- to advanced-level project 
requiring electronic skills and basic electronic shop 
equipment. Expect to spend $100 to $150. All parts 
are readily available, with specialized parts obtainable 
through Information Unlimited (www.amazingl.com), 
and they are listed in Table 4-1. 


Theory of Operation 


A laser diode is nothing more than a three-layer device 
consisting of a pn junction of n-type silicon. a p-type 
of gallium arsenide, and a third p layer of doped 
gallium arsenide with aluminum. The n-type material 
contains electrons that readily migrate across the pr 
junction and fill the holes of the p-type material. 
Conversely, holes in the p-type migrate to the n-type 
and join with electrons. This migration causes a 
potential hill or barrier consisting of negative charges 
in the p-type material and positive charges in the 
n-type material that eventually cease growing when a 
charge equilibrium exists. In order for current to flow 
in this device, it must be supplied at a voltage to over- 
come this potential barrier. This is the forward voltage 


Table 4-1 


INFO $ Pulse width Package Diodes 


LD660 = 200) ns TOIS | 40 amps 9x] 
LD780 200ns TOS 2 40 amps 21X | 
LD1630 200 ns TOS 2 40 amps 21%] 


Peak current Emitting area Peak power Duty factor Beam synunetry Spectral width 


12 watts 1% 15 x 20 3.4 nm 
20 watts 1% LS = 20 345 nm 
30 watts 1% 15 x 20 3.3 0m 


drop across a common diode. If this voltage polarity 
is reversed, the potential barrier is simply increased, 
assuring no current flow. This is the reversed bias 
condition of a common diode. 

A diode without an external voltage applied to it 
contains electrons that move and wander through the 
lattice structure at a low, lazy average velocity as a 
function of temperature. When an external current at 
a voltage exceeding the barrier potential is applied, 
these lazy electrons now increase their velocity to 
where some, by colliding, acquire a discrete amount 
of energy and become unstable, eventually emitting 
this acquired energy in the form of a photon after 
returning to a lower energy state. These photons of 
energy are random both in time and direction; hence, 
any radiation produced is incoherent, such as that of 
a light-emitting diode (LED). 

The requirements for coherent radiation are that 
the discrete packets of radiation must be in the form 
of a lockstep phase and in a definite direction. This 
demands two essential requirements; first, sufficient 
electrons at the necessary excited energy levels and, 
second, an optical resonant cavity capable of trapping 
these energized electrons for stimulating more and 
giving them direction. The amount of energized elec- 
trons is determined by the forward diode current. A 
definite threshold condition exists where the device 
emits laser light rather than incoherent light, such as 
in an LED. This is why the device must be pulsed with 
a high current. The radiation from these energized 
electrons is reflected back and forth between the 
square-cut edges of the crystal that form the reflecting 
surfaces due to the index of refraction of the material 
and air. 

The electrons are initially energized in the region 
of the pn junction. When these energized electrons 
drift into the p-type transparent region, they sponta- 
neously liberate other photons that travel back and 


= —— =a ee 


forth in the optical cavity interacting with other elec- 
trons commencing laser action. A portion of the radi- 
ation traveling back and forth between the reflecting 
surfaces of these mirrors escapes and constitutes the 

output of the device. 


Circuit Theory of Operation 


AC power, as shown in Figure 4-2, is obtained via 
polarized plug CO1 through fuse FH1. Proper 
grounding of the green cord lead is a necessity to 
prevent an unnecessary shock hazard along with 
usage of grounded test and measuring equipment. 81 
is a key switch type where the key can be removed 
only in the off position. Transformer T1 provides a 
one-to-one ratio and isolation from the power line, 
while step-down transformer T2 provides the low 
voltages necessary for the control circuits, [he power 
indicator lamp consists of neon lamp NE1 and associ- 
ated current-limiting resistor R1. 

Diodes D1 and D2, along with capacitors Cl and 
(2, comprise a voltage doubler. The voltage across 
Cl and C2 is 1.4 x 230 or approximately 340 volts. 

A major section of this laser pulser is the charging 
circuit. This circuit charges the pulse discharge capac- 
itor (C10) to the supply voltage during the time interval 
between laser current pulses. It also isolates the supply 
voltage from the discharge circuit during the laser 
current pulse, thereby allowing the switching silicon- 
controlled rectifier (SCR) to recover to the blocking 
state. Because the response times of the charging 
circuit are relatively long, lead lengths are not impor- 
tant, and the circuit can be remotely located from the 
discharge circuit. 

The simplest charging circuit is a resistor-capacitor 
combination. In this simple case, the resistor must limit 
the current to a value less than the SCR holding 
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Charging section 


= TM 61 


110 


14425515 GROUND 


LATCH 


Figure Y-2 Circuit schematic 


current but should be as low as practical because this 
resistance also determines the charging time of the 
capacitor C10, thus determining the available laser 
pulse repetition rate at full energy. For example. a 
resistance of 40 kilo-ohms limits the current to 10 
milliamps from a 400-volt supply. This current value is 
just at the holding level of an average SCR. A time of 
almost 4 milliseconds is required to charge C10, a 
0.033-microfarad capacitor, to the supply voltage in 
three time constants through a 40-kilo-ohm resistor. 
Therefore, the pulse repetition rate (PRR) of the puls- 
ing circuit is limited to less than 250 Hz. If the PRR 
exceeds this value, the capacitor does not completely 
recharge between pulses and the peak laser current 
decreases with increasing PRR. 


Varying the supply voltage may control the peak 
current in the discharge circuit, provided the PRR is 
low enough to allow the capacitor to fully recharge 
between current pulses. Both the supply voltage and 
the PRR determine the peak laser current. A consid- 
erable risk exists in increasing the supply voltage to 
compensate for an insufficient recharge time. If the 
PRR is decreased while the supply voltage is high, 
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the capacitor again recharges completely, and the 
laser pulse current increases to a value that may 
damage or destroy the laser diode. 

The needs for a variable voltage supply and the low 
PRR limit are the major disadvantages of the 
resistive-type charging network. Therefore, the 
limitations of the simple resistor drivers are that a 
resistor large enough to keep the current below the 
holding current of the SCR also limits the pulse 
repetition rate. 

The frequency capability of the pulse power supply 
can be greatly improved with the charging circuits, as 
described. Capacitor C10 is charged to the supply 
voltage when the SCR is not conducting. Diode D7 is 
in the off state, because no current flows through it 
during this period. At the onset of a pulse trigger at 
the gate, the impedance of the SCR drops rapidly and 
capacitor C10 discharges toward ground potential. 
During this period, current is surging through diode 
D7, causing zero biasing of the current-control tran- 
sistors (Q1, Q2) by shorting the bias resistors (R9, 
R11). The SCR now turns off when the current drops 
below its holding current. The voltage across capacitor 
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C10 then charges back to the supply voltage. During 
the capacitor charge cycle, diode D7 passes no cur- 
rent, and Q1 and Q2 are forward biased into the 
saturation region. Obviously, the charging time of 
C10 is now shorter due to being charged through the 
smaller-value resistors (R10, R12). The emitter resis- 
tors R13 and R14 balance the current through QI 
and Q2. 

Zener diodes (73, Z4) are selected to regulate and 
provide the proper required current pulse for the 
laser diode in operation. The zener diodes provide a 
maximum charge voltage of 310 volts that produces 
40 amps through laser diode LD1 for up to 2,500 
laser pulses per second, 

Other laser diodes may require a selection of 
other voltage-rated zener diodes. The builder may 
wish to provide a multiposition switch to select these 
various combinations of zener diodes externally via a 
front panel control. 


The trigger circuit consists of an astable timer (12) 
that derives its power through the output of timer 11, 
which provides a delay time required for FDA laser 
compliance. The trigger and delay circuitry, as well as 
the timers. are powered by 12 VDC from transformer 
T2 and rectifier diodes D3 through D6, Capacitor C4 
filters the rectified wave and steps up the voltage to 
15 VDC. Resistor R2 drops the 15 volts to the zener 
voltage of zener diodes Z1 and Z2 of regulated 
12 VDC. 

Operation of the laser requires activating 
pushbutton switch $2, which latches transistor Q4 
upon supplying power to timer I1. The timer must 
time out to 10 seconds, as determined by resistor R& 
and capacitor C5. The emission indicator LED1 
comes on simultaneously with power to the trigger 
timer 12, which pulses the laser diode LD1. The laser 
pulse rate is determined by external pot R18. 


Notes on SCR 


In the conventional operation of an SCR, the anode 
current, initiated by a gate pulse, rises to its maximum 
value in about 1 microsecond. During this time, the 
anode-to-cathode impedance drops from open circuit 
to a fraction of an ohm. In injection laser pulsers, 
however, the duration of the anode-cathode pulse ts 
much less than the time required for the SCR to turn 


= 


on completely. Therefore, the anode-to-cathode 
impedance is at the level of 1 to 10 ohms throughout 
most of the conduction period. The major disadvantage 
of the high SCR impedance is that it causes low circuit 
efficiency. For example, at a current of 40 amps, the 
maximum voltage would be across the SCR, while 
only 9 volts would be across the laser diode, which 
represents very low circuit efficiency. The efficiency 
of a laser array is greater due to its circuit impedance 
being more significant. 

Because the SCR is used unconventionally, many 
of the standard specifications such as peak current 
reverse voltage, on-state forward voltage, and turn-off 
time are not applicable. In fact, it is difficult to select 
an SCR for a pulsing circuit on the basis of normally 
specified characteristics. The specifications important 
to laser pulser applications are forward-blocking volt- 
age and current rise time. A usage test is the best and 
many times the only practical method of determining 
the suitability of a particular SCR. 


Notes on the Storage 
Capacitor 


The voltage rating of the storage capacitor must be at 
least as high as the supply voltage. A high-quality 
metallized capacitor must be used for this part as 
peak currents are in the tens of amps. 


Notes on Layout Wiring 


Lead lengths and circuit layout are very important to 
the performance of the discharge circuit. Lead induc- 
tance affects the rise time and peak value of the current 
and can also produce ringing and undershoots in the 
current waveform that can destroy the laser, A well- 
built discharge circuit might have a total lead length 
of only 1 inch and therefore an inductance of approx- 
imately 20 nanohenries. If the current rises to 75 
amperes in 100 nanoseconds, the inductive voltage 
drop will be e = L di/dt. If proper care is not taken in 
wiring the discharge circuits, high-inductance voltage 
drops will result. 

A 1-ohm resistor (R20) in the discharge circuit will 
ereatly reduce the current undershoot in single-diode 
lasers. Laser arrays usually have sufficient resistance 
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Figure 4-4 Board input power wiring. 


to eliminate an undershoot. The small resistance in such as the Tektronix CT-2 can also be used to monitor 
the discharge circuit is also useful in monitoring the the current and is not affected by lead inductance. 
laser current, as described in the following section. Because the transformer does not respond to low- 

A clamping diode (D8) is added in parallel with frequency signals, it should be used with fast, short- 
the laser to reduce the current undershoot. Its polar-  Pulse-width, fast fall-time waveforms. 


ity should be opposite that of the laser. Although 

the clamping diode is operated above its usual maxi- 

mum current rating, the current undershoot caused | 

by ringing is very short and the operating life of the Assembl = Ste DS 

diode is satisfactory, 
Assembly of the laser system is straight forward and 
will require basic tools and test equipment. 


Notes on Current Monitoring 1. Lay out and identify all parts and pieces. Verify 
them with the parts list, and separate the resis- 

The current monitor in the discharge circuit provides tors as they have a color code to determine 

a means of observing the laser current waveform their value. Colors are noted on the parts list. 

with an oscilloscope. A resistive-type monitor (R20) 2, Cuta piece of .1-inch grid perforated board 

reduces circuit ringing and current undershoot, but to a size of 5.8 x 3.5 inches, as shown in 

the lead inductance of the resistor may cause a higher Figure 4-3. | 


than actual current reading. A current transformer 


ne 
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Identify these four wires for connection into the 


sor Cio GATE GRD 


laser head seccon. Twist leads or use a four 


conductor cable 


q 
A A O EE MAA 


Pest hese lead pairs 


a | 
E 


Figure 4-5 Board output and control wiring 
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From Figure 4-3 


PLATE 
BU2 CHASSIS. 


Z 


Four-wire 
cable to 
laser head 


Fabricate the front panel holes as required section 


for the components used. Trial fit before drilling. 


Figure 4-6 Fabrication and chassis assembly 

3, Ifyou are building from a perforated board, 
insert the components, starting in the lower 
left-hand corner as shown. Pay attention to 


HA 


the polarity of the capacitors that have 
polarity signs and all semiconductors. Use 
eight-pin sockets for 11 and I2. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires, Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. The heavy 
dashed lines indicate the use of thicker #20 
bus wire, as this is a high-current discharge 
path. 


Attach the external leads as shown in Figure 4- 
4 to the external components. Note the chassis 

grounding to the green lead of the power cord 

(CO1) and the use of wire nuts (WN1) for the 

junction of the transformer's primary inputs. 


Attach the external leads as shown in Figure 
4-5 to the external components. Note the four 
leads that go to the laser head assembly. These 


Só 
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Figure 4-7 Assembly of laser chassis 


Material is .031 copper sheet 


90 degree bend line 


Solder points on the copper chassis to 


component leads. 


Mating holes for securing - 


To J1 for monitoring diode current pulse 


To R9,11 
To circuit ground 


Gate trigger pulse from C11 


310 volts from R13,14 


Figure 4-8 Fabricate the laser holder 


6. 
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are suggested to be 24 to 36 inches in length 
as well as twisted and identified. You may use 
a four-conductor cable, 


Double-check the accuracy of the wiring and 
the quality of the solder joints, Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Fabricate the chassis, as shown in Figure 4-6. 
Then position and drill the front and rear 


TF m ja 


COPCHAI 


1.400 


Contour these corners to fit into tubular enclosure (EN1). 
Screw heads may also requir filing to fit properly. 


From figure 4-9 


SWXINUZMICA 
Note that the SCR is insulated from the 
chassis by a mica or plastic washer and 
secured using a nylon screw. 


panel holes to fit the necessary external com- 
ponents. Use appropriate bushings for the 
power cord and wires to the laser head. Also, 
place an insulating piece (PLATE) under the 
assembly board to prevent contact with the 
metal chassis. 

Fabricate the laser chassis. as shown in Figure 
4-7, from a .031 piece of copper sheet metal. 
Assemble the laser chassis, as shown in Figure 
4-8. This section takes advantage of the 
ground plane effect of using the copper for 
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Material can be preferably aluminum or 
fabricated from a PVC rod 


Tap the three 


holes for 4-49 LEN! 
threaded 


lens 


LD1 and NU1 Laser 
diode and nul 


This section can be mated to section B when using a Thread to .5" depth to 
collimator with a "C” mount fitting mate with lens as supplied 


Optional “C” mount collimator adapter 
fabricated from aluminum countersink 


Section B adapter for fitting to the lens holder when using the optional collimator. 
Three mounting holes of .11 on a 1.25" diameter 120 degres are mated to those in above. 


Thread for “C" lens at 1" diameter 32 tpi to a minimum of .375". 


Figure 4-9 | Laser diode and lens holder Oo 


direct solder points, It is important to main- 
tain a good waveshape because the switching Assemb ly Testi ng 
currents are 40 amps and any undershoot is 
undesirable across the laser diode. Do not 


i 3 ‘Testing will involve the use of an oscilloscope with a 
install the laser diode at this point. 5 P 


100 MHz bandwidth and infrared detection equipment 


10. Create the laser holder (LAHOLD), as shown such as a night VISION scope or camera. 
in Figure 4-9, This assembly is attached to the 
bent-up lip of the chassis section by two small l. [tis assumed at this point that the electronic 


assembly is complete. Verify the circuit and 
preset the two trimpots, R3 and R9, to 
midrange. 


SCTE WS. 
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Four wire cable from laser head to 
control chassis. Use a clamp 


CAP? 


bushing to secure. 


Figure 4-10 Final head assembly 
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Insert a .S-amp fuse into the fuse holder. Verify 
that the key switch is off and R18 ts fully 
counterclockwise. Plug in a ballasted, 25-watt, 
115-volt, 60 Hz power source. This is nothing 
more than the cord with a 25-watt lamp in 
series with the black lead. It protects the cir- 
cuitry from the catastrophic currents of the 
power line should a major fault occur. Obtain a 
1N4007 power diode and temporarily wire tt 
in place of the laser diode LA 1. The diode 
simulates the actual laser diodes and avoids 
costly replacement should a gross error exist. 
The actual laser diode is not to be wired in at 
this point. Turn on the key switch and note the 
NE1 coming on. The ballast lamp should not 
be lit. 


Connect the scope to TP2 and note a spiky 
waveform that verifies the trigger pulse to the 
SCR, as shown in Figure 4-2. 


Connect the scope to TP3 and note the 
waveform, which is the voltage across the 
SCR. Notice the flat spot indicating that 
capacitor C10 has reached a full charge before 
the SCR is triggered. The top of this waveshape 
is affected by the pulse repetition rate and 
should support 2,500 repetitions per second 
when set by R18 (see Figure 4-2). 


Connect the scope to TP1 and set it up for a 
negative-going fast pulse, indicating the current 
waveform through the LD1 laser diode. If you 
have followed the instructions and your 


From figure 4-8 


EN? 


A A a r e — l M a E E Á- Á  _ _  S 


l6. 


17, 


Optical 


assembly of the copper chassis is secure with 
short leads, you should see a picture-perfect 
waveform, as shown. 


Note that the current pulse is 40 amps and 
corresponds to 1 amp for every volt read at 
TP1. If you find the pulse is less, you can 
increase the voltage ratings on one of the 
zener diodes, Z3 or Z4. The laser diode speci- 
fied requires 40 amps for full output. Any 
value over 40 amps will greatly shorten the 
useful life of this part. The range of the pulse 
rep rate should be 200 to 2,500 pulses per sec- 
ond, The pulse amplitude should only vary sev- 
eral percent throughout this range. You will 
note that the amplitude will slightly decrease 
as the rep rate is increased. 


At this point, you should be wearing your safety 
glasses. Remove the test diode D5 and connect 
the laser diode. Place an infrared indicator 
several inches from the diode and note an 
orange glow when the unit is turned on. Then 
recheck the pulse shape and amplitude. 


Verify the laser output by using a night vision 
scope or a video camera. Screw in LENS13,s0 
it is flush with the holder. Adjust it to find the 
smallest footprint at over 50 feet, Our lab 
model adjusted to about two turns below being 
flush with the holder for the best results. The 
output should be a sharp, narrow bar shape 
with this diode specified. 
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Please note that laser diodes are very easily 
destroyed by current pulses that are too large Final Assembly Ste OS 
and overshoot. Pay attention to the correct 


current pulse shown in Figure 4-2, == ; — 
P 5 Final assembly of head section as shown in Figure 


The recommended laser diodes are available 4-10. For final assembly place the label as shown and 

from Information Unlimited and are shown in verifying the compliance tests in Figure 4-11 

Table 4-1. s 
Compliance Tests Instruction 
1. Verify correct labels as shown. 1. Turn key switch counterclockwise to verify unit is off. Note key 
2. Key switch — nonremoval in off position. is easily removed in the off position. 


3. Beam indicator LED indicates beam emission. 2. Plug unitinto tiS van 
3. Turn key clockwise and note NE1 lighting. Note key cannot 
be removed in the on position Laser energy is infrared and 
cannot be seen with the eye. You must use infrared detection 
devices such as our laser pulse detector or suitable night- 
vision devices. Video cameras will often detect the laser. 


4. Adjust collimator for desired effect if you are using. 


Manufactured By 
INFORMATION unlimited 


PO Box 716, AMHERST, NH 03031 


Model NUMBER 

Serlal Number 

Manufactured Date 

This laser product conforms to the provisions | =, 
of 37CFR1040 10 and 1040 11 j 


LAB1 


Note that collimator will -— 

expand beam at near 

field but greatly reduce 

it at far field. DANG E R 
VISIBLE OR INVISIBLE 

LASER RADIATION 

OID DIRECT EXPOSURE 

LAB3 P TO BEAM 


AVOID EXPOSURE 
LASER RADIATION IS EMITTED 


ES 
Fa 


FROM THIS APERTURE 


CLASS IIIB LASER PRODUCT 


LAB2 


Figure Y-I] /semetric of final view 
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Table 4-2 Parts List for Pulsed Laser ZA 1N5384 160-volt. S-watt zener 
diode 
Ref # Description DB Part # O1,2 Two 2N3439 NPN high- 
vollage transistors 
Rl LOOK, 14 watt resistor | | 
(br-blk-yel) as PN2907 PNP general-purpose 
transistor 
R2 10-ohm, 1-watt resistor 
(br-blk-blk) O4 PN2222 NPN general-purpose 
transistor 
R3,4,5,6,7 Two LK -watt resistors 
(br-blk-red) 11,2 Two timer dip integrated 
circuits 1,M555 
R8 IM, '4-watt resistor | 
(br-blk-er) LEDI Green LED 
R9.11 ATK. Yaewatt resistor NEI Neon indicator lamp 
A 
Wek par ety SCRI 12-amp, 800-volt 
R10, 12 1.8K,3-watt mox resistor SCR S8012R DBF S8012R 
R13,14 ——-220, 1/2-watt resistor LDI Laser diode 40-amp, 
(red-red-br) 1020-watt, 904 nm TOIS 
package DB# LD650 
R15 10-ohm, '4-watt resistor 
(br-bIk-bIk) LAHOLD Laser and lens holder 
| fabricated as shown in 
R16, 17 470-ohm, -watt resistor Figure 4-9 
(yel-pur-br) 
LENS13 Threaded lens 
R18 LOK, 10 mm potentiometer 
Ti 115/115 volt, 15-volt- 
R19 39-ohm, 4-watt resistor amp Isolation transformer DB# TR115/115 
tor-wh-bik ) 
T2 115/12 volt, 1-amp 
R20 l-ohm, -watt carbon transformer DB# 12DC/.1 
resistor (br-blk-eold) 
J] RCA phono jack 
c1,2 Two 330 mfd, 16-volt E | e 
vertical electrolytic capacitor COl Three-wire #18 power cord 
C4 1.000 mfd, 25-volt vertical Sl Compliant key switch DB+ KEYSWSM 
electrolytic capacit | 
li ir iii §2 Pushbutton no switch 
C337 10 mtd, 25-volt vertical 
electrolytic ral a FHI Panel-mount fuse holder 
Ca¥ 01 mfd, 50-volt dise capacitor ES] l-amp fuse 
C10 033 mfd. 400-volt WNI Two small Hi3 wire nuts 
polypropylene capacitor PRI 48 X 3.5-inch .1 X.] 
CH | mfd 50-volt plastic perforated circuit vector 
capacitor board 
DI? N4007 1KV, l-amp rectifier SOCKS Two 8-pin integrated circuit 
. diodes | sockets 
D3-6 Four | N4001 50-volt 1-amp 
rectifier 
D7,8 IN4937 fast recovery IKV, 
l-amp diode 
D9, t0 Two 1N914 signal diodes 
21,2 1N4735 6.2-volt zener diode 
ZA [N5383 150-volt, 5-watt zener 
diode 
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This project, as shown in Figure 5-1, allows the user 
to protect a perimeter of over 1,000 meters. The sys- 
tem utilizes a laser transmitter, as described in 
Chapter 1, and a laser receiver, described in Chapter 
2. The system can easily control any deterrent to an 
invader, such as flood lighting, alarms, man-trap sys- 
tems, or our phaser pain field generator, as described 
in Chapter 35. 

The operation of the laser property guard is sim- 
ple. The laser beam 1s directed through the area to be 
protected, using tront-surtace mirrors located on 
sturdy and secure mounts and at the points necessary 
to obtain the required coverage (see Figure 5-2). 
The receiver is normally quiescent when receiving 
this beam. Once the beam is broken by an intrusion, 
the receiver now processes the interruption as a fault 
and powers the desired deterrent or alarm. 


Figure 5-] 
Comm pol AS 


Laser property guard protector 


3/ 


This project requires assembly of the laser devices, 
as described in Chapters 1 and 2. The setup requires 
basic mechanical skills and installation of the optical 
reflecting mirrors, and the hookup requires basic elec- 
trical skills. Expect to spend $25 to $50 after the 
assembly of the necessary components. All parts are 
readily available, with specialized parts obtainable 
through Information Unlimited (www.amazing|.com) 
and listed in Table 5-1. 


The laser property guard system, as shown in 
Figure 5-3, utilizes a pulsed infrared laser to provide 
a perimeter path of programmed light pulses that, 
when interrupted, will sound an alarm, create an 
alert. or trigger a deterrent. The trigger fault signal 
actually triggers a timer or a latching circuit, which 
drives a switch for the external control of other func- 
tions. [he timer mode allows the adjustment of the 
alarm period and automatically resets. The latch 
mode requires a manual reset. 

Even though the laser pulses are rated in tens of 
watts, the overall energy over a period of 1 second is 
in the milliwatts. Installing the system at short ranges 
of only one to two reflection points is reasonably sim- 
ple. Longer ranges requiring multiple reflections can 
be challenging. 


MOUNTING 
POLE 


ADJUST 
SCREWS 
FRONT 
NUTS | SURFACE 
FOR MUST, MIRROR 
CLAMPS / 


wovaste_/ 
STATIONARY E 


Basic Instructions PLATE 

Your laser protector guard is designed to provide an intrusion detection perimeter around your home or target area. It 
uses a Class iiia pulsed diode laser to minimize but not eliminate any optical hazard, A low-liability sonic shock field 
generator such as that described in Chapter 35 is suggested as a deterrent. Caution: Check local laws for proper posting 
of this equipment on your property. Remember if you injure a criminal, even if he is robbing you, it can result in a stiff 
penalty in certain states for violating his rights. 


COMPRESSION 
SPRINGS 


System Setup 

1. Obtain the following equipment listed in the latest Information Unlimited catalog. 
J Class iiia pulsed diode laser as described in Chapter 1. 
g Optical light detector and controller with built-in alarm as descrbed in Chapter 2. 
J Low-liability sonic shock pain field generator as described in Chapter 35. 


2. Examine the area you want to protect. Attempt to position beam travel over level terrain to eliminate possible easy-to- 
sneak-under points. 


3. Establish corner points of property where mirrors are to be positioned, Note that a clear view of adjacent mirrors, laser 
and receiver must be maintained in all weather conditions for reliable operation. 


4. Determine the corner where you want to position the actual laser and laser detector at, Note: There should be access to these 
devices for powering and control. 


5. Construct mirror mounts using your own ingenuity. Allow for adjustment and stability. Rough align mirror to 
approximate position. 


6. Turn on laser and position to hit center of first mirror. Secure laser in place. 


Adjust first mirror to hit center of second and repeat for remaining mirrors all the way back to the optical receiver. Secure 
in place as you go. 


Special note: Large areas may require an optical collimator at the laser output to reduce beam width at longer ranges. 
The collimator can be a rifle scope, telescope, binocular, etc., positioned in axial alignment with the laser, Beam 
divergence will be reduced by the magnification factor of the system used, however the actual beam will be expanded by 
same factor. The net result is a smaller cross-section at longer ranges. 


Figure 5-2 Low-cost, adjustable mirror mount 


— = 
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System Installation 
Suggestions 


There are many ways to align an optical system of 
this type. The use of a visible laser module as listed in 
Table 5-1 can simplify the initial setup and position- 
ing of the mirrors. Those fortunate to have night 
vision equipment will find this a considerable advan- 
tage. 


e Determine the area you want to protect. Flat 
land is the most desirable, as gullies and hills 
are difficult to cover without using more mir- 
rors. 


e You must also consider the position of the 
laser transmitter and receiver, noting the 
power and connection into the alarm or the 
deterrent section. Weather exposure and con- 
venience must also be taken into considera- 
tion, and mounting must be stable and 
somewhat adjustable. 


e Determine the path that the light must travel 
to provide acceptable coverage. Always 
attempt to use as few mirrors as possible and 
consider the laser transmitter’s and receiver's 
positions, If you are lucky, you may have some 
objects to mount the mirrors to. They must be 
stable and allow placement at the required 
height for your application. 


The mirrors used for this project must be the 
front-surface-coated type if multiple reflec- 
tions are required, Regular household mirrors 
can be used up to two reflection points. but 
they will cause multiple reflections. A low, 
adjustable-cost mirror mount is shown in Fig- 
ure 5-2. You may in certain cases use a good- 
quality automotive mirror, as they are easily 
adjustable. 

e Evaluate the wildlife in your area and deter- 
mine the best laser height that will provide 
minimal false alarms from the animal popula- 


tion. Obviously, deer will always be a problem, 


as their height may be close to that of the tar- 
gel intruder. 


e Determine the deterrent you wish to use 
against the intruder. You can activate bright 
lights, sonic pain generators (described in 
Chapter 35), alarms, or just alerts so you can 
take further action, For more serious applica- 
tions, you can activate shocking devices, such 
as those described in Chapter 11, nonlethal 
kinetic devices, or explosive charges for shock 
and surprise. Very serious deterrents can con- 
sist of deadly force, such as high-powered 
kinetic devices, shotgun traps, high-powered 
shocking devices, and buried explosives for 
lethality. 


Caution: As man trapping is illegal in the United 
States, it may also be so in your country. Always 
check your laws before ever implementing a deter- 


A AA ål AAA AAA AAA AAA 


e ‘The quality of the mirrors and their mounts 
cannot be overstressed when designing a high- 
integrity system. Here we discuss a low-cost 
system that may suffice in smaller installations 
but may be limited for use in larger, more reli- 
able systems. 


The initial alignment requires a visible, low-power 
laser to align the mirrors. The laser may have to be 
collimated for larger multiple reflection systems. 

Optics on the laser light transmitter and receiver. 
as shown, may be sufficient for small systems. They 
do not have to be high-cost precision devices, as the 
only objective is to establish a properly aligned. 
position-stable beam spot. 

Once the preliminary alignment is accomplished, 
you can put the laser transmitter in place and, with a 
night vision scope, recheck the alignment. The laser 
receiver, as constructed here, has an indicating light- 
emitting diode (LED). This function can be elimi- 
nated if required. The actual control of external 
functions is via a set of normally open or closed relay 
contacts that can handle 115 VAC at 10 amps AC, 


T 
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Table 5-1 


Ref. #- 
MIRROR 


LRG4K 


LRG40 


LSD4K 


PPF4K 


PPF40 


SHOCKIK 
SHOCK 10 


LM650-3 


Laser Property Guard Parts List 


Description DB Part # 


3 Xx 4-inch front DB# MIR FRSUR 
surface mirrors 


Pulsed infrared DB+ LRG4K 
laser kit, as in Chapter 1 


Assembled pulsed DB# LRG40 
infrared laser, as 
in Chapter 1 


Laser detector kit, DB# LSD4K 
as in Chapter 2 


Assembled laser DB# LSD40 
detector, as in Chapter 2 


Pain field generator kit, DB# PPF4K 
as in Chapter 35 


Assembled pain field DB PPF40 
generator, as in 
Chapter 35 


Kit of shockers, as in DB! PFSHKIK 
Chapter 11 


Assembled shockers, DB+ PFSHK10 
as in Chapter 11 


Visible red laser module DB# LM650- 
for alienment aid Description 
P35ystem 


= EEE ze 
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0-Millidva 


The laser project shown in Figure 6-1 is a continuous 
infrared device providing a continuous 30-milliwatt 
output al 980 nanometers. The laser, when built as 
shown. should comply with a class 3 laser-compliant 
system. The completed laser can be very optically 
dangerous, and eye protection must be worn to pre- 
vent direct or scattered reflections to the eyes. 

The project can be used for many optical applica- 
tions, including illuminating a surface, such as a win- 
dow. for laser listening. Laser listening is were a laser 
beam illuminates a window and a sensitive receiver 
picks up the light reflections and processes them into 
audio signals similar to the picked-up voices that 
vibrate the illuminated window glass. A system such 
as this is described on www.amazingl.com. It should 
be noted that using a class 3b laser for this application 
can be an optical hazard to anyone in the target area. 

Converting illumination using night vision cam- 
eras and spectrally compatible viewers ts another 
potential application, again being fully aware of a 
possible optical hazard. Other applications are invisi- 


The infrared laser module 


Figure 6-1 


i 
$ 


—_— 


ble target identification, voice and data communica- 
tion, and optical signaling and experimenting. 

This is an intermediate-level project requiring 
basic electronic skills. Safety glasses are strongly 
advised, as the laser can cause eye damage if viewed 
directly or via direct reflections, Expect to spend 575 
to $150. All parts are readily available, with special- 
ized parts obtainable through Information Unlimited 
(www.amazing |.com), and they are listed in 
Table 6-1. 

For those wanting to use this project as an illumi- 
nating laser for window bounce listeners, 11 1s sug- 
gested that you refer to Chapter 13 in Electronic 
Gadgets for the Evil Genius. published by McGraw- 
Hill, ISBN 0-07-142609-4, 


Circuit Description 


Figure 6-2 shows the laser module LM1 and associ- 
ated support circuitry. The system Is powered by bat- 
teries Bl and B2 and is controlled by an internal key 
switch (S1) or external enabling control leads. A 
light-emitting diode (LED1) and a current-limiting 
resistor (R1) indicate the presence of laser emission. 
The system will require S1 to be a key switch with 
a nonremovable key in the activated position If the 
assembly is integrated as a fully functional laser sys- 
tem. The power line or bench operation will require a 


External 
control leads 


LIMA 


Laser current should be 50 to 60 milliamps at 3 volts input. 


Warning: If you overvolt or reverse polarity on your laser module, you 


will ruin it!! 


Assembly shows a battery-operated compliant laser system. You 
may wire direct to a 3-volt source that now contains the key switch 
and a built-in time delay necessary for compliance and safety. 


Figure 6-23 Circuit schematic 


key switch for external enabling and associated con- SA 
trol circuitry that may require an emission delay and 
automatic resetting should a loss of power occur. 4 
Assembly 


l. Rework the laser module, as shown in 
Figure 6-3, This step requires care as 11 is easy 
to damage the module if one is not very 
caretul. 


2. Connect the soldered leads to a source of 3 
volts, paying attention to the correct polarity. 


If you have a current meter, you can measure 5. 


40 milliamps. 


Output can be detected using infrared photo- 
sensitive paper or a night vision scope. Certain 
video cameras may also detect the laser 
output. 


Danger! Do not view directly or indirectly 6 


without safety glasses. 
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Fabricate the laser holder (HOLD1), as 
shown in Figure 6-4. 


Fabricate the laser module tube (TUB1) from 
a piece of 3-inch Xx |-inch OD Xx t/is-inch wall 
plastic tubing, as shown in Figure 6-5. 


Fabricate the two spacing washers (WASHI, 
2) from '/is-inch plastic. Note the inner hole is 
| inch to allow for the sleeving onto TUBI as 
shown. The outer diameter fits into the inner 
diameter of the main enclosure (EN1). It is 
these two spacer washers that position and 
secure TUBI into the center of EN1. Space 
the two washers as shown. 


Insert the laser module LM1 as shown and 
wire it up to the circuitry as shown. It is a 
good idea to leave enough lead length to 
allow one to pull out the battery holder for 
battery replacement by removing the rear cap 
(CAP1). Use a piece of foam to secure the 
battery holder in place. 


Verily the proper circuit Operation so that 
when the key switch ts activated, the LED 
emits, indicating laser emission. 


for the Evil Genius 


Very carefully attach #24 bare bus leads to 
the solder pads as shown. It is necessary to 
insulate the positive lead using a piece of 
insulation stripped from a piece of wire or 
insulated tubing. 


Note that the brasshead of the laser is the 
positive connection and the spring the 
negative. Activation will require now 
depressing the on-board pushbutton switch. 
You may connect to these points if unsure of 
soldering to the small foils on the printed 
circuit board. 


Warning: If you overvolt or reverse polarity 
on you laser module, you will ruin it!! 


4 


This lead must A — | 
be insulated =>" 


Figure 6-3 Laser module rework 
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Three tapped holes 4-40 x 3/8" 
deep on a .65 diameter 
reference 120 degrees 


HOLD1 Holder material: PVC 


4-40 x .25" 
HOLD1 screw, three required 


TUB1 plastic tube 


X-ray view showing assembled LM1 laser module inserted 
into HOLD1 holder with three retaining screws SW1 


Figure 6-Y Creation of laser module holder and retaining washer 
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This is our approach to assembling this laser project with external optics. The builder may use his own 
ingenuity noting that the objective is optical stability and safety. 


E SW1 q 
CAP 1 BHI—=, ENi-. HOLDI TUB1 


Optical Axis 


R1 Sleeve R1 into a piece of 
plastic tubing to insulate Holder and laser module 


| 

| 

_ es = == Y | o | 
o | 
| | 

assembly from Figure 6-4 | 

| 


Note if the system is to be completely integrated, that the key switch will be necessary for FDA compliance 
in requiring this part with nonremovable key in the on position. | 


E o —— l  —_—->=-= a a ss i i = 


| = 1.00 > A —— Glue to ridges on 


the fabbed out 
shoulder recess. 
Caution!! Lenses 
must be clean and 
The objective is to get the proper seperation free of finger prints! 
distance between the two lenses to allow proper 

adjustment within the range of the threaded 

sections of the male and female pieces. 


Se E X-ray view showing innards of the 


> optional low-cost X7 collimator Focal Length=2" 


Fabrication of the two 
WASH1 spacing washers. 
Use 1/16" Lexan. 


Figure 6-5 X-ray of complete assembly 


3. Fully insert the LTUB1 into the 1-inch tube 


Collimator and Final TUBI. Shim it with tape for a secure but 
Assembly removable fit. 
4. Finish the assembling and label it as shown in 
|. Glue the larger lens LEN2 into ADFE- Figure 6-6. 
MALE] as shown, using silicon rubber glue or 5. Point the laser at a target around 100 meters 


an equivalent. Clean the lens before gluing. away and adjust the collimator to the smallest 
spot. This should be done tn low light, prefer- 
ably at night, using a night vision device and 
only looking at the beam impact point. Note 


[J 


Insert LEN! into the laser output end of the 
LTUB1 assembly as shown. Do not glue at 
this time, 


MORE Electronic Gadgets for the Evil Genius 47 


Instructions 


1, Turn key switch full cew. Note switch has several positions—only two 


are used in this version. 
2. Remove CAP1 and insert 2 AA batteries into holder. 


3. Turn on key two positions cw and note LED lighting. If not check the 


battery holder. 
4. Adjust coliminator for desired effect. 


Note that coliminator will expand 
the beam at near field but greatly 
reduce it at far field. Laser module 
may require beam adjustment over 
time using the special tool. 


LEDI GAP 


Compliance test 

|. Verify correct labels as shown 

2. Key switch—nonremoval in off position 

3. Beam indicator LED indicates after delay 
4. Aperture cap included 


WARNING: Do not under any 
circumstances point this device 
at people, vehicles, or especially 
aircraft. YOU WILL BE 
PROSECUTED IF CAUGHT!!! 


Figure 6-6 Final assembly view 


EMITTED FROM THIS APERTURE 


Coliminator assembly 


Manufactured By 
INFORMATION unlimited 
PO Box 716, AMHERST, NH 03031 
Model Number 
Serial Number 
Manufactured Date 
This laser product conforms to the provisions of 
31 CFR 1040 10 and 1040 11 
o LABS 


VISIBL AND/OR INVISIBLE 


[LASER RADIATION 


AVOID DIRECT EXPOSURE 


TO BEAM 


ae 30 Milliwatts @ 980 n 


CLASS 3B LASER PRODUCT 
LAB2 
AVOID EXPOSURE 


INVISIBLE LASER RADIATION IS 


LAB1 
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that the adjustment should be about '/2 to */4 
turns from being fully tight for a mechanically 
stable operation. If it is too far out. the assem- 
bly will be loose. You may have to use a wire 
brush on the threads and lube with dry teflon 
for smooth action. You may compensate the 
distance between lenses by changing the 
length of TUBE 1. You may now glue LEN] 

in place as noted. 


The collimator will expand the beam width but 
decrease the divergence by the same ratio. This 
greatly reduces the far-field beam diameter. 

Note that the laser module is at a wavelength of 
980 nanometers and ts invisible to the eye. Also, note 
that most of the mechanical parts used in this project 
can be obtained through most hardware stores. 
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Table 6-1 Infrared Laser Parts List EN] -inch x 1.625 OD < 1.5-inch 
MS plastic or metal tube 


Ref. # Description DB Part # CAP] I'/s-inch plastic 
slip on cap 
RI 220-ohms, !/i-watt 
resistor (red-red-br) Parts for low-cost collimator 
LEDI High-brightness LEN] 6 mm * (-1) double- DB# LENSIS 
green LED concave negative 
glass lens 
LMI 30-milliwatt, 980- DB# LM950-25 
nanometer infrared LEN? 24mm x 75 mm DB# LE2475 
laser module plano/convex glass lens 
$] Key switch with *LT UB! 625-inch ID Xx 2-inch 
nonremovable key schedule 40 PVC tube 


in “on” posilion 
‘ADMALEI Wo-inch PVC schedule 


BHI Dual, side-by-side two- 40 shp ft to male thread, 
AA battery holder GENOVA 30405 
WR24 12-inch 424 bus wire *“ADFEMALE!  '/2-inch PVC schedule 
40 slip fit to female 
WR22 24-inch #22 vinyl hookup threads. GENOVA 30305 
WIFE 
| FACAPI Plastic cap and chain 
HOLD] Fabricated holder with DB# HOLDI for aperture cap 
washer lor laser module 
LAB] Aperture label 
SWIWNU 1 Two 4-40, 1.25-1nch 
machine screws and nuts LAB? Classification label 
TUBI 3x |-inch OD ™ .873-inch LABS Certification label 


plastic or metal tube 
* Available in most hardware stores 


WASH! Two fabricated plastic E: om ae me me oao m onn ee m ——— -m m 
spacing washers, 1.5 OD 
with l-inch center hole 


Oo 
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Figure 7-1 shows that a universal, high-voltage, mod- 
ular power supply project will provide you with many 
options, This “sweetheart” of a circuit has features 
that make it a priceless tool for the high-voltage 
rescarcher and experimenter. 

The circuit operates on 11 to 15 volts DC, drawing 
3 amps under a full load, allowing a portable battery 
or 115 volts AC via a converter. The output voltage is 
a 60 KHz, high-frequency current that is fully short- 
circuit protected. The high-frequency output also 
makes it possible to use low-energy voltage multi- 
plier stacks for high-voltage DC sources, and it can 
also serve as an excellent plasma driver when used 
directly. The output current is fully adjustable via a 
pot. 


The unit is excellent for powering neon and all 


contro] 


types of gas-filled vessels using one or two electrodes, 
or it can power objects simply by proximity. It easily 
retrofits to our voltage multipliers’ modules that pro- 
vide DC voltages up to 100 kiloyolts and currents of 


up to .3 milliamperes. The current-limiting and con- 


Figure 7-1 


Completed assembly module 


trol features make this combination an excellent 
choice for charging capacitors for low loss charging, 
utilizing 12-volt portable or 115 vac line operation. 
Also, the device is an excellent choice for powering 
large and small antigravity craft, ozone air purifica- 
tion, and other applications requiring a high-voltage 
current-controlled source. The module is shown built 
on both a rugged printed circuit board (PCB) and 
a vector perforated box. It is mounted in a plastic 
channel, 

The module is used for several projects in this 
book. In order not to waste a lot of space, we show it 
as a common subassembly for the following chapters: 


e Chapter 12, “Electro-magnetic (EMP) Gun” 


e Chapter 32, “100-Milligram Ozone Machine” 


Electrical and Mechanical 
Specifications 


e Open-circuil voltage, 7,500 peak at 60 KHz 


¢ Short-circuit current, 10 milliamperes short- 
circuit protected 


e Input 11 to 15 volts DC at 3 amps fully loaded 


e Adjustable current by duty-cycle-controlled 
pulse 


e Compact size, 7 X Is X 1's inches, weighing 
less than 5 ounces 


+ Easily retrofits to our voltage multipliers 


This is an intermediate-level project requiring 
basic electronic skills and should cost between $25 
and $50. All parts are readily available, with special- 
ized parts obtainable through Information Unlimited 
(www.amazingl.com), and they are listed in 
‘Table 7-1. 

High-voltage DC output is obtained from this 
module using a Cockcroft-Walton voltage multiplier 
with multiple stages of multiplication as required. 
Note that this method of obtaining high voltages 
was used in the first atom smasher that ushered in 
the nuclear age. 

The multiplier section requires a high-voltage AC 
source for input supplied by the circuit transformer 
(T1) producing 6 to 8 kilovolts at approximately 60 
KHz. You will note that this transformer is of a 
unique design, being owned by our company Infor- 
mation Unlimited. The part is very small, versatile, 
and lightweight for the power produced. 


Circuit Description 


The primary of T1 is current driven through inductor 
L1 and switched at the desired frequency by FET 
switch O1. Capacitor C6 is resonated with the pri- 
mary of T1 and zero voltage switches when the fre- 
quency is properly adjusted. (This mode of operation 
is very similar to class E operation.) The timing of the 
drive pulses to Q1 is therefore critical to obtain opti- 
mum operation (see Figure 7-2), 

The drive pulses are generated by a 555 timer cir- 
cuit (11) connected as an astable multivibrator with a 
rep rate determined by the setting of trimpot R1 and 
the fixed-value timing capacitor C2. 

The timer circuit is now turned on and off by a 
second timer, 12. This timer operates at a fixed fre- 
quency of 100 Hz but has an adjustable duty cycle (a 
ratio of on to off time) determined by the setting of 
control pot R10. H is now gated on and off with this 


oe  —————————— 


controlled pulse now providing an adjustment of 
output power. 

When the unit is interfaced with a DC voltage 
multiplier, an over-voltage protection spark gap Is 
placed across the output and is easily set to break 
down at a preset voltage level for circuit protection, 
Even though the output is short-circuit protected 
against continuous overload, constant hard discharp- 
ing of the output can cause damage and must be 
limited. A pulse-current-limiting resistor (R17) 
helps to protect the unit from these catastrophic 
current spikes, 


Power input is controlled by switch S1, which is 
part of control pot R10, Actual power can be a small 
battery- capable of supplying up to 2 amps or a 12- 
volt, 2 to 3-amp converter for 115-volt operation. 


Construction 


The circuit is shown using the more challenging per- 
forated circuit board often required for a science fair 
project. A printed circuit board is also individually 
available, requiring that you identify only the 
particular part and insert it into the respective holes 
as noted. The PCB is plainly marked with the part 
identification, and soldering is now very simple as 
you solder the component leads to the conductive 
metal traces on the underside of the board, 

The perforated board approach is more challeng- 
ing, as now the component leads must be routed and 
used as the conductive metal traces. We suggest that 
the builder closely follow the figures in this section 
and mark the actual holes with a pen before inserting 
the parts. Start from a corner, using il as a reference, 
and proceed from left to right. Note that the perfo- 
rated board is the preferred approach for science 
projects, as the system looks more homemade. 


Board Assembly Steps 


If you are a beginner it is suggested to obtain our 
GCATI General Construction Practices and Tech- 
niques, This informative literature explains basic 
practices that are necessary in proper construction of 
electromechanical kits and is listed in Table 7-1. 
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oF = a a 6 0 4 = + a J = 


|The circuit section is 4.8" x 2.9" .1 


Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors, as they have a color code to 
determine their value. Colors are noted on the 
parts list. 


Cut a piece of .1-inch grid perforated board to 
a size of 5 X 3 inches. Locate and drill the 
holes, as shown in Figure 7-3. An optional PCB 
is individually available (refer to Table 7-1). 


Fabricate a metal heatsink for Q1 from a 
piece of .063 aluminum, at 1.5 X .75 inches, as 
shown in the inset of Figure 7-4. 


Assemble L1 as shown in the Figure 7-4 inset. 
This part is individually available and listed in 
Table 7-1 


[f you are building from a perforated board, it 
is suggested that you insert components start- 
ing at the lower left-hand corner, as in Figure 
7-5. Pay attention to the polarity of the capaci- 
tors with polarity signs and all semiconduc- 


These three holes for attaching 
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tors. Route the leads of the components as 
shown and solder as you go, cutting away 
unused wires. Attempt to use certain leads as 
the wire runs or use pieces of the #24 bus 
wire. Follow the dashed lines on the assembly 
drawing, as these indicate connection runs on 
the underside of the assembly board. The 
heavy dashed lines indicate the use of thicker 
#20 bus wire, as this is a high-current 
discharge path. 


Figures 7-6 and 7-7 show the available PCB, 
which is also listed as an available part in 
Table 7-1. 


Attach external leads as shown in Figure 7-5. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge 1s neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


optional multiplier board 


. Drill eight .063" holes in this perforated section and 


Drill the three .125" holes for attaching to the optional multiplier board used for high voltage dc applications. 


Drill and drag the .125" slot as shown. This cutout and the enlarged holes are for mounting transformer T1. 


Hole diameters are not critical. 


Always use the lower left hand corner of perf board for position reference. 


= — = = 


Figure 7-3 Perforated board 
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Thick dashed lines are direct connection runs Solid black lines are external leads for input and 
----- beneath board of #20 buss wire (WR20BUSS) and output lines. Use red (WR20R) for +12 input. 
are extended for the spark switch electrodes. ” Use green (WR20G) for lifter - connection. 
Use black (VWWR20B) for com -12 input 


Thinner dashed lines are #24 buss wire 


¿TT (WR24BUSS) and component leads wherever Use 1/8-3/16 wide smooth globular solder joints 
possible. for connections to C20A-J and D20A-J, R7 and 
HV output points. Thisis contrary to normal 
<i Triangles are direct connection point junctions. soldering but is necessary to prevent corona 
leakage. 


Figure 7-5 Wiring connections and external leads 


8. Fabricate a channel from a piece of '/15-inch 


plastic material. Place it in the assembly and Testing Steps 

secure it at the corners using silicon rubber 

adhesive. You may also enclose it in a suitable This step will require basic electronic laboratory 
plastic box. equipment including a 60 MHz oscilloscope. 

This step may not be required when used for |. Preset the trimpot R1 to midrange and R10 to 
another project referenced in this book. full counterclockwise. Short out the output 


leads using a short clip lead. 


2. Obtain a 47K, 1-watt resistor and construct 
the spark gap “dummy load.” as shown in 
Figure 7-2, 


3. Obtain a 12-volt DC, 3-amp power converter* 
or a 12-volt, 4-amp rechargeable battery.* 


——————————————————————————————————_ SSS  — =_®_—_—— u_mnserem, 
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Figure 7-6 PCB part identification 


4. 


Connect the input to the power converter 
and connect the scope, set to read 100 volts 
and with a sweep time of 5 usecs, to the drain 


of Q1. 


MORE 


Table 7-1 


Apply power and quickly adjust R1 to the 
waveshape shown in the inset of Figure 7-2. 
Note an input current dip of 100 milliamps or 
less. Check the heatsink of Q1, noting only 
warm to touch or slightly above 110 degree F. 


Note our laboratory-built units usually tune in 
with the pot set to 11 o'clock. 


Remove the clip lead short in step 9 and con- 
nect the dummy load. Apply power and rotate 
R10 clockwise, noting the input current 
smoothly increasing to 1.5 amps and the spark 
increasing in energy. This control varies the 
ratio of off to on time and nicely controls the 
system current. Note that this system can eas- 
ily provide 30 watts of usable power. 


High-Voltage, High-Frequency Driver 


Module Parts List 


Ref, # Description DB Part # 
RI IOK vertical trimpot 
R2, R4 Two 10-ohm., -watt resistor 
(br-blk-blk ) 
R3,5,8,9 Four IK, -wati resistor 
(br-blk-red) 
R7 47K. l-watt resistor 
(vel-pur-or) 
R10/51 IOK. 17 millimeter pot 
and switch 
C] 100-microfarad, 25-volt 
vertical electroradial leads 
El 0022-microlarad, 50-volt 
green plastic cap (222) 
C35 Two .0]-microtarad, 50- 
volt disks (103) 
C4 | OO0-microfarad, 25-volt 
vertical electrolytic capacitor 
CO 22-microtarad, 250-volt 
metallized polypropylene 
C9 l-microfarad, 25-volt 
vertical electro cap 
C7 -l-microfarad, 50-volt 
cap, INFORVG22 
D3, Two IN914 silicon diodes 


One PKE1S5, 15-volt 
transient suppressor 
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Figure 7-7 PCB foil traces 


DE (N4937 fast-switching WR20KWV Four 20 kilovolt silicon 
|-kilovolt diode high-voltage wires for output 
Ol [RES40 metal-oxide- WR20BUSS 18 inches of #20 bus wire for 
semiconducior field effect spark gap and heavy leads 
iransistor (MOSFET) (sec Figure 7-5) 
transistor 10220 
WR24BUSS [2 inches of #24 bus wire 
9 Two 555 DIP timers for light leads (see Figure 1-5) 
TI ?7-kilovolt, 10-milltamp DB* 1U25K089 HSINK 1,5 X l-inch .063 AL plate 
mini-switching transformer created as per Figure 74 
EJ 6 uH inductors DB#IU6UH SWI One 6-3212 Philips screw 
(see text on assembly) 
NUT Four 6-32 keep nuts 
PBOARD 5 x 2,8 Xx .1-inch grid 
perforated board; build LDEAT L15 VAC to 12 VDC, DBR1I2D0f7 
to size per Figure 7-2 3-amp converter 
PCGRA Optional PCB DB PCGRA BATI2 [2-volt, 4-amp. hour DB# BATI2 
rechargeable battery 
WR20R 12-inch #20 vinyl red wire 
for positive input BC12K Battery charger kit DB? BCIZK 
for above BATTA 
WR20B 12-inch #20 vinyl black 
wire for negative input GCATI GENERAL DB# GCATI 
CONSTRUCTION 
WR20G 12-inch #20 vinyl green PRACTICES 
wire for output ground to 4 ii 


trall return 


— 
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Figure 8-1 shows a new concept in negative ion gen- 
eration. A spinning rotor powered by the emitted 

ions themselves generates copious amounts of bene- 
ficial ions. Large volumes of ions can now be pro- 

duced, as the area circumscribed by the rotor greatly 
reduces the local charge flux. This feature allows 
many times more ions without ozone-producing 


voltages. 


Negative ions are highly beneficial and cause a 
sense of well-being, as well as rid the air of pollen and 
other breathable irritants. This is an excellent device 
for people suffering from asthma and other bronchial 
problems. It is also a nice conversation piece with a 
desktop unit’s spinning rotor silently reaching a rela- 
tively high rotational velocity, The device operates 
from 115 VAC/12 VDC or a battery. The project 
utilizes a 25-kilovolts negative output power module 


requiring 12 volts DC at 500 milliamps along with our 


proprietary rotating emitter, 
This is a beginner- to intermediate-level project 
requiring basic electronic skills, and one should 


The ton machine 


Figure 8-1 


expect to spend $25 to $50, All the parts are readily 
available, with specialized parts obtainable from 
Information Unlimited (www.amazingl.com), and 
they are listed in Table 8-1. 


DE E e e e e e Se e 


Precautions: Do not use this device in explosive or 
flammable atmospheres, as spark discharges may 
cause dangerous ignitions. 


Benefits of Negative lons 


In the last several decades, a medical controversy has 
evolved pertaining to the beneficial effects of these 
minute electrical particles. As with any device that 
appears to affect people in a beneficial sense, there 
are those who sensationalize and exaggerate these 
claims as a cure for all aliments and ills. Such people 
manufacture and market these devices under these 
false pretenses and consequently give the products an 
adverse name. The Food and Drug Administration 
now steps in on these claims, and the product, along 
with its beneficial facets, goes down the tubes, 

People are affected by the property of these parti- 
cles, which increase the activity rate of cilia, whose 
function is to keep the trachea clean from foreign 
objects, thus enhancing oxygen intake and increasing 
the flow of mucus. This property neutralizes the 


effects of cigarette smoking, which slows down this 
activity of the cilia. Hay fever and bronchial asthma 
victims are greatly relieved by these particles, and 
burn and surgery patients are relieved of pain and 
heal taster. 

Tiredness, lethargy. and general worn-out feelings 
are replaced by a sense of well-being and renewed 
energy. Negative ions destroy bacteria and purify the 
air with a country-air freshness. They also cheer peo- 
ple up by decreasing the serotonin content of the 
blood. As can be seen in countless articles and techni- 
cal writings, negative ions are a benefit to humans 
and their environment. 

Negative ions occur naturally from static electric- 
ity, the wind, waterfalls, crashing surf, cosmic radia- 
tion, radioactivity, and ultraviolet radiation, Positive 
ions are also produced from some of these phenome- 
non and both of them usually cancel each other out 
as a natural statistical occurrence. However, many 
manmade objects and devices have a tendency to 
neutralize the negative ions, thus leaving an abun- 
dance of positive ions, which create sluggishness and 
most of the opposite physiological effects of its nega- 
live counterpart. 

One method for producing negative ions is by 
obtaining a radioactive source rich in beta radiation 
(negative electrons). Alpha and gamma emissions 
from this source produce positive ions that are neu- 
tralized electrically. The resulting negative ions are 
directed by electrostatic forces to the output exit of 
the device and are further dispersed by the action of 
a fan (this method has recently come under attack by 
the Bureau of Radiological Health and Welfare for 
the use of tritium or other radioactive salts). This 
approach appears to be the more hazardous of the 
two according to the Consumer Product Safety 
people. The second method is to produce a potential 
level of negative high-voltage electricity without 
ozone and allow the creation of negatively charged 
particles by the high voltage. 

Your negative ion generator produces ions via a 
high-potential, low-current source of DC power. The 
high potential causes negative charges to be pro- 
duced at the sharp emission points of the rotor blade. 


The reactionary force of the emitted particles now 
causes the rotor to spin, allowing these negative ions 
to escape into the air stream due to the high-charge 
density at the sharp, pointed rotor tips. (The point of 
a pin will have a much higher charge density than a 
larger diameter spheroid for the same potential.) 
Ozone is kept at a minimum by keeping the voltage 
relatively low while allowing a sufficient charge den- 
sity lets the negative particles escape into the air. 


Circuit Description 


The circuit (MOD25KV) consists of a high- 
frequency, high-voltage oscillator being fed into a 
multistage Cockcroft-Walton multiplier. This energy 
is converted into a potential of up to a negative 
25,000 volts. The high-frequency stage consists of a 
transistor connected as a simple oscillator where tts 
collector drives the primary winding of the resonant 
transformer (T1). 


The high-frequency output of T1 is fed into a volt- 
ape multiplier stage consisting of a diode string (D1 
to DS) and a capacitor string (C1 to C5). A 12-volt 
DC wall adapter (T2) powers the unit. A separate 
ground is required for optimum performance and 
involves connecting the negative 12 volts to earth 
ground. This is done by connection to the AC recep- 
tacle plate or ground pin. This ground provides a vir- 
tual ground for the ions. 

A charge concentration occurring at the ends of 
the rotor blade's points now produces tons, and reac- 
tionary forces move the rotor at a high speed. lons 
are produced at a high rate as the effective emitter 
area is equal to that of the rotating rotor. Also, charge 
neutralization is minimal using this method and a 
high ion current is generated. 

The output of the unit can be approximated by the 
fact that a Coulomb charge equals the current multi- 
plied by the seconds. There are also 6.25 x E18 nega- 
tive chargers per Coulomb and the maximum current 
to the emitters is 400 microamps. Therefore, the unit 
can produce 6.25 X E18 x 200 X B-6 = 2.5 x 10E15 
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Black input lead should be earth 


grounded if using a wall adapter T1 C1 l 
| OUTPUT / lon Emitters 
_Black __ 
Blue Mia | | 
= Di DS 
12 vde input DRIVER [i | | 
Red | 
= | C5 
schematic 


Negative 25 kvDC output 


Use a 12 vdc/.5 amp DC wall adapter or other suitable power supply. 
Always check entire system for any excessive heating. 


Figure B-2 Circuit schematic 


negative charges per second. This is usually sufficient 3. Position a common plastic pushpin (PIN1) 
for a large room. and hot glue or epoxy to the module as 

shown. Glue is more forgiving if should you 

ever wish to replace the pin. 

4. Carefully strip about */4 of an inch of insula- 

Assem bly Ste BS tion from the output lead. Tin and solder it to 
the bottom of the actual pin. This connection 
point must allow complete clearance of the 
entire bearing section of the rotor assembly 
when in place. 


l. Lay out and identify all parts and pieces, 
Verify them with the parts list. 


2. Carefully fabricate the rotor blade as shown 
in Figure 8-3 and note that it must be bal- 
anced for optimum rotational velocity and ion 
emission. 


5. Wire up the wall adapter (T2) and ground the 
lead using (WN1) wire nuts, as shown in 
Figure 8-4, 


—_ a 
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How lt Works 

lons emit from the pointed ends of rotor due to 
a high potential voltage gradient causing charge 
repulsion. These ions move at a moderate 
velocity and produce a reactionary force 
causing the rotor to spin at high speed. 


Hot melt glue or epoxy 


Glue piece of plastic as shown 


to prevent sparking Bs 


Fabricate the ROTOR as shown in actual size 

(use as a template). Fabricate from a thin sheet 
metal. Pin prick exact center for needle bearing stud 
and nut. Rotor must be perfectly balanced to reach 
high rotational speed. 


Note: Discharge lead may be used to “freeze” rotor 
motion by allowing a spark discharge to moving 
piece. Do in low light for maximum effect. 


Red NUT6 


Produces a high rotational 

speed along with a very Bearing 
noticable force field easily 

felt at several feet! 


Figure B-3 Isometric view of the overall unit 


6. Glue on the CS1 charge shield plate to pre- place a piece of paper near the base of the unit and 
vent premature sparking to the metal heatsink note the force field generated that tries to pull the 
of the module. Also, stick on the rubber feet. paper. 


7. The unit is perfectly usable, However, you 
may want to enclose it in some sort of plastic 
box. Always use good ventilation and make 
sure the box is large enough or about L!/2 
times the diameter of the rotor, 


8. Find a suitable location, such as a nonmetallic 
table, to place the unit on. Place the rotor 
blade on the pin and verify it is unobstructed. 
E Then connect the grounding lead to the recep- 
ba, tacle mounting screw and plug in the T2 
| adapter. The rotor should begin rotating and 
quickly reach a high speed. 


O, Tons are now being emitted into the air and can easily 
eri be detected by holding a fluorescent tube or a small 


hd 

ot neon indicating lamp (LA1) near the unit, noting a 
y y flashing. This must be done in the dark. You can also 
W 
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Table 8-1 


Her. # 
MODULE 


T2 


ROTOR 
PIN 
BEARING 
NUT6 


CS] 


WNI 


FEET 


Negative lon Machine Parts List 


Description OB Part # 


Negative 20-kilovolt DB# MOD20KV 
module reworked 


[2-volt DC, 500-milliamp DB 12DC/5 
wall adapter 


Metal fabricated rotor DB# ROTOR 
Common plastic pushpin 

16-32 threaded standoff 

6-32 hex nut 


2a x Uf inch-thin, t/ie 
to '/s-inch-thick plastic 


Small wire nuts 


Four stick-on rubber feet 


IIa 


64 


MORE Electronic Gadget 


s for the Evil Genius 


Kirlian photography uses cold electron emission to 
expose a photographic film, Cold electron emission is 
the result of electrons accelerating in an electric field. 
These accelerated electrons ionize the air and recom- 
bine producing ultraviolet light that is mostly invisi- 
ble to the naked eye. This phenomenon is commonly 
known as corona. Many living objects are claimed to 
emit this radiation that will vary according to the 
health and condition of the object being exposed. 
This in itself is now subject to scientific research in 
material analysis. A more “psychic application” can 
be seen in the practice of radiation being referred to 
as an aura and being dependent on other more meta- 
physical functions. This project describes a simple 
method of producing Kirlian images of small objects 
and is an introduction to those who want to explore 
this interesting field. Kirlian imaging ranges from the 
psychic to materials analysis. Often it is used for 
experiments in which it is claimed that objects all 
possess a unique aura signature. This depends on the 
subject’s mental makeup and condition at the time. 
Basically, it is a form of corona discharge that occurs 
as a precursor to a dielectric breakdown by most con- 
ductive objects when placed in a high-frequency, 
high-voltage field. Corona is a form of electrical leak- 
age occurring without actual air breakdown such as a 
spark discharge. A corona discharge possesses ultra- 
violet emissions that easily develop film and thermo- 
graphic paper, producing an image print. 
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This is an intermediate-level project requiring 
basic electronic skills and one can expect to spend 
$25 to $50. All parts are readily available, with spe- 
cialized parts obtainable through Information Unlim- 
ited (www.amazing!.com). The parts are listed in 
Table 9-1. 

The system is simple and built from readily avail- 
able parts (see Figure 9-1). The builder may deviate 
[rom what is shown as long as the basics are adhered 
to. The system requires a high-voltage, high- 
frequency module, as shown in Chapter 10 where 
it will be used to supply the burning plasma for the 
plasma pen project. 


Figure 9-] 


A complete unit 


Solder connection to copper plate 


must be on the edge so as not to 
interfere with placement of the film 
and holding frame 


Figure 9-2 


SOLDER 


wall adapter 
12 volt grounded 


T2 


Assembly Steps 


If you are a beginner, it is suggested to obtain our 
GCATI General Construction Practices and Tech- 
niques. This informative literature explains basic 


practices that are necessary in proper construction of 


electromechanical kits and is listed in Table 9-1. 


GJ 
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Assemble the driver module, as shown in Fig- 
ures 10-2 and 10-3 in Chapter 10. Verify 
proper operation before using. 


Assemble the image base, as shown in Figures 
9-2 and 9-3. The dimensions as shown are not 
critical. 


Mount the driver module and solder the out- 
put lead as shown. Route the input and high- 
voltage return lead to the ENHANCER. 


Wire the pushbutton switch (S1) to the wall 
adapter transformer (T2). The output wires of 
T2 are polarized with the lead containing the 
white trace, usually the positive. It is a good 


Isometric of the image base and charge plate 


Note that the 45 x 4E protective DIELECTRIC 
PLATE is not shown is this view 4 


\, WRFLEX 
SILICON 


A — RUBBER 
CL 


Enhancer 


Push button control switch, Sleeve in rubber 
tubing to prevent annoying radio frequency burns 


J H 
51 


idea to cover the entire body of S1 except the 
plastic actuator; any contact to metal will 
result in small, very annoying burns. The wall 
adapter recommended has a third pin being 
an isolated ground for the high-frequency 
return. 


Testing Steps for the Circuit 


These steps usually will not require any special test- 


ing equipment. 


l. 


E.) 


Power up the unit and activate 51. Place your 
finger on the insulated plate and note a bluish 
corona discharge occurring under your finger. 
You may feel some heat or a tingling sensa- 
tion. Try this for only up to 20 seconds. 


Obtain some thermographic fax paper and 
place it on the dielectric plate. Place your fin- 
ger on the paper and energize the circuit for 
10 to 20 seconds. You will note an image on 
the paper. 
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1/2" metal tape 


Solder 


Silicon rubber 


= — MD 


| [2X 2X 1/4 piece of plastic | 


Enhancer Plate Flexible test probe lead 


Dielectric 
plate 


Photo paper or film 


Electrode 
Base 


Figure 9-3 Image base and charge plate 


Try it again with a metal object such as a coin 
on the dielectric plate and place the enhancer 
on the object. Push the button for 5 to 10 sec- 
onds and note an image forming. 


You can upgrade your image to an actual 
photograph by using actual camera film. The 
old Polaroid 600 or other similar instant film 
will work. You must work entirely in the dark 
to avoid film exposure to any ambient light. 
The objective is to place the film on the 
dielectric plate along with the object to 

be photographed and the enhancer placed 

on top, 


Notes 


You will note that a few variables here can affect per- 


formance: the output voltage of the driver module 


and the dielectric plate’s thickness and dielectric 


properties. The dielectric plate is important because it 


must form a high enough capacity between the object 


and the contacts to allow an adequate corona current 


to flow to create an image. The thinner the plastic 


Suggested 35 x 35 plastic rigid frame to hold 
film and fax paper in place on dielectric plate. 
Fabricate from = plasic strips and glue at 
corners 


dielectric plate, the more corona current. However, 


you must not allow a breakdown to occur by using 


material that is too thin, as this can produce a painful 


burn. 


Many different sources of information, including 


some excellent books, are available on the applica- 


tions, methods, and uses of Kirlian photography. You 


are encouraged to continue to investigate this 
unusual electronic phenomenon. 
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Table 9-1 Kirlian Imaging Parts List 


Hef, # Description OB Part # 


DRIVER Driver module DB# MINIMAX7 
from Chapter 10 


BASE 6 X Finch plastic piece, 
formed as shown in 


Figure 9-2 


COPPER 4 x 4-inch, thin piece 
ELECTRODE of copper 


DIELECTRIC 5.5 X 02-inch piece of 


PLATE polypropylene sheet DB# POLY P20) 
PLASTIC 
PLATE 2x2 -inch plastic plate 
TAPE Four inches of '/2-inch 
solderable metal sticky tape 
FEET Four sticky rubber feet 
T2 12-volt, 1.5-amp DB# 12DC/1.5G 
groundedadapter 
with third pin 
FRAME Four strips of Vs-inch plastic 
PIECES to fabricate the frame as 


shown in Figure 9-3 


WRFLEX 12 inches of flexible test 
lead wire 
5] Push-button switch reworked 


as shown to prevent burns 


GCATI General construction DBYGCATI 
practices 
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hapter N 
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A plasma pen uses high frequency, high voltage to 
burn or etch permanent markings into many different 
materials (see Figure 10-1). With a little practice, the 
user can create many intriguing designs of fine, lace- 
like etches. Names and other text can easily be etched 
into almost any organic material. Wood, paper, plas- 
tics, pumpkins, gourds, eggs, and leaves can all be 
marked with fine and fancy designs or inscriptions. 
The pen’s other applications include Kirlian photog- 
raphy, aura enhancing, and magically lighting house- 
hold fluorescent and neon tubes, all without any 
connecting wires, providing a great magic act. You 
can also use this for plasma experimentation or even 
removing warts. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $35. All 


Figure 10-] 


Photo of assembly 


‘ae | 


parts are readily available, with specialized parts 
obtainable through Information Unlimited 
(www.amazing!.com), and all of them are listed in 
‘Table 10-1. 

The system is shown in two parts: the power driver 
and the pen or etching section. These are connected 
together via a suitable, flexible, high-voltage wire. The 
power driver consists of the electronics module and 
the internal batteries for portable use. A jack 1s pro- 
vided for external use from a 12 VDC wall adapter or 
another suitable source. This section is housed in a 


tubular enclosure with plastic end caps as shown. 


Driver Circuit Description 


The circuit is a frequency, high-voltage oscillator that 
consists of transistor Ol connected as a simple oscil- 
lator where its collector drives the primary winding 
PR1 of the resonant transformer 11. Feedback ts 
obtained via a second winding (FB) and fed to the 
base of O1 through a current-limiting resistor (R1). 
Resistor R2 biases Q1 into conduction and initiates 
the oscillation (see Figure 10-2). 

Capacitor C3 speeds up the turn-off time of Q1, 
while resistor R3 and capacitor CS provide a filter to 
prevent oscillation at the self-resonant frequency of 


T1. Resonating capacitor C4 resonates the transformer 


— 
1 C2 
100025 Lee 
bl 
i 
WAVESHAPE AT TP4 
24-30 
vols 
iut 
20-30 Wea 


Figure 10-2 Circuit schematic 


to around 35 KHz. The current-limiting inductor L] 
limits the short-circuit current to a noncatastrophic 
value, and capacitors Cl and C2 bypass any signal 
to ground. 


Driver Circuit Assembly 


1. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on the 
parts list. 


pl 
= 2. Obtain the available printed circuit board 
(Y (PCB). as shown in Figure 10-3, or fabricate a 
4) piece of perforated circuit board to the PC as 
laid out on the PCB. Note the size of the PCB 
a is 3'/2 X 1% inches and contains the silk 
© screening that shows the positioning of the 
¿E mounted parts. 


eee 


+ 


Output 


T1 


TMS 
METPOLY 


a 
047100 


If you are building from a perforated circuit 
board, it is suggested that you insert the 
components starting in the lower left-hand 
corner. Pay attention to the polarity of the 
capacitors that have polarity signs and all 
semiconductors. Route the leads of the com- 
ponents as shown and solder as you go, cut- 
ting away unused wires. Attempt to use 
certain leads as the wire runs and follow the 
foil traces on the drawing as these indicate the 
connection runs on the underside of the 
assembly board. 


Insert the components as indicated by the 
silk-screen printed identification numbers and 
compare this with the bill of materials. Attach 
three 6-inch, #22-20 leads as shown for the 
input power (Pl, P2) and an external high- 
voltage return. Also attach a high-voltage lead 
to the output as shown. Note that this lead 
must be selected for the required length. Use 
a silicon, 20-kilovolt DC wire or an equivalent. 
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Note the ground lead that connects to the 
metal frame under the screw head as shown. 


5. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


6. Cut the metal bracket (BRK1) from a piece of 
.062 sheet aluminum and make the final 
assembly, as shown in Figure 10-4. Note thal 
the metal tab of Q1 must be insulated from 
the bracket as shown on the mounting 
scheme. This piece is also the heatsink for Q1. 


High voltage return 


-12 vdc 


+12 vde 


Frame ground lead 


Figure 10-3 Assemb ly board 


Driver Board lesting b 
k 
A a à . = La Pr 5 
This step will require basic electronic laboratory pi 
equipment. A 60 MHz oscilloscope is suggested. 

1. Obtain a 12-volt DC source, preferably with a Leap 
volt and ammeter. Leave the output leads as ad 
open circuit and apply power. Note a current 
draw of less than 250 milliamps. If you have a 17) 
scope, observe the waveshape at the collector + 
of Ol, as shown in Figure 10-2. rn 

kdd 

2. Contact the high-voltage output lead to the D 
bracket and note that you can draw a !⁄2-inch = 
arc with the input current going to 1 amp. This p= 
completes this module. = 

if 9 
lil 
ooo p 
- Y 
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NE 
E 
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E 
wll 


HVoutput 
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—lead 
HV ground return 


SW1 Nylon screw 
i MICA washer between Q1 and panel 


NÓ o Qi 
(fe A NU? 


Qi mounting scheme S a, 
for insulating BRK1 bracket ~ 


Figure 10-4  Isometric of assembly 


Mechanical Assembly 


You will need some basic cutting tools for the 
following steps. 


|. Fabricate TUB2, as shown in Figure 10-5, and 
then make the caps CA1 and CAZ for passage 
of the output leads and for switch Sl, jack J1, 
and indicator lamp LAL. 


bh 


Insert the components and wire them up as 
shown. Note the current-limiting resistor R10. 
The exiting leads should be tied in a knot to 
relieve any strain. 

3. Assemble the pen section as shown and solder 
the lead to the brass POINT. Shim the lead 
and POINT, and mechanically secure them in 
place. 


—— SSS SSS 


Sample Demonstration 


1, Obtain a 4 x 6-inch square piece of '/s-inch 
masonite plywood, as shown in Figure 10-6. 
Moisten it with a sponge and place it on top of 
an approximately equal-size metal plate 
attached to the ground lead. 


2. Contact the surface with the plasma pen and 
note the burning action. Experiment for the 
best results with other materials. 


Note that your pen will light fluorescent lamps in 
your house just from its proximity to them, and it can 
also be used for Kirlian photography. 
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Switch S1 selects either internal batteries or external 12 volts, jack J1 is for the external 12 volts. LED 
indicates when the system is powered up. Resistor R1 limits the LED current. These components are 
mounted on the rear cap CAP2. 


paai a 


€ From Figure 10-4 


> 
== 


WR20 


+12 


12 volts to MODULE 


-12 


Wring of enclosure. Use #24 vinyl hook-up 
wire for connection. 


High-volt return 


The POINT can be a 1/5 to 1/4 brass rod that can be soldered to. The SHIMS can be rubber tubing that 
strain relieve and position the feed lead and burning point. TUBE1 can be a 3/8" diameter plastic tube. 


Figure 10-5 Final enclosure and wiring 


= T2 wall adapter is a grounded 12 volt, 1.5 
amp for external power or use 8AA 1.5 
volt alkaline for internal use - 


se. 


WORK PIECE 


a 


f METAL PLATE 


For optimum performance, use a piece of mansonite, thin wood, eto. 
Place on top of metal plate connected to the high-voltage ground lead. 
You may moisten the beginning area to start the etch. 


Figure 10-6 Sample demonstration 
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Table 10-1 Plasma Etching and Burning Pen BRKTI Create as shown in Figure 10-4 
Parts Li 
ano Us TUBE? 12 x 2-inch ID schedule, 40 PVC 
tubing 
Aef. + Description OB Part # TUBE] ix -inch ID length of plastic 
RI 220 ohms, | watt (red-red-br) tubing 
R? 1.8K, -watt (br-gray-red) CA1,2 Two mating flat-end caps for 
PUBE1 
R3 27 ohms, 'u-watt (red-pur-blk) : 
POINT ls xX 3-inch brass rod filed to shape 
El | OO0-microfarad, 25-vol! vertical E weisz i 
electrolytic capacitor LAI Light-emitting diode (LED), 
any color 
C2 .1-microfarad/50-volt small, plastic, . 
capacitor R10 220 '/a-watt resistor (red-red-br} 
C3 bs-microfarad, 50-volt plastic CLI Battery snap clip 
capacitor (699) BHS Eight-AA-cell battery holder 
3 á estoy a var alli" 
i | A ofarad, 250-s olt metallized $] Siete pole, double throw (SPDT) 
foi! large, blue, plastic capacitor 3 ; 
small toggle switch 
CS .O47-microfarad, 100-volt plastic sis , a a 
capacitor (473) Jl Chassis-mounting DC power jack 
C6, 7 Two 25-picotarad, 6-kilovelt ceramic mae a iT 
capacitors or a single 50-picofarad, WR20 24-inch, 20-kilovolt, silicon, 
-kilovolt unit high-voltage wire 
Q! MIEJOIST 10220 power tab NPN NEONX21 Assembled high-voltage module 
transistor (see Figure 10-3) DB# NEON21 
Ti Special high-frequency transformer DB#28K089 Oe fe ne Se ys ee ae oe 
WR2) 24-inch 1422-20 vinyl stranded 
hookup wire 
PCMTC MTC3 printed circuit board or use 
ad xXx I X .1-inch erid perf 
board DB# POMTC 
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| y Ob jects 


and Ú lehicles 


Figure 11-1 shows two board-level devices capable of 
producing electrical shocks. The larger circuit gener- 
ates low-energy, 20,000-volt pulses similar to an auto- 
motive ignition system. Although these pulses are 


nonlethal, they can still be very painful when contacted. 
The smaller circuit generates a steady 5-milliamp, low 


current at 2,000 volts. By itself, it is not lethal but 
again can produce a painful shock, If the output is 
allowed to charge a capacitor to a sufficient energy 
lethal 
situation exists. [his level usually is any value over 25 


level, then the rules change and a potentially 


joules as computed from W (joules) = half of C 
(capacitance in farads) x V? (in volts) that the 
capacitor is allowed to charge too. 


Figure 11-] 


Photograph of devices 
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Caution: The use of electrification to prevent 
human intrusion is illegal. This application is legally 
referred to as “man trapping.” Consult legal advice 
before using this if human contact is intended! 


ss a ST å Ra A A 
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Warning: Never expose any person wearing a | pace- 
maker or having a known physical condition to any 
form of electrical shock. 
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Data shows how to use several shocking systems 
with different types of outputs and applications. Even 
though the energy levels may be well below dangerous 
levels, secondary reactions can cause severe injury. 
Use caution if intended for human contact, and never 
connect the DC output version to a capacitor as a 
lethal charge may exist. 

The following information is intended to serve as a 
guide to those contemplating using our equipment or 
other devices capable of producing a mild, severe, or 
possibly lethal electric shock. Any device of this 
nature, if used against people, may be considered a 
potential weapon. Remember that what may be a 
mild shock to one person could be harmful to another. 
secondary effects, resultine from involuntary action. 
must also be considered. 

The devices sold are intended for laboratory 
experiments or for use against animals. They should 
only be used for intimidation purposes to prevent an 
encounter. Human contact must be totally justified, 


as serious consequences can result from the illegality 
of their use. 


Even though our electronic devices provide an 
average current below what is considered lethal to the 
average person, circumstances such as a person’s heart 
condition or other physical parameters can influence 
both the immediate effect and after contact reaction. 

Table 11-1 shows certain effects from various 
electrical currents. Remember that the indicated 
current must have an appropriate voltage behind it to 
flow through a given resistance, such as the human 
body, When working with sources that have storage 
capacitors (especially dangerous sources), one must 
take into account the high peak current that can 
result for a period of time and result in possible 
electrocution if this duration of time is sufficient. 


Table 11-1 Electrical current scale 


Voltage Degree of pain Examples 

Ol ta 1 ma Tingling to Static electric shocks 
annoying 

| to 5 ma Annoying to Spark plugs, TV picture 
painful tubes, trip current of GFI 

5 to 20 ma Painful to very Oil burner ignition, bug 


painful killers, stun guns 


20 to 50 ma Very painful to 


possibly lethal 


Neon sign transformer, 
old tube radios 


50 to 100 ma Possibly lethal 


to lethal 


Low-powered 
transmitters, capacitor 
charges for lasers 


100 to 500 ma Lethal to deadly = Medium-powered 


transmitters, laboratory 
power supplies 


500 ma to lamp Deadly, with Electric chair, 220-volt 
(+) usually no second house current under 
chance certain circumstances 


Supplementary Electrification 
Data and Information 


The following information explains how to place an 
electrical charge on an object to protect against animal 
damage. intrusion, or theft, and the construction of 
several energy sources is referenced. These must be 
treated with caution and never be used on human 


— ———$— $$ $—$ ———— ee “S060 OOM 
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beings without proper discretion due to potential 
injury or electrocution. Accidental contact must also 
be avoided. Many laws unfortunately are made to 
protect the criminal, and therefore any attempt made 
to protect oneself or property using these devices 
could result in a suit by the criminal if he or she can 
prove injury. 


The methods for electrifying objects and areas will 
be shown as several examples that the user may adapt 
to his or her own needs. To successfully electrify, an 
object requires the following conditions to exist. Note 
that the following pertains to flowing electric current 
and not to static or super-high voltages. Figure 11-2 
provides the basic explanation. 


e The object of contact must be of a conductive 
nature such as metal, conductive paint, or wet 
ground. 


+ The subject (the intruder or animal) must 
supply the link to complete the circuit; that is, 
his or her physical extremities must come in 
contact with the object, along with a second 
common surface such as the ground, water, or 
another object anticipating simultaneous con- 
tact. No current flows unless contact 1s made 
to complete the circuit by the subject physically 
touching the object. 


e The electric current flows from the +lead of 
SOURCE to the —lead. In doing so, it flows 
from the object to the point of contact by the 
subject to the ground and back to SOURCE via 
the —lead. This produces a current flow through 
the subject, developing an electrical shock. The 
severity of this shock is dependent on: 


e How well the ground will conduct this 
current (wetness, mineral content, and 
so on) 


+ ‘The electrical parameters of the SOURCE, 
that is, the voltage and available current to 
support this voltage 


The source of electrical energy is a form of a power 
supply made to generate a sufficient voltage to force 
the desired flow of current through the subject when 
contact is made. This can take on many different 
forms depending on the applications and the desired 
results. If a system was built to kill a human being, a 
power supply with a current supply capability of '/2 to 
20 amps would be necessary to support a voltage high 


Genius 


Hot lead 


SOURCE 


Metal grounding stake 


EEE 


Figure 11-2 Electrification principle 

enough to cause this current to flow, usually several 
thousand volts. (These parameters are similar to 
those used in electric chairs.) Currents of more than 
‘fo Of an amp are considered lethal to the average 
human under certain circumstances, '/100 of an amp 


produces intense pain, and !/.006 of an amp is felt with 
no difficulty and is very annoying. 


Metal can 


Ground should be moist, 
with vegetation such as 
Vo grass or can be sections 
of wire pieces (simulated 
ground) for dry areas. 


Figure Il-3 Electrification of a garbage can or 
similar object 


Object must be 
insulated from 
ground 


Contact points 


Special pulse-type energy sources, similar to 
capacitor discharge ignitions, can be used relatively 
safely as peak currents are high, yet the average is © 
low. A source of this type is the pulsed model described 
in this project. This source is capable of generating 
the high-peak current pulses and maintaining a sub- 
stantial voltage on the body of a vehicle in spite of 
leakages due to steel-belted tires and so on. The 
source is also relatively safe to exposure but will pro- 
duce moderate shocks. With these parameters, one 


Height about 4-6" 
depending on target 


animal | Y e 


Insulating poles - 
dry wood, plastic, etc.. 


<——— Metal stake in ground 


Figure 11-4 = Electrification of a small area 


MORE Electronic Gadgets for the Evil Genius V7 


can get an idea of the size and rating of the source for 
a particular application. 


The following examples, hopefully, will apply to 
most situations. Figure 11-3 shows how to electrify 
garbage cans against annoying animals. One can see 
that the condition of a common contact or ground 
system is important because the current must also 
flow through this medium. 

Figure 11-4 shows how to electrify a small garden 
area using plastic stakes with slots for wires that are 
pushed into the ground. Try to prevent wire droop 
and possible contact with the ground. Watch for fire 
hazards and proximity to dry vegetation if using a 
high. average current source. 

Figure 11-5 shows how to electrify the ground of 
an area and protect it against annoying animals. Use 
#20 wire as shown with the space and size dependent 
on the animal and area. Anchor the wires in place 
with small stones. The ground must be dry and non- 
conductive, or use an insulated rubber or plastic mat. 
Please be aware that this project should only be used 
with a low-energy pulsed system or a hand-cranked 
magneto. Do not create this system if you have a 
heart condition. 


Figure 11-6 shows a prank, but this is only to be 
done using a low-energy pulsed system or a hand- 
cranked magneto. The victim stands on a rug to open 
a door and zap! You turn the power on. 


Figure 11-7 shows the electrification of a fence. 
This method is for educational use only, as serious 
injury can result either from the electric shock or the 
physical reaction. The intended use would be for mil- 
tary or other high-security situations. 


Hot lead 
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Figure ll-7 Electrification of a chain-link or similar fence 
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Figure 11-5 Electrification of the ground or 
protected areas 


SOURCE [E 


Figure 1-6 Door knob prank ye 


The object here is to electrify the top-most wire of 
a chain-link fence, as anyone attempting to crawl over 
will no doubt come in contact with the top wire. This 
is a very effective method and can cause severe injury 
and even death from electrocution or physical injury 
from falling. The best method is to simply replace the 
original top-most wire with a standard, electrical farm 
fence insulator, as shown in Figure 11-7. The wire is 


IS 


2% CIN, 
EOS Close up showing electric 
oe £8282 SS fence insulator and attaching 


method 
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Figure 1-8 Circuit of power supply source for animals only 


then just strung to these insulators using standard, 
electric farm fence techniques and is either connected 
to a farm-type power source such as an electric fence 
charger or a higher-powered source. The latter pres- 
ents a dangerous choice and should never be used in 
a normal situation. 


Danger! Do not use a transformer with a short- 
circuit current in excess of 9 milliamps. 


Figure 11-8 shows using a current-limited 
transformer powered by 115 VAC. The following are 
suggested power sources for the circuit shown in 
Figure 11-8, 


4K V/009:T1 —4 KV,9 ma, 115 VAC, current- 
limited floating secondary Database #4 
KV/.03 A 

6KV/02: T1 6.5 KV, 20 ma, 115 VAC, current- 


limited floating secondary Database #6 
KV/02 A 


Steering wheel 
(view of underside) 


Figure Il-9 Electrification of a steering wheel or 
similar object 


OUT 


Caution! Ground return 
of secondary usually end 
point grounded. Do not 
use against people!! 


A A Eedi mE san 


You will need a three-wire grounded power cord 
and a switch available from most hardware stores. 
Connect the —connection to common using standard 
PVC or plastic hookup wire. Connect the +connec- 
tion via a high-voltage ignition wire available from an 
auto supply house. A weatherproof system is 
required when installed outside. 

Figure 11-9 shows how to electrify a steering wheel 
or a similar object. The project is intended as a theft 
or unauthorized use deterrent, Use a low-energy, 
pulsed, high-voltage source. 

The subject sits in the seat and activates the pressure 
switch to the source. When he grabs the steering 
wheel, he experiences a mild pulse-type shock between 


his hand and rear end. The voltage return is via metal 


springs in the seat. To create this project, please follow 
these steps: 


l. Tape some thin, bare wire on the underside of 
the stecring wheel. Secure it with small pieces 
of tape, wax, or silicon rubber. 


Hooks 


Eye bolts 


Conductive wires 


Protected area, doorway, 
pathways, etc. 


ES me me mi im ome e o a a M a 


Figure 1-10 Space or field electrification 
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“ HV wire 
Feed through bushing from source 


Trunk body of 
vehicle 


= HV SOURCE 


| Insulating block for 
connecting and strain 
=> relieving chain 


§ Small grounding chain 


Enlarged view of chain connection 


A reasonably safe yet effective electrification power source is the 
pulsed version shown, with a standard automotive ignition coil 
replacing the small trigger coil. This approach lengthens the pulse 
to overcome the electrical capacity of the vehicle body and provides 


a better overall effect. 


Figure 1-1 Electrification of a vehicle or similar object 


2. Runaconcealed connecting wire up the 
steering column to the bare wire. This wire 
should be insulated and connect to the output 
of the source. 


3. Conceal an activation switch as desired and 
don’t forget to de-energize it before entering 
the car. You may want to rig up a pressure- 
sensitive switch on the seat so when the thief 
gets in the unit it activates before he starts the 
car. Important caution: The unit must be acti- 
vated without the car being in motion or serious 
accidents may result. 


4. The use of our pulsed low-power source is 
suggested. 


Figure 11-10 shows how to protect an area, doorway, 
or paths using space or field electrification. Hanging 
supports use ultra-thin steel wire for strength or 
weaker magnet wire. 

Hang weights 8 to 12 inches above the ground, and 
use elastics or O-rings to secure connections to the 
eround points. The actual installation will depend on 
the environment and the voltage used. The source 
should be a low-energy, pulsed source that can be used 
against animals when their paths of travel are known. 

Figure 11-11 shows how to electrify any vehicle 
using an automotive ignition coil in place of the pulse 
coil. Coils are available through any automotive supply 
house, 


A remote switch must be mounted so that it is 
accessible from the outside of the vehicle, This may 
be actuated via an insulating object such as a plastic 
comb or something similar, An override switch may 
be installed to actuate this system while one is inside 
the vehicle in order to discourage certain encounters 
involving contact while driving or stopped at a light. 

The suitable method for connecting to earth ground 
as the common terminal is accomplished via a ground- 
ing chain. This is shown strain relieved via a plastic 
insulating block. The user is asked to use his or her own 
ingenuity to create other methods of implementation. 

Insulated platforms for wheels should be used if 
the tires have steel-belted radials or if roads are salty. 


High-voltage out 


High-voltage 


Remove cap to return wire 


install batteries 
Control leads to switch 


Figure Il-42 Enclosed pulsed electrification device 
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These platforms are intended for storage or long-term 
parking situations. 


Contact the factory for information regarding a 
serious automotive deterrent using a high-energy 
discharge system to be able to support the voltage 
necessary to overcome tire leakage and so on. A sys- 
tem of this type was sold to a Central American 
country to protect personal when in hostile areas. 
Very painful 5 joule pulses were generated between 
the vehicle body and ground, It would be very “politi- 
cally incorrect” if it were used in this country. This 
system produces high-current pulses of several tens of 
amperes for short durations. This is necessary as most 
tires offer considerable leakage at these high voltages, 
and a steady-state supply would no doubt burn off 
the tires and be very lethal to the perpetrator. 


Assembly of Suggested 
Power Sources 


The pulsed version shown in Figure 11-12 can also be 
used as a high-voltage trigger for triggering spark 
gaps, flash tubes, chemical igniters, Kirklian photogra- 
phy, and for electrification in animal control. The unit 
is housed in a tubular enclosure and powered by 
built-in batteries or by an external 12 VDC wall 
adapter. [he device produces 20,000-volt pulses for 
electrifying objects, fences, and so on. Dual-mode 
operation produces low-energy pulses of .02 joules at 
a repetition rate of 30 per second or medium-energy 
pulses of .2 joules at a repetition rate of 4 per second. 


The continuous version generates a steady, 
high-voltage device intended for research, capacitor 
charging, shocking animal pests, and small insect 
killers. 

Caution: The use of electrification against human 
intrusion is illegal. Consult legal advice before using 
if human contact is intended. 


A AA A ee AAA 
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Warning: Never expose any person wearing a pace- 
maker or having a known physical condition to any 
form of electrical shock. 

Danger! Never charge a capacitor and use it for 
shocking humans. Energy storage over 5 joules can 


produce extremely painful shocks and over 25 joules 
can kill! Even though the energy levels may be well 
below dangerous levels, secondary reactions can 
cause a severe injury. 


Circuit Description of Pulsed 
Shocker 


A high-frequency, self-oscillating inverter circuit 
comprised of switching transistor Q1 and stepup 
transformer T1 produces a high-voltage high frequency 
at the secondary winding. This high-voltage AC is 
rectified by diode D1 and charges up storage capaci- 
tor C3 or C4 through isolation resistor R3. When this 
voltage charges up to the breakdown potential of 
SIDAC (SID1), the energy stored in the capacitors is 
“dumped” into the primary of the high-voltage pulse 
transformer T2, producing a high-voltage pulse at the 
output terminals (see Figure 11-13). 

The oscillator circuit utilizes a winding on T1 to 
produce the necessary positive feedback to the base 
of O1 to sustain oscillation. Resistor R1 initiates Q1 
to turn on while resistor R2 and C2 control the base 
current and operating point. 

A charging circuit consisting of the current-limiting 
resistor R4 and rectifier diode D2 allows external 
charging of battery B1 when nickle cadmium (NiCad) 
or other rechargeable batteries are used. 


Construction Steps for Pulsed 
Shocker 


If you are a beginner it is suggested to obtain our 
GCATI General Construction Practices and Tech- 
niques. This informative literature explains basic 
practices that are necessary in proper construction of 
electromechanical kits and is listed on Table 11-2 


|. Lay out and identify all the parts and pieces, 
and check them with the parts list in Table 
11-2. Note that some parts may sometimes 
vary in value. This is acceptable because all 
components are 10 to 20 percent tolerant 
unless otherwise noted. 


Some kits contain a length of insulated wire. 


: o  _—___ ____—_———— 
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Figure 11-13 Circuit schematic 


This must be cut. stripped, and tinned accord- 
ing to where it is used. 


2. Assemble the board as shown in Figure 11-14. 
Insert the components into the board holes as 
shown, proceeding from left to right. Note the 
polarity of the components. 


o SA Te eee ee l l e 


Note: Certain leads of the actual components will be 
used for connecting points and circuit runs. Do not 
cut or trim them at this time. It is best to temporar- 
ily fold the leads over to secure the individual parts 


e e l gee 


3. Verify the wiring, proper components, and 
polarity to the schematics. Check for cold sol- 
der, excess solder, and bare-wire bridge shorts. 
Now the unit is ready to test. 


4, Test the unit as per the following: 


nn oo == AAA <KÁKÁK 


SUTPLT 
TERMINALS 


Grd Rtn 


4 


273 V 


250 ms - 51 "on" 
35 ms -51 “off | ‘ 


Test Point at(B) 


Position the bare end of the ground return 
lead (GRD RTN) to allow a '/2- to /s-inch 
air gap between the output pins of T2. 


Connect 12 volts from a bench power 

supply or use eight AA NiCads at 1.25 
volts each or eight AA alkalines at 1.5 
volts for 12 volts. 


Note with S2 open a fast pulsing action 
will produce a thin, bluish discharge. This 
can cause a very mild electrical shock and 
could be safely used within reason as a 
prank. 


Note a thick, slow pulsing discharge when 
$2 is closed. This can produce a painful 
shock and is intended for use against 
animals. 


The current draw with the unit properly 
operating should be approximately 250 
milliamps, 

Check the power tabs of both Q1 and 


SIDAC. These should be cool to warm to 
the touch. 


82 MORE Electronic Gadgets for the Evil Genius 


SIM 
ndino AH 


la 


SJIM UJINJƏJ 
Bulpunols 


el ASIA NOLLOg 


ro © ooo © 


o o o JVOISA 
2 HS. 


GL 


o/J00000.0o0000 


R | 


SUYO OF PUNDIE SJINSeslwW 0] 
Jajewiwuoe ue Buisn g y pajeubissp Buipuin 
BulAyquap! Aq | | Jo uonisod Jadold aululsjag 


paaro s| Ajquiesse se Buyxay woy 

5unmealq woy salim daay Jila SI] 

‘peog Ajqwasse 0] Z| anoas 0] 
saqqu UOSI|IS ALH Jo peeg e uny E 


'pazuejod jou si a9113q “uid 
Jajuso su) plebalsip ABU noy “suid 
aay, BABY Aew OW0|S BY} 30N 


o 60 6 Oo 89 09 OO @ 6 60 0 86 OF oO c 6 


o® © © © 


o Oo pD ad 


tad 


eira Y 


o 


o 


PADOG Ajqiuiassy 


Mo o o 
Mi 
b g o o 
` o o 
o o 
io BM o 
> E o 
. o 
| O W pa] 
oo @ o \o 
cJo ob yo 
o o oO 
DOS 
D oO gQ 


hi-11 8J1n5!3 


83 


MORE Electronic Gadgets for the Evil Genius 


This device can produce up to 10,000 volts when used with the optional multiplier circuit shown from a 9 


to 12 volt battery pack. Output is continuous and can be used to charge external capacitors. Output is 
1.5KV with the single capacitor and diode at a current of 5 ma. 


Carefully cut and strip the high voltage 
output wire as shown. Tin this lead as 
D1 is soldered to this wire. 

This step should not be done if you are 
using the alternate circuit board 


Eion approach as original full length lead is 


required. 
12 vdc input 
HV Output 
Grd return 
HV OU 
+12 
NOTE: Secure components 
with RT. silicon rubber 
TOP VIEW Output is 2 KVDC with 
12 VDC input 
GRD RTN 
-12 
HV OUT 
c ds cel 
(i) 
~~, 
=: HV OUT 
.. 
10 to 12 KVDC output 
CJ p Optional HV multiplier | GRD RIN 
Lo = WR1 24" #20 Hook up wire 
Q, PB1 1X4" .1 Grid perfboard 
„å Note 4 stages shown can produce 10 
Y to12 KV! 
( ) Figure 11-15 Construction of continuous shocker ai 
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G. You may verify proper operation using a 
scope, noting the waveshapes as shown in 
Figure 11-15. 


Notes Pulsed Shocker 


Input is shown operating with eight NiCad cells in 
series for a total of 10 VDC. The unit, however, reli- 
ably operates within 8 to 14 VDC. 


A simple remote switch, $1, may be installed in 
series with the negative or positive of the battery 
lead. This is left to the builder to fit his or her needs 
when finally packaged. 

The unit may be housed in any suitable enclosure. 
A suggested method is to place it inside a PVC tube 
You may fill the enclosure with melted paraffin wax. 
This will allow operation in moist environments while 
still allowing the unit to be easily unsealed should a 
problem or change occur 


Solder 


== = a ae a O AL ee ee eee 


Figure 11-16 Shock ball joke 


Construction of Continuous 
Shocker 


A continuous shocker device is shown in Figure 11-15, 
and shock balls can be made by obtaining a small 
rubber ball or a tennis ball, as shown in Figure 11-16, 


To create a shock ball, use a .01-amp capacitor at 2 
kilovolts and note that a larger capacitor would pro- 
duce a worse shock. Pieces of metallic tape must be 
used to sandwich the capacitor leads. Cut a slit in the 
ball to insert and position the capacitor, and charge 
the ball by contacting a metallic strip with the contin- 
uous 2-kilovolt source. Hold the ball without touching 
the metallic strips, toss it to a buddy, and watch the 
results. 

For a shock wand application, position a unit inside 
a plastic or nonconductive tube with batteries and a 
switch. Connect the output leads by sandwiching 
them under metallic tape for contact with the target 
subject. 
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Table 11-2 Parts List for Shockers 


Ref. # 
RI 


R3 


R4 


C] 


Ge 
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Description 


4.7K, ‘4-watt carbon film resistor 
(yel, pur, red) 


470 ohm. '/a-watt carbon film 
resistor (yel, pur, br) 


27-ohm, '/4-watt carbon film 
resistor (red, pur, blk) 


100-ohm, -watt carbon film 
resistor (br, blk, br) 


]0-microfarad, 25-volt electrolytic 
capacitor vertical mount 


.047-microfarad, 50-volt polyester 
capacitor 


3.9 to 4-microfarad, 350-volt 
polyester capacitor 


47-muicrotarad, 250-volt polyester 
capacitor 


MJE3055 NPN transistor TO220 


Two IN4007 1-kiloyolt rectifier 
diode 


300-volt Sidactor switch 


400-volt switching square-wave 
transformer 


25-kilovolt pulse transformer 
Two single pale, single throw 


(SPST) 3-amp toggle switch or 
equivalent 


DB Part # 


SIDAC 


DB#'TYPEIPC 


DB# CD25B 


PBI 


PCLITE 


WR20B 


WR20R 


WRHV20 
CL] 
CAPI,2 


ENI 


BHI] 
J1 


12DC/.3 


5X 1.5 Xx .l-inch grid perforated 
circuit board 


Optional printed circuit board 
(PCB) 


36-inch #20 vinyl stranded 
hookup wire, black 


36-inch #20 vinyl stranded 
hookup wire, red 


12-inch 20-kilovelt wire 
Battery clip 
Two 1%-inch plastic caps 


12 inches of 19 * 11M x12 
plastic tube 


Eight-A A-cell battery holder 
3,5-millimeter mono jack 


Optional 12 VDC, .3-amp wall 
adapter 


Parts for the continuous version 


FIRETRON Firetron 2,000-volt module 


Cl 


Dl 


C2 


O1-microfarad, 2,000-volt disc 
capacitor 


6-kilovell diode 


270-picofard, 3,000-valt dise 
capacitor 


DB# PCLITE 


DB# 12000 7.3 


DB# FIRETRON 


DB OIM/2KV 


DB# VG6 


DBF 270P/3KV 
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Figure 12-1 shows the construction of a low-power 
pulse gun that will provide kilowatts of peak power 
at frequencies up to 100 MHz with harmonics. The 
unit shown is battery powered and uses a modified 
version of the high-voltage plasma generator shown 
in Chapter 7 of this book. A higher powered, more 
functional device is being developed in our labs and 
will be ready to be copied at the time the third book 
of this series 1s available. 

This is an advanced level project requiring basic 
high-frequency electronic skills. A spectrum analyzer 
can be a very valuable tool in setup but is not neces- 
sary. Expect to spend $50 to $100. All parts are read- 
ily available, with any specialized parts being 
available through Information Unlimited 


te 
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Figure l2-}1 Electromagnetic pulse gun 
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ise (EMP) Gun; 


a 


(www.amazingl.com) as listed in the parts list at the 
end of this chapter. 


Basic Theory Simplified 


The ability of a signal to disrupt sensitive circuitry 
requires several properties. Most microprocessors 
consist of field effect transistors (FET) operating at 
very low voltages. Once these voltages are exceeded. 
catastrophic failure becomes imminent. Forgiveness 
to an overvoltage fault is practically nonexistent due 
to a microthin metal oxide between controlling ele- 
ments. Any overvoltage generated across these ele- 
ments consequently produces permanent damage or, 
in some less severe cases, causes deprogramming. To 
generate these damaging voltages from an external 
source requires a wave that can produce a standing 
wave ol energy across circuit board traces, compo- 
nents, and other key points. The external signal 
energy therefore must be high enough for the cir- 
cuitry geometry to be a significant part of energy at 
the wavelength. Therefore microwaves having fast 
rise times (high Fourier equivalents) and burst dura- 
tion help to maximize the effect. The energy required 
is great, as it must be sufficient to enhance damage. 
A good measure would be the quotient of 
energy/wavelength. A high-power pulse of 
microwaves can be generated in several ways. 


7 
If 


Explosive flux compression-driven virtual cathode A virtual cathode oscillator can also easily be 


oscillators and their generic relatives can produce energized from a small Marx impulse generating 200 
gigawatts of peak power from only hundreds of kilo- to 400 kilovolts. The fast current rise and high peak 
joules. This is where a seed current is pulsed into an power can produce a powertul burst of microwaves. 


inductor and at its peak is compressed by a shaped Other methods include exploding wires where 


energy is allowed to flow into a LCR circuit and then 
is rapidly disrupted by the explosion of the feed wire 
as it vaporizes at near the peak injection current. A 


explosive charge thereby trapping the flux and creat- 
ing a source of high energy. The coil must be com- 
pressed both along its axis and along its radius using 
a high-detonation velocity explosive such as the very fast and energetic pulse is produced, which is 
cyclotrimethyltrinitramine, its derivatives PETN, or capable of generating an electromagnetic pulse 
some other equivalent energetic explosive. This (EMP). 


trapped flux now produces an energy gain that is con- ; 
PP P BYE Microwave pulses are excellent candidates for 


damaging sensitive electronic circuitry. But much 
lower frequencies are better for disrupting power 


ditioned into the final peak-powered pulse of 
microwave power (HEPM). Flux compression like 
that of a nuclear initiation requires precise timing of 


grids and other similarly sized systems, as now the 
the explosive chargers. For flux compression, Krytron 


lengths of the conductive elements are more con- 
ducive to generating the high standing voltage waves. 
Obviously more energy is now required, as breakers, 


switches or similar can be used instead of the more 
radiation-hardened Sprytrons that are used in 
nuclear initiations where ionizing radiation is pro- 


; ag switches, and transformers require more energetic 
duced from the inherent fissionable materials. 


pulses 
L2 
HV a Ri C1 
: + ANT 
From output transformer 53 Y 
11 in figure 7-2 | | 361 


HV COM 


The ideal peak power of this circuit can be approximated by evaluating the 
product of the charge voltage across C1 x the peak current as determined by 
[pk= Epk x the square root of the capacitance of C1/the total inductance of the 
discharge circuit. This expression implies no resistance (R) in the discharge 
circuit that now is only in an ideal situation, In all actuality the resistance in the 
real world will now be a factor in where e to the -(pi/square root of LIC) / R 
must be a factor in the above ideal condition, This now implies a damped 
waveform. 


Diodes D1,? are 10 kv 10 ma fast recovery 

Resistor R1 is three 47k 1 watt resistors in series and isolate the diodes from the 
dwat of the discharge 

L2 inductor tunes out the capacitive reactance of the antenna at the desired 
resonant frequency 


Capacitor C1 ls a “slapper” capacitor. These are used to produce a very fast 
rise time necessary to detonate initiators necessary for Initiating high 
explosive. Its claim to fame is the high peak current discharge current. The 
capacitor is constructed as strip lines with the connection leads exiting a 
common end 


Figure le-2 Circuit schematic = 
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Circuit Description 


The circuit shown in Figure 12-2 shows a simple 
method of obtaining a high-power pulse with Fourier 
equivalents above 100 MHz. Even though the power 
and frequency are relatively low, close range effects 
are possible on many target circuits. 


The project uses a high-frequency plasma source, 
which is converted to a direct current charging source 
and is short circuited functionally by the use of loss- 
less reactive ballasting. This means that the capacitor 
can be charged without the use of an energy-robbing 
resistor, as only the real part of the complex current 
is seen by the battery supply. 

The modified source now supplies a current 
charge to the reservoir capacitor (C1) to a value 
where the spark discharges across SG1. Current 
through L1 rapidly rises and rings along with the cir- 
cuit and lumped capacitance (Cint). Spark gap SG1 
must turn off and allow the energy to circulate in the 
discharge in order to generate a resonant peak of 
power that is now coupled into the system emitter, 
Experimentation of the gap settings is necessary to 
obtain an optimum effect. 


Circuit Assembly 


l. Fabricate a piece of Lexan plastic or G10 cir- 
cuit board, as shown in Figure 12-3,toa 7 xX 2 
inch plate for PL1. Locate the two !/s-inch 
spark-gap-holder (SGH1, 2) screws holes as 
shown. The holes are spaced 25/4 inches from 
one another. 


2. Forma three-turn 1-inch diameter coil (L1) 
from '/2-inch sheet copper or #14 solid copper 


wire, as shown in Figure 12-4, Note the leads 
as attached to the capacitor (C1) and the end 
gap holder. 


3. Connect an output port at the junction of Cl 
and Ll as shown. This point is now considered 
the output and can be connected to the radiat- 
ing emitter. 

4. Connect it to the converted plasma driver in 
the manner shown in Chapter 7 to the genera- 
tor (see the schematic Figure 12-2), Note the 
added diodes D1 and D2 for converting the 
output to direct current 


5. You will note a coil (L2) connected in series 
with the output lead. This inductor tunes out 
the capacitive reactance of the lead and the 
end capacitance. Experiment using a radio 
wave or absorption wave meter to determine 
the resonant frequency of L1/C1. Select a 
value for L2 to provide maximum radiation 
from a distance. 


6. Experiment on various electronic devices and 
observe the effects at various distances. 


Notes 


A low-cost spectrum analyzer would be a great aid in 
setting up this system. Please note this is a low-power 
device intended as an introductory project for those 
desiring to experiment with shock pulse and EMP 
research. Several more functional and sophisticated 
devices will be featured in the next book in this 
series. 
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Spark gap uses 4" x 1 pieces of pure 
tungsten rod. These are secured in the 
electrode holders via the set screws. 


voltage must not go above the rating of 
C1. Increase a few thousandths of an 
inch always checking the maximum 
charge voltage before self breakdown Tp 


Preset the gap to .003" using a feeler Ud aa ee DD 
==, 


occurs 


Resistor R1 is made from three 47k connected in series. 
It is a good idea to sleeve these inside a flexible piece of 
plastic tubing 


These leads are connected to 
diodes D1,2 


Figure 12-3 Generator board bottom view 


Output connection point 


ae 
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Capacitive emitter 


Lv 


SW1/NU1 


Lee LELETET 


5 

A) Contact electrode 

W 
D Contact electrode 
root 

Tt Side view of C1 showing copper strip electrodes separated by a dielectric 

e insulating piece. Very carefully solder to the foil electrodes of C1 being 

Se careful not to burn the insulating foil 

had Figure l2-Y Generator board bottom view 
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Table 12-1 EMP Gun Parts List 


Ref.# Description DBpartk 
R1 Three 47K, 1-watt 


resistors (yel-pur-or) 
connected in series 


D1. D2 Two 16 KV, 10 ma 
fast-recovery 
high-voltage 
rectifiers DB# VG16 


Ci 05 mfd, 5 KV 
stripline capacitor DB+.05M/5KV 


Ll [Inductor 3-turn, 
l-inch diameter use 
#12 copper wire 


L2 Inductor wind, as 
directed in text 


ELECTRODES ‘Two 4 X 1 inch pure 
tungsten electrodes DB! TUNGI4IB 


PLI 7 x 2inch X .063 
Lexan or G10 plastic 

TYE! 10-inch nylon tie 
wraps 

SWLINUI Two ‘4 * 1 inch brass 


screw and nuts 
GRAVDRIVIK Plasma driver kit DB# GRAVDRIVIK 


GRAVDRIV10 Plasma driver 
assembly DBF GRAVDRIV10 
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This project shows how to build a powerful microwave 
transmitter intended to be a useful laboratory resource 
or as a device for disrupting bothersome stereos, 
boom boxes, and other annoyances perpetrated by 
inconsiderate hip-hop miscreants. This chapter was 
prepared by Dr. Barney Vincellete, who holds several 
doctorate degrees in the electrical sciences. It 1s a 
very useful tutorial involving the design of a microwave 
system, going into basic mathematical details for 
those who are interested. The system can be built 
from the parts of a microwave oven. 


m e e a ee ee ie — = a o o e e i n 


Warning: The project uses dangerously high 
voltages and can be a radiation hazard at close range 
if not used with protective shielding. This is an ad- 
vanced project intended for experienced builders 
and must not be attempted by anyone unfamiliar 
with high voltages or high-power radio frequency 
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Microwave cannon 


Figure 13-] 
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The microwave cannon consists of three parts: the 
parabolic reflector horn, the electric field focusing 
lens, and the magnetron. The horn focuses the mag- 
netic oscillations that circumscribe the magnetron 
antenna into a narrow beam in order to concentrate 
the radiation into a two-dimensional space. It also 
prepares the electric field oscillations for the lens to 
concentrate the radiation in the third dimension. 
Because the electric field and magnetic field are 
orthogonal, calculations upon them and the modifica- 
tions that we will perform upon them can be done on 
one without altering the other. 

In designing the horn, we will assign the Cartesian 
coordinate system with the z axis along the longitudi- 
nal axis of the horn; that ts, the z axis will occupy the 
center of the shaft of radiation that will be fired into 
your cultural tyrants’ stereos. The Poynting vector 
will be on the z axis, and the x axis will be directed 
horizontally to the left and right of the z axis. The x 
axis will, during the calculations for the shape of the 
horn, be given an absolute value; that 1s, 11 will be 
endowed with a positive value whether it increases to 
the left or right of the z axis. This is because its values 
will be the square root of x squared, and it will be 
symmetrical to the left and right of the z axis. The 
origin will be located at the vertex of the parabola 
that will define the sides of the horn. 

The y axis will be in the vertical direction to 
complete the basic vectors in our discourse and 


calculations. It will pass through the z axis at the 
mouth of the horn, rather than through the vertex, as 
the x axis does. It too will have only positive values 
because, due to its symmetry about the z axis, there is 
no need to consider negative values of y (see 

Figure 13-2), 

The dimensions of the sides of the horn will be 
performed first. In building the wooden mold upon 
which the sheet copper will be formed, an adjustment 
will be made to correct for the flare that can be seen 
in Figure 13-3. 


The horn will be made of 20-inch-wide sheet 
copper that can be purchased from a roofing supply 
house. Because the dimensions of the parabolic sides 
shown in Figure 13-2 are fixed by the top and bottom 
pieces of copper that will be soldered to the copper 
side pieces, the top and bottom pieces will be cut toa 
parabolic shape with an extra -inch margin on the 
sides that will be bent into a ridge that will be sol- 
dered to the side piece. The actual parabola will have 
a maximum width of 19.5 inches, or the maximum 
value of x will be 9.75 inches. Also, for structural 
rigidity, a half-inch lip will be bent along the front 
edge of the top and bottom pieces. 

The parabola will contain the magnetron antenna 
aligned parallel to the y axis and positioned at the 
focal point of the parabola. The focal point will be 
one-eighth of the wavelength of the magnetron fre- 
quency, which, when the wavelength is computed by 
dividing the speed of light by the frequency or 2.45 
GHz, gives us a wavelength of 2.45 inches and a focal 
length of 0.6 inches, The parabola 1s described by the 
equation x squared = 4 pz, where p equals the focal 
length. When p equals .6 inches, r equals 2.4 z. From 
this, we construct Table 13-1. 


Figure 13-2 Top and side horn templates 


3" 
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Figure 13-3 Flair angle template 


Table 13-1 Parabolic Dimensions 
(measurements in inches) 


| 155 6 S73 te 537 23 743 38 955 


2 AAR F 4.1 l4 55 26 79 396 9075 

When regarding the side view of the horn (Figure 
13-2), it can be seen that plotting the parabola, which 
is done by cutting the wooden sheets used for making 
a mold of the horn, will require an adjustment so that 
the sides of the parabola are not distorted where z 1s 
greater than 3 inches. The dimensions of z, if projected 
from the z axis to the top and bottom of the horn 
where z is greater than 3 inches, will have to be 
enlarged by dividing each inch by the direction cosine 
of the angle between the z axis and the top (also the 
bottom) of the horn, This can be done by drawing 
upon a sheet of 2 by 4 foot particle board, as shown 
in Figures 13-3. 

After you have marked the board, as shown in 
Figure 13-3, you will begin plotting dots measured 
above and below the z axis at distances of x from 
‘Table 13-1 measured with a carpenter’s square. You 
will connect these dots with a ruler. and when you cut 
out the parabola, the saber saw that vou use will 
make a curved path that will very closely approximate 
the parabolic shape needed. After you cut out the 
parabola, you will make another cut along the locus 
of points where z equals 3 inches. 

You will trace these pieces and cut duplicates from 
another piece of particle board, as shown in Figure 
13-4. With nails, screws, glue, and two trapezoidal- 
shaped pieces of particle board, you will put together 
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the form that you will use to build the copper horn 
(see Figure 13-5). 


Stand the wooden form on its end, where z is 39.6 
inches against the floor, and make a template from 
poster paper that has been taped together to form 
laree enough pieces. Make a template that will wrap 
about the sides. and trim it to fit so that it matches the 
sides. Make another template for the top (also the 
bottom) piece the same way, as shown in Figure 13-6. 

You will need 15 feet of copper rooting sheet 
metal to cut the pieces that you will solder together. 
Trace and cut the long piece from the template you 
made from the sides and rear of the wooden form. 
Add a half-inch to the length of each side so that you 
can bend a lip that will make the front of the sides 
rigid. This lip will also provide a place where you can 
attach the sides of a wooden frame that will make the 
horn more stable, Then trace the top and bottom 
pieces against the copper and draw a //s-inch 
additional margin surrounding the parabola you just 
traced. Also add a half-inch to the front that you can 
bend into a lip to make the top and bottom more rigid. 
Cut out two of these pieces, one for the top and one 
for the bottom. 


With a pair of pliers, bend a 90-degree lip from the 
'4-inch margin you traced. You can cut notches in this 
lip to make this bending easier. This lip will be sol- 
dered to the piece that will form the sides of the 
horn. Bend the hall-inch lip at the front edges of the 
pieces that you will solder together, and clean the 
insides of the lip that you will be soldering to the 
sides of the horn using steel wool or sand paper. 
Clean the exterior '/s-inch sides of the horn to which 
you will be soldering the top piece. Apply a thin coat 
of soldering paste and clamp the sides and top 
securely into place on the wooden form you built. 
Hammer the side lip against the sides of the horn for 
a tight fit. You do not need a sharp crease where the 
horn begins to flare out where z 1s 3 inches; a modest 
bend will do. You are now ready to begin soldering 


the seam, as shown in Figure 13-7. 


LC 


Figure 13-4 Templates for forming the horn pieces 


Figure l3-5 Poster paper template 


Begin with a propane torch and plumber's solder. 
Apply the flame to a spot and, as soon as it is hot 
enough to draw in some solder, let just enough solder 
draw into the seam to fill the gap. Use more hammer 
taps to close any open spots where the lip is not tightly 
against the side piece. As soon as you have an inch or 
two soldered, remove the flame and solder another 
place a few inches away. Do not use enough solder to 
cause it to form drips or beads on the inside of the 
horn. Continue until the entire seam is soldered. 
After this is done, remove the clamps and sheet 
copper structure you soldered together. If you see 
any lumps of solder on the interior seam, you can 
melt it away by applying a flame. 


Figure 13-6) Top template 
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Now you must locate the point on the center axis 
at the top of the horn. This can be done by measuring 
the center of the front of the top section of the horn, 
measuring 2 feet along each side of the horn's interior, 
drafting a line between these points that are 2 feel 
back from the front, and bisecting it. You bisect the 
width of the front to find one point. You then measure 
2 feet back on each side and draw a line between the 
ends. You bisect the line for the second point. This 
will provide two points to extend back to the vertex 
of the parabola’s interior. 


Now measure, as punctiliously as you can, 0.6 inches 
from the vertex. Drill a pilot hole and cut a circle that is 
| Vis inches in diameter. With a hammer and a piece 
of pipe, tap on the interior of this hole so that its edges 
flare outward to make a good seal with the brass 
wool gasket on the magnetron you will be using (see 
Figure 13-8). 

At this point, solder the bottom piece into place 
and complete the construction of the copper horn. A 
wooden frame must be built to make the front edges 
of the horn more rigid, to provide a structure for 
mounting the lens, and to provide a place for the 
front of an aluminum rail where a telescopic rifle 
sight will be mounted. 

Here you have great artistic liberty in how you will 
build this cabinetry. Half-inch plywood is the most 


Figure 13-7 Copper side with top and bottom 
pieces 


practical material to use, and cedar has the most 
pulchritudinous finish to stain, varnish, and paint. You 
can paint or carve artwork upon this frame, and you 
can also upholster the rear or sides with velvet and 
sunken buttons. In the most unlikely event the cannon 
becomes an exhibit in court, these characteristics will 
humor the jury, many of whom will be as hostile as 
you against the music the neighbors were forcing into 
your home. If it becomes newsworthy enough to 
attract a television crew, it will be a splendid show 

for the millions of people whom you will inspire to 
follow your example and join the revolution against 
cultural tyranny. 

The rear of the frame will protect the operator 
from the deadly 4,500-volt wires between the power 
supply and the magnetron. It will also provide a place 
to mount the rear of the aluminum rail for the tele- 
scopic rifle sight. 

Let us digress to a disquisition on the flair angle 
formed by the sides of the cannon. In order to form 
the best possible cancellation of standing waves, due 
to the impedance vicissitudes where the horn begins 
to flair at the mouth of the horn, the following equa- 
tion must be emulated within approximately 10 
percent. The dimensions of the horn must match this 
within a percent. 


0.25 = [a/(24)]tan(0/2) 


where a is the dimension of the mouth in the horn in 
the y direction: 20 inches. A is the wavelength in 


Figure 13-8 Position of aperture hole for 
magnetron probe 
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inches. # is the angle between the z axis and the top 
(or bottom) side of the horn. 


Let us now examine the efficiency of the parabolic 
sides of the horn for their focus of the magnetic field. 
The antenna is circumscribed by a magnetic field that 
propagates from a line source at the center of the 
antenna. The radiation either reflects off the sides of 
the parabola formed by the horn or it radiates directly 
from the antenna out the mouth of the horn. The latter 
is not useful because it dissipates rapidly with distance 
from the cannon. The former, the reflected radiation, 
is projected parallel to the zy plane, and because it 
originates from a line source parallel to the y axis, no 
diffraction occurs off the sides of the horn’s mouth. 
The fraction of the radiation that is reflected is 92.2 
percent of the total from the antenna. This is far 
superior to the typical 40 percent efficiency given by 
radar dishes that use large sizes to achieve gain. 

The focusing of the electric field can now be 
performed by placing a lens in front of the cannon’s 
mouth, and a description of the electric field must be 
provided. On the surface of a conductor there can be 
no voltage parallel to the surface of that conductor, 
because any voltage would be short-circuited out. 
This makes the components of the gradient of any 
voltage parallel to that surface zero. Since the electric 
field is the negative gradient of the voltage, the elec- 
tric field near a conducting surface must perforce be 
perpendicular to that surface. As the electric field 
propagates forward, it forms a cylindrical-shaped 
wavetront in the flared part of the horn. At the 
mouth of the horn, this cylinder has a radius of 41 
inches. A lens will convert this cylindrical wavefront 
to a flat wavefront, and that will complete the focus- 
ing of the radiation. 


The lens will be constructed of metal plates that 
will be aligned parallel! to the y and z axis 4 inches 
apart. Between these plates, any wave vector, k = 2n/7, 
can be the vector sum of two components, kx and kz. 
In the x direction, the sine wave of the wave vector 
will be zero every 4 inches, because at the plates the 
electric field in the y direction must be zero. Taking 
recourse to the Pythagorean theorem, the wavelength 
in the z direction is dilated by the inverse of the 
refraction index, that is, the refraction index, n = 
[1—(A/8 inches )E2]E—.5 = 0.8 (A = 4.8 inches). See 
Figure 13-9. 


The cylinder formed by the cylindrical-shaped 
wavefront plus the refraction index times the distance 
parallel to the z axis between the lens elements to a 
flat plane in front of the lens is to be constant so that 
the electric field will be in phase on the flat front of 
the lens. The y axis is shifted to the most concave 
depth of the lens elements, and the z axis is directed 
rearward. The algebra for calculating the concave 
curve to cut into the rear of the lens plates is rudi- 
mentary. From the following equation, the dimensions 
of the lens are shown in Figure 13-10. 


[(47" - z)E2 + yJE.5 + 0.8 2 = 47" from which z = 
{18.8 - [(18.8)E2 - (1.44y)E2] E.5) (1/72) 


The lens plates mounted against the far right and 
far left sides of the lens frames should be cut from 
leftover sheet copper and glued to wooden sides, also 
cut to the shape of the lens element. The other lens 
elements should be made from 0.025-inch sheet 
aluminum. They should be 21 inches long in order to 
mount them to the wood lens frame you will build. 
Small wooden blocks can hold the ends of lens plates 
in place. Pieces of wood with grooves cut into them 
will also work, 

The efficiency of the lens can also be calculated. 
This efficiency is due to the reflection of radiation 
that takes place when radiation passes from a medium 
of one refraction index into a medium of a different 
refraction index where the space impedance ts 
changed. Two reflections occur, one when the radia- 
tion enters the rear of the lens and a second reflec- 
tion when the radiation exits the front of the lens. The 
second reflection is in opposite phase with the first 
reflection, so it is 27 radians out of phase with the 
first reflection. The appropriate Fresnel equation for 
calculating the power reflected when the electric field 


6 ——> 


<— * —> 


Figure 13-9 Focus plate geometry 
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is parallel to the plane containing the angle of incidence, 
ði, and the angle of transmission, ĝt, is as follows: 


R =||—coséi + (ni/n2)cos@t] + [cosdi + 
(nL/n2)cosét]}E2 


At is arctan dz/dy, as can be seen in Figure 13-11. 
0 is ĝt — arctan [y/(47 — z)]. 

In the second reflection, ĝi and Ot are both zero. nl 
is | and nt is 0.8. The second reflection that must be 
subtracted from the first one is cos [27 radians 2(z + 
.25")Az|T, where T is the fraction of the power trans- 
mitted into the lens and Az is 4.8 inches/0.8. Since the 
total reflected power is almost everywhere less than a 
percent, we can make the approximation that T equals 
1. If the reflected power is calculated every inch for y. 
the average power reflected is approximately half a 
percent. Thus, the gain of the horn is 


4TA/ME2 = 218 or 23.4 db 


With the ideal horn and lens system having been 
designed so that the common man can build it without 
having to know all the electromagnetic laws of physics 
that make it work, we direct our attention to the 
choice of a microwave source. The cardinal rule of 
electronic warfare is that the radiation must convey 
noise in order to disrupt the signals in the circuits you 
will be attacking. This requires modulation that will 
drown out enough of the unwanted music and interfere 
with the digital signals in disc players to make them 
useless. Half-wave rectification of the current through 
the radiation generator is subjectively the most dis- 
rupting. The lower frequencies promoted by stereo 
manufacturers and music producers seem to be de- 
signed to most effectively penetrate the walls of 


{(47"—z) E2+y2)E1/2 
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Figure 13-10 Wavefront and electric lens geometry 


apartments and homes for the purpose of destroying 
the privacy and cultural autonomy of all but the 
wealthiest who can afford the enormous cost of 
solitude. 


The 60-cycle voltage from a household wall socket 
offers a nearly ideal source of modulation to create 
this disruption, because in a microwave oven it is 
half-wave rectified by a voltage-doubling circuit. This 
provides a splendid spectrum of Fourier frequencies 
that concentrate upon the lower frequencies but dis- 
tribute themselves upward through the audio range, 
and it gives the utmost modulation of amplitude. It 
also reduces the duty cycle of the magnetron while 
preserving the maximum power in each pulse it 
shoots into the neighbor's stereo for the best range. 


The first inclination is to choose a magnetron that 
will have the highest output power. The best choice 
would be a radar magnetron, which might offer 30 to 
100 kilowatts in pulses that are only a microsecond or 
two in duration, However, tests using radar against a 
compact disc player yield disappointing results. The 
Fourier series expansion on a Series of microsecond- 
long pulses modulates less than | percent in the audio 
band. The series of ticking sounds that it introduces 
into a stereo amplifier is scarcely noticeable, and not 
enough pulses occur to put sufficient errors in the 
digital circuits of the compact disc player to do any 
good. Also, audio circuits are not as sensitive to the 
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Figure 13-1 Calculated lens dimension 
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higher frequencies of radar as they are to microwave 
oven frequencies. 

We might also be inclined to consider the 
higher-powered magnetrons used in industrial 
heaters and plasma generators, but this can be prob- 
lematic. First, higher power is achieved more by 
increasing the duty cycle than by increasing the peak 
output power we desire. The 3,000-watt Panasonic 
2M265 magnetron has a 7-kilowatt peak output power, 
but it runs on pulse-modulated direct current for a 
longer duty cycle than the half-wave voltage doubler 
of a microwave oven, Its operation is more critical; 
the cathode heater must have its voltage adjusted to 
the power output, and the cathode is more brittle in 
these more powerful magnetrons. It also costs as 
much as $1.000 and the power supply is even more 
expensive. The 6,000-watt Toshiba E3328 magnetron 
runs on filtered direct current and it has even more 
expensive computer controls that adjust an electro- 
magnet to control the current. The peak output 
power 1s less than that of the 3,000-watt magnetron. 


Another problem occurs with these magnetrons as 
well. They are so unforgiving of such things as a large 
metal object near the cannon in which they might be 
installed that reflections could mismatch the imped- 
ance enough to shorten the service life. The manufac- 
turers recommend that they have a branch off of a 
waveguide to a dummy load that will absorb any 
energy due to such an impedance mismatch in order 
to protect the magnetron. This makes the parabolic 
horn impossible to use because it is not practical to 
feed with a waveguide. A pyramidal horn would be 
needed and it only has two-thirds of the gain of the 
parabolic horn. Thus, the 6,000-watt magnetron 
would be as good as a 4,000-watt one in a parabolic 
horn, and the 3,000-watt magnetron would be as 
good as two-thirds of 7,000 watts in a parabolic horn. 
Several vastly cheaper houschold oven magnetrons 
can easily outclass the more expensive and difficult- 
to-operate choices that appear more attractive until 
they are examined with greater perspicacity. 

Another difficulty with purchasing industrial 
magnetrons also exists. Companies will not sell them 
to private individuals out of fear that they might be 
used for negative or hateful enterprises, such as in 
machines designed to sabotage overly loud stereos. 
Although almost any magnetron and power supply 
from any microwave oven will work, the best oven 


magnetron for our purposes is the 2M121A, which 
has its number conflated with the number 53 or 37, 
These last two numbers make no difference in the 
choice of editions of the 2M121A you procure. They 
are used in the following ovens: the Panasonic 1030, 
the Brother MFS5000 and MF7000, and the Merrichef 
models 136M, 165M. and 206M. It has a peak output 
power of 5,800 watts, better than the 2,000-watt mag- 
netrons that cost more than twice as much. It can be 
ordered from the Expert Appliance site (www.exper- 
tappliance.com) under the part number Z9-Pana- 
sonic NEI 030-412 if you type in Panasonic NEI 030 
for the type of oven for which you are purchasing 
parts. The transformer number is 210 Panasonic NEI 
030-5414. Global Microwave Parts has voltage-dou- 
bling capacitors that are 0.85 microfarads rated at 
2,500 volts AC and diodes. You should use one rated 
at half an ampere. Magnetrons and parts are avail- 
able and listed in Table 13-2. You will need copper 
and aluminum sheeting. along with mat-ertals avail- 
able from hardware or building suppliers. 

The magnetron is attached to the antenna, as 
shown in Figure 13-12. Follow the instructions closely 
and observe that the brass washer is flush with the 
copper conductive surface, 

The power supply is a simple voltage-doubler 
circuit, shown in Figure 13-13. It must be understood 
that the voltages in the wires will be 1n the thousands 
and can produce a spark that can jump through the 
air and through an insulator, conveying enough current 
that it would probably cause electrocution. Accord- 
ingly, the wires should be positioned where they will 
not be approached or touched. The magnetron and 
horn must be securely grounded or it will be 4,500 
volts above ground potential. The frame that you 
must build around it will keep people’s hands away 
from these wires. Also, after the cannon is shut off, 
four of the capacitors can hold a charge that would 
inflict a shock unless it is discharged, either through a 
bleeder resistor that may be built into the capacitor 
or it can be discharged with a safety discharge probe. 

The magnetron must also have a fan to cool it 
during operation. The 2M121A requires at least 85 
cubic feet per minute of air directed through its fins 
for best operation. 

When your microwave cannon is completed, 
testing it is little more than a matter of switching on 
the power and aiming it at a fluorescent tube ora 
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small 120-volt lightbulb. The lightbulb should be no 
more than 25 watts and should glow slightly when it 
is within a few feet of the mouth of the cannon. 
Fluorescent lamp tubes should light up as far as 10 
feet away. 

You should not put any body parts directly in front 
of the cannon at close range because, after a few sec- 
onds to a few minutes, you could burn yourself, but a 
distance of over 50 feet away would provide safety. 
However, prolonged overheating of internal organ 
tissue Is remotely possible and the cornea of the eye 
can be damaged by overheating. Also, testicles can 
overheat, and at close enough range for the root 
mean square (RMS) microwave field to exceed 4,000 
watts per square meter, a 5-minute uninterrupted 
exposure Is supposed to build up enough internal 
steam pressure to cause the testicles to explode. 
However, the possibility of having a hot spot this 
intense a few inches in front of the cannon is marginal. 

When testing or using your microwave cannon, 
you can do so with utmost safety to yourself by con- 


Brass mesh washer must 
make a positive contact 
with the copper surface 
of the horn antenna 


X-ray view showing 
position of probe and brass 
meshed sealing washer 


p = = oe ee oe 


—— m e e E 
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The aperture hole for the 
magnetron must be precisely 


located .6 inch from the vertex of 


the interior surface of the horn. 


The hole diameter should be 1.1". 


Figure 13-19 Attaching the magnetron 


Note the bottom 

plate hole locations 
must match those on 

- the magnetron 


structing a gown out of metal screen from a hardware 
store. The gown should include a hood that completely 
covers the head and should extend over the torso 
down to just below the vaudevillian parts of the body. 
The sex organs should be stuffed into a tin can, the 
mouth of which can be lined with fake fur to make it 
more comfortable. (Obviously, the ladies need not 
take recourse to this expedient.) This is more than 
enough to prevent any harm when performing exper- 
iments that last half an hour or more and is probably 
hundreds of times the protection you will need. 


It can be advantageous to test the cannon in your 
backyard. Sooner or later the neighbors will see it. 
and if they see a mysterious-looking machine that 
lights up fluorescent tubes 10 or more feet away and 
they see you dressed in a wire screen gown complete 
with a tin can, it will frighten the emunctory indiscre- 
tions out of them. Further, when they complain to the 
authorities they will sound much the same way mental 
patients sound as they describe exotic macrunes, 
stereos malfunctioning, strange costumes complete 
with tin cans, and the like. It is even slightly possible 


Caution: The fins on the magnetron 
must be cooled using an external fan 
of at least 53 cubic feet per minute 
for the one shown. 


Use long screws to secure 
magnetron to horn assembly, 
Do not overtighten. 
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52 is a momentary push button switch j ) 
for safety preventing accidental turn a 
on. Button must be pressed to 0) 
activate output. Itis not suggested to 
by pass this safety feature a 
T A DANGER The metal antenna and all frame structure must positively be grounded to 
grounding of the earth via the third green lead of the power cord. Failure to do this will result is a 
antenna and and very dangerous electrical hazard! 
frame pieces 


Connection leads indicated by the heavier lines must support current levels of 25 
amps. 


Operation requires switch S1 powering the neon indicator lamp NE1 and the cooling 
blower B1 for the magnetron. lt also arms the push button switch S2. 

The magnetron is powered when 52 is pressed along with a warning buzzer BUZ1 by 
energizing primary contactor RE1 
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Figure 13-13 Microwave cannon schematic 


that they might be invited to undergo observation at licity possible if the state attempts to prosecute you 
the local state psychiatric hospital, where, if you are will be a disaster for the system that supports cultural 
really ambitious, you could locate their room, aim tyranny because it will inspire countless television 
your microwave cannon, and make their stereo buzz viewers to join in the revolution to make the world a 
whenever the psychiatrist’s back is turned and cause better place by building more microwave cannons 

a diagnosis that will keep them out of the neighbor- and shooting down more obnoxious stereos. And 
hood for a longer time. But in the remote case you even if they can win a battle in court, they will ulti- 
get caught doing this, it will be almost impossible to mately lose the war that they started against human 
prosecute you because no state legislature has the dignity. 


time to write and process special laws against shooting 
microwaves into peoples’ stereos. The television pub- 
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Table 13-2 Microwave Cannon Parts List 


Ref. $ 
R1 


COI 


FUSE/15 


Bl 


S] 


D| 


MAGI 


Description DB Part # 


LOOK walt resistor 
(br-blk-yel) 


Heavy-duty, 15-amp, 
three-wire power cord 


[S-amp fuse and holder 


85 cubic feet/minute or better 
cooling fan for magnetron fins 


Single pole, single throw (SPST), 
5-amp, 115 VAC toggle switch 


Momentary push-button switch 
(see note on Figure 13-13) 


Neon indicator lamp with leads 
or equivalent 


120 VAC high output safety 


buzzer 
10- to 20-amp contacter or relay 


Magnetron power DB# MAGTRAN 
transformer NEI030-5414 


S5-mierofarad, 2500 VAC DBF MAGCAP 
voltage-doubler capacitor 


5 kilovolt, amp diode DBF MAGDIODE 


2M121A magnetron DBF MAGNETRON 


mm EE FE HE HE HE HEH HHT EH HH HT Hm HH Ee EE EE fa 
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This device shown in Figure 14-1 shows an induction 
heater capable of heating metals to over 1,500 
degrees Fahrenheit, It can be used in the processing 
of gas discharge tubes often used for plasma, neon 
displays, laser discharge tubes, and spectrum tubes. 
These tubes usually require electrodes that must be 
heated to drive out the impurities that are now 


sucked out by a vacuum system. The induction heater 


heats these electrodes directly through the glass, 

The completed system consists of a donut-shaped 
heating coil head connected via an umbilical cord, 
which is in turn connected to the power-conditioning 
and control box. The system is powered directly from 
115 VAC and requires caution when building and 


Induction heater 


Figure 14-1 


mgs 
Se SS 


aren't a 


using. The head is a coil of wire that surrounds the 
target area to be heated. As shown, it is an air-cooled 
system that requires a waiting time for processing 
between operations because the coil will get hot. The 
common circuit ground is above ground and requires 
an isolation transformer or an ungrounded scope to 
view the waveforms from a grounded scope. 

This is an advanced-level project requiring elec- 
tronic skills and the use of an oscilloscope. Expect to 
spend $35 to $75. All the parts are readily available, 
with specialized parts obtainable through Informa- 
tion Unlimited (www.amazingl.com), and they are 
listed in Table 14-1. 


Circuit Operation 


The power cord CO1 supplies 115/220 VAC from a 
wall receptacle where the third, green wire, ground- 
ing lead must be securely attached to the metal chas- 
sis (CHASSIS) for safety (see Figure 14-2). 

Switch SW1 energizes the primary circuits, and 
fuse FUS1 protects the main circuit from any cata- 
strophic faults. Indicator lamp NEON] requires the 
current-limiting resistor R12 and lights up when SW] 
is turned on. The peak charging current to capacitors 
C10 and C11 is limited by in-rush resistor Rx. The 
rectifiers D1, D2, D3, and D4 are shown ina 


full-bridge configuration when used for 220 VAC 
input. For 115 VAC operation, only Dl and D3 are 
used along with the JUMP jumper in a voltage- 
doubler configuration. The output voltage across C10 
and C11 is 300 volts DC and is referred to as the 
positive and negative rails. 


Dropping resistors R2 and R3 provide voltage to 
the oscillator driver [C1] with zener diode Z1 regulat- 
ing the voltage at 15 volts. Switch SW2 is normally 
closed, shorting out this voltage across Z1. Capacitor 
C2 provides the high instant of current for the output 
pulses and must be physically close to IC1. Operation 
requires SW2 being pressed, allowing 15 volts to be 
applied to the oscillator driver generating the drive 
pulses. 

These drive pulses turn the main MOSFET 
switches, Q1 and Q2, off and on. The switching fre- 
quency is determined by the time constant of power 
control pot R10 and timing capacitor C3. A limit 
resistor, R11, prevents driving the circuit beyond the 
intended limits. 

The switching circuit ts in a half-bridge configura- 
tion where the MOSFET connected to the positive 
end (+ rail) must be driven with its source pin refer- 
enced at 150 volts above the common end (— rail). 
This is accomplished by biasing a bootstrap capacitor 
(C4) through an ultrafast diode (D5), providing the 
correct DC level to fully control Ol, Resistors R6 
and R7 eliminate the high-frequency parasitic oscilla- 
tion that occurs as a result of rapidly switching the 
capacitive load of the MOSFET gates. Capacitor C40 
limits the current flow to a second neon indicator 
light, NEON2, which is connected in series and is 
energized by the output frequency when the heating 
cycle is activated by SW2. 


A network consisting of capacitor C7 and resistor 
R8 slows down the transition time of the switched 
pulses across Q1 and Q2. The resultant time constant 
limits the rate of voltage rise, dv/dt, that could cause a 
premature turn-on at the wrong switch, creating a 
catastrophic fault mode, 

Capacitors C5 and C6 provide a voltage midpoint 
and produce the necessary storage energy to main- 
tain the voltage level of the individual pulses. [he 
output is taken at the junction of O1/Q2 and C5/C6 
and is a square wave fed to the induction heating coil 


L1.A current rise through L1 now commences as a 
function of Et/L where E is the voltage of the drive 
pulse, t is the applied time, and L is the inductance of 
L1. This changing current now induces eddy currents 
in the target piece to be heated as a function of 

E = L di/dt. These circulating currents quickly heat 
up the target piece. 


Project Assembly 


1. Assemble the heating head coil, as shown in 
Figure 14-3. This coil must be tightly and 
evenly wound for optimal performance. It 
may be difficult for the beginner and is avail- 
able in three sizes, as indicated in Table 14-1. 


[~ 


Assemble the circuit board, as shown in Fig- 
ure 14-4. Note that you should allow a half- 
inch for the Q1 and Q2 pins. This is necessary 
to allow these parts to be placed flat against 
the chassis when mounting as they exit at the 
midsection of the part. 


It is also strongly suggested that you use an 
eight-pin IC socket (SOS) because IC1 is very 
sensitive to static electricity and possible 
errors during the assembly. 


Note that if you are building from a perforated 
or vector circuit board, it is suggested that you 
use the indicated traces for the wire runs and 
insert components starting in the lower left- 
hand corner. Pay attention to the polarity 

of capacitors with polarity signs and all 
semiconductors. 


Route the leads of the components as shown 
and solder as you go, cutting away the unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. The heavy 
foil runs should use the thicker #20 bus wire 
because these are the high-current discharge 
paths. 


3. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 
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4. Connect the external components as shown in for sandwiching in the PLASTPL plastic 


Figure 14-5. Use 6-inch lengths of the wire plate. This prevents grounding out of the 
size as noted. board wiring traces to the metal chassis. 

5. Create the chassis. as shown in Figure 14-6, 6. The final assembly is shown in Figure 14-7. 
from a piece of .065-inch 5052 bendable alu- Note the mounting scheme for Q1 and Q2, as 
minum. Note to trial-fit and measure the they must be insulated from the chassis using 
diameters of the components before drilling the thermo pads, THERM 1. These pads allow 
the holes. Pay attention to the holes for heat transfers and provide electrical insulation 
mounting Ol and Q2 because these must be from the metal chassis. 


reasonably accurate to align with the layout of 
the PCB. Also. there must be at least '/s inch of 
clearance between the board and the chassis 


Drill the hole for grounding lug LUGI and 
solder the green grounding lead from the 
power cord and circuit board’s earth ground. 


The heating head coil assembly can be built to accommodate a diameter from a 1/2" to a 1" object. The assembly 
with the material shown |s intended for using enclosed electrodes in glass tubes such as those used in neon 
tubes, laser tubes, and spectrum tubes. High-temperature materials may be used if you are anticipating using 

for other applictions. 


The coil should be wound with high-frequency wire to limit heating losses. Use #22 litz wire consisting of 
multiple strands of #36 magnet wire. 


1. Fabricate the winding bobbin from 1.25" lengths of 1/16" wall GT fiber glass tubing of your diameter choice of 
1/2, 5/8, 3/4, 7/8 or 1", 

2. Wind an even 1" layer of the #22 litz wire. Glue the start wire with a fast-curing glue. Tape the finished 
winding using a single layer of high-temperature glass tape. 

3, Continue winding layers and repeat step 2 until there are 80 turns. You may truncate the successive 
layers by several turns at each end to keep from slipping off or use a quick-curing glue. 

4, Attach the input leads and attach by gluing and taping into place. 


Finished head may be potted in epoxy or sealed in plastic caps 


The inductances of the various heads will vary as a function of the diameter. Ideal current through the head is 
20 amps peak. You should therefore adjust the frequency of R10 to maintain this value when changing the head 
sizes as the following: 


1/2" head 50 uh 75 KHz 
5/8" head 75 uh 50 KHz 
3/4" head 100 uh 40 KHz 
7/8" head 125 uh 35 KHz 

1" head 150 uh 30 KHz 


These heads are available assembled for those not wanting to attempt winding their own, They are listed in Table 14-1. 


Figure 14-3) Heater head coil assembly 
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This junction is TP test point 


1. Black dots are connections points to external leads as shown figure 14-5 


2. The PC board as shown is used in several projects and does not use all the components as indicated. 
Those indicated by an X are omitted for this project. R40 and C40 are added to the pads as shown and 


are not identified on the PC board printing 


3. This circuit uses a 8 pin socket for IC1 as itis prone to failing if there are circuit faults 


prea | 


AaVIAG IMIJ 


Assembly of the board assembly is shown using a printed circuit board available 
through www.amazing1.com Builders may use a vector board and use the 

component leads to duplicate the foil traces as shown. 

On all IND40 assembly boards this jump lead is to be the first part on the board, Once 
the unit is final assembled with the heating head connected in place the jump now can 
now be disconnected. This step prevents static electric damage to the semiconductors. 


Figure 14-4 Assembly of the circuit board 
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Note that we have shown the use of plastic 
bushings (BU38) for the neon indicator lamps 
and output leads, and also BUS8CL clamp 
bushing for the line cord. 


7. Assemble the test jig as shown in Figure 14-8. 
This is a very useful fixture for any 115 VAC 
project up to 300 watts. 


8. Now fabricate the cover to fit the chassis sec- 
tion. Use bendable plastic or a thin, perfo- 
rated aluminum sheet. Secure it to the chassis 
via four screws (SW1) on the folded-up lip in 
this section. 


Project Testing 


Caution: The circuit commonly noted as —RAIL is 
electrically above earthground by over 150 volts. It 
is strongly recommended that you obtain a 200-watt 
isolation transformer before proceeding and testing 
this or other similar direct line powered circuits. 
Experienced experimenters working on dry, wooden 
floors may choose to unground their test equip- 
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|. Connect the ungrounded scope to the TP test 
point, as noted in the Figure 14-2 schematic or 
in Figure 14-4, The lead of R8 is shown con- 
nected to the junction of the drain and the 
source of Q1 and Q2 respectively. 


2. Verify that the main power switch S1 is off 
and insert a 2-amp fuse into FH1. Then adjust 
trimpot R10 to midrange and connect CO1 to 
the female end of the cord on the test jig. It is 
important that you verify that the test jig is 
not shorting the ballast lamp. Plug the jig into 
the output of the isolation transformer. 
Quickly turn on 51 and notice NEON] light- 
ing up and the ballast lamp not lighting. If it 
lights, you must troubleshoot and find your 
error before proceeding. 


Press and hold PB1, noting a picture-perfect 
square wave on the scope with the lamp only 
dimly lighting. Quickly adjust R10 for a 20- 
usec pulse period. This corresponds to 50 kHz. 
NEON? will indicate when PB1 is activated. 
Experienced builders may wish to monitor the 
current to the head using a current probe 
attachment to the scope. This wave shape 
should be another picture-perfect sawtooth of 
20 amps Maximum. 


Using the Heater Project 


Obtain a gas discharge tube with an electrode to fit 
into the head size you chose in assembly. 

At this point, it is a good idea to have a meter 
capable of measuring the AC line current, as this 
value is very dependent on the object that you place 
into the head and should not exceed 2 amps. You can 
drop this value by increasing the frequency, which is 
done by adjusting R10. When heating electrodes, you 
will note the ampmeter dropping in level when the 
electrode is red hot. This is due to the change in the 
magnetic characteristics of the heated material. 

Something to watch out for in this project is over- 
heating the head coil. You may implement a cooling 
fan stand when using the device for multiple tasks. 
Also, the chassis panel where Q1 and Q2 are 
mounted should not be uncomfortably hot to touch. 


Those experienced can create other heads for dif- 
ferent heating tasks and you can even make a 
“quick” heat solder pot. Just make sure you keep the 
switching current below the maximum of 20 amps. 
The inductance of the head should not go below 
80 uh. Alternate head construction must always take 
into consideration heating fatigue and the eventual 
failure of the head wires, bobbin, and construction 
materials for the particular application. 
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Use .065 aluminum sheet 5052 bendable 


CHASSIS 


2,0 


Fabricate the front panel holes as required for the 
components used. Trial fit before drilling 


be Figure 14-6 Chassis fabrication 


ES 
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pa 


View shows mounting method of Q1 and Q2 
as they must be insulated from the metal chassis 


Chassis ground to 
green lead of power 
cord and board 


- Twist these leads to heating head 
Use 24" lengths of # 16 vinyl wire. 


Plastic plate 6 
From figure 14-3 


= n 


Figure 1U-7 Isometric of final assembly 


This test jig as shown prevents catastrophic damage to 
AC powered circuitry in the event of a fault when first 
assembled. Basically it uses a 60-watt lamp as a 
ballast, connected in series with the hot wire of the AC 
line. The lamp will Usually allow ample current to flow 
for operational circuit verification yet limit short circuit 
current to that of the lamp should the circuit have a 
catastrophic fault. It is suggested that the serious 
experimenter construct this test jig and enclose it in a 
suitable container with receptacle for plugging in any 
AC circuit under test. 


80-watt lamp 


lamp socket 


white 


male plu | 
ii Short three-wire power cord temale receptacle 


Figure 14-8 Useful test jig for line-drive circuits 
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Chapter Fourteen 


Table 14-1 


Ref. # 
R2,3 
R4 
R6,7 


R8 


R10 


R11 


R12 


Rx 
C2 
C3 
C4 
C5,6 
C7 


C10, 11 


C12 

C40 
D1,2,3,4 
D5 

Zl 

Q1, 2 

IC] 
NEON1,2 


FHI 
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Induction Heater Parts List 


Two 18K 3-watt resistor 


100-ohm., 'a-watt 
resistor (br-blk-br) 


Two 15'/4-watt resistor 
(br-grn-blk) 


10-ohm, 3-watts metal 
oxide resistor 


5K vertical trimmer 


1 K '/s-watt resistor 
(br-blk-red) 


100 K '/s-watt resistor 
(br-blk-yel) or 10-ohm 
3-watt metal oxide resistor 


5-amp in-rush limiter 
(KCO06L-ND) 


10-microfarad, 50-volt 
vertical electrolytic capacitor 


.01- microfarad, 50-volts 
plastic capacitor (103) 


.l-microfarad, 600-volt 
plastic capacitor 


Two 1.5-microfarad, 400-volt 
metal polyester capacitors 


0015-microfarad, 600-volt 
polypropylene capacitor 


Two 200- to 800-microfarad, 
200-volt vertical electrolytic 
capacitors 


.01-microfarad, 2-kilovolt 
disc capacitor 


50-picofarad, 6-kilovolt 
ceramic capacitor 


Four 1,000-volt, 3-amp 
rectifiers (1N5408) 


1-kilovolt, l-amp fast 
diode (1N4937) 


15-volt, .5-watt zener 
diode (1N5245) 


IRFP450/460 metal-oxide-semi- 


conductor field effect 
transistors (MOSFET) 


IR2153 half-bridge driver 


Two neon indicator 
bulbs with leads 


Fuse holder panel mount 


DB Part # 


FUS1 
PB1 


SWI 


COl 
LUGI 


508 


THERMI 


PCLINE 


WNI 


CHASSIS 


COVER 


BU38 
BUS8CL 


SWI1 


SW2/NU1 


WR24 


WR20 


WR16 


PLASTIC 


HEADI12 


HE.ADS58 


HEAD34 


HEAD?7S 


HEADI0 


WR22LITZ 


BOBBIN 


2-amp slow blow 3AG fuse 
Normally closed push-button switch 


Single pole, single throw 
(SPST) toggle switch 


Three-wire line cord 
#6 solder lug 


Fight-pin integrated 
circuit (IC) socket 


Two thermo mounting pads 
for Q1 and Q2 


Printed circuit board (PCB) 


Two small wire nuts 


Chassis fabricated from 
.065-inch aluminum 
sheet per Figure 14-6 


Cover fabricated from plastic 
sheet to fit chassis (see Figure 14-6) 


Three */s-inch plastic bushings 
‘/s-1nch clamp bushing for cord CO1 


Five #6 x 4/s-inch sheet metal 
screws for cover and LUGI 


Two 6-32 X '/2-inch nylon screws 
and nuts 


24 inches of #24 vinyl stranded 
hookup wire 


24 inches of #20 vinyl stranded 
hookup wire 


48 inches of #16 vinyl stranded 
hookup wire 


2 X 4-inch plastic insulating plate 
for under PC board 


Head with '/2-inch clearance hole 


Head with */s-inch clearance hole 


Head with 37/4-inch clearance hole 


Head with */s-inch clearance hole 


Head with 1-inch clearance 
hole and head parts for those 
wanting to attempt assembly 


#22 LITZ of multiple strands 
of #36 enamel wire 


1.25 inches of Ys-inch GT tubing 


DB# 
PCLINE 


DB+ 
HEADI2 


DB# 
HEAD58 


DBF 
HEAD34 


DB+ 
HEADTS8 


DB# 
HEADI0O 
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5Q-Kilovolt Laborat 


— 


This project, as shown in Figure 15-1, provides the 
high-voltage experimenter or researcher a DC source 
of 5 to 60 kilovolts at 5 millamps. The system is short- 
circuit protected and current limited by inductive 
ballasting. This circuitry is excellent for high-energy 
capacitor charging intended for high-power applica- 
tions. The charging current is fully adjustable and 
easily converts to a voltage source by the addition of 
load resistors. It is an excellent device for large gravity 
and lifter research, as well as normal, high-voltage 
laboratory functions. 

This is an advanced-level project requiring 
electronic skills and high-voltage experience. Expect 
to spend $100 to $250. All parts are readily available, 
with specialized parts obtainable through Information 
Unlimited (www.amazing|.com), and they are listed 
in Table 15-1. 


Basic Description 


This project is shown constructed in two sections. The 
first section is the power conditioning and control 
circuitry. This is where the 115 VAC level is converted 
to a variable-frequency, high-voltage current source 
between 15 and 30 kHz. The second section is the 
high-voltage multiplier circuitry interconnected via a 
short umbilical cable from the power control section. 


113 


a 


oe 
i 


la, 


Figure 15-] 


50-Kilovolt power supply 


The multiplier section is a Cockcroft-Walton half- 
wave circuit consisting of 10 capacitors and diodes 
connected in the ladder configuration, along with a 
peak-current, high-voltage-limiting resistor. 


Circuit Operation 


The power cord (CO1) supplies 115/220 VAC from a 
wall receptacle where the third, green, grounding 
lead wire must be securely attached to the metal 
chassis (CHASSIS) for safety (see Figure 15-2). 

Switch Sl energizes the primary circuits and fuse 
FUS1 protects the main circuit from any catastrophic 
faults. The indicator lamp NEON] requires current- 
limiting resistor R12 and lights up when SW1 is 
turned on. The peak charging current to capacitors 
C10 and C11 is limited by in-rush resistor Rth. The 
rectifiers D1, D2, D3, and D4 are shown in a full-bridge 
configuration when used for 220 VAC input, D1 and 
D3 are used for 115 VAC operation only along with 
the jumper. JUMP, in a voltage-doubler configura- 
tion. The output voltage across C10 and C11 is 300 
VDC and is referred to as the plus and negative rails. 

Dropping resistors R2 and R3 provide voltage to 
the oscillator driver IC1. Capacitor C2 provides the 
high instant of current for the output pulses and must 
be physically close to ICI. 


These drive pulses turn off and on the main 
MOSFET switches QI and Q2. The switching 
frequency is determined by the time constant of 
power control pot R21 and timing capacitor C3. A 
limit resistor R11 prevents driving the circuit beyond 
the intended limits. You will note that R21 ts part of 
switch S1. 

The switching circuit is in a half-bridge configuration 
where the MOSFET connected to the positive end 
(+ rail) must be driven with its source pin referenced 
at 150 volts above the common end (— rail). This is 
accomplished by biasing a bootstrap capacitor C4 
through ultrafast diode DS, providing the correct DC 
level to fully control Q1. Resistors R6 and R7 elimi- 
nate the high-frequency parasitic oscillation that 
occurs as a result of rapidly switching the capacitive 
load of the MOSFET gates. The transition time of the 
switched pulses across O1 and Q2 1s slowed down by 
a network consisting of capacitor C7 and resistor R$, 


The resultant time constant limits the rate of voltage 
rise dv/dt rate, which could cause premature turn-on 
at the wrong switch, creating a catastrophic fault 
mode, 

Capacitors C5 and C6 provide a voltage midpoint 
and produce the necessary storage energy to main- 
tain the voltage level of the individual pulses. The 
output is taken at the junction of 01/02 and C3/C6 
and is a square wave fed to the primary of trans- 
former T1, inducing the high-voltage output in the 
secondary winding. 

A safety shutdown circuit, consisting of a spark 
breakover switch, fires when the voltage exceeds a 
certain level and is fed to isolation transformer T2. 
The output is now rectified by diode D6 and inte- 
erated onto capacitor Cs, When this voltage exceeds 
a preset level controlled by trimpot R4, a trigger level 
now turns on the silicon switch, SCR, and crowbars 
the voltage to the drive chip IC1, shutting it down 
and disabling the high voltage until reset by power 
removal. 

The 15,000-volt, high-frequency output is fed to 
the voltage multiplier stack, consisting of capacitors 
C14 through C21 and diodes D7 through D14. The 
resultant 50,000-volt DC output is in series with 
peak-current-limiting resistors (R17 through R20). 


Assembly of the Driver 
Section 


1. Assemble the circuit board as shown in Figure 
15-3. Note to allow a length of a half-inch for 
the pins of Ol and 02. This is necessary to 
allow these parts to be placed flat against the 
chassis when mounting. 


It is also strongly suggested that you use an 
eight-pin integrated circuit socket (SO8) 
because IC] is very sensitive to static electric- 
ity and possible errors during assembly. 


Note that if you are building from a perfo- 
rated or vector circuit board, it is suggested 
that you use the indicated traces for the wire 
runs and insert components starting in the 
lower left-hand corner. Pay attention to the 
polarity of the capacitors with polarity signs 
and all the semiconductors. 
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Route the leads of the components as 
shown and solder as you go, cutting away 
unused wires, Attempt to use certain leads as 
the wire runs or use pieces of the #24 bus 
wire. The heavy foil runs should use the 
thicker 
#20 bus wire as these are the high-current 
discharge paths. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Assemble the transformer as shown in Figure 
15-4, or you may purchase this part as noted 
on the parts list. 


Connect the external components as shown in 
Figure 15-5. 


Fabricate the chassis as shown in Figure 15-6 
from a piece of .035-inch 5052 bendable alu- 
minum. Note to trial-fit and measure the 
diameters of the components before drilling 
the holes. Pay attention to the holes for 
mounting O1 and Q2, as these must be rea- 
sonably accurate to align with the layout of 
the PCB. Also, there must be at least Ys inch of 
clearance between the board and chassis for 
sandwiching in the PLASTPL plastic plate. 
This prevents grounding out of the board’s 
wiring traces. 


Fabricate the plastic base from a 9 X 6-inch 
piece of '/16-inch Lexan sheet, as shown in 
Figure 15-7. 


Fabricate the parts as shown in Figure 15-8 for 
the over-voltage shutdown switch. 


Attach the metal chassis to the plastic base 
via four screws and nuts, SW12/NU1 (see 
Figure 15-9). 


Attach the shutdown switch assembly from 
Figure 15-8 using sheet metal screws SW1. 


Mount the assembled PCB, as in Figure 15-3 
Note that O1 and Q2 are mounted using the 
insulating THERMO! pads with the nylon 
screws. Mount the prewired front panel com- 
ponents, as in Figure 15-5 
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11. Mount transformer T1 via an 8-inch tie wrap. 
Note the cores of T1 are wrapped with a 
single turn of #18 bus wire and this is con- 
nected to the ground lug electrically ground- 
ing the core. 


12. Mount transformer T2 using a piece of double- 
sided foam tape or glue it in place. 


13. Mount the remaining hardware, wiring lugs, 
and so on. 


14. Proceed to wire everything as shown in Figure 
15-10. Use twist pairs where noted or tie-wrap 
to neaten its appearance (see Figure 15-11). 


15. Double-check the wiring for any obvious 
errors. You should have a finished assembly 
resembling Figure 15-12, The unit is now 
ready for the basic pretest. 


Pretesting the Driver 
Section 


This step will require basic electronic laboratory 
equipment including a 60 MHz oscilloscope 


1. Assembly the test jig as shown in Chapter 14 
Figure 14-8. This fixture is a very useful for 
any 115 VAC project up to 300 watts. 


m o a A A A E A ee A ee a 


Caution: The circuit commonly noted as —RAIL is 
electrically above ground by over 150 volts. It is 
strongly recommended that you obtain a 200-watt 
isolation transformer before proceeding and that 
you test this or similar direct-line-powered AC cir- 
cuits. Experienced people working on dry, wooden 
floors may choose to unground their test equip- 
ment. This still can be a dangerous shock hazard! 

2. Connect the scope to the test points as noted 
in the Figure 15-2 schematic or as shown in 
Figure 15-4. The lead of R8 is shown connected 
to the junction of the drain and the source of 
Q1 and Q2 respectively. 


3. Short out the output leads. 


for the Evil Genius 


TEST POINT 


FAULT ADJ RIO q NEONZ 


1. Black dots are connections points to external leads as shown figure 15-5 — p 
2. The PC board as shown is used in several projects and may not use all the components as indicated. 


3. This circuit uses a 8 pin socket for IC1 as it is prone to failing if there are circuit faults 


JUMP 


AJIVIAO JMI. 


Assembly of the board is shown using a printed circuit board available through 
www.amazing1.com Builders may use a vector board and use the component leads 
to duplicate the foil traces as shown. 


Figure 15-3 Assembly of the circuit board 
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The special ferrite transformer used in this project is available ready to use and is listed on table 15-1. The 
transformer is designed with a certain amount of leakage reactance between the primary and secondary 
winding to allow limited short circuit current This approach allows charging capacitors without the use of lossy 
resistors. While this is an advantage in circuit protection is has the disadvantage of requiring transistor 
switches (FETS) that now must switch the reactive leakage current in addition to the real load current. We 
show our circuit using high current switches that alleviate this problem. 


The design specifications are shown for those advanced builders desiring to attempt winding their own. 


1. The secondary is wound with 3500 turns of #39 heavy insulated magnet wire. Start with a bobbin that 
will fit over the cores and wind about a 3⁄4" layer evenly and without cross overs. The layer should consist of 
about 200 turns. Note to exit the start of your winding as this is the common connection. Tape the winding 
using 2 mil polypropylene tape and wind the second layer until you have a total of 3500 turns. This equates 
out to 18 layers!! (good luck doing this by hand) You now must pot the assembly and this will require a cup to 
hold the windings and out gassing using a vacuum pump on both the winding assembly and the potting 
material. We use a two part silicon rubber GE#627. 


2. The primary is far easier to do and requires another bobbin now only winding 80 turns of #22 Litz high 
frequency wire. This will require two layers and is taped together using mylar tape. 


3. Assemble the core set and space with 5 mil (.005)" shims. Tape the assembly tightly together. 


Note: This type of transformer is often incorrectly referred to as a “flyback transformer". A flyback unit 
physically looks similar but this is where it ends. A fly back unit stores energy in the core that is mainly across 
the air gap as this is a very high reluctance compared to the actual ferrite part of the core. This energy builds 
up as long as the transistor is on and then "flies back" when the transistor switches off. 


= = 
Measured parameters: 
Open circuit primary inductance..........5.5 mH OUTPUT LEAD 
short circuit primary inductance.......... 1 mH 
Open circuit secondary inductance.......10 H 
Short circuit secondary inductance....... 2H 


Gap between 
core halves 


HV RETURN TO GROUND 


0 #18 solid magnet wire can be used however high frequency LITZ wire will give a slight improvement. 
You can make this wire by obtaining 6 pieces of #26 magnet wire and twist together as a single wire. 


Figure 15-4 Assembly of transformer 
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5.00 


These holes % 
spaced 1,4" 


Two 3/8" holes spaced 
as shown for R20/S1 


from bottom 


You will have to drill 
several other small 
[holes for mounting to 

the base etc, Determine 


locations as you go — 
45 


It is important that the two holes for 

z mounting the power tab transistors 

All important dimensions are shown. It 47 > A : 
suggested to trial fit the holes to the ` a ii T 
particular component and locate as shown board as shown in figura 15-2. 


Remove all sharp edges and burrs 


You may want to trial fit front pane! 
components before drilling the 
~ mounting holes 


5/8" hole 


V2" hole 


EE E O O IL eee a 


i m o oa e m e SE 


Figure 15-6 Chassis fabrication 


Material is .063 lexan or other bendable plastic 


Drill mounting and mating holes as you 
go. Attempt to follow our layout as 
closely as possible. 


Fifteen 


j 
Le 


Figure 15-7 Plastic base fabrication 


120 MORE Electronic Gadgets for the Evil Genius 


AA AAA AAA ee 


E] La 


EE mE A A A A A A A A A A A A A EQ D o a de 


Figure 15-8 Creating the shutdown switch 


4, 


| Hole diameters .125" 
o Q | for #6 sheet metal screws 
| both top and bottom 


13 


L 


MTB1 Mounting block 


Verify the main power switch S1 is off and 
insert a 2-amp fuse into FH1. Connect CO1 to 
the female end of the cord on the test jig and 
adjust both trimpots to midrange. Verify the 
test jig is not shorting the ballast lamp and 
plug the jig into the output of the isolation 
transformer. Quickly turn on $1 and note 
NEON 1] lighting and the ballast lamp not 
lighting. If it brightly lights up, you must trou- 
bleshoot and find your error before proceed- 
ing. Otherwise, note a picture-perfect square 
wave on the scope with the lamp only dimly 
lighting. Adjust R21 full clockwise and adjust 
trimpot R10 for an 80-usec pulse period. This 
corresponds to 12.5 kHz. Experienced 
builders may wish to monitor the current to 
T1 using a current probe attachment to the 
scope. This waveshape should be another pic- 
ture-perfect saw tooth of 8 amps maximum. 
This is a reactive current and is not reflected 
as an input current due to the phase angle. 


Turn the unit off and unshort the output leads. 
Adjust the spark switch screws '/s of an inch. 


SWI10/NUYVLUG1 


6. Turn on R21/S1 and very quickly rotate 
clockwise, noting the unit shutting down as 
apparent by the absence of the waveshape at 
the test point. If this does not occur instantly, 
you will need to readjust the switch gap or trim- 
pot R4 clockwise until the shutdown activates. 
Ifit does not, you must troubleshoot the circuit. 
This completes the driver section of this system. 


Assembly of the Multiplier 
Section 


Assembly of this section requires solder joints to be 
large, smooth, and globular. This is contrary to nor- 
mal soldering practices but is necessary to reduce hv 
leakage. 
|. Fabricate the MULTIBOARD board and two 
BRK? brackets, as shown in Figure 15-13. 


2. Assemble the diodes and components as 
shown in Figure 15-14, but do not solder at 


—————————————————— E -- => —oeQe— co 
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this time. Assemble the resistor tube for R17- 
20 as shown. 


Mount the capacitors C14 through C21 and 
the remaining components as shown in Figure 
15-15. Insert the BAF1 baffle plate to insulate 
and separate the left and right rows. 


Proceed to solder all the joints, noting that the 
capacitor and diode connections should be 
smooth, round balls of solder !/s to 7/16 of an 
inch wide. This may be tricky with all the leads 
but should be done to avoid leakage, especially 
the last four capacitors. 


Sleeve resistor R14 into a plastic sleeve, as 
shown in Figure 15-16. 


The final assembly is shown in Figure 15-17. 
Note you have a choice of an output lead or a 
spherical terminal. 


a n 


Figure 15-12 Driver section 
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Final Testing 


This step requires basic electronic laboratory equip- 
ment including a 60 MHz oscilloscope along with a 
high-voltage meter with a 40 kilovolt de rating. You 


will need a high-voltage load resistor to verify output 
power capabilities, 


l 


2. 


Connect the driver and multiplier sections 
together and separate them by at least 3 feet. 
Keep the high-voltage wire from the driver 
away from other conductive objects. Follow 
Figure 15-11 for the driver and Figure 15-17 
for the multiplier interconnecting wiring. 


Obtain a load resistor of around 10 megohms 
of at least 100 watts. This resistor must be able 


to support at least 50,000 volts. Our laboratory 


load resistor consists of 180 47k, l-watt resis- 
tors connected in series and then inserted into 
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MULTIBOARD1 Fabricate froma 12 X 24" x Me" piece of G10 printed 
circuit board stock or poly carbonate, 


Mo 


BRK2 Brackets two required, 
Fabricate from 4." copper sheet. 


Vertical holes drill 94," for clearance 
of 6-32 x W" screws. 


Bottom hole drill 14" for 8-32 x 2" 
mounting screws 


See ee AAA 


=e e da er e Pl 


Figure 15-13 Creating the multiplier board 
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some polyethylene tubing, along with the ter- 
minating high-voltage leads. The tubing is 
then coiled, maintaining adequate clearance 
of the terminating leads, This is a very tedious 
assembly but works well for powers up to 300 
watts at 100 kilovolts. Connect the load to the 
output and common leads. 


3 


Assuming that the driver is properly function- 
ing, proceed to apply power and slowly turn the 
power control pot R21 to full clockwise, noting 
a line current draw of about 2 amps. Very care- 
fully measure around 35 kilovolts at the output 
using a 40-kilovolt probe such as an HV44 or 
similar. The load resistors should start to get 


Warm. 
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Thisis be HV common | 
input and output 


This is lhe HY input 
conmection screw 


Figure 15-I4 Diode layout and wiring 
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BAF1 separator baffle is inserted between the left 
and right capacitors. It is held in place by dabs 
of silicon rubber. Use a piece of 2x 11" piece of 
(510 or lexan polycarbonate. 


pa 
[bea 
{ y 
if i i 
= Note R14 may require extending the leads. This 
i) resistor must be sleeved into a plastic tube TUBE? 
ki i E = 
No 5 a A 
w IO 
Za | 
7 | | 
put | 
| | 
A | | Ri4 
¡has | | 


This is the HV Input 
connection screw 


This is the HY common 
Input and output 
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This is the meter output level crew 


Figure 15-15 Mount capacitors and remaining components as shown here. 
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Figure 15-16 Multiplier internal photo 


4. Allow to it run for several minutes and note 
that Ol and Q2 are only slightly warm to the 
touch. 


5. Reverify the operation of the shutdown cir- 
cuit to prevent damage to the circuit compo- 
nents in the event of over-volting. 


Applications 


This unit is excellent to use for powering large anti- 

gravity lifters because it is not damaged by short- 

circuiting the output. It can also be used for charging 
capacitors up to 50,000 volts or as a voltage source 

with a load resistor of 20 megohms. The charging 

current is 4 to 5 milliamps and charges as a current 

source. 7 


it ee ee SE A A ee ee ee eS ee 


DANGER! Improper contact or use of high-energy 


capacitors can result in death by electrocution or y 


injury due to explosive discharges. 


A A AAA 
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Out put lead as shown ls a length of 40 kv silicon 
high voltage wire. You may sleeve this into 
some appropriate sized polyethylene tubing for 
added insulation if running a long output lead. 
You may also use a 2" diameter metal sphere for 
an out put terminal, 


Drill holes in bottom cap CAP1 and base to mate to screws 
from multiplier board figure 15-15. These are for the input 
connecting screws that also serve for attaching the 
assembly together. 


Atay view of method for 
attaching tubular feet to 
base. Note use a 

| smooth stove bolt as it 
helps prevent corona 


k 
k 


CHV COMMON >” HV INPUT 


. l k m 

| LA a = 
HY INPUT 

+ 

(i) Base is shown as a clear piece of 8 

i3 x 8x %" clear plexiglas sheet. You | 
sd may use plywood instead. | HV COMMON AND 

hal METER LEVEL 

(U 
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P} Figure 15-17 Final assembly — 
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Table 15-1 50-Kilovolt Power Supply 


Ref. # 


R10 


R5, 11 
RY, 12 


Rth 


R15, 16 
R14 
R17-20 
R21/5]1 
(2 


CS 


C7 
CS 


C10, 11 


C12, 13 
C14-21 


PZ1 


Description DB Part # 


100-ohm, watt resistor 
(br-blk-br) 


Two 18K, 3-watt resistors 
Two 2K vertical trimmers 


Two 15 '/4-watt resistors 
(br-ern-blk} 


L0-ohm, 3-watt metal 
oxide resistor 


SK vertical trimmer 


Two LK |/4-watt resistors 
(br-blk-red ) 


Two LOOK !/4-watt resistors 


(br-blk-yel) (KC006-LND) 


limiter 5-amp in-rush 


Two 12-ohm, 2-watt carbon 
resistors (br-red-blk) 


100 meg, 20-kilovalt tiger 
resistor 


4 100K, 2-watt ceramic 


resistor DBF IOOKRCER 


LOK pot and 115 VAC 
switch 


10-microfarad, 50-volt vertical 
electralytic capacitor 


Ol-microfarad, 50-volt plastic 
capacitor (103) 


1-microfarad, 600-volt plastic 
capacitor 


Two |.5-microfarad, 400-volt 
metal polyester capacitors 


.0015-microfarad, 600-volt 
polypropylene capacitor 


47-microfarad, 50-valt 
plastic capacitor 


Two 200- to 800-microfarad, 
200-valt vertical 
electrolytic capacitors 


Two .0l-microtarad, 2-kilovolt 
dise capacitor 


Eight .0047-microfarad, 
20-kilovolt ceramic capacitors 


DB#.0047/20 KV 


420-volt suppressor 


D1, D2, Four |,Q00-volt, 
D3, D4 3-amp rectifier (15408) 
DS l-kilovolt, l-amp fast diode 
(1N4937) 
D6 IN914 small-signal diode 
D7-14 Eight 30-kilovolt, DB# 3VG30 
5-milliamp fast-recovery diodes 
SCR EC103 A, 12 uamp sensitive 
gale silicon-controlled 
rectifier (SCR) 
Q1,2 IRFP450/460 metal-oxide- 
- semiconductor field effect 
transistor (MOSFET) 
IC1 IR2153 half-bridge driver 
Ti High-wolt transtormer DB+ FLYPVM 
assembled as shown in 
Figure 15-4 
T2 8/500-ohm audio transformer 
SOR Eight-pin DIP socket 
NE] Neon indicator bulb with leads 
FHI Fuse holder panel mount 
FUSI 3-amp slow blow 3AG fuse 
METER 50 uamp, 3-panel meter DB# METERSOL 
CO] Three-wire lme cord 
LUGI Eight #6 solder lugs 
LUGIA Three !/4-20 lugs 
THERMI1 Two thermo mounting pads for 
Ol and Q2 
PCLINE Printed circuit board (PCB) DB# PCLINE 
BU38 Three */s-inch plastic bushings 
BUSS8CL = 4/s-inch clamp bushing for 
cord CO] 
WRISGTO 4 feet of 15-kilovolt GTO 
flexible wire 
WR40KYV 12 inches of 40-kilovolt DB# WR40KV 
high-voltage silicon wire 
W R20 10 feet of #20 vinyl hookup 
wire 
WR24 12 inches of # 24 vinyl hookup 
wire 
WE20B [2 inches of # 20 bus wire 
WRI18B 24 inches of #18 bus wire 
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Chapter Fifteen 


Table 15-1 continued 


Fabrication 

Ref. # Description DB Part # 

CHASSIS (Chassis created from 
065-inch aluminum as 
per Figure 15-6 

COVER Cover created from 
plastic sheet to fit 
chassis 

BASEPLATE Base plate created from 
63-inch Lexan 
per Figure 15-7 

BRKI Bracket created from 
.035-inch copper per 
Figure 15-8 

BRK2 Two brackets created 
from .035-inch copper 
per Figure 13-13 

MTB! Mounting block created 
from .75-inch PVC 
plastic 

PLASTPL 4.5 X 2.5 piece of 


insulating plastic, shown 
In Figure 15-9 


MULTIBOARDI Multiplier board 
created from .065-inch 
Lexan për Figure 15-13 


BASE Base created from 
8x8 X 4Vs-inch Plexiglas 
per Figure 15-17 


BAFI Baffle separator created 
from .065-nch 
Lexan per Figure 15-15, 
available from a 
hardware store 


Swl 


SWNYLON 


SWI? 


SW10 


SWS] 


BOLT! 


NUI 
NU2 
NUI4 


CAPI 


CAP2 


FEET] 


EN] 


TUBE! 


a nam mmm am mm mE eS PA SS eee eS Se 


Five #6 “/s-inch sheet 
metal screws for 
cover and MTB1 


Two 6-32 'fanch 
nylon screws 


Ten 6-32 inch 
Screws 


Two 6-32 X l-inch 
screws 


Three 8-3? x 2-inch 
Screws 


Four 11-20 * 12-inch 
stove bolts 


Sixteen 6-32 keep nuts 
Six 5-32 keep nuts 
Four 14-20 hex nuts 
‘Two 3-inch PVC flat 
caps (GENOVAR 
70153) 


Four !/2-inch PVC flat 
caps (GENOVA# 
30155) 


Four pieces of '/2 x 3-inch 
PVC tubing 


3 x 15-inch PVC tubing 
10 inches of 3s ID x 


VOD flexible plastic 
tubing 
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This very advanced project (shown in Figure 16-1) is 
intended for the experienced experimenter and 
researcher in the field of high-voltage and high- 
energy circuitry. The magnetic cannon accelerates a 
projectile at high velocities with considerable kinetic 
energy; this is accomplished strictly from a magnetic 
pulse. Not only is this project a dangerous electrical 
device, it 1s also kinetically hazardous, as the acceler- 
ated projectile can cause serious injury and even 
death. The same consideration and respect given to a 
firearm must be given to this project. A video demon- 
stration of this device blasting large holes through a 


wall can be seen al www.amazingl.com. 


Figure 16-] 


The magnetic cannon 


hatha 


Under the correct supervision, the magnetic can- 
non can provide a high-action science project demon- 
strating several important electrical laws that involve 
electromagnetic reactions. Lenz's law and the 
Lorentz JXB forces are clearly utilized in this device. 
The system as shown can provide the experienced 
hobbyist hours of fun and entertainment by experi- 
menting with its effect (its impact) on various objects. 

This is an advanced level project requiring elec- 
tronic skills and high-voltage experience. Expect to 
spend $300 to $500 unless you have access to the 
surplus market. All parts are readily available and 
any specialized parts are available through Informa- 
tion Unlimited (www.amazingl.com) and are listed in 


the parts list at the end of the chapter. 


Theory of Operation 


A nonmagnetic conductor such as aluminum is 
placed in a time-variant magnetic held. Induced cur- 
rents in the aluminum produce currents that, in turn, 
produce opposing magnetic fields thereby causing a 
moment of acceleration of the aluminum piece. In 
this project the aluminum piece is in the form of a 
large flat washer that is the projectile. The aluminum 
projectile has a hole in its center with a mandrel 


guide to keep it traveling in a straight line. 


The heart of this project is the accelerating coil. It 
is what couples the energy (the electrical current) to 
the aluminum ring (the projectile), Optimum effi- 
ciency is dependent on the coupling to achieve maxi- 
mum projectile kinetic energy. This requires a 
minimal proximity of the projectile to the coil along 
with minimal air gaps (such as the spacing between 
the wires of the coil and the geometry of the coil as 
related to the dimensional format of the projectile). 
Also the inductive value of the coil is related to the 
storage capacily to provide the current rise over a 
time period that is dependent on the physical param- 
eters of the projectile. The associated second-order 
differential equations that mathematically determine 
these parameters are beyond the scope of this mate- 
rial. Although the mathematical purist will find a 
deviation from maximum efficiency by using differ- 
ent materials, practically speaking, there are materials 
of different sizes and materials that offer a cost- 
effective compromise. An example is the use of 
square magnetic wire in place of conventional round 
stock wire. Using square magnetic wire for the coil. 
when properly wound, will provide more kinetic 
energy to the projectile due to reduced air space 
(reluctance); however it is quite difficult to wind and 
usually requires purchasing a significant amount at a 
healthy price. 

The shape and timing parameters of the coil- 
magnetizing pulse must be related to the projectile to 
achieve optimum efficiency. A current rise that is too 
fast will cause slippage (magnetic cavitation). Note 
that one definite disadvantage of this method of 
acceleration is that the projectile is influenced over a 
very short distance. Velocity, now being the square 
root of the acceleration times the distance, is limited. 
To achieve high resultant velocities requires a very 
high moment of acceleration. Projectiles using con- 
ventional explosives current detonators and boosters 
could be prone to sympathetic initiation by these 
high g accelerating forces at the time of launching. 


Circuit Theory 


This project as shown in Figure 16-2 is constructed 
operating from 115 vac household current. It also can 
be built to operate from 12 volts or built-in batteries. 


A high-voltage current-limited 60 Hz transformer 
(130) steps up the 115 vac to 6,500 vac and is recti- 
fied by high-voltage diodes (D31 through D34). DC 
current now charges the energy storage capacitors 
(C30) through the isolation resistor (R30) to a pro- 
grammable value, as selected by the operator. It is 
this stored energy that is discharged into the acceler- 
ator coil (L1) as it is switched by the spark gap 
(GAPI). Once switched into the coil, the now rapidly 
rising current wave induces a current into the alu- 
minum ring projectile (PROJ1). It is this induced cur- 
rent that now generates a very high magnetic 
moment and repels the initial field in the accelerator 
coll, causing a moment of intense accelerative forces. 
Those not familiar with this concept often ask why an 
aluminum ring? The answer is that a magnetic mate- 
rial would now be attracted and thus would neutral- 
ize the repulsion. 

The initializing of the circuit commences by turn- 
ing on the key switch ($2). This switch is intended to 
keep unauthorized personnel from powering up the 
system. [he key switch controls 12 volts of DC power 
necessary to energize the relay (RE1), with normally 
open contacts controlling power to the high-voltage 
transformer (T30). 


The controlling system, as shown, consists of 
momentary pushbutton switches that start the charg- 
ing action (54) and can stop this action via switch 
(55). Triggering the momentary pushbutton switch 
(S3) supplies power to the trigger module (TRIG10) 
and firing trigger gap (GAP2), thereby initiating the 
main gap GAP? and switching the energy from the 
storage capacitors C30 into the accelerator coil L1. 
Charging voltage to C30 is controlled by the poten- 
uiometer R14. Once set, the voltage will maintain its 
preset level until triggered or readjusted, Meter M1 
indicates the charge voltage and is calibrated by the 
trimpot (R16). 

The transformer (11) supplies 12 volts of AC that 
is rectified by diodes (D1 through D4), filtered by 
capacitor C4, and regulated by zener diodes (Z1 and 
#2) to 12 volts de in order to power the control cir- 
cuits. The indicator light-emitting diode (LED1) illu- 
minates when the key switch is energized. The second 
indicator LED (LED2) illuminates when charging of 
C30 is taking place. A buzzer (BUZ1) sounds when- 
ever there is a charge voltage on C30. This is a safety 
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device to warn the operator that a voltage exists on 
the storage capacitors. Sense voltage 1s obtained for 
the meter and charge voltage control circuit via string 


resistor R13. The safety level voltage is obtained 
through the resistor string (R15). 


fae 


Assembly Steps 


|. Cuta piece of .1 x .1 grid perforated circuit 
board (PB1) 6 Xx 4!/2 inch. You will have to 
drill holes for transformer T1 and relay RE1. 


bh 


Insert the components as shown in Figure 
16-3, starting from the lower left-hand corner. 
Count the perforated holes as a guide. Note 
the polarity marks on capacitors and diodes, 
It is suggested that you use a socket (SO8) for 
the LM741 integrated circuit (11). 


ae 


Wire the components as shown in Figure 16-3 
using the leads of the actual components as 
the connection runs. These are indicated by 
the dashed lines. Always avoid bare-wire 
bridges and slobby solder joints. Check for 
cold or loose solder joints. Note the symbols 
indicating wires to external components and 
to solder junctions beneath board. 


4. Assemble the resistor dividers (R13 and R15) 
as shown in Figure 16-4 from seven 1.2 meg, 
'/o-watt resistors that are all connected in 
series and sleeved into a '/4-inch ID flexible 
plastic tubing. Place these along with the con- 
necting leads. The leads connected to R30 
must be rated for 10 kilovolts. Connect the 
external components using #20 vinyl-jacketed, 
stranded wire. Attach and solder shunt resis- 
tor R16 across meter M1. Sleeve in the 
connection. 


iai 


Connect the three high-voltage diodes (D35. 
D36, and D37) in series as shown in Figure 
16-5. Make sure there are no sharp edges on 
solder joints and then sleeve into a plastic 
tube with a short piece of high-voltage wire 
lead. 


Connect the remaining components, noting 
that some may have to be unsoldered when 
routing through the panel, as shown. Verify 


proper lengths of connecting leads with other 
figures in the project. 


6. Fabricate the chassis from a sheet of .063 
aluminum as shown in Figure 16-6. The front 
panel holes are shown to approximate layout 
and size. These should be verified with all 
parts for hole size and location. 


7. Fabricate a 6 X 7!/2 inch sheet of plastic 
(PLATE1) to insulate the assembly board 
connections as shown in Figure 16-7. Assem- 
ble T30 to the chassis using screws and nuts. 
Include solder lugs for grounding the power 
cord and assembly board. 


8. Fabricate a 2/4 X 7 inch piece of plastic 
(PLATE2) for mounting the four rectifiers 
(D31 through D34) and resistor R30. Use 
two-sided sticky tape or silicon rubber to 
secure. Use a long screw or piece of threaded 
rod with an insulating washer on top side of 
resistor. 


9. Assemble components to the front panel, as 
shown in Figure 16-8, and then finalize the 
wiring to complete assembly. Use pieces of 10 
kilovolt-rated wire for those that are shown as 
heavy traces. Other leads are made from #20 
vinvl-jacketed, stranded wire. The grounding 
leads shown are from the power cord, assem- 
bly board, and D33/D34 to the lug on 130, 
Output leads are shown as the TRIGGER, 
COMMON GROUND, and HY OUTPUT. 
Observe all notes on this figure. 


Circuit Testing 


10. Obtain a ballasted 115 vac power source. You 
can make this simply by placing a 60-watt 
lightbulb in series with the hot side of the 
power line, which is usually designated by the 
black lead. Do not eliminate the green earth 
ground connection. 


11. Verify all switches are off and then insert a 
3-amp fuse into FU1. Temporarily connect the 
high-voltage output to the chassis ground. 
Output is current limited by the leakage 
inductance of T30. 
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12. Plug into the ballasted 115 vac source. Turn on 
S6 and the key switch. Note LED] lighting. 
Check control of both these switches as they 
are connected in series. 


13. Push $3 and note a high-voltage spark at the 
trigger output lead. 


l4. Push 54 and note the relay latching and 
60-watt lamp starting to light. The unit may 
chatter in this mode. LED2 should light in 
coincidence with the relay. 
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This concludes the basic test of this circuit but 
does not verify the programming voltage function. 
meter reading and calibration, or the safety buzzer. 


Assembly of the Completed 
System 


15. Fabricate the upper and lower deck pieces, as 
shown in Figure 16-9. Fabricate four pieces of 
5'/2-inch PVC tubing for the pillar spacers 
located at each corner, 
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Figure 16-3 Assembly board parts layout | 


MORE Electronic Gadgets for the Evil Genius 137 


Jada] 1544f SUMIM ¡DULIJXO PADOG Ajquiassy }-G| anbi 


Gadgets for the Evil Genius 


oo 8 005600600. ë 6 6000060664060 
o 8 6 eso Se E a o oPOoOe 605666 
60606 05000606600. o ; i 9868 O BoB GB 6 
oo @ ooo fe oo mo o We - ant 1 oo @ coo 8 Ooo itotono 
E @ & So 6B 58 565 @ e@ eee eo 8 GC @ S o 8 @ 0600664005000 
bu. $6 5606066000606 5666560 o a ü IN A M a 
aaa oo G oo E @ 9 a0 8 E- of a 6685 0660606506 ooo oo on 
ona | o è 0606 eet E 6 oe ë 06660 a öö Wye | 
o 8 a a o è D o p o 6 60 6 o oo o oe o oo of oo ë @ 
zng y El o o @ o o 9505000 o opa ü [7 oe DO i 
aag a > o E a apoo a > 00068 aö oo ọ © p 
a 6 1] o © D pe 2 o a @ @ p oo © o 
o. Nos D- a (P) ae * o coso Baz x / asn ely Í 
oo AI + E e o E D E eB 8 8 6 | 
© 9 E ooo 6 Oo o a | y ee 6 6000 
ARA 13 SB 588 8 & oo © a OL o a a soo @ 
- ; a 0606006000 W o o . o 6 o 282 8 8 i 
i m29 8 5 8 8 © e e pDoscoedñso eo ® ogo oe a 
6666600660606 wwii e ooo 8 Ob Oo 8 6 6 6 o 6000 
0060060006000. a os o a Beeo oo «@ ao! 200 a e a | 
500050006.0600 El Foo o 1 S ba oo 8 @ o omno o i 
0606056005060 apop o a @ coa o aoga 
0000566656500 a a ee 6. : a a 56656060 
| oo 9850060000800 odon oa o o#o oo © | 
0 6565656060605 a [T] se o o o C] 0606050 
a0 8 oO SB BP BeBe eee a e a a o a a ooo. 
bos. 6 Oo oO ee ee a el: = a o a a posos] 
0 0000000000050 s ō 8 a o p a a 06006 
4 Set o a FEE 1 a a p o a 060606080 i _) 
2000000000506 o Bb a 560606 
ee Å Å DOS a 0.5 a 
A O A A A O O O O O A O :  .  e | 000606 Cc 
pl | oo 8 & í oO 
O O O O O ÅÅÅ O O A A O oo. 
SoGooaoeBeaoOB BH FE RB fF OB oOB es oe ee be eb ob eo elle lll L 
606P00000600o60o0o0o06o00o0o6600o00o0o0o6o0o6o0s0sos66s6sAC +4) 
i essgseroioogiporrietrterrsroetee e(O) U 
CE A E AA AAA AAA E 
ov Poo oe e ee eee ee oe eee ele eee ee ee ef oe pal 
6) 06 6) 06 5600005606 65060050560000550560055665606066. i 
Baw zp x/¿asngly j A O A O O Å Å ÁÁ ÁE O A O A O  e LJ 
OE E = ee = - : 
>o eo oO ee eee eo ee eee ee ek ek eo ele ke ee ee ek ee ee ee o ELS, any ogy 0] ppauuos del 
I a 
O 
{ e-9| aunbij woy Ajquassy — 


£/-91 amb ogy 0) pauuos 


138 


Jada] PUOJas Suid M [PuUdalXa papoq AJQUIASS y S-9| aJni 4 
ainpoul 


Jab511 0] Jamo 
HEIS FS i anpow Jebbl| ES Mpo] d 


spea jo uogounf Japjos sayesipul joquiÁs sių | TEET 
syuəuodwos jewaxa 0} Salm Joy sjulod sa]eo!pur joquuÁs siy 


-n 
f 
l. 


0] paj Sq UPD spuauodwoo jenplapul 0] spea 


jaued yoy uo yp 0] SyuUaUOdWOD J l 
io} uĝnoue Buoj eg ¡nu spee] asueleedde uajesu | 


ajpou 
125841 010191 


ajo a 


= 
[=] 
—— Sage G 


oe 9. 
asoa] 


punolb sisseyy 


6006 p 
560000. 
e 0 öpp 


ua 
A 
a 
a 
D 
a 


006006 

2 0006000060 

oS A ae 

of fe 8 Fo & 

60600900 

a 60 060060400006 
000064006 
p o ú G 
os 0065 

oh oo ee %0 

005006000. 

A O | 


ab e 


sofa 0.5006 
5000600040604 


460506056500 Goo 


Foro eso . e 


pa oe ee Ff 
ù 


i aaa jü fe 
E è a g = 
oh ee ee A ee pie ee ee ee 
E FA O 
sp... 0. 


eae 


on 


A 


pod 


a Y 
fe o poa dob è 
0600660005 


Se ee De: 


a 
ao Geo 8 Bg 
- A O O GA 


7 
ho. 
gs ee 


¡ A | 


co ogia 


¿91 ambi 
DUNE sisseya 


Loros a ee 


$6 00002.$00008 


5600656 
aea gpu g 
as & & 


aa 


e | 
E 
les 
Fa 
á 9000006080560 


ob be 8 oe 
0600004 0. oe oo 
56 6 0% 0 5 oe 060 0 0 bb oe 


SLO. aniy Za vo OL 


y ¡Sala 


Ma 


ee o 8 poo ew ao tg 


Sorte ep eee aoaoga ete ao oo eke we oe oe eee eee ele ah le 
oO AAA AA AAA A O A ee 
of @ es oF BP Boo oP oe 


E A O O O AO A a 
soo A A A 
56 6 0 0 0 0 0 0 056 6 0 $ 4.004.000 o E E E a E E 
sop oO ®# @B eooe eB oaeaHeR te oe ewe ee eee eh ell ete 
ee ee ee ee | 
BoC ee oe eo eee Poe ee eee woes oe oe 
oF # Oe oP oe ee eee ep eee ee oe eee 
soe ® eo ee wo es oe aba 

pompeoeeepe @H#@#eatoneeaeesa 

Soe eS eo oe we eee ee ee ool Po 

a08 @@ B00 Bea Be @ 

560 6 4. oo ee eo ee 8 ee 

0004005006000 

6600605650068 

oe # # Fee eRe oe ee ee 

so aoe oo Go @ 

aoe 7 Oo BO oo e 

ao oO 8 ®@® ee 8 y 

ba tbu tpg 

(005000050000 

¿0056060000 

400.46 

A G 

A | 

t=] 


¿91 any Asewnd 
DEL OLIA Gi | palloon 


139 


MORE Electronic Gadgets for the Evil Genius 


Fabricate from .063 aluminum sheet, 


Position and size holes for components as 
shown on Figure 16-8. Trial fit before 
drilling. 


Figure 16-6 Fabrication of chassis 


The output lead of the trigger 


Use a plastic washer — 
under nut attaching R30 | 
transformer is connected to 
three high volt diodes D35-37 
and sleeved into a length of Use bottom lug of R30 
shrink tubing =~ for lead from D32 
J and top lug tor all other 
connections — 
| \ Hv OUTPUT 
To (TRIGGER) trigger \ to C30 
electrode as shown in| To COMMON GROUP on \ 
Figure 16-7 trunion brackel shown in 
PLATE1 ——. 


i | Figure 16-17 
Figure 16-17 


TRIG 10 High voltage 
trigger module 


- - - | 
a, tn E AA AAA EXA NET EIA III AA al al al III a al al al a EEE IDE Poo So a F. 
Connect to $3 as shown To M1 shown in 
in Figure 16-5 Figure 16-4 


Use Figure 16-4, 5 along with Figure 16-8 for 
wiring to the control panel. The above Figure 


is Intended to shown grounding, high voltage 
Figure 16-7 Assembly and wiring of chassis 
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and trigger module connections. 
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CO1/BU1 


Q 
R14/S6 


S1- HV safety override switch to 130 
S2- Safety key switch 

53- Trigger "fire" switch 

S4- Charge start switch 

S5- Charge abort switch 

S6- Low control voltage switch 
LED1- Power "on" indicator 

LED2- Charging cycle "on" indicator 
R14- Programmed charge voltage level control 
FU1- 3 amp fuse holder 

BUZ1- High voltage presence audible warning 
M1- Charge voltage meter.. 5 kilovolt full scale 
CO1/BU1- Clamp bushing for power cord CO1 


Note that it is a good idea to label the controls 


Figure 16-98  Front-panel controls and wiring 


16. 


L7: 


Fabricate the capacitor bracket, as shown in 
Figure 16-10, This piece secures the three 
energy storage capacitors CIOA, C10B, and 
C10C on the bottom deck. 


Fabricate the trunion bracket, as shown in 18, 


Figure 16-11. This piece secures the actual fly- 
way and accelerating coil and therefore must 
be able to withstand the kinetic recoil from 
the accelerating reaction of the projectile. This 
bracket is the central electrical grounding 
point of the discharge circuit and must also be 
actively grounded to earth ground via the 
power cord green wire. There is also a “/s-inch 
hole for the electrode holding collar (COL- 


19. 


HV OUTPUT TROD/WAS/NUT 
S 


LAR1) for the ground electrode (TUNG358) 
of the main spark switch (GAP1), This part 
must be centered and carefully soldered in 
place using a propane torch. 


Fabricate the front and rear disk section, as 
shown in Figure 16-12. You may also fabricate 
the projectile (PROJ1) from a piece of alu- 
minum, as shown. 


Wind the coils, as shown in Figure 16-13. lt is a 
good idea to study Figures 16-12, 16-13. and 
16-14 before attempting this step. Make sure 
lo leave connection leads that are a minimum 
of 10 inches long. 


aaa 
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Chapter Sixteen 


Use 3/4" 


e 


Figure 16-9 Fabrication of deck sections 


= _ sm E 


Figure 16-10 Fabrication of the capacitor bracket 


142 


20. Assemble the flyway and breech, as shown in 
Figure 16-14. Study the notes on this figure. 


finished plywood for these two deck pieces 
1 3 AAA EA, 


Round oft 


comers 21. Fabricate the two plastic blocks (PVCBLK 

and TFBLK), as shown in Figure 16-15, to the 

suggested dimensions. Note that the heights of 
Other holes are located and these pieces must allow close alignment of the 
a ii electrodes as dictated by the position of the 
soldered collar on the trunion bracket. C31 
and C32 are wired in place and must be 
spread apart to prevent sparking. The blocks 
are secured to the top deck using sheet metal 
screws. Use two screws for the PVC block. Do 
not allow these screws to penetrate more than 
'/2 inch into the plastic material. Note the 
clearance hole in the deck for the high-voltage 
lead from the trigger module, shown in Figure 
16-7. 


22. Assemble the three energy-discharge capaci- 
tors (Shown in Figure 16-16) along with the 
charger and control module. 


23. Make the final assembly steps and wire, as 
shown in Figure 16-17. Note the direct and 


Suggested material is 1/16" aluminium | + 
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Suggested material is 1/16" galvanized steel 


Place 3/8" : 
holes Q 
as shown 


ñ 
a 
a 
al 
q 
i 
a 
i 
4 
4 
a 
+ 
E 


The 3/8" hole (1: 
«must align with 
‘the electrodes | 
rand be in 
‘alignment with 
‘the mating 
holders as per ! 
¡Figure 16-15 


Place six 3/16" holes 
as shown at ends 
| ¡and mid section. 


The electrode collar holder is soldered to the trunion 
bracket using a propane torch and carefully 
centering with clearance hole. 


Figure 16-1 Fabrication of the trunion bracket 


heavy leads for the discharge path. You may 


want to sleeve some plastic tubing over these Testing and Operation of the 
leads. as they are rated only for 600 volts. Cannon 


Note: The trunion bracket is the common grounding 
point for the system. It is very important that the 
earth ground green lead of the power cord be firmly 


DC reading meter to set M1. It is assumed 
attached at this point to ensure system operating that the circuitry is correctly assembled and 
safety. 


e E 2.” A RA the basic electrical pretest as described in 
steps 10 through 14 was successively per- 
formed. Preset the main gap to '/16 inch and 
the trigger gap to '/s inch. 


25. Locate a test site with a backstop capable of 
stopping the projectile. Obtain a 5,000 volt 


24. Verify and use the diagram shown in Figure 
16-18 as a wiring aid and reconfirm grounding 
and general circuitry and integrity. 

26. Preset all switches shown back in Figure 16-8 
to the off position. Familiarize yourself with 
these controls 


nnn III 
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Suggested material is 3/4” plywood or machined PVC 


The accelerator coll construction is very important to the overall 
performance and efficiency of the system. These pieces as 
shown are fabricated from a high grade birch plywood, You may 
use polycarbonate for strength or PVC tor cost, The objective is 
to provide a cavity for the flat pan cake shaped windings. 

The parts shown are 7 inch overall diameter of 3/4" thickness. 
Both pieces have all holes as snown and must be accurately 


aligned with one another. The front piece has the 5/16" deep cavity 


milled out for nesting of the coil windings. Leave a 1" shoulder 
allowing a 5 inch winding diameter, Both center holes should 
allow a reasonably tight sliding action for the 1 7/8" PVC fly way 
tube. Note the two feed through holes for the acceleral or coil 
leads. 


1/4" holes 


Danger: The next steps involve exposure to danger- 
ous high voltages. Failure to take any of the following 
described steps will require a complete shutdown and 
power removal, along with a shorting of C30 betore 
performing any trouble shooting. 


Er a ni AA AA 


Connect the test meter from chassis ground to 
the output end of resistor R30. Plug the unit 
into 115 vac and turn on 56. Turn on the key 
switch $2 and note LEDI lighting. Place the 
projectile over the accelerator coll. 


Depress pushbutton switch $3 and note a 
spark occurring In bath gaps. 


Verify 51 safety switch 1s off. Depress push- 
button switch $4 and note the relay REI ener- 
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3/16" coil wire 
feedthrough holes 


30. 


PROJ 


PROJECTILE is an aluminum 

ring Fabricated to a 4 1/2" to 5" OD 
x 2 1/16" ID X 3/16" thickness 
PROJECTILE should match the 
size of the COIL face assembly 

| and nest into the cavity. lt should 
move freely an the FLYWAY tube 


gizing and LED2 lighting. Depress pushbutton 
switch $5 and note RE] de-energizing and 
LED? turning off. Verify these on and off 
functions of 54 and 55 several times before 
the next steps. 


S5 is Important as it must stop the charging 
action in the event that you choose to quickly 
abort the cycle. 


Turn on toggle switch S1. Restart the system 
by again depressing R4, noting a voltage read- 
ing on both the panel meter M1 and the exter- 
nal test meter. This voltage will build up to a 
level as set by the charge-voltage level control 
R14 and then shut down, only to restart the 
charge cycle when the voltage charge level 


A 1, Fabricate the FLYWAY from a 18" piece 
of 2" PVC tubing 
1 
| 2 Wind a coil of 30 turns of #12 in fifteen 
Finish 


layers of 2 turns each. Finished coil must 
be in a tight pancake configuration and 
have 10 inch connection leads. You may 
have to make up a temporary bobbin jig 
y FLYWAY Fly way tube for this step. Hold together with tape etc. 
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‘ 3. Place COIL section into cavity routing 
the leads as shown. COIL section should 
nest into cavity and be positioned flat. 


WINDING 
4. Seal all points that can leak as epoxy 
must be carefully poured over the COIL 


PROJ1 Projectile from forming a 1/16" layer on top. 


Figure 16-12 


PSA ALHAMA OA 
KAW tatar, statala ats at a ] F 
PAZZE Peer rere 


x a Pa + 


we FDISK Top disk from Figure 16-12 


ae ma bn 1 i i ad i ee — — a = 


Figure 15-13 Side view showing winding 


Suggested material is Y" plywood or machined PVC You will note that the front disk housing the accelerator coil is 


allowed to move over the flyway tube and against the springs to 
absorb some ofthe recoil The rear disk abuts to the shoulder of 
the breech tube that is non movabie along with the flyway tube 


This feature in important if you are intending to repetitively fire 
high energy shots. 


SPRING 


/ BOLT/NUT 
A 
E PR figure 16-3 


Drill a 26" hole for 
the trunton bolt 


BREECH 
FLY WAY 


== 
=== 


BLKLUGI4 


LUG14 = The (BREECH) breech tube isa 5" piece of 2" ID 
SW10SM ja nt i schedule 80 gray PVC tube as show 
= i 


schedule 40 gray PVC tube fabricated as shown 


\_ FDISK trom figure 16-12 


Discharge wites are attached to Mi" block lugs RDISK from figure 16-12 
(BLKLUG) via the set screws The coll wires are 

soldered to 4" spade lugs that are secured to the 

block lugs via #10 x 34" sheet metal screws, 

screwed into both the FLY WAY and BREECH 

tube 


The bare leads from the coll should be 
individually sleeved into plastic tubing to prevent 
catastrophic contact 


a a ee A AR SR l Hl 


Figure 16-14 Assembly of the breech and flyway 
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The (FLYWAY) fly way tube is a 20 inch piece of 1 4" ID 
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Solder the collar over the hole 
inthe trunion bracket for \ 
holding the ground electrode 


COLLAR38 


TRIGGER GAP- 
$6 solder lug 


Solder gap switch assembly top view 


COLLAR38 
ELECT— Mu 
BLKUG38 E A 2. 


SW105M/LUG 14 
LS 
pees: 


Connect to WINDING COIL ~~ ; G 
lead from Figure 16-17 —~ PVCBLK eN 


y ie." 
Fabri 1 x 3/2" PVC block Í 

Fabricate a 1 x 3/2" ock. 3 i SE 

The height of this block Pl — ELECTRIG/LUG14/NU14 


electrodes to be in exact > 


alignment. To TRIGGER —~ 
from Figure 16-7 


TFBLK 


Fabricate the Teflon block (TFBLK) from a 3/8 x 3/8" x 3° 
piece of Teflon or other similar material. The hole for the 
trigger electrode ELECTRIG must align up with the 3/8" 
block lug BLKLUG38 as it must allow a trigger spark to 
jump between these two points. Secure to deck with 1" 
self tapping screws (SW813SM). 


Spark gap switch is O view 
Figure 16-15 Details of the spark and trigger switches 


falls below the set level. Obviously there is an producing an annoying sound, thus alerting 
amount of hysteresis that prevents off-and-on you to a charge presence on the capacitors. 
chatter. With R14 set to full counterclockwise 
(CCW), this voltage should reset at less than 

1,000 volts. The buzzer BUZ1 should be 


31. Slightly turn R14 clockwise and allow it to 
cycle, repeating up to 1,500 volts as read on 
the external test meter. Depress the trigger 
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a. Ps, These leads connect to 
E j i i accelerator coil. AGOIL via block 
7 = lugs under breechtube 


Figure 16-16 Final assembly isometric view 


Note this view shows the trunion 
bracket as an x-fay for wiring 


This lead connects to 
the lug on the PVCBLK 
as shown Figure 16-15 


This point common grounds 
the trunion tracket 


— m m e a lM - = 
—h A 


Y SW10/NUT1O/WASH10 


Dead 
C30COPY 


AX SW10/NUT10 EJ 


Torso W 
Figure 16-7 


| To COMMON 
| | GROUND Figure 16-7 


Figure 16-17 Final assembly side view 
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fire pushbutton $3 and note the projectile 33. 
shooting into the backstop. Immediately press 
the stop switch $5 unless you want it to charge 
up for the next shot. 


= A A A A A AS IA e a a a A A AA a 


Note: The system will automatically recharge to the 
|,500-volt present level unless the stop switch is 
activated, 

32. Repeat the cycle, increasing the charge volt- 
age up to 2,500 volts, and then adjust the trim- 
pot R16 on the meter M1 to agree with the 
lest meter. 


Repeat this step allowing the charge voltage 
to go up to 5,000 volts, noting the impact of 
the projectile. 


Verify the unit is not breaking apart as a 
result of recoil. Rethink the recoil springs if a 
problem exists, 


Use #12 stranded wire for discharge 
leads as shown as heavier lines. You 
may want to sleeve over some plastic 
tubing for insulation purposes. 


Always connect to center 


point of discharge bank Common system ground 


MAIN GAP | 


LEs, de 


l 
| 
| 
L 
UN 10 


TRIG GAP 


R30 


From Figure 16-7 


Figure 16-18 Overall system wiring diagram 
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at trunion bracket k. 


Bs, 


Table 16.1 Magnetic Cannon Part List 


Ref. # 
R1,4,9.19 


R2 


R3,6,7,8 


R5 


R10, 11 


R12 


R13,15 


R14/56 


Rio 


R20) 


R21 


*CIDA 


*CSOB 


11 


O1,2,3 


Description DB Part # 


Four 470, !4-watt resistors 
(vel-pur-br) 


LK, -walt resistor 
(br-blk-red) 


Four 10 kilohm, -watt 
resistors (br-blk-or) 


220, -wati resistor 
(red-red-br) 


Two 10M, '/s-watt resistors 
(br-blk-b1) 


2.2K, Va-watt resistor 
(red-red-red) 


Fourteen 1.2M, -watt 
resistors (br-red-ar) 
(see schematic in Figure 16-2) 


LOOK potentiometer, 17 mm 
with low-volt switch 


2K trimpot 


IM, '/-watt resistor 
(br-blk-er) 


l0-ohm, '/a-watt resistors 
(br-blk-blk } 


2-ohm, 3-walt resistor 
loK,50-watt power resistor DB# l6OK50W 


Three 1,000 mfd, 25-volt 
vertical electrolytic capacitors 


Two .1 mfd; 50-volt plastic 
capacitors 


Three 32 mid, 4,500-volt 
oil-filled cans in parallel for DB# 32m/4500 
96 mfd/4.5 ky 


Four 24 mfd, 3,200-volt 
oil-filled cans in parallel for DB#24m/3200 
46 mfd/S ky 


741 op-amp DIP IC 


‘Three PN2222 GP NPN 
transistors 


IRF520 Mosfet 


MJE3055 NPN power 
transistor 


Four 1N4001 50-wolt 
l-amp diodes 


14007 1.000-volt, 
l-amp diode 


D31-34 Four &-kilovolt, 100 ma 
standard DB# H407 
recovery diodes 

D35-37 Three 30 kilovolt, 
10 ma diodes DB# VG30 


LAS Three 1N4733 6-volt 
zener diodes 


Za 1N4745 15-voll zener 
diode 
LED! Red LED indicator 
LED? Green LED indicator 
5] SPST toggle switch 
Sa Key switch 
53,4,5 Three pushbutton NO 
switches 
REI 12-volt, Samp relay 
RUZI 12-voll buzzer DB# BUZROUND 
()] LOO-volt DRFS40 
MOSFET 
Ti 12-volt, 100 ma 
transformer DB* 127,1 
TZ 6,500-volt, 20 ma 
current-limited DB# 6kv 20 
transftormer 
ELIO Accelerator coil assembly. as DB# ACCOIL 
shown in Figures 16-12 
and 16-13 
*GAPI Main gap assembly, as DB# GAPMAIN 


shown in Figure 16-15 


*GAP2 Trigger gap assembly, as DB+ GAPTRIG 
shown in Figure 16-15 


CHASSIS] Metal chassis fabricated as 
shown in Figure 16-6 


PLATE 6 x 72 X'hoinch plastic 
insulating plate 


PLATE2 2's % 7u: X iis inch plastic 
insulating plate 


TAPE] 12 inches of 1-inch wide, 
thin sticky tape 


PLTUBE = [S8inches of '/4-mnch ID vinyl 
Mexible tubing for 
R13, R15, and trigger diodes 


Col 6 feet of 3-wire #15 power cord 


HVWIRE 12 inches 20 kv silicon DBF WIRE20KV 
high-voltage wire 


BUSSWIRE 24 inches +20 bare busswire 


aaa 
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Chapter Sixteen 


WR20 10 feet #20 vinyl stranded FLYWAY 
hook-up wire 
WNI Medium wire nut BREECH 
BU2, 3 Two bushings for LEDS 
CAPS 
BUI Power cord clamp bushing 
SW6 Six 6-32 x “4 inch screws 
SPRINGS 
SW 6-32 X linch screw for 
mounting relay 
NUG Six #6 hex nuts COLLAR 
LUG6 #6 solder lug BLKLUG25 
TROD §-inch length of 1-20 
threaded rod, 2 BLKLUG38 
nuts, and plastic washers 
TRIG10 Assembled trigger DB*TRIGI10 LUGI4 
pulse module 
TRIGIK  Kitoftrigger pulse module DB#TRIGIK ELECTRGAP 
Parts List to Final System pestes 
DECKS Two fabricated pieces of 
-inch birch TROD 
plywood 13 Xx 17 inches 
POSTS Four fabricated pieces of BOLT/NUT 
Sh x Ts inch PVC tubing 
PLATE] Fabricate a piece of '/1-inch NUT14 
plastic sheet 6 X 7 inches 
PLATE2 Fabricate a piece of '/1-1nch SW10M 
plastic sheet 2'/4 * 7 inches 
BRKCAPI Fabricate the capacitor Swit) 
bracket seen in Figure 16-10 
BRKTRUN1 Fabricate the trunion bracket NULO 
seen in Figure 16-11 
WASH10 
RDISK Fabricate the rear disk 
seen in Figure 16-12 
WIRE12 
FDISK Fabricate the front disk 
seen in Figure 16-12 
WIRE12 
PROJ] Fabricate the projectile 
seen in Figure 16-12 
BLKELECT Fabricate the electrode 
holding block seen in 
Figure 16-15 
BLKTRIG Fabricate the trigger 
electrode holding block 
seen in Figure 16-15 
a ore 
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Fabricate the flyway tube 
seen in Figure 16-14 


Fabricate the breech tube 
seen in Figure 16-14 


Twelve /s-inch PVC caps 
for posts and feet seen in 
Figure 16-1] 


Four !/2-inch diameter X 
34-inch stiff compression 
springs 


Ve-inch shaft collar 


Three !/4-inch block lugs 
for breech connections 


Vs-ineh block lug for 
electrode 


Five '/s-inch wide solder 
lugs 


Two Vs X 2-inch tungsten 
or lool steel electrodes 


14-20 3-inch threaded 
rod with point 


Four 4-20 Xx -inch 
threaded rod 


Five 912 x 3/sinch bolt 
and nut 


Eleven '/s * 20 nuts for 
trigger gap and posts 


Five #10 x nch sheet 
metal screws 


Ten #10-32 x 1.5-inch 
machine screw 


Ten #10-32 nuts 


Twenty +10 wide shoulder 
washers 
4 feet #12 stranded, vinyl- 


covered wire 


30 feet #12 heavy-coated, 
magnetic wire for 
winding ACOIL 


c Gadgets for the Evil Genius 
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This advanced project, as shown in Figure 17-1, is 
similar to a coil made by John Weisner some years 
ago. The geometry of the secondary not being the 
most efficient is a good compromise for wireless 
energy transmission and also provides a reasonable 
output display. The project is intended for the experi- 


The vacuum tube Tesla coil 


Figure 17-1 


151 


enced experimenter and researcher in the field of 
high-voltage and high-frequency circuitry, Not only is 
this project a dangerous electrical device, but 1t can 
also be a bothersome source of radio interference, 
especially in the standard AM broadcast band and 
should be used in a shielded enclosure or a Faraday 
cage if operated on a continuous basis. A gas dis- 
charge lamp such as a standard household fluores- 
cent lamp will glow up to 10 feet away when this 
device is used. Annoying burns are experienced when 
contact is made with conductive objects up to similar 
distances. 

We also have built coils using 304TH, 450TH, and 
parallel 2500THs with a full 5,000 watts of plate dissi- 
pation. This coil produced spectacular flaming arcs up 
to 8 feet long with 8 kilowatts of input. A video show- 
ing the operation is on our web site. The coil shown 
here will easily produce 1 to 2 feet of flaming arcs. 

This system can provide the experienced hobbyist 
with hours of fun and entertainment experimenting 
with terminals and settings to generate wireless 
energy as well as output arcs and sparks. This is an 
advanced-level and potentially expensive project 
requiring eléctronic skills and high-voltage experi- 
ence. Expect to spend $300 to $750. All the parts are 
readily available, with specialized parts obtainable 
through Information Unlimited 
(www.amazing1.com), and they are listed in 
Table 17-1. 
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Basic Description 


These spectacular display devices produce ares and 
sparks quite unlike the undamped spark gap-driven 
Tesla coils. Operation does not require a noisy spark 
gap that produces copious amounts of radio fre- 
quency interference (RFI) but operates efficiently at 
the quarter-wave frequency of the secondary coil. 
Vacuum tubes, while large and requiring filament 
power, do offer robust and forgiving operation and 
are intended as a good starter approach to solid-state 
Tesla coils. 


a 


| FORMPRI use a 6 OD x 
H" wall 8" length of 
polycarbonate tubing. 


| FORMSEC use 

la ok KR" wall 
34" length of 
polycarbonate 
tuning 


DECKBOT bottom deck 


DECKTOP top deck 


Figure 17-3 Creating the major parts. 


ed —————_ 


This approach is far less temperamental than the 
solid-state metal-oxide-semiconductor field effect 
transistors (MOSFET) or insulated gate bipolar tran- 
sistor (IGBT) drivers. However, once these FET 
devices are debugged and tweaked, one can obtain 
some excellent results, Our lab FET coil generates 
over 4-foot sparks using only 3 kilowatts. The output 
frequency tracks within 5 percent of the resonant 
point using one of our proprietary circuits that will be 
on our site in the late spring of 2006 with the com- 
plete system scheduled for publishing in the third edi- 
tion of this book series. 


{$$ 14 g 
C || 


SPACER use 4 


1 f 1" x 104" 

eee oo 
O o0 O 
060 


DISKS use a piece of 3"x W" 
thick polycarbonate disk. Drill 
a series of eight air flow holes 


1 piece of W" finished birch plywood for 


Use a piece of 34" thick plexiglass for 


FPANEL( Front panel fabricate from 34" 
polycarbonate or plexi glass. Dimensions 
shown are approximate 


s1 O 
AO | 


POr 
nO % 
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Chapter Seventeen 


The circuit as shown on the schematic in Figure 
17-2 of the vacuum tube device is nothing more than 
a medium-powered Hartley radio frequency oscilla- 
tor tuned to the resonant frequency of the secondary 
coll. The circuit uses a medium-powered, readily 
available 833A triode transmitting tube that inher- 
ently has a high grid to plate capacitance necessary 
for self-oscillation. The plate load is a resonant trans- 
former with both the primary and secondary tuned to 
the approximate identical frequencies. The output 
potential is now a function of the secondary-to- 
primary coil inductances times the peak primary 
plate voltage. This system generates voltages at fre- 
quencies sufficient to cause air breakdown, thus pro- 
ducing the sparks and arc jumping into open air. 

The output of the oscillator is relatively closely 
coupled to the secondary coil designed for high Q 
performance and self-resonant to the quarter-wave of 
the oscillator frequency. The voltage distribution is 
now that of a quarter section with a current node at 
the base and voltage node at the top. The input 
power to the coil is raw, unrectified AC at 3,000 volts 
root mean square (rms) with a current of .5 amps. The 
peak voltage is over 4,000 volts and is supplied by a 
conventional plate transformer being fed by a 
voltage-adjustable variac, which allows you to adjust 
the output voltage of the system. A pulse signal is 
also shown that controls the grid of the tube, allowing 
a wide range of spark texture variation by changing 
the duty cycle and frequency. 


G1 of polycarbonate 


1/16" aluminum 


A 


O 
Q 
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all brackets 


Figure 17-4 Assembly of the tube and mounting bracket 


Assembly Steps 


1. Fabricate the secondary coil form (FORM- 
SEC) from a 3'/4 X !/s-inch wall polycarbonate 
tubing, as shown in Figure 17-3. It is not sug- 
gested that you use PVC tubing due to mois- 
ture retention and breakdown. 


Fabricate the primary coil form 
(FORMPR 1)as shown in Figure 17-3 from a 
length of 71⁄2 X /s-inch wall plastic tubing. 
Polycarbonate tubing is preferred. 


Fabricate two 3-inch diameter discs (DISK3) 
as shown in Figure 17-3 from '/4-inch polycar- 
bonate. These pieces are for the ends of the 
secondary coil and are secured via three #6 
“/s-inch brass wood screws. Drill air passage 
holes as shown for the blower (B2). 


Fabricate four 10.5-inch spacers (SPACER) as 
shown in Figure 17-3 from lengths of 1-inch 
OD PVC tubing. 


Fabricate the 16 X 16-inch square bottom 
deck (DECKBOT) as shown in Figure 17-3 
from a piece of */4-inch finished plywood and 
paint it black. 


Fabricate the 16 X 16-inch deck top (DECK- 
TOP) as shown in Figure 17-3 from a */s-inch- 
thick Plexiglas or you may use plywood. 


D2 


Fabricate the parts as shown in Figure 17-4. 
Note to use !/s-inch G10 or another high- 
temperature plastic for the actual tube 


= G1 of polycarbonate 


Punch 87 inch holes 
ona 3 inch elrele for 
air flaw from thee fan 
Use Xe” aluminum for 


TUBKTPLATE 
116610 


O 


ODO 
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holders (TUBKTFIL and TUBKTPLATE). 
Use !/16-inch aluminum for the other parts. 
Note the mating holes for assembling them 
together, as shown in Figure 17-4. 


Assemble the fan and tube-mounting bracket 
from the parts in Figure 17-5, Use thirteen 


secure the assembly to the wooden deck via 
four #8 X 12-inch wood screws. TUBKT- 
PLATE must be disassembled to insert the 
tube V1 in place. The blower fan B1 is cen- 
tered to maximize air flow across the plate 
section of V1. It is mounted using four 8-32 X 


. fay '/s-inch screws and nuts. The entire assembl 
6-32 x Uo-inch screws and nuts. Foot brackets y 


Form a$" thin copper strip around the tube pins 
and fabricate as shown so a screw and nut will 
tighten the clamping action. Attach the wire leads 
as shown through a small hole and solder both 
sides completely. This step is important as current 
is high at these points and contact must be positive 
to prevent heating. Use a suitable sized object as 
the tube pins to fabricate and solder. 


VERTBKT 


TUBKTFIL AA 


al 


All referenced parts are shown 
dimensioned on figure 17-4 


TUBKT PLATE 


ee SE SS oo Ai 


Figure 17-5 Assembly of the tu be-holding bracket | 
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BRACKET from figure 17-5 


TUBKTFIL-— 


must set on a '/s-inch foam rubber pad to 
avoid any vibration. Fabricate the tube pin 
connections from '/2-inch strips of thin copper 
in the form of clamping connectors, Use 
screws to tighten the clamps securely around 
the tube pins. Crimp the connecting wires in 
place and carefully solder the connecting 
leads completely. This is important as the tube 
pins must pass a high current. 


Lay out the bottom deck DECKBOT and 
trial-fit the components, as shown in Figure 
17-6. (You may want to consider castors at the 
corners for system mobility.) Cut a 14-inch 


length of a 1-inch-wide copper strip for the 
main ground plane. Secure it via two wood 
screws at the end points. Secure the plate 
transformer (T1) using four '/s-20 * 1'/2-inch 
bolts with flat washers on the bottom side of 
the wooden deck. Mount the three mica 
capacitors (C3A, C3B, and C4) using 6-32 x 
1'/2-inch screws, nuts, and washers. Cut !/2-inch 
lengths of copper straps and attach them as 
shown. Note the grounding piece on C4 must 
be shaped and formed to have a flat surface 
abutting the ground plane strap and fitting as 
shown. 
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x's" PVC disk to hold and 
center the primary coil 


Hole for grid leads | 


These corner holes must O O 
| mate with the bottom deck 


Holes for plate leads 
ta primary of output call 


Figure 17-9 Top deck fabrication and assembly 


Do not tighten the nuts at this time. Mount 
mica capacitor C2 using similar hardware and 
grid resistor R2 vertically using a long '/4-1nch 
bolt or a threaded rod. Do not overtighten. 
Secure the filament transformer T2 using four 
8-32 X 1'/2-inch screws and nuts. Secure the 
tube and fan bracket via four #8 X '/2-inch 
wood screws through the two foot brackets 
FOOBKT. Also note the foam rubber mount 
FOAM. Drill holes for the '/s-inch —20 
threaded rods for the deck spacer. 


Thread the power cords (P1, P2) through the 
clamp bushings (BU1, BU2) as shown in 
Figure 17-7 on the front-panel section 
(FPANEL). The actual location on the panel 
section is shown in Figure 17-3. Figure 17-7 is 
shown to clarify the wiring. Power cord P1 
must be a heavy-duty, #16, three-wire cord, 
with P2 being a #18, three-wire cord. Connect 
the two green ground leads to a crimp lug 
along with a 24-inch piece of #18 stranded 
wire that eventually connects to the center 
ground lug of the secondary coil. Solder this 
lug and verify the integrity as this is manda- 
tory for electrical safety. Proceed to wire as 


114-2011 brass 
screw and nut 


Eight 1" airflow holes for fan B2 are dnlled 
through DISCPRI and DECK TOP 
simultaneously on a 3)" diameter 

Fan B2 is mounted on underside of deck 
and is shown by dashed lines 


shown using #18 stranded wires. Note that the 
two leads eventually connect to the second 
blower (B2) mounted on the top deck. Use 
crimp lugs and solder wherever shown. Route 
the wires, tie wrap, and clamp into place 

for appearance and isolation from other 
components. 


6. Wire the filament clips to the 10-volt output 
leads of T2 as shown in Figure 17-8, These 
clips are shown in Figure 17-5. You will note 
that insulation is removed from one of these 
leads, and the uncovered section is soldered to 
the 1-inch copper strip. Solder in the bypass 
resistor (C1) to the copper strip and to a lug 
with the other leads to R2. High-voltage wire 
should be used from transformer T2 to capaci- 
tor C4. Proceed to complete the wiring using 
crimp lugs and soldering. Two pairs of wires 
are shown from the primary and grid coil. 
These are not actually connected at this time 
as they are part of the top deck assembly 
(DECKTOP). Jack (J1) is attached to the 
front panel shown located in Figure 17-3. 


7. Fabricate the DECKTOP, as shown in Figure 
17-9. This piece was originally shown as being 


E 
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The secondary is wound on the form as shown for 
FORMSEC in figure 17-3. 

Special note: The coil form must be totally clean both 
inside and out. Use isopropy! alcohol and allow the 
form to completely dry. Coat with a layer of orange 
shellac should do this on a dry day or in a 
dehumidified area. 


Plastic DISK3 
% 


Start by inserting the polycarbonate disk DISK3 into 
the output end of the coil form flush with the end, 
Secure using 3 or 4 small plastic screws. Do not use 
metal on the coil output end as arcing will occur, 


Inserta 1” width aluminum bracket into the base end 
with a 1/4-20 tapped hole for screwing on to the brass 
screw from figure 17-9. Bend down A" 90 degree 
ends to attach to inner diameter of coil via brass 
screws and nuts. 


Position roll of #28 heavy magnet wire and thread 
into holes on base end of form. Attach free end to 
bracket via one of the screws. Drill small holes at 


each end of the coil form ¿£" from ends for threading 
the "start' and "finish" leads of the windings. 


Start to wind the turns and continue for 33" in length 
being careful to keep the wire tight, free of kinks and 
avoiding any overlaps. Do approximately several 
inches at a time and shellac in place using orange 
shellac. Always secure lead with a piece of good 
adhesive sticky tape as an "unwind" will be 
disastrous. Winding this coil with two people is much 
easier. 


Completed coil should contain approximately 2400 
turns and tune to around 200 khz when free standing, 
Note winding should be in the same direction as 
primary coil LP1 


n e 
e Aluminum bracket BKT3 
» Use 6-32 x 4" brass 
1) ) screws and nuts 
dp 
CR EE AA E a pit 
13 Figure 17-10 Assembly of the secondary coil 
B A . : 4 Eos 
po a */s-inch Plexiglas square from Figure 17-3. assembly, shown later in the plans, Secure it in 
1 Fabricate a 54-inch PVC disc (DISCPRI) place on the deck via a '/s-20 X 1-inch brass 
Em from '/2-inch-thick sheet. This piece is for screw and nut. This will be the grounding 
r) securing and centering the primary coil point for the bottom of the secondary coil and 


160 MORE Electronic Gadgets for the Evil Genius 


a 


Ghee wind- 21 tume of 26 Insulated stranded wie starting as choke 
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Figure 17-11 Assembl y of the primary coil nd 
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Figure 17-12 Final assembly of top deck 
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goes to earth ground, as shown in Figure 17-7, 
Proceed to drill the eight 1-inch air flow holes. 


At this time, the builder should be aware that 
if his or her coil is to be used on a continuous 
basis, the second blower mounted on the 
underside of the top deck is necessary to keep 
the bottom of the coils cool. They will heat up 
over time due to the resonant rise of current 


OUTPUT TERMINAL 


FROM AGURE 17-10 


FROM AGURE 17-11 


jji 


5. 


Figure 17-14 The final assembly 


associated with the base of a quarter-wave 
resonator. If your coil is to be used for a short- 
time operation of several minutes, the part 
involving the drilling of the air flow holes and 
the second fan may be omitted. 


Assemble and wind the secondary coil as 
shown in Figure 17-10. Proper winding of the 
coil is mandatory for achieving optimal opera- 
tion. Kinks and overlaps will seriously affect 
output. 


Assemble the primary coil assembly, as shown 
in Figure 17-11. Start at the bottom and tightly 
wind the turns, Use tie wraps to secure the 
start and finish of this heavier 21 turns of the 
#8 stranded wire. You may want to place dabs 
of silicon rubber to secure them in place. Start 


a 
a 
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Figure 17-15 The ri ght-side view 


10. 


from the top and wind 20 turns of #18 vinyl- 
covered stranded wire and tie wrap it in place. 
Note that there must be at least '/2-inch 
between the closest proximities of these two 
coils as a flashover (or spark break) could 
damage the vacuum tube. Leave at least 2 feet 
of extra leads for connections, as shown in 
Figure 17-8. 


Finally, assemble the top deck, as shown in 
Figure 17-12. The primary coil section slips 
over the disc DISCPRI, as shown in Figure 
17-8. The tapped hole in the bracket of the 
secondary coil screws onto the center brass 
screw shown in Figure 17-8. It is this screw 
that grounds and secures the secondary coil. 


Route the leads from the coils through their 
respective holes for connection into the cir- 
cuit. You will note back in Figure 17-8 that the 
heavy plate leads are shown connected to 
C3A via heavy crimp lugs and are also sol- 
dered. The same applies for the smaller grid 
leads that connect across C2. These leads may 
require switching during the test steps. Both 
sets of these leads carry high-frequency 


energy with the heavier leads carrying high- 
radio-frequency voltages and currents. These 
heavier leads must be as short and direct as 
possible and not be in close proximity to other 
objects. 


Figure 17-13 shows the completed graphic of 
the coil assembly with an insulator and a 
pointed discharge pin. Any suitable feed 
through the insulator around 2 to 3 inches in 
height can be used. You may also use a piece 
of polycarbonate or Teflon rod for this part. 
Other plastics may carbonize and burn. 


The following figures are actual photos show- 
ing different views of the assembly apart and 
intact. They are intended as assembly aids. 
Figure 17-14 shows a 12 x 3-inch toroid as the 
output terminal. You will note the two power cords 
exiting through the front panel. 
Figure 17-15 shows the right side with a view of 
the blower B1 and tube-mounting bracket. 
Figure 17-16 shows the left side with a view of the 
filament and plate transformers. 
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Figure 17-16 The left-side view 


Figure 17-17 The front view 
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Figure 17-18 — The top view 
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GAS FILLED TUBE 


Front panel switch, fuse and lamp are only for the low power 
standby circunry consisting of the tube filament and cooling 
fans. This switch may be left on indefinitely and eliminates the 
warm up time necessary before applying the main power. 


Main power is supplied by the variac with a built in volt meter 
with the current monitored by the ammeter box 


Always allow atleast 5 minutes warm up time if system is cold 
Turn up the variac slowly to 10 amps and note radiated output 
You may go to 12 amps. Operation at 15 amps should be 
limited to several minutes. 


Use a household fluorescent lamp or neon filled tube as an 
indicator of radiated energy. 


ON 
= 


115 vac. 5 amps for filaments and fans 


115 vac 20 amp dedicated circuit 


Figure 17-20 Final system setup 


0-270 AMP AC AMP METER 


AS VOLTME TER 


= 


VARIAC 
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Figure 17-17 shows the front view through the 
clear plastic panel, Note the three mica capacitors 
C3A, C3B, and CA, 

Figure 17-18 shows the top view with the clear 
plastic top deck removed. We used a piece of shielded 
strap to connect the plate terminal of the tube to 
C3A and C3B. This is not necessary and may be 
heavy flexible wire. 

Figure 17-19 also shows the top view with the clear 
plastic top deck removed but at a different angle. 


Testing and Operating 


i. You will need a dedicated 20-amp line to 
obtain full output. Set up the system as shown 
in Figure 17-20, Place the unit away from 
metal objects, insert a 7-amp fuse in the 
holder, and insert a shorting into the grid cur- 
rent jack (J1). Plug in the 115 VAC plug for 
the filament and blower fans, and wait for the 
tube to glow and the fans to blow. Always 
allow at least 3 minutes for the tube filament 
to reach the proper emission temperature. 


2. Verify that the variac is properly wired and 
turned to zero volts, as indicated on the volt- 
meter. Plug it into a 20-amp circuit. Slowly 
turn up the variac to 30 volts and verify some 
output as indicated by the bulb glowing or 
some corona discharge occurring on the out- 
put pin. 


If you do not observe some output, it will be 
necessary to completely shut the system down 
by unplugging both plugs, reversing the grid 
coil wires that attach to C2, and repeating the 
previous step. This is referred to as phasing 
the system. You should get substantial output 
and easily light the tube when properly 
phased. 


3. Once you verify that the coil is properly 
phased, you may start to increase the voltage. 
noting the output discharge, the input current, 
and the applied AC voltage as indicated on 
the variac meter. You must also observe that 
the plate of the tube does not start to glow, as 
this is an indication of mistuning. The tube 
may have a very soft glow at full 120 VAC 
where the output should be 15 inches or more. 
The input current will approach 20 amps. 


Notes 


Tuning the coil for maximum output is tricky and 
may take some effort on the part of the builder. The 
tuning values will vary as the discharge increases due 
to the virtual capacitance of the ionization cloud at 
the top of the coil. The output terminal will also 
greatly effect the output tuning. Try adding or sub- 
tracting a turn or two on the primary plate coil, as 
this will change the resonant drive signal. You will 
need more inductance as the output increases, and 
the trick is to select the optimum value at the desired 
input power. 

A 12-inch toroid or another large capacitive termi- 
nal will cause larger circulating currents within the 
coil and ereatly enhance the wireless transmission of 
energy, as can be demonstrated by observing the dis- 
tance that is possible for lighting the gas discharge 
tube without a wire. This will eliminate the air break- 
down discharge when operating in this mode as the 
terminal voltage drops unless you increase the input 
power to overcome this loading effect. 

The geometry of the secondary coil as shown is 
not the optimum for maximum length discharges. A 
squatter size would be more efficient but would radi- 
ate less. 
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Table 17-1 Vacuum Tube Tesla Coil Parts List S1 Single pole, single throw 
(SPST) 5-amp toggle switch 


DBR Pat# FI/FS1 Panel-mount fuse holder 
O ME and 5-amp fuse 


Ref. # Description | 


= = a =e E E e 


R2 5K, 100-watt wire-wound 
"eii Pl &-foot +16 three-wire 
power cord 
Cl .004-microfarad, 1,000-volt DB# .0039/400 
polypropylene capacitor P2 8-foot #18 three-wire 
power cord 
C2 003-microfarad, 3-kilovolt DB# .003/3 KVM 
mica capacitor AMPMETER 20-amp AC panel mount 
ammeter 
C3A,B,C4 Three .01-microfarad, DB# .01/10 KVM 
10-kilovolt mica capacitors VARIAC 18-amp variac with DB# VARTIACI8A 
built-in meter 
V1 833A Triode vacuum tube DB# 833A 
TUBE 15-inch neon tube DB# NE15 
Tl 3,000-volt, .5-amp plate DB#3KV/5A 
transformer TER1 12 x 3-inch toroidal 
terminal DB# TO1?2 
T2 10-volt, 10-amp filament DB# 10V/LOA A SS SS SST eee ee a 
transformer 
B1,2 5 Xx 5-inch muffin fanand DB # FANI 
5 Xx 5-nch high-output 
muffin fan 
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nce Discharge: 


Ignition (CBN 


Figure 18-1 shows how to construct a very useful peak current pulses to thwart the neuromuscular sys- 


driver circuit that can be used to pulse most induc- tem. All this peak power with very low resultant 


tion and ignition coils in the forward direction. High- energy allows many useful applications where bat- 


quality automotive ignition coils can produce 50- to tery-operated systems can be efficiently utilized. 


75,000-volt pulses capable of jumping several inches. This is an intermediate-level project requiring 
The system allows control of the pulse repetition rate basic electronic skills and one should expect to spend 


up to 100 reps/second and individual pulse energy up $25 to $50. All the parts are readily available, with 


o .3joules. A maximum power output of over 30 specialized parts obtainable through Information 


watts is possible. Our laboratory model has generated Unlimited (www.amazinel.com), and they are listed 
discharges of up to 10 inches from some high- ni Table 12:1. 


performance ignition coils. 

The advantage of a capacitance discharge ignition 
(CD) system is its ability to produce high peak cur- ; ] o 
rents and voltages simultaneously. This property is = ircuit D escri pti on 
well understood and appreciated in the automotive 
Figure 


industry where fouled spark plugs are prevented by 18-2 shows the complete circuit schematic of 


the brisance of the discharge. Electric fences burn 


away vegetation growth from contacting the wire by 


using high current pulses. Stun guns use these high 


Figure 18-1 


The capacitor discharge driver 
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the adjustable energy and repetition rate capacitor 
discharge driver. The adjustable voltage regulator 12 
controls the operating voltage to the system via con- 
trol pot R9/S1 from 6 to 12 volts. Input to [2 1s a 12- 
volt DC wall adapter transformer with a current 
rating of | to 2 amps being controlled by switch 
S1.This adjustable voltage is fed to the switching 
transistors Q1 and Q2 via the center tap ol stepup 
transformer T1. The switching action of these transis- 
tors is controlled by a complementary pulse driver 
circuit 11 with its frequency controlled by trimpot R3. 
This circuit generates a high-frequency signal that 
alternates between the two primary windings, in turn 
inducing a higher voltage in the secondary winding. 


Pulse Driver 


o a a el A E A E E 


Figure 18-2 Circuit schematic 


Tl is a transformer with a preset, built-in leakage 
reactance that controls the short-circuit-charging cur- 
rent to discharge capacitor C6 through rectifying 
diode D2. Once C6 is charged, it can be discharged 
by the silicon controlled rectifier switch (SCR) 
through the primary high-voltage pulse transformer 
T2. The SCR is controlled by timer chip 13, connected 
as a variable pulse generator via pulse rate adjust pot 
R13/S2. It is these pulses that trigger the SCR to 
switch energy from C6 into T2, generating the high- 
voltage output pulses. You may also externally switch 
the SCR via a pulse signal at input jack Jl. R13/52 
must be off for this external function. The pulse trans- 
former is shown as a low-power unit in the parts list. 


The real intention of the circuit is the ability to 
pulse-drive many different ignition coils at different 
energy levels as selected by R9 and pulse repetition 
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Oscillator 
F=14Ct7RI) 


Li is 70 tums on bobbin or 30 uh High 
Not mauired with most cols Wokage 


CD! Circuit 


Switchers 


Overshoot nat to 
exceed 75 vols 
total 


Pulse amplibucde 
approx 25 volts 


20 to 25 usec 
Waveshape at test point TP2 


rates as selected by R13. We have obtained sparks up 
to 4 inches with conventional automotive coils. 


Assembly Steps 


1. Assemble the switching transformer as shown 
in Figure 18-3. 


2. Fabricate the heatsink bracket (HS1) and 
transistor-mounting bracket (BR1), as shown 
in Figure 18-4. Make sure you've removed any 
sharp edges or burrs in the mounting holes 
that could break through the insulating pads. 


3. Attach Q1 and Q2 as shown, noting that the 
mounting tabs are insulated from the actual 
metal heatsink bracket by the nylon screws. 
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Bifilar (parallel) wind two different color #18 magnet wire for 10 turns on the primary bobbin. Tape in 
place leaving $” leads. Note that different colors will help identifying the lead ends. 

#18 solid magnet wire can be used however high frequency LITZ wire will give a slight improvement. 
You can make this wire by obtaining 6 pieces of #26 magnet wire and twist together as a single wire. 


Wind 300 turns of #30 magnet wire in the 10 segments of the secondary bobbin. Wind 30 turns per 
segment and attach the start and finish leads to the connection lugs 


Place the wound coils onto the cores as shown and tape tightly into place. 


You may verify the inductance as follaws secondary open: 
Ato B&C are around 130 micro henries. 

D to B&C are around 130 micro henries 

Secondary winding 110 millihenrys 


Primary Secondary 


A to drain of Q1 Connection lugs 


Join and twist 
leads B&C for 
connection to Ver 


3 to drain of Q1 


#18 solid magnet wire can be used however high frequency LITZ wire will give a slight improvement. 
You can make this wire by obtaining 6 pieces of #26 magnet wire and twist together as a single wire. 


EI. A S. A = SS SSS SSS Se SE Se Se ee ee ee a 


Figure 18-3 TI Transformer construction 


Figure 18.4 Assembly of brackeis 


ME socket kit 
contains mica 
washher and 
ECOS 
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A This symbol indicates points for wires to extemal components 


Figure 18-5 Assembly board and parts location 


Attach 12 using the socket assembly kit that you use sockets SO16 for I1 and SOS 
(MK1) and attach the SCR using a nylon for 13. 


screw and an insulating pad (PAD). 6. Wire the components as shown in Figure 18-6 


4. Cuta piece of .1 xX .1 grid perforated circuit using the leads of the actual components as 
board (PB1) at 7 x 3.8 inches. the connection runs, which are indicated by 
the dashed lines. Always avoid bare-wire 
bridges and messy solder joints. Check for 
cold or loose solder joints and secure T1 using 
double-sided sticky tape or plastic tie wraps. 


5. Insert the components as shown in Figure 
18-5, starting from the lower left-hand corner. 
Count the perforated holes for a guide. Note 
= the polarity marks on Cl, C3, CS, C9, and C10 
and diodes D1, D2, and D3. It is suggested 
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r) Figure 18-6 Internal onboard wiring 
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Universal CDI Driver 
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Figure 18-8 External wiring to transistor modules 


The external coil of choice is connected to J3 
using short lengths of #16 wire. lt isa good idea 
to ng a ground return for ihe output spark to jump 
to. Always use one of the primary leads of the 
extemal coil as the ground return point. Other 
poinis used for ground may cause voltage loops 
that can damage the unit. We use a dedicated 
gap with connection leads containing clips. The 
gap is adjustable from ¿5 to 3” 


CHASSIS 


51 disables the intemal test coil 


J4 is intended for input from an extemal tngger 
and requires R13 to be fully off. 


>< D 
EA 


Note this view is imended to show the general layout and only b 
213/52 


indicates certain components. Use figures 18-7 and 18-8 for 
wiring of the specific parts as shown 


Figure 18-9 Final assembly 
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7.Wire the external components as shown in Figure 
18-7, 


9. Wire the transistors from the assembled 
bracket, as shown in Figure 18-8 and detailed 
in Figure 18-4. 


Fabricate the mounting chassis at the overall 
dimensions shown in Figure 18-9. Trial-fit the remain- 
ing components, proceeding to drill and locate with 
the proper sized holes. Attempt to follow the figure 
and note the position of the BR] bracket assembly 
and front panel controls. Route and twist all lead pair 
to neaten appearance. You may want to splice in 
some output leads to replace the connections to the 
test pulse transformer T2. These should be #18 wire 
and as short as physically possible to the external 
ignition coil. Also create a suitable cover if required 
and ventilate it with holes for air cooling. 


Test Steps 


This step will require basic electronic laboratory 
equipment, including a 60 MHz oscilloscope. 


1. Turn off both controls R9 and R13. Set the R3 
trimpot at midrange. 


2. Connect a scope to TP2 and a voltmeter to 
TPL. 


3. Apply 12 VDC to the input leads and turn on 
R9/51. Adjust the meter for 5 volts and adjust 
the period of the waveshape at TP2 to a 25 us 
period. The input current should be less than 
.2 amps on a 12-volt power supply. 


4. Note that the LED indicators are on with 
LAIG flashing at the pulse repetition rate 
determined by the R13 setting. This occurs 
even with R13/S2 fully off. 


5. Turn on R13 and adjust it for 10 volts. Note 
the test coil sparking over its outer surface. 
Rotate R13 and notice the pulse rate increas- 
ing. Only operate the test coil to test circuit 
performance. 


Notes on Operation 


The unit is intended to drive larger ignition and 
induction coils. Jack J2 is intended as the output to 
the external coil under operation. 


Note that the test coil must be disabled for exter- 
nal operation and may be disconnected by unsolder- 
ing or using a suitable high-current switch that may 
be mounted on the rear panel adjacent to J2. 

When using unknown coils, it is advised that you 
monitor the DC voltage across the SCR. It should 
never exceed 400 volts, as the storage capacitor will 
be overrated. The SCR can handle up to 800 volts. 


A change occurs in the charging voltage as the 
pulse repetition rate is changed. It decreases as the 
repetition rate increases. You can compensate for this 
by adjusting R9, but you must be careful to turn it 
down before lowering the repetition rate. Always 
start with the voltage control R9 at the lowest setting 
and increase as necessary. Additionally, jack J1 is 
intended for external triggering and must be used 
with R13/S2 in the off position. 


SSS SSS 
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Table 18-1 Parts List for CO! Driver 


Ref. # 


R1,5,6,7, 
11, 12 
R2,14 


R3 


R4, 15 
Rs 
RYIS1, 
R13/S2 
R10 
R16 


Rx 


cl 


Cé 
C9 


Ca, 10 


176 


Description OB Part # 


Six 10-ohm '/4-watt resistors 
(br-blk-blk) 


Two LK, -watt resistors 
(br-blk-red) 


SK horizontal trimmer 


Two 470 ohm, wa 
resistors (yel-pur- br) 


L4-ohm, 3-watt metal 
oxide resistor 


Two LOK pots and switches 


220-ohm !/2-watt resistor 
(red-red-br) 


12-ohm, 2-watt metal 
oxide resistor 


Select a -watt resistor to 
shunt RY to improve range 
100-microfarad, 25-volt vertical 
electrolylic capacitor 


4°700-picofarad, 50-volt 
polyester capacitor 


2,200-microfarad, 25-volt vertical 
electrolytic capacitor 


Three .1-microfarad, 50-volt 
polyester capacitors 


0033-microfarad, 250-volt 
polypropylene capacitor 


3- to 5-microfarad, 350-volt DB# 3.9M/350 


polyester capacitor 


l-microfarad. 25-volt vertical 
electrolytic capacitor 


Two |0-microfarad, 25-volt vertical 
electrolytic capacitors 


A7-microfarad, 50-volt polyester 
capacitor 


)1-microfarad, 50-volt dise capacitor 


05-microfarad, 400-volt metalized 
polypropylene 


Integrated circuit (1C) driver and 
pulse-width modulator (LM3525) 


L.5S-amp adjustable voltage regulator 
(LM317) 


Timer dual inline package (DIP) IC 
(LM555) 


83 


PEI 


SOCKS 
SOCKI6 


MKI 


PAD 


CHASSIS 


H51 


BRI 


MICA 


SWN] 
SW I 

NUI 
WIRE20B 
WE20 
BUI 


BUZ, 3 


Two 100-volt metal-oxide-sent- 
conductor field effect transistors 
(MOSFETS) (TRF540) 


70-amp, 700-wolt DBF SS8070W 


silicon-conirailed rectifier (SCR) 
IN914 small-signal diode 


Two 14937 [ast-recovery, 
1.000-volt, l-amp diodes 


Red fight-emitting diode (LED) 
Green LED 


Inverter high-voltage transformer, 


as shown in Figure 18-3 DB# TRANCDI 
20-kilovolt pulse transformer 
(see text) DB# CD25B 


Panel-mount fuse holder 
3-amp fuse 
RCA phono jack 


Single pole, single throw (SPST) 
5-amp or more toggle switch 


7 3.8 > .1-inch perforated circuit 
vector board 


Eight-pin IC socket 
l6-pin IC socket 


TOS transistor mounting 
kil 


Thermo pad insulator 


#20-sauge aluminum chassis, as 
shown in Figure 15-9 


Heatsink, as shown in Figure 18-4 


Transistor-mounting bracket, as 
shown in Figure 18-4 


Two Mica insulating pads for QI 
und 2 


Two 6-32 X 1/2-inch nylon screws 
6-32 * 1/2-inch screws 

seven 6-32 nuts 

12 inches of #20 bus wire 

Six feet of #20 vinyl hookup wire 
Small clamp bushing 


Two -inch plastic bushings 
for LED 
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Figure 19-1 shows a device that allows the user to 
monitor a phone's incoming and outgoing calls with- 
out any connecting wires. The system is intended to 
transmit both sides of a telephone conversation to 
any FM radio or headset-type receiver, such as a 


Walkman radio. It allows the user to perform outside 


activities such as mowing the lawn or working oul- 
side the house while completely monitoring the tele- 
phone over the radio. 

The unique feature of this device is that activation 
occurs only when the phone is off the hook. This 
eliminates transmitting a continuous signal, thus pre- 
venting potential interference and unnecessarily 
wearing down the batteries. I also eliminates dead- 
tape listening time, as now the tape only records 


voices when the telephone ts used, You may also lis- 


ten to a radio station while monitoring the telephone. 


When the phone is used, the radio station is replaced 
by the transmission of the unit. 


Figure 19-1 Wireless circuit 


The device is shown assembled on a perforated 
circuit board and may be housed in a small plastic 
enclosure. Potting (or encapsulating with epoxy) and 


sealing 1s at the discretion of the builder, 


Circuit Description 


This chapter shows how to build a mini-powered FM 
transmitter that transmits both sides of a telephone 
conversation to a nearby FM radio. The circuit con- 
sists of a radio-frequency (RE) oscillator section com- 
bined with a telephone-activated switch section that 
controls the oscillator power (see Table 19-1). Transis- 
lor OI forms a relatively stable RF oscillator whose 
frequency is determined by the values of coil Ll and 
tuning capacitor C4. The C4 setting determines the 
desired operating frequency and is in the standard 
FM broadcast band with tuned circuit design, favor- 
ing the high end up to 110 MHz, Capacitor C2 sup- 
plies the necessary feedback voltage developed 
across resistor R3 in the emitter circuit of Q1, sus- 
taining an oscillating condition. Resistors R1 and 


R2 provide the necessary bias of the base emitter 


junction for proper operation, while capacitor C] 


bypasses any RF to ground fed to the base circuit. 
Capacitor C3 provides an RF return path lor the tank 
circuit of Ll and C4 while blocking the DC supply 
voltage fed to the collector of Q1 (see Figure 19-2), 


You will note that the junction of the base bias 
resistors R1 and R2 is a feed point consisting of 
capacitor CS and resistor R4. This point is where the 
speech voltage from the telephone is applied. 
Because of the nature of the oscillator frequency 
being subject to change by varying the base bias con- 
dition, a varying AC voltage superimposed at this 
point causes a corresponding frequency shift (FM) 
along with an amplitude-modulated (AM) condition. 
It is this property that allows the circuit to be FM 
modulated by the speech occurring on the telephone 
lines. The signal is clearly detected by any FM 
receiver when properly tuned. 

Be aware that before the phone receiver is lifted 
off the hook, a DC voltage of approximately 50 volts 
along with some AC hum is measured across the 
green and red wires of the phone line. This 50 volts is 
used to keep transistors O2 and Q3 “off” by prevent- 
ing forward biasing of the Q2 junction, The zener 
diode Z1 reverse voltage is exceeded as long as the 
voltage on the telephone lines remains above the 
zener voltage. When the phone is off the hook, the 


Hi 


R4 
150k.. 


R5 
GRN 100K 
E WA 


21 


To phone 15 VOLT 


lines via RJ 
mating plug 
RED is 
negative 


Figure 19-2 Circuit schematic 
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voltage is now below the zener voltage, and resistor 
R5 now biases 02 “on,” which turns 03 on and 
clamps the common return of the oscillator to the 
negative of the battery, commencing operation by 
turning on. 

Note that Q2 and Q3 make a simple DC switch 
that produces a minimal battery current during the 
on-hook conditions, When the receiver is lifted, com- 
mencing normal conversation, this DC voltage drops 
to less than 10 volts, and an existing AC voltage cor- 
responding to the speech conversation now modu- 
lates the oscillator as described. You will also note 
02 and Q3 being a simple DC switch that only allows 
a minimal battery current during the on-hook 
condition. 

Capacitor CS is necessary to block the DC compo- 
nent of the phone line when an on-hook condition 
exists and allows little attenuation of the varying AC 
speech voltage. Resistor R4 is necessary for attenua- 
tion of this speech voltage that could cause overmod- 
ulation and unnecessary serious sidebands if not 
properly selected. 


R1 
15K 
G5 
01 
C1 R2 
04 39K > 


On hook 50 v 10v] 9v 
Av | 


Measured from negative battery lead 
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Assembly of the Circuit Board 


Assemble the circuit as shown in Figure 19-3. 


l. Fabricate a piece of .l-inch grid perforated 
board to a size of 2 X 1 inches. 


2. Form LI by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. [his pro- 
duces an eight-turn coil with an inner diame- 
ter of approximately .135 inches and is about 


n ia 5. 
.625 inches in length. Insert it in the proper 
hole and solder as shown. 
3. Insert trimmer capacitor C4 into the holes as 6 


shown. You may put this component on either 

side of the PC board. This choice is up to you 

and should be determined by the final packag- 

ing scheme you require. Three holes are avail- 

able for the part, with two of them electrically 

the same point. This is necessary as some trim- 

mers may have three pins. Make sure that the re 
common pins are connected to the same elec- 

trical points with the odd pin to the other 

point. 


4. Ifyou are building from a perforated board, it 5. 
is suggested that you insert components start- 


a 
i Secure cable using a small tye 
wrap or piece of twisted wire 


+ ceu = aa 
F 


Connect meter to read circuit 
current as shown 


Figure 19-3 Assembly of circuit board 
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ing in the lower left-hand corner. Pay atten- 
tion to the polarity of the capacitors with 
polarity signs and all the semiconductors. 
Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate connection runs on the under- 
side of the assembly board. 


Attach the external leads of battery clip CL1 
and the RJ cable and plug them into the 
phone connection jack. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
higher). Turn up the volume and position it at 
a distance of 25 to 50 feet. 


If a multimeter or 50-milliamp meter is avail- 
able, connect it in series with the battery lead. 


Antenna tap 
lead is routed 
thru hole to 
strain relieve 


View showing correct 


Dashed lines are connections on underside of 


- perforated circuit board using the component leads. 


These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 
board, 

Large dots are holes used for component insertion. 


Small dots are solder junctions 
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This can be done by removing one of the clip 
fasteners and connecting the meter to the free 
contacts, as shown in Figure 19-3. The meter 
should read 3 to 7 milliamps. Use a short piece 
of bare wire to touch the coil Ll a turn at a 
time, starting from the C3 end. Note that as 
you progress turn by turn away from C3 that 
the indicated meter current will drop or 
change. 


9. Connect the operating unit to the phone line 
with the phone on hook and notice the meter 
reading dropping to almost nothing. You may 
have to reverse the connections to the phone 
lines. Check the following voltage points indi- 
cated on the schematic to verify proper circuit 
operation, as shown in Figure 19-2. 


l0. Take the phone off the hook and tune C4 with 
a tuning wand until you hear the telephone 
tone. It may be difficult at first to spot the sig- 
nal as this adjustment is very touchy. It is 
important to know that several spots in the 
adjustment may be erroneous and will be 
weak and unstable. The correct signal will be 
strong, stable, and clear, and it can be verified 
by distance-ot-transmission testing, 


1]. Once the desired setting of C4 is found, the 
position should be marked on the adjustment 
capacitor with the frequency noted. 


12. Conduct the final test by making an actual call 
and verifying a clear transmission of both par- 
ties to the FM radio. 


15. When operation is verified, you may want to 
enclose the circuit board in a plastic box along 
with the battery. This allows easier tuning and 
handling. 


Notes 


One of the things to watch for when using a device of 
this type is proper tuning. The adjustment capacitor, 
C4. is quite sensitive and requires only a slight move- 
ment to change the frequency, so always use a tuning 
wand. It is very easy when one is not familiar with 
this unit to tune to an erroneous signal. This phenom- 
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enon Is likely to occur when the unit ts close to the 
monitoring receiver. As stated previously, an erro- 
neous signal will be weak, distorted, and unstable 
(often it is mistaken for the main signal and the unit 
is blamed for poor performance), and the main signal 
will be strong, stable, and undistorted, if modulated. 


Several experiments in tuning the unit should be 
done before attempting to use it for the desired 
application. Also, whenever possible, the unit should 
be used around 108 to 109 MHz, which is at the 
boundary of the aircraft band and upper FM broad- 
cast band. When the approximate desired spot is 
found, final touchup tuning should be done at the 
receiver end for clarity. In most areas, these upper 
frequencies are clear and allow uninterrupted use in 
contrast to the lower ones in the FM band where a 
slight change in frequency from a clear spot results in 
the unit being drowned out by a strong broadcast sta- 
tion. Do not go above 108 MHz if near an airport or 
air traffic lane. 

Most available FM radios can easily be detuned 
slightly to shift the dial readings down to where the 
dial reading of 108 MHz ts actually 109 MHz. This is 
accomplished by carefully adjusting the “oscillator.” 
the padding trimmer located on the main tuning 
capacitor, and “walking” a known station down the 
necessary megahertz or two, An antenna-peaking 
trimmer should now be adjusted for a maximum sig- 
nal at the high end. 

Optimum performance will require a good-quality 
receiver with an analog slide-rule-type tuning dial. 
Digital tuned receivers will not work that well. 


for the Evil Genius 


Table 19-1 Long-Range Phone Conversation 
Transmitter Parts List 


Ref.# Description | DB Part# 
RI 15K, |/4-watt resistor (br-gr-or) 
R2 3.9K, Viwatt resistor (or-wh-red) 
R3,6 ‘Two 220) ohm, '/4-watt resistor 
(red-red-br) 
R4 150K, |/+-watt resistor (br-gr-yel) 
R5 100K, Vu-watt resistor (br-blk-yel) 
R7 39K, !/4-watt resistor (or-wh-or) 
C1, 5,6 Three .01-microfarad, 50-volt 
disc capacitors 
C2 4- to 6-picofarad small silver DB# 4.7P 
mica disk (4.7) 
C3 .1-microfarad, 50-volt disc 
capacitor 
CA 6- to 35-picofarad trimmer 
capacitor DB# 635P 
£l 15-volt zener diode (1N 5245) 
Q1,3 Two PN2222 NPN general- 
purpose transistors 
Qz PN2907 PNP general-purpose 
transistor 
Li Coil wound as described in DB# COIL8T 


assembly steps 
CLI Battery snap clip 
PBOARD 2X 1 & .1-inch grid perforated board 


WR24BUSS 12 inches of #24 bus wire for wiring 
and antenna tap 


WRI6BUSS 6 inches of #16 bus wire for 
making L1 coil 


WR20 24 inches of #20 vinyl hookup wire 


RJCABLE Telephone cable with RJ11 plug 


— == === 2 -  ___=->== > o O 
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This project shown in Figure 20-1 is similar to that 
described in Chapter 19, but this one can be perma- 
nently implanted in a telephone and can operate 
indefinitely, as it does not require batteries. The cir- 
cuit as shown derives its power from the phone lines 
once the receiver is lifted off of the hook. Operating 
range is limited to several hundred feet, far less than 
the battery-powered version. 

The unique features of this device is that it does 
not require a battery, and activation occurs only when 


Figure 20-1 


Photograph of circutt 
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elephone 
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the phone is off the hook. This eliminates transmit- 
ting a continuous signal, thus preventing potential 
interference and eliminates dead-tape listening time. 
You may also listen to a radio station while monitor- 
ing the telephone. When the phone is used, the radio 
station is replaced by the transmission of the unit. 
The device is shown assembled on a perforated cir- 
cuit board and may be housed in a small plastic 
enclosure, Potting and sealing is at the discretion of 
the builder. 


Circuit Description 


This chapter shows how to build a mini-powered FM 
transmitter that transmits both sides of a telephone 
conversation to a nearby FM radio. The circuit con- 
sists of a radio-frequency (RF) oscillator section com- 
bined with a telephone power conditioner that 
powers the oscillator (see Table 20-1). Transistor Q1 
forms a relatively stable RF oscillator whose fre- 
quency is determined by the value of coil LI and tun- 
ing capacitor C3. The setting of C3 determines the 
desired operating frequency and is in the standard 
FM broadcast band with tuned circuit design favoring 
the high end up to 110 MHz. Capacitor C2 supplies 
the necessary feedback voltage necessary to sustain 
oscillation. Resistor R2 provides the necessary bias of 
the base emitter junction for proper operation, while 


L2 


ANT 
L1 
R1 
1K 
Connect in series with either 
red or green lead to the 
telephone jack. May be 
installed anywhere line is 
accessible. Connection will 
mean breaking one of the 
leads and connecting in place. 
Figure 20-2 Circuit schematic 
capacitor C1 bypasses any RF to ground. Choke L2 the telephone. Itis this method that leaches voltage 
blocks the signal energy from going back to the trom the series load resistor R1 when the telephone 
phone lines yet allows DC power to Q1 (see is in use, as current now flows across R1. The bridge 
Figure 20-2). diodes consisting of D1 through D4 polarize the 
Connecting the circuit requires breaking one of audio voltages necessary to modulate the oscillator. 


the lines and connecting the input leads in series with 


Wires to telephone circuit 


Antenna tap 
lead is routed 
thru hole to 
strain relieve 


secure cable using a small tye 
wrap or piece of twisted wire 


hn 7 Dashed lines are connections on underside of 
HP, e Zo œN perforated circuit board using the component leads. 
PN2222 ~- apes 
These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 
board, 


O Large dots are holes used for component insertion. 


è Small dots are solder junctions 


Figure 20-3 Assembly of circuit board 
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Assembly of the Circuit Board 


Assemble the circuit as shown in Figure 20-3: 


L 


Cut a piece of .1-inch grid perforated board to 
2 X | inches. 


Form L1 by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This 
produces an eight-turn coil with an inner 
diameter of approximately .135 inches and is 
about .625 inches in length. Insert it in the 
proper hole and solder as shown. 


Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. The choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able for the part, with two of them electrically 
the same point. This is necessary, as some 
trimmers may have three pins. Make sure that 
the common pins are connected to the same 
electrical points, with the odd pin to the other 
point. 


If you are building from a perforated board, it 
is suggested that you insert the components 
starting in the lower left-hand corner. Pay 
attention to the polarity of the capacitors that 
have polarity signs and all the semiconductors. 
Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate connection runs on the under- 
side of the assembly board. 


Attach the external leads that are connected 
to the telephone lines. 
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Tl: 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
higher). Turn up the volume and position it 25 
to 50 feet away from the transmitter. 


Connect the operating unit to the phone line 
with the phone on the hook. Remove the 
phone and adjust C3 until you hear the dial 
tone. Tuning the trimmer must be done with 
an insulating tuning wand. It is best to tune 
the unit by placing it on a nonconductive sur- 
face and securing it with a sponge or a piece 
of rubber. 


It may be difficult at first to spot the signal as 
this adjustment is very touchy. Also note that 
several spots in the adjustment may be erro- 
neous and will be weak and unstable. The cor- 
rect signal will be strong, stable, and clear and 
can be verified through distance-of-transmis- 
sion testing. 


Once the desired setting of C4 is found, it 
should be marked. with the frequency noted. 


Conduct a final test by making an actual call 
and verifying the clear transmission of the FM 
radio to both parties. 


When operation ts verified, it may be a good 
idea to enclose the circuit board in a plastic 
box. This allows easier tuning and handling. 


185 


Pera 


Notes 


Please see notes in Chapter 19. 


Table 20-1  Line-Powered Telephone 
Conversation Transmitter Parts List 


Ref. # Description DB Part # 
RI IK -walt resistor (br-blk-red] 

K2 LOK '4-watt resistor (brblk-ar) 

Cl Mi -merofarad. S0-volt disc capacitor 

C2 4- to 6-picofarad small silver DB# 4.7P 


mica disk (4.7) 


C3 6- to 35-picolarad trimmer 

capacitor DB# 635P 
DI l0U-volt diodes IN4002 
Ql PN2222 NPN general-purpose 


Lransisio 


1.1 Coll wound as described in DBF COILST 
assembly steps 


L? 3.6 mucrohenry inductor DB# 3.6U 


PBOARD 2 | *_1-inch grid perforated 
board 


WR24BUSS 12 inches of #24 bus wire tor wiring 
and antenna lap 


WRI6BUSS 6 inches of #16 bus wire for making 
Ll coil 


WR20 24 inches of #20 vinyl hookup wire 


x= — =a = mr e bama E ma — — Las == = "E LJ 153 =r FIN TF Le] =e 7 = 


= 


186 MORE Electronic Gadgets for the Evil Genius 


— 


Figure 21-1 shows a wireless FM transmitter designed 
to transmit the output of a tape recorder, VCR, DVD, 
or any device having composite audio and video out- 
puts to a nearby radio or TV tuned to the units fre- 
queney. Assembly is built on a piece of circuit board 
and may be placed in any suitable plastic container 
along with a 9-volt battery. 


Circuit Description 


The parts for this project are listed in Table 21-1. 
Transistor Q1 forms a relatively stable radio- 
frequency (REF) oscillator whose frequency is deter- 
mined by the value of coil L1 and tuning capacitor 
C4. The C4 setting determines the desired operating 
frequency and is in the standard FM broadcast band 
with tuned circuit design favoring the high end up to 
110 MHz. Capacitor C2 supplies the necessary feed- 
back voltage developed across emitter resistor R3 in 


Figure 21-] 


The completed device 


the emitter circuit of Q1, sustaining an oscillating 
condition. Resistor RI and R2 provide the necessary 
bias of the base emitter junction for proper opera- 
tion, while capacitor C1 bypasses any RF to ground 
fed to the base circuit. Capacitor C9 provides an RF 
return path for the tank circuit of L1 and C4 while 
blocking the DC supply voltage fed to the collector 
of Q1 (see Figure 21-2). R4 is connected in series 
with DC-blocking capacitor C5 to the input cable and 
plug, 


Figure 2l-2 


B1 
c5 


C1 


Circuit schematic 


Assembly 


Assemble the circuit as shown Figure 21-3, 


l. 


H 
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Cut a piece of .l-inch grid perforated board to 
a size of 2 X 1 inches. 


Form L1 by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This pro- 
duces an eight-turn coil with an inner diame- 
ter of approximately .135 inches and a length 


of .625 inches. Insert it in the proper hole and 
solder as shown. 


Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. This choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able for the part with two of them electrically 
the same point. This is necessary, as some 
trimmers may have three pins. Make sure that 
the common pins are connected to the same 
electrical points with the odd pin to the other 
point. 


If you are building from a perforated board, it 
is Suggested that you insert components start- 
ing in the lower left-hand corner. Pay atten- 
tion to the polarity of the capacitors that have 
polarity signs and all the semiconductors. 
Route the leads of the components as shown 
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ANT 


C3 


and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


Attach the external leads of the battery clip 
(CL1) and shielded cable (WR10). 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, Sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
higher). Turn up the volume and position the 
receiver about 25 to 50 feet from the transmit- 
ter circuit. 


If a multimeter or 50-milliamp meter is avail- 
able, connect it in series with a battery lead. 
This can be done by removing one of the clip 
fasteners and connecting the meter to one of 
the free contacts, as shown in Figure 21-2. The 
meter should read 5 to 7 milliamps. Pick up a 
short piece of bare wire and touch coil L1. 
Touch it a turn al a time, starting from the C3 


for the Evil Genius 


Strip off outer plastic jacket of 
cable 1 inch and twist braid into 
a lead and tin. Strip off 4 inch of 
insulation on inner lead and tin. 
Insert into plug and solder inner 
lead to center pin. 


Carefully solder twisted braid 


lead to outer shell being careful ¿le “AP 
not to burn through insulation. lead is routed 
Always verify lead continuity and thru hole to 
possible shorting of the leads strain relieve 
with a meter, 
= sí secure cable using a small tye 
E wrap or piece of twisted wire 
fee 
WR1 
MAN 
+ cli = Dashed lines are connections on underside of 


#7 œ^- perforated circuit board using the component leads. 
These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 

Connect meter to read circuit board. 

current as shown 


@ Large dots are holes used for component insertion. 


e Small dots are solder junctions 
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Figure 21-3 Assembly of board 


end. Note that as you progress turn by turn | 
away from C3 that the indicated meter cur- Notes 
rent will drop or change. 


122%92d3Y Wa SSeToITM 22FO0USY 


Please refer to the notes in Chapter 19 on opera- 


9. Connect the cable into an audio source such chee a ihe. 
tion of wireless circuits. 


as a recorder or another radio. Slowly rotate 
C4 with an insulated tuning wand until the 
station being received by the radio is at 
approximately 108 MHz. It may be difficult at 
first to spot the signal, as this adjustment is 
very touchy. Also note that several spots in 
the adjustment may be erroneous and will be 
weak and unstable. The correct signal will be 
strong, stable, and clear and can be verified by 
distance-of-transmission testing. 


10. Once the desired setting of C4 is found, it 
should be marked with the frequency noted. 


11. When the operation is verified, it may be 
desired to pot the assembly as shown. This 
allows easier tuning and handling. 
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Table 21-1 Remote Wireless FM Repeater 


Parts List 
Ref. + Description DB Part # 
RI ISK, '/a-watt resistor (br-gr-or) 
R2 3.9K, 'fi-watl resistor 
(or-wh-red ) 
IRS 22()-ohm, -watt resistor 
(red-red-br) 
R4 LK, '/a-watt resistor (br-blk-red) 
Cis Two .01-microfarad, 50-volt 
dise capacitors 
C2 Small 4- lo 6-picofarad silver 
mica disk (4.7) DB #4.7P 
C3 .l-microfarad, 50-volt plastic 
capacitor 
C4 6- to 45-picofarad trimmer 
capacitor DB #635P 
CLI Battery snap clip and leads 
Ol PN2222 NPN general-purpose 
transistor 
L] Coil wound as described in 
assembly steps DB #CoilåT 


PBOARD 23x1 Xx l-inech grid perforated 
board 


WR24BUSS 12 inches of #24 bus wire for 
wiring and antenna tap 


WRI6BUSS 6 inches of #16 bus 
wire lor making Ll coil 


WRI 12 inches of shielded cable 


Pl RCA phono plug 
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[his project shows how to construct a beeping trans- 
mitter, as shown in Figure 22-1, for use as a tracking 
or homing device. It transmits audio pulses (beeps) to 
a nearby FM radio tuned to the desired frequency. 
The unit is intended to be used in transmitter hunt 
games or as a homing beacon for hunters or hikers. It 
is suggested that you mark a bearing heading on a 
smäll but good-quality FM radio and use it as a low- 
cost receiver for determining the direction of the sig- 
nal pickup. The range of the device, when used as a 
homing device with a quarter-wave vertical placed on 
top of a metal roof, such as a vehicle, can be in excess 
of 3 miles when using a quality analog FM receiver. 


Figure Ae-] 


Transmitter Circuit 
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Circuit Description 


This chapter shows how to build a mini-powered FM 
transmitter that transmits audio pulses for tracking 
and homing applications (see Figure 22-2). The circuit 
consists of a radio-frequency (RF) oscillator section 
interfaced with a tone modulator and a pulse- 
switching section that controls the oscillator power. 
Transistor O1 forms a relatively stable RF oscillator 
whose frequency is determined by the value of coil 
LI and tuning capacitor C4. The C4 setting deter- 
mines the desired operating frequency and is in the 
standard FM broadcast band with the tuned circuit 
design favoring the high end up to 110 MHz. Capaci- 
tor C2 supplies the necessary feedback voltage devel- 
oped across resistor R3 in the emitter circuit of Q1, 
sustaining an oscillating condition. Resistors K1 and 
R2 provide the necessary bias of the base emilter 
junction for proper operation, while capacitor C] 
bypasses any RF to ground fed to the base circuit, 
Capacitor C3 provides an RF return path for the tank 
circuit of LI and C4 while blocking the DC supply. 
You will note that the junction of the base bias 
resistors R1 and R2 is a feed point consisting of resis- 
tor R4. This point is where the beeping tone from the 
tone generator chip 12 is apphed. Because of the 


AH 


nature of the oscillator frequency being subject to 
change by varying the base bias condition, a pulsed 
voltage superimposed at this point causes a corre- 
sponding frequency shift (FM) along with an ampli- 
tude modulated shift (AM) condition. It is this 
property that allows the circuit to be FM modulated, 
producing the tone frequency. The signal is clearly 
detected on any FM receiver when the receiver is 
properly tuned. The tone frequency is the pulse repe- 
tition rate of 11 wired as an astable pulse generator. 
This repetition rate is determined by timing resistor 
R5 and capacitor C6. 

The ratio of beeping on to off time is controlled by 
chip 11, wired as a free-running astable device with 
duty cycle control. This function is determined by the 
ratio of resistors R7 and R& and timing capacitor C8. 
The output of I] controls the bias voltage of oscilla- 
tor Q1 through resistor R1, turning the oscillator on 
and off (see Figure 22-2). 


Figure 22-2 Circuit schematic 
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Assembly of the Circuit Board 


Assemble the circuit as shown in Figure 22-3. 


l. Cuta piece of .1-inch grid perforated board to 
a size of 2 X 1 inches. 


2. Form L1 by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This pro- 
duces an eight-turn coil with an inner diame- 
ter of .135 inches and a length of .625 inches. 
Insert it in the proper hole and solder as 
shown. 


3. Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. The choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able for the part, with two of them electrically 
the same point. This is necessary, as some 
trimmers may have three pins. Make sure that 
the common pins are connected to the same 
electrical points with the odd pin to the other 
point. 


4. If you are building from a perforated board, 11 
is suggested that you insert components, start- 
ing in the lower left-hand corner. Pay atten- 


ANT 


C3 


9TO24VDC 


Connect meter to read circuit 
current as shown 


a 


Multiple batteries for high power use. Each 
battery produces 9 volts. You may 
increase to 2/ volts by connecting as 
shown. Carefully remove the battery 
connecting clips and separate by slitting 
the plastic hood and separating 


Figure 22-3 Assembly of the circuit board 


tion to the polarity of the capacitors with 3. 


polarity signs and all the semiconductors. 
Route the leads of the components as shown 
and solder as you go, cutting away the unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


Attach the external leads of battery clip CLI. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
higher). Turn up the volume and position the 
receiver 25 to 50 feet from the transmitter 
circuit. 
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View showing correct 
mounting of vertical parts 


Dashed lines are connections on underside of 

¿Ss z perforated circuit board using the component leads. 
These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuil 
board. 


@ Large dots are holes used for component insertion 


e Small dots are solder junctions 


If a multimeter or 50-milliamp meter is avail- 
able, connect it in a series with a battery lead. 
This can be done by removing one of the clip 
fasteners and connect the meter to the free 
contacts, as shown in Figure 22-2. The meter 
should read a pulsing of 5 to 7 milliamps. Use 
a short piece of bare wire to touch the coil Ll 
a turn at a time, starting from the C3 end. 
Note that as you progress turn by turn away 
from C3 that the indicated meter current will 
drop or change. 


Tune C4 with an insulated tuning tool until 
you hear the beeping tone. It may be difficult 
at first to spot the signal, as this adjustment is 
very touchy. Also note that several spots in 
the adjustment may be erroneous and will be 
weak and unstable. The correct signal will be 
strong, stable, and clear and can be verified by 
distance-of-transmission testing. 
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10. Once the desired setting of C4 is found, it R7 100K, 'a-watt resistor (br-blk-yel) 
should be marked with alignment marks, with RS 
the frequency noted. 


22K, -walt resistor (red-red-or) 


01,5,7 Three .0]-microfarad, 50-volt 
ll. Finally, test the unit using a good-quality FM disc capacitors 
analog receiver. Note tO place EEN On tiu Ca small, 4- to 6-picofarad, silver DB#H ATP 
radio once you determine the proper position- mica disk (4.7) 
ing to obtain the maximum signal strength. l pas 
Da thiscten froma distance wf at lemtseveral ES 1-microfarad, 50-volt plastic 
o this step from a distance of al least severa capacitor 
hundred feet. 
C4 6- to 35-picolarad trunmer 
12. When operation is verified, it may be desired capacitor DB# 635P 
3 enclose JE 1 ¡ MO, 1 E > im 4 A i ™ 4 
ke enclose the circuit t oard noA plastic box CA A?-mucrotarad, 25-voll vertical 
along with the battery. This allows easier tun- electrolytic capacitor 
ing and handling. me l 
CS 4 7-mierolarad. 25-volt vertical 
electrolylie capacitor 
D1,2 Two 1N914 small-signal diodes 
Notes EL Two 555 timers in a dual waline 


package (DIP) 
Please see the notes in Chapter 19 on operating. 


CLI Battery snap clip and leads 
Ol PN2222 NPN general-purpose 
transistor 


Table 22-1 Tracking and Homing Transmitter 


Parts List L1 Coil wound ás described in DB# COILST 
assembly steps 


Ref. # Description OB Part # PBOARD 2x1 Xx. Inch grid perforated 
board 
R] Two 10K, -watt resistor (br-er-or) 
| WR24BUSS 12 inches of #24 bus wire for 
R3 220-ohm, Yi-watt resistor WRI6BUSS 6 inches of #16 bus wire lor 
(red-red-br) making LI coil 
RS IK, '/-watt resistor (br-blk-red) | A | o 
R6 39K, -watt resistor (or-wh-or) 
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Figure 23-1 shows a simple electronic device intended 


to be an intrusion detector and listening device for 


checking a home or office while away or on vacation. 
It may also be used to trigger other electrical devices. 


The circuitry does not require a tone encoder. so it 
does not provide selected activation by a particular 
caller, Thus, it limits the device from being used for 
illegal purposes and allows the sale of the kit or fully 
assembled unit without the requirement of special 
authorization. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $40. All 
parts are readily available, with specialized parts 
obtainable through Information Unlimited 


Figure 23-1 


The snooper phone 
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(www.amazing|.com), and they are listed in 
Table 23-1. 

Unlike the controversial Infinity transmitter, our 
system does not utilize decoder and encoder circuitry. 
Once connected to the phone lines, it will open a 
microphone to anyone who happens to dial the num- 
ber. This feature obviously reduces the potential use 
of the device for illegal interception of oral communi- 
cation. Even though the phone does not ring, it would 
not be long before the potential victim of an illegal 
surveillance would be aware of the setup. It is there- 
fore quite obvious that the applications are strictly 
limited to use as a security device that checks for 
unauthorized intrusion or checks household appli- 
ances by placing a pickup device in certain favorable 
locations to overhear these desired sounds and 
noises. I am sure that anyone with this capability 
would breathe a sigh of relief to be able to dial his or 
her home or office phone while being away and hear 
the familiar sounds of appliances and other systems 
properly performing their duties and functions. 


Circuit Operation 


Your circuit consists of a high-gain amplifier (11) fed 
into the telephone lines via transformer 11. The 
circuit is initiated by the action of a voltage transient 
pulse occurring across the phone line at the instant of 


qA 


a telephone circuit connection being made. This tran- 
sient is a voltage change of about 48 to 5 VDC and 
usually occurs before the ring signal. It is this change 
that immediately forward-biases diode D1 and trig- 
gers pin 2 of timer 12, whose output pin 3 goes posi- 
tive, turning on transistors Ol and Q2. Timer I2 now 
remains in this state for a period depending on the 
values of timing resistor R12 and the selected value 
of the capacity determined by the activated time of 
switch $2. This four-position switch allows time selec- 
tions of 10,30, 100, and 1,000 seconds by the selection 
of the respective capacitors C12 through C15 (see 
Figure 23-2). 

You will note that when Q2 ts turned on by timer 
12 that a simulated off-hook condition exists by the 
switching action connecting the 500-ohm winding of 
the transformer directly across the phone lines. 
Simultaneously, Q 1 clamps the ground of the H 
amplifier to the negative return of battery Bl. 
enabling this amplifier section. System power is con- 
trolled by switch S1 being part of the pickup sensitiv- 
ity control R1. 


Rec 


To telechone wed jack tip and ning 
rote that red is negative and een me poste a the 
lelepneno les 


iee 


Measure ccul gumeni Dy camectig ATE hemp mete lo 
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Figure 23-2 Circuit schematic 


Electret microphone M1 picks up the sounds fed 
to operational amplifier I1 with the output coupled 
by capacitor C6 to the 1,500-ohm winding of Tl, and 
R1 controls the pickup sensitivity of the system. The 
system described will operate when any incoming call 
is received without the phone ever ringing. 


Lonstruction Steps 


If you are a beginner, it is suggested to obtain our 
GCATT General Construction Practices and Tech- 
niques. This informative literature explains basic 
practices that are necessary in proper construction of 
electromechanical kits and is listed in Table 23-1. 


l. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on the 
parts list. 


2. Cuta piece of .l-inch grid perforated board to 
a size of 4.2 x 1.5. Locate and drill the holes 


as shown in Figure 23-3. 


1% Bl 
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10 33100000 


Chart showing “hold on times” available by selection of S2 DIP switch 


“times may vary from that shown due to component Variances 
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SS on ‘a 


Figure 23-3 Assembly board layout 
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Dashed lines are connections on underside of perforated circuit board using the component leads. These points can also be used to determine foil 
=-* runs for those who wish to fabricate a printed circuit board. 


a Small dots are holes used for component insertion, 
© Large dots are solder junctions 


(a) Circles with dots are holes that may require drilling for component mounting and points for external connecting wires indicating strain relief points. Itis 
suggested to drill clearance holes for the leads and solder to points beneath board 
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If you are building from a perforated board, it 5. Double-check the accuracy of the wiring and 
is suggested that you insert the components the quality of the solder joints, Avoid wire 
starting in the lower left-hand corner (see bridges, shorts, and close proximity to other 
Figure 23-3). Pay attention to the polarity of circuit components. If a wire bridge is neces- 
the capacitors with polarity signs and all the sary, sleeve some insulation onto the lead to 
semiconductors. avoid any potential shorts. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire Final Assembly 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate connection runs on the under- 
side of the assembly board. 


Create a suitable housing from a piece of aluminum 
or purchase a ready-made aluminum box approxi- 
mately 5 x 3 x 2 inches. Drill the holes as required 


Attach the external leads as shown in for the microphone grommet GR1, gain control R1, 
Figure 23-4. You may relieve any strain they and strain relief bushing for the phone line cable 
might have by drilling holes to allow the assembly RJ11. The metal box should be grounded to 


insertion of the entire wire. Note that the 
short pieces of bus wire are soldered to R1 for 
connection to the circuit board. 


the circuit common line to reduce hum pickup. Note 
that a piece of Velcro sticky tape can be used to 
secure the battery or use your Own ingenuity. 
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Solder short pieces of #22 buss wire 
for extending connecting leads 


Figure 23-4 External connection and parts identification 


Testing Steps 


This step will require basic electronic laboratory 
equipment including a 60 MHz oscilloscope if trouble 
shooting the circuit is necessary. 


l. ‘Turn the unit off by rotating R1 full counter- 
clockwise, noting the click of the switch. Verify 
that all the DIP switch levers of 52 are down 
(off). Connect the battery as shown in series 
with a current meter and note zero current 
flow. Turn the unit on and note a current of 5 
milliamps, which may momentarily jump to 30 
milliamps as the unit times out. 


2. Locate a phone jack so that you can monitor 
the DC voltage. Connect a meter across the 
tip and ring leads (green and red), and note 
the 40 to 50 volts with the phone on the hook. 
Also note the green lead is positive and the 
red is negative. This is the opposite of conven- 
tional wiring. Lift the phone and notice the 40 
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These leads are from a telephone RJ14 cable and plug 
assembly and should be strained relieved by anchoring 
through hole in thecircuit board before soldenng 


to 50 volts dropping down to 8 to 12 volts. This 
step verifies a properly working phone line. 


Turn the unit off and connect it to the phone 
line. Rotate the R1 so that it just clicks on, and 
note the voltage remaining as or timing out to 
read the on-hook 40 to 50 volts. Preset R2 to 
midway. 


Call the target phone using a cell or another 
telephone. The unit should connect at the 
beginning of the ring signal before the phone 
has a chance to ring. You should clearly hear 
sounds until the unit times out, at which time 
the device disconnects and restores the phone 
to normal operation. Adjust RI for desired 
pickup sensitivity. The timeout time should be 
only about 10 seconds for the presetting of S2, 
as instructed in step 1. You may lengthen 
these times as shown in Figure 23-2. 
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Notes 


The unit can also operate with extension phones 
without dialing the number from another place. Sim- 
ply connect the unit to a phone jack and lift the 
extension phone located elsewhere, activating the cir- 
cuit. Applications for monitoring other rooms and 
floors via the telephone lines now is possible, 


Connections can be made in simple ways across 
the phone lines at any convenient point, such as the 
phone jack, lead-in box, or inside the telephone itself 
via clips or lugs. They can also be made via a simple, 
standard four-pin phone plug mated to any standard 
phone jack. The latter method is usually recom- 
mended when a home or office is equipped with 
these convenient jacks, which allow simple placement 
of the telephone or device. 


When the phone activates, allowing you to listen 
to the target premises, it remains on for a time deter- 
mined by the setting of the DIP switch $2. This time 
can be selected from 10 seconds to 20 minutes by 
proper selection of these levers. Even when you hang 
up, the system will keep the line connected so 
another call will get a busy signal until the unit times 
out. One now sees the importance of not overselect- 
ing the timing period as the phone cannot be used for 
either incoming or outgoing calls, Outgoing calls can 
normally be made with the unit installed to the target 
phone, but incoming calls will activate the micro- 
phone. 


l 
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Table 23-1 Snooper Phone Room-Listening 


Device Parts List 


Ref. $ 
R1/S1 


R7 


Rë, 9,10 


R11 


cy 


CE3 


Cll 


CIS 


C6 


200 


Description 
LOK, 17-millimeter pot and switch 


Four IK, '/s-watt resistors 
(br-blk-red ) 


One 100-ohm, '/s-watt resistor 
(br-blk-br) 


470 'a-watt resistor (yel-pur-br) 


Three 10K. '/s-watt resistors 
(br-blk-or) 


LOOK, '/a-watt resistor (br-blk-vel) 
IM '/s-watt resistor (br-blk-gr) 
Three .1-microfarad, 50-volt caps 


Three 10-microfarad, 25-volt 
vertical electro radial leads 


Three 100-microfarad, 25-volt 
vertical electro radial leads 


22-microtarad, 250-volt metalized 
polypropylene 


-microfarad, 50-volt cap 


l-microlarad, 25-volt vertical 
electro cap 


33-microfarad, 25-volt vertical 
electro radial leads 


01 -mierofarad, 50-volt disk (103) 


| 000-microfarad, 25-volt vertical 
electrolytic capacitor 


22-microfarad, 250-volt metallized 
polypropylene 


CY 


PBOARD 


GRI 


BUSCLP 


CLI 


RJ11 


WR20R 


WR20B 


l-microfarad, 25-volt vertical 
electro cap 


_l-microfarad, 50-volt cap 
(INFOFVG22) 


Two IN4007 1-kilovolt diodes 
LM386 operational amplifier 
dual inline package (DIP) 
tteprated circuit (TC) 

555 mer DIP IC 


PN2222 NPN small-signal 
transistor 


D40D5 high-voltage transistor 


L.SK, 500-ohm audio interstage 
transformer 


Electret microphone 
4PST DIP switch 


4.2 X 1.5 x .1-inch grid perforated 
board, sized per chapter 


¡Ranch rubber grommet 


44-inch Heyco clamp 
bushing 


U-volt battery clip with leads 


RJ11 telephone plug and 
cable assembly 


12 inches of #20 vinyl red wire 


for positive input 


12 inches of #20 vinyl black wire 
for negative input 


5x3 x 2-inch aluminum box 
and cover 
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Long-Range FM” 


— 


This project shows how to construct an electronic 
device that can transmit low-level sounds over a con- 
siderable distance (see Figure 24-1). It is intended for 
use as a Security system when entry sounds are 
broadcasted over a standard FM radio, providing an 
early warning of an intrusion. It may be used to mon- 
itor children, swimming pools, sick and invalid peo- 
ple, and animals. The device can also be used for 
nature listening, which is made possible by the wide 
frequency response of the audio section, allowing 
good-quality reproducibility of rare bird calls, for 
example. An excellent application, when one is living 
in hostile areas, is to install the unit in one’s home. 
This allows monitoring of the premises before possi- 
bly being surprised by a burglar. 


Figure 2U-| 


Long-range FM voice transmitter 
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The assembled transmitter is small enough to be 
placed at the foci of a sonic reflector, creating a 
highly directional wireless mike for targeting particu- 
lar areas of interest. (The Audubon Society pur- 
chased 25 of these systems for monitoring bird and 
animal calls in mosquito-infested swamp areas. ) 


Circuit Description 


This circuit shows how to build a super-sensilive, 
mini-powered FM transmitter consisting of a radio 


frequency (RF) oscillator section interfaced with a 


high-sensitivity, wide pass-band audio amplifier and 
capacitance mike with a built-in field effect transistor 
(FET) that modulates the base of the RF oscillator 
transistor (see Figure 24-2), Transistor Q1 forms a rel- 
atively stable RF oscillator whose frequency is deter- 
mined by the value of coil L1 and tuning capacitor 
C4. The setting of C4 determines the desired operat- 
ing frequency and is in the standard FM broadcast 
band with the tuned circuit design favoring the high 
end up to 110 MHz. Capacitor C2 supplies the neces- 
sary feedback voltage developed across resistor R3 in 
the emitter circuit of Q1, sustaining an oscillating 
condition. Resistors R1 and R2 provide the necessary 
bias of the base emitter junction for proper opera- 
tion, while capacitor C1 bypasses any RF to ground 
fed to the base circuit. Capacitor C3 provides an RF 
return path for the tank circuit of L1 and C4 while 


10K < 


B1 


Note that the microphone M1 has polarity. You can identify 
the ground pad by the connection tabs to the outer shell. 


Figure 24-2 Circuit schematic 


blocking the DC supply voltage fed to the collector 
of Ql. 

The audio section utilizes a high-sensitivity capaci- 
tance mike (M1) and built-in FET transistor (field 
effect) and will clearly pick up all low-level sounds in 
the speech audio spectrum. The speech voltage devel- 
oped across resistor R9 by M1 is capacitively coupled 
by C6 to the base of audio amplifier transistor Q2. 
You will note the base of oscillator transistor O1 is 
biased by resistors R1 and R2. A signal voltage now 
developed across resistor R6 is capacity coupled 
through nonpolarized capacitor CS to the base of Q] 
through resistor R4. The gain of Q2 is controlled by 
the ratio of R7 and R6. The operating point is set to 
allow full excursion of the collector to the amplified 
signal. The amplified speech signal now causes FM 
and AM modulation of the oscillator circuit by slight 
shifting of the operating point of the base section. 
Resistor R10 decouples the oscillator and audio cir- 
cuits and is necessary to prevent feedback and other 
undesirable effects. 

When properly assembled, the circuit should pro- 
duce crystal-clear quality when the receiver is prop- 
erly tuned to the unit. Note that a shunt capacitor 
may be connected across the base lead of Q1 to 
reduce sensitivity. The circuit with the components 


listed operates best in the upper FM band. This is a 
clear spot without interference from FM radio sta- 
tions. However, satisfactory performance is obtained 
above 110 MHz for limited range use. Use caution as 
this is the aircraft band and should not be used if 
near an airport (see Table 24-1). 


Assembly Steps 


Assemble the circuit as shown in Figure 24-3. 


l. Cuta piece of .l-inch grid perforated board to 
asize of 2 x 1 inches. 


tJ 


Form Ll by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This 
produces an eight-turn coil with an inner 
diameter of approximately .135 inches and a 
length of about .625 inches. Insert it in the 
proper hole and solder as shown. 


3. Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. This choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able tor the part with two of them electrically 
the same point. This is necessary as some 
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PN2222 © 


+ ci 


Connect meter to read circuit 
current as shown 


Figure 24-3 Assembly board 


trimmers may have three pins. Make sure thal 
the common pins are connected to the same 
electrical points with the odd pin to the other 
point. 


If you are building from a perforated board, it 
is suggested that you insert components start- 
ing in the lower left-hand corner. Pay atten- 
tion to the polarity of the capacitors with 
polarity signs and all the semiconductors. 
Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


Attach the external leads of the battery clip 
(CL1). 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
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LO. 


Antenna tap 
lead is routed 
thru hele to 
strain relieve 


Dashed lines are connections on underside of 


a .« perforated circuit board using the component leads. 


These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 
board. 


o Large dots are holes used for component insertion, 


e Small dots are solder junctions 


higher). Turn up the volume and position the 
receiver 25 to 50 feet from the circuit. 


If a multimeter or 50-milliamp meter is avail- 
able, connect it in series with a battery lead, 
This can be done by removing one of the fas- 
teners of the clip and connecting the meter to 
the free contacts, as shown in Figure 24-3. The 
meter should read 5 to 7 milliamps. Use a 
short piece of bare wire to touch the coil Ll a 
turn at a time, starting from the C3 end. Note 
that as you progress turn by turn away from 
C3 that the indicated meter current will drop 
or change. 


If the device performs as follows with the bat- 
tery connected, slowly rotate C4 with an insu- 
lated tuning wand until the station being 
received by the radio at approximately 108 
MHz breaks out in audio feedback or is 
blocked out. It may be difficult at first to spot 
the signal as this adjustment is very touchy. 
Also note that several spots in the adjustment 
may be erroneous and will be weak and unsta- 
ble. The correct signal will be strong, stable, 
and clear and can be verified by distance-of- 
transmission testing. 


Once the desired setting of C4 is found, it 
should be marked with the frequency noted. 
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11. When operation is verified, it may be desired 
to enclose the circuit board into a plastic box 
along with the battery. This allows easier tun- 
ing and handling. 


Notes 


One of the things to watch for when using a device of 
this type is proper tuning. The adjustment capacitor, 
C4, is quite sensitive and requires only a slight move- 
ment to change the frequency, so always use a tuning 
wand. It is very easy when one is not familiar with 
this unit to tune to an erroneous signal. This phenom- 
enon is likely to occur when the unit is close to the 
monitoring receiver. As previously mentioned, an 
erroneous signal will be weak, distorted, and unstable 
(often it is mistaken for the main signal and the unit 
blamed for poor performance), and the main signal 
will be strong, stable, and undistorted, if modulated. 
Several experiments in tuning the unit should be 
done before attempting to use it for the desired 
application. 


Also, whenever possible, the unit should be used 
around 108 to 109 MHz. which is at the boundary of 
the aircraft band and upper FM broadcast band. 
When the approximate desired spot is found, final 
touchup tuning should be done at the receiver end 
for clarity. In most areas, these “upper” frequencies 
are clear and allow uninterrupted use in contrast to 
the lower ones in the FM band where a slight change 
in frequency from a clear spot results in the unit 
being drowned out by a strong broadcast station. Do 
not go above 108 MHz if near an airport or air traffic 
lane. 

Most available FM radios can easily be detuned 
slightly to shift the dial readings down where 108 is 
109, This is accomplished by carefully adjusting the 
“oscillator,” the padding trimmer located on the main 
tuning capacitor, and “walking” a known station 
down the necessary megahertz or two, An antenna- 
peaking trimmer should now be adjusted for maxi- 
mum signal at the high end. 

Optimum performance will require a good-quality 
receiver with an analog slide-rule-type tuning dial. 
Digital tuned receivers will not work that well. 


e ccc 


Table 24-1 Long-Range FM Voice Transmitter 
Part List 


Ref. # Description DB Part # 
Rl 15K, (watt resistor (br-gr-or) 
R2 3.9K, '/4-watt resistor 
(or-wh-red ) 
R3 220-ohm, '/s-watt resistor 
(red-red-br) 
R4,5 Two LK, -watt resistors 
(br-blk-red ) 
R69 Two 10K. -watt resistors 
(br-blk-or) 
R7 390K, '4-watt resistor 
(orwh-yel) 
EL.6 Two .01-microfarad, 5U-volt 
disc capacitors 
E 4- to 6-picofarad small silver DB*4.7P 
mica disk (4.7) 
C3 _1-microfarad, 50-volt plastic 
capacitor 
C4 6- to 35-picofarad trimmer 
capacitor DBF 635P 
OS 2.2-microfarad, 25-volt vertical 
nonpolarized electrolytic 
capacitor 
CLI Battery snap clip and leads 
Q1,2 Two PN2222 NPN general- 
purpose transistors 
Ll Coil wound as described DB# COILST 
in assembly steps 
PBOARD 2x 1 X .1-inch grid perforated 
board 
WR24BUSS 12 inches of #24 bus wire for 
wiring and antenna tap 
WRI6BUSS 6 inches of #16 bus wire 
for making L1 coil 
M1 Special FET-bypassed DB# FETMIKE 
microphone 
PEXFM1 DB# PCXFM 
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Your TV disrupter, as shown in Figure 25-1, is 
designed and built on a piece of perforated circuit 
board that can fit inside a small plastic case. It oper- 
ates using two standard, 9-volt transistor batteries in 
series. A unique pulsing circuit causes carrier devia- 
tion at 1,000 Hz, which creates a highly effective 
interfering device. The unit is tuned to a certain chan- 
nel or frequency via a miniature tuning capacitor and 
then is controlled by a shght action of hand move- 
ment for further control. 

This device is intended as a barroom joke and 
must not be abused. No attempts should be made to 
add an antenna because the range can be excessive 
and become a highly illegal device. When used as a 
harmless gag, such as in a bar, you can drive the bar- 
tender crazy because just as he is about to make an 


Assembly board 


Figure 25.] 
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adjustment to a TV to get rid of the interference, you 
simply detune the device to make an adjustment to 
get rid of the interference and take the disrupter off 
the channel. When he thinks the problem ts solved 
and continues his other duties, you hit it again. You 
can only begin to imagine the enjoyment (as a gag) of 
creating such havoc and being completely unnoticed, 

Also, any FM radio station can be interrupted with 
a 1,000 Hz tone that is many times louder than the 
normal received station. Obviously, a fun-loving per- 
son can use his or her imagination and come up with 
many harmless uses for the device. 

[It must be stated that using a device of this nature 
could be considered illegal, and discretion should be 
used at all times because a good gag can become a 
hateful nuisance. Also note that when cable TV is 
used, it may be necessary to get as close to the set as 
possible for maximum effect, 


‘The following plans show how a miniature, simple, 
Inexpensive electronic circuit can disrupt TV and 
radio communications in a very limited area. The unit 
can also be used to blank out those tiresome com- 
mercials, 


Chapter Twenty-Five 


Circuit Theory 


The I1 timer generates positive pulses that occur 
across R4. The frequency of those pulses is a function 
of R1 and C1 and consequently establishes the pulse 
repetition rate of the device. This frequency modu- 
lates the base of O1, which is a variable oscillator 
whose frequency is determined by C6 (see Figure 25- 
2). See Table 25-1 for the parts list. 


+ 


C1 C2 
1M 01 
M 

TEST TONE 


= = ===. 


Figure 25-2 Circuit schematic 
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Assembly Steps 


Lay out and identify the parts with the bill of materi- 
als. Insert the components as shown in Figure 25-3, 
starting from one end of the perforated circuit board, 
and follow the locations using the holes as guides. 
Use the leads of the actual components as the con- 
nection runs, which are indicated by the dashed lines. 
It is a good idea to trial-fit the parts before actual sol- 
dering. Always avoid bare wire bridges and globby 
solder joints, and check for cold or loose solder joints. 
Always pay attention to the capacitors with polarity 
signs and all the semiconductors. 

To adjust for frequency, set the TV to channel 2 
and turn C6 for maximum capacitance (for a prelimi- 
nary frequency, when adjusting, it is advisable to use a 
lower voltage due to the possibility of interfering 
with other than TV or radio stations such as police or 
aircraft bands). Adjust L1 by compressing turns until 
the interference is noted on channel 2. Turn to other 


channels, turn on C4, and note the complete cover- 
age. Channels above 6 are covered by the harmonic 
output of the device. 


C7 
47M 


Dashed lines indicate under board wiring runs. ci 


Black dots are holes used for leads of components 


1/4 x 1/2" 
Copper 


Note clearance holes for wires to battery clips and antenna lead for strain relief 


SS AS 
C6 Side view showing 


Blow up showing method of attaching a 
piece of capper to adjustment screw of 
C6 allowing finger control of frequency 


ANTENNA 
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Figure 25-3 Assembly board i RW - 
Several points of interest should be mentioned Cable and satellite TV will often require the unit As, 
here, one being the ability to tune the unit on or off to be very close to cause an effect. There is no control = 
of a particular channel with just hand capacity (slight over this, as the unit is designed to interfere with the cy 
movement near L] ): that is, the ability to detune the actual frequency of the station being received, as was (D 
circuit with your hand creates a virtual capacitance. the case before cable and satellite services. B 


The other is the ability to also cover the FM radio 
band. This is accomplished by decompressing the coil 
(spreading the turns apart) and eventually adjusting 
L1 and C4 for the necessary coverage. It should be 
noted that all channels can be covered along with the 
FM band when properly adjusted. It may be neces- 
sary to remove a turn or two from Ll to a range on 
the FM radio stations. 
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Chapter Twenty-Five 


Table 25-1 FM Pocket Radio and TV Disrupter 


Parts List 

Ref. # Description DB Part # 
R1,2 Two 1K, Ys watt resistors (br-blk-red) 

R3 220-ohm, '/4-watt resistor (red-red-br) 

R3 100-ohm, Va-watt resistor (br-blk-br) 

R4 3.9K, '/4-watt resistor (or-wh-red) 

R5 15K, '/-watt resistor (br-gr-or) 

Cl |-microfarad, 35-volt vertical 


electrolytic cap (ereen or blue can) 


C2,4 Two .01-microfarad, 25-volt disk caps 
(103) 


c3 „l-meter, 50-volt ceramic cap 
(blue tablet .1) 


C5 6-picofarad, zero temp (4.7 disk) DB# 4.7P 


C7 A7-mierofarad, 35-volt vertical 
electrolytic cap (green or blue can) 


C6 6- to 35-picofarad trimmer tuning Cap DB# 635P 
Ol PN2222 NPN high-frequency, general- 
purpose transistor 
[1 555 dual inline package (DIP) timer 
integrated circuit (IC) 
S2 Single pole, single throw (SPST) slider 
switch 


CLA Two-battery snap clip 


WRI 9 inches of #16 buss wire; wind seven 
turns on a pencil-sized object 


WR2 12 inches of #24 vinyl hookup wire 


PBI 2.5 x 1.8 x .l-inch grid perforated 
circuit board 


L1 Coll as shown DB# COILST 


IIIe 
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Treatment 


This project, as shown in Figure 26-1, can very 
effectively purify water for use around the home or 
farm. The system will produce up to 5 grams per hour 
sufficient for swimming pools, laundries, and other 
medium-volume applications. The system covered 
here is shown in five different sizes and uses easy-to- 
construct modules requiring only a flow of air for 
operation, 

This is an intermediate-level project requiring a 
basic electrical hookup. Expect to spend $50 to $250 
depending on the size of the system chosen and the 
availability of the required air source. All parts are 
readily available, with specialized parts obtainable 
through Information Unlimited at 
www.amazingl.com, and they are listed in the 
parts list at the end of the chapter. 


Figure 26-1 


The water treatment system 
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Introduction to the Benefits of 
Ozone 


Ozone is an unstable form of oxygen. Normal oxygen 
is diatomic (0,), existing as two atoms of oxygen that 
form the molecule. Whereas ozone is tri-atomic (0,), 
existing as three atoms of oxygen for the molecule. 
The tri-atomic form of oxygen is very unstable, wanting 
to lose the third oxygen atom and combine with 
whatever atom it can (oxidization). This property 
makes it the most active oxidizer known, with the 
exception of the very hazardous fluorine gas. 

Ozone at normal pressures is colorless and produces 
a pleasing, fresh-air odor often like that after an old- 
fashioned thunderstorm. Under pressure, it becomes 
a bluish gas. 

Ozone is also a very powerful bactericide, It is not 
affected by pH, as is chlorine, thus making it an excel- 
lent candidate tor pools, spas, laundries, and general 
water treatment applications. It is many times more 
soluble in water, further enhancing its purifying 
effect. Ozone will combine with diatomic nitrogen N?, 
forming nitrous oxide, 2NO. This oxide quickly com- 
bines with water, forming nitric acid, HNO. This is 
often a very undesirable effect when used with 
straight air. Pure oxygen greatly minimizes this effect 
and is often required in many applications. However, 
those requiring a supply of concentrated nitric acid 


for nitration may wish to consider ozone and air with 
a condensing apparatus to obtain this useful acid. A 
condensing apparatus takes vapor from the ozone gas 
along with water and nitrogen to form a liquid by con- 
tacting them with cooler surfaces. The liquid (now 
nitric acid) flows down into a collection container by 
gravity. In the same way the old timers made moon- 
shine, this uses a simple and basic chemical reaction 
where 20% + 2N? + 2H,0 yields 2H(NO*) + H,O + 
2NO, 


Ozone for Water 
Applications 


It is estimated that 20 percent of all ground water ts 
contaminated by pesticides, benzene. and pheno! 
derivatives along with other undesirable organic sub- 
stances. Ozone can oxidize many of these compounds, 
along with deactivating many viruses and harmful 
bacteria. Ozone will also oxidize certain inorganic 
compounds, such as iron and manganese, making 
them more easily removable by filtration. 


Chlorine and bromine are often the choice of 
disinfectant for swimming pools and spas. The effect 
of these halogens is often dictated by pH, temperature, 
and agitation. Extreme heat and agitation can produce 
chloroform, a very toxic carcinogenic. The Environ- 
mental Protection Agency (EPA) is already taking a 
look at these chemicals for this use. 


Ozone-treated water will destroy fungus, mold, 
and many pathogens found in water when used for 
washing fruits and vegetables in packing lines. When 
discharged, ozone causes little change to the benefi- 
cial bacteria in sewage treatment facilities. 

Additionally, freshly caught fish will last longer 
when washed with ozone-treated water, and ozone’s 
oxidizing action can eliminate odors from stored 
cheese. Egg storage time is increased, and wine can 
be aged faster. The removal of odors produced by the 
bleaching of beeswax, starch, flour, straw, bones, and 
feathers are all aided by ozone treatment. Also, the 
grease and wax on cotton and wool fibers can be 
decomposed by ozone, and gray mold on the surface 
of fruits and vegetables can be controlled by ozone. 


Ways to Generate Ozone 


Ozone can be produced by an electrical discharge or 
by a high-frequency electromagnetic wave, A high 
frequency requires the wave to be in the ultraviolet 
spectrum where Planck’s energy formula, W = helv, 
starts to become effective, This is where energy ina 
wave packet in ergs is equal to Planck’s constant 
times the speed of light in centimeters divided by the 
wavelength in centimeters. It is this energy that 
causes the stable O, to break up and recombine with 
other O, to form unstable O,. Germicidal lamps 
operating at 253,7 nanometers can produce ozone. 


The method presented here utilizes the ozone- 
producing properties of an electrical discharge. We 
have all, at one time, smelled the by-products of 
ozone. After a thunderstorm, it can be detected, as 
well as on certain days where electrical activity is 
spawning a storm. A sparking electric discharge such 
as brushes on a motor will create ozone also. 

Our method uses a metal tube with a conductor 
running down the center. The conductor and the tube 
are insulated by one another and must support the 
high frequency and high voltage necessary to create a 
corona without breaking down into an are. The ozone 
produced in the tubular cavity must be made to flow 
using moving air for cooling and replenishing air to 
be converted. 

This method, while producing usable ozone, has 
several disadvantages. First, normal air contains nitro- 
gen that likes to combine with the ozone to produce 
nitrous oxides. Second, air contains water in the form 
of moisture, Without getting into basic chemistry. we 
know that water plus nitrous oxide forms nitric acid, 
which is corrosive and undesirable for air purification 
applications. However, a very effective way of making 
this acid is to allow the oxides to combine with water 
vapor or steam and condense in a cooling tube, pro- 
ducing concentrated nitric acid that can be used in 
the manufacture of high explosives. The 5 gram per 
hour system can produce enough nitric acid that. when 
mixed with battery acid (sulfuric acid), can produce 
usable amounts of high explosives by the simple 
nitration of many organic compounds. 
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Select the system you require from Figure 26-2. 
Note that each is complete with the mating power 
supply. 

Wire up the system as directed in Figure 26-3. 
Obtain a suitable air supply and connect up the hoses 
as shown. Use ozone-resistant material for connections 
to the cell. 

Turn on the air supply and note a bubbling [rom 
the output hose immersed under the water. Apply 
power to the high voltage and note a distinct smell 
coming from the hose when pulled out of the water. 
Reinsert and rig the hose end to stay under the 
water. The unit is now ozonating the water. 


ne ETN er RN Re 


~ Multiply CFM by 28.3 to get Liters per minute 


Each DATA BASE# system is complete with a matching power supply and ready to connect up as shown on figure 26-3 


Figure 256-2 System selection specifications 
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Figure 26-3 Ozone system diagram 


Air Pump 


Ozone O* Generator 


High Voltage Power Supplies 


Input 


The high voltage power supplies used in these systems operate from normal 115 Vac 60 Hz. They are 
listed with the appropriate ozone cell on figure 26-2 


The air pumps used can be that appropriate for the volume of the particular syste. A flow meter should 
be used when first setting up the system to verify proper air flow. Pure oxygen works the best and is 
available in cylinders with regulator valves and optional flow meters. Large aqguanum air pumps may be 
used with the smaller systems while rotary vane air Compressors are suggested for the larger systems. 
Note to multiply cubic feet per minute (CFM) by the factor 28.3 when converting to liters per minute. 


Use ozone resistant tubing such as VITOR or HYPALON for connection to the cell 


Use standard wiring codes for all 115 vac connections. The high voltage output wires from the high voltage 
power supply must be free from conductive objects and should be as short as possible. Do not twist 


together, 


a pr) Table 26-1 Ozone Generator for Water COMPRESSOR Rotary vane compressor 
FA) Treatment Parts List a 

$ CORDI Three-wire power cord 
y Fef. # Description DB Part # SWITCH Two switches to control 


L) OZONE300 
e OZONESO0 

Es 

| OZONE2000 
Y OZONES000 
} «HOSE 


100 to 500 meg/hr 
system! 182 mm 
115 VAC @ 2 amps 


500 to 1,000 me/hr 
system/282 mm/ 
115 VAC O .6 amps 


1,000 to 2.000 mg/hr 


systemy/382 mm/ 
115 VAC @ .9 amps 


2.500 to 5,000 mg/ 
hr system/482 mim 
115 VAC @ .2 amps 


Connecting hoses, use 
ozone-resistant VITOR 


or HYPALON 


air compressor and 
high-voltage supply 


DB# OZONES00 


DB OZONESO) 


DB+ OZONE2000 


DB# OZONES5000 
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This project shows how to build a battery-powered 
magnetic pulser that can provide relief from aches 
and pains, as well as improve upon many different 
health concerns and conditions, The unit is built ona 
small circuit board that can easily fit into a cigarette 
pack-size enclosure, along with its 9-volt battery or 
wall adapter (see Figure 27-1). 

This magnetic pulser is designed so the magnetic 
north pole is applied to the body only. The coil 
strength is 10,000 gauss and it pulses at 1,000 times a 


Figure 27-1 The thermomagnetic pulser 
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a9netic Pulser 


second. A small switch can be used to turn the device 
off or vou may simply unsnap the battery clip. 


When an aluminum beer or pop can is held 
between your ear and this pulser, you hear a strong. 
distinct ringing as the can itself becomes the opposing 
polarity. If you hold the coil in front of a TV. you can 
see lines forming on the screen. On some TVs, the 
lines are visible when it’s held as far away as 3 inches. 

This magnetic pulsing action is more powerful and 
effective than traditional magnetic therapy. The puls- 
ing coil takes magnetic therapy to a whole new 
dimensional level with many yet-to-explore exciting 
breakthroughs and results, 

Permanent magnets, no matter how strong, will 
not produce the same results as this device's pulsed 
helds, which now produce induced back-emf currents. 
This requires a high-intensity. time-varying, magnetic 
impulse, not just a steady-state magnetic field. 

Permanent magnets have their uses, but they work 
in different ways with different results, Equally impor- 
tant is the fact that we have “electric-powered” brains: 
All our thoughts and perceptions consist of complex 
networks of electrical signals and electromagnetic 
fields that pulse and sweep throughout the brain. So 
it then makes sense that harmonic electrical revital- 
ization of the brain can harmonically influence your 


mental state and positively alter mental effectiveness. 


Externally applied magnetic pulses to the lymphatic 
system, spleen, kidney, and liver help neutralize ger- 
minating, latent, and incubating parasites of all types, 
helping to block reinfection. This speeds up the elimi- 
nation of disease. restores the immune system, and 
supports detoxification. The movement of the 
lymphatic system is essential in purifying, detoxifying, 
and regenerating the body, supporting the immune 
system, and maintaining health. Normally, the lymph 
is pumped by the movement of our body’s electro- 
magnetic field with vigorous exercise and physical 
activity. However, a clogged, sluggish, or weak lym- 
phatic system prevents the body from circulating vital 
fluids and eliminating toxic wastes, thus weakening 
the immune system. It makes us vulnerable to infec- 
tions and diseases. In order to be healthy, it is essen- 
tial to keep the energy balanced and fluids moving so 
that the body’s natural intelligence may operate at its 
full healing capacity. In addition, each cell must be 
enlivened with its own unique energetic frequencies 
and harmonic energy state and be harmonically con- 
nected to the life-force energy throughout the rest of 
the body. 

Pulsed electromagnetic fields influence cell behavior 
by inducing electrical changes around and within the 
cell. Improved blood supply increases the oxygen 
pressure, activating and regenerating cells. Improved 
calcium transport increases the absorption of calcium 
in bones and improves the quality of cartilage in 
joints, decreasing pain dramatically. Acute and even 
chronic pain may disappear completely. 

This device uses complex energy pulses of magnetic 
waves to stimulate certain body functions. It acceler- 
ates the production of vitally important hormones 
often providing miraculous effects. Magnetic pulsing 
aids in human growth hormone production and neo- 
transmitter production. The results are remarkable, 
increasing vitality, sexuality, and accelerated healing. 
It also helps learning and the reduction of memory 
loss with reports of increased psychic ability for some 
people. The magnetic pulser also revitalizes and reju- 
venates. As we get older, hormone production drops 
off considerably and ts a reason why we age. 

Users are experiencing faster healing of injuries, 
including bone fractures, carpal tunnel, and arthritis. 
The pulsed magnetic field stimulates blood flow and 
cellular respiration in the area applied. Reports have 


also documented that people’s migraine headaches 
have ceased after magnetic therapy has been applied. 

This pulser can be worn, held, or wrapped to any 
part of the body or held in place with a tension band- 
age. You can use your pulser while driving and on the 
go, rather than having to stop and apply it when sitting 
or lying down, as is necessary when using a 110-volt, 
standard magnetic pulser. The product is currently 
being sold only for experimental research and testing. 

This is a simple, basic-level project requiring 
minimal electronic skills. Expect to spend $15 to $20, 
All parts are readily available, with specialized parts 
obtainable through Information Unlimited 
(www.amazingl.com). and they are listed in the parts 
list at the end of the chapter. 


Circuit Description 


Figure 27-2 shows a 555 timer (11) connected as a 
free-running, astable pulse generator. The output 
pulses are nonsymmetrical with a ratio of low to high 
time of 10 to 1. Discharge resistor R3 and forward- 
conducting diode D2 control the low time, whereas 
charge resistor R2 and forward-conducting diode D| 
control the high time. Timing capacitor C2 is common 
to both states of the pulse being alternately charged 
and discharged. 

Magnetic energy is produced when the timer 1] 
turns on transistor Q1. The current now has the “on” 
time of the pulse to build up and then collapse in the 
flux coil LI when Q1 is turned off. The stored energy 
is returned to the circuit by diode D3. The result is a 
steady train of magnetic pulses at 1,000 pulses per 
second, 

The switch S1 allows the unit to be turned on and 
off and also allows switching in another range, 
dropping the pulse repetition to 100 per second. It is 
interesting to note that claims using specific pulse 
repetition rates of 20, 72, 95, 100, 125, 146, 440, 600, 
660, and 727 have proven very beneficial. Do not 
attempt to extend the frequency without first deter- 
mining the current rise in the coil. Current may be 
excessive and will require more turns as the fre- 
quency is lowered. 
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Waveform at collector of Q1 


Figure 27-2 Circuit schematic 


capacitors with polarity signs and all the semi- 
Assemb ly conductors. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 


|. Assemble the flux coil as shown in Figure 27-3 
by first drilling a small hole adjacent to the 


inner diameter so that the “start” lead can exit E l 
the winding. Carefully wind 100 turns of #24 the dashed lines on the assembly drawing as 
magnet wire in even windings. This is not these indicate the connection runs on the 


necessary but makes tor a neat-looking con- underside of the assembly board. 


struction. Note to wind the wire so that its 4. Attach the external leads from the battery clip 
direction is the same as the figure with the and flux coil. Note the polarity of the leads on 
leads routed as directed. This will guarantee this part as indicated in Figures 27-2 and 27-4. 


the correct polarity as shown. 


5. Double-check the accuracy of the wiring and 

2. Cuta piece of .l-inch grid perforated board to the quality of the solder joints. Avoid wire 

a size of 2.6 X 1.8 inches, as shown in Figure bridges, shorts, and close proximity to other 

27-4, Locate and drill the holes as shown for circuit components. If a wire bridge is neces- 

the leads of battery clip CL1. sary, sleeve some insulation onto the lead to 
3, When building from a perforated board, it is avoid any potential shorts. 

suggested that you insert the components 6. You are now ready to test the unit. Connect it 

starting in the lower left-hand corner as to a 9-volt battery and note a current draw of 

shown. Pay attention to the polarity of the 60 to 80 milliamps. Place the coil of the unit 
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North face should be 
directed to user 


"START" lead 
connects to 9 vdc A 


"FINISH" lead must 


South face directed connect to collector of Q1 


toward assembly board 


WOUND BOBBIN 


Coil must be wound in the direction as shown. Use #24 
magnet wire and attempt to wind 100 turns in even layers. Use 
a hot iron to burn off the enamel coating and tin the wire ends. 


BOB 1.5 


Figure 27-3 Flux coil assembly 


Figure 27-4 Board assembly — 
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Leads do flux col LI shoud be te 
PB1 inches in length to allow positioning of 
south face against wiring beneath tha 
board. Use silicon rubber to secure 


FLUX COIL 
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| 
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F; Thinner dashed lines are #24 buss wire and 
component leads wherever possible. 


| Triangles are direct connection point junctons 
beneath the board. 


Solid black lines are external leads for inpul and 
output lines. 


®© Circles with solid dots indicate holes for passage ol 
leads for strain relief 
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near a teleyision screen and note the lines 
appearing. You may also put a metal can onto 
the coil head and place your ear to the can, 
noting a 1 to 2 KHz tone. If you have a scope, 
note the waveshape shown in Figure 27-2, 


7. To use the unit, simply place the north face of 
the coil to the target area and allow exposure 
for several hours. 


Table 27-1 Therapeutic Magnetic Pulser 


Parts List 
Ref. # Description — = DB Pat# 
RI 1K, 4-watt resistor 
(br-blk-red) 
R2 8.2K, -watt resistor 
(gray-red-red) 
R3 LOOK, '4-watt resistor 
(br-blk-yel) 
R4 100-ohm, 4-watt resistor 
(br-blk-br) 
Cl .047-microfarad, 50-volt plastic 
capacitor 
C2 1-microfarad, 25-volt vertical 
electrolytic capacitor 
C3 100-microfarad, 25-volt vertical 
electrolytic capacitor 
C4 01-microfarad, 50-volt disk 
capacitor (103) 
D1,2 Two IN914 silicon diodes 
D3 1-kilovolt, 1-amp diode 1N4007 
Ql TIP31 NPN TO-220 power 
transistor 
1] 555 dual inline package (DIP) 
timer 
BOB1.5 1.5 X .3 x.75-inch ID nylon 
bobbin (see Figure 27-3) DB# BOB1.5 
L1 Flux coil (see Figure 27-3) DB# FLUXCOIL 


PBOARD 2.6 x 1.8 X .1-inch grid 


CL1 


perforated board as shown in 
Figure 27-4 


Y-volt battery snap clip 
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This unique circuit shown in Figure 28-1 is designed 
lo produce a relaxing sound like that of a breaking 
surf. It is technically known as pink noise. being defined 
as a random distributor of equal sounds in the audi- 
ble spectrum, favoring the higher-frequency end. 
Pink noise has a spectral intensity that is inversely 
proportional to frequency for a given range. There- 
fore equal power is dissipated into a fixed resistance 
in any octave bandwidth in that range. White noise is 
random noise. which is typically thermal and shot 
noise, has a constant energy per unit bandwidth. and 


is independent of the central frequency at the band, 


Figure 28-1 


The board-level generator 


This device is intended for use as a relaxing source 
of sound and also as a mask for certain types of 
surveillance equipment. Crashing surf is an excellent 
example of naturally produced pink noise that has a 
great relaxing effect. Due to the nearly equal ampli- 
tude of all the frequencies generated, the electronic 
equipment of an acoustical nature becomes easily 
overloaded and saturated. whereby normal voice 
sounds of varying amplitude and of limited bandwidth 
are much more finite and are unable to be processed 
by the equipment. In other words, the noise jams the 
microphone and audio preamplifier circuitry, thus 
rendering it unable to detect normal voices, (It should 
be noted that in certain instances a running shower 
will sometimes help simulate pink noise.) 

The signal from the device is intended to be fed 
into the input of any amplifier, radio, or tape deck. II 
is easily connected to the center arm of the volume 
control if an input jack is not provided in a regular 
radio. (You will note the phono plug attached.) Also, 
the two batteries used are left on permanently, due to 
the fact that so little power is used. 

The optional “speaker amplifier” reference 
schematic in Figure 28-2 is built on a piece of pertboard 
using standard audio-frequency wiring techniques, 
When used as a totally self-contained system, the 
electronics may be housed along with all batteries 
into a case or enclosure determined by the builder, 


This approach provides a convenient portable unit, 


a u 


2% 9 Volt | : 
+ 


Ba 
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Sar Iii lll AE above and below the zero 
vote Jp | Wi volls DC reference 


Figure 28-2 Circuit schematic 


Circuit Description 


Pink noise is a form of white noise that is the Gaussian 
distribution of all possible frequencies, the difference 
being that pink noise is more weighted to the audio 
spectrum. This form of noise has some very interest- 
ing properties, one being the ability to cause relax- 
ation and a sense of well-being. Another property is 
that it provides a background that will completely 
mask an annoying device, rendering it unable to 
affect normal conversation. The device described is 
designed to work with any sound system with an 
audio input or ts easily adapted to drive a loudspeaker 
by connecting it to a normal radio or building an 
optional speaker amp, as shown in the accompanying 
plans, making a complete system (see the parts list at 
the end of the chapter). 

The circuit works in the following manner: A base 
emitter junction of transistor Q1 is reversed biased 
through a current-limiting resistor into breakdown 
(avalanche) condition. The random shot noise created 
is fed to the common emitter amplifier transistor, Q2, 
and to a filter, which in turn provides a low-level 
signal output. The unit module board and the batteries 
are placed in a plastic case with pieces of foam rubber 
or plastic. The outlet leads are fed out per the builder’s 
requirements. The batteries are permanently installed 
and left on because the operating current is so low 
that there is no reason for a switch. Note that Jl is not 
required if using the optional speaker and amplifier 
circuit. 
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Optional Noise Seneralor Speaker Amplifier 


Use a walladapter transformer converter or a 9 vol battery 


Assembly Steps 


If you are a beginner it is suggested you obtain our 
GCATT General Construction Practices and Tech- 
niques. This informative manual explains basic prac- 
tices that are necessary in the proper construction of 
electromechanical kits and is listed in Table 28-1. 


1. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on the 
parts list. 


2. Cuta piece of .1-inch grid perforated board to 
a size of 3 x 2.4 inches, Locate and drill the 
holes as shown in Figure 28-3 for the leads of 
the battery clips. 


3. If you are building from a perforated board, it 
is Suggested that you insert the components 
starting in the lower left-hand corner as shown 
in Figure 28-3, Pay attention to the polarity of 
the capacitors with polarity signs and all the 
semiconductors. Route the leads of the com- 
ponents as shown and solder as you go, cutting 
away unused wires. Attempt to use certain 
leads as the wire runs or use pieces of the #24 
bus wire. Follow the dashed lines on the asse- 
mbly drawing as these indicate connection 
runs on the underside of the assembly board. 
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4. Attach the external leads as shown in Figure 7 
28-4. Notice the special note on the shielded Testing Ste ps 
cable. 


- Insert the two battery clips and plug the output cable 
5. Double-check the accuracy of the wiring and 


the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge 1s neces- oa ar 
sarv. sleeve some insulation onto the lead to make the adjustment as shown in Figure 28-2. If you 


into the microphone or auxiliary jack of the existing 
system. Note the rushing sound and adjust the trim- 
pot R1 to the desired effect. If you have a scope, 


avoid any potential shorts. build the speaker amplifier section, simply connect it 
as shown for a self-contained system suitable for 
nightstand use. 
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Figure 28-3 Assembly beard layout 
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Figure 28-4 Assembly showing external leads 


Table 28-1 Noise Curtain Generator Parts List 


Ref. # Description DB Part # 


RI LOOK trimpot vertical mount 

R2,3 Two LOOK, -watt resistors 
(br-blk-yel) 

R4 2.2K, 4-watt resistor 
(red-red-red) 

RS IUK trimpot vertical mount 

Ro [O-ohm, -watt resistor 
(br-blk-blk) 

(1,2 lO-microtarad, 50-volt vertical 
electrolytic capacitor 

C3 0 1-microfarad, 50-volt disc 
capacitor 

C4 .Ol-microtarad, 50-yolt disk 
capacitor 

CS | 000-microfarad, 25-volt vertical 
electrolytic capacitor 

Cå 047-microfarad, 50-volt plastic 


capacitor 


—_—_—_—_ _——————_—_————_— ——_—_————— 
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C7 220-microfarad, 25-volt vertical 
electroly lic capacitor 

gL Two PN2222 NPN general- 
purpose transistors 

11 LM5386 dual inline package (DIP) 
operational ampliher 

PBI 225 x 3% .1 & .!-inch grid perforated 
circuit board 

SPK] small 6- to 16-ohm speaker 

CL1,2 Two 9-volt battery clips and leads 

P] RCA phono plug 

SHC] = 12-inch shielded microphone cable 


Mind-Syñe 


=n 


Caution: This machine can trigger epileptic seizures 
and should be avoided at all costs by anyone who sus- 
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Your mind synchronizer is designed to be a com- 
pletely self-contained unit with built-in batteries (see 
Figure 29-1). The system produces a variable-rate. 
flashing, monochromatic, directional, “shaped” light 
source (a light source with a variable ratio of off to 
on times), and a complementary synchronized audio 
pulser with tone-shaping control. The unit may be 
used so that a group can be exposed to light and 
sound pulses. For individual use, headphones can be 
used, along with special assembled light glasses. These 
are shown made from an existing pair of sunglasses. 
Optimum performance requires a quiet and reason- 
ably low light condition, and distractions must be at a 
minimal. The mind-synchronizer can produce strange 
and bizarre hallucinations, as well as provide a sense 
of relaxation and well-being, 


Information on Mind Control 


Today's work environment demands that we have the 
ability to excel, to compete, and to resolve problems. 
Hence, the most important tool we possess is our 
mind. To optimize our potential, we now offer our 
low-cost mind-synchronizing unit. 
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Figure 29-1 


Photograph of untt 


After 25 years of research, Dr. Axel Bruck of 
Berlin, Germany, created a machine that can 
enhance, develop, and perfect the qualities within you 
in order to attain the goal of mental fitness. It has 
been found that external stimulation evokes a mental 
reaction in people that is either active or passive. The 
mind synchronizer can determine automatically the 
kind of person you are. An evaluation is performed 
via the means of a hand sensor using a technique 
called biofeedback, which is sensitive to the flow of 
blood. This knowledge is very important for providing 
optimal stimulation to the users. 


Having determined the kind of person you are, the 
mind synchronizer now uses “programmed” light 
pulses and “shaped” sound to help you reach a 
required mental condition, be it relaxation or efficiency. 
It has been known for hundreds of years that an 
external rhythm of light and sound has an effect on 
your mental condition. The mind synchronizer is a 
modern version of a drum and a flickering fireplace. 


Through extensive scientific measurements, 
experiments, and results, the mind synchronizer can 
improve your performance level by using the right 
stimuli: 


e Deep relaxation to the point of sleeping 
e Relaxation 
e Equilibrium 


e Activation of muscles doing physical 
movements 


e Efficiency 


Whether in sports, professions, or personal lives, 
the development of personality and identity is vital to 
personal success and satisfaction. The mind synchro- 
nizer trains and perfects your mental and psychic 
abilities so that you have a stable way of thinking 
with a healthy outlook. The mind synchronizer teaches 
you the technique of concentration, stress handling, 
focusing, visualization, relaxation, and self-awareness 


When using the mind synchronizer, you learn to 
set a goal and concentrate on this goal completely. 
You eliminate all distractions and thereby maintain 
your concentration over a long period of time. By 
doing so, you improve your power of concentration. 
In the long run, you will think clearly, make better 
decisions, and deal more effectively with life itself. 


a 


The program of relaxation combats stress, tension, 
and direct pressure. Almost everything we do causes 
stress. Stress means that the body is in a chaotic con- 
dition. The opposite of stress is relaxation. The right 
kind of relaxation is an optimization of mind, concen- 
tration, learning ability, performance, and health. 


In reality, a relaxed person saves more than half a 
billion heartbeats over a nervous or hectic person, 
according to Professor Prinzinger’s theory of the 
Quiet Pulse. Professor Prinzinger performed much 
research into the various relaxed states of the body 
and the relationship of relaxation to heart rate and 
blood pressure. The body consumes less energy, 
organs are burdened less, and life expectancy increases. 


The program of efficiency is a newly developed 
psycho-active technique: the indication of uncon- 
scious eye movement and the employment of rhythm 
displacement. Certain stimulating rhythms such as 
that of a strobing light can produce nausea when 
strobing at 20 repetitions per minute. Other stimulat- 
ing rhythms of lower repetitions per minute can pro- 
duce relaxation and the feeling of well being. In such 
a case, eye movement usually follows at the lower 
repetition rates. The combination of visual effects 
(flashing light-emitting diodes [LEDs]) with audio 
input (via a headset) produces high-efficiency per- 
formance. The mind synchronizer establishes physical 
and mental readiness to attain this goal of high 
performance. 


The program of activation involves more optic, 
visual patterns than acoustic ones to provide “imagi- 
nation journeys.” To experience associations with 
your own history and your own personality, you will 
be able to discover your emotional condition and 
personality. 


The program of equilibrium allows for meditation 
with your eyes open. You would observe attentively, 
simply, and exactly each individual light source and 
its changes. The mind synchronizer will bring you the 
healthy balance you desire through light and sound. 


Mind machines are available from a wide variety 
of sources today. Often referred to as hemispheric 
synchronizers or cortical-frequency entertainment 
devices, they all basically perform one basic function: 
They lead the brain to synchronize both hemispheres 
and then lead those synchronized hemispheric fre- 
quencies to a specific target frequency. In order to 
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understand why anyone would want to do such a 
thing, let's examine what frequencies the brain pro- 
duces and what people experience when the brain is 
at these frequencies. 


Generally, brain waves are broken down into four 
different levels. They are referred to as beta, alpha, 
theta, and delta. With respect to frequency, they are 
as follows: 


Beta: 13 cycles per second or more 
Alpha: 8 to 12 cycles per second 
Theta: 5 to 7 cycles per second 


Delta: 1 to 4 cycles per second 


Profound changes take place in a person’s conscious 
experience at each of these levels. The beta frequency 
is the “normal” waking frequency, the drive-in-the-city, 
go-to-work, drink-coffee frequency, and it can range 
as high as 40 cycles per second. It is not a relaxing 
frequency. 


The alpha frequency is a realm of relaxed aware- 
ness. It has been shown in a concrete fashion that this 
frequency is associated with an increased capacity for 
learning, comprehension, and retention. It is in the 
alpha state that the best learning occurs. 


Theta is a hypnotic state often associated with 
meditation, a zen-like state of waking dreaminess. It 
can be a profoundly relaxed state where internal 
associations and thoughts can form ideas with clarity 
that could never have emerged in the normal, high- 
noise environment of the beta state. This is also the 
range that many native shamans have been found to 
enter when engaging in healing trance work. It is a 
state of profound tranquility. 


The delta state is much simpler to define; you’re 
asleep. When your brain waves are in the delta range, 
you're in a sound and restful sleep. 


A number of studies have been done that indicate 
that a flashing light has a profound impact on the 
entire brain, more so than a pulsing sound or feeling. 
When the brain is exposed for a time (as short as 2 to 
5 minutes) to a flashing light at a speed close to the 
brain's existing operating frequency, the brain will 
begin to synchronize with the stimulation. Moreover, 
both hemispheres, which are often operating at dif- 
ferent frequencies, will harmonize. This has also been 
shown clinically and statistically to be an aid to mental 


functioning. Many books are available on the market 
on this subject for anyone who would like more 
detailed information on these studies. 


Operating a Mind Machine 


Now with the previous information in mind, the 
operation of the mind machine in all of its forms is 
basically the same. Start the machine off at a fre- 
quency that is roughly equivalent to the operating 
frequency of your brain at the time. (Use your own 
feelings as a gauge. If you're frazzled, start at maximum 
frequency; if you're pretty mellow, start at about 
half-frequency.) Allow yourself about 3 to 4 minutes 
at this frequency, and then slowly begin bringing the 
frequency down, very slowly. You should take about 7 
to 10 minutes to bring the control all the way down. 
When you reach a minimum, leave it there for about 
5 to 7 minutes. 


After you've gotten to the bottom range, you can 
elther lead yourself back to normal, in which case you 
will feel what you may consider a “good normal.” If 
you so choose, you can exit directly from the lowest 
setting. If you do, have taken your time getting to it, 
and stayed there for several minutes, you will notice 
that it may be very hard to begin to move. Your limbs 
may feel very heavy, as if your body were asleep. If 
you manage to get to your feet, you may notice that 
things won't feel as solid; they’ll seem to have a rub- 
bery quality to them. These sensations can be quite 
pleasant as long as you're prepared and expect them 
(and don’t have to drive or operate heavy machinery 
afterward!). 


The visual effects are the most stunning and can 
only be likened to the experience of ingesting certain 
mind-altering substances. As the frequencies change, 
you will notice colors. Yes, two little flashing red lights 
in front of your closed eyes will create the illusion of 
fantastic, swirling colors and geometric designs rang- 
ing from ultimate simplicity to incredible complexity. 
One effect will be observed as myriads of little shapes 
that form and begin to slowly spiral around your field 
of vision, first clockwise, then counterclockwise, then 
back again. You will see dreamy, smooth, cloudlike 
fields of frosty blue-white, deep blues, deep reds, elec- 
tric greens, yellows, whites, and purples, all in balls, 
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stripes, stars, and triangles, dancing and moving like 
the most intense kaleidoscope you can imagine. The 
imagery is absolutely fascinating and can transfix you 
with the dazzling display. You will be absolutely 
amazed and impressed with the fact that it is your 
brain that produces this light show. 


This unit is designed to take you from a medium- 
level beta down to a low theta. You can use these 
states as you desire. You may wish to stop the fre- 
quency decrease early and remain in the alpha state 
before an exam, prior to entering a class, or when try- 
ing to learn something important. You can continue 
on down and enter the theta level and create healing 
imagery in your mind to assist your body’s own natural 
healing processes. 


Most of all, play with your unit and enjoy the 
show. Built right, it will provide many years’ worth of 
reliable service. Through usage, you can become 
familiar with the settings and be able to use the 
machine in a way that's exactly right for you. Always 
leave yourself plenty of time to use the machine and 
at least a half-hour after to “normalize.” Use the unit 
to help you drift off to sleep; you can actually lead 


J3 
Optional remote 
Feedback Probes 


Short leads to metal tape 
contact feedback probes 


B1 | 


your brain down into relaxation and turn the unit off 
after you’ve gone into a deep theta, and if you're 
ready to sleep away, it's only a short slide from theta 
into the peaceful slumber of delta. 


Circuit Theory 


Integrated circuit I1 is an astable oscillator with a 
pulse rate being controlled from approximately 3 to 
40 reps per second by external pot R2. The output of 
Ul now triggers integrated circuit I2 being connected 
as a monostable circuit that controls these pulses’ 
ratios of on to off time. This duty cycle control is via 
external pot RS. Light-emitting diodes (LEDI and 
LED) are connected to the output pin 3 of I2 
through brightness control pot R7. These are the 
diodes you install in the sunglasses or they can be a 
single ultrabright LED for group use. The result is a 
variable flash rate from 3 to 40 pulses per second 
with a variable duty cycle rate (ratio of on to off time). 


J2 
Audio 
Output C10 

Ze 


Remote LED hook up for retrofitting P1 G 
to personalized eyewear/glasses 


Figure 29-2 Circuit schematic 
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Emitter assembly for retrofitting to personalized eyewear glasses 


Figure 29-3 Assembly board 


Note it is best to experiment with and record the duty 
evcle settings and their effects (see Figure 29-2). 

The circuit also includes integrated circuit 13 con- 
nected as a variable-rate, sonically “shaped” audio 
oscillator. The output is via jack J2 driving a set of 32- 
ohm headphones. 

The feedback circuit consists of two external 
pieces of metallic tape providing points of contact for 
the user’s hand. Body resistance now partially con- 
trols the pulse rate of 11. An uptight situation pro- 
vides lower contact resistance and consequently 
raises the pulse rate. As one relaxes, this resistance 
becomes higher and lowers the pulse rate, An exter- 
nal jack (J3) provides a connection for other bodily 
contact probes to the feedback system. These contact 
probes are left to the discretion of the user. This jack 
is omitted when using the external tape probes. 
Switch S1 controls power to the circuit and should be 
off when not in use to conserve the internal batteries. 


Assemble the Board 


If you are a beginner, it is suggested to obtain our 
GCATÍ General Construction Practices and Tech- 


niques. This informative manual explains basic prac- 
tices that are necessary in proper construction of 
electromechanical kits and ts listed in Table 29-1. 


|. Lay out and identify all the parts and pieces, 
Verify them with the parts list. and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on the 
parts list at the end of the chapter. 


2. Cuta piece of .l-inch grid perforated board to 
a size of 6'/4 X 1/4 inches, as shown in Figure 
29-3, An optional PCB is individually available. 


The circuit is shown with the more challenging 
perforated circuit board often required for a 
science fair project. A PCB is also available 
and requires that you only identify the partic- 
ular part and insert it into the respective holes 
as noted. The PCB is plainly marked with the 
part identification. Soldering is very simple as 
you solder the component leads to the conduc- 
tive metal traces on the underside of the board. 


The perforated board approach is more chal- 
lenging as now the component leads must be 
routed and used as the conductive metal 
traces. We suggest that the builder closely fol- 
low the drawings on this section and mark the 
actual holes with a pen before inserting the 
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Obtain a pair of sungiasses preferably the ones with side shields, Measure the distance between your 


eye centers. This is usually about 2>' Drill the two holes just a bit smaller than the LEDS to provide a 
secure fit. Press into the holes and glue if necessary to further secure. 


Secure 


Front view showing wiring and strain relief of wire to unit. Use a small 
tye wrap and dabs of silicon rubber to hold wires in place. Carefully 
solder the leads from the LEDS to extension leads and abserve 
polarity as shown on the emitter assembly on figure 29-5 


Small tye Tom, 
wrap to s : 


LED 


View towards the eyes. Secure the leads to the frames of the 
assembly to keep out ofthe way. You may also use pieces of duct or 


electrical tape to hold all in place. 


Figure 29-4 Assembly of glasses 


ua 
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parts. Start from a corner, using it as a refer- 
ence, and proceed from left to right. Note that 
the perforated board is the preferred 
approach for science projects as the system 
looks more homemade. 


If you are building from a perforated board, tt 
is suggested that you insert the components, 
starting in the lower left-hand corner, as 
shown in Figure 29-3. Pay attention to the 
polarity of the capacitors with polarity signs 
and all the semiconductors. Resistor RI? is 
connected from the pin of 11 to the PC board. 
Note the control pots R2, R5, R7, and RY and 


jacks J1, J2, and J3 should be positioned to 


closely match the holes, as shown in Figure 
29-5. Route the leads of the components as 
shown and solder as you go, cutting away 
unused wires. Attempt to use certain leads as 
the wire runs or use pieces of the #24 bus 
wire. Follow the dashed lines on the assembly 
drawing as these indicate the connection runs 
on the underside of assembly board. 


p | 


Attach the external leads to the battery 
holder as shown. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Assemble an LED to cable P1 as shown. Also, 
retrofit to the eyewear as per Figure 29-4. 


Fabricate the enclosure tube (TUB1) as 
shown in Figure 29-5 and insert the assembly 
board and battery. Verify that the controls 
mounted on the assembly board will match 
the drilled holes with the dimensions as shown. 
Note the dimensions are shown for use with 
the optional PCB and may be changed. The 
unit is secured attaching the adjustment pots 
via nuts. 


The final assembly 1s shown in Figure 29-6 and 
should be operated as instructed, 
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Figure 29 


Figure 29 


-5 Fabrication of enclosure 


MATERIAL: 1.625 OD 4.058 WALL PVG 


5 Final assembly on PC Board 


Table 29-1 Mind-Synchronizing Generator 


Parts List 


Ref # 
R14, 8, 10 


Riz, 5 


R3 


Rå 


R7 


Description DB Part # 


Four LK. -watt resistors 
(br-blk-red) 


2-1 meg potentiometer 
resistor 


47K. \4-watt-resistors 
(vel-pur-or) 


33K resistor (or-w-or ) 
IK pot resistor 


LOK pot resistor 


— se 


Ril, 12 


Clo 


Hl, 2,3 


*LEDIL2 


Sl 


CLI 


EMITTER ASSEMBLY 


GROUP USE 


Anode of emitter is wired 
to center pin of plug P1 


EN1 ENCLOSURE 


End view showing 
battery and switch 
placement 


ee ee ee AI (E E 


Two '4-watt 220- to 330-ohm, 
resistors (red-red-br) 


| ,000-microfarad, 25-volt 
vertical electrolytic capacitor 


Four .0|-muicrofarad, 
50-volt disc capacitors 


001 mfd, 50-valt disk 
capacitor 


Three .47-microfarad, 
50-volt mylar capacitors 


47-microfarad, vertical 
electrolytic capacitor 


.22-microfarad, 50-vollt 
mylar capacitor 


Three 555 dual inline 
package (DIP) timers 


Two bright-red LEDs or use 
single, optional 15,000 med 
assembled as shown 


Single pole, single throw 
(SPST) PC switch 


J-volt battery snap 


Two 3.5 mm mono jacks 


I 
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Chapter Twent 


Operation and explanation of controls 

1. Slide of bottom cap and insert a 9 volt battery 

2. Plug in 30 ohm headsets into J2 

3. Plug in cable to LEDS in glasses 

4. Identify and study the functions of the four controls 
R2-Frequency control allows setting from 1-24 reps 
R7-Allows setting of LED brightness 
Ro-sets the ratio of “off to on” time. Will interact with 
R2 if set to long "on" time. Suggest to preset full CW 
and then set for desired effect 
R9- Allows tone adjustment or sound shaping. 

5, Adjust the unit to produce a test tone of about 3 pulses 


per second. Grab feed back probes being the metal strips 
along the side of the unit and note pulse rate increasing. It is 


suggested to become familiar with the operation and resulting 


effects before attempting to use the feedback functions. 


6. Unit is easily hand held with all controls accessible 


PROBES 


Figure eS"? Operation and Explanation of Controls - 


J2 3.5 mm stereo jack CAI, 2 Two 1% inch plastic caps 
l #A LA 
WRI 12 inches of #24 hookup wire 
l | P1 3.05 mm plug for LED cable 
WR2 24 inches of #24 bus wire to eyewear 
WR3 48 inches of twa-cord speaker HEADSETS Stereo or mono, 32-ohm, 
WITS cushioned headphones 
PBI LX 6/4 X 14-inch grid TAPE 4x -inch metallic silicon 
perforated board tape220 
PCBOARD Optional printed circuit board eS ne A a E ee 
(PCB) with printing DBi PBMIND 
ENI Enclosure, sized at 
FAOD x 17s ID x 
7 inches 
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CAP 1 


PROBES 


CAP2 


Figure 30-1 shows how to construct a Lakhovsky 
multiwave alternative health system. Dr. Lakhovsky 
was a Russian researcher who experimented with the 
effects of high-frequency electromagnetic radiation 
on various parts of the living organism. This contro- 
versial system is claimed to cure many health ills, 
including cancer. Its claim to fame is that all cells ina 
living body possess an intrinsic, vibrating resonant 


frequency that can be energized by an external means. 


Diseased cells appear to have a weaker and different 


frequency that can be brought back into step with the 


adjacent nondiseased cells, Antiaging appears to 
occur when cells are exposed to this full-spectrum 
electromagnetic vibratory energy. It is of special 
interest that this method of cellular regeneration has 
generated considerable interest in several research 
fields as a possible cure for cancer. 

This project shows how to construct the multiwave 
radiating coil and antenna from readily available 
parts and pieces. System operation will require a 
working BTC30 12-inch-spark Tesla coil, as described 
in Chapter 14 of Electronic Gadgets for the Evil 
Genius. This Tesla coil is also available through plans, 
a kit, or as a complete and ready-to-use coil on the 
Information Unlimited Web site at amazing|.com. 

It is suggested that the builder obtain the 
Lakhovsky handbook as listed in the parts list at the 
end of this chapter and study the methods of 
application and testimonials on the use of this 
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Figure 30-] 


‘The multiwave antenna 


controversial health machine before using it on one’s 
self or others. 


Theory of Operation 


Figure 30-2 shows a block diagram of the radiating 
coil and Tesla driver. The antenna coil contains a 
series of concentrically wound coil rings mounted in a 
flat plane. These coils all possess an inherent resonant 


Vdrive 


Figure 30-2 Diagram of system 


Ae clear lexan (polycarbonate) 


Figure 30-3 Fabricating the four coil holders 
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L1 to Ln represents the inductance of all of the coils. 

C1 to Cn reprasents the capacity of all of the coils. 

R1 to An is the radiation resistance of each section. 

Frequency are the sum of the resonant sections ranging 
up to the gigahertz. 


Lis the sum of L1 to Ln 

C is the sum of C1 to Cn 

R is the sum of R1 to Rn and is mainly 
the radiation resistance. 


The undamaged current wave from the output of the 
Tesla driver induces voltages at many frequencies into 
the multicoils of the antenna. 


Snip out plastic as shown for sliding in the 
coil ring antenna elements. |f done 
correctly these should easily snap into 
position. 

This is not done on the holes for the inner 
four elements. These must fed through. 
Use your ingenuity for this step 


20.25 i 
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frequency as a function of their physical parameters. 
Harmonics are also produced and with all the coils 
oscillating they create a near-continuous spectrum of 
radio-frequency energy. Á spark-driven Tesla coil is 
required for optimum results, as it generates many 
fast steps of current rich in harmonic content that 
drives the antenna coil. 


Construction of the 
Multiwave Coil and 
Antenna 


l. Create the four coil holders (CHOLD1) as 
shown in Figure 30-3. Use '/is-inch Lexan 
polycarbonate. 


2. Create the 12 X 12-inch main plate (MP1) 
from a piece of '/1s-inch Lexan sheet, as shown 
in Figure 30-4, 


3. Mount the coil holders as shown and carefully 
drill the mounting holes. Use nylon or brass 


SWINUI Breg 


Figure 30-4 Creating the base 


"A" coll rings aña A copper tubing -two rings 
"B" coll rings are Ha" copper tubing - three 


ringe 


"5 coil rings are M" copper tubing -ihres 


ringa 


Inne coll rnnga are #12 buss wire - wo mas 
#16 buss wire - hwo nmga 


screws and nuts for mounting the holders to 
the plate. It is very important to have these 
holders as exact as possible or the wound coils 
will not fit properly in their predrilled slots. 


Form the circular coil rings from the appropri- 
ate diameter copper tube and snap the tubing 
into place. Again attempt to form circles as 
perfect as possible for proper operation and 
esthetics. The inner coil rings are formed 
pieces of bus wire and are threaded through 
their respective holes. Note a /s-inch gap at 
the coil ends. 


Attach a PVC cap (CAP1) using a small metal 
screw, solder lug, and nut. This screw is the 
high-voltage feed point to the antenna and is 
connected to a piece of wire soldered to the 
innermost coil ring (see Figure 30-5). 


The antenna may be used with any suitable 
high-voltage, high-frequency generator. It is 
shown in Figure 30-6 with our BTC30 250- 
kilovolt Tesla coil, as described in Chapter 14 
of Electronic Gadgets. It is available as a kit or 
completed system as noted in Table 30-1. 
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Figure 30-5 Mounting and feeding details 


From figure 30-4 \ 


GAP 1 


| = 


Short piece of buss wire ~~ 


Note: You must make a clearance hole for the mounting screw SCAWA 
exactly in the center, It may be necessary to heat up a suitable size 
diameter metal rod and carefully melt a clearance section out of the 
four coil holders for the head of this screw, You must now connect a 
short piece of buss wire from this screw to the inner most ring and 
solder in place. 


=o -~ rm e mi m m e 


7. Ifyou intend to use our coil, you will need to 
obtain a 3-inch slip cap (SLP1) and drill a hole O peration 
for the extension arm tube (EXT1). You will 
also need the plastic stabilizing bracket (BRK1) 


The following instructions reference the use of our 
required to keep the coil assembly upright. 


250-kilovolt Tesla coil as listed in Table 30-1 or as 


8. The connection between the output of the described in Chapter 14 of Electronic Gadgets. 
Tesla coil and the antenna 1s made via the 
wire sleeved through the extension tube that 1. Preset the spark gap on the Tesla coil to no 
connects to the mounting screw and exits more than Ue ol án inch. Connect the lap lead 
through the rear to make contact with the for maximum inductance, 


Tesla coil output lead. 2. Turn on the switch on the Tesla coil and note 


all the antenna coil rings adjacently sparking 
and arcing between one another. Note that 
the outer ring may be grounded to the chassis 
to increase output activity. 


At this point, it is recommended that you obtain 
the referenced book (LSK1), the Lakhovsky Multiple 
Wave Oscillator Handbook, as referenced in the parts 
list and familiarize yourself with the potentials, treat- 


ments, and experiments possible with this system. 
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EXT1 Extension tube 


SLP1 3" Slip 


coupling Power lead is routed through the 


extension tube and makes 
connection with the output of the 
Tesla coil. Keep this lead short 
and direct. 


BRK1 Stabilizing plastic 
bracket attaches to plate and 
upper deck of Tesla coil using 
small brass screws. 


NEON/BU2 


6° S1 


FS1/FH1 


if S1 has a metal handle 
you may want to sleeve 
over a piece of plastic 
tubing to avoid annoying 
burns when turning unit off 


To Safety Discharge Probe 


Figure 30-6 Completed system 
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Table 30-1  Multimave Machine Parts List 


Ref. # 
CHLI 


MP] 


ARING 


BRING 


CRING 


INNERRING 


INNERRING 


SMALL 


SWI/NUI 


SCRWI/NUI 


LUGI 
WR20 


BRKI 


CAPI 
SLP1 


EXT] 


BTC3K 


BTC30 


L5K1 
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Description | DB Part # 


Four coil-ring holders shown 
in Figure 30-3 DB# CHLILAK 


Mounting plate shown in 
Figure 30-4 


Two '4-inch copper, soft 
drawn tubings 


Three “s-inch copper, soft 
drawn tubings 


Three '4-inch copper, soft 
drawn tubings 


Two #12 bus wire circular 
rings 


Two #16 bus wire circular 
rings 


106-32 x -inch brass or 
nylon screws and nuts 


6-32 x 34-inch brass screw 
and nut 


#6 solder lug 
24 inches of +20 bus wire 


Stabilizing bracket shown in 
Figure 30-6 


-inch PVC slip cap 
3 inches of PVC slip coupling 


18 inches of '4-inch PVC 
tubing 


250-kilovolt Tesla coil 
generator kit and plans DB# BTC3K 


250-kilovolt Tesla coil 
generator ready to use DB# BTC30 


Book on Lakhovsky, 
144 pages DB# LSKI 


This board-level device, as shown in Figure 31-1, 
when properly assembled, can be a great prank. 
When placed in one's bedroom under normal light 
condition, it does nothing. As soon as the lights are 
turned off, it comes to life, producing pulses of high- 
frequency sound much like an insect. These control 
pulses can be timed to occur about every minute. 
When the unsuspecting victim attempts to locate it by 
turning on the lights, it ceases operation. Even using a 
flashlight will disable it. The long time between pulses 
also makes it very difficult to detect. Properly hidden, 
it can take a long time to locate and may turn a prank 
into a nasty situation. 


Figure 31-] 


Board-level view of the mind mangler 


Circuit Operation 


Figure 31-2 shows a timer, 11, as a free-running, astable 
pulse generator producing a symmetrical 10-second, 
off and on pulse controlling the second timer, 12. Timer 
[| has a phototransistor Q1 connected in series with 
the reservoir capacitor C1. As long as there is light on 
Q1,Cl can never discharge due to the conductance 
of Q1. Therefore, pin 3 is at a low and 12 is disabled. 
When the lights go out, C1 now is allowed to discharge 
and pin 3 goes high, turning on [2 and producing the 
high-frequency sound to the output transducer TD 1. 
The high-audio frequency is determined by resistor 
R3 and C3, and can be changed by altering these 
values. The output signal from [2 is stepped up by 
transformer Tl (see the parts list at the end of the 


chapter). 


ART 


Do not connect the 
base pin of G1 


de 
~ Bf 
ES 
im 
CA T1 
01m 
LOz Hz TDi ES 


“The value of R1 May be changed to adjust for dark and light 
conditions. You may want to replace with a 500 K trimpot 


Figure 31-28 Circuit schematic 


are indicated by the dashed lines. It is a good 
Co nstru Cti on Steps idea to trial-fit the larger parts before actually 
starting to solder. Always avoid bare wire brid- 

ges, globby solder joints, and potential solder 
l. Identify all the parts and pieces and verify shorts. Also check for cold or loose solder joints. 


them with the bill of materials. ae l l 
Additionally, pay attention to the polarity of 


2. Insert the components starting from one end the capacitors with polarity signs and all the 
of the perforated circuit board and follow the semiconductors. The transformer position is 
apa we x : i ay Fi ii MAA P a à 
locations shown in Figure 31-3 using the indi- determined using an ohmmeter. 


vidual holes as guides. Use the leads of the act- 
ual components as the connection runs, which 


CL1 BATTERY CLIP 


56 © 6 0 -09 — a 4 40 £ Ag 0 0 
= 


= 


ee eo Soe 


NC 


o C30 o. 0 op 


E 
Bottom view 
of Q1 


a 


You can determine the low ipédanes side of T1 with an 
ohmeter. It will always read as the lower of the two 


Figure 31-3 Assembly board 
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Testing 


Verily the wiring accuracy and connection. Insert a 
9-volt battery into the clip, cover the lens of Q1 or 
turn off the lights, and note the unit emitting a low- 
level, raspy, clicking tone like a sick cricket. Uncover 
the lens of O1 and note the circuit shutting down. 
There will be a delay that is dependent on the level of 
light and dark. You may vary the response by chang- 
ing the value of R1. Decreasing its value will require 
more light to shut down and vice versa. 


Table 31-1 Mind Mangler Part List 


Ref. + Description DB Part # 

R] LOOK. -wati resistor 
(br-blk-vel) 

R2 LK, 4-wall resistor 
(br-blk-vel) 

R3 4.7K, 4-waltt resistor 
(yel-pur-red) 

C] lOU-mrerolarad, 25-volt vertical 
electrolytic capacitor 

C24 Two .0l-mierofarad, 50-volt plastic 
capacitors (103) 

C3 4/-microlarad, 50-voll vertical 
electrolytic capacitor 

ES lamicrofarad. 50-volt vertical 
electrolytic capacitor 

11.2 Two 555 timer dual inline packages 
(DIP) 

Ol LI4P phototransistor 

CLI Y-valt battery clip 

TDI Small piezo transducer 

TI Small audio transformer, $ to 1K 

PBI 4% 1.5 % .l-inch grid perforated 
circull board 


the Evil Genius 
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Figure 32-1 shows a useful home device that generates 
ozone for eliminating odors, killine bacteria and mold, 
and disinfecting unsanitary areas such as pet boxes 
and bathrooms. 

This project shows how you can build a system 
that could cost over $300 for less than $50. Its simple 
and basic design uses two 12-volt fans to blow air over 
a unique ozone-producing cell that is powered by a 
variable-output. high-voltage, high-frequency power 
supply. The power supply is featured in Chapter 7 of 
this book and is used in several other projects. 

This is a beginner- to intermediate-level project 
requiring minimal basic electronic skills. Expect to 
spend $40 to $60. All the parts are readily available, 
with specialized parts obtainable through Information 
Unlimited (www.amazing|.com), and they are listed 


Figure 32-1 


Ozone purification system 


in Tables 32 and 


Chapter 7. 


-1 and 7-1 at the end of this chapter 


The Story of Ozone 


Ozone is an unstable form of oxygen. Normal oxygen 
is diatomic (0,), existing as two atoms of oxygen mak- 
ing up the molecule. Ozone is triatomic (0,), existing 
as three atoms of oxygen for the molecule, The tri- 
atomic form of oxygen is very unstable, wanting to 
lose the third oxygen atom and combine with what- 
ever atom it can (oxidization). This property makes it 
the most active oxidizer known, with the exception of 
the very hazardous fluorine gas. Ozone at normal 
pressures is colorless and odorless, yet it produces a 
pleasing, fresh-air odor as a result of the nitrous 
oxides it produces, The odor is usually noticeable 
after an old-fashioned thunderstorm. Under pressure, 
it becomes a bluish gas. 

Ozone is also a very powerful bactericide. It is not 
affected by pH, as is chlorine, thus making it an excel- 
lent candidate for pools, spas, laundries, and general 
water treatment applications. It is many times more 
soluble in water, further enhancing its purifying 
effect. Ozone will combine with diatomic nitrogen, 
N, forming nitrous oxide, 2NO. This oxide quickly 
combines with water, forming nitric acid, HNO,. This 
is often a very undesirable effect when used with 


straight air. Pure oxygen greatly minimizes this effect 
and is often required in many applications. 

However, those requiring a supply of concentrated 
nitric acid for the nitration of many carbohydrates, such 
as cellulose. glycerine, hexamine, phenol, and toluene, 
may wish to consider combining ozone and air with a 
condensing apparatus to obtain this useful acid. 


Ozone for Treating Air 


Air pollution is one of the most serious environmental 
issues that we face. Visible and detectable smoke, 
dust. mildew, mold, and toxic odors, bacteria, pollen, 
and static electricity, along with the more elusive and 
invisible chemicals, have become a serious health 
threat. As buildings and homes are constructed with 
tighter air sealants for energy conservation, the prob- 
lem will become even more severe. Often the effects 
from these problems include burning eyes, headaches, 
dizziness, depression, allergies, and general lethargy. 
all of which are usually attributed to colds and viruses. 
Air filters, such as the overpriced Sharper Image unit 
currently being advertised, are only partially effec- 
tive, with some producing undesirable positive tons. 

Ozone purifies the air from these undesirable 
pollutants by oxidization, as most pollutants readily 
combine with this highly reactive tri-atomic form of 
oxygen and break down into water and other non- 
toxic compounds. Ozone is produced artificially by 
electricity and is many times more antiseptically 
effective than oxygen. 


Construction Steps 


|. The system is shown using the high-voltage, 
high-frequency driver shown in Chapter 7. It 
is built on a printed circuit board or a more 
difficult perforated board, The PCB version is 
the easiest. as construction involves placing 
the correct components into the correct holes 
and soldering. The more difficult approach ts 
also shown and uses a perforated circuit 
board. This is far more challenging and is 
intended for the experienced assembler. Figure 


kad 


dl 


9, 


32-2 shows the board with the necessary 
changes for use with this circuit, 


Create the base section, as shown in Figure 
32-3. You can use sheet aluminum or bendable 
plastic sheets. Design a mating cover with a 
slight overhang over the front and rear panels. 
Use similar material and mount using #6 sheet 
metal screws along the lip of the base. 


Fabricate the fan and cell mounting bracket as 
shown in Figure 32-4. Use clear '/ie-inch poly- 
carbonate plastic and initially layout the piece, 
marking off the bend and cutting lines. You 
may fabricate separate pieces for the cell 
brackets and fans if you do not have access to 
the necessary equipment. Note dimensions 
and cuts must result in a single piece, as shown. 


Cut out a piece of window screen large 
enough to cover the input air holes and secure 
it from the inside of the base enclosure using 
screws and silicon rubber cement. 


Mechanically assemble the components, as 
shown in Figure 32-5. Verify all proper fittings 
and the clearance of components, especially 
the high-voltage points on the cell. Finally. 
wire everything as shown and verily the accu- 
racy and any potential errors, Note: Figure 32- 
6 shows the wiring using the perforated board 
approach. Do not connect the 12 DC/1.5 
adapter wall transformer at this time. 


Obtain a 12-volt, 3-amp bench power supply 
with a voltage and current meter. Connect it to 
where the adapter’s plus and minus wires go. 


Connect a scope to the test points, as shown in 
Figure 32-5, 


Preset the trimpot R1 to midrange and control 
pot R10 to full counterclockwise and click off. 


Apply 12 volts from the bench supply and 
note that no current occurs. 


Click on R10 and note a pulsing current of 
over | amp. Quickly adjust the trimpot to a 
dip in current, as noted on the meter, Our 
model was tuned correctly when the trimpot 
was set to one to two o'clock. The fans should 
both be in full operation and you should 
detect a faint, bluish glow coinciding with the 
pulsing. At no time should the heatsink tab on 
the power transistor Q1 be hot. 
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It will be necessary to construct the printed circuit assembly 
board as shown in chapter 7 with the following below list of 
revisions. 


Model: GRA/IOG Amazingl.com 


Wind L1 using 10 turns of #22 magnet wire, Air gap core with 
¿007 (fmils) shims. Measured inductance should be between 15 EE PI de 
-16 micro-henries. 

Trimpot R6 is not used 

Replace R5 with a wire jump 

Replace C2 from a 0022 to a .0047 microfarad capacitor 
Replace C6 from a 22 to a .47 microfarad 250 volt capacitor 


Capacitor C4 is not used, insert a short piece of buss wire for a 
test point ground 


- 80 usec 


Correct wave shape measured at the drain of (11 
and test ground point 


C4B 


B| 
Figure 32-2 PCB rework 
11. Turn R10 full clockwise and note the on time 12. Once this is verified, you can hook in the 12 
of the pulse increasing with the current but VDC/1.5-amp adapter transformer. Allow it 
not exceeding 1.5 amps at these pulse peaks. to operate and verify that the adapter does 


Allow it to operate for 30 minutes and note not get hot. 
ozone being produced, a soft, bluish, even 
glow on the cell, and the heatsink not getting 


target area. 
too hot to touch. 
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13. Attach the cover and place the unit in the 


——————  — ——————————————_____.n—n—n—n nn Ee  _ _ —_ —_ —— _— ——_ _ — _— _ —_ _ — ee ee ee eee. essere eee 


243 


You may use thin sheet metal or plastic for 
the base section. 


It is good idea to trial position all mounted 
components to verify proper fit and clearance 
before drilling mounting holes. 


3/4 to 7/8" holes. 


Ozone ouptput holes | O 


it is a good idea to put some window screen on the 


O == | inside to cover the air intake holes. Use silicon 
y rubber to secure. 


Pj= 


o _ j 


Air input holes a 
Access hole for —— 5 Bend ay lip along sides tor | 
trimpot R10 | oer oe volt section using 
Hole for R1 sheet metal screws. 


Hole for bushing 


Figure 32-3 Base section creation 


A 
A 


19. 
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Place the unit with the output directed toward 


the center of the area. Special Notes 

Plug in the wall adapter and rotate the control 

switch to on. Note the fan rotating and freely You should never operate the unit when the odor 
turning without obstructions. It should produce becomes pungent or domineering. Ozone is a 

a good air flow. colorless, odorless gas composed of unstable diatomic 
Adjust the control a full clockwise turn and oxygen. The smell of fresh air is not the ozone, but 
note a smell of fresh air emitting from output the result of secondary reactions with other chemicals. 
ports. You will observe a purplish glow around The unit can be adapted to 12 VDC operation for 
the cell when viewed in darkness. vehicle or battery use. Simply remove the adapter 
Allow it to run for several hours and adjust and splice in some 12-volt connections. Use caution 
the control to where the fresh air smell is just when observing the polarity. You may request a factory 
detectable. modification for this step. 


Check both the unit and the wall adapter for 
excessive heatine. They should only be warm 
to the touch, 

This unit may need cleaning from dust. Use 
compressed dry air or a soft cleaning brush. 
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Ozone cell-mounting blocks (2) use PVC or another suitable insulting plastic. 

You will note the position of the bottom hole mounting the blocks of the base is at 
their geometrical center. The top hole is offset to this location so as not to be adjacent 
to one another avoiding possible voltage breakdown. 


Mounting bracket for fans. Use ay aluminum or plastic. 
Drill holes to match those in the fan assemblies. 


Figure 32-4 Fabricated parts 
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BASE 


Figure 32-5 
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CELL 


01 


BRACKET 
from 
figure 32-4 


WRHV20 


Note that BLK1,2 are mounted through 
the base using #6 x + (SW6) sheet 
metal screws. Position these holes at 
the geometrical center of the blocks fo 
avoid being adjacent to the screws 
holding the cell. 


SW1/NUS L 


E SCREEN 


1 115 vac to 12 


vde adapter 


1200/1.5 
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IMA 


Air flow 


Driver board from 
chapter 7 | 


Mechanical layout showing wiring when using the PCB 


for the Evil Genius 


Ta, 


Cell 


Driver board from chapter / 


600000709. 500006! 


0606400005 6 


12vdc com 


Black with white trace +12 vde 


Figure 32-6 Final wiring using a perforated board | 
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Table 32-1 500-Milligram Ozone Machine 12DC/1,5  12-volt, 1.5-amp wall adapter 


Parts List 


Alef. # 
DRIVER 


BASE 


COVER 


BLOCKS 


BRACKET 


FAN1,2 


CELL500 


SCREEN 


I 
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transformer DBF 12 DC/1.5 


WRHV20 — 6-inch, 20-kilovolt, high- 
voltage wire 


Description DB Part A 

Modified high-voltage WN1,2 Two small wire nuts 
assembly from Chapter?  DBRGRADRIVIO BUI Small Heyco bushing #2P-4 
Bite section Artica per SW6 LO #6 x '4-inch sheet metal 


Figure 32-3 
© screws for cover and blocks 


Eabrigated to fit BASE SW2/NU2 Four #4-40 ¥ -inch 
section machine screws and nuts 
for fans 


Two blocks fabricated per 


Figure 32-4 SWINUI ‘Two #6-32 x inch 


i achine screws 
Bracket fabricated per machine sere 


A ia: LUG6 Two #6 solder lugs 
hoe so ERAON, ENE WR22 12 inches of #22 vinyl 
volt fans + FAN? hookup wire 
S500-milligram ozone 
| FEET Ferreti mbbertes 
cororia cel] DB# CELLS00 TUF SACL TUDUET IAL 


for base section 


2 X 5-inch piece of window 
screen 
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Invisible Pain-F 


The invisible pain-field generator device shown Fig- 


ure 33-1 is a handheld, battery-operated sonic, shock- 


wave generator that produces a sound pressure level 
(SPL) of up to 125 decibels (db) at 30 centimeters, 
The shock wave frequencies are user presettable at 
25, 16, and 12 KHz. A sweep function is included in 
the circuitry where the selected center frequency 
varies between two set limits at an adjustable rate, 
providing a complex sonic signal that further 
enhances the effect. 

Applications of the device can range from the 
routing out of agricultural pests in silage bins. 
chicken houses. grain bins, or wherever rats are a 
problem. The optimum frequency for this particular 


Pain-field generator 


Figure 33-1 
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| 

| 
= 
£ 


— 


d Generator 


application is 16 KHz or just above that of human 
hearing. Many farmers use these devices for deter- 
mining the effectiveness of pesticides, noting the 
reduction in infestation levels, Other applications 
include spooking birds and animals from unwanted 
areas and discouraging dogs and deer from decimat- 
ing shrubs and ornamentals. 

Adjustment of the frequency down to 12 KHz 
(within the range of human hearing) will produce 
extremely painful and annoying affects. The unit is 
excellent for disbursing crowds of potentially unruly 
people. A simple test is to point the device at an 
unsuspecting subject and momentarily push the but- 
ton. You will notice a very positive response. Unfor- 
tunately maximum affect seems to favor younger 
women; older men seem to be less sensitive. 

The unit is very directional when used outside, but 
it looses this property when used inside due to reflec- 
tions from walls, ceilings, and furniture. 

The unit is shown assembled into a small plastic 
enclosure that includes the electronics emitter trans- 
ducer and the 9-volt battery. A removable plastic 
cover allows access in order to change the battery. 
Controls include a pushbutton emission control and 
sweep-activation pushbutton switches located on the 
top of the enclosure. The size of the main enclosure is 
4 x 2 xX l inches. The weight is only about 6 ounces 
with batteries installed 


The unit can be used as a research tool for produc- 
ing an effect on certain animals for their control and 
experimentation. The device has been successfully 
used for controlling certain dogs or other vicious ani- 
mals by joggers or other outdoors enthusiasts. The 
unit has also been used in flushing out rats. 

Caution: Caution must be used. : as the effect on 
most people causes pain, headache, nausea, and 
extreme irritability. (Younger women are especially 
affected.) Do not, under any circumstances, point 
the unit at a person's ears or head at close range, 
as severe discomfort and possible ear damage may 
result. This also applies to dogs and other animals. 


e A A AA A AAPP he hd he he UL ‘a ‘a 


Include a caution label on the device to avoid 
exposure over 105 db for any continuous period of 
time. When using the device around people, you must 
be careful, as unjustified harassment is illegal and can 
result in prosecution. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $50. All 
parts are readily available, and any specialized parts 


O These symbols represent external 
connectión to off board components 


Figure 33-2 = Pain-field generator circuit schematic 


ie cee oe 
as [rae] oo | o 
[se [save on | om [or | rene 


are available through Information Unlimited 
(www.amazingl.com) and are listed in Table 33-1 at 
the end of the chapter. 


Circuit Description 


A timer (1C2) is connected as an astable free-running 
multivibrator whose frequency is internally con- 
trolled by trimpot (R9). Resistor R& selects the range 
limit of R9. The square-wave output of 1C2 is via pin 
3 and is directly coupled to power amplifier Q2. The 
drain of Q2 is DC biased through audio-frequency 
blocking chokes (LIA and L1B), providing a high 
impedance to the AC component of the signal. 


DIP switches ($1,2,3) preselect the internal fre- 
quency for the required application and are shown in 
Figure 33-2. These switches select resonating induc- 
tors L2 and L3 connected in series with the output 
transducer TD1. The resonant action between the 
inherent capacity of TD1 and these selected induc- 
lances now produces a sinusoidal-shaped wave 


a lune mex 60-70 u 
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peaking around the upper limit of the tuning range. 
This signal waveform now has a peak-to-peak voltage 
several times that of the original square wave. 
‘Transducer TD1 now can take advantage of these 
peak voltages to produce the high sound-pressure 
levels necessary without exceeding the high RMS rat- 
ings of an equivalent voltage-level square wave. Zener 
diode Z1 clips any excessive overshoots across Q2. 

Timer IC] is similarly connected as an astable run- 
ning multivibrator and is used to produce the sweep- 
ing voltage necessary for modulating the frequency 
of 1C2, This sweep repetition rate is controlled by 
trimpot R2. Resistor R3 limits the range of this repe- 
tition time. C2 sets the sweep time range. Output for 
IC] is via pins 6 and 2, where the signal ramp func- 
tion voltage is resistively coupled to inverter transis- 
tor Q1 via resistor R6. The output of O1 is fed to pin 
5 of IC2 and provides the output modulation voltage 
necessary to vary the frequency as required, Note 
that the modulation signal is enabled by pushbutton 
PBS2. 


Power to the system is via battery B1 and pushbut- 
ton PBSI. Capacitor C6 guarantees an AC return 
path for the output signal. Power to the driver circuits 
[Cl] and [C2 is thru a decoupling network consisting 
of resistor R7 and capacitor C3. 


Construction 


l. Layout and identify all parts and pieces. Verify 
with parts list. Separate resistors, as they have 
a color code to determine their value. Colors 
are noted on the parts list. 


2. If you are building from a perforated board, 
use Figure 33-3 as a parts placement guide 
and insert components starting in the lower 
left-hand corner as shown. Pay attention to 
polarity of capacitors and all semiconductors. 
It is suggested you use sockets for integrated 
circuits IC1 and IC2. 


Route leads of components, as shown, and sol- 
der as you go, cutting away unused wires. 
Attempt to use certain leads as the wire runs 
or use pieces of the #24 buss wire. Follow 
dashed lines on assembly drawing, as these 
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9, 


indicate connection runs on underside of 
assembly board. The heavy dashed lines indi- 
cate use of thicker #20 buss wire, as this is a 
high-current discharge path. 


Please note that this circuit is very cramped, 
and it is suggested you obtain the optional 
printed circuit board shown in the parts list. 


Attach external leads to components as 
shown in Figure 334, noting the individual 
lengths and twisted pairs. 


Double-check accuracy of wiring and quality 

of solder joints. Avoid wire bridges. shorts, and 
close proximity to other circuit components. If 
a wire bridge is necessary, sleeve some insula- 
tion onto the lead to avoid any potential shorts, 


Connect an ohm meter between CLI contacts 
and pushbutton PBSI. Note a reading of sev- 
eral thousand ohms, This may vary but should 
not indicate a short circuit. Preset trimpots R2 
and R7 to midrange. 


Connect a 9-volt battery and note a current of 
200 to 250 milliamps when R9 is set to mid- 
range. The meter can be connected across 
PBSI for this step. 


Simultaneously press both PBS? and PBSI 
and note a piercing sweeping tone coming 
from the transducer TD 1. Turn R9 fully cew 
and note the decrease in signal tone. 


Frequency range should be approximately 10 
to 25 KHz, with a sweep of approximately | to 
20 times per second selectable by trimpot R2. 


Check the waveshapes as shown at pin 3 
of the output timer IC2. This is determined 
by the following formula: F = 1/(1.57 x 
R9 x C5). 


Check the waveshapes as shown across trans- 
ducer TD1. This waveshape is approximately 
40 to 50 volts, peak to peak, and approaches a 
sine wave. This is the approximate resonant 
frequency point of the selected values of 
series inductances within the inherent capaci- 
tance of the transducer. A voltage-peaking 
effect will be noted, as the frequency is varied 
by trimpot R9. As the frequency is varied off 
of resonance, this wave will severely distort 
but will not damage the circuitry. Note the 
chart in Figure 33-2 showing the selection 
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It may be a good idea to use 
SOCK 1, 2 sockets for IC1, 2 to avoid 
unsoldering if you make an error. 


Figure 33-3 = Printed circuit board parts and wiring 
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= 
Oo 
PBS1 R PBS2 ( 
ml 3 | 
| F 
6" leads #22 | 6" leads #22 
twisted 4 D twisted 
O 
3" leads #22 
twisted 
Figure 33-4 External wiring 
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Figure 33-5 Fabrication of plastic case 


of the inductances for the choice of operating 
frequencies that provide the maximum 
output. 


Use a scope for these measurements. These 


E re steps are not necessary if the unit appears to 
= function as described. 


| 11. A sound pressure measurement of approxi- 
pa mately 125 db was measured at 10 KHz at a 
| distance of 16 inches on our model. Voltage 


Operating instructions: 


Remove rear cover and insert a 9 volt alkaline battery. 
Note that proper positioning is required for cover to 
property fit without bowing. 


Default settings of the two trimpots is midrange. To 
change for obtaining the maximum effect on the target 
you may adjust trimpots using a small plastic tuning tool 
or screw driver. 


Simply direct unit transducer opening towards the target 
and push the control button. You should notice an 
immediate effect. The range will depend on the acoustical 
sensitivity of the target subject. 


Use the sweep button to possible enhance the effect on 
the target. 


This unit is designed for generating intermittent bursts of 
ultrasonic and high frequency acoustical energy. 

Do not direct at people. 

Use out side as walls and ceilings will cause the signal to 
loose directional characteristics and effect the user. 

Use in 2 to 5 second bursts, 


m oo o 


14. Make final assembly, as shown Figure 33-6. 
and secure assembly board with two-sided 


foam tape. 


15. Attach the battery and position as shown. 
Note: The battery must be up against the 
enclosure with all leads properly routed or the 


rear cover will not fit properly. 


l6. See Figure 33-5 for operating instructions. 


4 a across TD1 was measured at 40 volts peak. 
A ri This completes the electronic testing of the unit, 
= 
Ea 12. Fabricate the EN1 enclosure, as shown in 
> Figure 33-5. Note 17/s-inch hole for the aper- 
ture of TDL, This hole should be made with a 
Pd large punch or hole saw using a drill press. The 
W, hole may also be cut out with a sharp knife. 
LÌ Drill "44-inch holes for PBSI and PBS52, as 
; A shown. 
mi 13. Cuta piece of 2!/s X 2'/s-inch window screen 
par and secure it along with transducer TDI. Use 
Hage RTV or suitable adhesive. 
L" 
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Figure 33-6 Final assembly into EN] enclosure — 


Table 33-1 Invisible Pain-Field Generator 
Parts List 


Refy Description DB Part # 


R1.6,8,12 Four] K, l4-watt resistors 
(br-blk-red) 


R2 500 K vertical trimpot 


R3 2.2 K, 4-watl resistor 
(red-red-red) 


R435 Two 10 K, -watt resistors 
(br-blk-or) 

R7 10-ohm, 4-watt (br-bIk-bIk) 

RY 10 K vertical trimpot 

R13 27-ohm, -watt resistor 
(red-pur-blk ) 

C14 Two 01 mid, 50-volt disc capacitors 

C2 10 mfd, 50-volt vertical electrolytic 
capacitor 

Cs V1 mid, S0-volt plastic capacitor 

C3 100 mfd, 50-volt vertical electrolytic 
capacitor 


Co 


101,2 


Ol 


SOCKI.2 


02 
LIAB, 2.3 
£l 
PB51,2 
3123 
CLI 

TDI 
PCBI 


CASE 


SCREEN 


ovine it A E 
pre FA 


A 
e. 


1.000 mid, 25-volt vertical 
electrolytic capacitor 


Two 555 timer DIP 
integrated circuits 


PN2907 PNP TO9? transistor 


Two 8-pin DIP sockets for above 
[C1.2 (Not shown) 


[RF540 Mosfet TO220 

Four 1-millihenry inductors DB+ IMH 
50-volt, 1-watl Zener diode 

‘Two pushbutton switches 

3 or 4 section DIP switch 

Battery snap clip 

Special polarized transducer DB# 1020A 
Printed circuit board DB# PCIPGY 


4 Xx 2% xXx 14-inch plastic 
enclosure 


2.5 X 2.5 Inch piece of window 
screen 
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This very useful device, as shown in Figure 34-1, is 
intended for those who are bothered by nearby bark- 
ing dogs. [he control section is a modification of a 
circuit made by Bob Gaffigan in 1993. The project is 
intended to detect the dog’s bark, which triggers a 
high-output, pain-field sonic generator, as described 
in Chapter 35, producing very uncomfortable sounds 
to the animal's sensitive hearing, 


$ 
E 


Figure 34-] 
sonic blaster 


The canine controller system with our 
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The system may be covertly used without the dog 
owners knowing or it can even be tuned to bother the 
owners every time their mutt goes into a barking 
frenzy. The user can implement many options to dis- 
courage these constant barkers or give some of these 
inconsiderate owners a taste of their own medicine. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $50. All 
the parts are readily available, with the specialized 
parts obtainable through Information Unlimited 
(www.amazing1.com), and they are listed in the parts 
list in Table 34-1 at the end of the chapter. 


Device Description 


A directional device picks up the dog’s bark and 
processes it so that it turns on the sonic burst pain- 
held generator pointed in the offending animal’s 
direction. The animal now experiences a very uncom- 
fortable sound, much like a person would find the 
scratching of chalk on a blackboard. Eventually, the 
animal associates this sound with his barking, thus 
conditioning him to stop. The device contains adjust- 
ments that actually count the number of yelps so that 
it can be set not to trigger, thereby discouraging the 
animal from a normal barking trend that may be the 
warning of an intrusion or other important event. 


Four 


Chapter Thirty- 


The unit is easily mounted in any convenient loca- 
tion and operates from internal batteries, an external 
12 volts, or 115 VAC via a wall adapter converter. The 
detection system contains adjustments for bark-level 
sensitivity, the number of barks detected before trig- 
gering, and the length of the triggered on time of 
the sonic burst. The pain-field generation section, as 
described in Chapter 35, has controls for the frequen- 
cies of the burst, sweep rate, sweep on/off, and main 
power control. The canine controller section is 
designed to easily connect to the existing jacks on the 
sonic generator section via a three-conductor cable. It 
may be mechanically attached as a single unit for a 
compact integrated system. The pickup microphone 
may even be placed at the focal point of a parabolic 
dish, providing very discrete selection of the target. 
As in any device such as this, many variables will 
enter into the equation that defines the overall per- 
formance. The suggested effective range will vary but 
can be up to 100 feet. 

Special Note: In some circumstances, the owner is 
more to blame than the actual animal. As previously 
stated, the unit may be tuned to a frequency that the 
owner him- or herself finds very uncomfortable. 


—_ a e e a SS SS SS AAA A A a A A A A A A Se ES ť 


5 volt 


regulator 


Bark | , Bark 
amplifier Filter counter 


51 determines the relative 


number of barks that must be 
detected betera triggering the 
timer for tuming on the sonic 
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Figure 34- 2 Circuit block diagram 
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Circuit Description 


Figure 34-2 shows the block diagram where the mic 
picks up the bark and amplifies it. A filter favors the 
assumed frequencies of the bark and feeds them to a 
bark counter. This circuit contains a selector switch to 
preset the necessary number of barks to trigger the 
bark period timer. The time of the bark period is also 
selectable by a switch. The bark period timer gates on 
the MOSFET switch transistor turns on the sonic 
generator, which drives the four transducers that now 
produce the directional, uncomfortable sound pain- 
field shockwaves. 

Figure 34-3 shows the complete schematic of the 
controller section circuit, and the sonic pain-field 
generator section schematic is shown in Chapter 35. 
The bark is detected by microphone M1 and ampli- 
fied by operational amplifier IC2A. The DC follower 
IC2D sets the midpoint bias, and resistor R2 sets the 
gain of this stage. The output level at this stage is con- 
trolled by potentiometer R5 and fed to amplifier/fil- 
ter IC2C with a passband set by resistors Rë and RY 
and capacitors C8 and C9. Schmidt discriminators 


ad 
ir 
E 


Ar 
transducers 


Bark penod Masfet 


timer Switch Sonic Generator 


52 determines the on time of the sonic 


generator once it triggers from the bark signal, 


Post...... 685 

Pas2......, 2586 

Pos3....... Osac 

Posd....... 33sec 

Combinatlo ns ol the switch positions will be 
additive. Mole the switch must always be on 
inane position, 
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Canine Controller 
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IC3A and IC3B trigger the signal, provide a defined 
level of the correct polarity to initiate timer IC4A, 
and enable ripple counter 1C5 to count the barks 
within a time period determined by IC4A. If the 
number of barks exceeds a limit set by bark count 
switch $1, timer [C4B is initiated, turning on MOS- 
FET switch O1 for a predetermined amount of time 
selected by switch $2, enabling the sonic pain-field 
deterrent signal to be sent toward the target and then 
resetting. You will note that control of the sonic pain- 
field generator is made by sinking the negative return 
lead into the ground. 


Circuit Assembly 


|. Assemble the circuit board as shown in 
Figure 34-4, Note that Figure 34-5 shows the 
foil traces of the printed circuit. It is not rec- 


Figure 34-4 Assembly of the circuit board 


ommended that you assemble this circuit on a 
perforated vector board unless you are an 
advanced assembler. 


Note that if you are building from a perfo- 
rated or vector circuit board, it is suggested 
that you use the indicated traces for the wire 
runs and insert components starting at the 
lower left-hand corner. Pay attention to the 
polarity of the capacitors with polarity signs 
and all the semiconductors. It is a good idea to 
use sockets for all the integrated circuits. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #26 bus wire. The 
heavy foil runs should use the thicker 424 bus 
wire, as these are the high-current discharge 
paths. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 


INFORMATION UNLIMITED 
AMAZING.COM 


CANINE 
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Figure 34-5 Assembly circuit board traces 


bridges, shorts, and close proximity to 
other circuit components. If a wire bridge is 
necessary, sleeve some insulation onto the 
lead to avoid any potential shorts. 


Bottom view 
showing pads 


Figure 34-6 External wiring 


Connect the external components as shown in 
Figure 34-6. Use shielded microphone cable if 
you are not installing it on the actual board. 


Fabricate the chassis as shown in Figure 34-7 
from a piece of .035-inch 5052 bendable alu- 
minum or plastic. If you use metal, you will 
need a piece of plastic material under the 
assembly board to prevent shorting the 

foil traces. 


Create a mating cover and finally assemble 
everything as shown in Figure 34-8. Note the 
hole for the microphone with a screen. Wire 
the P1 plug and cable for interconnecting the 
controller and the sonic blaster using desired 
lengths per your requirements. Leave the 
other end with leads that will eventually con- 
nect to the sonic blaster. 


INFORMATION UNLIMITED 
AMAZING1.COM 


CANINE 


Note that M1 has polarity as indicated by solder 
pad connected to the main enclosure. This contact 
is ground indicated by the — sign. Be very careful 
when soldering o these pads. Use #22 wire or 
smaller. If leads are longer than one several 
inches it is suggested to use shielded 

microphone cable. 
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Chapter Thirty-Four 


Use We" formable plastic or aluminum 


| oma 
pe COL) i 


CHASSIS1 


O 


Hole forJ1 


Fabricate a matching cover from similiar 
material and attach to holes in fold downs. 
Allow access to controls and an opening for 
the microphone 


Figure 34-7 Chassis fabrication 


lt may be feasible to remotely locate the pick-up 


connect into the printed circuit board at M1. 


microphone, Use shielded mic cable and 


_ Hole for M1 
microphone 


% 


hree-wire cable for power, control, and 
common connections to the sonic pain field 
generator or other controlled deterrent. 


assembly 


Figure 34-8 Isometric of final assembly 
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Testing the Circuit 


|. Assemble the test jig, referring back to Figure 
34-3. If the circuit is correct, you may go right 
to the connection of the test jig as shown and 
perform the following steps: 


a. Preset Sl to position 4 (the lowest number 
of barks for activation). 


b. Preset $2 to position 1 (the shortest time 
for the sonic generator). 


c. Preset R5 to midrange. 


10. 


2. Apply a 12 VDC input and note a low-current 
draw of less than 10 milliamps, which is the 
same value as the quiescent operating current. 
C cell batteries will work approximately 30 
days before requiring replacement. 


3. Simulate a bark and note the test LED 
momentarily coming on. If this occurs, you 
may want to test the various positions of S1 
and $2. Also verify the sensitivity control, R5. 


4. Ifthe circuit does not work, you may need a 
scope to test the various test points as shown 
in Figure 34-3. They should have the following 
values: 


TP1: +5 volts DC 
TP2:2 to 3 volts DC 


Microphone picks up the sound from the dogs barking 
and conditions it to turn on the pain field generator 
for a preselected burst time. Eventually the dog 

associates the sonic pain with his bark and ceases. 


Figure 34-9 Systems view 


MORE Electronic Gadgets for the Evil Genius 


TP3: 4-peak-volt audio level 

TP4: Saturated audio signal 

TPS: Negative-going pulse 

TP6: Negative-going square wave 
TP7: Positive 10-second holding pulse 
TPS: Positive holding pulse 

TP9: Very fast negative trigger pulse 
TP10: 1-second turn-on delay 


TP11: Holding pulse for Q1 


Once the controller operation is verified, 

you may connect the system as shown in - 
Figure 34-9. You will need a properly working 
sonic pain-field generator, as described in 
Chapter 35. 


It is suggested that you experiment with the 
system before actually installing it. Once 
familiar with it, you may position the system 
for the best effect. You also have the option of 
adjusting the sonic generator when the dog 
starts barking so that it can also be very 
annoying to the animal owners when their 
mutt goes into an uncontrolled barking rage. 
Use your own judgment as you can get tagged 
for harassment! 


Painfield sonic generater 
from Chapter 35 
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Table 34-1 Canine Controller Parts List 


Ref. A 
RL 34 


R2 
Rs 
R6 
R7 


R8,9,10 


R16 
Cl 
C2,4 


T C3,6,7,8 


EHEHK<á;á— —á—á—<—< << << E E _ _ _—_—_——.—<m — _— —=— I I I 
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Description OB Pan # 
Three 1K, l4-watt resistors 
(br-blk-red) 


150K, 4-watt resistor 
(br-er-yel) 


LOK pot and 12-volt switch, 
17 mm 


330K. -watt resistor 
(or-or-yel) 


2.2K, “4-watt resistor 
(red-red-red) 


Three 10 kilo-ohm, '-watt 
resistors (br-blk-or) 

47 kalo-ohm., -watt resistor 
(yel-pur-or) 


Three 1M, -watt resistors 
(br-blk-gr) 


15-ohm, \4-watt resistor 
(br-er-blk) 


LOOK, -watt resistor 
(br-blk-yel) 


220-microfarad, 25-volt vertical 
electrolytic capacitor 


Two 100-microfarad. 25-volt 
vertical electrolytic capacitors 


Four .1-microfarad, 50-volt 
plastic capacitors 


Two 2.2-microfarad, 50-volt 
vertical electrolytic capacitors 


Two .01-microfarad, 50-volt 
plastic capacitors 


Two |-microfarad, 50-volt 
vertical electrolytic capacitors 


Two 10-microfarad, 50-volt 
vertical electrolytic capacitors 


C16 


5 
ICI 


IC2A, B, 
C, D 


IC3A, B,C, 
D, E, F 


IC4 


ICS 


Ol 


Ml 


51,2 


PCCANINE Printed circuit board (PCB) 


CHASSIS1 


COVI 


J31/P1 


WR3C 


PPF4K 


PPF40 


33-microlarad, 50-volt vertical 
electrolytic capacitor 


Two IN914 silicon diodes 
7805 5-volt regulator TO22() 


LM324 quad amp in dual inline 
package (DIP) 


40106 hex Schmidt in DIP 


356 dual timer in DIP 


4040 complementary metal 
oxide semiconductor (CMOS) 
PLL phase lock loop in DIP 


100-volt IRF540 metal-oxide- 
semiconductor field effect 


transistor MOSFET 


FET mie element 


‘Two four-position single-thraw 
DIP switches 


Metal or plastic chassis as 
shown in Figure 34-7 


Cover fabricated as shown in 
Figure 34-8 


Three-pin chassis mount jack 
and mating plug 


3-inch three-conductor cable 
for interconnecting 


Pain-field generator kit as 


described in Chapter 35 DB# PPF4K 


Pain-field generator assembled 


as described in Chapter 35 DB# PPF40 
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DB FETMIK 


DB# PCCANINE 


¿Ultrasonic 


This project, as shown in Figure 35-1, shows how to 
construct a moderately high powered sonic generator 
that can be used for tasks that range from animal 
control to discouraging personal encounters. It can be 
used as part of our laser property protection guard 
described in Chapter 5 or as the deterrent for use 
with the canine controller, as described in Chapter 
34. The unit can generate a variable rate of complex 
waves from 5 to 25 kHz well into the ultrasonic 
range. These waves can be very painful or disorientat- 
ing to animals and people, depending on where the 
controls of the unit are set. 

This is an excellent device for use in animal control 
as well as a low-liability deterrent in anti-intrusion 
alarms and detection systems. This is an intermediate- 
level project requiring basic electronice skills. Expect 


Figure 35-1 


The phaser pain-field generator 
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Generals 


to spend $50 to $75. All parts are readily available, 

with specialized parts obtainable through Informa- 
tion Unlimited at www.amazingl.com, and they are 
listed in the parts list at the end of the chapter. 


Basic Device Description 


This chapter demonstrates how to create a variable- 
sweep-frequency, ultrasonic, pain-field generator 
capable of producing the equivalent of 400 watts of 
resultant power such as that obtainable from a con- 
ventional dynamic transducer system. This is possible 
due to recently developed piezoelectric ceramic 
devices. The high efficiency requires very little driving 
power, consequently resulting in a lightweight, 
portable, handheld device that is battery driven and 
capable of producing high sound pressure. It is a 
directional device and can be set up in a target area 
such as a field or garden to discourage any sound- 
sensitive animals. It is also capable of being powered 
by a car's 12-volt system and can be mounted on 

the hood or roof of the vehicle. Transducers are 
mounted in an array for a concentration of energy 

in one direction. 

It should be understood that certain people sub- 
jected to different degrees of exposure are affected 
more than others, some to a point where they may 
vomit or experience severe headaches and cranial 
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pains. Some people will experience severe pain in the 
ear, teeth, or lower head. Statistically, women and 
younger children are many times more sensitive to 
this device than the average male adult. With this in 
mind, the user must exercise consideration when test- 
ing and using the device for animal control, as many 
people will not be aware of the source of this pain 
and attribute it to a headache or other physical ail- 
ment. Also, certain people are affected mentally to a 
point of actually losing their tempers completely or 
becoming extremely quick-tempered. Some will 
experience a state of extreme anxiety when overly 
exposed. Therefore, consideration must be used at all 
times when testing or using this or similar devices. 

It should also be noted that using the transducers 
in an array configuration may be damaging to hear- 
ing at close range. The array approach produces high 
sound-pressure density occurring on or near the out- 
put axis. 


Negative buss 


Circuit Theory 


Figure 35-2 shows a timer, IC2, connected as an 
astable free-running multivibrator whose frequency 
is externally controlled by pot R9. Resistor R10 
selects the range limit of R9, and capacitor C5 deter- 
mines the frequency range of the device along with 
the previous resistors. 

The square wave output of [C2 is via pin 3 and is 
directly coupled to power amplifier Q2. The drain of 
Q2 is DC biased through choke Ll, 

The square wave output signal is then fed into 
transducer TD1 in series with parallel combination of 
resonating coils L2 and L3. The resonant action 
between the inherent capacity of TD1, the C7 tuning 
capacitor, and the inductance now produces a sinu- 
soldal-shaped wave peaking around 25 kHz or the 


L1 
50T 
6MILS AG 


AT 20KHz 
D1 


Ss M | 
4 
CSB 21 R17.18 
all C5A 
9 


La le 
TEST 
S4 


Dashed line indicates bypass connection when not using J1 for external control. You may also short these pins 


using a mating plug with pins connected together. 


Note four transducers and associated networks. 


Fi gure 35.2 $ chematic of the | p haser pai n-field generator 
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upper limit of the tuning range. This signal waveform 
now has a peak-to-peak voltage several times that of 
the original square wave. Transducer TD! now can 
take advantage of these peak voltages to produce the 
high sound-pressure levels necessary without exceed- 
ing the high root means square (rms) ratings of an 
equivalent voltage-level square wave. 

Timer [C1 is similarly connected as an astable, 
running multivibrator and is used to produce the 
sweeping voltage necessary for modulating the fre- 
quency of 1C2. This sweep repetition rate controlled 
by pot R2 and resistor R3 limits the range of this rep- 
etition time. Resistor R1 selects the duty cycle of the 
pulse, while capacitor C2 sets the sweep time range. 
The output for ICT is via pins 6 and 2 where the sig- 
nal ramp function voltage is resistively coupled to 
inverter transistor O1 via resistor R4. The output of 
Q1 is fed to pin 5 of [C2 and provides the output 
modulation voltage necessary to vary the frequency 
as required. Note that the modulation signal is easily 
disabled via R2/S2. 

Capacitor C6 guarantees an AC return path for 
the output signal. Power to driver circuits IC1 and 
[C2 is through a decoupling network consisting of 
resistor R7 and capacitor C3, 

Power to the system 1s via internal battery B1 or 
an external 12 VDC such as from a vehicle. Three- 
way switch S1 selects between these two power 
sources or shuts the unit off in the center position. 
Resistor R19 provides a trickle charge to the internal 
battery when using an external source. Jack J1 allows 
a connection that is similar to our canine controller, 
turning on the unit when it detects a barking dog. 


Construction Steps 


If you are a beginner it is suggested to obtain our 
GCATT General Construction Practices and 
Techniques. This informative literature explains basic 
practices that are necessary in proper construction of 
electromechanical kits and is listed at the end of the 
chapter. 


|. Lay out and identify all the parts and pieces, 
and check them with the parts list. Note that 
certain parts may sometimes vary in value. 
This 1s acceptable as all components are 10 to 


20 percent tolerant unless otherwise noted. 


2. Fabricate the heatsink bracket (HS1) as 
shown in Figure 35-3 from a .75 x 2 X .065- 
inch aluminum piece. Bend it 90 degrees at its 
midsection and drill a hole for the SW1/NU1 
screw and nut, Attach it to Q2 as shown. 


3. Assemble the L1 choke coil as shown in 
Figure 35-4 by wrapping 50 turns of #24 mag- 
net wire on the nylon bobbin as evenly as pos- 
sible. Leave 2 inches of leads for a connection 
to the circuitry. Assemble the E core as shown 
and shim each side with pieces of yellow 
cardboard strips of 3 mils each for a total of 6 
mils. If you have an LCR bridge, measure 
1 millihenry. 


4. Assemble the PCB as shown in Figure 35-5. 
Note the two wire jumps and component 
polarity. Wire in inductor L1 and secure it to 
the board with room temperature vulcanizing 
(RTV) silicon rubber or another suitable 
adhesive. 


If you are building from a perforated or vec- 
tor circuit board, it is suggested that you use 
the indicated traces for the wire runs and 
insert the components starting in the lower 
left-hand corner. Pay attention to the polarity 
of the capacitors with polarity signs and all 
the semiconductors. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 


SWI/NU2 


HEATSINK 
BRACKET 


Figure 35-3 Fabrication of heatsink 
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ASSEMBLY SHOWING L1 


CORE HALF | 
COMPLETE WINDINGS 
ARE NOT SHOWN FOR 
CLARITY 


BOBBIN Y WIND 50 TURNS 
OF #24 MAGNET 
Seo WIRE WR2 
Ain GAPS | 
SPACERS |. FINISH 


3 MILS 


Note you can use a business card for the air 
gap shims as thickness will be close enough. 


Use tape to secure core halves tightly together. 


Figure 35-4 Assembly of Ll inductor 

runs or use pieces of the +24 bus wire. The 
heavy foil runs should use the thicker +20 bus 
wire as these are the high-current discharge 
paths. 


It is suggested that you use an &-pin inte- 
erated circuit socket (SO8) for IC] and IC2. 


5. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, Sleeve some insulation onto the lead to 
avoid any potential shorts. 


6. Fabricate the chassis and cover, as shown in 
Figure 35-6 from '/is-inch Lexan plastic or alu- 
minum. Use a large punch or circle saw to cut 
out the four holes for the transducers, Drill 
the remaining holes as you assemble it, verify- 
ing the proper clearances and sizes with 
components. 


7. Complete the final assembly shown in Figure 
35-7 and mount the assembly board, battery 


holders, switch 51, jacks J1 and J2, and fuse 
holder FS1. It is a good idea to trial-fit all the 
parts in this section before actually drilling or 
making any mounting holes. Note a piece of 
plastic (SPACER) that insulates the bottom 
solder connections of the PCB trom shorting 
out to the metal chassis base. Also note 
resistor R19 across 51. Secure the battery 
holders using pieces of two-sided foam sticky 
tape (TAPE). Wire using #20 vinyl wire as 
shown. 


$. Mount the transducers as shown in Figure 
35-8 using SW2/NU2 6-32 X !/2-inch screws 
and nuts. 


Twist the leads of the two inductors L2 and L3 
together, effectively paralleling these compo- 
nents. Repeat this for resistors R17 and R18. 
You should end up with four sets of these par- 
allel components. These components should 
be self-supporting by being connected to stiff 
pieces of bus wire. Take caution to observe 
any potential shorts. Solder the two 15-inch 
connecting leads and connect them to point 
P6 on the assembly board. 


9. The final assembly is shown in Figure 35-9. Do 
not attach the cover until you have tested 
the unit. 


Testing the Assembly 


10. Turn the pots counterclockwise, set the switch 
to mid position (off), and install eight fresh 
batteries into the battery holders. If you have 
access to a bench supply of 12 VDC at 2 amps, 
it may be connected to J2 via a mating plug, 
eliminating the need for the batteries in the 
preliminary test. Short out the chassis ground 
and negative bus pins of J1. This jack is for 
connection to the canine controller module or 
other remote control devices. 


Note: A variable bench supply capable of 12 VDC 
at 2 amps with a voltmeter and current meter can be 
a great convenience for the remaining steps and the 
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-AUX+  -LED+_ r 


PC 


[U-494, 


le Bs ` 


ame 


Leads to to 
transducers 


Power leads Note C9 is relocated behind L1 


Replace R15, 16 with the 1 millihenry 
inductors L2, 3 step 4 |. 


eu 1 e l Note that not all of the parts as designated 
on the printed circuit board are used for thr 


E project. R11, F1, P2, P3, PS are not used q 
E] 
—— A i , 
—- Heat sink bracket attached to Q2 is not 
I | shown in this view 
Front view of R2,9 showing short pieces ONOFF/FREO i 
of buss wire for connections to board. SHS TE Sheer j 
You may use component lead cut offs 
Figure 35-5 Assembly of PCB E] 
11. Press push button Sl and note a loud, piercing other undesirable effects. Sweep rates 
wave coming from TD1. Measure a current of between 7 to 20 per sec should be used 
500 to 600 milliamps in series with a battery or with caution. j 


bench supply. Note that the switch position 

when up should be power supplied by internal 

batteries, and the down position being sup- 

plied by the external 12 VDC supply. This : i 

function may be reversed but should be Basic Operating 

noted, as the external position will automati- Instru ctions 

cally trickle charge the internal batteries. 

14. Connect a 12-volt source capable of supplying 
2 amps of current to designated leads or use 
internal nickel cadmium (NiCad) batteries 
that are type C cells. These will provide 
approximately 3'/2 hours continuous operation 
at slightly reduced output. 


12. Rotate RY and note the frequency increasing 
to above the audible range; measure a current 
of 400 to 800 milliamps. You may preset the 
limit of the high range by the RY setting. The 
normal factory setting is 25 kHz maximum 
with R10 full clockwise. Note the wave shapes 
shown in Figure 35-2 for those who have a 15. The battery-charging function occurs when 
scope. the system is connected to an external power 

source and will charge the NiCad batteries at 

a 100-milliamp rate, taking about 14 hours to 

fully charge. 


13. Turn on sweep control R2/S2 and note the fre- 
quency being modulated by a changing rate as 
this control is adjusted. Use caution as certain 
sweep rates may cause epileptic seizures and 
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16. If continued use is anticipated via the external 
12 volts, it is a good idea to remove the inter- 
nal batteries’ connections as overcharge may 
occur that will ruin the batteries or actually 
cause them to explode. The recommended 
method of setting the controls is the following: 


a. Determine the frequency limits per the 
application. These types of devices have 
two basic applications. When used as an 
anti-intrusion device to discourage 
unauthorized entrance, adjustments are 
made for maximum human annoyance, 
usually with frequencies from 10 to 15 
kHz. 


NOTE: 1/2” Lip flange with holes for 
attaching base to panel section via 
SWI screws (8 required) 


From figure 35-6 


From figure 35-5 


y 
| 
f 
y 
é 
j 
iN 


e Figure 35-7 Chassis wiring 
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WR1 


To TD1 ON FIGUR 
35-5 


WR2 


REQUIRED 
PANEL 


NOTE: 1/2" Lip flange with holes for 


attaching base to panel section via SW3 
screws (8 required) 


Figure 35-9 Final assembly 


- SW2/NU2 


T1D1 


R17,18 


When used as a rodent device, we have 
found that the lowest tolerable frequency 
to humans usually has the greatest effect 
on the common species of rats. This is not 
always true but serves as a starting point in 
initially setting the adjustments. A 
frequency setting of 15 to 20 kHz for 
nonhuman living areas and 20 to 25 kHz 
for areas where people are present usually 
suffices for good rat control. Note that at 
no time should the unit be set higher than 
25 kHz. 


Dog control is usually around 18 kHz, but 
experimenting with the target animal may 
be necessary for optimum effect. Stubborn 
dog owners fall into the category of anti- 
intrusion if they will not cooperate. 


Turn the SWP control off. Adjust the 
TONE control so that the output ts 
detectable by the human ear or just above 
the point of annoyance. 
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c. Set the TEST switch to an audible 
verification. Note that experimentation is 
required for optimizing any effect on a 
given set of target applications. 


Information on the System 


Your phaser system is capable of operating in two 
modes. Mode one is al a frequency that is known to 
produce paranoia, nausea, disorientation, and many 
other physiological effects. Mode two allows using 
the system as an audible alarm to frighten off intrud- 
ers or warn the user of an intrusion. Both modes may 
be used in combination and are easily rear-panel- 
controlled by the user. 


A Word of Caution 


Ultrasonics is a grey area in many respects when an 
application involves the control of animals or even a 
deterrent to unauthorized intrusion. It is always best 
to consult with local municipal and state laws before 
using this device to protect home or property. 
Remember many state laws lean more towards the 
right of the criminal rather than the victim. 


General Information on 
Ultrasonics 


Numerous requests have been made for information 
on the effect of these devices on people. First, let us 
make it clear that no device such as this should pur- 
posely be used on humans, and we discourage this 
use due to the possibility of acoustically sensitive 
people being highly irritated. 

None of these devices has the ability to stop a per- 
son with the same effect as a gun, club, or more con- 
ventional weapon. They will, however, produce an 
extremely uncomfortable, irritating, sometimes 
painful effect in most people. Everyone will experi- 
ence this effect to some degree. Unfortunately, 
younger women are much more affected than older 
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men due to being more acoustically sensitive. The 
range of the device depends on many variables and is 
normally somewhere between 10 and 100 feet 
depending on the acoustical sensitivity of the target. 
One possible use of the device (which deserves 
careful consideration) is the installation of all trans- 
ducers in an area to protect against unauthorized 
intrusion. This would produce an irritating and 
painful feeling for the intruder, along with a condi- 
tion of paranoia of not knowing what to expect next. 


Application Supplement 


The following describes an acoustical, ultrasonic 
device for dispersing potentially unruly crowds or 
gatherings. The reason for using the higher-frequency 
energy is that it is easily directed without being dif- 
fracted in all directions, Therefore, the use of direc- 
tional-type transducers producing a front-to-back 
relative signal ratio of 20 to 30 dbs is easily achieved. 
The higher-frequency sound can produce nausea, 
headaches, and depression without the subject neces- 
sarily being able to determine the source. This effect 
no doubt presents an advantage to law enforcement 
when using these devices. 


It is a known fact that the development of any 
type of demonstration in “psychological crowd con- 
tral” follows the natural laws of growth and decay, in 
that a positive influx of people encourages a crowd 
growth, whereas a negative outflux creates a dimin- 
ishing situation. One must realize that differences 
exist among most people regarding sound level and 
frequency sensitivity. When sampling a group or 
crowd as to the overall sensitivity of these devices, It 
is usually found that certain ones may not be affected 
to the same degree as others. However. taking into 
consideration that those who find the effect intolera- 
ble does generate the negative outflux that usually 
terminates the gathering. 

This method, to this date, produces no permanent, 
lasting effects or symptoms and therefore becomes a 
more humane means of dispersing potentially unruly 
crowds. It should also be mentioned that younger 
people appear to be many times more sensitive to 
this effect. This usually goes hand in hand in most 
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demonstrations, since younger people are more apt 
to become unruly. 

This section encompasses many of the methods for 
applying this device via a permanent installation 
where transducers can be placed and adjusted to 
produce the necessary sound-pressure levels at dis- 
tances to achieve the desired effects. This method 
could prove effective as an intrusion deterrent for a 
certain protected area. 


Another method could be a handheld directional 
device similar to a megaphone where the amount of 
transducers used would be determined by the affects 
desired. This device would take into consideration 
the highly directional characteristics of this energy, 
being able to be directed at problem areas as a hand- 
held portable system. 

Another method for effective control would be 
clusters or arrays of transducers with these systems 
being mounted to vehicles via conventional roof 
mounts or on the hoods of these vehicles, Operation 
could take further advantage of the fair to good 
soundproofing found in most automobiles and vehi- 
cles could approach problem areas, taking advantage 
of close-proximity situations. 

It has been found that certain frequencies also can 
be made to produce intense irritability in certain 
types of people. This method could justify the even- 
tual use of more severe methods of restraint, assum- 
ing that the target subjects would eventually become 
more aggressive or violent, thus warranting this 
action. This is only to be considered as a potential 
extreme use ol the device. 

The objective here is to describe a similar method 
whereby the sound-pressure levels and frequencies 


can be obtained economically and efficiently, using 
state of the art methods and easily available parts, yet 
they can still be portable and easily handled for com- 
plete operational flexibility. Construction is based 
around the use of the piezoelectric tweeter transduc- 
ers. These lightweight devices are easily driven and 
produce a conversion efficiency of over six times 
their electromagnetic counterpart. Being lightweight, 
economical, and easy to use when driving, they are an 
excellent candidate for this type of system. Higher 
driving impedance versus frequency ts the inverse of 
the electromagnetic type. 

The system, as described, contains several modes 
of operation. The first mode is a steady state of a cer- 
tain frequency determined by the operator. This 
mode is termed manual frequency control and is 
adjusted by its appropriate control. The next mode is 
low speed sweep, which consists of the unit starting at 
a low frequency and automatically increasing to its 
higher limit where it again repeats itself. The remain- 
ing modes are controlled rates of this sweep, deter- 
mined by the appropriate control referred to as 
sweep rate control. It is these controls that can be 
remotely operated from the inside of a vehicle when 
high-powered, outside arrays in clusters are used. As 
was mentioned before, certain frequencies combined 
with certain sweep rates can cause different degrees 
of effectiveness, It is not the objective of this informa- 
tion to analyze the potential types of effect and 
behavior versus control setting, but to describe the 
working system as a generator of these controlled 
sounds. 
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Chapter Thirty-Five 


Table 35-1  Pain-Field Generator Parts List Q2 IRF530 or 540 N-channel 
metal-oxide-semiconductor 
field effect transistor 


Ref. # Description DB Part # (MOSFET) 
R1,6,8,12 Four 1K, l4-watl resistors 101,2 Two 555 dual inline package 
(br-blk-red ) (DIP) timers 
R2/52 500K, | meg pot/switch, 17 mm HSI Heatsink bracket, created 
as shown 
R3 2.2K, -watt resistor 
(red-red-red) SW 6-32 xX lá-nch screw 
R4,5 Two LOK, -watt resistors SW2 Eight 6-32 X -inch screw 
(br-blk or) 
SW Eight #8 x -inch sheet 
R7 10-ohm, -watt resistor metal screw 
(br-blk-blk ) 
NUZ Nine 6-32 hex nuts 
R9/53 ¡OK pot/switch, 17 mm | 
FH1/FS1 Fuse holder and 2-amp fuse 
R10 SK horizontal trimpot 
J1 Three-pin din chassis mount 
R13-16 Four 4.7-ohm., 3-watt resistors jack 
(vel-pur-sil-gald) | 
J2 DC 2.5 mm jack panel 
R17, 18,19 Nine 120-ohm, 5-watt resistors mounting 
(br-red-br); use two per 7 
transducer and one across S] CL1,2 Iwo battery 9-volt clips 
01,4 Two .01 -microfarad, 50-volt BH1, 2 Two four-C-Cell holders 
disk capacitors (103 
P (103) Sl Single pole, single throw 
C3 100-microfarad, 25-volt (SPDT) power switch 
vertical electrolytic capacitor 
S4 small SPST togele switch 
C2 |O-microfarad, 25-valt ee ee en 
vertical electrolytic capacitor PCI Printed carem board (PCB) 
or use perforated vector 
C3A, B Two .01-microfarad, 50-volt board DB# PCSONIC 
Nvester capacitor 
pele = TDI Four polarized 130 db piezo 
C6 |,000-microfarad, 25-volt transducer DB# MOTRAN 
vertical electrolytic capacite sE 
a a aoe a WRI1/2 36 inches of #20 vinyl 
CE 01-microfarad, 2-kilovolt hookup wire, red and black 


disk capacitor a dios ES 
CHASSI5BASE Create as shown in 


C9 .23-microfarad, 250-volt Figure 35-6 
polypropylene capacitor 


PANEL Create as shown in 
L2,3 Eight 1 mh inductors (6080), Figure 35-6 
2 used per transducer, in place - ; ‘ i 
oP HPA DB# 1MH foam tape for securing 
battery holders to base 
L1 Inductor: two Hitachi 30.48 
E cores:and mating bobbin SPACER 3 x 3-inch piece of plastic 
esti E want Li sheet to insulate assembly 
nat Ot DB# PPPLILI board fram metal BASE 
Ql PN2907 PNP GP transistor LABULTRA Label, ultrasonic warning 
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¿Magnetic Dis: 


= 


The following project, as shown in Figure 36-1, 
describes an excellent, low-cost device that has amaz- 
ing sensitivity in its ability to detect magnetic distur- 
bances down into the microgauss. A microgauss is 
one millionth of a gauss. [he earth’s magnetic field is 
500 miligauss where a milligauss is one thousandth 
of a gauss. The unit easily detects sunspot activity and 
auroras, and it can even be used as a vibration sensor 
that can detect a person’s finger tapping on a rock. It 
can also detect moving aircraft and vehicles, as well 
as other changing electric and magnetic phenomena. 

Actual detection is accomplished via an analog 
meter that responds to the relative strength of the 
changing magnetic helds. An audible alarm also 
allows the presetting of an activation level where it 
will alert the user of certain activity. An output port is 
included for connecting to a chart recorder. 

The magnetic fields produced by many devices, 
both manmade and natural, are detectable by this 
system. Interesting results are produced when this 
unit is placed near anything electrical or magnetic 
such as a car, motor, or TV. The sensitivity is impres- 


Figure 36-1] 


The magnetic distortion detector 
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sive when one sees the results of a 1-amp pulse of 
electrical current through a wire located a meter 
away from the unit. (This corresponds to a milligauss, 
Earth’s magnetic field is .5 gauss), When the system is 
properly installed, it will detect passing automobiles, 
aircraft, or any moving, ferrous source that will cause 
the terrestrial magnetic field to distort. The unit is an 
excellent science fair project and can supply the ama- 
teur scientist with hours of knowledgeable entertain- 
ment in listening and detecting magnetic fields and 
their abnormalities. 

Construction is shown to be as flexible as possible, 
It is built in two sections: the sensing head and the 
control box, which are interconnected via a length of 
shielded cable, The maximum usable sensitivity 
requires the sensing head to be placed away from 
power lines and other potential disturbances. The 
sensing head, which must be securely mounted to 
prevent interference from mechanical movement due 
to wind and vibration, can cause erroneous signals as 
it shifts position through the earth’s magnetic field. 
The unit can also be made as a sensitive magnetic 
probe by installing the sensing head and the control 
box together, bearing in mind that the usable sensitiv- 
ity will be decreased due to erroneous movement 
near magnetic materials when moving its position. 
The detection of field changes produces a moderately 
loud alarm along with a relative indication from an 
analog meter located on the panel. An optional jack 


is used for an X/Y chart recorder, and the system 1s 
fully battery powered. 

This is an intermediate to advanced-level project 
requiring basic electronic skills. Expect to spend $45 
to $65, All parts are readily available, with specialized 
parts obtainable through Information Unlimited at 
www.amazingl.com, and they are listed in the parts 
list at the end of the chapter. 


Circuit Description 


Figure 36-2 shows a coil (L1) consisting of many 
thousands of turns is wound on a 2-inch bobbin and 
placed over a soft iron core of about 1 to 2 feet in 
length. Any magnetic changes induce small voltages 
to occur at the output of this coil. This output signal 1s 
fed into a nano-amp, sensitive DC amplifier (11), pro- 
viding a current gain of 500 times the original. The 
iron core of L1 serves to concentrate the magnetic 
flux lines by offering a lower reluctance path than 
that of air. The input of T1 is protected by overvoltage 
and transients via clipping diodes Dl and D2. The 
output of 11 is forced to near zero via a multiturn 
trimpot (R4) for balancing and compensating any 
offset. 


Figure 36-2 Sense head schematic 


Power for I] consists of batteries Bl and B2., which 
are left in the circuit permanently as current drain is 
very low and replacement can be on a yearly basis. It 
should be noted that if the sensing head is to be 
located in a hard-to-get area the builder might use D- 
size cells, as these will last that much longer. 


The sense head output is fed to the control box via 
any reasonable length of shielded cable, WR10. As 
mentioned before, the sensing head should be located 
away from any potential magnetic interfering devices, 
such as anything electrical and large, ferrous objects. 

Aluminum foil can be wrapped around the sense 
coil and is connected to the circuit common line. This 
reduces the capacitive pickup of unwanted signals. 

Again. the sensing head and control box may be 
assembled together and used as a probe. This config- 
uration may reduce the system's sensitivity due to 
erroneous movements and interaction of the circuits 
such as magnetic speakers and meters. This method is 
not encouraged due to these erroneous readings. 


Figure 36-3 shows the control box providing 
another amplifier, T2, with a gain of 200 times the 
original amount, which gives the system an overall 
gain of 100,000. Full-scale meter deflection of the 50 
ua meter (M1) occurs when a current of .5 nano-amp 
is obtained from Ll. It is obvious that with the many 
thousands of turns on Ll that a detectable signal can 
occur with very minute flux changes, such as the 
result of changes in the microgausses. It should be 
noted that the earth’s magnetic field is only .5 gauss. 


11 is connected as a conventional DC operational 
amplifier with its output DC coupled to [2 via a 
shielded cable. This cable is necessary to separate the 
sense head and the control box by at least 6 feet, This 
is necessary to prevent magnetic coupling from the 
speaker SPK1. Sensitivity control pot R5 controls the 
system gain and is usually set at maximum. 


You will note that meter deflection pot R11 also is 
ganged with switch S1, which controls the +6-volt 
power to the control box section. R11 controls the 
deflection of meter M1 with diode D3 and capacitor 
C6, serving to smooth out and average the signal. The 
voltage level at jack J2 is also controlled by R11 and 
is an auxiliary jack intended for a chart or other 
recorder. The audible alarm activation point is 
controlled by pot R12 that is ganged with switch S2. 
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Switch S2 controls the —6 volt power to the control 


box. 


The alarm is nothing more than a reflex-type oscil- 


lator consisting of transistors O2 and 03 with its 
feedback paths consisting of resistor R15 and capaci- 
tor C8. Trimpot resistor R16 is set for a reliable, 


clean-sounding signal. 


Assembly Steps 


+ 


o e 


51/11 


Figure 36-4 shows coil L1 wound with thou- 
sands of turns of fine magnet wire. This may 
be difficult to do and it is suggested that the 
builder locate a high-voltage oil burner igni- 
tion, neon sign, bug killer, or other similar 
transformer and carefully remove the high- 
voltage secondary winding. The parameters of 
these transformers are usually around 5,000 
volts at 10 to 20 milliamps. These are available 
from junkyards and other places. Many are 
rejected due to radio and TV interference and 
yet have intact secondary winding suitable for 
this project. 


avl 
BAG 
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Figure 3b-3 Control box schematic i 


The objective is to obtain one with as many 
turns as possible: however, most will work 
quite well. A quick test is to measure the DC 
resistance of between 5 and 20K across the 
coil. A relay coil of high impedance such as 5 
to 10K may also work. The coil must have 
connecting leads and these should be secured 
with room temperature vulcanizing (RTV) 
adhesive, wax. or something similar to prevent 
breaking that may render the coil useless. A 
soft iron core of | to 2 feet is inserted through 
the coil and serves to offer a lower reluctance 
to the magnetic flux lines. It is these lines that, 
as they change in the core, induce a voltage 
due to magnetic induction. Note to shield the 
coil from electrical and capacitive pickup by 
wrapping it in aluminum foil and connecting 
the foil to the circuit ground. A special cus- 
tom-made coil is available from Information 
Unlimited and is noted in the parts list. 


Lay out and identify all the parts and pieces, 
and check them with the parts list. Note that 
some parts may sometimes vary in value. This 
is acceptable as all components are 10 to 20 
percent tolerant unless otherwise noted. 
Assemble the board by inserting components 
into the board holes as shown in Figure 36-5. 


Rii/S1 Controls meter sensitivity with switch 
for + 6 volts 


R12/52 Controls alarm threshold sensitivity 
wilh switch for - 6 volts 


RS Controls over all sensitivity 
31 Input from sense head 


J2 Out put to optional chart recorder 
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6, 


Proceed from left to right, attempting to 
obtain the layout. Note the polarity of the 
components as indicated. Certain leads of the 
actual components are to be used for connect- 
ing points and circuit runs. Do not cut or trim 
them at this time. It is best to temporarily fold 
the leads over to secure the individual parts 
from falling out of the board holes for now. 
Solder as required and clip off excess leads. 
Some kits contain a length of insulated wire. 
This must be cut, stripped, and tinned accord- 
ing to where it is used, 


Wire in the 6-foot length of shielded cable, 
being careful not to burn through the insula- 
tion and short out the cable. 


Attach the battery chip HOLDI using silicon 
rubber. 


Attach the L1 coil to the PB1 perforated 
board as shown in Figure 36-5 and secure it 
with RTV adhesive. You will have to drill a 
hole tor the iron core. The core should fit 
snuggly and can be glued in place in the final 
assembly. 


Pretesting the Sense Head 


Carefully check for wire and solder errors, 
and install fresh 1.5-volt AA batteries (B1 and 
B2). Connect a low-range voltmeter to the 


i ‘i l 
AN 

ih Al iil 
Ni 


Figure 36-4 Winding instructions for Ll 
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leads of the output cable and adjust the 25- 
turn pot (R4) for as close to a near-zero read- 
mg as possible. Finally, adjust the lowest range 
of the meter, preferably the 50 microamp 
range. This should be done outside away from 
power lines. 


With the meter still connected, observe a 
reading when a piece of iron is moved near 
sensing coil Ll and moved about. If the piece 
of iron contains any magnetism, the effect will 
be enhanced. 


Wrap the sense coil with several layers of alu- 
minum foil and ground the foil to the negative 
circuit. Diodes D1 and D2 will require shad- 
ing against light sources as the junction 
behaves like photodiodes at these low signal 
levels, 


Create enclosure EN1, as shown in Figure 
36-6, from an 8 Xx 3!/2-inch outer-diameter 
piece of plastic tubing. 

Note the small, */s-inch access holes for adjust- 
ing R4 are drilled when all is in place. Create 
the brackets as required for mounting the 
sense head. 

Install the assembly into EN] with caps CPI 
and CP2 as shown. Recheck it by connecting 
the meter across P1. Readjust R4 through the 
access hole if needed. The sense head should 
now be working correctly. 


Thread through hole in bobbin face 
and start to wind 5 to 10,000 turns of 
thin magent wire. You may scramble 
wind, but attempt to wind evenly 
across length of bobbin mandrel. 
Exit through small hole in opposite 
face. Tape winding in place and 


apply silicon rubber to exit leads. 
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Strip off outer plastic jacket of cable 1 inch and 
twist braid into a lead and tin. Strip off 1/4 inch 


of insulation on inner lead and tin. Insert into 
plug and solder inner lead to lin tip. 


Carefully solder twisted braid lead to outer shell ë 
being careful not to burn through insulation. 


Always verify lead continuity and possible 


shorting of the leads with a meter. 
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Figure 36-5 Assembly of the sense board section 


Construction of the 
Control Box 


Assemble the board as shown in Figure 36-7. 
Observe the proper position of ll and the 
polarity of the diodes, transistors, and C6 
capacitor. Note that Q3 is a PNP PN2907 tran- 
sistor. Note the position of Tl regarding the 
primary and secondary winding. The second- 
ary will read very low resistance when com- 
pared to the primary. It is a good idea to use a 
socket for the integrated circuit. 


Create the enclosure base section (BASE) 
from sheet aluminum. as shown in 

Figure 36-8, with holes for meter Ml, speaker 
SPK1, R11/51;R12/52, RS, and holes for J] 
and J2. Assemble the components as shown. 
Note the battery holders secured via two- 
sided tape, TAI. 


Attach the interconnecting leads, as shown in 
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._. Dashed lines are connections on underside of perforated 
circuit board using the component leads. These points can 


also be used to determine foil runs for those who wish to 
fabricate a printed circuit board. 


Small dots are holes used for component insertion. 


(e) Circles with dots are holes that may require drilling for 


component mounting and points for external connecting wires, 
indicating strain relief points. It is suggested to drill clearance 


holes for the leads and solder to points beneath board. 


° è 8 ù 6 b 6 q 


© © Q t E ù 8 © ofa o 0 T4 0 t o o O0 0 0O O o 6 


D U a & Ù 8 & 0 


: a ū @ ü he O Bo DO 2 O a o g 


b 4-0 G +» ù a 0 
O oo 0 O 0 O 0 o O 


ao 6 6 6 p 


i a G o o : 


| 65 6 © 565 E 
6 è 06 öö ù 0 ü p 


3 o 0 Ò ù T o o G 4 


t 6 a a ù & 6 606 0 $4 Of & 


a a o La] a [=] ao +] o 6 

= a a D a La] ja] T a a] 

E a a [=] a D La] o oO [=] 

A a a [=] a D 5 a a 6 

= La] a D La] Do ja] ao o [=] 

a G o Do o o o [e] 

ù a E E o © > |El La] o a 


= 2 «© ca alo a ao 0 > O d [=] 


0% 8 - E - & 8 @ 2 o 6 +2 6 0 
o 6 e. ao d a fo a @ 0: 0 
Gt ù ù 6 8 6 66 03 6-00 
a 060 8 © 6 5 6 66 6 + & © 
t 6 006 è g 6 oe ie a & oO t 
6 46 6 46 $6 56 6 e le 04 «€. 06006 ola 6 60 6 64 o 6 6 6 
6 6.606 $6 6 6 6 fo 8 4. 2 oo hb 


o 8 6 6 © 6 & 6 


Note: The sense head as shown in this sketch is 
wound from a transformer bobbin. Any plastic 
bobbin 2"x1" will usually suffice. See Figure 36-4. 


Figure 36-9. Twist the leads whenever possible 
and keep them short and direct. Note the 
ground lugs on J1 and J2. 


Connect the leads from the board assembly to 
the components in the box, 


Control Box Pretesting 


Position the board, but do not secure it at this 
point. Turn S1 and S2 off and insert four AA 
batteries into BH? and BHS, 


Turn on both switches, unsnap one side of the 
battery clip. and insert a milliamp meter. Mea- 
sure .5 milliamps (—6 volts) at BH2 and .8 
milliamps (+6 volts) at BH3. Reconnect the 
battery clips. 


Turn the R16 trimpot to midrange, R11 full 
counterclockwise, R12 clockwise, and note the 
meter remaining at zero and the alarm 
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From Figure 36.5 
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Figure 36-6 Sense head enclosure assembly 
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remaining silent. Now turn R11 clockwise and 
note the meter deflecting to full scale. 


The following steps will require the sense 
head located away from electrical wiring and 
other potential sources of magnetic interfer- 
ence. The distance should be at least 5 feet 
from the control box to avoid feedback from 
the meter and speaker magnets. 


Turn both R11 and R12 full clockwise. Plug in 
P1 from the sense head J2. Note the meter 
may pin, or jump off scale, and the alarm may 
sound. Have a friend slowly rotate R4 on the 
sense head to attempt to bring the meter into 


P1 


FLUXROD 


range. You may have tò desensitize the circuit 
by turning R11 counterclockwise until the 
meter reads midrange and turn R12 to deacti- 
vate the alarm as it can be annoying during 
testing. Note that R5 is an overall sensitivity 
control and should be turned fully on in most 
applications for maximum sensitivity. The 
meter and alarm can be ranged by their 
respective controls, R11 and R12. 


When properly set, the reading will constantly 
fluctuate and is the result of sunspots or other 
phenomena distorting the earth's magnetic 
field. 
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Dashed lines are connections on underside of perforated 

¿o os circuit board using the component leads. These points can 
also be used to determine foil runs for those who wish to 
fabricate a printed circuit board 


e Small dots are holes used for component insertion. 


@ Circles with dots are holes that may require drilling for 
component mounting and points for external connecting wires 
indicating strain relief points. It is suggested to drill clearance 
holes for the leads and solder to points beneath board. 
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Figure 36-7 Assembly control board 

If you choose a magnetically noisy location. Jack J2 may be used to drive an XY recorder 

you will have an added signal as the result of when observing sunspots or other time- 

power lines, motors, and other magnetic dis- related disturbances. 


turbance. Note that if R11 cannot bring the 
meter into range without overly desensitizing 
it, it may be necessary to internally readjust 
R4 for proper ranging. 


a ee ee [ll 


Note: No steps were taken to filter out 60 HZ dis- 
turbances, as it appears that many uses of this device 
involve the detection of power lines and other 
5. Preset R14 at midrange and adjust R12 until related equipment. 
the alarm sounds. Readjust R16 for a clean, ———— AA— 
desirable-sounding tone if necessary. 


Appreciating the sensitivity of this unit 
requires operation in a magnetically quiet f- pp | j Cati ons 
location where all the controls can be | 
advanced fully. Under the conditions of a low 
magnetic background, the unit can detect 
automobiles, manmade devices, and natural 
magnetic disturbances. Also, simply moving a 


The uses of this device are obviously only appreci- 
ated by those who can understand its sensilivily to a 
minute change in magnetic flux. The unit can be 


piece of iron near the sensing head should made to detect the motion of large steel bodies as 
produce an indication, (Note low-level- they distort the existing earth's magnetic field. Many 
detection sensitivity may be difficult during applications and experiments are theretore possible 
the peak of the sunspot cycle due to the high with the device. Any high-impedance headphones 


background signal fluctuations.) 
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Fabricate a cove to fit the base section from any suitable 

matorral Allow a overhang over the front and rear parels of 
/ the base. Use sheet metal screws to secure to the folded up 
lip ofthe base secon 


FROM FIGURE 36-8 


Uso a solder lug under J1 or 2 for connecting to base ground 


Lise velero sticky tape to secure BH2 3 battery packs 


KNOBEXT : Lise pieces of flexible rubbor or plastic for knob extensions 
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Figure 36-9 Final assembly control box 
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can be plugged into J2 where the experimenter can 
actually “listen in” and hear the field changing. 

One verifying test that is easily done to determine 
the system’s ability to detect the earth’s magnetic 
field is the following. Rotate the sensing head with 
short, quick jerks in a clockwise direction. Note the 
meter pinning, and as rotation is continued a point 
will be found where the meter will respond less. This 
nulling point should occur with the fluxrod pointed in 
a north/south direction. If rotation is continued, it will 
be found that the short, quick jerks must occur in a 
counterclockwise direction to obtain a positive meter 
movement. This is similar to an electrical generator 
using the earth as its field magnet and the sensing 
head core as the moving armature. 


Optional Ultra-Sensitive 
Vibration and Tremor 
Detector 


You may easily convert this device to a vibration 
detector by simply modifying the sense head so it can 
be mounted to a rigid object such as a rock. The trick 
now is to place a magnet adjacent to the end of the 
sense coil, LI. The magnet should be held in place by 
elastic or other means whereby it is mechanically iso- 
lated relative to the sense coil. It should be very close 
to the sense coil for optimum sensitivity. 


The theory 1s simple. Positioning a powerful mag- 
net near a coil with many turns produces a signal. It is 
now the relative motion between this magnet and the 
coil that produces a voltage by the familiar equation 
E = NdO/dt, where E is volts, N is the coil turns, 0 
theta is the flux of the magnet, and ris the rate of rel- 
alive motion in seconds. The combination of the high- 
resultant signal volts and the amplification sensitivity 
of the circuit provides amazing results, 

Many variations are possible with the common 
objective being to obtain the highest reading for a 
given tremor. This unit will easily detect earthquakes 
occurring anywhere on the planet; however, the 
builder must experiment with motion dampening and 
other schemes to differentiate between manmade 
vibrations in order to isolate these signals. This is an 
excellent, low-cost project for any interested individ- 
ual to learn by experimentation. 
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Chapter Thirty-Six 


Table 36-1 Magnetic Distortion Detector 


Parts List 

Ref. # $ Description 

R1,3 Two 1.5M, '4-watt resistors 
(br-gr-er) 

R2 Two LOM, '4-watt resistors 
(br-blk-bl) 

R4 100-kilo-ohm, 10-turn vertical 
trimmer 

R5 5K linear pot 

R6,7,8,9,14 Five LOK, '4-watt resistor 
(br-blk-or) 

R10 10-ohm, '4-watt resistor 
(br-blk-bIk) 

R11/S1, 12/52 Two LOK linear pots and 
switches 

R13 4.7K, -watt resistor 
(yel-pur-red) 

R15 100-ohm l4-watt resistor 
(br-blk-br) 

R16 100-kilo-ohm vertical trimmer 

R17 |-kilo-ohim, '4-watt resistor 
(br-blk-red) 

C1, 2,3, 4,5, 8 Six .1-microfarad, 50-volt 
plastic capacitors 

Cå l-microfarad, 50-volt vertical 
electrolytic capacitor 

C7 4.7-microfarad, 50-volt vertical 
electrolytic capacitor 

Il LM4250 nano-amp operational 
amplifier in a dual inline 
package (DIP) 

[2 LM741 operational differential 


amplifier in DIP 


D1,2,3,4 Four 1N 914 small-signal diodes 


Ql,2 Two PN2222 NPN GP silicon 
transistors 

Q3 PN2907 PNP GP silicon 
transistor 

TI LK to 5-ohm, small audio 
transformer 


DB Part # 


WIRE24 


BHI 
BH2,3 


BUI 


LISENSE 


PBORDI 


PBORD2 


EN1 


CAPI 


TAPI 


KNOBEXT 


FLUXROD 


BASE 


COVER 


PLATE 


50 uamp panel meter DB# METERSOS 
2-inch, 8- to 16-ohm speaker 


Two RCA panel-mount phono 
jacks 


‘Two RCA mating phono plugs 
Two 9-valt battery clips 


3 feet of single-conductor, 
shielded mike cable 


4 feet of #24 vinyl stranded 
hookup wire 


Two-AA-batlery holder 
Two 4-AA-battery holders 


Small, plastic feed-through 
bushing 


Sense coll per Figure 36-4 DB# SENSE 


6/4 xX 2'4-inch, .1 * .1-inch 
grid perforated vector board 


44 X 2-inch, 1 x .)-tnch grid 
perforated vector board 


TAx 3-inch schedule 40 
PVC tubing 


Two 34+inch black plastic 
caps 


4 inches of 4 * l-inch strips of 
Velcro sticky tape 


4 inches of -inch inner- 
diameter plastic or rubber 
tubing for shafts 


binches of 4 X 20-inch steel- 
threaded rod and two mating 
nuts 


Created as shown in 
Figure 36-8 from 063 
aluminum 


Cut to fit BASE section 


5 x 2'4-inch piece of 
insulating plastic to mount 
under board 


284 MORE Electronic Gadgets for the Evil Genius 


This project, as shown tn Figure 37-1, shows how to 
construct a useful device that can detect human or 
animal motion up to several hundred meters. It pro- 
vides a narrow field of view and can be used for paths 
and walkways. Farmers use these devices to detect 
when a predator comes into range, taking the neces- 
sary action when the alarm sounds. It may also be 
used as a medium-sensitive thermal detector for lab 
and research use. The device is an excellent science 
project demonstrating medium-sensitivity detection 
of relatively low temperatures, 

‘This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $30 to $45. All 
the parts are readily available, with specialized parts 
obtainable through Information Unlimited at 


Figure 37-1 


Body heat detector 


www.amazingl.com. These are listed in the parts list 


at the end of the chapter. 


Description 


Your body heat detector ts a device capable of sens- 
ing an object at a temperature increase slightly over 
ambient. It is this property that allows it to detect a 
living body at a considerable distance. The sensitivity 
of the device corresponds to a black body wavelength 
of 10 microns, corresponding to a temperature of 100 
Fahrenheit. Black-body radiation defines color tem- 
perature in wavelengths below what ts visible to the 
naked eye. All objects above absolute zero radiate 
energy as a function of their temperature to the 
fourth power. This radiation decreases in wavelength 
as the radiating body becomes hotter. This radiation 
will consist of the visible color spectrum for a given 
range of temperatures. Hotter bodies will show visi- 
ble color such as blue being on the hotter side of red. 
A body hot enough to glow red is around 900 degrees 
F. Black bodies radiate in the infrared (invisible) and 
lower as the generating temperatures are near ambi- 
ent being above 70 degrees F. All objects above 
absolute zero radiate energy as a function of the 
fourth power of temperature, and body heat energy is 
in the infrared region at around 100 degrees F 


The applications for this device are numerous and 
as an example you could a create motion detection 
system for home security. These are normally short- 
range, wide-angle detection systems and are limited 
in performance, Our system would be mounted simi- 
lar to an optical scope on a rifle or a tripod. A living 
target now can easily be ferreted out in darkness or 
under moderate cover due to heat reflections. A 
predator, as it approaches its target victim, is easily 
detected, alerting the farmer or rancher to take the 
next step of action. Garden pests, as they emerge 
from their burrow, and downed game can easily be 
detected by the device. 


The ability to detect hot spots is an extremely use- 
ful function, An example of sensitivity can easily be 
demonstrated by the following. Obtain a piece of 
cardboard or plastic approximately 6 X 12 inches. 
Place your hand on one end of this piece for several 
seconds to produce a hot spot of your hand print. 
Then place the piece in front of the unit, noting a 
detected signal increase on the surface previously 
touched by your hand due to the heat stored. (Don't 
touch the other end of the piece). Note that as time 
continues, the hot spot dissipates into the object 
thereby reducing the temperature differential and 
the signal pickup on the cardboard piece becomes 
evenly distributed. The differences in temperature 
detection capability ts in the millidegrees. You can 
now realize the many useful applications of this unit. 


Body Heat Detector Modes 


Your body heat detector operates in two modes: 


e MODE A: This mode is used to detect moving 
bodies such as animals, people, and so on. It ts 
intended for sensing intrusions along path- 
ways and into areas where a narrow field of 
view is necessary at long ranges (100 meters 
or so). This mode is the most stable of the two 
and rejects steady background sources of 
thermal energy. Detected bodies, however, 
must be moving. 


e MODE B: Operation in this mode allows the 
detection of stationary hot spots and is most 
useful with a “cold background” such as at 
night. It is useful for ferreting out thermal 
sources such as hidden persons and animals. 


Hot object spots and areas are easily detected, 
but unfortunately this mode is so sensitive 
that often signals appear to be erroneous and 
mask the target object. 


Both modes of operation require a camera tripod 
for reliable and simple operation. Very often a pan- 
ning action can be used to reject or detect the desired 
targets. 


Circuit Description 


The heart of the detector is a pyroelectric detector 
(PYR1) capable of detecting very minute tempera- 
ture changes. This device is responsive to tempera- 
tures of 100 Fahrenheit equivalent to approximately 
LO microns. Unfortunately, its response speed is rela- 
tively slow, peaking at about .1 Hz. This is shown in 
Figure 37-2. 

The pyroelectronic effect utilizes dual crystals of 
lithium tantalum oxide (LiTa 02). These crystals are 
polarized in an electric field below the Curie point. 
Electrodes attached to the crystal become electrically 
charged and eventually neutralize due to the sur- 
roundings. When the neutralized crystal is exposed to 
an infrared signal, its temperature changes, producing 
a charge on the electrodes and hence a detected sig- 
nal. This signal is amplified by a built-in, low-noise 
field effect transistor (FET) and becomes the output. 
It is Important to note that only a changing infrared 
signal can produce output; therefore, a chopper must 
be used for stationary sources. A chopper is nothing 
more than a mechanical wheel that has vanes to peri- 
odically interrupt the heat radiation signal to the 
pyrodetector, simulating a moving object. A moving 
source obviously produces a changing signal. The 
dual crystals will also cancel out signals produced 
from sunlight as they are oppositely polarized in the 
detector, 

The output of the detector is connected to the 
input of a low-frequency, dual-stage amplifier and fil- 
ter (U1) with a gain of approximately 2,500. This 
amplifier is designed to respond to a frequency of .1 
to 10 Hz, peaking at about 1 Hz. This matches the 
response of the pyrodetector and the signal com- 
monly generated by a living, moving body in the field 
of detection. 
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The changing AC output of the dual-signal ampli- 
fier (ULA and U1B) is capacitive coupled to output 
jack J1. It is this signal that 1s measured by an exter- 
nal AC millivolt meter and provides an analog indica- 
tion of signal strength. This signal may be further 
processed for ultra-low-sensitive detection or maybe 
demodulated where the resulting DC level can con- 
trol a VCO for audible detection via a changing tone. 
This AC signal is also fed to the dual plus and minus 
(“window”) comparator (U2A and U2B). A thresh- 
old control (R12) presets the trip voltage or sensitiv- 
ity of activation. The output of these two comparators 
is “anded” together and fed to the trigger input of the 
timer (U3). The output of U3 now activates audible 
buzzer BZ1 and visual indicator LED1. The buzzer 
on time is controlled by timing resistors R21 and R22 
and capacitor C15. 


An optional motor speed control for the chopper 
consists of O1 and speed control pot R19. Jack J2 
provides a 5-volt level through 1K resistor R18 and is 
used to trigger other systems. 


Assembly Instructions 


1. Lay out and identify all the parts and pieces, 


Figure 37-3 PCB wiring and assembly 
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and verify them within the parts list at the end 
of the chapter. 


Examine the PC board, as shown in Figure 
37-3 and 37-4. 


Proceed to assemble the device by inserting 
and soldering all the fixed resistors. 


Insert and solder the capacitors, carefully not- 
ing the polarity on all the electrolytics: Cl, C2, 
C4, C5, C7, C8, C10, C11, and C15. The other 
capacitors are not polarized. 


Insert and solder in the semiconductors (D1 
and VR1) and Q1. Note the polarity. 


Identify and note the position marks on the 
integrated circuits U1, U2, and U3. Insert and 
carefully solder them, avoiding solder shorts 
between the pins. It is suggested to always use 
sockets for these components. 


Identify the pots R12 and R9 and solder them 
in place. Note the switch section, S1, of R12. 
These connections are made using short 
pieces of cut leads to the pads directly 
beneath. Note these pots must be properly 
installed to allow final alignment with the 
PANEL plate. 


Insert the wire jumps using short pieces of the 
cut leads of components that were used priorly. 


INFORMATION 
UNLIMITED 
BHT 

REV A 


Note that the leads from the pyro 
detector are bent down to allow fitting 
into the socket at a right angle. 


i Rear view of 
— EMPYRO showing 


\ pin wiring. Note 
tab position. 


Sauter postion own 


o 
O inem beeen 


Opical palh i 
desidi 


otai- pigg jig 


PAD LOCATIONS 


Figure 37-4 Pad and connections 


10. 


17. 


joints. You are now ready to bench test the 


Insert Jl and note the rear connection lead 18. Rotate R12 to on, and note the shutter flap 


requiring a short piece of bare wire to connect 
to the board pad directly beneath. 


rotating with R19 full counterclockwise. It 
should slow down as R12 is turned in a clock- 


wise direction. This rotation should be vari- 


Insert the SOCK pyrodetector socket as 
shown, Carefully form the three leads of the 
pyrodetector at 90. Do not sharply bend it. 
Note the proper leads, and position the tab as 
shown. This part must be at the optical center 
of the system for proper operation. 


Connect the BZ1 buzzer using its leads, as 
shown in Figure 37-5, 


Connect output control jack J2 and indicator 
light-emitting diode (LED1) using a 3-inch 
length of #22 vinyl wire. Note the cathode 
lead of LED]! directly connecting to the 
ground lug of J2. Note these parts eventually 
will be mounted to the panel. 


Connect the leads from the chopper motor 
MO! and battery clip CL1 as shown. 


Create the panel, as shown in Figure 37-6. 
Attach it to the PC board via the two pots and 
the jack. The panel and PC board should be 
{lush to one another. Attach the remaining J2 
and LED1 to the panel. Note to use a bushing 
for the LED. 


Create the shutter flap (FLAP), as directed in 
Figure 37-6. 


Recheck all wiring for shorts, accuracy. and 
correctness of parts. Also check for solder 
assembly, 


Connect a 9-volt supply to the battery clip. 
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able in the range of 10 revolutions per second 
(rps), down to stalling at less than 1 rps. The 
motor will stall if there is any obstruction. 


Figure 37-5 Final wiring to external components 
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Note that the pyro detector must be BHTEXPLO 
centered and positioned at the 2.5" focal | o 
y) CAP1 


length of the lens. EROM FIG 2 
Place a small "flap" on to the 


shaft of the chopper motor to act as 
a rotating shutter for breaking up the 
signal path. Use a small piece of 
adhesive metal tape folded onto the 
shaft. 


Drill and tap a 1/4-20 hole 
for mounting to a tripod 
screw. N 


Note that hole in EN1 for Panel is cut from a3 1/4 x 3 1/4" 
handle is best cut with a 17s" piece of .035 aluminum. Cut 
circle saw. Fit must be | g corners to approach a circular 
tight to properly secure = shape. 

handle in place. The HAND1 
handle serves as the 
housing for the single 9-volt 
or 8 AA cells. 


250 025 
| 375 ()375 
O : 


Cut out center of two 3.5" 
plastic caps by placing them í 
on the enclosure tube and Front Panel Fab 
cutting out the center section 
with an xacto knife using the 
inner wall as a guide. 


Note that holes must be accurately positioned for proper alignment 
to R12, R19, and J1 on the printed circuit board. 


Figure 37-6 Final housing setup 


Make sure the flap is clear and not touching 


the bearing bottom. Ope rati ng | nstructions 

19. Connect a scope to J1 and note a changing 
level as your hand or another warm object = l. Turn all controls fully counterclockwise to off. 
waved in view of the detector, Note the signal | 
responding to a stationary source with the 2, Remove the battery compartment cover and 
shutter flap or to some form of motion with slide out the eight-cell holder, Insert fresh bat- 
the shutter flap stopped. Check the sensitivity teries and reinstall. 
control pot R12 and then verify a DC output 3. Rotate the chopper control fully clockwise. 


level at J2, occurring when a body ts detected. 
This function is for control of external alarms 
and alerts. 


View the shutter through the access hole and 
note how it is positioned in the figure. 


4. Slowly turn the sensitivity control clockwise 
until the alarm sounds, If the unit does not 
respond, try moving your hand tn front of it, 
noting its response. Turn the control back, just 
to the point where the unit does not respond. 


20. Check that the buzzer and light emitter acti- 
vate when detecting a thermal source. Use 
your solder iron as a heat source and experi- 
ment with different sources. 


21. Finally, assemble the device as shown in 
Figure 37-7 and proceed to use it as outlined 
in the instruction section. 


tr 


Turn the chopper control until the unit starts 
to respond. You are now measuring the ther- 
mal background as indicated by the periodic 
sounding of the alarm as the shutter interrupts 
the heat path, 


PF III 
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Access hole for 
viewing shutter 


$ 


“1/4-20 hole for 


External 5-volt 


= 
= 
= 


level 
On/off and unit Oa y Detect LED 
sensitivity 


Signal facsimile 
output jack 


Chopper motor 
on/off speed 


Figure 37-7 Final assembly view 
6. Connect a standard 3.5-millimeter plug into 
the 5-volt level jack and measure a positive 5- 
volt level every time the alarm responds. This 
output is through a 1K resistor and is 
intended for triggering other alarms or exter- 
nal functions. 


7. Connect a standard 3.5-millimeter plug into 
the signal facsimile jack and connect it toa 
scope input set on the AC millivolt scale. Note 
the changing voltage level indicating the 
slightest amount of differential thermal 
energy. Check this level with and without the 
chopper and try it with various thermal 
sources, noting the voltage levels. This output 
port is intended for the lab technician desiring 
to explore low-level thermal sources, It 
requires a scope or a sensitive AC millivolt 
meter capable of measuring 10 to 100 milli- 
volts. 


The previous steps are performed without consider- 
ing the thermal stabilizing of the unit or its immedi- 
ate surroundings. Maximum sensitivity will not be 
obtainable under these conditions. 


8. Select a target area and mount the unit ona 
tripod, using the '/4-20 mounting hole located 
on the side of the unit. This scheme will place 
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= Access hole cap 


tripod mounting 


-90° 


View through access hole 
showing shutter position 
relative to pyro detector 
optical axis and front lens. 


the handle in the horizontal plane (off to the 
side) but should not pose a problem. The 
access hole will be opposite the handle. 


9. Point the unit at the target area and allow it 
several hours to thermally stabilize. Do not 
touch the enclosure and try not to get too 
close to the front of the system, as this can 
destabilize the system for low-level detection. 


10. Point and pan the unit at some known source 
to verify the anticipated range of operation. 
Experiment with the chopper speed or no 
shutter to obtain the optimum results for your 
application. 


11. Handheld operation will vary considerably 
due to the many variables in the thermal 
background. We can only suggest that you get 
accustomed by trial and error to determine 
your application. 


Final Notes 


The access hole for the chopper shutter is necessary 
in order to prevent the blockage of the thermal path 
when the chopper motor is off. There is no guarantee 
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that the shutter will not randomly stop at the wrong 
place, blocking the detector and preventing normal 
operation. In such cases, the shutter must be manu- 
ally moved with a pencil or some object. 


The unit must be temperature stable to optimize 
maximum sensitivity. This usually takes about an 
hour if the unit has been recently handled or placed 
near radiant sources. 

For actual body detection, the best performance 
will occur on a cold night. This does not mean that 
the unit will not work on a warm night, but that it 
might be less sensitive. 

The detection of stationary objects may vary with 
chopper motor speed and background temperature. 
The maximum response of the pyrodetector is 
around .1 chops per second. This is very slow for 


many applications and we suggest increasing it to 1 to 


3 per second. 


The field of view may be narrow due to the Fres- 
nel lens used, but you may change to other suitable 
lenses of polyethylene. Also, a panning action allows 
zeroing in on certain target subjects. 


Table 37-1 Body Heat Detector Parts List 


Ref. A Description DB Part # 


R1,2,5,6,7, Ten 39K, l4-watt resistors 
11,14,16,17 (or-wh-or) 


R3 10K, 14-watt resistor 
(br-blk-or) 
R4,8 Two 1.8-megohm -watt 


resistors (br-gray-gr) 


R9,10,13,18 Four 1K, '4-watt resistors 
(br-blk-red) 


R20 4.7K, -watt resistor 
(yel-pur-red ) 


R21, 22 Two |-megohm, -watt 
resistor (br-blk-gr) 

R12/51 20K pot and 12 VDC switch 

R19 500 to 1-kilohm pot 

R23 470-ohm, -watt resistor 
(vel-pur-br) 

1 220-microfarad, 25-volt 
vertical electrolytic capacitor 

C2,4 Two 100-microfarad, 25-volt 
vertical electrolytic capacitors 

C3 .l-microfarad, 50-volt plastic 


capacitor 


C5,7, 10 


C6, 9, 135, 14 


Cs, 11 


VR] 


MOI 


PYRI 
BZ 
LED] 
J1,2 


CEI 
PANEL 


EN] 


HANDLE 


CAPI, 2 


CAPS 


LEN] 


BUI 


BHOLDI 


WR20B 


Three 4. 7-microfarad, 25-volt 
vertical electrolytic capacitors 


Four .01-microfarad, 50-volt 
plastic capacitors (103) 


Two 1,000-microfarad, 25-volt 
vertical electrolytic capacitors 


1-microfarad, 25-volt vertical 
electrolytic capacitor 


Printed circuit board (PCB) DB# PCBHT 
Three-pin TOS socket 
PN2222 NPN transistor 


LM358 dual-operational- 
amplifier integrated circuit 


LM3%3 dual-comparator 
integrated circuit 


LM555 timer integrated 
circuit 


7805 5-volt regulator 10220 
package 


Low-voltage chopper 
motor DB# CHOPMOT 


Pyroelectric detector DB# PYRI 
Piezoelectric buzzer 


High-brightness light emitter 


Two 3.5-millimeter panel- 
mount jacks 


Battery clip and 9-inch leads 


3.25 x 3.25-inch aluminum 
as shown 


6 xX 3.5-inch OD schedule 
40 PVC tubing as shown 


6 x 1.875-inch schedule 
40 PVC tubing as shown 


Two 3 '4-inch plastic caps, 
as shown in Figure 37-6 


2-inch plastic cap for 
retaining batteries in 
handle section 


3-inch Fresnel polyethylene 
lens DB# FRELENS3 


Lens holder for LEDI or use 
a -inch bushing 


8-A A-cell, 4 x 2 battery 
holder with snaps 


24 inches 22 black vinyl 
hookup wire 
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This chapter focuses on a device capable of detecting 
and indicating the relative amount of free tons in the 
air (see Figure 38-1). It can determine the output of 
ion generators, high-voltage leakage points, static elec- 
trical conditions electric field gradients, and any other 
application where the presence of ions or a measure- 


Figure 38-1 Jon and field detector 
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ment of their relative flux density is required. It can 
also be used as a very sensitive lightning indicator, 
showing dangerous electric held levels. 

The unit is handheld and enclosed in a plastic 
enclosure about the size of a king-size pack of ciga- 
rettes, A sensitivity control with an on/off switch. a 
high flux indicator lamp, and a meter are located on 
the front panel. A telescoping antenna exits a hole in 
the top of the unit and is used as a moving probe or a 
stationary pickup point for these charge fields. 
Grounding the unit is a strip of metallic foil on the 
outside of the enclosure that contacts the user’s hand 
or may be directly connected to earth ground via a 
wire. Please note that the performance of this unit 
can be seriously affected by high humidity conditions. 


Circuit Description 


As shown in Figure 38-2, ions are accumulated on the 
collector probe ANTI and cause a minute, negative 
base current to flow in transistor Q1 connected as a 
PNP Darlington pair with transistor Q2. Capacitor 
Cl and resistor R1 form a time constant to eliminate 
any rapid fluctuations. The response of the time con- 
stant can be changed for various applications and 1s 
discussed in Figure 38-2. Diodes D1 and D2 prevent 
excessive voltage from destroying Q1 by clamping 
any transients to ground. The collector of 02 is DC 


illo 


Telescoping probe = 
antenna 
R1 
10M 
R2 
10% 


Rais O 
10K 


“CA 


100p my be 51 


Virtual ground via 
metal contact tape 
on case for hand contact 


C1 is used to slow down the 
response and can be eliminated 
when detecting fast discharge 
fields such as lightning etc 


Unit is shown wired for positive ion detection. You may 
change to negative by replacing the PN2222 transistors 
with PN2907 and the opposite. For a quick indication you 
may grab the antenna and Use the body of the unit to 
detect the negative ions 


Please note that the antenna probe on you unit is a telescoping antenna properly secured and 
electrically isolated. It is important to remember that any type of leakage around the input of QI 


can reduce the sensitivity. You may wish to coat the circuitry with a good quality varnish etc. 


Make sure unit is dry and clean before sealing. 
Figure 38-2 Circuit schematic 


coupled to the base of NPN transistor Q3 in series 
with current-limiting resistor R2 and meter sensitivity 
pot R3. Current flowing through Q3 now causes a 
voltage to develop across R3, driving the indicator 
meter M1. Light-emitting diode (LED) D3 is con- 
nected in series with the emitter of Q3 and serves as 
a visual indicator of strong charge fields. It should be 
noted that the meter serves only as a relative indica- 
tor of ion flux and is not totally that linear. 

A threshold voltage, as a result of the base emitter, 
drops off O1 and Q2 is only noticeable at almost non- 
detectable levels. It should be noted that in order for 
the unit to operate properly, some sort of ground is 
usually required. Metallic tape is used as shown and 
provides contact to the operator’s hand. providing a 
partial ground. [f the unit is placed remotely, it should 
be earth grounded to a water pipe, for example. 

Measuring positive ions simply involves holding 
the antenna, using the body of the unit as the probe, 
or reversing the polarity of the transistors. A double 
pole, double throw (DPDT) switch may be optionally 
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installed for polarity reversal, allowing reversal at the 
flick of a switch. Be aware that a ceramic or quality 


switch must be used to avoid leakage in high humid- 
ity conditions. 


Construction Steps 


1. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate the 
resistors as they have a color code to determine 
their value. Colors are noted in the parts list at 
the end of the chapter. 


2. Cuta piece of .l-inch grid perforated board to 
2 x l inches. Locate and drill the holes as 
shown in Figure 38-3. If you are building from 
a perforated board, it is suggested that you 
insert the components starting in the lower 
left-hand corner as shown. Pay attention to 
the polarity of all the semiconductors. Route 
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Lead of R1A for connection to bare wire for wraping around the antenna 


® This symbol indicates holes used for leads of 


components. 


This symbol indicates holes used for connection points 
of external leads. 


© 


Dashed line indicates wiring performed on underside 
of board. Use the leads of the components whenever 
possible for these wire runs. 


Board size is 1.9 x 1 inch and is .1 x .1 centers. 


Figure 38-3 Assembly board wiring 


the leads of the components as shown and sol- 
der as you go, cutling away unused wires. 
Attempt to use certain leads as the wire runs 
or use pieces of the #24 bus wire. Follow the 
dashed lines on the assembly drawing as these 
indicate the connection runs on the underside 
of the assembly board. 


Attach the external leads and components as 
shown in Figure 38-4. 


Double-check the accuracy of the wiring and 


the quality of the solder joints. Avoid wire 6, 


bridges, shorts, and close proximity to other 
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circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Create the plastic case, as shown in Figure 
38-5. Note the l-inch meter hole centered and 
located approximately 1'/2 inch from the top 
as shown. Holes for the switches are centered 
and located 1 inch below the meter line, Loca- 
lion is not critical, but make sure everything is 
clear and fits together. 


Place a strip of foil tape as shown, noting a 
hole for the connection to the common circuit 


— ___—_——_—_——_—__—____—_—_—_————_——_—_—__ I II 
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Wrap 4 or 5 turns of 
bare wire fightly around 
the antenna to make 
electrical contact and 
then tape in place. 
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This lead connects to the virtual ground 
provided by the metallic contact tape 


on the enclosure box. 
©) ©) 


t. CLT, = 


Flat side usually is the cathode. 


[J These symbols indicate solder connections of component leads to external wires. 


Use #24 vinyl jacket hook-up wire for external connections. 


Figure 38-4 Final wiring and assembly 


point. Secure the assembly board with double- 
sided tape after circuit operation has been 
verified. 


Install battery B1 as shown and turn on the 
control. Rotate R3 fully clockwise and note 
the meter showing a slight indication. This is 
due to transistor and circuit leakage and 
should not be considered an indication of the 
ions. If meter sensitivity responds in the oppo- 
site Way, you may have to reverse the wires 
across the outer terminals of R3 or the meter 
leads. 


Extend the antenna about 6 inches and adjust 
R3 fully clockwise. Obtain a plastic comb and 
run it through your hair or rub a plastic object 
with a dry cloth. Place it near the probe and 
note the meter indicating a strong charge and 
the diode lighting. This effect may be reduced 
if the air is damp or moist, 


Make the final assembly, as shown in Figure 
38-6. 
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Use a 3/8" bushing for exit point of antenna 


Exit point for virtual 
ground lead to 
metallic tape on 
enclosure 


Keep all leads clear of antenna 

and connection to R1. Leakage 
| can occur through an insulated 

A S | lead in high humidity 


Use velcro taped back pieces to 
secure battery in place 


Screw for securing the antenna 


Rear view with cover removed, Wiring as not 
shown for clarity. Use figure 35-4 for wiring 
and this figure for component location. Keep 
all lead neat and short 
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Figure 38-5 Final assembly 
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Figure 38-6 Completed unit. 


Applications 


Your ion detector is a very, very sensitive 10n- 
measuring device. lt can be used for relative meas- 
urement but is not designed for absolute 
measurement. 

For quick indications of the presence of a negative 
ion field, the unit may be handheld and actually used 
to determine where the source is. The sensitivity of 
this device can be realized by the simple experiment 
of running a plastic comb through one's hair and lay- 
ing it near the probe, as described above. 
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a CASE 


Connection wire 
| to circuit common 


Those who are familiar with the metallic leaf elec- 
troscope will soon realize the advantage of portabil- 
ity and sensitivity. When used for indicating or testing 
the relative strength of ion sources, the unit should be 
hard wire grounded for the best results. Adjustments 


to an ion source to determine the ion output may be 


made, noting the meter reading and then readjusting 
R3 to bring the meter reading to scale. 

A very interesting phenomenon will be noted 
when using this device for detecting residual ion 
fields, the shielding of ions, field direction, static 
charges, resultant polarity, and the intensity of static 
charges, as well as a host of others. The unit 1s an 
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invaluable tool for determining the output of ion gen- Table 38-1 lon Detector Parts List 

erators, any purifiers, and the presence of dangerous 

static electricity situations. Many sources of charged Ref # Description DB Part # 
particles soon become apparent when using the 


l tae FN ; R1 LO meg, -watt resistor 

device. People’s clothes, fluorescent lighting, plastic (br-blk-blue) 
containers, and certain winds all will indicate a R? ‘ie await cessor 
charge. (br-blk-or) 

Please note that the antenna probe on your unit is R3/S1 LOK pot and 12 VDC switch 
a telescoping antenna properly secured and electri- 

ping a Papey Cl 100-picofard disk capacitor 

cally isolated. It is important to remember that any (see Figure 38-2) 


type of leakage around the input of Ol can reduce 
the sensitivity. You may want to coat the circuitry 
with a good-quality varnish. Make sure the unit is dry 


and clean before sealing. The unit is shown wired for 03 Two PN2222 NPN transistor 
(sce note on reversing) 


D1,2 Two IN914 sional diodes 


D3 Colored LED 


positive ion detection. You may change it to negative 


by replacing the PN2222 transistors with PN2907 and Q1,2 Two PN2907 PNP transistors 

vice versa. For a quick indication, you may grab the Mi jöümiroampo smal 

antenna and use the body of the unit to detect the panel meter DB# METERSOS 
negative 1ons, PBI | x 2-inch piece of .1-inch grid 


perforated cireuit board 
ANT ‘Telescoping antenna DB# ANTI 
CLI 9-volt battery clip 


WR24 24 inches of #24 vinyl hookup 
wire 


CASE Phx 2%, Xx 14-inch 
plastic box with lid 


TAPE 4 -inch metal tape 


WR24B 12 inches of #24 bus wire 
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This project is intended for those who have built or 
purchased a light saber from Information Unlimited 
or who have built one from our first book as directed 
in Chapter 21 in this series of three. 

The saber stand recycles your saber where the 
plasma display travels up the tube, appearing to evap- 
orate into open space (see Figure 39-1). It then 
retracts into the hilt and continues repeating until 
power is removed. [he effect is very relaxing and 
provides an excellent display piece or prop for a bar, 
a point-of-purchase display, an attention getter, a 
conversation piece, or just a nightlight for a bedroom. 

Operation is powered from a 12-volt wall adapter 
and 1s completely safe for children. This is an inter- 
mediate-level project requiring basic electronic skills. 
Expect to spend $20 to $30. All the parts are readily 
available, with specialized parts obtainable through 
Information Unlimited (www.amazingl.com), and 
are listed in the parts list at the end of the chapter. 


Circuit Description 


Figure 39-2 shows a 12-volt wall adapter (T1) being 
fed into a voltage regulator chip (12) where a regu- 
lated Y volts is applied to the remaining circuitry. 
Capacitors Cl and C2 smooth out the voltage wave- 
form. An astable pulse generator using a timer (11) 
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provides an uneven “on to off” time determined by 
the ratio of resistors R2 and R3. The output pulse rep- 


etition rate is a function of timing capacitor C3 with 


Figure 39-1 The saber recycling stand 


12VDCinat 
amps 
Ji 
DEZ i 
61 
100 
Figure 39-2 Circuit schematic 


output at pin 3 of Il. The pulse output serves as a gate 
for MOSFET switch Q1, creating a charging and dis- 
charging of low-leakage capacitor CS. A quasi-linear 
voltage ramp now appears across C5, controlling the 
current through a high beta Darlington transistor 
(Q2) in turn controlling the main-current pass transis- 
tor Q3. It is this ramping up and down of current that 
now powers the saber electronics, allowing the plasma 
to flow up and down, all automatically. The cycling 
action 1s set by the circuit to travel up a half-second 
and down 3 seconds. This timing can be changed to 
some extent by the selection of R2 and R3. 


Assembly 


l. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on 
the parts list. 


I 


Cut a piece of .1-inch grid perforated board 
to a size of 3.1 x 1.8 inches, as shown in Fig- 
ure 39-3. Locate and drill the holes as shown 
to relieve any strain on the input and output 
leads. 


3. When you are building from a perforated 
board, it is suggested that you insert the com- 
ponents starting in the lower left-hand corner, 
which is used as a reference, and proceed to 
the opposite corner. 
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Qa 
MPSA463 Q3 
| j TIP31 


To battery clip of saber 


Pay altention to the polarity of the capacitors 
with polarity signs and all the semiconductors. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


4. Attach the external leads for battery clip CL] 
and the leads to input power jack Jl. /mpor- 
tant! The battery clip CL1 must be wired in 
reverse by connecting the red lead to the cir- 
cuit ground and the black lead to the emitter 
of Q3. 


5. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, Sleeve some insulation onto the lead to 
avoid any potential shorts. 


Parts Fabrication 


l. Create the chassis shown in Figure 39-4. This 
is attached to the BASE section using four #6 
sheet metal! screws. 


b 


Create the base section from a piece of plastic 
or aluminum, as shown in Figure 39-5. Note 
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Notes 


The looped dashed lind connecting pins 2 and 6 of |1 must have a sleeve of insulated tubing to 
prevent shorting the lead between pins 4 and 8, 


¿”os Dashed lines are connections on underside of perforated circuit board using the component leads, These points can also be used to 
determine foil runs for those who wish to fabricate a printed circuit board. 


A Small dots are holes used for component insertion. 
o Large dots are solder junctions 


Circles with dots are holes that may require drilling for component mounting and points for external connecting wires indicating strain 
relief points. Itis suggested to drill clearance holes for the leads and solder to points beneath board. 


Figure 39-3 Board assembly 


the four holes for mounting the chassis sec- in the chassis section. The front section of the 
tion, two holes for the holder section, and two frame is secured in place by two small tie 
holes for the tie wraps. wraps, as shown in Figure 39-5. 

3. Create the holder from a piece of 25/s-inch, 10. Finish the assembly, as shown in Figures 39-7 
schedule 40 gray PVC tubing. Note the slight and 39-8. 


angle cut for aesthetics being congruent with 
the light saber when in the stand. This piece is 
mounted to the base using two #6 X */s-inch 
sheet metal screws. 


Operation 


4. Form the frame as shown in Figure 39-6 from 
‘/is-inch cold roll steel rod or an equivalent. 
The frame must be formed to provide a stable 
assembly with the saber in place in the stand. 


Remove the cap at the rear of the saber hilt and 
remove both batteries. Take out one of the battery 


The longer 36-inch blade unit is the most criti- clips and snap it into the mating clip of the saber 

cal, requiring the most attention. Attempt to stand. Position the saber in the stand and verify its 
follow the dimensions as shown and deter- mechanical stability. Plug in the wall adapter and turn 
mine the base angle as a final adjustment with on the switch. The plasma should immediately go to 
the saber in place. the end and then drop down into the hilt. Recycling 


= a i a ary] w x aen d 17 my oh j 1 i 5 TA 
The frame is secured in place by inserting the should commence and continue until power 1s 


horizontal members through the corner holes removed. 
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The chassis may be built from .035 bendable aluminum or plastic. 


O 


3/8" Hole for BU1 (Jl 


O 


Drill four small holes 
in bottom for mounting 
to base plate 


1/4" Hole for 51 


3/8"Hole fo J] 


Fold up "lips with 


| The four corner holes are $"and must be drilled as 
holes for cover 4.25 i 


close to the comer as possible. These holes are 
for the bottom horizontal struts of the formed wire 
frame, 


Figure 39-4 Chassis fabrication 


Light sabers are available from Information 
Unlimited at www.amazing|].com in 24- or 36-inch 
lengths in colors of phasor green, photon blue, 
starfire purple, neon red, or solar yellow. 
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CHASSIS TIEWRAP 


CL1 le vired In reverse as it connects to the 
mating clip of the saber. 


M 


y 158 

3 

MA MA A a | 
n.d toes 


WE 


2.00 


Sa ee Re e TTR Ree eee eee 


HOLDER t secured base 
via three sheet metal 
screws SWW2 


Route leads of battery clip as shown through 
holes-in BASE. li may be necessary lo splice 
extension ads 
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Figure 39-5 Base fabrication 
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Fabnoste fom Wa cold roll stoni ar brasa 
Cradle diameter should bo 2 KC 


Make a loop ts mg a plece of sti wine and wap sayaral 
kuma around tho vertical membara of ti tama, This 

loop will prevent ihe saber from tipping out of ihe gradio 
section of iho firmo 


Si poration distance baboon horizontal 
mimba ds 5 rehas 


ECA 
Poa porzo p 7 yane 


The angle botón these members 
Baus! far best stability 
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Figure 39-6 Frame section 


HOLDER 


CHASSIS 


Figure 39-7 Side view of assembly 
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HOLDER 
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Figure 39-8 Front view of assembly 
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Table 39.1 Light Saber Stand Parts List Q2 MPSA63 PNP Darlington 


transistor 
Ref 4 Description DB Part Q3 TIP31 T0220 NPN transistor 
RI LK, -watt resistor J1 Snap-in DC panel, 2,5 mm jack 
(br-blk-red) ; m ‘ 
$1 Single pole, single throw (SPST) 
R2 220K, 4-watt resistor small toggle switch 
(red-red-yel) | . : | 
PB1 3.5 xX 2.1 xX .l-anch grid perforated 
R3 680K, '4-watt resistor board: trim to size 
(blue-gray-yel) nehi ; 
CLI Battery clip with 12-inch leads or 
R4 4.7K, -watt resistor extend shorter leads 


(yel-pur-red) | 
TIEWRAP Two small tie wraps 
R4 2.2 m, 4-watt resistor 


(red-red-er) CHASSIS Create as shown in Figure 39-4 


from .035-inch aluminum 
R6 5.6m, -watt resistor 


(gr-blue-gr) BASE Create as shown in Figure 39-5 


from .055-inch plastic 


R7 1-ohm, l4-watt resistor >. AS 
(br-blk-gold) HOLDER Create from a length of 2%-inch 
schedule 40 gray PVC 
Cl Two 100-microfarad, 25-volt 


vertical electrolytic capacitors FRAME Create as shown in Figure 39-6 


c3 10-microfarad, 25-volt vertical FEET Six large, rubber stick-on fect 
Siecinmiytie rapseitar SW? Six #6 X %-inch sheet metal 

04,6 Two .0l-microfarad, 50-volt disc BOE WS 
CAPACETES BU1 Two -inch plastic bushings 

= 3.d-mlerotarad, 35-volt tantaka LIGHT 36- or 24-inch saber in blue, green, 


capacitor SABER red, or purple 


A A A A == === S.A. maar mr as hmmm mmm — a 


D1,2 Two IN914 silicon diodes 

[l 555 dual inline package (DIP) 
timer integrated circuit 

[2 7809 T0220 9-volt regulator 

Ql IRF620 metal-oxide-semi- 
conductor field effect transistor 
(MOSFET) 
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¿ Andromeda- 


lásma Lamp 


This project shows how to build a unique type of out- 
side lamp suitable for illuminating driveways, pools, 
gardens, walkways, docks, or any place where colorful 
or functioning illumination 1s desired. The lamps are 
patented by the author and are currently in prepro- 
duction. 

The lamp’s features are high efficiency as five 
individual lamps can be powered by a single, 
conventional, 12-volt wall adapter as the lamps 
require only 3 watts each. The lamps provide a high 
amount of useful illumination and must not be com- 
pared to the low-light, solar-powered accent lamps. 

Another feature of the lamp is that it never needs 
replacing and should last a lifetime. Other lamps such 
as incandescent ones are always burning out fila- 
ments, whereas conventional fluorescents darken and 
fail to start due to metallic sputtering. 

The third feature is that the lamps are available in 
pure spectral colors of green, blue, purple, yellow, red, 
and cool and warm white. These are vivid colors and 


lim Aan 


Figure 40-1 


The Andromeda plasma lamp 
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not the result of filters or paint. Their color is the 
result of the true spectral emission. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $35. All 
the parts are readily available, with specialized parts 
obtainable through Information Unlimited at 
www.amazingl.com, which are listed in the parts list 
at the end of the chapter. 


Circuit Description 


Transistor Q1 forms a self-oscillating circuit where 
current rises in the collector, COL, winding trans- 
former T1 and inducing a voltage in the feedback 
(FB). This also causes a winding that keeps Q1 on 
until T1 saturates and the feedback voltage can no 
longer be induced. The collector current rapidly falls 
and forces the base to go negative further, turning Q] 
off. When the collector current falls to zero, Q1 is 
turned on by bias-set resistors R1 and R2, which 
must charge up timing capacitor C2. The setting of 
trimpot R1 determines the power output by control- 
ling the number of cycles per second, and capacitor 
C1 bypasses any residual signal voltage to ground 
(see Figure 40-2), 


35V 


40us 


Figure 40-2 Circuit schematic 


Assembly Board Wiring 


1. Cuta piece of .1 X .1 grid vector circuit board 
to 1 X 4.5 inches, as shown in Figure 40-3. 


2. Whenever you are using a perforated board, it 
is suggested that you insert components start- 
ing in the lower left-hand corner. Pay atten- 
tion to the polarity of the capacitors with 
polarity signs and all the semiconductors. 
Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


3. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


4. Attach leads from the plasma tube PT1, being 
careful not to stress the glass enclosure. Note 
the small tie wraps (TY1) securing the tube to 


— LLL A uuu 


COL 
Set R1 for .3 amps 
at 12 volts de 


PTUBE1 


6 


30 ) 


T1 


the perforated board. Again, do not cause any 
stress to the glass. Make sure that when tight- 
ening the wraps they do not stress the tube. 
When soldering, you must not allow the glass 
or metal seal to get too hot. Leave at least a 
half-inch lead between the tube and the con- 
nection. Use flux and make the solder joints 
quickly. 


Connect the input power leads to a 12-volt 
DC source and note the lamp lighting. 
Quickly adjust trim pot R1 to 300 milliamps 
of current. The lamp should be very bright 
and the heatsink tab on O1 should only be 
warm. Allow it to run for several hours and 
check adapter transformer T2 for excessive 
heating. 


Create the EN1 enclosure tube and the STK1 
mounting stake, as shown in Figure 40-4. Note 
the two mating holes for attachine the stake 
and the */ie-inch hole for the rubber tubular 
bushing for routing the input power leads. 


Obtain a top canopy (CANOPY7). The one 
shown was selected to mate with the plastic 
baffle (BAFFLES) as shown in Figure 40-5. 
These parts are intended for aesthetics only 
and may be any combination that appears 
pleasing to the builder. A good source is a 
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Enlarged view showing components and wiring and 
connection to the plasma tube 


Heatsink bracket assembly 


HSINK Bracket fabricated as per stép 3 from 1/16" 
aluminium piece. Note hole for attaching tab of 01 


Complete assembly ready to test 


Temporarily connect power leads to e 12 volt 3 to .5 amp de 
wall adapter or lab power supply with a current meter 


Figure 40-3 — Assembly board 


Enclosure - use 15's As clear lexan 
(polycarbonate) tubing 


Bend on shorl dashed lines about 60 degrees up 


—= nión Le 


Bend on this dashed line to about 120 degrees | 
AA A OA 


Wiow of stake before bending - use .035 galvanized stock 


Aibaut 1 
epee 


— mM 0 
| 


Wiew after bends aro made 


X-RAY View of stake attached to enclosure 


STAKE 


ENCLOSURE 


Ssh SS SEE ES SSS See AA MM 


Figure YUD-Y Creating the mounting stake and enclosure 
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Lead from 12 Vde adapter (T2) 


A-RAY VIEW 


Figure 40-6 = Final assembly 
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Canopy assembly from 
figure 40-5 sleeves over the 
plastic tubing to secure 


> 
IR BAFFLE from figure 40-5 


Use a o-ring to prevent baffle slipping 
down on enclosure tube if it is to loose 


From figure40-3 


Enclosure tube should be 
painted black by dipping up 
to where lighted tube begins 


| 
ENCLOSURE from figure 40-4 


WR20 


SWS 


STAKE from figure 40-4 


T2 12 Vde 


adapler 
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lamp or lighting supplier or you may purchase 
it from Information Unlimited, as noted in the 
parts list. Our drawings show what we are 
using in our design, but this may be altered to 
fit the builder's choice or his or her available 
sources. 


The final assembly is shown in Figure 40-6. 
Note that the entire assembly from Figure 
40-3 should easily slide into the enclosure 
tube and abut onto the folded-over corners of 
the stake. Thread the leads from wall adapter 
transformer T2 through bushing BUS1 and 
pull them out through the top end of the 
enclosure tube. Wire nut the power leads from 
the main assembly with the leads from T2. 
Observe the polarity or circuit damage will 
result. Gently slide them into the enclosure, 
taking up the wire slack by gently pulling the 
leads through BUSI. 


9. Insert a plastic cap (CAP1) into the bottom 
section of the enclosure tube. Seal it around 
the stake using silicon rubber. This step pre- 
vents bugs and moisture from getting into 
the assembly. 


Lamps, when built as shown, are fully weather- 
proof and can be left on indefinitely under snow, in 
the rain, or in any weather, short of a twister. Five 
lamps can all be operated from a single 12-volt, 1.5- 
amp wall adapter listed at the end of the chapter. 
Interconnecting wiring can be #18 zip cord due to 
the low-current consumption. 
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Table 40-1 


Ref. # 
Rl 


R2 


(1 


c2 


Tl 


T2 


PTUBE-C 


Ql 


PBOARD 


H51 


WR20 


WR24BUS5 


CANOPY6.5 


BAFFLE 


BALL 


Andromedia Plasma Lamp Parts List 


Description DB Part 4 


35K vertical trimmer 


470-ohm, l4-walt resistor 
(yel-pur-br) 


10-microtarad, 50-volt 
vertical electrolytic capacitor 


.033-microfarad, 50-volt 
plastic capacitor (332) 


DB# ANOP2824 


Inverting transformer 


12 VDC, 300-milliamp wall 


adapter transformer DB# 12 DC/3 


Cool white/blue/green/purple/ 
red/yellow plasma tube DB# PTUBE- 
COLOR 


PN3055 NPN power TO-220 
transistor 


1x 4.5 x .l-inch grid 
perforated board 


1.5% 1% 4s-inch aluminum 
heatsink per Figure 40-3 


12 inches of #20 vinyl hookup 
wire 


1? inches of #24 buss wire 


6.5-inch, round metal canopy, 
as shown in Figure 40-5 


5 .25-inch, round, clear 


plastic baffle DB# BAFFLES 


inch brass ball with a 
hole tapped for a 4-20 bolt DB# BALL78 


DB# CANOPY65 


STAKE] 


Metal stake created as shown 
in Figure 40-4 


ENCLOSURE Plastic tube created as shown 


5W1420X] 


TIEWRAP 


CAPI 


CAPI5 


WN1,2 


BUSI 


ORING1.25 


> LAMP 
ADAPTER 


in Figure 40-4 
6-32 4 Phillips screw 
6-32 keep nut 


Two #6 x '4-inch sheet 
metal screws 


14-20 x 1-inch hex bolt for 
attaching the ball (see Figure 40-5) 


Two tie wraps used per 
Figure 40-3 


Plastic cap used per 
Figure 40-6 


1.5-inch plastic cap shown in 
Figure 40-6 


Two small wire nuts 


“is OD & Yis ID x 1-inch 
length of rubber tubing 
(see Figure 40-6) 


14-inch O-ring for holding 
the baffle in place per 
Figure 40-6 


12 VDC, 1.5-amp adapter 
for five lamps 
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Preface 


This book began life as a selection of tables for electronics engineers. Dealing 
with such common requirements as setting op-amp gains, forming non-standard 
resistor values from standard pairs and setting CR time constants, it was my hope 
that such a book would find common favour. 

In writing explanatory notes to accompany these tables, I found myself con- 
stantly wondering how much knowledge to assume on the part of the reader. 
After all, the book should be as useful to a beginner as to a professional with 
20 years of experience. 

The time came to make a decision, and Part One was born. In it I have at- 
tempted to go from first principles to the point where the reader can hope to 
understand the workings of the circuits discussed in Parts Two and Three with 
little prior knowledge. My intention has been to be non-mathematical, logical 
and concise. I have drawn a line at explaining the workings of electronic devices 
as there is not time or space, and this book only deals with them in the final 
chapter. An overview of the op-amp is given there. I hope that Part One provides 
a useful foundation for the beginner and a point of reference for the more 
experienced. 

How well all this works as a whole will not be seen until the book is subjected to 
the final test by its readership. It is my hope that it will prove a valuable aid to 
you, whatever your level of experience. I will be happy to receive comments, criti- 
cism or suggestions for future improvement (and also to hear about any places 
where my spellchecker replaced ‘squarewave’ with‘scurvy’ without my asking it to). 


by mail: 

Dan McBrearty 

cjo Butterworth-Heinemann 
Linacre House 

Jordan Hill 

Oxford OX2 8DP 

UK 


or by email: 
dan@danmcb.demon.co.uk 
Daniel McBrearty 
December 1997 
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Part One 


Basic Concepts 
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Introduction to Part One 


In this part of the book we take a look at the founding principles of electronics, 
from voltage, current and Ohm’s Law to some basic ways to analyse circuits 
mathematically. If you know all of this then skip it, using it for reference as re- 
quired. If not then read on. 

I have tried to arrange ideas so that you are introduced to them sequentially, 
but this is a bit impractical in places. So if you are a real newcomer to electronics 
I'd like to suggest two readings; the first to get an overview of each topic, the sec- 
ond to cross-refer between them and to begin to see how they relate to each other. 
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1 Fundamentals 


To the beginner 


Before getting intothetechnicalstuff, wemight wish toaskourselveswhatelectricity 
is. My first recollection of thinking about it (though I did not know that I was) 
is of being a child and dismantling a prized radio to find out that no one was inside; 
just a mind-boggling collection of small coloured objects which evidently were 
not sweets, though some looked like them. My first direct experience of electricity 
was more sudden; an electric shock from a bar fire while trying to melt some plastic 
on it. I knew it was hot, but hadn’t expected that! Later I came across the manual 
for a record player and amplifier in the house, which was old-fashioned enough 
to come withacircuit diagram. I was fascinated by it. It meant something to some- 
one, but these hieroglyphics were like no language that I could figure out. 

Later I took a technician’s course, and a confusing set of concepts was pre- 
sented to me as explanation for this unseen and magical force. Electricity, I had 
now realised, is used in a huge range of ways; recording sound, reproducing pic- 
tures, lighting our darkness and a lot else besides. All this was, they told me, due 
to unseen little balls which whiz around in some materials, creating equally un- 
seen lines which can cause little balls in other places to whiz around as well. 
And this the mental territory of staid, rational looking people who would prob- 
ably claim that they don't believe in magic. 

I have to confess that, some years later, I have still not seen the little balls or the 
lines which they fling about, and I’m not very sure that I really understand them. 
But I have managed a reasonable career as a technician and an engineer, and I 
believe that I would have a fair chance of fixing my cassette machine, TV or 
house wiring should they misfunction. On the whole, I have not thought about 
the antics of little balls very much (though I suppose that it helps to know that 
they are there). Electricity looks, in my mind, more like water, wires like pipes, 
resistors like very thin pipes, capacitors like pairs of half-filled balloons which 
squash against each other, and inductors like — well something else. (I never said 
that the analogy was complete or accurate, 

I say all this as, I hope, a source of comfort to the new student of the subject 
who may be suffering the same pangs of insecurity about atoms, electrons and 
so on that I went through. Unless you feel strongly to do otherwise, let them live 
their own strange lives. You can be a very competent and effective user of the 
principles of electricity and electronics without needing to know much about 
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them (though the same might not be said of completing your college course). 
Leave it to the physicists. What helps a great deal is having a good and clear grasp 
of the laws of electricity, and being able, as much as is possible, to prove them to 
yourself. 


What is electricity? 


We are never concerned with the behaviour of an individual atom in electronics; 
but with their movement in vast numbers, as they fling themselves, lemming- 
like, around the wires of your circuit. And yet we hardly think of them at all. 
We think a great deal about ‘voltage’, ‘current’ and about the golden rule of 
electronics, Ohm’s Law. You will meet these soon. 

Actually it is not atoms that move, but mostly bits of them, even tinier particles 
called electrons which separate themselves somehow from the larger atom which 
is their usual home. These electrons are now called ‘free electrons. Though un- 
imaginably small, they are pretty powerful. They carry something which is 
called a‘negative charge’ which is another way of saying that if, having been sepa- 
rated from the parent atom, they should ever encounter another with a vacancy 
then they will be in there like a shot and pretty difficult to move. And the feeling 
is mutual; once it has lost an electron the atom feels the loss and will try to bring 
close to it any waifs that it senses nearby. Being much bigger, it moves much less 
easily, or not at all. All of which physicists understate quite magnificently when 
they describe atoms which are an electron short as being ‘holes. Where a material 
has very few free electrons but many holes it is said to be ‘positively charged’ 
The movement of charge is called ‘electric current’ 


If we can't see electricity, how do we measure it? 


The answer is that we don't, directly. We measure voltage and current, we read 
the values written on the sides of components, and we work the rest out from 
there. But that’s jumping the gun. Who built the meters that we use for measure- 
ment? What did they use? 

Electricity is unseen. It is only through its ability to affect things physically 
that we know anything about it, be that people a hundred and more years ago, 
watching thunderstorms and making the legs of dead frogs jump, or us with our 
loudspeakers and computer screens. There are two ways of converting electrical 
energy to mechanical energy that we are concerned with. 


MMF and current 
MMF is most familiar to us as magnetism. The physical force that you feel be- 
tween magnets is called MMF, or ‘magnetomotive force’ A less familiar mani- 
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festation occurs when two wires with electric current passing through them are 
placed near to each other. A physical force exists between them. (It’s usually too 
small to feel but the effect is exploited in electric motors) An MMF is a result of 
a magnetic field, and the study of magnetic fields is called electromagnetics, 
which we won't get involved in here. 

If we were to make the wires a given length and separate them by a given dis- 
tance we could increase the current until we had some given measurable force. 
Then we would have a unit value of electrical current, the ampere or amp. The 
amp 1s abbreviated to A. The symbol which we use for electrical current in equa- 
tions is Z. 

This in turn gives rise to a unit of measurement for electric charge, the cou- 
lomb. The coulomb is defined as the amount of charge passing a point in a wire 
that carries one amp of current in one second. This gives us our first equation: 


_AQ 
= (1.1) 


I 
where fis current in amps, Qis charge in coulombs and żis time in seconds. (The 
symbol A means ‘change in’, so the term E means ‘change in charge divided by 
change in time’—or the amount of charge which passed the point divided by the 
time period that charge was measured for.) 

This tells us that a charge of one coulomb passing a point in one second equates 
to a current of one amp; two coulombs in a second, or half a coulomb in one sec- 
ond would be two amps; and so on. A coulomb is a lot of charge. Typically we deal 
in charges of thousandths of coulomb per second (mC/s), or mA. (The prefix ‘m 
denotes a thousandth. We will use these prefixes increasingly as we progress. They 
are described fully in Appendix 1) 


Electron current’ and ‘conventional current’ There is something of a mix- 
up which has taken place over history with regard to the direction of current flow, 
and no one has ever bothered to sort it out. You would think from what we've said 
above that, as the electrons do most or all of the running around in circuits, the 
current flow would be from the negative end of a battery to the positive end. It 
is, but we have a convention of always arrowing diagrams with the direction of 
current flow reversed. When people were discovering the laws of electricity they 
had some idea about things moving in wires but no way of seeing in which direc- 
tion, so they had to guess. They guessed wrongly. Later this was discovered, but 
by this time people had been labelling currents on circuit diagrams for ages, 
quite happily and without any problem. The numbers all work out the same; its 
like deciding to rewrite your bank statement with the signs reversed. A minus 
sign means you are in credit or have deposited cash, and a plus that you took 
money out or are in debt. So long as you know what the symbols mean there is 
no problem. So it was with current flow, and they left it at that. It was too much 
hassle to change the labels on everything. If you hear talk about ‘electron 
current’ (which goes from negative to positive) and ‘conventional current’ 
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(positive to negative) this is what it means. Most people, and this book, use 
conventional current. 


EMF and voltage 

Electric charges of the same polarity repel and of opposite polarity attract. The 
attraction is the second physical force, called the ‘electromotive force’ or EMF. 
This is how electrons and holes know about each others’ presence and are caused 
to move towards each other. EMF’s are caused by electric fields. The study of elec- 
tric fields is electrostatics and, like electromagnetics, we wont get into it here. 

EMP is often called ‘potential difference’ or ‘voltage’. It is measured in volts, ab- 
breviated to V. When we need a symbol for voltage in equations we will also use V 

Voltage is a comparison between two places that are charged. We say that one 
place on a circuit is*10 V positive with respect to’ another or that a potential dif- 
ference of 10 V exists. The important thing to remember is that the number is al- 
ways a difference between two places, or it means nothing. Generally we take 
one point, the metal chassis of equipment, mains earth or perhaps a piece of wire 
connected to the power supply, and we call it ‘0 V” or ‘earth. This becomes our 
reference for other measurements, unless we state otherwise. 

The volt is defined by its ability to make charge do work (by pushing it more or 
less quickly through something and generating another form of energy, like heat 
or light). The amount of potential required to make one coulomb of charge do 
one joule of work is one volt: 


a (1.2) 


where Vis voltage in volts, J is work in joules and @ is charge in coulombs. A joule 
is a measurement of energy or of work done which is derived from physical quan- 
tities. We will not actually use this but we will develop it into something more 
useful in Chapter 2. For now it is enough to know that a volt is a definite measur- 
able quantity. 


How fast does electricity move? When a current flows through a wire, the 
same electron doesn't go in one end and come out of the other; one bounces a little 
way along, until it is able to find a home, which it often does by dislodging another 
and sending it on its way down the wire. (In doing so it generates heat.) The aver- 
age speed of electron movement in a wire is extremely low, fractions of milli- 
metres per second, even for currents which are, by our standards, large. 

However, what we generally mean by this question is something very different; 
when we apply a voltage to one end of a wire, how long is it before the voltage is 
felt at the other end of the wire? The answer is that the impulse travels at the 
speed of light — instantly for all our purposes. 

An analogy is a string of marbles in a narrow tube. If you shove the end marble 
very hard, the impulse (the voltage) travels along the tube like a wave and 
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reaches the other end quickly, say one metre in a second. In that time, any one 
marble may have only moved 1 cm. So the average marble speed (the current) 
is 1 cm/s while the impulse speed is 1 m/s, 100 times greater. The average marble 
speed changes at the other end of the tube just as quickly — they start falling out 
of the tube at a rate of 1 cm/s, a second later. With electrons the effect is the same, 
but unimaginably more exaggerated. 

If that seems a bit confusing, please don't worry — it is to most people. The im- 
portant thing is that changes in voltage or current travel instantly but electrons 
have different physical speeds. (The second fact is only relevant if you want to 
understand how power is dissipated in components. Even if you don’t, you can 
get by quite well just knowing that it is. We look at this in Chapter 3) 


2 Circuits and components 


Conductors and insulators 


Why do some materials conduct electricity, while others don’t? Some materials 
are populated by good and careful atoms which don't lose their electrons easily 
(and probably feel ashamed if they do). Hence the itinerant population is low. 
The few free electrons that exist tend to sit miserably in one place, having given 
up hope of ever finding a home. These are insulators, typically air, rubber or the 
fibreglass backing of a circuit board. In other materials atoms are positively feck- 
less. There are many free electrons and should some charged material come near 
they move accordingly. How do they know? They feel the voltage. These are con- 
ductors. Most metals are conductors. We use copper a great deal, gold where cor- 
rosion could be a problem, and sometimes aluminium or other metals for 
housing equipment. 


Resistance 


Some materials fall into a kind of grey area between being conductors and insula- 
tors. We can use these to make resistors. It’s as if the material was a kind of mud; 
if we make the mud thicker electrons move less easily. The resistance of a given 
piece of a material depends on ‘how thick the mud is’ (the ‘resistivity’ of the ma- 
terial) and its geometry. Making it thinner increases, and doubling or tripling 
length doubles or triples, its resistance. 


Ohm's Law 


The unit for resistance 1s the ohm, or, and the symbol in equations is R. Now we 
come to the most important equation in electronics: 


V=IR (2.1a) 


with Vin volts, Fin amps, Rin ohms. This is Ohm's Law. We will use it so much that 
it bears being rewritten in its two other forms: 
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y 
i=— 2.1b 
= (2.1b) 

and: 
R=> (2.1c) 


These are used so frequently that you need to know them by heart. 

Ohm's Law tells us that placing a steady voltage across a material causes a pro- 
portional steady current to flow. 

Even insulators and conductors have resistance. Insulators have very high re- 
sistance; tens or hundreds of MQ or more, so that for the normal voltages that 
we use an unmeasurably small current flows. If the voltage is raised to sufficiently 
high levels, usually at least a kV, a condition called ‘breakdown’ occurs; electrons 
are blasted free from atoms within the structure of the material, and its essential 
nature is changed. You will know if this happens; there is a nasty burning smell, 
and things stop working. It is a condition which we try to avoid. 

Conductors are the opposite; their resistance is very low, small fractions of an 
ohm typically. The commonest conductor that we use is copper. We cannot nor- 
mally measure the voltage across a piece of copper wire, unless it is long. We can 
find out, from catalogues and so on, the resistance per metre of any given type 
of wire; this depends on the wire, but figures of around 0.1 (2/m are typical. Occa- 
sionally we need to find this out and calculate the total resistance of a length of 
cable when our wires are very long, in a large system. The wire will also have a 
maximum current rating, which is what we can pass through it before the 
amount of heat generated in it becomes dangerous to its structure. The insulating 
material around it may melt, causing it to short to things that it shouldn't, or the 
conductor itself. We only need know that we should stay comfortably within the 
maximum rated current for a conductor. In essence, anything can be destroyed 
with too much voltage/current. 

To summarize, we have three distinct classes of material; conductors, insula- 
tors and resistors. Conductors connect our circuit up and have very low resist- 
ance. We assume that the voltage is the same at both ends of them unless they 
are very long or current 1s very high. They are just vessels to carry current. Insu- 
lators are the separating material between different points in a circuit that need 
to be kept apart and have very high resistance. Resistors are electrical compon- 
ents having a known resistance. We can predict the current through them for 
any given voltage, or vice versa, using the all-powerful Ohm’s Law, V = IR. 


Circuits, diagrams and common expressions 


A circuit is exactly what its name suggests; a loop around which electric current 
can flow. The loop is generally made up of conductors (bits of wire or 
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otherwise), circuit elements or components (which we start to meet soon) and 
one or more sources of electrical energy — current or voltage. 

Circuit diagrams, sometimes called schematic diagrams, are symbolic repre- 
sentations of the way that the components of a circuit are interconnected. They 
are the starting point for most designs, and invaluable aid in servicing or fault- 
finding equipment that already exists. Each element of the circuit, from a battery 
or a tiny resistor to a complex microprocessor chip, is represented by a symbol, 
with each connection to it represented by a line joining to it. Interconnections be- 
tween elements are shown by lines drawn between components. In reality, these 
could be any form of conductor; a wire soldered directly to a leg of the component 
(not recommended for a microprocessor!), a copper track on a PCB, or a test lead 
with a crocodile clip at either end of it. 

Sometimes a circuit diagram doesn’t show all of the circuit, and you cant see 
all of the loop around which the current will flow. (For example, see Figure 2.2 
later.) The inference here is that things start to happen when something else is 
connected to it, completing the circuit — in this case a DC voltage (as you will 
see). 

‘Block diagrams’ are a special type of circuit diagram worthy of explanation. 
You generally find them with fairly complex electronic circuits which are either 
too large to see on one drawing, or more understandable by being broken into 
smaller parts. Each ‘circuit block’ is drawn as a box or some commonly under- 
stood symbol, with lines connecting the blocks. The lines represent ‘signals’ (in 
reality any means by which the individual circuits can communicate), generally 
one or more conductors carrying voltage or current. It is the job of the person 
drawing the block diagram to make it less vague than this definition! 

Two more very common terms — ‘short circuit’and ‘open circuit. A short circuit 
is what happens when you connect two points with a conductor. An open circuit 
between two points means that they are not connected at all (an insulator 1s 
between them). 


Resistors 


Figure 2.1 A resistor 


We buy resistors as discrete electrical components. They come in values ranging 
from fractions of an ohm to tens of megohms, and are found everywhere in elec- 
tronic circuits. We will see values between about 10 Q and 1 M Q most commonly 
in our circuits; values outside that do occur, but less commonly. They are identified 
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by a series of coloured bands, each band signifying a number, or sometimes they 
just have the value written on. The colour code system is described in Appendix 2. 
The circuit symbol for a resistor is shown in Figure 2.1. 

When we combine more than one resistor together in a circuit we can calculate 
an equivalent resistance for them, and treat them as a single component. There 
are two ways of doing this. 


Resistors in series 
A, R, Ra 


oe SO ss a EU 


is equivalent to 


R 


Figure 2.2 Resistors in series 


Three resistors in series are shown in Figure 2.2. When we have this situation, we 
just add the values of the resistors to get their equivalent. We can do this for any 
number of resistors: 


R=R¡+R9+R3+-:::+Ry (2.2) 


Example 2.1: Three resistors of 1k, 4k7 and 680 Q in series have an equivalent 


resistance of 6380 Q 


Resistors in parallel 
Three resistors in parallel are shown in Figure 2.3. Here we must add the recipro- 
cal of each to get the reciprocal of the equivalent resistance. Again this applies 
for any number of them: 

de 1 1 1 1 

== —+—+—+...4+— 2.3 

RR E Ry Ry ane) 
A special case of this worth remembering is when we have just two. Then we can 
calculate the equivalent in one step by dividing the product by the sum: 
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Figure 2.3 Resistors in parallel 


Example 2.2: What is the equivalent parallel resistance of the three resistors 
from Example 2.1? 
a a on 
R 1000 4700 680 


a = 2.68m 


1 
R= 555 COR 


pat (2.3b) 
Ri + Re 
We can always get some idea of equivalent resistance without calculating. Here 
are some rules of thumb: 
l. For resistors in series the equivalent is always, obviously, larger than the largest 
resistor. 
2. For resistors in parallel the equivalent is always smaller than the smallest. 
3. Two same value resistors in parallel have a resistance which is half their value; 
three a third, and so on. 


Are electrons psychic? 


There are two ways in which electrons seem to know about what others are doing 
and be caused to move. One effect is due to EMF and the other to MMF. A full 
analysis requires excursions into the subjects of electrostatics and magnetics, but 
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luckily we can get a good picture of these effects without all that. Both forces exist 
and have an application in electronics whether the charges are in the same con- 
ductor or two separate ones. 


1. An EMF causes opposite charges to be attracted to each other, like ones to be 
repelled. If the two charges are in the same conductor this causes electrical 
current. Ifthey are in two conductors separated by an insulator this gives rise 
to an effect known as capacitance. Capacitance is a property of a pair of isol- 
ated conductors which resists a change in the voltage between them. 

2. Any electrical current creates a magnetic field, and any change in magnetic 
field creates a voltage in a conductor in the field. These two effects combine to 
create an effect known as inductance. There are two types of inductance. 
Self-inductance is a property of a conductor which opposes change in current 
flow. Mutual inductance is a property of isolated conductors by which a 
current flowing in one causes voltage in the other. 


Capacitance and capacitors 


When two conductors are separated by an insulator there is voltage between 
them if they have different amounts of charge. Changing that voltage requires 
charge to be moved, which requires energy. We can buy components specially 
made to have an appreciable amount of capacitance and use the effect in our cir- 
cuits. Capacitors (‘caps’) consist of a pair of conductive plates separated by a spe- 
cial insulator called a dielectric’, which magnifies the effect. When caps have no 
voltage across them we say that they are ‘discharged’ or, conversely, when they 
do that they are ‘charged’ 
The capacitance between the plates gets greater when: 


l. they are moved closer together 

2. they have greater surface area 

3. the dielectric has a higher ‘dielectric constant’ — which, in English, means it is 
better at magnifying. 


The unit of capacitance is the farad, or F, and the symbol used in equations is C. 
A farad is a lot of capacitance. A capacitor of one farad would have a potential 
of one volt across it when it had a charge of one volt on it: 


Q=CV or c=! (2.4) 


where Qis charge in coulombs, C'is capacitance in farads and Vis voltage in volts. 
This is more useful if we write it in terms of current, using Eqn (1.1): 


_AQ_¿AY 


AE 


(2.5) 
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This tells us that the rate of change of voltage across a capacitor is proportional to 
the current through it. 

Capacitance exists everywhere, but is so small normally, say between two 
wires running side by side for a few feet, that we wouldn't bother much about it. 
(For cables containing more one conductor, separated by an insulator (‘multicore 
cables’) we can find out a value of ‘typical capacitance between cores per metre’, 
which we might take into account, if running signals through long cables, in the 
same way that we talked about for ‘resistance/metre’ earlier) 

Capacitors range in value from a few pF to 100 000 wFand more, with physical 
sizes getting larger with value. Figure 2.4 shows the circuit symbol for a capacitor. 


Figure 2.4 A capacitor 


Capacitors come in a variety of types, with different characteristics. The most 
important of these are listed below: 


l. Working voltage. If we put too much voltage across a capacitor, its dielectric, 
an insulator, will break down and current will flow from plate to plate, which 
it’s not supposed to. The device will be destroyed. (They often, but not always, 
go short circuit.) The maximum working voltage tells us our safe limit. We 
try to design so that we never get too close to this. 

2. Polarization. Large capacitors tend to be ‘polarized’ types — that is they use a 
special type of dielectric to squeeze more capacitance into a small volume, 
but the trade off is that you should only put voltage across them one way 
around. The most common type of polarized capacitor is the ‘electrolytic’ 
They are marked with positive and negative terminals. If you disobey this by 
accident they go bang and bits of fluffy stuff come out of the top. Then you 
change them. 

3. ‘Tolerance. This varies greatly from type to type. Electrolytics have tolerances 
of something like -10%, +20%, because they are designed to be used in situ- 
ations where you try to get as much capacitance into as small space as possible, 
and accuracy is not the prime consideration. At the other extreme, silvered 
mica types can be 1%, and give excellent stability. They are used in situations 
where the capacitor is used perhaps to set a time constant or a frequency (see 
Part Two) that must be accurately maintained. 

4. Leakage current. Capacitors should be open circuit to a DC voltage. In prac- 
tice you get a small current flowing, particularly for electrolytics. 


There are other specifications which can come into play, but these are the 
most important. The value of a capacitor is usually written in numbers, in pF or 
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in pF if no unit is specified. Unfortunately it is not always clear which, but it is 
usually possible to guess from the physical size, once you become familiar with 
them. 


Capacitors in series and parallel 

We can combine capacitors in series or parallel as we did with resistors. The law 
for caps in series is like that for resistors in parallel, and vice versa. Hence 
putting them in parallel creates a larger capacitor, and in series a smaller one. 
Here are the formulae: 


In parallel: 
C=C+%+C3+ ...+Cn (2.6) 
In series: 
1 1 1 1 
= — +- +- +... + Ze 
aa 0 (2.7) 


Self-inductance and inductors 


Magnetic fields, when they move through a conductor, cause a voltage which can 
make electrons move. And electric current (or movement of electrons) causes a 
magnetic field. This adds up to an interaction of magnetic field, voltage and cur- 
rent, the net effect of which is this: if current flows in a wire there is a certain ten- 
dency for it to want to continue to do so, and not to change. (Sometimes we say 
this another way; when the current through an inductor changes, the inductor 
sets up a‘back EMF’ which opposes the change in current.) 

This effect is known as self-inductance (or just inductance). Like capacitance, 
it is not noticeable under normal circumstances. It can be made much stronger, 
however, if the wire is wound into a coil shape; the more turns the better. Induc- 
tance is also much increased by winding the coil on a core of some special ma- 
terial said to have a high ‘permeability’; that is, it has the effect of concentrating 
the magnetic field. Such a device is called an inductor. Figure 2.5 is the circuit 
symbol. 

The voltage across and current through an inductor are related as follows: 

AI 
V=L Ai (2.8) 
where L is the inductance in its standard unit, the henry(H). 

This says that the voltage across an inductor is proportional to the rate of 
change of current through it. We can see that this is not unlike Eqn (2.5), for a 
capacitor. And, indeed, capacitors and inductors are in many ways the converse 
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of each other. One resists change in voltage, the other change in current. Ás we 
look at these components again in the following chapters, we will see that in each 
circumstance they do opposite things to each other. 


a VOY De Nae 


Figure 2.5 An inductor 


Inductors are available with values from about 0.01 4H to 100 mH and more. 
Like capacitors, they get physically larger with value. As large value inductors 
consist of very many turns of wire on a heavy iron former, they also tend to get 
very heavy, one reason why they are not as popular as capacitors. They also tend 
to have a significant amount of resistance, which can be a disadvantage. The 
main specifications for an inductor are: 


l. Internal resistance. This is caused by the large number of turns of wire, which 
can also be quite thin, to minimize the volume. 

2. Maximum DC current. If too much DC current is passed through the wire of 
which the coil is made, it can overheat and melt, damaging or destroying the 
component. Even if the amount of DC is not so much as that, the core can 
‘saturate’ — meaning that it doesn't work as well. 


Despite their problems, they are quite common in some applications, and some- 
times nothing else will do. 


Inductors in series and parallel 

Again, we can combine the inductance of series or parallel inductors and treat 
them as a single component. The laws are the same as those for resistors, and 
the inverse of those for capacitors. 


In series: 
L = Li + La + L3 + ...+ LN (2.9) 
In parallel: 
1 1 1 1 1 
== — + — ++... (2.10 
Da... a. 2) 


Mutual-inductance and transformers 


Magnetic fields also cause electrons in unconnected conductors to influence each 
other. This effect is called mutual inductance. To make the effect strong, coils of 
wire are wound together on a core (which again has the effect of concentrating 
the magnetic field). This is a transformer. The symbol is shown in Figure 2.6. 
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Figure 2.6 A transformer 


The coil ofa transformer into which you put current is called the primary” The 
coil(s) from which you take current are the “secondary (s)” The ‘turns ratio’ of a 
transformer is the ratio of the number of turns on the primary to those on the sec- 
ondary. When we apply AC voltage to the primary, we get AC from the second- 
ary. And, conveniently: 


¿e 
Ts V 


PS 


(2.11) 


where Tp and 7’, are the number of turns on primary and secondary, respect- 
ively, and Vp and V; the voltages. 


Transformers are very useful in certain situations, the most common being the 
passing of a signal from one part of a circuit to another while keeping the two 
electrically isolated. Virtually all equipment connected to the AG mains supply 
is done so via a transformer. For safety reasons this is a special type, designed to 
have good electrical isolation. We never use anything but a proper mains transfor- 
mer for this! Transformers are also very useful in many other circuits, and many 
other special types exist. 


3 Direct current 


AC and DC signals 


We often hear electrical signals classified as AC’ or “DC” These abbreviations 
stand for the terms ‘alternating current’ and ‘direct current’, but they are applied 
as much to voltages as to currents. In this chapter we will talk about DC. Given 
that we understand Ohm’s Law, stated in Chapter 2, we have actually covered 
most of what ground there is. We will also introduce the term ‘power’ and con- 
sider its implications, which are important. 


Direct current 


A DC current is one which flows in one direction only. If we were to connect a re- 
sistor between the two terminals of a battery a DC current would result. For con- 
ventional current, it would flow from the positive terminal to the negative and 
have a magnitude, determined by Ohm's Law, of J = V/R. Similarly, we would 
refer to the voltage across that battery as a‘DC voltage’ 

One application of DC is supplying power to an electronic circuit. The output 
from a power supply is often called the ‘power rail’ or just ‘the rail. The supply 
could be a separate circuit, operating from AC mains, or batteries. Virtually all 
circuits require one or more DC voltages to operate. A very common arrange- 
ment is to supply two rails with equal and opposite voltages, perhaps one of 
+15 V and one of-15 V. Then there will be three power rails; 0 V, used as a refer- 
ence point for the whole circuit, and +/—15 V, used to supply power. Computer 
circuits often use a single rail of +5 V, perhaps with one or more other voltages 
used by the circuits which interface the computer to the outside world. 

Circuit symbols for DG voltages and currents come in many flavours. 
Figure 3.1 shows some. You may just get lines, as in (a), with an indication of what 
the voltage or current is. (In a block diagram, like this example, the arrow may 
not follow the direction of current flow; it can just show that the supply 1s an ‘in- 
put’ to the circuit.) The symbol for a battery is shown at (b). The two general sym- 
bols for a voltage and current source are shown in (c). These would both 
indicate an unspecified device or circuit block; the intent is to indicate that a 
source exists at that point in the circuit, to help you see what is going on without 
actually telling you what physical devices to expect. 
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+15 V 


OV A circuit 


-15 V 


(a) 


eS 
| 
l 
i 
I 


12 V 


10 mA 


(c) 
Figure 3.1 DC source symbols 


Calculations on DC quantities 


Addition, subtraction, multiplication and division can be performed on DC volt- 
ages and currents simply by performing the relevant operation on the numbers, 
paying due regard to their signs. 
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Resistors in DC circuits 


There is hardly anything to say about this; they obey Ohm’s Law, as already de- 
scribed. Also you should make sure that the rated power dissipation is not ex- 
ceeded, as we discuss later. 


Capacitors in DC circuits 


If we put a DC voltage across a capacitor an instantaneous (‘transient’) current 
flows while it charges to the voltage. Thereafter no current flows as long as the 
voltage remains steady, with the exception of the leakage current that was 
discussed in Chapter 2. Capacitors are often used to isolate one part of a circuit 
from another to DC, while allowing AC signals to pass (as a“DC block’). 

If we make a steady DC current flow into a capacitor (from a current source) 
the result is a ramp voltage across it. From Eqn (2.5), the ramp has a slope of: 


AV_I 
aC on 


a is the slope of the ramp in volts per second, / is the current in amps and C the 
Capacitance in farads. This is a common method of making ramp generator 
circuits. 


Example 3.1: A steady DC current of 1 mA is fed into a 680 pF capacitor; 
what is the slope of the voltage across its terminals? How long does it take to 


change by 10 V? 


I im 
bres SAY 
` OPE — O 7 680p /us 


10 
Time taken to change 10 V is 1477 6.8 ys 


Inductors in DC circuits 


An ideal inductor would be a short to DC. A real one appears to be a resistor 
with the value of the internal resistance of the inductor (hopefully very low). 
When DC current is passed through the inductor we get a transient voltage 
(the back EMF mentioned in Chapter 2). Thereafter the voltage will be small. 
Because of this, inductors are sometimes used to block AC but pass DC (as a 
“choke”). 

Placing a steady DC voltage across an inductor causes the current waveform to 
be a ramp (in the same way that a DC current in a capacitor causes a ramp volt- 
age). The slope of the current waveform is, from Eqn (2.8): 


Direct current 23 
AI_V 
(Did you notice how capacitors and inductors tend to do similar but opposite 
things to AC and DC voltages and currents?) 


Power in DC circuits 


Why do we worry about power dissipation? 

As we saw in Chapter 2, connecting a voltage across a resistor causes a current to 
flow. The amount of the current depends on the value of the resistor; the lower 
the more current. In physical terms, this means that the average electron speed 
through the resistor is higher. Thus an electron making its way through strikes 
atoms in its path harder, and creates more heat. (We never have to worry about 
the electron speed, just the value of current; this is just a reminder of the physical 
process taking place.) The heat will be lost to the air, hopefully. How quickly the 
heat can dissipate depends mostly on physical structure of the resistor. Ifit cannot 
get away more quickly than it is generated, then the temperature will rise until 
it reaches a point where it destroys the component. Resistors go brown at this 
point, start to smell, and eventually go open circuit (sometimes catching fire in 
the process). Then you change them. Watching miniature resistors (1/8 W or 
1/4 W types) catch fire isn’t too bad, may even be mildly entertaining. (I have 
known heavy smoking engineers to use the trick to get a light in the middle of 
the night when the garage is shut, though I don’t recommend the chemical 
content for your health.) Anything larger than that should definitely be avoided. 

So that we can avoid this situation, resistors always have a ‘maximum power 
rating. Power is measured in watts(W). The power rating of a resistor might be 
anything from less than 0.1 W, for very small surface-mounted devices, to 100 W 
or more, for large, heavy devices intended to be bolted to ‘heatsinks’ (pieces of me- 
tal designed to radiate and make heat dissipate more quickly). On opening up 
pieces of electronic equipment we may sometimes see resistors which have ob- 
viously been overheating; the painted exterior may be brown and cracked. This 
may be the cause of the fault that we are investigating or an indication that some 
other fault is causing excessive current to flow. Sometimes it is an indication that 
the designer of the equipment wasn’t as meticulous as he might have been. A re- 
sistor run continually at its maximum power may show signs of burning without 
misfunctioning, but the long-term reliability is likely to be reduced. 

I have tried to follow a ‘rule-of-thumb’ which I learnt from an experienced en- 
gineer early in my career; to try not to run components continually at more than 
about one-third to one-half of their rated power. Running them at maximum 
for a short duration is generally OK; the device has time to cool off. If in doubt, 
prototype and use common sense. Ifit goes brown, you are being a bit ambitious. 
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Power calculation in DC circuits 
How do we calculate the power dissipation in a resistor? Power is defined as the 
rate of energy dissipation, or: 


me 
pa 


(3.3a) 


where Pis the power in watts, J is the energy in joules and tis the time in seconds. 
From Eqn (1.2): 


V =5 or al = VQ 

Substituting into Eqn (3.3), we get: 

P= vg (3.3b) 
From Eqn (1.1): 

me 

ar 
So: 

P=Vi (3.4a) 


Like Ohm’s Law, this gets used a lot, and you need to know it. (The derivation is 
just for interest’s sake.) ‘The result is important enough to be restated, and learnt, 
in its two other forms: 


PER A 
I=7 (3.4b) 


and: 


Example 3.1: A resistor of 10 Q has a voltage of 3 V across it. How much 
power does it consume? 


Using Ohm’s Law 


and using Eqn(3.4a): 


P=VI=3x0.3=0.9W 


Often we use two equations which we can get from Ohm’s Law and Eqn (3.4a) by 
a little algebraic substitution: 
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2 
P = (3.4d) 
and 
P=PR (3.4e) 


These enable us to answer questions like that posed in Example 3.1 in one step. 
Using Eqn (3.4d): 
32 
P= 10 > 0.9W 

The business of using components within their maximum power rating quickly 
becomes fairly intuitive. For a circuit working from low voltages, say +/- 15 V 
DC, the maximum available voltage is 30 V. Our workshop resistor kit may con- 
tain miniature resistors all rated at 1/8 W. This enables us to calculate a value of 
resistor above which we cannot, no matter how we try, exceed the rated power. 


Example 3.2: For the circumstances which we just described, what is the 
‘minimum’ value, following the ‘half-rated-power’ rule-of-thumb? 


y? y? 
P=— SO R=- 


Pis half of 1/8: 


—— = 0.0625 W 
5 0.0625 


V=30V 


Our threshold value of resistance is: 


30? 
= 144002 
0.0625 dl 


— or say 15 KQ. 


This does not mean, of course, that we won't use any components of less than this 
value; but that above this value we can dot them around without worrying about 
power rating. At values around 15 k (2, we only need worry if they spend a lot of 
time strapped across the power rails, which very few will. Even for low values, 
we will tend only to get the calculator out when we know that the resistor has a 
large voltage across it. 


4 Alternating current 


An AC voltage or current 1s any which 1s changing. It will very often be one which 
changes at a known rate. Where a DC voltage or current is easily described by 
its magnitude and sign (3 V DC’ or 16.2 V DC says it all, as long as we know 
where 0 V 1s), AC signals are a bit more complicated. We are going to start by con- 
sidering the simplest type of AC signal. Then we will look at more complex ones. 

The most ubiquitous AC signal is the sine wave. We will understand so much 
electronics in terms of how circuits respond to sine waves that it is worth our while 
spending some time describing and thinking about them. 


The sine wave 


If you haven’t known about sine waves before, the word ‘sine’ probably brings 
back dimly remembered memories of school maths lessons, trigonometry, and 
all that goes with it. The sine is a mathematical function which describes the 
ratio of two sides of a right angled triangle in relation to one of the other angles, 
and a sine wave is a graph of the ratio against the angle. That’s putting it math- 
ematically. To many technicians and engineers, who try to do as much practical 
work as possible with the minimum use of mathematics, a sine wave is a very use- 
ful ‘wiggle’ which appears on the screens of an oscilloscope (a device which 
cleverly shows a graph of voltage against time) when they are working on 
equipment. We describe a great number of the essential properties of circuits in 
terms of what comes out when the input is a sine wave. The reasons for this are 
discussed later. 

Figure 4.1 shows a sine wave. It is 2 V peak to peak (pk-pk or p-p) with a fre- 
quency of 1 Hz. (We'll define these terms soon.) The voltage begins at a level of 
0 V, rises smoothly up to a level of 1 V, back down through 0 V to -l1 V, and up to 
O Vagain. Each transition, 0 V to 1 V,1 V to 0 V,0 V to-1 Vand- V to 0 V, takes 
the same amount of time, 0.25 s. The whole process is referred to as ‘one cycle’. 

We don't often come across sine waves which exist for one cycle only and then 
stop, however; usually the voltage oscillates continually while the circuit generat- 
ing it is on. This may be for many hours. We call this a “continuous signal? 

There are two things that we need to describe a sine wave unambiguously; how 
big it is, and how long it takes to complete one cycle. These two quantities we nor- 
mally call ‘amplitude’ and either ‘period or ‘frequency’ 
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Figure 4.1 A sine wave 


Amplitude 
There are three ways of defining the amplitude of a sine wave: 


L. 


Peak to peak amplitude is the difference between the positive and the negative 
peaks. Figure 4.l is a sine wave of 2 V pk—pk. Pk-pk amplitude can be used to 


describe signals which are not sine waves as well. 


. Peak amplitude is the difference between the mid-point of the signal and the 


positive peak. Figure 4.1 is a sine wave of (1-0) = 1 V pk. We can say that: 


k — pk litud 
pk amplitude = a (4.1) 


. Root mean square (RMS) amplitude is the level of a DC signal which has the 


same energy content as the AC signal. This odd way of specifying amplitude 
exists because it is needed for power calculations (on which more later in this 
chapter). For a sine wave: 


RMS amplitude = o 
or: 
RMS amplitude = pk amplitude x 0.707 (4.2a) 
or again: 


pk amplitude = RMS amplitude x 1.414 (4.2b) 
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Which of these three we use depends on the situation, and we often need to convert 
between them. For instance, we might see a sine wave displayed on the screen of 
our oscilloscope, and wish to calculate the power which it causes to be dissipated 
in a certain component. Here we might read the pk-pk amplitude from the dis- 
play, divide by two to get pk amplitude and then multiply by 0.707 to get the 
RMS amplitude. Then we can make a power calculation. Conversely, we might 
measure the amplitude of a sine wave using an RMS multimeter. If we needed 
for some reason to have a rough idea of the pk-pk value of the voltage, we could 
divide by 0.7 (multiply by 1.4) and then multiply by 2 in our heads—multiply by 2.8. 


Period and frequency 

The period ofa sine wave is the time which it takes to complete one cycle. Its sym- 
bol in equations is T, and its unit is that of time, the second (s). For Figure 4.1, 
T is one second. 

It is more usual to refer to the ‘frequency’ of a sine wave. The symbol for fre- 
quency in equations is f, and its unit is the hertz, abbreviated to Hz, meaning 
cycles per second. The frequency is the number of cycles completed in one second. 
Converting from frequency to period is very easy: 

1 


f=a or r=: (4.3) 
with fin Hz and Tins. 

So our signal of Figure 4.1 has a frequency of 1 Hz. 

Amplitude and frequency are independent of each other; a sine wave of 3 kHz 
will oscillate 3000 times per second whether it has a level of 14V or 10 V. One of 
10 V RMS will still be at 10 V RMS, and have the same heating effect through a 
given resistor whether it is at 10 Hz or 1 MHz. 

(An interesting aside to this second case; if the frequency were 0.01 Hz, a period 
of 100 s, would this still be true? No; remember, from Chapter 3, the mechanism 
of heating and cooling of resistive components. In this case, the frequency is so 
low that we would do better to consider it as a slowly varying DC voltage. For a 
quarter of the period, 25 s, the resistor will have a voltage across it of 20 V or 
greater! This time is obviously long enough to destroy the resistor if it is not ad- 
equately rated. In our power calculations, we should budget for the pk amplitude 
of about 14 V. This is a very extreme example, and such slow moving signals are 
not often encountered. The statement in the above paragraph holds true for fre- 
quencies of a few Hz and above.) 


Phase 

We can describe a single sine wave completely by specifying its amplitude and 
frequency. When we are talking about two such signals the important question 
of phase arises. 
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Figure 4.2 shows the sine wave of Figure 4.1 again, labelled Vi, and a second 
nearly identical sine wave which starts its cycle at a later time ¢, labelled V2. We 
say that there is a phase difference between V and Vo. 


o eee eee oe ee ee ee a ea 


V, 
V, 
LGAN 
1s 
OV 


Figure 4.2 Illustration of phase 


Phase is an angular quantity, and its units are degrees or radians. We use de- 
grees in this book. There are two important points to bear in mind when talking 
about phase: 


1. We only generally make phase comparisons between waveforms of the same 
frequency. 

2. Phase, like voltage, is a relative quantity. It is meaningless to say that, for in- 
stance, the voltage has a phase angle of 30°’ unless we specify that that 30° 
refers to some other waveform. A reference must be specified. 


To calculate the phase difference between two waveforms, we use the following 
expression: 


360t 
We can, of course, calculate ¢ from @ and T: 
T 
C= ae (4.4b) 


360 


30 Electronics Calculations Data Handbook 


where ¢ is the phase in degrees, ¢ is the time difference in seconds and T is the 
period in seconds. For example, if t in Figure 3.2 is 100 ms, then ¢ = 36°. Va starts 
100 ms after V}, so we can either say that Va lags V] by 36° or that V¡leads Va by 
36°. The two statements mean the same thing. We might, if we were being awk- 
ward, say that Va leads V by (360-36)* or 324°. This statement means that Va 
starts its cycle 324°, or 900 ms, before V, — just as true if they are continuous, 
but not the easiest way to say it. Normally we specify phase using the smallest 
possible angle, which is always less than 180%. Sometimes calculations give us 
numbers larger than this, and we convert them to a more sensible form. 

Waveforms which are 90° out of phase are said to be in quadrature, while ones 
which are 180° out of phase are said to be in antiphase. Putting a waveform in 
antiphase is ‘inverting’ it. Waveforms which have no phase difference are simply 
‘in phase’ 


Calculations on AC quantities 


We can do calculations on AC quantities of the same frequency to analyse the be- 
haviour of a circuit at that frequency. Every quantity that we use will have two 
components; magnitude (amplitude) and phase. 

Mathematical operations on waveforms of any phase are slightly tricky and re- 
quire the use of something called ‘phasor mathematics’ Ideally, a mathematical 
technique called ‘complex algebra’ is used which makes use of a notional quantity 
called j, equal to y (—1) to denote a phase shift of 90°. This technique allows 
not only voltages and currents but also combinations of reactances, resistances 
and even amplification to be treated under one umbrella. The behaviour of cir- 
cuits can then be predicted at a fixed frequency. 

The algebra involved is actually not much more difficult than the more con- 
ventional techniques which the next chapter uses, but a complete explanation of 
it is somewhat beyond the scope of this book. Should you already be familiar with 
it then Appendix 4 gives a quick restatement of its principle techniques. 

Even if you are not (or don’t want to bother with it) its not really a problem. 
There are some simple rules and special cases of phasor mathematics which are 
presented below. In Part Three we will consider what some basic circuits do 
under these conditions and hence get a lot of insight into their workings. You 
could take these ideas on board now, or refer back to this point when you get 
there. Anyway, here goes: 


Phase Rule l: For waveforms in phase, magnitudes of quantities can be used in 
calculations directly. The phase of the result is the same as that of 
the ‘inputs’ to the calculation. 

Phase Rule 2: A positive value of phase means ‘leading’, a negative one ‘lagging’. 

Phase Rule 3: A negative value of magnitude means an inversion of the quantity 
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(i.e. it is in antiphase). So subtraction is addition with one wave- 
form inverted. We could say that —V is Vat an angle of 180°. 

Phase Rule 4: Adding two equal waveforms in antiphase gives a result of zero. 
This is called ‘phase cancellation’ 

Phase Rule 5: Multiplication of any pair of waveforms. The magnitudes are 
multiplied and the phase angles added together. 

Phase Rule 6: Division of any pair of waveforms. The magnitudes are divided 
and the phase of the denominator subtracted from the phase of 
the numerator. 


Resistors and sine waves 


The terms pk, pk-pk and RMS can be used to refer to both voltages and currents. 
Provided that we are consistent we can do Ohms Law calculations on resistors 
with any of them. So, for example: 


l. A pk voltage of 10 V across a 1k resistor causes a pk current of a = 10 mA to 
flow. 

2. A pk-pk current of 3 mA through a 4k7 resistor causes a pk—pk voltage of 
3 x 4k7 = 14.1 Vacross 1t. 

3. An RMS voltage of 150 V across a 1M resistor causes an RMS current of 
#0 = 150 pA to flow. 


Current and voltage through a resistor are always in phase. In fact, the current 
waveform is always an exact replica of the voltage waveform, its magnitude at 
every point being determined by Ohm’s Law. 


Capacitors and sine waves 


A capacitor with a sinusoidal voltage of frequency f across it will have a sinu- 
soidal current flowing through it. The ratio of the voltage to the current is known 
as the ‘reactance of the capacitor at frequency f. The situation is analogous to that 
with a resistor, and the unit of reactance is again ohms. And Ohm’s Law again 
applies: 


Vo = Ic Xo (4.5) 


where Xc is capacitive reactance, Vc is the voltage across the capacitor and [¢ is 
the current through it. As with resistors, amplitudes of voltage and current can 
be specified using pk, pk-pk or RMS conventions, so long as the same is used for 
both. 

We can calculate the reactance of a capacitor at any particular frequency using 
the expression: 
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Xc 
where C'is the capacitance in farads and f is the frequency. We can see from this 
that the magnitude of the reactance of a capacitor decreases proportionally with 
frequency. 

But hold on! Capacitors are more than ‘frequency-dependent resistors. They do 
something important to AC signals. The current through a capacitor always leads 
the voltage across it by 90°. This is the difference between a capacitor and a re- 
sistance with the same value as its reactance at that frequency. 

We can often get a very good idea of what a circuit does by thinking of caps as 
‘frequency-dependent resistors, but we can’t do calculations to solve CR net- 
works (using techniques from Chapter 5) without taking account of phase. (A 
CR network is any consisting of capacitors and resistors — we'll meet CR, LR 
and LCR networks in Part Two.) 

For calculation purposes, we consider that capacitive reactance has a phase 
angle of —90°, as passing a current with a phase angle of 0° through it results in 
a voltage of 90° lagging. (See Phase Rules 5 and 6 earlier in this chapter) (It is 
this idea of assigning phase to reactance that makes otherwise incomprehensible 
complex numbers work.) 

Now that we’ve met the terms resistance and reactance, this seems like 
the moment to mention the word ‘impedance’, which is used a lot. Strictly speak- 
ing, resistors have resistance, capacitors (and inductors) have reactance. Circuits 
have some combination of the two. If you want to be non-committal about which 
you mean, say ‘impedance’ — it can be either. And everyone should understand. 


Inductors and sine waves 


Like capacitors, the sinusoidal voltage across and current through an inductor 
are proportional at any given frequency. The ratio is again known as the react- 
ance of the inductor, and here’s Ohm’s Law again: 


Vi =I XL (4.7) 


with X, as inductive reactance, V, voltage across the inductor and Jņ current 
through it. Again we may use pk, pk-pk or RMS amplitudes but must be consis- 
tent. For an inductor voltage leads current by 90°, so we consider that the react- 
ance has a phase angle of 90°. The inductive reactance can be calculated using 
the expression: 


XL = 2TfL (4.8) 


where L is the inductance in henries and f is the frequency in hertz. From this, 
inductive reactance increases proportionally with frequency. 
(Again we see capacitors and inductors doing nice complementary things to 
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each other, while resistors form a nice ‘neutral background’ against which to view 
it all.) 


Why are sine waves so important? 


In other words, why do we do so much of our analysis of AC circuits in terms of 
what they do when you put a sine wave through them? 

All AC waveforms can be considered as being the sum of sine waves of various 
frequencies. The mathematical technique behind this is known as Fourier ana- 
lysis. We are not going to get into the mathematics here, but we will consider the 
implications. 

What the maths says is that we can treat any continuous periodic waveform 
(such as all the ones in Figure 4.3) as the sum of a number of sine waves of various 
frequencies. The frequencies will all be whole number multiples of the frequency 
of the repeating periodic waveform. So a 1 kHz triangle wave can be considered 
to be the sum of sine waves of 1 kHz, 2 kHz, 3 kHz... and so on. The amplitudes 
and phases of the sine waves will vary, generally getting less with frequency, but 
we could, if we knew them, and had the means to do it, reconstitute the wave- 


form, like baking a cake to a recipe. For instance, the ‘recipe’ for a square wave 
of 1k Hz is: 


| kHz sine wave, at 1 V RMS, plus... 
3 kHz sine wave, ati V RMS, plus... 
5 kHz sine wave, até V RMS, plus... 
7 kHz sine wave, at 3 V RMS, plus... 


n kHz sine wave, at ¿Ve ms. 


‘n can be any whole number as high as you care to keep going. The higher in fre- 
quency you continue, the better the shape of the resulting wave — that is the 
closer to the ideal, with the voltage changing from one voltage to the other 
almost instantaneously. Real square waves are not ideal, having a finite ‘risetime’ 
— the time taken to get from 10 to 90% of the value of the step. 

You will notice in our square wave ‘recipe’ (known more properly as a Fourier 
series) that we only have the odd number multiples of 1kHz. The | kHz waveform 
is known as the ‘fundamental of the series (i.e. the sine wave at the same frequency 
as the periodic waveform being analysed). The sine waves at 2 kHz, 3 kHz, and so 
on, are known as the ‘harmonics’of the fundamental. 2 kHz would be the 2nd har- 
monic, 3 kHz the third, and so on. So we can say that ‘a square wave consists only 
of the fundamental plus odd harmonics’ It contains no even harmonics. The exact 
amplitude of the result can be foretold, but we are not often worried about it. 
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Figure 4.3 More AC waveforms 


You can get tables showing the equations to write various waveforms in terms 
of their harmonics, but we rarely need them. Quite a lot can be done intuitively. 
Where a waveform has a sharp transition between two levels, that’s where you 
get the high harmonics. The ‘frequency response’ of a circuit is the way that its 
output, relative to the input, varies with frequency. If a circuit, such as a low- 
pass filter (of which more in Part Two) tends to attenuate high frequencies then 
it will affect the edges of a square wave — they will be slower. If we know the fre- 
quency at which the filter begins to ‘cut’, then we can get an idea of how serious 
this is — for example if our square wave is at 1 kHz, and the filter starts to ‘roll 
off? from 2 kHz, the effect will be quite noticeable. If the filter rolls off from 
20 kHz, much less so. Conversely, the low frequencies of a waveform contribute 
most to the portions where it changes slowly, or not at all; the top and bottom of 
a square wave will tend to ‘sag’ The time responses of Ist order circuits, which 
we look at in Chapter 9 are in fact extreme examples of this. 


Alternating current 35 
More AC waveforms 


Figure 4.3 shows some types of AC signal which are commonly encountered. 
There is not too much to know about them, except to recognize their shapes and 
their names. With rectangle waves we sometimes hear talk of mark-to-space ratio. 
This is the ratio of duration of the more positive part to the more negative — 
T, : Tz on the diagram. These waveforms are best specified, amplitude-wise, in 
terms of pk—pk level, again the difference between the positive and the negative 
voltage. Time-wise, we obviously refer to them by either their frequency or their 
period, with f = 1/T once again. 


AC waveforms with a DC level 


It often happens that we come across signals which are a combination of AC and 
DC. Then we say that the waveform has a‘DC level? The DC level ofan AC wave- 
form is just its average level. Hence if it has an equal area below 0 Vas above it 
has a DC level of zero. 

Sine waves, square waves, ramps, sawtooths and triangles have a DC level of 
zero if they move between equal positive and negative voltages. Rectangle waves 
with uneven mark-to-space ratios (if they didn’t have they'd be square waves) will 
go more positive than negative (ratio less than 1:1) or more negative than positive 
(more than 1:l) to have no DC level. In fact changing their mark-to-space ratio 
changes their DC level too, assuming that they stay between the same two voltages. 

Figure 4.4 shows some examples. The triangle wave goes between | and 9 Vand 
so it has a DC level of 5 V. This is the case regardless of the duration of its ramps. 
(Sketch one of any shape on squared paper and then draw a line horizontally 
through its mid point. You should see that its area above the line is the same as 
that below. This is true for sines, squares, sawtooths and ramps as well) So 
the DC level of any sine, square, ramp, sawtooth or triangle is: 

Ves YY +y- (4.9) 
2 

For the triangle in Figure 4.4, Vpc = (9 + 1)/2 = 5V. 
The rectangle wave goes between +5 Vand-5 V. But it has a mark-to-space ratio 
of 3:1, and so has a positive DC level, as the area above 0 V is greater than that 
below. The DC level is given by: 

Voc = Vm +3 (4.10) 
Ty is the duration of the mark, Vy its voltage, Ts and Vs the same for the space. 
T'is the period, Tm + Ts. So for our example: 


Vpc =0.75x5-0.25x5=2.5V 
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Figure 4.4 AC waveforms with DC level 


Power calculations with AC waveforms 


For power calculations involving AC waveforms, we must use the RMS value of 
the signal. RMS stands for ‘root-mean-square’. It is what we get when we take 
the average of the square of the amplitude of a waveform over its cycle, and then 
take the square root of that. If that sounds like a rigmarole, it is, but we never ac- 
tually have to do it. 


Sine waves 
We already know how to find the RMS value of a sine wave from our discussions 
on amplitude earlier in this chapter. When calculating the power that a sinu- 
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soidal signal develops in a load we must also take account of the phase angle be- 
tween voltage across and current through that load. 

‘The power dissipated by a circuit element which is passing a sinusoidal current 
(with no DC) is defined as: 


P = VI cos¢ (4.11) 


where Pis the power in watts, Vis the RMS voltage across the component in volts, 
I is the RMS current in amps and ¢ is the phase angle between voltage and 
current. 

The cos @ term varies between 1 when ¢ = 0° and 0 when ¢ = 90° (or 907). 
Hence for resistors, for which ¢ = 0° always, we simply use the same power equa- 
tions that were given for DC circuits in Chapter 3, of course using RMS values. 
Equally we can say that ideal capacitors and inductors, for which ¢ = 90° (or 
—90°), don’t dissipate power. When we use circuits made up of combinations of 
these components, and ¢ is between 0 and 90°, the power will be somewhere 
between zero and “volts-times-amps. But all of that power will be dissipated in 
the resistive components of the circuit. 

(An aside: the term ‘peak power’ is sometimes heard, but has no relationship to 
‘pk amplitude’. It is used in such things as sound amplification systems to describe 
the the maximum amount of electrical power delivered to a loudspeaker at any 
given moment. There is no such thing as pk- pk power. Thought I'd mention it) 


RMS values of other waveforms 
Its not often that we have to calculate these, but if we do it’s nice to know how. If 
youre a beginner you may well prefer to skip this. I just couldn't resist putting 
them in. 

For any triangle, ramp or sawtooth wave with no DC level, and a positive 
excursion, Vpx: 


V 
RMS triangle = —= = 0.577 Vex (4.12) 


V3 
For any rectangle wave (of which a square wave is just a special case), if Tm is the 


duration of the mark, V y its voltage, Ts the duration of the space, V s its voltage 
and T the period (Tm + T's): 


T T 
RMS rectangle = (va a + V2 7) (4.13) 


with Vy the voltage of the mark and Vs that of the space. This takes into account 
the DC level. 
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For a signal with AC and DC components: 


RMS ac+nc = y (Vde + Vkusac) (4.14) 
And finally, for a ‘piecewise’ signal with known RMS values over different parts 
of its period 


tl t2 in 
RMS oui = (Pros Ei Vilos) (4.15) 


We can see that Eqn (4.13) 1s just a special case of this. 


By way of illustration: 


Example 4.1: The triangle wave of Figure 4.4 has an AC component that goes 
between +4 V and —4 V. Its RMS value is therefore 0.577 x 4 = 2.31 V. It 
has a DC component of 5 V, so the true RMS value is: 


RMS triangle = (5? + 2.312) = 5.5 V 


Example 4.2: A signal consists of a high frequency sine wave of 5 V pk for 
400 ms with no DC, followed by a DC voltage of 2 V for 300 ms. What is the 
RMS value? 


RMS value of the sine wave is 5 x 0.707 = 3.54V 


4 
RMS total = (; x 3.542 +2 x 2) = 2.98 V 


5 A circuit analysis toolkit 


Introduction 


This chapter is intended as a quick guide to the basic techniques of network an- 
alysis. The mathematical requirements are minimal; you need to be able to trans- 
pose equations and solve simultaneous equations by substitution. We also get to 
consider some characteristics of real voltage and current sources, which ties in 
nicely with some of the analysis tools presented. 

We will take DC circuits for all of our examples, as this is the easiest way of de- 
monstrating the techniques. Everything said applies equally to AC circuits as 
well, but you generally need to use complex numbers (see Chapter 4 and Appen- 
dix 4) to take account of phase if there are capacitors and inductors present, or 
sources at different phases. 


Basic topologies 


There are two basic shapes that electric and electronic circuits come in; series 
and parallel. Each has associated with it one of two electrical laws which tell us 
how to go about calculating the voltages and currents in that circuit. 


The series circuit and Kirchhoff’ voltage law 

A series circuit is represented in Figure 5.1. The components are an input voltage, 
Y 10 V DC, and three resistors: Ry, 1k; Ra, 2k2; and R3, 4k7. We have also labelled 
on the drawing, for our convenience, the voltages across each resistor, Vi, Vo 
and V3. The voltages are labelled with arrows. With DC voltages we follow a 
convention of putting the head of the arrow to the more positive end of the 
component. 

The key to analysing a series circuit is to remember that the current is identical 
through each component in the loop. (We can also say that connecting the 
components in a different order will not affect that current.) Hence the current 
in the loop is labelled just once, this time with an arrow on the loop, with the 
legend / next to it to identify it. The head of the arrow shows the direction of 
current flow. 
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Figure 5.1 Series circuit 


Example 5.1: Suppose that we wish to calculate Vi, Vz and V3. How do we do 
it? We need to find the value of current, Z. Then we will be able to calculate 
each voltage using Ohm’s Law. 


We can find the total resistance as described in Chapter 2. In our case: 
Rs = 1k + 2k2 + 4k7 = 79002) 
Now we can say that: 


— 10 
~ 7900 


Now we can use Ohm’s Law to find Vi, Va and V3: 
Vi = 1.27 mA x lk = 1.27 V 


Vo = 1.27 mA x 2k2 = 2.78 V 
V3 = 1.27 mA x 4k7 = 5.95 V 


I = 1.27 mA 


Kirchhoff’s voltage law states that, in any loop of voltages on a circuit, their 
sum will be zero if we take the clockwise ones as being positive, the anticlock- 
wise ones as negative (or vice versa). Put another way, the clockwise ones 
equal the anticlockwise ones. This enables us to check our calculations: 1.27 + 
2.78 + 5.95 = 10V- we did it right. In any mathematical analysis of a circuit, 
its always good to have a way to check our result, and using voltage loops is 


one way. 
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The parallel circuit and Kirchhoffs current law 


Example 5.2: Figure 5.2 shows a basic parallel circuit made with the same 
components. With parallel circuits the rule is that the voltage across all the 
branches is identical. Hence there is only one voltage to be labelled, the source 
voltage. But there are four currents: J, the current leaving the voltage source, 
and J), Iz and J3, the currents through the resistors. We would like to calculate 
them. 

We can see that the voltage across each resistor is the same; the 10 V source 
voltage. Therefore we can apply Ohm’s Law directly to each branch of the cir- 
cuit to find f;, La and Ly: 


Kirchhoff’s current law states that the total of currents entering and leav- 
ing any ‘node’ (a node is any place where two or more conductors join) is zero. 


This enables us to calculate the current Z 
I=h +12 +13 = (10 + 4.55 + 2.13)mA = 16.68 mA 


We know that the resistance between any two points is the ratio of the vol- 
tage across them and the current passing between them. So in this case the re- 
sistance 1s: 


10 


ATA A 


Rp 


We could have calculated the parallel resistance directly, by using the 
formula from Chapter 2: 
1 1 1 1 


ae e ee ST 9) 
R ata ta Vn 


| 
-1.67mA 


Again we have cross-checked our result, and it's fine. 


Rp = 6002 
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Figure 5.2 Parallel circuit 


Arrow directions for voltages and currents 


It is worth taking a moment to think about the rules that we apply when adding 
voltages and currents in using Kirchhoff’s two theorems, as it can be surprisingly 
easy to confuse ourselves. 


Here’s the rules. If we follow these, things work: 


1. The arrows for voltage across and current through a voltage or current source 
must point in the same direction. 

2. The arrows for voltage across and current through a resistance must point in 
opposite directions. 

3. For a voltage loop, the sum of arrows going clockwise equals the sum of arrows 
going anti-clockwise. 

4. For a node, the sum of currents entering a node equals the sum of currents leav- 
ing the node, as denoted by the arrows’ directions. 


In the above examples, it was obvious which end of the resistors would be more 
positive and in which direction currents would be flowing. Hence drawing the 
arrows was easy. 

In other instances it will not be obvious, when labelling currents and voltages 
at the start of the analysis, which end of the component is the more positive. Such 
a situation is shown in Figure 5.3. We wish to know the voltage V2, but this voltage 
1s affected by both voltage and current sources which have a tendency to create 
voltages of opposite polarity across Ry. The way to approach this sort of prob- 
lem is not to worry about the polarity of the voltage; if we label it in the wrong 
direction, the voltage will come out as negative in solving the equations. We 


A circuit analysis toolkit 43 


simply get on with labelling the voltages and currents (following rules 1 and 2), 
then we can write equations for voltage loops (using rule 3, the voltage law) or 
nodes (with rule 4, the current law). 


Example 5.3: Solve Figure 5.3. 


For node A, we can write: 


Í; = Ip F 10mA 

Ig = I, - 10mA (call this Eqn (A)) 

For the loop on the left we can write: 

Vin = Vi + Va 

Va = Vin - Vi 

(but Vi = L.Ri = 10 kt; and Va = I.R = 2k2.12) 
so: 

2k2.f =5-—10k./f; 

h = (AER) 

In = 2.27mA — 4.55.1; 


We can substitute this back into Eqn (A), giving: 
2.27 mA — 4.55.) = h —- 10mA 


1,(1+4.55) = 2.27mA+10mA 


I, = #2 = 2.21 mA 


So, again from Equation A: 

h = 2.21 mA — 10mA = —7.79mA 
and therefore 

Va = h.R = -17.1V 

and 


Vi = 2.21 mA x 10k = 22.1 V 

Our solution is Vj =22.1 V, h=2.21 mA, V= —17.1 V, 
Ig = —7.79 mA. We can now redraw the circuit, reversing the direction of 
the arrows where our solution gave a minus sign (Figure 5.4). A few seconds 
of calculator-punching demonstrates that nothing went wrong with the num- 
ber crunching, and the solution obeys the voltage and current laws. There 
are quicker ways to get to this result, but as a‘swiss army knife’ technique, this 
is a good one to have. Soon we get some better ones still. 
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Figure 5.3 Example 5.3 


2.21 mA 10 mA 


Figure 5.4 Solution to Example 5.3 


More about voltage and current sources 


The voltage and current sources that we considered above were ‘ideal’ — that is, 
we consider that they will supply their correct voltage or current, regardless of 
what load is placed on them. (As such, they have no real existence.) For the ideal 
voltage source, we could say that the change in voltage across it is zero for any 
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change in output current. This means that a notional quantity which we call its 
‘internal resistance’ is also zero, by Ohm’s Law. For the current source we could 
say that the change in output current is zero for any change in output voltage. 
Hence its internal resistance is infinite. Real voltage and current sources are not 
ideal, and we have a way to represent this in our circuits (see Figure 5.5). 

We give our ideal voltage source a series resistor, Rg. The closer this resistor is 
to a short circuit the closer the source is to ideal. If we connect a real voltage 
source to too low a load resistance the voltage across the load will drop (and the 
source could be damaged). 

The current source is given a parallel resistor, Rp; the closer this is to an open 
circuit, the better the source. If we connect a real current source to too high a 
load resistance the current through the load will drop. 


R 


+ 


Figure 5.5 Representation of non-ideal sources 


These circuit representations of real voltage and current sources are invaluable 
for circuit analysis, as we will now see. It is possible for any network of voltage 
sources, current sources and resistances to be replaced by either a single ideal 
voltage source with a series resistor, or a single ideal current source with a parallel 
resistor. 


Thévenin’s and Nortons equivalent circuits 
The techniques that we used in the last example of circuit analysis are fine for 
instances where we can get a solution for the circuit by writing two or three 
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simultaneous equations and solving them. If the network gets much more com- 
plicated than that, however, the amount of maths involved can get pretty tedious, 
and it can get time consuming to arrive at the correct result without making a nu- 
merical error. Also, we have only solved the network for one value of load resis- 
tance; if we want to see what happens with a different value, we must do the 
calculations again. This is where replacing whole lumps of circuit with an equiva- 
lent non-ideal current or voltage source is great. 

Here's how we go about finding the right values for our equivalent circuit: 

Replace with a voltage source (Thévenin's equivalent circuit): 


l. Cut the network at two places to isolate the section to be replaced. 

2. Calculate the voltage at the load terminals with no load connected (called the 
“open circuit voltage’ or Vry). 

3. Calculate the equivalent resistance looking into the load terminals when any 
voltage sources are replaced with a short circuit and any current sources with 
an open circuit (called the ‘output resistance’ or Rra). 


Example 5.4: What is the voltage across Ry in Figure 5.6? 


First we separate out the 12 Vand the 3 mA source, and combine then into a 
single voltage source( — Figure 5.7). The points where we cut are labelled A 
and B. Replacing the 12 V source with a short and the 3 mA one with an 
open, we get Rtu = 1k + 1k = 2k (Figure 5.8). When we calculate the open 
circuit voltage, we get 3 mA x 1k = 3 V across Rz, and nothing across R3, 
which has no current flowing in it. Hence Vry is 12-3 = 9 V. 

The equivalent circuit is replaced into the original in Figure 5.9. Things are 
getting easier! Now we can cut and replace at the load terminals themselves, 
L; and La. This time we'll replace with a current source. 

Looking into L; and L with both sources replaced by a short, we get 2k in 
parallel with 2k, so Ry is lk. (Figure 5.10). 

To calculate short circuit current, we replace Ry witha short, and then cal- 
culate the current through the two resistors; 2.5 mA and 4.5 mA as shown on 
the drawing, taking care to label directions correctly. Iy is then clearly the 
difference between the two (by Kirchhoff’s current law), 2 mA. So Figure 
5.11 shows the equivalent circuit with R; now connected. If R; is 1 kQ, parallel 
resistance with Ry is 500 Q, and voltage across R; is 1 V, terminal L; being 
most positive. 

Naturally we want to check, and the easiest way to do this is to redraw the 
original circuit, labelling in voltages and currents, using Ohm’s Law and vol- 
tage and current laws, and working backwards from Rj. If there is a problem 
it will become apparent. We find we are OK (see Figure 5.12). 

We now could find the current through any other load using our existing solu- 
tion — no need to do all that number-crunching again. 
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The network can now be replaced with an ideal voltage source equivalent to 
Vru, in series with a resistor equivalent to R TH. 
Replace with a current source (Norton’s equivalent circuit): 


l. Cut the network at two places to isolate the section to be replaced. 

2. Calculate the current at the load terminals when they are short circuited 
(called the ‘short circuit current’ or Jy). 

3. Calculate the equivalent resistance looking into the load terminals when any 
voltage sources are replaced with a short circuit and any current sources with 
an open circuit (called the ‘output resistance’or Ry). 


The network can now be replaced with an ideal current equivalent to Iy, in par- 
allel with a resistor equivalent to Ry. 


Figure 5.6 Example 5.4 
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Figure 5.7 Figure 5.6 redrawn before simplifying 


A circuit analysis toolkit 


Figure 5.8 Finding Ay, and V,,, 
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Figure 5.9 Vi, and Rin replaced 
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Figure 5.10 Finding Jy and Ry 
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Figure 5.12 Solution of Figure 5.6 


Part Two 


Resistive Circuits 
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6 Equivalent resistances 


Introduction 


Resistors can be bought in certain standard values. The ranges of values are com- 
monly called the E6, the E12 and the E24 series, the numbers denoting the quan- 
tity of values per decade of resistance. For building or repairing low voltage 
electronic circuits most workshops will stock a full range of E12 or E24 miniature 
resistors (i.e. 1/8 Wor 1/4 W power rating), usually l or 2% tolerance, plus a selec- 
tion of resistors rated at higher powers, which are available in combinations of 
E6 and E12 values. An additional range, E96, is also available, but these are more 
expensive, 0.1% tolerance, and few workshops will stock them as standard due 
to the large number of values. Also they are hard to obtain below 100 Q or over 
about 250k. 

The standard values are almost always fine, but once in a while you need a 
value that lies between two of them. This can be achieved by combining two com- 
ponents in series or parallel, their values being chosen so that the overall equiva- 
lent is near enough. 

It is evident that choosing the best pair of resistors for this purpose might in- 
volve a fair amount of trial and error with a calculator, and that several near so- 
lutions might exist. For this purpose, three “Tables of equivalent resistance’ are 
provided in the rest of this chapter. Table 6.1 is for E6, Table 6.2 for E12, and Table 
6.3 for E24. You should use the appropriate one for the range of components which 
you intend to use. 


Using the Tables for resistors 


Each table shows all achievable values between 1k and 10k with two resistors. s de- 
notes series connection and p denotes parallel. The tables are sorted in order of 
ascending equivalent resistance. 
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Example 6.1: Choose a pair of E24 resistors to give an equivalent resistance of 
7k7. 


From Table 6.1: 


Ry Ro PREL 
200R 7k5 1.03 
1k5 6k2 1.24 
3k 4k7 1.64 


There are plenty of others that would be close enough too. 
‘To get a value of less than 1k, or greater than 10k, you should scale all values by 
factors of ten as necessary. 


Example 6.2: Choose a pair of E24 resistors to form a resistance of 125k. 


RE R; sp Rg PREL 
1250 1k5 p %5 12 


125k is 1250 multiplied by 100, so resistors of 150k (1k5 times 100) and 750k 
(7k5 times 100), connected in parallel, form a resistance of 125k. 


Maximum power rating of the pair 

Each line of the table gives a value of Papi. Where each resistor of the pair is of 
the same power rating, this can be used to find the overall power rating of the 
pair. It is always a number between | and 2. For example, if a pair of 1/4 W re- 
sistors are used and Prpy has a value of 1.2 then the power rating of the pair is 
equal to: 


0.25 x 1.2 = 0.3 W 


In this way, the pair of resistors can be lumped and considered as a single 
circuit element. 


Tolerance of components 


If two components of the same tolerance are used the tolerance of the equivalent 
resistance is the same. 
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Using the Tables for capacitors and inductors 


Both inductors and capacitors are normally bought in combinations of the stand- 
ard E6 and El2 ranges. Like resistors, they can be combined in series or parallel 
to obtain non-standard values. As was discussed in Chapter 2, inductors in series 
and parallel obey the same rules as resistors, while capacitors in series behave like 
resistors in parallel, and vice-versa. 

Hence, the tables can be used to find equivalent capacitance or inductance. For 
capacitors, you should read p for s and s for p. 


Example 6.3: ‘To form a capacitor of 3nl using a range of 1%, E12 capacitors: 


Ry PREL 
2k7 1.14 
15k 1.26 
56k 1.06 


This gives three alternatives: 2n7 p 390p, 3n9 s 15n and 3n3 s 56n. All three 
form a capacitor of 3nl, 1%. However, as capacitors (and inductors) tend to 
increase in physical size with increasing value the first might be preferable. 


Table 61 E6 equivalent resistances 
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3083 | 3k3 p 47k |107 4850 | I50R s 4k7 1.03 
3147 | 3k3 p 68k |1.05 4920 | 220R s 4k7 1.05 
3195 | 3k3 p 100k | 1.03 5000 | l0k p 10k 2 

3197 | 4k7 p 10k |147 5030 | 330R s 4k7 1.07 
3200 | 1k S 2k2 |145 3170 | 470R s 4k7 1.1 
3229 | 3k3 p 150k | 1.02 9194 | 6k8 p 22k 1.31 
3251 | 3k3 p 220k | 1.02 5380 | 680R s 4k7 1.14 
3267 | 3k3 p 330k | 1.01 5500 | 2k2 s 3k3 1.67 
3333 | 33R s 3k3 10l 5638 | 6k8 p 33k 1,21 
3347 | 47R s 3k3 |101 5700 | 1k s 4k7 1.21 
3368 | 68R S 3k3 1102 9941 | 6k8 p 47k 1.14 
3400 | 100R s 3k3 | 103 6000 | 10k p 15k 1.67 
3400 | 6k8 p 6k8 |2 6182 | 6k8 p 68k 1.1 
3450 | I50R s 3k3 | 1.05 6200 | 1k5 s 4k7 1.32 
3520 | 220R s 3k3 | 1.07 6367 | 6k8 p 100k | 1.07 
3579 | 4k7 p I5k | 1.3) 6505 | 6k8 p 150k | 105 
3630 | 330R s 3k3 of Ld 6596 | 6k8 p 220k | 1.03 
3700 | 1k5 s 2k2 |168 6600! 3k3 s 3k3 2 

3770 | 470R s 3k3 «114 6663 | 6k8 p 330k | 1.02 
3873 | 4k7 p 22k 121 6703 | 6k8 p 470k | 1.01 
3980 | 680R s 3k3 [1.21 6733 | 6k8 p 680k | 101 
4048 | 6k8 p 10k =| 1.68 6868 | 68R s 6k8 1.01 
4114 | 4k7 p 33k |114 6875 | 10k p 22k 1.45 
4273 | 4k7 p 47k  |1] 6900 100R s 6k8 1.01 
4300 | 1k S 3k3 113 6900; 2k2 s 4k7 1.47 
4396 | 4k7 p 68k | 1.07 6950 | 150R s 6k8 1.02 
4400 | 2k2 S 2k2 |2 7020 | 220R s 6k8 1.03 
4489 | 4k7 p 100k | 1.05 7130 | 330R s 6k8 1.05 
4557 | 4k7 p 150k | 1.03 7270 | 470R s 6k8 1.07 
4602 | 4k7 p 220k | 1.02 7480 | 680R s 6k8 1.1 
4634 | 4k7 p 330k | 1.01 7500 | 15k p 15k 2 

4653 | 4k7 p 470k | 1.01 7674 | 10k p 33k 1,3 
4679 | 6k8 p I5k |145 7800 | Ik s 6k8 1,15 
4747 | 47R S 4k7 ¡LOL 8000 | 3k3 s 4k7 17 
4768 | 68R s 4k7 |101 8246 | l0k p 47k 1.21 
4800 | 100R s 4k7 [1.02 8300 | 1k5 s 6k8 1.22 
4800 | 1k5 S 3k3 |145 8718 | l0k p 68k 1.15 
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Table 6.2 E12 equivalent resistances 


R; s/p Ro PRE Rg R; s/p Ro PREL | 


1010 S 1158 | 1k2 p 33k 1.04 
1010 S 1164| 1lk2 p 39k 1.03 
1012 S 1165 | 1k8 p 3k3 1.55 
1015 S 1170 | 1k2 p 47k 1.03 
1018 s 1175 Ik2 p 56k 1.02 
1020 p 1179: 1k2 p 68k 1.02 
1022 S 1180 | 180R s Ik 1.18 
1027 S 1183 | 1k2 p 82k 1.01 
1030 S 1183 | lkō p 5k6 1.27 
1031 p 1186 1k2 p 100k | 101 
1033 s 1188; 1k2 p 120k | 101 
1039 S 1210 | 390R s 820R | 1.48 
1040 S 1212 I2R s 1k2 1.01 
1047 S 1212 | 2k2 p 2k7 1.81 
1047 p 1215 5R s 1k2 1.01 
1056 s 1218 | I8R s 1k2 1.02 
1068 S 1220| 220R s lk 1.22 
1070 S 12221 22R. s 1k2 1.02 
1071 p 1227 | 27R s 1k2 1.02 
1080 p 1229; 1k5 p 6k8 1,22 
1082 S 1232  1k8 p 3k9 1.46 
1083 p 1233; 33R s 1k2 1.03 
1090 S 1239; 39R s 1k2 1.03 
1091 p 1240; 560R s 680R | 1.82 
1100 S 1247; 47R ss 1k2 1.04 
1100 p 1256; 56R s 1k2 1.05 
1111 p S 
1120 s p 
1120 S S 
1125 p s 
1137 p S 
1138 p S 
1149 p p 
1150 S p 
1150 S S 

à P 


1150 
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Ro sip Ra 


1779 | 1k8 p 150k | 1.01 2070 | 270R s k8 | L15 
1782 | 1k8 p 180k 10l 2076| 3k3 p  5k6 |159 
1788 | 3k3 p  3k9 |185 | | 2083| 2k2 p 39k | 1.06 
1803| 2k2 p 10k |12 | | 202| 2k2 p 47k | 1.05 
1818 | 18R s 1k8 |101 2117 | 2k2 p 56k |104 
1820 | 820R s Ik |182 | | 2026| 2k7 p 10k | 1.27 
1822| 2R s Ik8 |101 2130 | 330R s ik8 | 118 
1822 | 2k7 p 5k6 |148 | | 2131 | 2k2 p 68k | 1.03 
1827 | 27R s lk8 | 102 | | 2131 | 3k9 p  4k7 |183 
1830 | 330R s Ik5 |122 | | 2143| 2k2 p 82k |103 
1833 | 33R s lk8 |102 | | 2153| 2k2 p 100k | 1.02 
1839 | 39R s Ik8 | 102 | | 2160 | 2k2 p 120k | 1.02 
1847| 47R s Ik8 |103 | | 2168| 2k2 p 150k | LOL 
1856| 56R s Ik8 |103 | | 2173 | 2k2 p 180k | 1.01 
1859| 2k2 p 12k |118 | | 278| 2k2 p 220k |10 
1868| 68R  s Ik8 | 1.04 | | 2180 | 680R s Ik5 | 145 
1880 | 680R s Ik2 |157 | | 2190 | 390R s Ik8 |122 
1882 | 82R s Ik8 1105 | | 2200] Ik s Ik2 | 1.83 
1890 | 390R s Ik5 1126 | | 2204| 2k7 p 12k | 1.23 
1900 | 100R s 1k8 | 106 | | 2222| 2R s 2k2 | 1.01 
1919 | 2k2 p  l5k |115 22292 | 3k3 p  6k8 | 149 
1920 | 120R s Ik8 |107 | | 2227| Q7R s 2k2 |101 
1933 | 2k7 p  6k8 |14 2233 | 33R s 2k2 | 1.02 
1939| 3k3 p  4k7 |17 2939| 39R s 2k2 |102 
1950 | 150R s Ik8 |108 | | 2247| 47R s 2k2 | 1.02 
1950 | 3kK9 p  3k9 2 2256 | 56R s 2k2 | 1.03 
1960 | 2k2 p 18k |112 2268 | 68R s 2k2 | 1.03 
1970 | 470R s Ik5 |13] 22970 | 470R s Ik8g |126 
1980 | 180R s k8 |11 2282 | 82R s 2k2 | 104 
2000 | 1k s Ik |2 2988| 2k7 p bk | 118 
2000| 2k2 p 2k |L 2999! 3k9 p 5k6 |17 
2020| 220R s Ik8 |112 2300! 100R s 2k2 |105 
2020| 820R s Ik2 |168 | | 2320! 120R s 2k2 |105 
2031 | 2k7 =p  8k2 |133 | | 2320] 820R s Ik5 |155 
2034| 2k2 p 27k |108 | | 2348| 2k7 p 18k |115 
2060| 560R s Ik5 |137 | | 2350| 150R s 2k2 | 1.07 
2063 2k2 p  33k |107 | | 2350| 4k7 p 47 |2 
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s/p 


II OS A De 


Ro 


8k2 
1k8 
2k2 
1k2 
22k 
2k2 
27k 
2k2 
6k8 
1k8 
10k 
33k 
Ik5 
39k 
2k2 
47k 
5k6 
56k 
12k 
2k2 
68k 
82k 
1k8 
100k 
120k 
8k2 
150k 
180k 


220k | 


2k2 
270k 
1k5 
15k 
2k7 
2k7 
2k7 
2k7 


PREL 


1.4 
1.31 


Rg 


2756 
2760 
2768 
2779 
2782 
2789 
2800 
2800 
2800 
2806 
2820 
2850 
2870 
2880 
2880 
2920 
2941 

2943 
2970 
2988 
3000 
3000 
3000 
3020 
3030 
3043 
3071 

3083 
3090 
3095 
3116 

3147 

3170 

3172 

3195 

3197 

3200 
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Pr R sp R 


p 3k9 p 68k 1.06 
p 390R s 3k3 1.12 
p Ik S 2k7 1.37 
p Ik5 s 2k2 1.68 
p 6k8 p 8k2 1.83 
S 3k9 p 82k 1.05 
p 4k7 p 18k 1.26 
p 3k9 p 100k | 1.04 
S 470R s 3k3 1.14 
p 3k9 p 120k | 1.03 
p 3k9 p 150k | 1.03 
S 3k9 p 180k | 1.02 
s 5k6 p 12k 1.47 
S 3k9 p 220k | 1.02 
S 3k9 p 270k | 101 
S 3k9 p 330k | 1.01 
p 560R s 3k3 1.17 
S 3k9 p 390k | 1.01 
S 4k7 p 22k 1.21 
S lk2 s 2k7 1.44 
s 39R s 3k9 1.01 
p 47R s 3k9 1.01 
p 56R s 3k9 1.01 
S 68R s 3k9 1.02 
S 680R s 3k3 1.21 
S 82R s 3k9 1.02 
p 100R_ s 3k9 1.03 
S 1k8 s 2k2 1.82 
S 4k7 p 27k 1.17 
p I20R s 3k9 1.03 
S 6k8 p 10k 1.68 
p I50R s 3k9 1.04 
p 5k6 p I5k 1.37 
S I80R s 3k9 1.05 
p 8k2 p 8k2 2 

S 4k7 p 33k 1.14 
p 220R s 3k9 1.06 
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Re |R sp Ra Re |R p R 


4120 | 820R s 3k3 11.25 | (4788 | 5k6 p 33k |117 
4170 270R s 3k9 |107 | 14800 | 100R s 4k7 |102 
4195 | 4k7 p 39k |112 | |4800 | 1k5 s 3k3 |145 
4200 | 1k5 s 2k7 [L56 | |4820 | 120R s 4k7 |103 
4230 | 330R s 3k9 [108 | |4850 | 150R s 4k7 |103 
4271 |5k6 p  l8k  |13 4871 | 8k2 p 12k |168 
4273 |4k7 p 4k |H 4880 | 180R s 4k7 |104 
4290 | 390R s 3x9 |L 4897 | 5k6 p 39k 114 
4300 | Ik S 3x3 J13 4900 | Ik s 3k9 [126 
4336 | 4k7 p 56k 1108 | [4900 | 2k2 s 2k7 L8] 
4340 | 6k8 p 12k 157 | |4920 | 220R s 4k7 |105 
4370 470R s 3k9 1112 | 14935 | 6k8 p 18k |138 
4396 | 4k7 p 68k |107 | 14970 | 270R s 4k7 |106 
4400 2k2 s 2k2 |2 5000 | 10k p 10k l2 

4445 14k7 p 82k |106 | 15004 | 5k6 p 4k [L2 
4460 | 560R s 3k9 [114 | |5030 | 330R s 4k7 1107 
4464 | 5k6 p 22k |125 | [5090 | 390R s 4k7 |108 
4489 | 4k7 p 100k 11.05 | |5091 | 5k6 p 56k Jll 
4500 | Ik2 s 3k3 |136 | |5100 | 1k2 s 3k9 |131 
4500 | 1k8 s 2k7 |167 | |5100 | 1k8 s 3k3 |155 
4505 | 8k2 p 10k [182 | |5170 | 470R s 4k7 | Ld 
4523 | 4k7 p 120k |104 | 5174 | 5k6 p 68k  |108 
4557 (4k7 p 150k |103 | 15194 | 6k8 p 22k [131 
4580 | 680R s 3k9 |117 5242 | 5k6 p 82k |107 
4580 | 4k7 p 180k (1.03 | |5260 | 560R s 4k7 |112 
4602 | 4k7 p 220k 102 | |5302 | 8k2 p 5k 155 
4620 4k7 p 270k 102 | [5303 | 5k6 p 100k |106 
4634 | 4k7 p 330k |10 5350 | 5k6 p 120k |105 
4638 | 5k6 p 2k |2 5380 | 680R s 4k7 |M 
4644 | 4k7 p 390k |LOl 5398 | 5k6 p 150k |104 
4653 | 4k7 p 470k |LOIl 5400 | 1k5 s 3k9 |138 
4679 | 6k8 p 15k |145 | [5400 | 2k7 s 2k7 2 

4720 | 820R s 3k9 1.21 5431 | 5k6 p 180k 103 
4747 47R s  4k7 J0 5432 | 6k8 p Xk |L 
4756 56R s 4k7 JLO 5455 | 10k p 12k |183 
4768 68R s  4k7 {1.01 5461 | 5k6 p 220k [103 
4782 82R s 4k7 |102 | 15486 | 5k6 p 270k |102 
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Re R p Re Re R sp R 


7200 | 12k p 18k {167 | [8308 p 1.44 
7270 | 470R s  6k8 [L07 | |8320 s 1.01 
7297 | 10k p 27k [137 | |8350 s 1.02 
7318 |8k2 p 68k |112 | |8380 À 1.02 
7360 | 560R s  6k8 |1.08 | |8420 s 1.03 
7400 | 1k8 s 5k6 |132 | 18470 S 1.03 
7400 | 2k7 s 4k7 [157 | 18485 p 1.18 
7455 |8k2 p 82k j 8530 s 1.04 
7480 | 680R s 6k8 LI 8590 s 1.05 
7500 |I5k p Ik %2 8600 s 1.26 
7579 |8k2 p 100k (108 | |8600 s 1.83 
7620 | 820R s 6k8 |12 | {8670 S 1.06 
7674 |10k p 33k {13 8718 p 1.15 
7676 | 8k2 p 120k |L07 | |8760 s 1.07 
7765 | 12k p 22k |155 | [8800 p 1.36 
7775 |8k2 p 150k |105 | 18880 À 1.08 
7800 | 1k s 6k8 |115 | [8900 s 1.59 
7800 |2k2 s 5k6 |139 | [8913 p 1.12 
7800 |3k9 s 3k9 |2 8919 p 1.68 
7843 | 8k2 p 180k |105 | |9000 s 1.32 
7905 | 8k2 p 20k |104 | |9000 p 2 
7958 | 8k2 p 270k !103 | [9020 s Ll 
7959 |10k p 39k (126 | |9091 p Ll 
8000 |1k2 s 6k8 |118 | |9176 p 1.31 
8000 | 3kK3 s 4k7  |17 9200 s 1.12 
8001 | 8k2 p 330k |102 | |9231 p 1.08 
8031 | 8k2 p 390k 11.02 | |9375 p 1.07 
8059 |8k2 p 470k |102 | (9400 S 1.15 
8082 | 8k2 p 560k |101 9400 s 2 
8102 | 8k2 p 680k |101 9474 p 1.06 
8119 |8k2 p 820k |10 9500 s 1.4 
8182 15k p 18k [183 | |9500 s 17 
8246 | l0k p 47k 12 9559 p 1.26 
8282 | 822R s  8k2 JLO 9565 p 1.05 
8300 | 100R s 8k2 |101 | 19643 p 1.04 
8300 | 1k5 s 6k8 [122 | 19643 p 1.56 
8300 |2k7 s 5k6 |148 | |9700 s 1.18 
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Table 6.3 £24 equivalent resistances 


1029 | 1kl 
1029 | 1k8 
1030 | 30R 
1030 | 120R 
1030 | 470R 
1031 | 1k5 
1033 | 33R 
1034 | 1k2 
1036 | 36R 
1036 | 1k3 


1001 | IR s 9IOR | 11 
1005 | 1k2 p  6k2 | 119 
1005| 1kK6 p  2k7 | 159 
1008 Ikl p 12k | 109 
1010 | OR s ik | 101 
1010 | 100R s 9I0R | Ll 
1010 | 330R s 680R | 1.49 
1010 | 390R s 620R | 1.63 
1011 | UR s Ik | 101 
1012 | WR s Ik | 10! 
1013 | 3R s ik | 101 
1014 | Iki è p 13k | 108 
1015 | 15R ss Ik | 102 
1016 | 16R s Ik | 1.02 
1018 | 18R s Ik | 102 
1018 | 1k3 p  4k7 | 128 
1020| 20R s Ik | 1.02 
1020 | ORs JIOR | 1.12 
1020 | 200R s 820R | 1.24 
1020| 270R s 750R | 1.36 
1020 | 5IOR s 510R | 2 
1020! 1k2 p 6k8 | 118 
1022 | 2R s Ik | 102 
1024| 244R s Ik | 102 
1025; Ikl p 5k | 107 
1027 | 2R s Ik | 103 
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R sip Re | Pay R sp Re | Pie 


1075 | 1kK3 p  6k2 |12 1115 | 5R s 
1077 | 1kl p 5k |102| |116 | 16R s 
1078 | 1k6 p  3k3 |148| | 116 | 1k2 p 
1079 | ikl p 56k |102| | 1118 | 18R s 
1080 | 330R s 750R | 144 | | 1120] 20R s 
1080 | 1k8 p  2k7 |167| | 120] 120R_ s 
1081 | ikl p 62k |102| |1120 | 300R_ s 
1082 | 82R ss Ik |108| |120 | 560R s 
1082 | ikl p 68k |102| |122 |2R s 
1082 | 1k? p Ik |H 1122 | 1k3 p 
1083 | 1k5 p 3k9 |138| |124| 2R s 
1084 | Iki! p 7k | LOL 1125 | 1k2 p 
1085 | Iki p 82k | 10! 1125 | 1k8  p 
1087 | ikl è p 99k |10 1127 | 27R s 
1088 | Iiki p 100k | 101 1130 | 30R s 
1089| 1kl =p Ok |10 1130 | I30R s 
1090 | 180R s 9IOR | 12 1130 | 220R s 
1090 | 270R s 820R | 133 | | 1130 | 50R s 
1090 | 470R s 620R | 176 | | 1132 | 1k2 p 
1091 | AR s Ik |109] | 1133 | 33R s 
1091 | 1k2 p lk | 1135 | 1k6  p 
1091 | 1k3 p 6k8 |119 1136 | 36R s 
1091 | 2k p  2k4 |183| | 1137} 1k5 p 
1099 | 1k2 p 13k |109} | 138 | 1k2 p 
1100 | 100R s Ik | Ll 1138 | 1k3  p 
1100 | 2k2 p  2k2 |2 1139 | 39R s 
1108 | 1k3 p  7k5 |117 1140 | 390R s 
1108 | 1k6 p  3k6 |144! |1143 |43R s 
1110 | HOR s Ik | Ll 1143 | 1k2 p 
1110 | 200R s 9IOR | 122 | |1147 | 47R s 
1110 | 360R s 750R | 148| |1148 | 2k2 p 
1110 | 430R s 680R | 163 | | 1149 | 1k2 p 
u | UR s lkl | 10l 1149 | 2k p 
II | 1k2 p  l5k |108| | 150) 150R s 
1112 | 2R s Ikl | 1.01 1150 | 240R s 
1112 | 1k5 p  4k3 | 135] | 1150 | 330R s 

S S 


lkl 1.01 1150 | 470R 
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1150 | 1k3 10k 1.13 1191 | SIR 
1151 | SIR Iki 1.05 1194 | 1k6 
1154 | 1k2 30k 1.04 1196 | 1k3 
1156 | 56R 1k1 1.05 1200 | 100R 
1158 ¡ 1k2 33k 1.04 1200 | 200R 
1159 | 1k5 5kl 1.29 1200 | 1k8 
1160 | 160R lk 1.16 1200 | 2k 
116! | 1k2 36k 1.03 1200 | 2k4 
1162 | 62R 1k1 1.06 1202 | 1k3 
1163 | 1k3 11k 1.12 1208 | 1k5 
1164 | 1k2 39k 1.03 1210 | HOR 
1165 | 1k8 3k3 1.55 1210 | 300R 
1166 | 1k6 4k3 1.37 1210 | 390R 
1167 | 1k2 43k 1.03 1212 | 12R 
1168 | 68R lk! 1.06 1212 | 1k3 
1170 | 1k2 47k 1.03 1212 | 2k2 
1172 | 1k2 51k 1.02 1213 | 13R 


1175 | 75R Ik} 1.07 1216 | 16R 
1175 | 1k2 56k 1.02 1218 | 18R 
1177 | 1k2 62k 1.02 1218 | 1k6 
1179 | 1k2 68k 1.02 1220 | 20R 
1180 | 180R 1k 1.18 1220 | 120R 
1180 | 270R 910R | 13 1220 | 220R 
1180 | 360R 820R | 1.44 1220 | 470R 
1180 | 430R 750R | 1.57 1221 ¡ 1k3 
1180 | 560R 620R | 19 1222 | 22R 
1181 | 1k2 75k 1.02 1224 | 24R 
1182 | 82R lkl 1.07 1227 | 27R 
1182 | 1k3 13k 1.1 1227 | 1k3 
1183 | 1k2 82k 1.01 1229 | 1k5 
1183 | 1k5 5k6 1,27 1230 | 30R 
1184 | 1k2 91k 1.01 1230 | 180R 
1186 | 1k2 100k | 1.01 1232 ¡ 1k8 
1187 | 1k2 110k | 1.01 1233 | 33R 
1188 | 1k2 120k | 1.01 1233 | 1k3 
1190 | 5IOR 680R | 1.75 1236 | 36R 
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sp Ra | Prev Ri sip R | Pre 


s Ik2 |103| |1278 | 1k} p 75k | 102 
s Ik | 124 | | 1280] 180R s lkl | 116 
s 910R | 136! | 1280] Ik} p 82k | 102 
s 680R | 182 | | 1282 | 82R s 1k2 | 1.07 
s 620R| 2 1282 | 1k3 p 9k | 101 
p 27k |105| | 1283] 1k3 =p 100k | 101 
s Ik2 |104| |1285 1k3 p HOk |10 
p  5k6 |129) |1286| 1k3 p 120k |10 
p  3k3 | 16 1286 | 2k p 3k6 |156 
p 30k |104| | 1287) 1k3 p 130k | 101 
s 1k2 |104| | 1288! 1x5 p  9kI | LI6 
s ikl | 114 1290 | 470R s 820R | 157 
s  B20R |152| |1291 | IR s Ik2 | 1.08 
P  7k5 | 12 1295 | 1k6 p  6k8 | 124 
s Ik2 |104| | 1300] 100R s lk2 | 1.08 
p 33k | 104] | 1300] 200R s lkl | 118 
p 36k | 104] | 1300| 300R s Ik | 13 
s lk2 | 105 | | 1300! 390R s 9IOR | 143 
p 39k |103| | 1300) 620R s 680R | 1.91 
S ikl | 115 1302 | 1k8 p  4k7 |138 
S 750R | 168 | | 1304) 1k5 p Wk | 115 
s ik2 |105) |1310 | IOR s Ik2 | 1.09 
p 43k | 103) | 1310 | 560R s 750R | 1.75 
p 47k | 103] | 1313 | BR s 1k3 | 1.01 
s Ik2 |106| |1315 | 5R s Ik3 | 1.01 
p  5Ik | 103) | 1316 | 16R s 1k3 | 1.01 
p  8k2 | 118) | 1318 | 18R s 1k3 | 1.01 
p  4k3 |142| | 1319 | 1k6 p  7k5 | 121 
p 3k | 173] | 1320) 20R s 1k3 | 1.02 
s Ik |127| |1320 | 120R s k2 | 11 
s 910R | 14 1320 | 220R s Ikl | 12 
p 56k | 102] (1320 | 1k5 p lk | 114 
p  2k7 | 189} | 1320} 2k2 p 3k3 | 167 
p  6k2 | 126] | 1322) 2R s 1k3 | 1.02 
p 62k |102| | 1322 | 2k p  3k9 |15 
s Ik2 |106] | 1324 | 24R s 1k3 | 1.02 
p 68k | 102; | 1327; 27R_ s 1k3 | 1.02 
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30R ss Ik3 | 102| | 1380] 560R s 820R | 1.68 
I30R s k2 | LI 1382 | 82R s 1k3 | 1.06 
330R s lk | 133] | 1385| 1k5  p 18k | 108 
5IOR s 820R | 162 | | 1389| 2k4 p 3k3 | 173 
Ik8 p  5kl | 135| | 1390; 390R s Ik |139 
33R s Ik3 | 103) |139| AR s 1k3 | 107 
ikä p Ik |183 1395 | 1k5 p 20k | 1.08 
2k4 p 3k | 18 1395 | 1k8 p  6k2 |129 
36R ss 1k3 | 103} | 1397 | 1k6 p Uk |15 
BR ss Ik3 | 103| | 1400] 100R s 1k3 | 108 
Ik6 p  8k2 | 12 1400 | 200R s 1k2 | 117 
MOR s ikl | 122| | 1400| 300R s lkl | 127 
430R s 9IOR | 147 | | 1403| 2k p  4k7 |143 
4BR s Ik3 | 103| | 1404| 1k5 p 22k |107 
Ik5  p Bk | 112 1407 | 2k2 p  3k9 | L56 
47R s Ik3 | 104| | 1410 | H0R s 1k3 | 1.08 
550R s 1k2 | 113 1412 | 1k5 p 24k | 1.06 
2k7 p 27 |2 1412 | 1k6 p 12k | 113 
5R è s 1k3 | 104) | 1420| 120R s 1k3 | 109 
56R č s 1k3 | 104) | 1420| 220R s 1k2 | 118 
I60R s Ik2 | 113 1420 | 510R s QIOR | 1.56 
360R s ik | 136} | 1421 | 1k5 p 2k | 106 
680R s 680R | 2 1421 | 2k7 p 3k |19 
Ik6 p  9kl |118 1493 | 1k8 p  6k8 | 1.26 
62R ss k3 | 1.05] | 14295] 1k6 p Bk | 112 
Ik8 p  5k6 |132| | 1429] 1k5 p 30k | 1.05 
Ik5 op bk | 1430 | 130R s 1k3 | 11 
2k D  4k3 | 147! | 1430| 330R s Ikl | 13 
2k2 p  3k6 | 161 1430 | 430R s Ik |143 
68R s Ik3 | 105| | 1430| 680R s 750R | 1.91 
270R s Iki | 1.25} | 1435| 1k5 p 33k |105 
620R s 750R | 183 | | 1437 | 2k p 5k} | 139 
ks p 16k | 109] | 1440] 0R s 1k2 | 12 
5R s Ik3 | 106| | 1440| 620R s 820R | 1.76 
Ik6 p 10k | 116 1440| 1k5 p 36k | 104 
I80R s Ik2 | 115 14401 2k4 p  3k6 | 167 
470R s 9IOR | 1.52 | | 1444| 1k5 p 


39k 1.04 
7] 


ESE 


1446 
1449 
1450 
1452 
1454 
1455 
1455 
1457 
1460 
1460 
1461 

1465 
1468 
1469 
1470 
1470 
1470 
1471 

1473 
1474 
1476 
1476 
1478 
1480 
1480 
1481 

1481 

1483 
1485 
1485 
1486 
1490 
1492 
1499 
1500 
1500 
1500 


1k6 
1k5 
I50R 
1k8 
1k5 
1k6 
2k2 
Ik5 
I60R 
360R 
1k5 
1k5 
Ik5 
1k6 
270R 
470R 
560R 
Ik5 
1k5 
2k 
1k5 
1k8 
1k5 
180R 
Ik5 
lk5 
1k6 
1k5 
1k5 
2k7 
2k4 
390R 
lk6 
2k2 
200R 
300R 
680R 
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15k 
43k 
1k3 
7k5 
47k 
16k 
4k3 
5Ik 
1k3 
lkl 
56k 
62k 
68k 
18k 
1k2 
ik 
910R 
75k 
82k 
5k6 
91k 
8k2 
100k 
1k3 
110k 
120k 
20k 
130k 
150k 
3k3 
3k9 
1k1 
22k 
4k7 
1k3 
1k2 


820R | 1.83 | 


112 
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1.11 
1.03 
1.12 
1.24 
1.03 
1.1 
1.51 
1.03 


1.33 
1.03 
1.02 
1.02 
1.09 
1.23 
1.47 
1.62 
1.02 
1.02 
1.36 
1.02 
1.22 
1.02 
1.14 
1.01 
1.01 
1.08 
1.01 
1.01 
1.82 
1.62 
1.35 
1.07 
1.47 
1.15 
1.25 
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CAC: |a p Re 


1551 | 5IR s Ik5 | 103! | 1608| 2k p  8k2 |12 
1551 | Ik6 p 5Ik | 103) | 1610 | MOR s Ik5 | 107 
1556 | 56R s Ik5 | 104) | 1610 | 5IOR s ikl | 146 
1556 | Ik6 p 56k |103| |1616 | 16R s Ik6 | 101 
1560 | 360R s Ik2 | 13 1618 | 18R s Ik6 | 101 
1560 | 560R s Ik | 156; | 1618) 1k8 p 16k | Ll 
1560 | 1k6 p 62k | 103] | 1620; 2R s Ik6 | 1.01 
1562| 62R_s s Ik5 | 104| | 1620] 120R s lk5 | 108 
1563| 1x6 p 68k | 102| | 1620| 620R s Ik | 162 
1565 | 1kB p 12k |15 1622| 2R s Ik6 | 1.01 
1567 | 1K6 p 75k | 102] | 1624| 24R s Ik6 | 1.02 
1568| 68R s Ik5 | 105) | 1624| 2k2 p  6k2 | 1.35 
1569 | 1k6 p 82k |102| | 1627| 2R s Ik6 | 1.02 
1570 | 270R s 1k3 | 121 1630 | 30R s Ik6 | 1.02 
1570 | 470R s Iki | 143| | 1630| I30R s lk5 | 109 
1570 | 750R s 820R | 1.91 1630 | 330R s Ik3 | 125 
1571 | 3k p  3k3 | 19 1630 | 430R s 1k2 | 136 
1572 | 1k6 p 91k |102| | 1632! 2k4 p 5k | 147 
1575 | 735R s Ik5 | 105 | | 1633| 33R s Ik6 | 1.02 
1575 | 1k6 p 100k | 102| |1636| 36R s Ik6 | 1.02 
1577 | 1k6 p 10k | 101 1636 | 1x8 p 18k |L 
1579 | 1k6 p 120k | 101 1636 | 3k p  3k6 | 183 
1579 | 2k p  7k5 |127| |1639| 39R s Ik6 | 1.02 
1579, 2k2 p 5k6 | 139| | 1640| 820R s 820R | 2 
1581 | 1k6 p 130k | 1.01 1640 | 2k p 9% 12 
1581 | 1k8 p Bk |14 1643 | 43R s Ik6 | 103 
1582 | 82R s Ik5 | 105) | 16471 47R s Ik6 | 103 
1583 | 1kK6 p 150k | 101 1650 | 150R s Ik5 | 11 
1584 1k6 p 160k | 1.01 1650 | 3k3 p 3k3 |2 
1589 | 2k4 p  4k7 | 15 1651 | 5R s Ik6 | 103 
1590| 390R s Ik2 | 133) | 1651 | 1k8 p 20k |109 
1590| 680R s J0R | 175 1656 | 56R s Ik6 | 1.03 
1591 | AR s ks | 106 | | 1659| 2k7 p 4k3 | 163 
1595| 2k7 p  3k9 169 | | 1660| 160R s Ik5 | LU 
1600 100R s Ik5 | 107 1660| 360R s 1k3 | 128 
1600| 300R s Ik3 | 123| | 1660| 560R s lkl | 151 
1607| 1k8 p 5k | 112 1660| 750R s 9IOR | 1.82 


Table 6.3 E24 equivalent resistances 77 


R, s/p Re | Rk, sp Ro 
1662 | 62R S 1733 | 2k p 13k 1.15 
1662 | 2k2 p 1734 | 1k8 p 47k | 104 
1664 | 1k8 p 1735 | 2k2 p 8k2 | 1.27 
1667 | 2k p 1739 | 1k8 p 51k 1.04 
1668 | 68R S 1740 | 240R s 1k5 1.16 
1670 | 470R s 1744 | 1k8 p 56k | 1.03 
1674 | 1k8 p 1749 | 1k8 p 62k | 1.03 
1675 | 735R S 1750 | I50R s lk6 1.09 
1680; 180R s 1750 | 750R s lk 1.75 
1680 | 680R s 1754 | 1k8 p 68k | 1.03 
1680 | 2k4 p 1758 | 1k8 p 75k 1.02 
1682 | 82R S 1760 | 160R s 1k6 1.1 
1688 | 1k8 p 1760 | 560R s 1k2 1.47 
1690 | 390R s 1761 | 1k8 p 82k | 1.02 
1691 | SIR S 1765 | 1k8 p 91k 1.02 
1692 | 2k p lik 1.18 1765 | 2k p 15k 1.13 
1696 | 3k p 3k9 | 177 1765 | 2k7 p 5kl 1.53 
1698 | 1k8 p 30k | 106 1767 | 3k p 4k3 |17 
1700 | 100R s 1k6 1.06 1768 | 1k8 p 100k | 1.02 
1700 | 200R s 1k5 1.13 1770 | 270R s 1k5 1.18 
1701 | 2k2 p 7k5 | 1,29 1770 | 470R s 1k3 1.36 
1707 | 1k8 p 33k | 1.05 1771 | 1k8 p ll0k | 1.02 
1710 S 1772 | 2k2 p 9kl 1.24 
1710 S 1773 | 1k8 p 120k | 1.02 
1714 p | 1774 | 2k4 p 6k8 | 1.35 
1714 p | 1775 | 1k8 p 130k | 1.01 
1715 p 1778 | 2k p l6k 1.13 
1720 S 1779 | 1k8 p 150k | 1.01 
1720 S S 1k6 LH 
1720 S S lkl 1.62 
1721 p p 160k | 1.01 
1722 p p 180k | 1.01 
1728 p p 3k9 | 1.85 
1730 S | S 1k6 1.13 
1730 S S Ik5 1.2 
1730 p 18k 1.11 
1730 p 3k6 |2 
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1803 | 2k2 p 10k 1.22 1870 | 270R s 1k6 1.17 
1810 | SIOR s 1k3 1.39 1872 | 3k6 p 3k9 | 1.92 
1818 | 18R S 1k8 1.01 1875 | 75R S 1k8 1.04 
1818 | 2k p 20k | 11 1875 | 2k p 30k | 1.07 
1818 | 2k4 p 7k5 | 132 1880 | 680R s 1k2 1.57 
1820 | 20R S 1k8 1.01 1881 | 2k7 p 6k2 | 1.44 
1820| 220R s 1k6 1.14 1882 | 82R S 1k8 1.05 
1820; 620R s 1k2 1.52 1882 | 2k2 p 13k 1.17 
1820 | 820R, s Ik 1.82 1886 | 2k p 33k 1.06 
1820| MOR s 9I0R | 2 1889 | 3k p 5k1 1.59 
1822 | 22R S 1k8 1.01 1890 | 390R s 1k5 1.26 
1822 | 2k7 p 5k6 | 148 1891 | SIR S 1k8 1.05 
1824 | 24R S 1k8 1.01 1895 | 2k p 36k | 1.06 
1827 | 27R S 1k8 1.02 1899 | 2k4 p 9kl 1.26 
1830 | 30R S 1k8 102; | 1900| 100R s 1k8 1.06 
1830 | 330R s 1k5 1.22 1900 | 300R s 1k6 1.19 
1831 | 3k p 4k7 | 164 1902 | 2k p 39k | 105 
1833 | 33R S 1k8 1.02 1910 | HOR s 1k8 1.06 
p 1910 | HOR s lk 1.91 
p 1911 | 2k p 43k 1.05 
s 1918 | 2k p 47k 1.04 
S 1919 | 2k2 p 15k 1.15 
S 1920 | 120R s 1k8 1.07 
S 1920 | 620R s 1k3 1.48 
p 1920 | 820R s 1k1 1,75 
S 1925 | 2k p 51k 1.04 
S 1930 | 130R s 1k8 1.07 
S 1930 | 330R s 1k6 1.21 
S 1930 | 430R s 1k5 1.29 
p 1931 | 2k p 56k | 1.04 
p 1933 | 2k7 p 6k8 | 14 
S 1934 | 2k2 p l6k 1.14 
S 1935 | 2k4 p 10k 1.24 
S 1938 | 2k p 62k | 1.03 
p 1939 | 3k3 p 4k7 | 17 
p 1943 | 2k p 68k | 1.03 
S 1948 | 2k p 75k 1.03 
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2100 | 100R s 2k 1.05 2168 p 
2100 | 300R s 1k8 1.17 2170 | 2k2 p 
2100 | 1k S lkl 1.91 2173 | 2k2 p 
2102 | 2k2 p 47k 1.05 2176 | 2k2 p 
2109 | 2k2 p 5lk 1.04 2178 | 2k2 p 
2110 | HOR s 2k 1.06 2180 | 180R s 
2110 | SIOR s 1k6 1.32 2180 | 680R s 
2110 | 9I0OR s 1k2 1.76 2182 | 2k4 p 
2110 | 3k6 p 5k1 1.71 2190 | 390R s 
2117 | 2k2 p 56k | 1.04 2191 | 3k6 p 
2118 ; 2k4 p 18k 113 | | 2196 | 3k p 
2120 | POR s 2k 1.06 2200; 200R s 
2120 | 620R s 1k5 1.41 2200 | 1k S 
2120 | 820R s Ik3 1.63 2200 | lkl s 
2125 | 2k2 p 62k 1.04 2204 | 2k4 p 
2126 | 2k7 p 10k 1,27 2204 | 2k7 p 
2130 | 130R s 2k 1.07 2210 | 90R s 
2130 | 330R s 1k8 1.18 2210 | 3k9 p 
2131 | 2k2 p 68k | 103| | 2220| 220R s 
2131 | 3k9 p 4k7 1.83 2220 | 620R s 
2137 | 2k2 p 75k 1.03 2222 | 22R S 
2143 | 2k2 p 82k 1.03 2222 | 2k4 p 
2143 | 2k4 p 20k 1.12 2222 | 3k3 p 
2143 | 3k p 7k5 | 14 2224 | 24R S 
2148 | 2k2 p 9lk 1.02 2227 | 27R S 
2150 | 150R s 2k 1.08 2230 | 30R S 
2150 | 4k3 p 4k3 |2 2230! 430R s 
2153 | 2k2 p 100k | 1.02 2233 | 33R S 
2154 | 3k3 p 6k2 | 153 2236 | 36R S 
2157 | 2k2 p ll0k | 1.02 2236 | 2k7 p 
2160 | 160R s 2k 1.08 2237 | 2k4 p 
2160 | 360R s 1k8 1,2 2239 | 39R S 
2160 | 560R s 1k6 1.35 2240; 240R s 
2160 | 2k2 p 120k | 1.02 2243 | 43R S 
2163 | 2k2 p 130k | 1.02 2246; 4k3 p 
2164 | 2k4 p 22k 1.11 2247 | 47R S 
2168 | 2k2 p 150k | 1.01 2250 750R s 
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2333 | 4k3 p 5kl |184 
2338 | 2k4 p 91k | 1.03 
2344 | 2k4 p 100k | 1.02 
2348| 2k7 p 18k | 115 
2349| 2k4 p ok |102 
2350 | 150R s 2k2 | 1.07 
2350 | 750R s Ik6 | 147 
2350 | 4k7 p 472 
2353 | 2k4 p 120k |102 
2353 | 3k3 p  8k2 |14 
2354| 3k6 p  6k8 |153 
2356 | 2k4 p 130k |102 
2357 | 3k pk | 127 
2360 | 160R s 2k2 | 1.07 
2360 | 360R s 2k | 118 
2360 | 560R s Ik8 | 131 
2362 | 2k4 p 150k | 102 
2365 | 2k4 p 160k | 102 
2368 | 2k4 p 180k |10 
2372 | 2k4 p 200k | 101 
2374 | 2k4 p 220k | 1.01 
2376 | 2k4 p 240k | 1.01 
2379 | 2k7 p 20k |14 
2380 | 180R s 2k2 | 1.08 
2390 | 390R s 2k |12 
293941 3k9 p  6k2 |163 
2400 | 200R s 2k2 | 1.09 
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2430 
2430 
2432 
2432 
2433 
2436 
2438 
2439 
2440 
2443 
2446 
2447 
2451 

2455 
2456 
2462 
2468 
2470 
2470 
2475 
2477 
2479 
2480 
2481 

2482 
2491 

2496 
2500 
2500 
2900 
2500 
2900 
2902 
2510 

2510 


S 
P 
S 
S 
p 
Pp 
S 
S 
P 
S 
S 
S 
Pp 
S 
S 
p 
S 
S 
S 
S 
S 
S 
P 
P 
S 
p 
S 
S 
p 
S 
S 
S 
S 
p 
p 
S 
S 


1.01 
1.11 
1.01 
1.22 
1.48 
1.77 
1.01 
1.02 
1.23 
1.02 
LH 
1.02 
1.92 
1.02 
1.02 
1.1 
1.02 
1.03 
1.03 
1.12 
1.24 
1.03 
1.09 
1.57 
1.38 
1.33 
1.03 
1.04 
1.08 
1.04 
1.14 
1.67 
1.92 
1,2 
1.44 
1.05 
1.26 


2510 

2512 

2520 
2525 
2526 
2530 
2530 
2538 
2539 
2540 
2550 
2550 
2550 
2553 
2555 
2560 
2560 
2560 
2564 
2566 
25711 

2576 
2580 
2580 
2587 
2588 
2590 
2597 
2600 
2600 
2600 
2600 
2606 
2609 
2614 

2620 
2620 


S 
Pp 
S 
p 
p 
S 
s 
P 
Pp 
P 
S 
S 
p 
P 
Pp 
s 
S 
S 
P 
P 
p 
P 
s 
P 
p 
P 
S 
P 
S 
S 
S 
S 
P 
p 
Pp 
S 
S 


Table 6.3 E24 equivalent resistances 83 


820R s 1k8 1.46 2730 | 330R ss 2k4 
2k7 p 91k 1.03 2730 | 3k9 p 9ki 
2k7 p 100k | 1.03 2733 | 33R S 2k7 
430R s 2k2 |12 2733 | 4k3 p 7k5 
3k3 p 13k 1.25 2736 | 36R S 2k7 
4k3 p 6k8 | 1.63 2736 | 3k3 p l6k 
2k7 p 110k | 1.02 2739 | 39R S 2k7 
240R s 2k4 | 11 2743 | 43R S 2k7 
3k p 22k 1.14 2747 | 47R S 2k7 
2k7 p 120k | 1.02 2750 | 750R s 2k 

3k9 p 8k2 | 148 2750 | 3k p 33k 
2k7 p 130k | 1.02 2751 | 5IR S 2k7 
3k6 p 10k 1.36 2756 | 56R s 2k7 
2k7 p 150k | 1.02 2760 | 360R s 2k4 
2k7 p 160k | 1.02 2760 | 560R s 2k2 
2k7 p 180k | 1.02 2762 | 62R s 2k7 
2k7 p 200k | 1.01 2768 | 68R s 2k7 
2k7 p 220k | 101 2769 | 3k p 36k 
3k p 24k 1.13 2769 | 3k6 p 12k 
5kl p 5k6 | 191 2775 | 735R S 2k7 
270R ss 2k4 | 111 2779 | 4k7 p 6k8 
470R s 2k2 | 121 2782 | 82R S 2k7 
2k7 p 240k | 1.01 2786 | 3k p 39k 
2k7 p 270k | 1.01 2789 | 3k3 p 18k 
4k7 p 6k2 | 1.76 2790 | 390R s 2k4 
680R  s 2k 1.34 2791 | 9IR S 2k7 
300R s 2k4 | 113 2798 | 5k1 p 6k2 
Ikl S 1k6 1.69 2800 | 100R s 2k7 
1k2 S 1k5 1.8 2800 | 1k s 1k8 
3k p 27k 1.11 2800 | 1k2 S 1k6 
3k3 p 15k 1.22 2800 | 1k3 S 1k5 
SIOR s 2k2 | 1.23 2800 | 5k6 p 5k6 
910R ss 1k8 1.51 2804 | 3k p 43k 
3k6 p lik 1.33 2806 | 3k9 p 10k 
27R S 2k7 | 101 2810 | LIOR s 2k7 
3k p 30k | 11 2819 | 3k6 p 13k 
30R S 2k7 | 101 2820 | 120R s 2k7 
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2820| 620R s 2k2 1.28 S 
2820| 820R s 2k 1.41 p 
2820; 3k p 47k 1.06 p 
2821 | 4k3 p 8k2 1.52 p 
2830| 130R s 2k7 1.05 p 
2830| 430R s 2k4 1.18 p 
2833 | 3k p 51k 1.06 S 
2833 | 3k3 p 20k 1.17 p 
2847 3k p 56k 1.05 p 
2850| 150R ss 2k7 1.06 S 
2860; 160R s 2k7 1.06 p 
2862 | 3k p 62k | 1.05 p 
2870| 470R s 2k4 1.2 p 
2870; 3k3 p 22k 1.15 S 
2873 | 3k p 68k 1.04 p 
2879 | 3k9 p 11k 1.35 p 
2880| 180R s 2k7 1.07 p 
2880| 680R s 2k2 1.31 S 
2885 | 3k p 75k 1.04 S 
2889; 4k7 p 7k5 1.63 S 
2894| 3k p 82k 1.04 S 
2900! 200R s 2k7 1.07 p 
2900| 1kl S 1k8 1.61 p 
2900| Ik3 s Ik6 | 181 p 
2901 | 3k3 p 24k 1.14 p 
2903| 3k6 p 15k 1.24 s 
2904| 3k p 91k 1.03 S 
2910 | 5IOR s 2k4 1.21 p 
2910 | 90R s 2k 1.46 S 
2913 | 3k p 100k | 1.03 S 
2914 | 5kl p 6k8 1.75 S 
2920| 220R s 2k7 1.08 S 
2920, 3k p 110k | 1.03 p 
2920 | 4k3 p 9k 1.47 S 
2927 | 3k p 120k | 1.03 S 
2932| 3k p 130k | 1.02 p 
2939 | 3k6 p 16k 1.23 S 
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sip Ro Re R de Re Pa 
S 3k 1.02 3160 | 160R s 3k 1.05 
p 20k | 1.18 3161 | 3k3 p 75k 1.04 
S 3k 1.02 3166 | 4k3 p 12k 1.36 
S 2k7 ¡113 3170 | 470R s 2k7 | 117 
S 3k 1.02 3172 | 3k3 p 82k | 1.04 
p 43k | 1.08 3176 | 3k6 p 27k 1.13 
S 3k 1.02 3180 | 180R s 3k 1.06 
p 6k8 | 1.82 3185 | 3k3 p 91k 1.04 
S 3k 1.03 3195 į 3k3 p 100k | 1.03 
S 2k4 | 1.28 3197 | 4k7 p 10k 1.47 
s 3k 1.03 3200 | 200R s 3k 1.07 
p 47k 1.07 3200 | Ik S 2k2 | 145 
S 2k7 | L4 3200 | 1k2 S 2k 1.6 
S 3k 1.03 3200 | 1k6 S Ik6 |2 
p llk 1.39 3204 | 3k3 p HOk | 1.03 
p 22k 1.16 3205 | 3k9 p 18k 1.22 
p l5k 1.26 p 
p Sik 1.06 S 
p 9kl 1.52 p 
S 3k 1.03 p 
S 2k 1.55 p 
S 1k8 1.72 S 
S 1k6 1.94 s 
p 6k2 | 2 p 
S 3k 1.04 p 
S 2k2 1.41 p 
p 56k 1.06 S 
S 3k 1.04 p 
S 3k 1.04 p 
S 2k7 | 116 p 
p 24k | 115 p 
p 62k | 1.05 p 
p l6k 1.24 p 
p 8k2 1.62 S 

3147 | 3k3 p 68k | 1.05 p 

3150 | I50R s 3k 1.05 p 

350 | 750R s 2k4 | 131 p 
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R; s/p Ry | PREL 
3k3 p 330k | 1.01 
5kl p 9k | 156 
270R ss 3k 1.09 
3k6 p 36k |L 
4k7 p lk |18 
3k6 p 39k |109 
300R s 3k 1.1 
lkl S 2k2 1.5 
1k3 S 2k 1.65 
1k5 S 1k8 1.83 
9S0R s 2k4 1.38 
3k9 p 2k |18 
620R s 2k7 1.23 
3k6 p 43k |108 
5k6 p  8k2 | 168 
330R s 3k 1.11 
33R S 3k3 1.01 
36R S 3k3 1.01 
39R S 3k3 1.01 
4k3 p Ik |129 
43 R S 3k3 1.01 
3k6 p 47k |108 
47R S 3k3 1.01 
5IR S 3k3 1.02 
3k9 p Ak |16 
56R S 3k3 1.02 
360R ss 3k 1.12 
62R S 3k3 1.02 
3k6 p 5k |10 
68R S 3k3 1.02 
75R S 3k3 1.02 
4k7 p 12k 1.39 
5kl p 10k |15 
680R s 2k7 1.25 
82R S 3k3 1.02 
3k6 p 56k | 106 
4k3 p l&k | 127 
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3510 | 5IOR s 3k | LI7 5 
3516 | 3k6 p I50k | 1.02 s 
3519 | 3k9 p 36k | Lil p 
3520! 2200R s 3k3 | 107 s 
3520| 820R s  2k7 |13 p 
3521 | 3k6 p 160k | 1.02 s 
3529| 3k6 p 180k | 102 s 
3531 | 6k2 p  8k2 | 176 s 
3536 | 3k6 p 200k | 1.02 s 
3539| 4k3 p 20k | 1.22 p 
3540| 240R s  3k3 |107 s 
3542| 3k6 p 220k | 102 p 
3545| 3kK9 p 39k |1 y 
3547 | 3k6 p 240k | 1.02 s 
3553 | 3k6 p 270k | 101 S 
3557 | 3k6 p 300k | 1.01 p 
3560 | 560R s 3k |139 p 
3561 | 3k6 p 330k | 1.01 s 
3564| 3k6 p 360k | 1.01 s 
3566| 6k8 p  7k5 |19 s 
3570 | 270R s  3k3 |108 s 
3576 | 3k9 p 43k |109 s 
3579| 4k7 p  I5k |13 : 
3579| 5kl p 12k 114 p 
3590| 5k6 p 10k | 156 p 
3597| 4k3 p 22k | 12 ‘ 
3600| 300R s  3k3 | 109 p 
3600| 1k2 s 2k4 |15 E 
3600 | 1k6 s 2k 118 s 
3600| 1k8 s k8 |2 p 
3601 | 3kK9 p 47k |108 p 
3610 | 990R s  2k7 | 134 s 
3620| 620R s 3k 12 s 
3623| 3kK9 p Sik |108 p 
3630| 330R s 3k3 | Ll s 
3633| 4k7 p  l6&k |129 s 
3636| 36R s  3k6 |10 p 
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p 100k | 1.04 
l60R s 3k6 1.04 
p 30k 1.14 
p 110k | 1.04 
470R ss 3k3 1.14 
p 120k | 1.03 
I8B0R s 3k6 1.05 
p 130k | 1.03 
200R s 3k6 1.06 
S 2k7 1.41 
S 2k2 1.73 
S 2k 1.9 
p 150k | 1.03 
p 33k 1.13 
p 20k 1.24 
p 15k 1.34 
p 160k | 1.02 
SIOR s 3k3 1.15 
p 180k | 1.02 
p  1k |147 
220R s 3k6 1.06 
820R 3k 1.27 
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4010 | MOR s p 150k | 1.03 
4020! 120R s p l60k | 1.03 
4021 | 4k3 p p 39k 1.12 
4030| IBOR s p 13k 1.48 
4030 | 430R s s 3k9 1.08 
4044| 4k3 p S 3k 1.4 

4048 | 6k8 p S 2k7 1.56 
4050! 150R s S 2k4 | 175 
4050 | 750R s S 2k2 1.91 
4060| l60R s p 180k | 1.02 
4063 | 4k7 p p llk 1.62 
4064| 5kl p p 24k 1.21 
4067 | 4k3 p p 200k | 1.02 
4070 | 470R s S 3k3 1.28 
4078 | 5k6 p p 220k | 1.02 
4080| 180R s S 3k6 | 117 
4086 | 4k3 p p 240k | 1.02 
4088 | 6k2 p S 3k9 1.08 
4100 | 200R s p 270k | 1.02 
4100 | Ikl S p 43k 1.11 
4100 | 8k2 p p 300k | 1.01 
4106 | 4k3 p p 330k | 1.01 
4110 | 50R s p 360k | 1.01 
4111 | 7k5 p p 390k | 1.01 
4114 | 4k7 p p 430k | 1.01 
4120 | 220R s S 3k9 1.09 
4120 ; 820R s p 18k 1.31 
4123 | 4k3 p p 47k 1,1 

4138 | 4k3 p 4280 | 680R s 3k6 1.19 
4140 | 240R s 4286 | 7k5 p 10k 1.75 
4140 | 5kl p 4290: 390R s 3k9 L.l 

4148 | 5k6 p 4290 | 5kl p 27k 1.19 
4151 | 4k3 p 4300 | 1k S 3k3 1.3 

4157 | 4k7 p 4300 | 1k3 S 3k 1.43 
4160 | 560R s 4300 | 1k6 S 2k7 1.59 
4162 | 4k3 p 4303 4k7 p 51k 1.09 
4170 | 270R s 4313 | 8k2 p 9k1 1.9 
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1.11 4467 | 5kl 36k 
1.08 4468 | 6k2 16k 
1.57 4469| 4k7 91k 
1.01 4480| 180R 4k3 
1.01 4489| 4k7 100k 
1.21 4500 | 200R 4k3 
1.01 4500 | 1k2 3k3 
1.01 4500 | 1k5 3k 
1.17 4500 | 1k8 2k7 
1.01 4505 | 8k2 10k 
1.02 4507 | 4k7 110k 
1.08 4510 | 9IOR 3k6 
1.12. 4510 | 5kl 39k 
1.02 4520 | 220R 4k3 
1.28 4520 | 620R 3k9 
1.02 4523 | 4k7 120k 
1.41 4536 | 4k7 130k 
1.02 4540 | 240R 4k3 
1.07 4541 | 5k6 24k 
1.02 4550 | 9kl 9k] 
1.33 4557 | 4k7 150k 
1.83 4559 | 5kl 43k 


160k 
4k3 
3k9 
180k 
200k 
4k3 
3k6 
3k3 
3k 
2k4 
47k 
220k 
240k 
18k 
12k 


2 4566 | 4k7 
1.03 4570 | 270R 
1.13 4580¡ 680R 
1.15 4580 | 4k7 
1.03 4592 | 4k7 
1.23 4600; 300R 
1.06 4600| 1k 
1.03 4600) 1k3 
1.06 4600; 1k6 
1.03 4600| 2k2 
1.68 4601 | 5kl 
1.04 4602 | 4k7 
1.14 4610 | 4k7 
1.25 4612 | 6k2 
1.52 4615 | 7k5 
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4791 [UR s 4k7 | 102 
4800 | 100R s 4k7 | 1.02 
4800 | 1k2 s 3k6 |133 
4800 | 1k5 s 3k3 |145 
4800 | 1k8 s 3k |16 
4800 | 2k4 s 2k4 | 2 
4801 | 5k1 p 82k | 106 
4810 | MOR s 4k7 | 102 
4810 | 5IOR s 4k3 | 112 
4810 | OR s 3k9 | 1.23 
4820 | 120R s 4k7 | 103 
4829  5kl p 9k | 1.06 
4830 | 130R s 4k7 |103 
4837 | 6k2 p 22k |128 
4846| 5k6 p 36k |116 
4850| 150R s 4k7 | 1.03 
4853 | 5k} p 100k | 1.05 
4860 160R s 4k7 |103 
4860| 560R s 4k3 |113 
4871 | 8k2 p  1l2k |168 
4874 | 5kl p  H0k |105 
4880| 180R s 4k7 | 104 

120k | 1.04 
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o [Pam [Re |R p R Pie 


p 5130 | 430R s 4k7 | 1.09 
p 5136 | 5k6 p 62k 1.09 
S 5138 | 6k2 p 30k | 121 

p 5151 | SIR S 5kl 1.01 

S 5156 | 56R S 5kl 1.01 

p 5162 | 62R S 5kl 1.01 

p 5168 | 68 R S 5kl 1.01 

p 5170 | 470R s 4k7 | Ll 

s 5174 | 5k6 p 68k | 1.08 
S 5175 | 75R S 5k1 1.01 

S | 5175 | 9kl p 12k 1.76 
p 5182 | 82R S 5kl 1.02 
p 5191 | 9IR S 5kl 1.02 
p 5194 | 6k8 p 22k 1.31 

p 5200; 100R s 5kl 1.02 
p 5200; 1k3 S 3k9 ¡| 133 
p 5200 | 1k6 S 3k6 | 1.44 
p 5200 | 2k2 S 3k 1.73 
p 5210 | HOR s 5kl 1.02 
S 5210 | 510R s 4k7 | Ll 

p 5210 | 990R s 4k3 1.21 

p 5211 | 5k6 p 75k 1.07 
p 5219 | 6k2 p 33k 1.19 

p 5220 | 120R s 5kl 1.02 
p 5230 | IBOR s 5kl 1.03 
S 5238 | 10k p llk 1.91 

p 5242 | 5k6 p 82k | 1.07 
S 5250 | 150R s 5kl 1.03 
p 5260| 160R s 5kl 1.03 
S 52601 560R s 4k7 | 112 

p 5275 | 5k6 p 91k 1.06 
S 5280| I80R s 5kl 1.04 
S 5289 | 6k2 p 36k 1.17 

S 5294| 7k5 p 18k 1.42 
S 5299| 6k8 p 24k | 1.28 
p 5300; 200R s 5kl 1.04 
S 5300; 1k S 4k3 | 123 
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E «pe Re Re [R sp Re Pm 


1 
3300 | 2k 


S 3k3 1.61 5500 | 1k2 S 4k3 1.28 
5302 | 8k2 p 15k 1.55 5500 | 1k6 S 3k9 1.41 
5303 | 5k6 p 100k | 1.06 9500 | 2k2 S 3k3 1.67 
5320 | 220R s 5kl 1.04 5500 | Ik p llk Z 
5320 | 620R s 4k7 1.13 9507 | 5k6 p 330k | 1.02 
5329 | 5k6 p 110k ¡ 1.05 5514 | 5k6 p 360k | 1.02 
5340 | 240R s 5k] 1.05 5520 | 820R s 4k7 1.17 
5350 | 5k6 p 120k | 105 5921 | 5k6 p 390k | 1.01 
5350 | 6k2 p 39k 1.16 5528 | 5k6 p 430k | 1.01 
5353 | 9k1 p 13k 1,7 5528 | 6k2 p 51k 1.12 
5369 | 5k6 p 130k | 1.04 5530 | 430R s 5kl 1.08 
5370 | 270R s 5kl 1.05 5534 | 5k6 p 470k | 101 
5380 | 680R s 4k7 1.14 5539 | 5k6 p 510k | 101 
5398 | 5k6 p I50k | 104 5543 | 6k8 p 30k 1.23 
5400| 300R s 5kł 1.06 5545 | 5k6 p 560k | 1.01 
5400| 1kl S 4k3 1.26 5570 | 470R s 5k 1.09 
5400 | 1k5 S 3k9 1.38 5582 | 6k2 p 56k 1.11 
5400} 1k8 S 3k6 L5 5593 | 7k5 p 22k 1.34 
5400 | 2k4 S 3k 1.8 5600 | 1k3 S 4k3 1.3 
5400 | 2k7 S 2k7 |2 5600 | 2k S 3k6 1.56 
5411 | 5k6 p 160k | 1.03 5610 | 5SIOR s 5kl 1.1 
5419 | 6k2 p 43k 1.14 5610 | HOR s 4k7 1.19 
5421 | 8k2 p l6k 1.51 5634 | 8k2 p 18k 146 
5430 | 330R s 5kl 1.06 5636 | 6k2 p 62k 1.1 
5431 | 5k6 p 180k | 1.03 5638 | 6k8 p 33k 1.21 
5432 | 6k8 p 27k 1.25 5652 | 10k p 13k 1.77 
5447 | 5k6 p 200k | 1.03 5656 | 56R S 5k6 1.01 
5450; 750R s 4k7 1.16 5660 | 560R s 5kl 1.11 
9455 | 7k5 p 20k 1.38 5662 | 62R S 5k6 1.01 
5455 į 10k p 12k 1.83 5664 | 9k! p 15k 1.61 
5460| 360R s 5kl 1.07 5668 | 68R S 5k6 1.01 
5461 | 5k6 p 220k | 1.03 5675 | 75R S 5k6 1.01 
5472 | 5k6 p 240k | 1.02 5682 | 82R S 5k6 1.01 
5477 | 6k2 p 47k 1.13 5682 | 6k2 p 68k 1.09 
5486 | 5k6 p 270k | 1.02 5691 | SIR S 5k6 1.02 
5490| 390R s 5kl 1.08 5700 | 100R ss 5k6 1.02 
5497 | 5k6 p 300k | 1.02 5700 | Ik S 4k7 1,21 
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R 0e Re Re Ro sp R Pre 


6112 | 6k2 p 430k | 101 6346| llk p 35k | 173 
6112 | 8k2 p 24k |134| |6350| 150R s 6k2 | 1.02 
6119 | 6k2 p 470k | 101 6350 | 750R s 5k6 |113 
6126 | 6k2 p  5l0k | 101 6360 | 160R s 6k2 | 103 
6128 | 6k8 p 6k | Lil 6367 | 6k8 p 100k | 1.07 
6132 | 6k2 p 560k | 10 6380 | 180R s 6k2 | 103 
6139 | 6k2 p 620k | 1.01 6386 7k5 p 43k |117 
6154 | 10k p 16k |163| |6400| 200R s 6k2 | 103 
6160 | 560R s 5k6 | 11 6400! 1k3 s 5kl | 1.25 
6182 | 6k8 p 68k | Ll 6404| 6k8 p 110k | 1.06 
6200 | lkl s 5kl | 122 | | 6420] 220R s 6k2 | 104 
6200 | 1k5 s 4k7 1132 | | 6420] 820R s 5k6 | 115 
6207 | 7k5 p 36k |12 6429| 10k p 18k |156 
6220 | 620R s 5k6 | 111 6435 | 6k8 p 120k | 106 
6235 | 6k8 p 75k |109| |6437|9k1 p 2k |141 
6240 | 12k p 13k | 192] | 6440] 0R s 6k2 | 1.04 
6254| 9k1 p 20k |146| | 6440/ 8k2 p 30k |127 
6262| 62R s 6k2 | 101 6462 | 6k8 p 130k | 1.05 
6268 | 68R s 6k2 | 1.01 6468 7k5 p 47k | 116 
6275 | 75R s 6k2 | 1.01 6470 | 270R s 6k2 | 1.04 
6279| 6k8 p 82k |108| | 6500; 300R s 6k2 |105 
6280| 680R s 5k6 |112 | [6500 1k8 s 4k7 |138 
6282| 82R s 6k2 | 101 6500 | 2k2 s 4k3 | 151 
6290 | 7k5 p 39k |119| |6500| 13k p Bk |2 
6290| 8k2 p  27k |13 6505 | 6k8 p 150k |105 
6291 | IR s 6k2 | 101 6510 | OR s 5k6 | 116 
6300 | 100R s 6k2 | 102 | | 6519 Uk p 16k | 169 
6300 | 1k2 s 5kl | 124 | 16523 6k8 p 160k | 1.04 
6300| 1k6 s 4k7 (134 | |6530| 330R s 6k2 | 105 
6300 | 2k À 4k3 | 147| | 6538| 7k5 p 5k | LIS 
6300| 2k4 s 3k9 j| 162| | 6552 6k8 p 180k | 104 
6300| 2k7 s 3k6 |175 | |6560| 360R s 6k2 | 106 
6300 | 3k s 3k3 | 19 6568 | 8k2 p 33k |125 
6310 | NOR s 6k2 | 102 | | 6576 | 6k8 p 200k | 103 
6320 | 120R s 6k2 | 102 | |6590| 390R s 6k2 | 106 
6327 | 6k8 p 9k | 107 | | 6596| 6k8 p 220k | 1.03 
6330 | 130R s 6k2 | 102 | 6598 9kl p 24k | 138 
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P 
6600 S S 
6600 S p 
6600 S S 
6600 S p 
6613 p ; S 
6614 p S 
6630 S i p 
6633 p ie S 
6649 p E S 
6663 p S 
6667 p : S 
6667 | 12k p 15k 1.8 S 
6670. 470R s 6k2 | 1.08 S 
6674 | 6k8 p 360k | 1.02 S 
6679 | 8k2 p 36k 1.23 S 
6683| 6k8 p 390k | 1.02 S 
6691 | 7k5 p 62k | 1.12 p 
6694| 6k8 p 430k | 1.02 S 
6700; Ik S 5k6 1.2 s 
6700; 1k6 S 5kl 1.31 S 
6700| 2k S 4k7 1.43 S 
6700| 2k4 S 4k3 1.56 p 
6703 | 6k8 p 470k | 1.01 p 
6710 | 510R s 6k2 1.08 S 
6711 | 6k8 p 510k | 1.01 p 
6718 | 6k8 p 560k | 1.01 p 
6726 | 6k8 p 620k | 1.01 S 
6733 | 6k8 p 680k | 1.01 S 
6755 | 7k5 p 68k | 1.11 S 
6760; 560R s 6k2 1.09 S 
6775 | 8k2 p 39k 1.21 p 
6800; 1k2 S 5k6 ¡ 121 S 
6806; 9kl1 p 27k | 1.34 p 
6818 | 7k5 p 75k | L1 p 
6820; 620R s 6k2 1.1 p 
6828 | llik p 18k 1.61 S 


R, 


7k5 
llk 
300R 
1k5 
2k 
2k4 
910R 
330R 
9k] 
7k5 
8k2 
360R 
7k5 
13k 
390R 
Ik 
1k6 
3k3 
3k6 
7k5 
12k 
7k5 
430R 
8k2 
7k5 
9k1 
470R 
7k5 
7k5 
10k 
1k1 
2k2 
3k 
510R 
7k5 
8k2 
7k5 


s/p 


T OO Y € no epg G G ee REO: oD. O 


130k 
20k 
6k8 
5k6 
5kl 
4k7 
6k2 
6k8 
33k 
150k 
56k 
6k8 
160k 
16k 
6k8 
6k2 
5k6 
3k9 
3k6 
180k 
18k 
200k 
6k8 
62k 
220k 
36k 
6k8 
240k 
270k 
27k 
6k2 
5kl 
4k3 
6k8 
300k 
68k 
330k 
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r 


1.06 
1.55 
1.04 
1.27 
1.39 
1.51 
1.15 
1.05 
1.28 
1.05 
1.15 
1.05 
1.05 
1.81 
1.06 
1.16 
1.29 
1.85 
2 
1.04 
1.67 
1.04 
1.06 
1.13 
1.03 
1.25 
1.07 
1.03 
1.03 
1.37 
1.18 
1.43 
1.7 
1.08 
1.03 
1.12 
1.02 


22k 
360k 
390k 
6k8 
430k 
39k 
470k 
510k 
75k 
6k2 
5k6 
4k7 
560k 
620k 
680k 
6k8 
750k 
82k 
6k8 
6k2 
5kl 
3k9 
30k 
20k 
15k 
43k 
91k 
24k 
18k 
6k8 
7k5 
100k 
7k5 
7k5 
7k5 
5k6 
4k3 


1.5 
1.02 
1.02 
1.08 
1.02 
1.23 
1.02 
1.01 
1.11 
1.19 
1.32 
1.57 
1.01 
1.01 
1.01 
1.09 
1.01 
1.1 
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Re | R sip Ro) 


7610; MOR ss 7k5 1.01 

7620| 120R ss 7k5 1.02 

7620 820R s 6k8 1.12 

7624! 9kl p 47k 1.19 S 

7630| BOR s 7k5 | 1.02 p 
7631 | 8k? p 110k | 1.07 p 
7650 | 150R s 7k5 | 102 | s 

76601 160R ss 7k5 1.02 p 
7674 | 10k p 33k 1.3 p 
7676 | 8k2 p 120k | 1.07 p 
7680 180R ss 7k5 1.02 S 

7700! 200R s 7k5 1.03 p 
7700| 1k5 S 6k2 1.24 S 

7700| 3k S 4k7 1.64 S 

7710 | GOR s 6k8 1.13 S 

7713 | 8k2 p 130k | 1.06 S 

7720| 220R s 7k5 1.03 p 
7722 | 9kl p 51k 1.18 p 
7740 | 240R ss 7k5 1.03 p 
7742 | 15k p l6k 1.94 S 

7765 | 12k p 22k 1.55 p 
7770 270R ss 7k5 1.04 p 
7775 | 8k2 p 150k | 1.05 p 
7800 300R ss 7k5 1.04 p 
7800| 1k S 6k8 1.15 p 
7800 | 1k6 S 6k2 1.26 p 
7800! 2k2 S 5k6 1.39 S 

7800| 2k7 S 5kl 1.53 p 
7800| 3k9 S 3k9 2 p 
7800! 8k2 p 160k | 1.05 p 
7816 | 11k p 27k 1,41 S 

7826 | 10k p 36k 1.28 S 

7828 | 9kl p 56k 1.16 p 
7830| 330R s 7k5 1.04 p 
7843 | 8k2 p 180k | 1.05 p 
7860| 360R s 7k5 | 105 p 
7877 | 8k2 p 200k | 1.04 p 
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R; sip Ro Re (Ri s/p Ro | PREL 
8120 | 620R ss 7k5 1.08 8459 | 9kl p 120k | 1.08 
8171 13k p 22k 1.59 8470 | 270R s 8k2 1.03 
8180 | 680R s 7k5 1.09 8471 | 16k p 18k 1.89 
8182 | 15k p 18k 1.83 8485 | 10k p 56k 1.18 
8191 | 9kl p 82k 1.11 8500 | 300R s 8k2 1.04 
8200 | 2k S 6k2 1.32 8500 | Ik S 7k5 1.13 
8200 | 3k9 S 4k3 1.91 8505 | 9kl p 130k | 1.07 
8246 10k p 47k 1.21 8530 | 330R s 8k2 1.04 
8250; 750R ss 7k5 1.1 8560 | 360R s 8k2 1.04 
8250 | Ik p 33k |133| |8571 | 12k p 30k |14 
8273 | 9k1 p ok | 1 8571 | 5k p 20k | 175 
8282 | 82R S 8k2 1.01 8580 | 9kl p 150k | 1.06 
8291 | 9R S 8k2 1.01 8580 | llk p 39k 1.28 
83001 I00R s 8k2 1.01 8590| 390R ss 8k2 1.05 
8300 | 1k5 S 6k8 1.22 8600| 1kl S 7k5 1.15 
8300 | 2k7 S 5k6 1.48 8600! 1k8 S 6k8 1.26 
8300 | 3k6 S 4k7 1.77 8600 | 2k4 S 6k2 1.39 
8308 | 12k p 21k 1.44 8600 | 3k S 5k6 1.54 
8310 | MOR S 8k2 1.01 8600 | 3k9 S 4k7 1.83 
8320 | 120R ss 8k2 1.01 8600 | 4k3 S 4k3 2 
8320 | 820R ss 7k5 1.11 8610 | 9kl p 160k | 1.06 
8330 | 130R s 8k2 1.02 8611 | 10k p 62k 1.16 
8341 | 9kl p 100k | 109 8630 | 430R ss 8k2 1.05 
8350 I50R s 8k2 1.02 8662 | 9kl p 180k | 1.05 
8360: 160R s 8k2 1.02 8670 | 470R s 8k2 1.06 
8361 | 10k p 51k 1.2 8700 | 1k2 S 7k5 1.16 
8380! I80R ss 8k2 1.02 8700 | 3k6 S 5kl 1.71 
8400: 200R ss 8k2 1.02 8704 | 9kl p 200k | 1.05 
8400; 1k6 S 6k8 1.24 8710 | 5IOR S 8k2 1.06 
8400 | 2k2 S 6k2 1.35 8718 | 10k p 68k 1.15 
8400 | 3k3 s 5ki | 165 8739 | 9kl p 220k | 1.04 
8405 | 9kl p 110k 1.08 8759 | Ilk p 43k 1.26 
8410 | NOR S 7k5 1.12 8760 | 560R s 8k2 1.07 
8420 | 220R s 8k2 1.03 8768 | 9kl p 240k | 1.04 
8426 | llk p 36k 1.31 8775 | 13k p 27k 1.48 
8432 | 13k p 24k 1.54 8800 | 1k3 S 7k5 1.17 
8440; 240R ss S 6k8 1.29 


8k2 1.03 8800 | 2k 
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CHE 


8800 
8803 
8820 
8824 
8832 
8856 
8876 
8880 
8889 
8893 
8900 
8900 
8911 

8913 

8914 

8919 

8927 
8940 
8950 
8954 
8968 
8980 
8991 

9000 
9000 
9000 
9000 
9000 
9000 
9000 
9010 

9010 

9020 
9048 
9070 
9091 

9100 


12k 
9k] 
620R 
10k 
9k] 
9kl 
9k1 
680R 
16k 
9kl 
2k7 
3k3 
9kl 
10k 
lik 
15k 
9kl 
9kl 
750R 
9k1 
9kl 
9k1 
9k1 
1k5 
2k2 
3k9 
4k3 
9kl 
12k 
18k 
9kl 
10k 
820R 
llk 
13k 
10k 
1k6 


E 
yo 


> a a a A e ss A o so o o o E OS 


33k 
270k 
8k2 
75k 
300k 
330k 
360k 
8k2 
20k 
390k 
6k2 
5k6 
430k 
82k 
47k 
22k 
470k 
510k 
8k2 
560k 
620k 


680k 


750k 
7k5 
6k8 
5kl 
4k7 
820k 
36k 
18k 
910k 
91k 
8k2 
51k 
30k 
100k 
7k5 


9230 
9231 

9231 

9250 
9260 
9263 
9280 
9286 
9300 
9300 
9300 
9320 
9326 
9340 
9342 
9370 


a 
ga 


wa 


nin mg 


NV n y a a 


P 
P 
p 
S 
S 
S 
S 
S 
S 
P 
S 
P 
p 
Pp 
S 
Pp 
p 
p 
S 
p 
p 
S 
Pp 
p 
S 
S 
P 
p 


Table 6.3 E24 equivalent resistances 


A o u g. oD e e Be o ls “Ae 


S 
S 

p 
P 
p 
Pp 
S 

P 
P 
P 
P 
p 
S 

S 

p 
p 
p 
S 

Pp 
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7 Maximum powers for 
resistors 


Tables 7.1-7.6 show the voltage across or current through standard value resistors 
which are equivalent to a selection of common rated maximum powers. 

As discussed in Chapter 3, it is wise to avoid running components continuously 
at full rated power. A good rule of thumb is not to exceed half of rated power; that 
is roughly 0.7 times the value of voltage or current presented here. 


Table 71 Maximum power for resistors up to 0.25 W 


Ro 0.063 W OIW 0.125W  0155W 025W IN 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
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TN oW 0125W 0155W 025W | | 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


1.05 
95.3m 
1.10 
91.3m 
1.14 
87.7m 
1.22 
81.6m 
1.26 
79.1m 
1.34 
74.5m 
1.4] 
70.7m 
1.48 
67.4m 
1.55 
64.5m 
1.64 
60.9m 
1.73 
57.7m 
1.82 
55.0m 
1.90 
52.7m 
1.97 
50.6m 
2.07 
48.2m 
2.17 
46.1m 
2.26 
44.3m 
2.37 
42.3m 
2.49 
40.2m 


0.125 W 


1.17 
107m 
122 
102m 
1.27 
98.1m 
1.37 
91.3m 
1.41 
88.4m 
1.50 
83.3m 
1.58 
79.1m 
1.66 
75.4m 
1.73 
72.2m 
1.84 
68.0m 
1.94 
64.5m 
2.03 
61.5m 
2.12 
58.9m 
2.21 
56.6m 
2.32 
53.9m 
2.42 
51.6m 
2.52 
49.5m 
2.65 
472m 
2.78 
44.9m 


Table 7.1 Maximum power for resistors up to 0.25 W 105 


R o| 0063W OIW 


neir ee e a a rd a a a a aa aa a a a a a a 
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0.063 W 


0.1 W 


2.61 
38.3m 
2.74 
36.5m 
2.86 
34.9m 
3.02 
33.1m 
3.16 
31.6m 
3.32 
30.2m 
3.46 
28.9m 
3.61 
27.7m 
3.87 
25.8m 
4.00 
25.0m 
4,24 
23.6m 
4.47 
22.4m 
4.69 
21.3m 
4.90 
20.4m 
5.20 
19.2m 
5.48 
18.3m 
5.74 
174m 
6.00 
16.7m 
6.24 
16.0m 


0.125 W 


2.92 
42.9m 
3.06 
40.8m 
3.20 
39.0m 
3.37 
37.1m 
3.54 
35.4m 
3.71 
33.7 m 
3.87 
32.3m 
4.03 
31.0m 
4.33 
28.9m 
4.47 
28.0m 
4.74 
26.4m 
5.00 
25.0m 
5.24 
23.8m 
5.48 
22.8m 
5.81 
21.5m 
6.12 
20.4m 
6.42 
19.5m 
6.71 
18.6m 
6.98 
179m 


>i Pc Pt rst raters rd rd ers reser csr src yerc Perce cercr ce 
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EE 0.063 W 01W 


5.20 
12.1m 
5,44 
11.6m 
5.67 
Illm 
5.94 
10.6m 
6.25 
10.1m 
6.55 
9.63m 
6.87 
9.17m 
7.19 
8.77m 
L9 
8.32m 
7.94 
7.94m 
8.32 
7.57m 
8.69 
7.25m 
9.05 
6.96m 
9.72 
6.48m 
10.0 
6.27m 
10.6 
5.92m 
11.2 
5.6lm 
11.8 
5.35m 
12.3 
5.12m 


6.56 
15.2m 
6.86 
14.6m 
7.14 
14.0m 
7.48 
13.4m 
7.87 
12.7m 
8.25 
12.1m 
8.66 
11.5m 
9.06 
11.0m 
9.54 
10.5m 
10.0 
10.0m 
10.5 
9.53m 
11.0 
9.13m 
11.4 
8.77m 
12,2 
8.16m 
12.6 
7.91m 
13.4 
745m 
14.1 
707m 
14.8 
6./4m 
15.5 
6.45m 


0.125 W 


7.33 
17.0m 
7.66 
16.3m 
7.98 
15.7m 
8.37 
149m 
8.80 
14.2m 
9.22 
13.6m 
9.68 
129m 
10.1 
12.3m 
10.7 
117m 
11.2 
11.2m 
11.7 
10.7m 
12.2 
10.2m 
12.7 
9.8lm 
13.7 
9.13m 
14.1 
8.84m 
15.0 
8.33m 
15.8 
79lm 
16.6 
7.54m 
17.3 
7.22m 


EEE EEE EEN 


108 Electronics Calculations Data Handbook 


0.063 W 


13.0 
4.83m 
13.7 
4.58m 
14.4 
4.37m 
15.1 
4.18m 
15.7 
402m 
16.5 
3.83m 
17.2 
3.66m 
17.9 
3.51m 
18.8 
3.35m 
19.8 
3.19m 
20.7 
3.04m 
21.7 
2.90m 
22.7 
2.77m 
23.9 
2.63m 
29.1 
2.51m 
26.3 
2.39m 
27.5 
2.29m 
28.6 
2.20m 
30.7 
2.05m 


0.1 W 


16.4 
6.09m 
17.3 
5.77m 
18.2 
5.50m 
19.0 
5.27m 
19.7 
5.06m 
20.7 
4.82m 
21.7 
4.6lm 
22.6 
443m 
23.7 
4.23m 
24.9 
4.02m 
26.1 
3.83m 
27.4 
3.05m 
28.6 
3.49m 
30.2 
3.31m 
31.6 
3.16m 
33.2 
3.02m 
34.6 
2.89m 
36.1 
2.77m 
38.7 
2.58m 


0.125 W 


18.4 
6.80m 
19.4 
6.45m 
20.3 
6.15m 
212 
5.89m 
22.1 
5.66m 
23.2 
5.39m 
24.2 
5.16m 
25.2 
4.95m 
26.5 
4.72m 
27.8 
449m 
29.2 
4,29m 
30.6 
4.08m 
32.0 
3.90m 
33.7 
3.71m 
35.4 
3.54m 
37.1 
3.37m 
38.7 
3.23m 
40.3 
3.10m 
43.3 
2.89m 


rare a a rd a a a aa a a a aa aa a a a a <ce< 
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0.063 W 


31.7 
1.98m 
33.7 
1.87m 
35.5 
1.77m 
37.2 
1.69m 
38.9 
1.62m 
41.2 
1.53m 
43.5 
145m 
45.6 
1.38m 
47.6 
1.32m 
49.6 
1.27m 
52.0 
1.21m 
54.4 
1.16m 
56.7 
1.11m 
59.4 
1.06m 
62.5 
1.01m 
65.5 
963u 
68.7 
917u 
71.9 
877u 
75.1 
832u 


0.1 W 


40.0 
2.50m 
42.4 
2.36m 
447 
2.24m 
469 
2.13m 
49.0 
2.04m 
52.0 
1.92m 
54.8 
1.83m 
57.4 
1.74m 
60.0 
1.67m 
62.4 
1.60m 
65.6 
1.52m 
68.6 
1.46m 
71.4 
1.40m 
74.8 
1.34m 
78.7 
1.27m 
82.5 
1.21m 
86.6 
1.15m 
90.6 
1.10m 
95.4 
1.05m 


0.155 W 


49.8 
3.1lm 
52.8 
2.93m 
55.7 
2.78m 
58.4 
2.65m 
61.0 
2.54m 
64.7 
2.40m 
68.2 
2.27m 
71.5 
2.17m 
74.7 
2.07m 
17.7 
1.99m 
81.6 
1.90m 
85.4 
1.82m 
88.9 
1.74m 
93.2 
1.66m 
98.0 
1.58m 
103 
1.51m 
108 
144m 
113 
1.37m 
119 
1.3lm 


EEES 
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a 0063W O1W  0125W 055W 025W UN 


79.4 100 112 
794u 100m 1.12m 
83.2 105 117 
757u 953u 1.07m 
86.9 110 122 
725u 913u 1.02m 
90.5 114 127 
696u 877u 98lu 
97.2 122 137 
648u 8l6u 93u 
100 126 141 
627u 79lu 884u 
106 134 150 
592u 745u 833u 
112 141 158 
56lu 707u 79lu 
118 148 166 
535u 674u 754u 
123 155 173 
512u 645u 722u 
130 164 184 
483u 609u 680u 
137 173 194 
458u 577u 645u 
144 182 203 
437u 550u 615u 
151 190 212 
418u 527u 589u 
157 197 221 
402u 506u 566u 
165 207 232 
383u 482u 539u 
172 217 242 
366u 46lu 5lou 
179 226 252 
35lu 443u 495u 
188 237 265 
335u 423u 472u 
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Table 7.1 Maximum power for resistors up to 0.25 W 111 


R | 0.063 W OIW  0125W 055W 023W | | 


249 278 
402u 449u 
261 292 
383u 429u 
274 306 
365u 408u 
286 320 
349u 390u 
302 337 
33lu 371u 
316 354 
3l6u 354u 
346 387 
289u 323u 
387 433 
258u 289u 
424 474 
236u 264u 
469 524 
213u 238u 
520 581 
192u 215u 
574 642 
174u 195u 
624 698 
160u 179u 
686 766 
146u 163u 
748 837 
134u 149u 
825 922 
121u 136u 
906 1.01k 
110u 123u 
1.00k 1.12k 
100u 112u 


>< 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


Table 7.2 Maximum power for resistors between 0.33 and 1 W 


COMET 


182m 
1.82 
199m 
1.66 
222m 
1.48 
244m 
1.35 
269m 
1.22 
298m 
1.11 
330m 
1.00 
359m 
920m 
394m 
838m 
430m 
768m 
474m 
697m 
520m 
634m 
574m 
574m 
602m 
548m 
629m 
524m 
655m 
504m 
704m 
469m 
727m 
454m 


0.4 W 


200m 
2.00 
219m 
1.83 
245m 
1.63 
268m 
1.49 
297m 
1.35 
329m 
L22 
363m 
1.10 
395m 
1.01 
434m 
923m 
473m 
845m 
522m 
767m 
5/3m 
698m 
632m 
632m 
663m 
603m 
693m 
577m 
721m 
555m 
775m 
516m 
800m 
500m 


0.5 W 


0.66 W 


1W 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


Table 7.2 Maximum power for resistors between 0.33 and 1 W 113 


Ro 033W 04W 05W  066W LW 


y 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
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0.33 W 


1.91 
173m 
1.99 
166m 
2.07 
159m 
222 
148m 
2.30 
144m 
2.44 
135m 
2.57 
128m 
2.69 
122m 
2.81 
117m 
2.98 
lHm 
3.15 
105m 
3.30 
100m 
3.45 
95./m 
3.59 
92.0m 
3.77 
87.6m 
3.94 
83.8m 
4.10 
80.4m 
4.30 
76.8m 
4.52 
73.0m 


0.4 W 


2.10 
191m 
2.19 
183m 
2.28 
175m 
2.45 
163m 
2.53 
158m 
2.68 
149m 
2.83 
141m 
2.97 
135m 
3.10 
129m 
3.29 
122m 
3.46 
115m 
3.63 
110m 
3.79 
105m 
3.95 
101m 
4.15 
96.4m 
4.34 
92.3m 
4.52 
88.6m 
4.73 
84.5m 
4.98 
80.3m 


0.5 W 


2.35 
213m 
2.45 
204m 
2.55 
196m 
2.74 
183m 
2.83 
177m 
3.00 
167m 
3.16 
158m 
3.32 
151m 
3.46 
144m 
3.67 
136m 
3.87 
129m 
4.06 
123m 
4.24 
118m 
4.42 
113m 
4.64 
108m 
4.85 
103m 
5.05 
99.0m 
5.29 
94.5m 
5.97 
89.8m 


0.66 W 


1W 


nei a ole to a a <<? GUE? a a OO” oO oO oe 0 oO ee a 


4.74 
69.7m 
4.97 
66.3m 
5.20 
63.4m 
5.48 
60.2m 
5.74 
574m 
6.02 
54.8m 
6.29 
52.4m 
6.55 
50.4m 
7.04 
46.9m 
7.27 
45.4m 
7.71 
42.8m 
8.12 
40.6m 
8.52 
38.7m 
8.90 
37.1m 
9.44 
35.0m 
9.95 
33.2m 
10.4 
31.6m 
10.9 
30.3m 
11.3 
29.1m 


0.4 W 


5.22 
76.7m 
5.48 
73.0m 
5.73 
69.8m 
6.03 
66.3m 
6.32 
63.2m 
6.63 
60.3m 
6.93 
57.7m 
7.21 
55.5m 
1415 
51.6m 
8.00 
50.0m 
8.49 
47.1m 
8.94 
447m 
9.38 
42.6m 
9.80 
40.8m 
10.4 
38.5m 
11.0 
36.5m 
11.5 
34.8m 
12.0 
33.3m 
[25 
32.0m 


0.5 W 


5.83 
85.7m 
6.12 
81.6m 
6.40 
78.1m 
6.75 
74.1m 
7.07 
70.7m 
7.42 
674m 
7.75 
64.5m 
8.06 
62.0m 
8.66 
577m 
8.94 
55.9m 
9.49 
52.7m 
10.0 
50.0m 
10.5 
47.7m 
11.0 
45.6m 
11.6 
43.0m 
12.2 
40.8m 
12.8 
38.9m 
13.4 
37.3m 
14.0 
35.8m 


0.66 W 


1W 


Table 7.2 Maximum power for resistors between 0.33 and1W 115 


Ro 0.33 W 
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11.9 
27.7m 
12.5 
26.5m 
13.0 
25.4m 
13.6 
24.3m 
14.3 
23.1m 
15.0 
22.0m 
15.7 
21.0m 
16.4 
20.1m 
17.3 
19.0m 
18.2 
18.2m 
19.1 
173m 
19.9 
16.6m 
20.7 
15.9m 
22.2 
14.8m 
23.0 
144m 
24.4 
13.5m 
25.7 
12.8m 
26.9 
12.2m 
28.1 
11.7m 


0.4 W 


13.1 
30.5m 
13.7 
29.2m 
14.3 
28.0m 
15.0 
26.7m 
15.7 
25.4m 
16.5 
24.3m 
17.3 
23.1m 
18.1 
22.1m 
19.1 
21.0m 
20.0 
20.0m 
21.0 
19.1m 
21.9 
18.3m 
22.8 
17.5m 
24.5 
16.3m 
29.3 
15.8m 
26.8 
14.9m 
28.3 
14.1m 
29.7 
13.5m 
31.0 
129m 


0.5 W 


14.7 
34.1m 
15.3 
32.6m 
16.0 
31.3m 
16.7 
29.9m 
17.6 
28.4m 
18.4 
27.1m 
19,4 
25.8m 
20.2 
24.7m 
21.3 
23.4m 
22.4 
22.4m 
239 
21.3m 
24.5 
20.4m 
25.5 
19.6m 
27.4 
18.3m 
28.3 
17.7m 
30.0 
16.7m 
31.6 
15.8m 
33.2 
15.1m 
34.6 
14.4m 


0.66 W 


IW 


Pct pct rt Pst e a a a a a aa ae a a aa a a a 
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0.33 W 


29.8 
11.1m 
31.5 
10.5m 
33.0 
10.0m 
34.5 
9.57m 
35.9 
9.20m 
37.7 
8./6m 
39.4 
8.38m 
41.0 
8.04m 
43.0 
768m 
45.2 
7.30m 
47.4 
6.97m 
49.7 
6.63m 
52.0 
6.34m 
54.8 
6.02m 
57.4 


| 574m 


60.2 
5.48m 
62.9 
5.24m 
65.5 
5.04m 
70.4 
469m 


0.4 W 


32.9 
12.2m 
34.6 
11.5m 
36.3 
11.0m 
37.9 
10.5m 
39.5 
10.1m 
41.5 
9.64m 
43.4 
9.23m 
45.2 
8.86m 
473 
8.45m 
49.8 
8.03m 
52.2 
767m 
54.8 
7.30m 
57.3 
6.98m 
60.3 
6.63m 
63.2 
6.32m 
66.3 
6.03m 
69.3 
5.77m 
72.1 
5.55m 
71.5 ı 
5.16m 


0.5 W 


36.7 
13.6m 
38.7 
12.9m 
40.6 
12.3m 
42.4 
11.8m 
44.2 
113m 
46.4 
10.8m 
48.5 
10.3m 
50.5 
9.90m 
52.9 
9.45m 
53.7 
8.98m 
58.3 
8.57m 
61.2 
8.16m 
64.0 
7.8lm 
67.5 
7.41m 
70.7 
707m 
74.2 
6.74m 
77.5 
6.45m 
80.6 
6.20m 
86.6 
5.77m 


0.66 W 


42.2 
15.6m 
44.5 
14.8m 
46.7 
14.1m 
48.7 
13.5m 
50.7 
13.0m 
53.3 
12.4m 
55.7 
11.9m 
58.0 
11.4m 
60.8 
10.9m 
64.0 
10.3m 
67.0 
9.85m 
70.4 
9.38m 
736 
8.97m 
77.5 
8.52m 
81.2 
8.12m 
85.2 
775m 
89.0 
742m 
92.6 
7.13m 
99.5 
6.63m 


1W 


52.0 
19.2m 
54.8 
18.3m 
57.4 
17.4m 
60.0 
16.7m 
62.4 
16.0m 
65.6 
15.2m 
68.6 
14.6m 
71.4 
14.0m 
74.8 
13.4m 
78.7 
12.7m 
82.5 


12.1m ` 


86.6 
115m 
90.6 
11.0m 
95.4 
10.5m 
100 
10.0m 
105 
9.53m 
110 
9.13m 
114 
8.77m 
122 
8.16m 


rtrd rd rs ers ers ers er srs erste er cere csr cer crc er <ce< 


72.7 
4.54m 
77.1 
4.28m 
81.2 
4.06m 
85.2 
3.87m 
89.0 
3.71m 
94.4 
3.50m 
99.5 
3.32m 
104 
3.16m 
109 
3.03m 
113 
2.91m 
119 
2.77m 
125 
2.65m 
130 
2.54m 
136 
2.43m 
143 
2.3lm 
150 
2.20m 
157 
2.10m 
164 
2.01m 
173 
1.90m 


0.4 W 


80.0 
5.00m 
84.9 
471m 
89.4 
4.47m 
93.8 
4.26m 
98.0 
4.08m 
104 
3.85m 
110 
3.65m 
115 
3.48m 
120 
3.33m 
125 
3.20m 
131 
3.05m 
137 
2.92m 
143 
2.80m 
150 
2.67m 
157 
2.54m 
165 
2.43m 
173 
2.31lm 
181 
2.21m 
191 
2.10m 


0.5 W 


89.4 
5.59m 
94.9 
5.27m 
100 
5.00m 
105 
477m 
110 
4.56m 
116 
4.30m 
122 

4. 08m 
128 
3.89m 
134 
3.73m 
140 
3.58m 
147 
3.41m 
153 
3.26m 
160 
3.13m 
167 
2.99m 
176 
2.84m 
184 
2.71m 
194 
2.58m 
202 
2.47m 
213 
2.34m 
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R | 033W 


0.66 W 


1W 
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Table 7.2 Maximum power for resistors between 0.33 and 1 W 119 


0.33 W 


182 
1.82m 
191 
1.73m 
199 
1.66m 
207 
1.59m 
222 
1.48m 
230 
1.44m 
244 
1.35m 
257 
1.28m 
269 
1.22m 
281 
1.17m 
298 
1.11m 
315 
1.05m 
330 
1.00m 
345 
957u 
359 
920u 
377 
876u 
394 
838u 
410 
804u 
430 
768u 


0.4 W 


200 
2.00m 
210 
1.91m 
219 
1.83m 
228 
1.75m 
245 
1.63m 
253 
1.58m 
268 
1.49m 
283 
1.41m 
297 
1.35m 
310 
1.29m 
329 
1.22m 
346 
1.15m 
363 
1.10m 
379 
1.05m 
395 
1.01m 
415 
964u 
434 
923u 
452 
886u 
473 
845u 


0.5 W 


224 
2.24m 
235 
2.13m 
245 
2.04m 
255 
1.96m 
274 
1.83m 
283 
177m 
300 
1.67m 
316 
1.58m 
332 
1.51m 
346 
1.44m 
367 
1.36m 
387 
1.29m 
406 
1.23m 
424 
1.18m 
442 
1.13m 
464 
1.08m 
485 
1.03m 
505 
990u 
529 
945u 


0.66 W 


1 W 
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Rr | 033W osw osw  066W iw | 


452 498 557 
730u 803u 898u 
4-74 522 583 
697u 767u 857u 
497 548 612 
663u 730u 8l6u 
520 573 640 
634u 698u 78lu 
548 603 675 
602u 663u 74lu 
574 632 707 
574u 632u 707u 
629 693 775 
524u 577u 645u 
704 775 866 
469u 516u 577u 
771 849 949 
428u 471u 527u 
852 938 1.05k 
387u 426u 477u 
944 1.04k 1.16k 
350u 385u 430u 
1.04k 1.15k 1.28k 
316u 348u 389u 
1.13k 1.25k 140k 
29lu 320u 358u 
1.25k 1.37k 1.53k 
265u 292u 326u 
1.36k 1.50k 1.67k 
243u 267u 299u 
1.50k 1.65k 1.84k 
220u 243u 27lu 
1.64k 1.81k 2.02k 
20lu 22lu 247u 
1.82k 2.00k 2.24k 
182u 200u 224u 


por rc Pc rt erP er der srr eS er Serer SPS eS eK P< 


Table 7.3 Maximum power for resistors between 2 and 5 W 


R [ow znw 3w 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
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V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 


333m 
6.63 
302m 
7,39 
272m 
8.12 
246m 
8.83 
226m 
9.70 
206m 
10.6 
189m 
11.7 
171m 
12.8 
156m 
14.1 
141m 
15.5 
129m 
17.3 
115m 
19.0 
105m 
21.0 
95.3m 
23.2 
86.1m 
25.7 
778m 
27.9 
71.6m 
30.7 
65.2m 
33.5 
59.8m 


25 W 


373m 
7.42 
337m 
8.22 
304m 
9.08 
275m 
9.87 
253m 
10.8 
231m 
11.8 
211m 
13.0 
192m 
14.3 
175m 
15.8 
158m 
17.3 
144m 
19.4 
129m 
21.2 
118m 
23.9 
107m 
26.0 
96.2m 
28.7 
87.0m 
31,2. 
80.1m 
34.3 
729m 
37.4 
66.8m 
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2.5 W 3W 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 


9.53m 
232 
8.6lm 
257 
7.78m 
279 
7.16m 
307 
6.52m 
335 
5.98m 
369 
5.42m 
405 
4.94m 
447 
447m 
490 
4.08m 
548 
3.65m 
600 
3.33m 
663 
3.02m 
735 
2.72m 
812 
2.46m 
883 
2.26m 
970 
2.06m 
1.06k 
1.89m 
1.17k 
1.71m 


2.5 W 


10.7m 
260 
9.62m 
287 
8.70m 
312 
8.01m 
343 
7.29m 
374 
6.68m 
412 
6.06m 
453 
5.52m 
500 
5.00m 
548 
4.56m 
612 
4.08m 
671 
3.73m 
742 
3.37m 
822 
3.04m 
908 
2.75m 
987 
2.53m 
1.08k 
2.3lm 
1.18k 
2.11m 
1.30k 
1.92m 
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law ow aw. 4w ow 


1.57k 1.81k 


1.91m 2.21m 
1.73k 2.00k 
1.73m 2.00m 


Table 7.4 Maximum power for resistors between 6 and 10 W 


ow | 


245m 
24.5 
346m 
17.3 
424m 
14.1 
445m 
13.5 
53lm 
11.3 
548m 
11.0 
580m 
10.4 
639m 
9,39 
648m 
9.26 
775m 
7.79 
849m 
7.07 
949m 
6.32 
1.04 
5.77 
1.15 
5,22 
1.27 
4.71 
1.41 
4.26 
1.53 
3.92 
1.68 
3.57 


265m 
26.5 
374m 
18.7 
458m 
15.3 
48lm 
14.6 
574m 
12.2 
592m 
11.8 
626m 
11.2 
690m 
10.1 
700m 
10.0 
837m 
8.37 
917m 
7.64 
1.02 
6.83 
1.12 
6.24 
1.24 
5.64 
1.37 
5.09 
1.52 
4.61 
1.65 
4.24 
1.81 
3.86 


7.5 W 


9 W 
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V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


Table 7.4 Maximum power for resistors between 6 and 10 W 129 


75W  9W o 


v 
A 
V 
A 
V 
A 
V 
A 
V 
A 
v 
A 
v 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
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7.5 W 9W 


y 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


Table 7.4 Maximum power for resistors between 6 and 10 W 131 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


Table 7.5 Maximum power for resistors between 11 and 25 W 


E LW RW BW 17 W 


332m 346m 387m 
33.2 34.6 38.7 
469m 490m 548m 
23.5 24.5 27.4 
574m 600m 671m 
19.1 20.0 22.4 
602m 629m 704m 
18.3 19.1 21.3 
719m 751m 840m 
15.3 16.0 17.9 
742m 775m 866m 
14.8 15.5 17.3 
785m 820m 917m 
14.0 14.6 16.4 
865m 903m 1.01 
12.7 13.3 14.9 
877m 917m 1.02 
12.5 13.1 14.6 
1.05 1.10 1.22 
10.5 11.0 12.2 
1.15 1.20 1.34 
9.57 10.0 11.2 
1.28 1.34 1.50 
8.56 8.94 10.0 
1.41 1.47 1.64 
7.82 8.16 9.13 
1.56 1.62 1.82 
7.07 7.39 8.26 
1.72 1.80 2.01 
6.38 6.67 7.45 
1.91 1.99 2.22 
5.77 6.03 6.74 
2.07 2.16 2.42 
5.31 5.55 6.20 
2.27 2.37 2.66 
4.84 5.05 5.65 
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R | uw 2w Bw vw sw | 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


134 Electronics Calculations Data Handbook 


R |uw LW o BW vw sw | | 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
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R | uw LW Bw TW 3Ww | 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
y 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
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R (uw 2w BW 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


Table 7.6 Maximum power for resistors between 50 and 300 W 


Ro 50W WOW 200W 20W 300W = 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
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R è [sow 100W 20W 20W 300W a 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
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RO 50 W 100W 200W 250 W 300 W -_ 


V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


140 Electronics Calculations Data Handbook 


a 50 W 100 W 200 W 250 W 300 W i 


y 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 
V 
A 


Table 7.6 Maximum power for resistors between 50 and 300 W 141 


R | sow 


100 W 


134k 
74.5m 
148k 
674m 
1.64k 
60.9m 
1.82k 
55.0m 
1.97k 
50.6m 
2.17k 
46.1m 
2.37k 
423m 
2.61k 
38.3m 
2.86k 
34.9m 
3.16k 
31.6m 


200 W 


1.90k 
105m 
2.10k 
95.3m 
2.32k 
86.1m 
2.57k 
77.8m 
2.79k 
71.6m 
3.07k 
65.2m 
3.35k 
59.8m 
3.69k 
54.2m 
4.05k 
49.4m 
4.47k 
44.7m 
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8 Voltage dividers 


Introduction 


Figure 8.1 shows a voltage divider. It is used everywhere in electronics to reduce 
the level of AC and/or DC voltages. The attenuation, input resistance and output 
resistance are as follows: 


Ry 
A= 8.1 
Ri + Ro (8.1) 
dB = —20 log 0(4) (8.2) 
Ri = Ri + Ro (8.3) 
R, Ro 

Ro = ————_ 8.4 
E Ri + Ro ( ) 


All of these parameters are given in Table 8.1 for various combinations of E24 re- 
sistor, and sorted in order of increasing attenuation. The Table starts at 1 dB and 
ends at 60 dB. 


R, 


Vout 


Figure 8.1 A voltage divider 


The equations assume that the circuit is driven by a perfect voltage source, 
i.e. a circuit with zero output impedance, and drives a circuit of infinite input 
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impedance. If the source is the output pin of an op-amp, and the load a non- 
inverting op-amp circuit, this is as true as makes no difference. If source resist- 
ance is a tenth of Ry, or load impedance ten times Ro, then the error is just under 
a dB; if the ratios are 100:1, then it is less than 0.1 dB. 


Using Table 8.1 in cases where source and load 
impedances can be ignored 


We can simply look up the desired attenuation in column A or dB as appropriate, 
and choose a pair. 


Example 8.1: A voltage divider of 4 dB could be formed by resistors 


R,, Rp = 3k6, 6k2 and 3k, 5k] respectively, amongst many. 


When source and load impedances cannot be ignored 


Selecting values for a voltage divider with ideal source and load impedances is 
pretty straightforward, as we saw above, but what happens when source and load 
begin affecting the nominal attenuation noticeably? Let us consider what 
happens. 

We'll call source impedance Rs, input and output impedances of the attenu- 
ator R; and Ro, as before, and load impedance Ry. Ideally, we want Ry to be 
much greater than Rs, and Ry much greater than Ro. This implies that (as Ro 
cannot be greater than R1} Ry should be much greater than Rs. 

(Of course, the situation can arise where the loss due to Rs and A is actually 
greater than the desired attenuation. If we are in doubt, we can check this by cal- 
culating a value for EIR if this gives a greater attenuation than that desired, 
we need a buffer amplifier, rather than an attenuator) 

In Table 8.1, the columns Rsmax and R Lmin give suggested values for, as their 
names suggest, a maximum value of Rs and a minimum of RL. This is calculated 
so that, with both in place, they cause the circuit to have an attenuation of 1 dB 
more than the value given in the dB column. This is true so long as Rgs is still less 
than or equal to Rsmax, and Ry greater than or equal to Rumin. The column 
Rs (dB) is the ratio of them. 

(If we wish, we can scale both R; and Rə by factors of 10 in the same sense. 
Then Ry Ro, Rsmax and Rymin will also be scaled. A, dB and R1s( dB) will 
be unaffected.) 

If we set out to design an attenuator to work in a circuit where Rs and Ry are 
significant, we can start out by calculating their ratio, me Pm going to call this 
R¡s (real). Two possible situations now arise: 


1. If Rs (real) is greater than or equal to R ¡s(1 dB) for the desired value of dB in 
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Table 8.1, the attenuation with R y and Rg in place should be within 1 dB of nom- 
inal. (Provided that we can find a pair where Rs < Rsmax and Ry > RLMIN) 

2. If Ris (real) is less than R¡s(l1 dB) the error will be more than 1 dB. In this 
situation the problem could be approached by other methods, or the values in 
the table used as a starting point. 


Havingselectedapairofvalues, wecancheck them numerically, ifweareconcerned 
about the accuracy. First we calculate the parallel resistance of Ry and Ro: 


_ Riko 
Then: 
E Rp 
attenuation = p- R, F R} (8.6) 


The best way to see how things work is to look at some examples. 


Example 8.2: Form a 10 dB attenuator to go between a source of 100 Q and a 


load of 10k. 


Our ratio of load to source is 100. We look down the dB column at values 
around 10 dB. Rıs(l1 dB) is given as 63 or so here, so our error is less than 1 
dB. Now look through the available pairs, to find one where we will be able 
to make Rs and Ry in range. We can see that we will need to divide by 10 to 
make Rsmax > 100 Q and Ryn < 10k. We might choose: 


R; Ro A dB Ry Ro Rsmax Ruimin Rts (1 dB) 
12k 5k6 318m 09.95 176k 382k 41.03k 65.1k 63.1 


This would yield Rsmax = 103 Q, Ruin = 6.51k. We conclude that the error 
will be around 0.7 dB. (Rs is about equal to Rgmax, so say 0.5 dB, Ry, is about 
1.5 times Rumin, we could guess at 0.2 dB. Or we might calculate the actual 
attenuation using Eqns(3.5) and (3.6). So we aim up the table to lines where 
dB = 93 or thereabouts. We find (again selecting for Rsmax > 10012 and 
Riumin < 10k): 


R; Ro A dB Ry Ro Rsmax RimiN Rts (1 dB) 
13k 6k8 343m 09.28 19.8k 4.46k 1.16k 76.1k 65.6 


and decide to try Ri = 1k3, Ro = 6802, as Rsmax = 116 Q, Rumin = 7.6k 
then. To check, we work backwards and calculate that Rp = 680 Q in parallel 
with 10k, or 634 Q, and we get: 

634 


ion = —————_-_—_- = 0.312 10.1dB 
attenuation 100 + 1300 +634 or 10 


which is pretty good. 
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Here's another example, where the values of Ri and Rs make things tougher. 


Example 8.3: An attenuator of 3 dB, with a source of 400 Q, and a load of 3k. 
Here we see that our ratio is a lot lower, a = 7.5. If we go to the part of the 
table where dB = 3, we see that the Rys(1 dB) column gives figures of about 
67, telling us that we will lose a lot more than 1 dB due to Rs and Ry. Ob- 
viously we need less nominal attenuation; we want the error due to Rg and 
Ry, and the nominal attenuation of the attenuator chosen to total 3 dB. 


A possible solution is to use the load resistance itself as R2. The load is 3k; 
looking up the table, we see: 


R; Ro A dB Ry Ro Rsmax RiminN Kis(l dB) 
1k2 3k 714m 02,92 420k 857 235 15.3k 65.4 


which is, by good luck, ideal. Rı would ideally be 1k2, but we already have a 
source of 400 Q, so we want the nearest value to 800 Q, which is 820 Q. If we 
wanted to check, we would calculate 000 11007500 = 0.711 = 2.96 dB, very 
close. 


Example 8.4: Rg = 1k, Ry = 5k and the attenuation desired is 8 dB. 


Here our ratio is again low, 5. Our loss will be too great again, so we look for 
values of Ra near to 5k. We find: 

Ri Ro A dB Ry Ro Rsmax  Rimin Ris (1 dB) 
7k5 5kl 405m 07.86 126k 3.04k 732 52.3k 71.5 


suggesting that we need a series resistor between source and load of (7k5 — Ik), 
or 6k5. The nearest preferred value is 6k8, giving an attenuation of 


570371 = 0.391 or 8.16 dB, very close. 


Note that in cases where the load and source resistances form a part of the 
attenuator itself, we should check that they have a suitable power rating. 
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5k6 30k 
3k 16k 
6k2 33k 
5kl 27k 
6k8 36k 
8k2 43k 
Ik3 6k8 
7k5 39k 
lk2 6k2 
9ki 47k 
3k9 20k 
ik6 8k2 
4k3 22k 
4k7 24k 
Ik 5k] 
10k 51k 
lkl 5k6 
1k8 9ki 
Ik5 7k5 
2k 10k 
2k2 llk 
2k4 12k 
3k  15k 
3k6 18k 
6k8 33k 
3k3 16k 
6k2 30k 
5k6 27k 
2k7 13k 
7k5 36k 
1k3 6k2 
8k2 39k 
9kl 43k 
5kl 24k 
Ik 4k7 
l0k 47k 
7k5 
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Ro Rsmax Rimin Ris(l dB) 
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O # Fun Rew Ris( dB 


a 
12k 
1k8 
3k6 
4k7 
8k2 
lik 
7k5 
9k1 
6k8 
6k2 
10k 
2k2 
3k3 
2k7 
Ik6 
1k5 
2k 

3k 

1k3 
13k 
3k9 
5k6 
4k3 
4k7 
5kl 
12k 
6k2 
8k2 
2k4 
10k 
1k6 
2k 

3k6 
6k8 
9kl 
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14.4] 

14.44 
14.46 
14.46 
14.49 
14.49 
14.50 
14.5] 

14.54 
14.57 
14.63 
14.65 
14.67 
14.72 

14.72 
14.86 
14.88 
14.88 
14.89 
14.89 
14.94 
14.99 
15.02 
15.04 
15.07 
15.09 
15.10 

15.12 

15.12 

15.13 

15.16 

15.20 
15.22 
15.27 
15.29 
15.30 
15.33 


Ry 


24.7k 
5.80k 
29.6k 
48.1k 
5.30k 
53.0k 
6.90k 
27.1k 

16.0k 
33.2k 
44.2k 
40.5k 
36.8k 
14.7k 
19.6k 
8.30k 
18.3k 
12.2k 
11.1k 

10.0k 
13.4k 
21.9k 
6.20k 
24.3k 
6.80k 
26.7k 
9.10k 
57.0k 
5.70k 
29.1k 
52.1k 
47.2k 
7.50k 
43.5k 
15.7k 
32.6k 
36.2k 
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Ro 


3.81k 
891 
4.54k 
7.38k 
811 
8.11k 
1.06k 
4.14k 
2.44k 
5.04k 
6.68k 
6.11k 
5.54k 
2.20k 
2.94k 
1.23k 
2.70k 
1.80k 
1.64k 
1.48k 
1.97k 
3.21k 
905 
3.54k 
988 
3.87k 
1.32k 
8.25k 
825 
4.21k 
7.51k 
6.78k 
1.07k 
6.21k 
2.24k 
4.64k 
5.14k 
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Rsmax Rimm  Ris(1dB) 
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Ro Rsmax Rmn Rxs(1 dB) 
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Rsmax Rim  Rs( dB) 
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24k 
36k 
68k 


91k 
75k 
llk 
27k 
15k 
30k 
22k 
33k 
18k 
51k 
47k 
13k 
43k 
56k 
62k 
39k 
68k 
l6k 
12k 
82k 
llk 
22k 
91k 
75k 
100k 
15k 
18k 
24k 
27k 
30k 
33k 
36k 
20k 


1k8 
2k7 
5kl 


100k 7k5 


6k8 
5k6 
820R 
2k 
lkl 
2k2 
1k6 
2k4 
1k3 
3k6 
3k3 
9I0R 
3k 
3k9 
4k3 
2k7 
4k7 
lkl 
820R 
5k6 
750R 


69.8m 
69.8m 
69.8m 
69.8m 
69.5m 
69.5m 
69.4m 
69.0m 
68.3m 
68.3m 
67.8m 
67.8m 
674m 
65.9m 
65.6m 
65.4m 
65.2m 
65.1m 
64.9m 
64.7m 
64.6m 
643m 
64.0m 
63.9m 
63.8m 
63.8m 
63.8m 
63.7m 
63.7m 
62.5m 
62.5m 
62.5m 
62.5m 
62.5m 
62.5m 
62.5m 


23.13 

23.13 

23.13 

23.13 

23.16 
23.16 
23.18 
23.23 
23.31 

23.31 

23.38 
23.38 
23.43 
23.62 
23.66 
23.69 
23.71 

23.73 
23.76 
23.78 
23.79 
23.83 
23.88 
23.89 
23.90 
23.90 
23.91 

23.92 
23.92 
24.08 
24.08 
24.08 
24.08 
24.08 
24.08 
24.08 
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100k 5k6 
43k 2k4 
18k Ik 
27k 1k5 
36k 2k 
20k lkl 
I5k 820R 
22k 1k2 
33k  1k8 
24k  1k3 
56k 3k 
30k = 1k6 
62k 3k3 
5Ik  2k7 
68k 3k6 
82k 4k3 
13k 680R 
75k 3k9 
12k 620R 
Qik 4k7 
39k 2k 
lok 820R 
43k 2k2 
47k 2k4 
100k 5kl 
llk 560R 
18k 910R 
I5k 750R 
20k 1k 
22k ikl 
24k 1k2 
30k = =1k5 
36k  1k8 
68k 3k3 
33k  1k6 
62k 3k 
56k 2k7 


53.0m 
52.9m 
52.6m 
52.6m 
52.6m 
52.1m 

51.8m 
51.7m 

51.7m 

514m 
50.8m 
50.6m 
50.5m 
50.3m 
50.3m 
49.8m 
49.7m 
49.4m 
49.1m 
49.1m 
48.8m 
48.8m 
48.7m 
48.6m 
48.5m 
48.4m 
48.1m 
476m 
476m 
476m 
47.6m 
476m 
476m 
46.3m 
46.2m 
46.2m 
46.0m 


25.51 

25.54 
25.58 
25.58 
25.58 
25.66 
25.71 

25.73 
25.73 
25.78 
25.87 
25.91 

25.93 
20.9) 
25.97 
26.05 
26.07 
26.12 

26.17 

26.18 
26.24 
26.24 
26.25 
26.27 
26.28 
26.30 
26.35 
26.44 
26.44 
26.44 
26.44 
26.44 
26.44 
26.69 
26.70 
26.72 
26.75 


6.26k 
2.69k 
1.13k 
1.69k 
2.25k 
1.25k 
937 
1.37k 
2.06k 
1.50k 
3.90k 
1.87k 
3.87k 
3.18k 
4.24k 
5.11k 
811 
4.68k 
748 
5.67k 
2.43k 
997 
2.68k 
2.93k 
6.23k 
685 
1.12k 
933 
1.24k 
1.37k 
1.49k 
1.87k 
2.24k 
4.22k 
2.05k 
3.89k 
3.48k 


89.5k 
38.4k 
16.0k 
24.0k 
32.0k 
17.6k 

13.1k 

19.2k 
28.8k 
20.8k 
48.1k 
25.6k 
52.9k 
43.3k 
57.7k 

69.0k 
10.9k 
62.6k 
9.95k 
75.4k 
32.1k 

13.2k 
35.3k 
38.5k 
81.9k 
8.99k 
14.6k 
12.1k 

16.1k 

17.7k 

19.3k 
24.1k 
28.9k 
53.1k 

25.8k 
48.3k 
43.5k 


14.3 
14.3 
14.2 
14.2 
14.2 
14.1 
14.0 
14.0 
14.0 
13.9 
13.7 
13.7 
13.7 
13.6 
13.6 
13.5 
13.5 
13.4 
13.3 
13.3 
13.2 
13.2 
13.2 
13.2 
13.2 
13.1 
13.0 
12.9 
12.9 
12.9 
12.9 
12.9 
12.9 
12.6 
12.6 
12.5 
12.5 
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100k 3k6 
2k 430R 
56k 
62k 
Ik 
51k 
68k 
lok 
43k 
18k 
24k 
22k 
47k 
15k 
20k 
27k 
30k 
33k 
36k 
39k 
13k 
100k 
91k 
82k 
llk 
12k 
68k 
62k 
56k 
75k 
47k 
l6k 
51k 
I5k 
24k 
18k 
20k 
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22k 680R | 30.0m 
39k 

36k 

27k 

30k 

33k 

43k 

11k 

12k 

13k 

100k 

gik 

5Ik 

68k 

16k 

75k 

82k 

62k 

I5k 430R 
56k  1k6 
18k SIOR 
24k 680R 
39k Ikl 
22k 620R 
20k 560R 
43k 1k2 
27k 750R 
36k lk 
13k 360R 
47k 1k3 
33k JOR 
12k 330R 
30k 820R 
llk 300R 
l00k 2k7 
l6k 430R 
82k 2k2 
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22k 
13k 
27k 
36k 
33k 
30k 
12k 
16k 
68k 
15k 
100k 
91k 
82k 
lik 
18k 
51k 
20k 
56k 
22k 
75k 
47k 
24k 
43k 
39k 
62k 
36k 
13k 
27k 
30k 
16k 
33k 
11k 
12k 
15k 
18k 
75k 
100k 


5IOR 
300R 
620R 
820R 
750R 
680R 
270R 
360R 
Ik5 
330R 
2k2 
2k 
1k8 
240R 
390R 
lkl 
430R 
1k2 
470R 
1k6 
lk 
SIOR 
910R 
820R 
1k3 
750R 
270R 
560R 
620R 
330R 
680R 
220R 
240R 
300R 
360R 
1k5 
2k 
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100k 
12k 
16k 
24k 
13k 
22k 
18k 
27k 
82k 
51k 
56k 
75k 
62k 
91k 
68k 
39k 
15k 
20k 
30k 
100k 
36k 
47k 
43k 
Hk 
33k 
13k 
l6k 
24k 
18k 
27k 
82k 
56k 
68k 
39k 
20k 
30k 
100k 


1k3 
150R 
200R 
300R 
160R 
270R 
220R 
330R 
lk 
620R 
680R 
910R 
750R 
lkl 
820R 
470R 
180R 
240R 
360R 
1k2 
430R 
560R 
SIOR 
130R 
390R 
ISOR 
180R 
270R 
200R 
300R 
910R 
620R 
750R 
430R 
220R 
330R 
lkl 
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Ry 


91k 

51k 

62k 
75k 
43k 
llk 

22k 
33k 
47k 
36k 
12k 
15k 
11k 

12k 
13k 
15k 
lok 
18k 
20k 
22k 
24k 
27k 
30k 
33k 
36k 
39k 
43k 
47k 
51k 

56k 
62k 
68k 
75k 
82k 
91k 
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Ik 
560R 
680R 
820R 
470R 
120R 
240R 
360R 
SIOR 
390R 
IBOR 
I60R 
HOR 
120R 
IBOR 
ISOR 
I60R 
180R 
200R 
220R 
240R 
270R 
300R 
330R 
360R 
390R 
430R 
470R 
SIOR 
560R 
620R 
680R 
750R 
820R 
91OR 


100k 1k 


lok 


ISOR 


92.0k 
51.6k 
62.7k 
75.8k 
43.5k 
11.1k 
22.2k 
33.4k 
47.5k 
36.4k 
12.1k 
15.2k 
11.1k 
12.1k 
13.1k 
15.2k 
16.2k 
18.2k 
20.2k 
22.2k 
24.2k 
27.3k 
30.3k 
33.3k 
36.4k 
39.4k 
43.4k 
47.5k 
51.5k 
56.6k 
62.6k 
68.7k 
75.8k 
82.8k 
91.9k 
101.0k 
16.2k 


Ro 


989 
594 
673 
811 

465 
119 

237 
356 
505 
386 
129 
158 
109 
119 

129 
149 
158 
178 
198 
218 

238 
267 
297 
327 
356 
386 
426 
465 
505 
554 
614 
673 
743 
812 

901 
990 
149 


Rsmax  ÍÁRLMIN 


5.45k 
3.06k 
3.71k 
4.49k 
2.58k 
659 
1.32k 
1.98k 
2.82k 
2.16k 
719 
898 
658 
718 
778 
898 
958 
1.08k 
1.20k 
1.32k 
1.44k 
1.62k 
1.80k 
1.97k 
2.15k 
2.33k 
2.57k 
2.81k 
3.05k 


-333k 


3.71k 

4.07k 
4.49k 
4.91k 
5.45k 
5.98k 
957 


16.7k 
9.35k 
114k 
13.7k 
785k 
2.00k 
4.01k 
6.01k 
8.51k 
6.51k 
2.17k 
2.67k 
1.84k 
2.01k 
2.17k 
2.51k 
2.67k 
3.01k 
3.34k 
3.68k 
4.01k 
4.51k 
5.01k 
5.51k 
6.02k 
6.52k 
7.19k 
7.85k 
8.92k 
9.36k 
10.4k 
11.4k 
12.5k 
13.7k 
15.2k 
16.7k 
2.5lk 


Ris (1 dB) 


3.06 
3.06 
3.06 
3.05 
3.05 
3.04 
3.04 
3.04 
3.02 
3.02 
3.02 
2.97 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.79 
2.19 
2.79 
2.79 
2.79 
2.79 
2.79 
2.62 


Table 8.1 Voltage dividers 193 
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62k SIOR 
100k 820R 
22k 180R 
33k 270R 
27k 220R 
l6k 130R 
I5k 120R 
20k 160R 
30k 240R 
13k 100R 
39k 300R 
56k 430R 
43k 330R 
47k 360R 
dik 390R 
62k 470R 
82k 620R 
lok 120R 
20k 150R 
24k 
36k 
68k 
100k 
91k 
75k 
27k 
15k 
30k 
22k 
33k 
18k 
olk 
47k 
43k 
56k 
62k 
39k 
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44.77 
44.86 
44.88 
44.88 
44.88 
45.02 
45.08 
45.08 
45.11 

45.15 

45.15 

45.15 

45.24 
45.31 

45.31 

45.37 
45.47 
45.51 

45.52 
45.57 

45.57 

45.65 
45.72 

45.78 
45.85 
45.87 
45.88 
45.89 
46.06 
46.06 
46.06 
46.06 
46.06 
46.32 
46.33 
46.35 
46.38 


Table 8.1 Voltage dividers 197 


O O Roux Fins Resta 


198 Electronics Calculations Data Handbook 


100k 390R 
62k 240R 
39k 150R 
47k 
43k 
27k 
30k 
82k 
33k 
91k 
36k 
75k 
100k 
56k 
62k 
51k 
68k 
43k 
47k 
30k 
33k 
36k 
39k 
100k 
91k 
82k 
68k 
62k 
56k 
75k 
47k 
51k 
39k 
36k 
33k 
43k 
100k 300R 
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56k 120R 
75k 160R 
47k 100R 
62k 130R 
75k 150R 
100k 200R 
9Ik 180R 
56k HOR 
5lk 100R 
82k 160R 
62k 120R 
68k 130R 
82k 150R 
100k 180R 
56k 100R 
62k OR 
68k 120R 
91k 160R 
75k  130R 
9lk 150R 
68k 10OR 
62k 100R 
75k 120R 
100k 160R 
82k 130R 
100k 150R 
68k 100R 
75k HOR 
82k 120R 
glk 130R 
82k HOR 
75k 100R 
9lk 120R 
100k 130R 
82k 100R 
91k NOR 
l00k 120R 
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100k HOR | 110m 59.18 | 100.0k = 110 5.93k 1.85k 313m 


9lk 100R | 110m 59.19 | 9LIKk 999 5.40k 169k 312m 
100k 100R | 999u 60.01 | 100.0k 99.9 5.93k 169k 284m 
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9 First-order CR and LR 
circuits 


Introduction 


There are two first-order CR and two first-order LR circuits which we will con- 
sider here. One circuit of each type forms an integrator, or a low-pass filter, and 
one a differentiator, or a high-pass filter. All four circuits can be considered to 
be variations on the voltage dividers which we looked at in Chapter 8. In each 
case, either the input resistor or the output resistor is replaced with either a capa- 
citor or an inductor. 

Where we call them integrators and differentiators we will look at their output 
waveforms when their input is a pulse. This is called the time response. Then we 
will consider their action as filters; that is, we will look at the amplitude and 
phase of their outputs when the input is a sine wave of varying frequency. This is 
the frequency response. 

The two approaches are in fact different ways of looking at the same thing, 
which is their transfer function — in other words their output for any given input. 
Both methods can be both understood and quantified without much mathe- 
matics, and one, other or both is usually very helpful when we need to use them 
in a circuit, or understand their use. 


Time response 


A quick explanation of CR and LR circuit waveforms 
The four circuits, with their associated waveforms, are shown in Figure 9.1. 

We assume that the resistance of the source is negligible, and the load on the 
circuit is high enough to be ignored. Both CR circuits have the same current 
waveform, and so do both LR circuits. (As discussed in Chapter 5, the current 
in a series circuit is the same through each of its components, and putting them 
in a different order makes no difference to that current.) Also, the sum of the 
capacitor's and the resistor's, or the inductor's and the resistor’s, voltages always 
equals the input voltage (by Kirchhoff’s voltage law). 


CR INTEGRATOR CR DIFFERENTIATOR LR INTEGRATOR LR DIFFERENTIATOR 


L 
T=CR o— T=5 


Vin Your Vin Vout Vin Vout Vin Vout 
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Figure 9.1 First-order circuits — time response 
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A capacitor will always resist a sudden change in the voltage across its 
terminals. Hence, when the leading edge of the pulse arrives, its voltage remains, 
initially, at zero. All of the available voltage is, at that moment, across the resistor. 
Therefore the current at that moment is J = > 

The current charges the capacitor, causing its voltage to increase from zero. Ás 
this happens the voltage across the resistor decreases. The current (proportional 
always to the voltage across the resistor) falls accordingly. This in turn slows 
down the charge rate of the capacitor. Hence the rate of change of the voltage 
across the capacitor decreases as that voltage approaches the input voltage. The 
current in the circuit falls from / = R towards zero, and the voltage across the re- 
sistor falls from V towards zero. 

Eventually, the capacitor is fully charged, and the voltage across it is equal to 
the input voltage. Things will stay like this until the input changes again. When 
it falls to zero the voltage across the cap cannot change instantly; it must now dis- 
charge, back through the resistor, and into the source (the only possible path — 
remember that the source has a low, and the load a high, resistance). Hence a cur- 
rent of —— now flows for an instant (the minus sign indicating that the direction 
has reversed). This current decreases towards zero again as the voltage which cre- 
ated it, that across the plates of the capacitor, falls. Eventually, there is no charge 
left in the capacitor, no voltage across its terminals and no current in the circuit. 
The circuit is once again at rest, as it was in the beginning. 

Because an inductor resists a sudden change in current, an LR circuit’s current 
is at zero when the leading edge of the pulse arrives. So then is the voltage across 
the resistor at that moment. For the sum of the resistor’s and the inductor’s volt- 
age to equal the input voltage, as it must, the inductor sets up a back EMF across 
its terminals, opposing the input voltage. The back EMF decays with time, and 
current begins to flow in the circuit, creating a voltage across the resistor. Even- 
tually there is no back EMF, and the current arrives at a final value of 5. The vol- 
tage across the inductor is now zero, and the voltage across the resistor 1s V. 

When the trailing edge of the pulse arrives at the input (1.e. the input voltage 
falls towards zero again) the current in the circuit also will try to fall to zero. 
Again the inductor will resist change. ‘Io do this it will set up another back EMF, 
opposing the voltage across the resistor now. This back EMF will also decay with 
time, allowing the current in the circuit and the voltage across the resistor to fall 
towards zero. 

The only difference between the two CR (or the two LR) circuits is which de- 
vice, resistor or capacitor (inductor), is on the output side. The voltages across 
the components, and the currents through them, are identical. 


Time constants It can be seen that, essentially, only two waveform shapes 
exist for both output voltage and for current in all four circuits. These two wave- 
forms are shown in more detail in Figure 9.2. 

All of the curves are exponential in shape. How long they take to change from 
initial to final values is determined by the circuit time constant T (not to be 


208 Electronics Calculations Data Handbook 


confused with the T used for period of an AC waveform), which is in turn a 
function of component values in the circuit. 


Figure 9.2 Detail of Figure 9.1 
The formulae for T are: 


for a CR circuit: 


T=CR (9.1) 
and for an LR circuit: 
L 
T=— 
i (9.2) 


T is tabulated for various values of C and R in Table 9.1, and for L and R in Table 
9,2. These tables also give values of frequency constants which we will look at 
later under ‘Frequency response’. 

The tables are sorted in order of T, increasing for CR and decreasing for LR. 
T is given in ps. Should we want to obtain a value of T which is outside the range 
of the table we should do it by scaling one or both components by factors of 10 ap- 
propriately. As always, some examples: 


Example 9.1: Find values for a CR circuit with T = 56 ns. 
From Table 9.1: 
f(Hz) Tis) RC 


2842 56.00 lk 56n 
2842 56.00 5k6 Jûn 


We want T = 56 ns, so we need to make R and C between them 1000 times smaller. We 
could for example make R = 100 Q and C = 560p or R = 56 Q and C = In 
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Example 9.2: Find values for an LR circuit with T = 4 ps. 


From Table 9.2: 
f (Hz) T (ps) R L 
4063 39.17 1k2 47m 


To make T 10 times smaller we could either make R 10 times larger or £ 10 
times smaller. So R = 12k and L = 47m or R = 1k2 and L = 4.7m would both 


work. 


Values of voltage and current as a function of t and T Once we have de- 
termined a value of T, we can find the value of V, or /,, that is output voltage for 
any moment in time, t, after the rising or falling edge of the input waveform. 
The formulae are as follows. 


For a curve going from zero to a final value: 


V,or f= (v or 5 (1 — 07) (9.3) 


and for a curve going back down to zero: 


V, or Í, = (-)(V or Ej (9.4) 


Table 9.3 gives values of Eqns (9.3) and (9.4) for various values of 7 


Example 9.3: Find out to what the voltage out from a 2k2, 1 zF differentiator 
will be after 6 ms, when the input is a rising edge of 6 V: 


First we calculate 7, from Eqn(9.]). 
T = CR = 2k2 x 10u = 22 ms 
Now we evaluate £. Ift = 6 ms, 4 = > = 0.27. Referring to Figures 9.1 and 


9.2, we see that the waveform is a pain edge, governed by the 1 — eF func- 
tion. So we use Table 9.1 to find a value for that function where 4 = 0.27. We 


which is the nearest to 0.27. The final value of the voltage will be 6 V. So its 
value after 6 ms will be 0.741 x 6 = 4.45 V. 
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Example 9.4: Design a circuit whose output voltage will be -7 V 220 ms after 
the falling edge of a + 10 V pulse input. Give a CR and an LR alternative. 


By referring to Figure 9.1, we see that the circuit must be a differentiator, as 
that circuit has an output voltage which goes from —V to 0 after the falling 
edge of the input. The equation for that curve is —Ve*, where V = 10 Vin this 
case. So we can write: 


—7 = —10e7, or e =0.7 
and we can use Table 9.1 in reverse to find: 


-t —t 
1 — eT eT 


2 0.3012 0.6988 


t 
T 
L. 


Now we know that ¿ = 220 ms, and that $ = 12 so we know that 
T= 220 = 183.3 ms. Now we can use Table 9.3 to find suitable C and R values, 
and Table 9.4 to find L and R. 


From Table 9.3: 


(Hz) Tus) R C 
8682 18.33 4k7  3n9 


T is in pus, so we need to scale up by 1833m = 10 000. We could do this by multi- 


plying both C and R by 100. So we get R = 470 k, C = 390 n. 
From Table 9.4: 


f(Hz)  T(us) R L 
8681 18.33 1k8 33m 


Here we need to scale by making R smaller and £ larger. We could say theor- 
etical values of R = 18 Q and L = 3.3 H. A 3.3 H inductor would be huge 
(though not unknown!), which illustrates why CR circuits tend to be more 
common than LR ones. 


CR LPF LR LPF CR HPF LR HPF 


Vin Vour Vin Vout Vin Vout Vin Vout 
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Figure 9.3 First-order circuits — frequency response 
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Frequency response 


Now we look at the behaviour of the same circuits when their input is a continu- 
ous sine wave. We are interested in what happens as the frequency of the input is 
varied. 


How first-order filters work 
As we saw in Chapter 4, capacitive reactance falls with increasing frequency: 


— 
Xc= nO (9.5) 
Inductive reactance increases with frequency: 
XL =2xfL (9.6) 


Each obeys Ohm's Law, in that Vc = IXc, or XL = [Xy — that is the voltage 
across a capacitor or an inductor is the current through it multiplied by its reac- 
tance, like a resistor. However, whereas voltage and current are in phase with a 
resistor, they are 90° out of phase with inductors and capacitors. 

The four basic filter circuits are shown in Figure 9.3. We can view them all as 
being similar to the voltage divider which we looked at in Chapter 6, except that 
one component in each has a ‘resistance’ which varies with frequency. Hence the 
overall attenuation of each varies with frequency too. 

Where the component on the input side of the circuit has higher impedance at 
higher frequencies, the circuit is a low-pass filter. These are the two circuits on 
the left hand side of Figure 9.3, a CR with the capacitor across the output or an 
LR with the inductor on the input. Conversely, a high-pass filter is formed by a 
CR with the capacitor on the input side or by an LR with the inductor across 
the output. 


Frequency constants The frequency at which the reactance of the capacitor or in- 
ductor is the equal to the resistor is known as the ‘turnover frequency” (f). The at- 
tenuation at this frequency is not 6 dB, as it would be if both components were 
resistive. Because of the fact that the voltage across the reactive component is 
90° out of phase with the voltage across the resistor the attenuation is only 3 dB. 
The turnover frequency can be calculated from the component values (or com- 
ponent values selected to give a desired ft). The governing formulae are: 


Fora CR circuit: 


ee | 
q TAC 


which becomes 
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— | 
A = FERC (9.7) 
For an LR circuit: 
R= 27f,L 
or 
f= 7 (9.8) 


Values for f; are given in Table 9.1 for CR circuits and in Table 9.2 for LR circuits. 
As before, component values can be scaled to get frequencies which are outside 
the range of the table. 


Example 9.5: Give component values for a CR filter with f, = 12 kHz. 


From Table 9.1: 


AHz) Tus) R C 
1205 132.00 lkl 120n 


We need to multiply the frequency by 10, so we could divide either C or R by 10 


to achieve this. So both R = 110 Q, C = 120n and R =1k1, C = 12n would 
do it. 


Example 9.6: Give component values for an LR filter with f, = 500kHz. 
From Table 9.2: 


Az)  T(ps) R iB 
5079 31.33 1k5 47m 


We need fi 100 times larger, so we can make L smaller and/or R larger. We 
could choose, for instance, R = 15k, L = 4.7m. 


Determining the level and phase at any frequency The level of the output 
voltage, relative to the input, is determined by the ratio of the signal frequency and fe: 


For a LPF: 


Vout ] 
TOUL o or 9.9 
Don (9.9) 
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We can see that when fis much less than f;, the value of Four is very close to 1, and 
hence the signal is not much attenuated by the circuit. When 4 £i is much greater 
than 1, the value of rout approximates to: 


Vour_1_4 
TN =} E (9.10) 
fi 
From this simplified expression, it can be seen that a doubling in frequency will 
lead to a halving in output signal, or multiplying the input frequency by 10 will 
reduce its output level to one-tenth. Hence it is customary to say that the filter 
slope, above the turnover frequency, is —6 db/octave, or —20 dB/decade. 


The equation for the attenuation of a HPF is: 


Your . —_1___ (9.11) 


and a similar argument applies; this time the slope is -6 dB/octave or—20 dB/dec- 
ade below the turnover frequency. 

These filters affect the relative phase ($), as well as the level, of the signal. The 
LPF causes the output signal to be between 0 and 90° lagging the input signal, 
the HPF 0° to 90° leading. In both cases the phase angle is 45° at ft. These func- 
tions are again determined by the ratio of f and fe: 


For a HPF: 


$ (leading) = arctan (4) (9.12) 


For a LPF: 


¢ (lagging) = arctan (5) (9.13) 


Hence it is possible to predict both attenuation and phase shift through a filter 
for any given frequency, provided that fı is known. Table 9.4 gives both at intervals 
of a third of an octave, for six octaves either side of f. 

The first column of Table 9.4 gives the frequency in terms of the number of oct- 
aves away from f. (The minus sign means higher in frequency for an HPF, lower 
for an LPF) The second gives the ratio of frequencies, which we call F (f/f for 
an HPF, f/f, for an LPF). The third column is the attenuation as the ratio 
Vout/ Vin, the fourth is attenuation in dBs. The fifth column is the phase shift 
in degrees. 
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Example 9.6: What is the approximate attenuation and phase shift at a fre- 
quency of 5 kHz for a LPF consisting of a 3n3 capacitor and a 15k resistor? 
1 
= Hi = 3215H 
f = 3n x 15k x 3n3 á 


f 5000 
f 3215 de 


From Table 9.4: 


Octaves F Att dB h° 
0 2/3 01.59 0.533 05.47 57.8 


Nearest value in the table is 1.59 (2/3 octave) where attenuation is 5.5 dB, 
phase shift is 58°. 


Example 9.7: A circuit is needed to low-pass filter a signal such that the level 
at 100 kHz is 15 dB down on the signal below f+ What would f, be (using the 
table to get the nearest approximation)? What will the attenuation be at 
50 kHz? 


From Table 9.4: 


Octaves F Att dB p° 
2 1/3 05.04 0.195 14.22 78.8 


This tells us that for a 14 dB ener at 100 kHz, F= += = 5, so f, = iz 
or 20 kHz. At 50 kHz F = 3 or 2.5, and we get: 


Octaves F Att dB h° 
0 2/3 01.59 0.533 05.47 57.8 


and the attenuation is 5.5 dB. 


Table 91 Time and frequency constants for first-order CR circuits 


156.00 1k2 100n 
1026 155.10 3k6 33n 
1026 155.10 3k 39n 
1046 152.10 4k3 27n 
1053 151.20 2k4 47n 
1053 151.20 7k5 l5n 
1061 150.00 5kl 22n 
1061 150.00 2k 56n 
1064 149.60 6k2 l8n 
1064 149.60 lkl 100n 
1078 147.60 9kl 12n 
1078 147.60 3k3 33n 
1105 144.00 1k6 68n 
1122 141.90 1k3 82n 
1129 141.00 3k9 27n 
1134 140.40 2k7 39n 
1156 137.70 2k2 47n 
1166 136.50 4k7 22n 
1167 136.40 6k8 l5n 
1170 136.00 1k5 68n 
1179 135.00 1k8 56n 
1184 134.40 5k6 18n 
1206 132.00 Ik 100n 
1213 131.20 3k 33n 
1224 130.00 8k2 12n 
1237 128.70 1k2 82n 
1237 128.70 3k6 2/n 
1254 126,90 4k3 22n 
1254 126.90 2k 47n 
1292 123.20 2k4 39n 
1292 123.20 6k2 l5n 
1294 — 123.00 5k1 18n 
1294 — 123.00 9kl 10n 
1300 — 12240 lkl 82n 
1300 122.40 7k5 12n 


120.00 1k6 56n 
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Table 9.2 Time and frequency constants for first-order LR circuits 


5418 29.37 
5617 28.33 
5730 27.18 
5787 27.50 
6095 26.11 
6207 25.64 
6270 25.38 
6319 25.19 
6773 23.50 
6844 23.26 
7022 22.67 
7234 22.00 
7234 22.00 
7450 21.36 
7480 21.28 
7717 20.62 
7724 20.61 
7958 20.00 
8117 19.61 
8127 19.58 
8426 18.89 
8681 18.33 
8681 18.33 
8913 17.86 
9128 17.44 
9143 17.41 
9405 16.92 
9646 16.50 


9868 16.13 


Table 9.3 Step response of first-order CR and LR circuits 


0.0952 
0.1813 
0.2592 
0.3297 
0.3935 
0.4512 
0.5034 
0.5507 
0.5934 
0.6321 
0.6671 
0.6988 
0.7275 
0.7534 
0.7769 
0.7981 
0.8173 
0.8347 
0.8504 
0.8647 
0.8775 
0.8892 
0.8997 
0.9093 
0.9179 


Table 9.4 Frequency and phase response of first-order 
CR and LRA circuits 


10 LC tuned circuits 


Introduction 


When inductors and capacitors are combined the circuit is called a tuned circuit. 
Where the circuits in Chapter 9 were termed first-order, we call these second- 
order, because there are two frequency-dependent elements rather than one. 
The capacitor and inductor can be combined in either series or parallel, giving 
rise to two types which we shall consider separately. These circuits both display 
an effect known as resonance, by which we mean that their impedance is at a 
minimum or a maximum at one specific frequency. 


Series tuned circuit 


A series tuned circuit is an inductor and a capacitor in series. A resistive compon- 
ent is also assumed to exist which may be considered to consist solely of the cir- 
cuit’s residual resistances (the inductor’s internal resistance being, usually, the 
only significant one) or perhaps of residual resistances plus a physical resistor. 
The circuit is shown in Figure 10.1. 


Figure 10.1 Series tuned circuit 


What the circuit does 
The reactance of the capacitor decreases with frequency, while the reactance of 
the inductor increases. As we know, we cannot just add the impedance of each 
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component at some frequency together because the phase angles of the voltages 
will be different. But we can deduce what is happening. 

We will take the current in the circuit as being our phase reference, as it is com- 
mon to all components. The voltage across the capacitor lags it by 90°, the volt- 
age across the inductor leads it by 90° and the voltage across the resistor is in 
phase with it. The input voltage, which we would divide by input current to find 
the impedance, will be the phasor sum of these. (If yowre a beginner, and this is 
losing you, look back at ‘Calculations on AC quantities’ in Chapter 4.) 

If Xc decreases with increasing frequency, and Xy increases, then they must be 
equal at some point. At this frequency the capacitor’s and the inductor’s voltage 
are equal, but opposing each other in phase. (Their magnitudes can be calcu- 
lated by using IX, and IXc respectively, and J is the same for each.) This means 
that they cancel each other — their phasor sum is zero. So the input voltage is 
equal to the voltage across the resistor — the resistor has the maximum amount 
of voltage across it that it can have. 

This causes the current in the circuit to be at a maximum, and hence imped- 
ance 1s at a minimum, and in phase (resistive). We call this frequency the res- 
onant frequency of the circuit (fo). Below resonance Xc is greater than X,, and 
the impedance is overall capacitive. This means that the current leads the input 
voltage by some small angle when the impedances are almost equal, and by 
nearly 90° when the frequency is very low. Above resonance Xj, is more signi- 
ficant and the impedance is inductive. Then input voltage leads current by be- 
tween 0 and 90°. 


Calculating resonant frequency 
We can deduce the frequency where the two impedances are equal: 


lo 
29€ =< 27foL 
After a little algebra this becomes: 
l 
= 10.1 
P= Seit wa 

The impedance at resonance, which we term Zo is simply: 

Zo =R (10.2) 


Q factor 

Although Vc and V; cancel at resonance, they are still definitely there. In fact 
they can be larger than the input voltage. This is because the current can be large, 
given by AN, if R is small. The voltage across, say, the capacitor, will be IXc, or 


Hs Xc. We call the ratio of this magnified voltages to the input voltage the Q, or 
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quality factor, of the circuit. Q can be calculated: 


y 
Vo =p Xo 


(because the impedance at resonance is simply R). So: 


Vo _Xea_ |] 


or 
7- 
v, = 1X, = UN Xy 
SO 
-VL Xt _*tWol 
OSA R (10.4) 


The result should be the same whichever equation we use to calculate Q. From 
these equations it canbe seen that Qcanbe decreased quite easily by simply adding 
more resistance in series with the circuit. Conversely the maximum obtainable 
Q is set by the leftover resistance in the circuit when we have no physical resistor 
present. The inductor will normally possess far more resistance than the capacitor, 
so itis common to talk about the Q ofan inductor at some specified frequency- this 
is the highest Q obtainable with that inductor in a tuned circuit with that fo. 


Q as an indication of bandwidth 

The fact that the impedance of a series tuned circuit drops to a minimum at res- 
onance makes it very useful for applications where we need some mechanism 
for picking a certain group of frequencies out of a wideband signal — for instance 
radio tuners, or audio filters. In these situations we need to know how selective 
the circuit actually is. The Q factor, conveniently, tells us this ~ the circuit’s band- 
width, or BW. The bandwidth is the difference, in Hz, between the frequencies 
above and below resonance where the current is 3 dB less than at resonance, for 
the same level of input voltage —i.e. where the impedance drops by 3 dB. The for- 
mula we need is this: 


mee fe 

BW Q (10.5) 
For circuits of high selectivity (low BW), the requirement is that Q be high, 
and hence R low. This will influence the selection of components used in the de- 
sign, particularly that an inductor with low internal resistance be found relative 
to its impedance at fo. Often we design the circuit with Q higher than needed, 
and then add a suitable series resistor, to reduce the bandwidth to the desired 

value. This is called a ‘damping’ resistor. 
Table 10.1 lists the resonant frequencies from 500 Hz to 50 MHz obtainable 
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with E6 inductors and El2 capacitors. A column is also provided, X, showing the 
value of Xc or X, at resonance. This can be used to find the highest possible Q, 
provided that the resistance of the inductor 1s known. 


Example 10.1: (a) What values of C and L can we use to give a series resonant 
circuit with fo = 8 kHz? 


From Table 10.1: 


fo G L X 

8k 12n 33m 166k 
8k l8n 22m  Llik 
8k 120n 3m3 166 
8k 1809n 2m? IN 


This gives us a choice of four pairs. 
(b) By consulting suppliers catalogues, we source a 3.3 mH inductor with 


R = 6.6 Q, and a 2.2 mH inductor with resistance, Ry, of 4.1 (2, What is the 
best possible Q with each of these? What will the bandwidth be? 


1 
With 3.3 mH, X is given as 166 Q, so Q will be = = 25.2 at best. The band- 


width will be > = 318 Hz 


With 2.2 mH, X is given as IIQ, so Q will be #44 = 27.1 at best. The band- 
width will be 8000 — = 295 Hz 


(c) Now calculate values for a series resistor to reduce Q to around 3 for each. 


For 33 mH: If X = 166, and Q = 3, then R = 4 = 1% = 55.3. As the in- 
ductor already has 6612 of resistance, we should add a resistor of 
55.3 — 6.6 = 48.7 Q. (with typical inductor tolerances of 10%, 47 Q would 
be fine). 


For 22 mH: R = 3 = i= 37 Q. Resistor should be 37- 4.1 = 32.9 (2 — say a 


standard value of 33 Q. 


Parallel tuned circuits 


A parallel tuned circuit consists of a capacitor and an inductor in parallel. The 
circuit can be understood by using a similar approach to the one which we took 
for the series tuned circuit. However, the practical circuit is slightly compli- 
cated by the fact that the inductive branch possesses more resistance than the 
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capacitive branch, which makes it somewhat asymmetrical. In many cases this 
effect can be ignored, but not all, so we need to be able to predict whether it will 
be significant or not. But to make the analysis one step at a time, it makes sense 
to start by considering an ideal version of the circuit, where the effect does not 
come into play at all. 


Example 10.2: If the 2.2 mH inductor of Example 10.1 has a 10% tolerance, 
how much might fo and Q vary in practice, assuming that both inductance 
and resistance increase together? 


If the inductance and resistance increase by 10%, we would have L(max) = 
2.2mH x 1.1 = 2.42mH, and Rymax) = 4.1 x 1.1 = 4.51 Q. This would 
give, using Eqn (6.1): 


oe 1 
2 On/2.42m x 180n 


= 7.63 kHz 


and a corresponding Q = on xT Oak xo dom = 3.1 
Decreasing by 10% gives Limin) = 2.2m x 0.9 = 1.98mH and R,(min) = 


4.1 x 0.9 =3.690 
1 


fo = — = 8.43kHz 
27V1.98m x 180n 


_ 2 x 8.43k x 1.98m _ 


2.9 
33 + 3.69 


The ideal parallel tuned circuit 

This consists of an ideal inductor and capacitor in parallel — each has no resist- 
ance. In this circuit we take the voltage across the circuit, Vin, as our phase refer- 
ence, as it is common to both components, and look at the current that each 
branch draws from the source at different frequencies. These currents will always 
be in antiphase — the capacitor’s current, Jc, leading Vin by 90°, the inductor’s, 
I, lagging. The input current, jj, will be their phasor sum. As they are in anti- 
phase, their phasor sum is simply the difference between them. 

We can once again say that Xq will fall with increasing frequency, and X, 
will rise. And once again, Xc will equal XL at some frequency, that given by 
Eqn (10.1). At this frequency, again fo, the current in each branch will be equal, 
and hence the input current will be zero. The impedance is qa, and 1s infinite. 
The circuit looks like an open circuit to the source at resonance, and its resonant 
frequency is calculated identically to that of the series tuned circuit. 
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Below resonance, the capacitor will have the greater impedance of the two de- 
vices, and the impedance will appear inductive with current lagging voltage by 
90°. Above, the inductor possesses more impedance and the impedance is capaci- 
tive, with Vin in lagging fin. 

At resonance, the input current is zero, while Zc and / are y and WA respec- 
tively. The Q factor, je or pe in would therefore be infinite. 


The practical parallel tuned circuit 

The practical circuit differs from the ideal mostly in that the inductor possesses 
resistance. Such a circuit is shown in Figure 10.2, with Rr representing the in- 
ternal resistance of the inductor. 


hin 


Figure 10.2 Practical parallel tuned circuit 


The addition of the resistive element in series with the inductor causes A, to be 
less than 90° lagging Vin. In turn, this causes fi, at the frequency at which 
Xc = Xj, to be leading Vin by some angle, rather than in phase, as it was with 
the ideal circuit—the circuit is overall capacitive, rather than resistive. To com- 
pensate, and bring {yn back in phase with Vin, making the circuit truly resonant, 
the frequency of V¡y must be lowered. This has the effect of making Jc smaller 
and /;, larger. It can be seen that the effect becomes more pronounced the greater 
the inductor’s resistance is, compared to its reactance. 
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To what degree all this affects Eqn (10.1) depends on the Q of the inductor at the 
resonant frequency, as defined in Eqn (10.4). 


Resonant frequency error 
The resonant frequency as found from Eqn (10.1) must be multiplied by the term: 


_ |, CR 
k=4/1-£%= l- a (10.6) 


to find the true resonant frequency. In practice, the Q has to be pretty low to cause 
much deviation; a Qof 4 gives k = 0.97, a Qof2 gives k = 0.87. Eqn (10.1) is often 
used as it stands. 


Dynamic impedance 
The practical circuit no longer looks like an open circuit to the source at reso- 
nance. Its impedance is purely resistive however, and is often called the dynamic 
impedance. It is given by: 
Zo = + 10.7 
GR. (10.7) 
From this we can see that dynamic impedance is inversely proportional to the 
resistance of the inductor. 


Q factor 

With the practical parallel tuned circuit the Q is, as with the series resonant cir- 
cuit, the same as the Q of the inductor at the resonant frequency. We might ask 
ourselves what happens when we wish to deliberately reduce the circuit's Q; for 
if we placed our damping resistor in series with the inductor, it would also affect 
our resonant frequency. The solution is that the damping resistor is placed across 
the whole tuned circuit, as shown in Figure 10.3, where it has the desired effect 
without affecting fo. The value of the damping resistor can be calculated as 
follows: 


Rp = (10.8) 


Zo Q 

Qi — Q 
where Rp is the damping resistor value, Qp is the desired Q( Q damped), Zo = ds 
as previously, and Q is the Q of the inductor at resonance, or the Q of the circuit 
with no damping resistor. Qp must obviously be less than Qy. 
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Figure 10.3 Practical parallel tuned circuit with damping resistor 


Maximum capacitor value 
We can see that as R becomes larger, k Eqn (10.6) goes from 1 towards zero, and 
the resonant frequency falls, also towards zero. When: 


CR _ 


p] or C= Be (10.9) 


then k = 0, and the circuit ceases to resonate. This tells us that for any practical 
inductor, there is a maximum value of capacitor which can be placed across it 
for it to remain resonant. This value is easily calculated from Eqn (10.9). 


Example 10.3: design a parallel tuned circuit with fo = 120kHz +/-2 kHz, 
Q = 20 and the highest feasible dynamic impedance, with the restriction that 
C is greater than 100 pF. What is the dynamic impedance, with and without 
the damping resistor? (Assume that the resistance of the inductor is 5 Q) 


From Table 10.1, we choose C = 120 pF, L = 15 mH, giving a nominal fre- 
quency of 119 kHz. We can calculate the Q of the inductor by taking X from 
the table —11.2k—and dividing by 5 Q. This gives Q = 2240. Now we calculate 
Zo, using Eqn (10.7): 


20 


As Zo is so much larger than Rp, we can take the dynamic impedance with 


Rp fitted to be equal to Rp, 225k Q. 


Table 10.11 Frequency constants for LC circuits 
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469 


316 
1.46k 
686 
146 
68.6 
1.00k 
100 
236 
524 
350 
1.60k 
160 
197 
75.7 
1.10k 
110 
1.74k 
574 
383 
261 
174 
57.4 
83.1 
1.20k 
831 
120 
634 
63.4 
1.92k 
289 
192 
132 
1.32k 
428 
916 
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lu 1.00 
33m 35.0k 
3m3 3.50k 
330u 350 
3u3 3.50 
33u 35.0 
220u 238 
2u2 2.38 
22m 23.8k 
2m2 2.38k 
22u 23.8 
47m 51.1k 
4m7 5.11k 
470u 511 
4u7 5.11 
47u 51.1 
150u 164 
15m 16.4k 
lm5 1.64k 
15u 16.4 
lus 1.64 
100u 110 
10m 11.0k 
Im 1.10k 
10u 11.0 
lu 1.10 
6m8 7.53k 
680u 753 
68u 75.3 
6u8 7.53 
68m 75.3k 
33m 38.7k 
3m3 3.87k 
2m2 2.58k 
330u 387 
220u 258 


3u3 3.87 
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454k 82n lus 4.28 
455k 18p 6m8 19.4k 
455k 180p  680u 1.94k 


455k In8 68u 194 
455k 18n 6u8 19,4 
459k In2 100u 289 
459k 12n 10u 28.9 
459k 12p 10m 28.9k 
459k 120n lu 2.89 
459k 120p Im 2.89k 


482k 33p 3m3 10.0k 
482k 330p  330u 1.00k 
482k 3n3 33u 100 
482k 33n 3u3 10.0 
495k 22p 4m7 14.6k 
495k 220p 470u 1.46k 
495k 2n2 47u 146 
495k 47p 2m2 6.84k 
495k 470p = 220u 684 


495k 4n7 22u 68.4 
495k 22n 4u7 14.6 
495k 47n 2u2 6.84 


498k In5 68u 213 
498k I5p 6m8 21.3k 
498k 68p Im5 470k 
498k I50p 680u 2.13k 
498k 680p 150u 470 


498k 6n8 l5u 47.0 
498k l5n 6u8 21.3 
498k 68n lu5 4.70 
503k l0p l0m 31.6k 
503k 100p Im 3.16k 
503k In 100u 316 
503k 10n 10u 31.6 
503k 100n lu 3.16 


533k 27p 3m3 11.1k 
533k 27n 3u3 11.1 
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Part Four 


Operational Amplifier Circuits 
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11 Amplifier gains 


Introduction 


Operational amplifiers, or op-amps, are perhaps the most common building 
blocks found in analogue circuits. They can be used to create amplification stages 
very easily, and many other types of circuit besides. There are very many ‘op- 
amp cookbooks’ around that give lots of these circuits, so we won't add to them 
here. The main purpose of this chapter is to present you with a pair of tables to 
enable easy selection of resistor values for any desired gain. 

We'll take a moment, however, to state the two rules that govern an op-amp’s 
behaviour for the purpose of achieving a first-off analysis of their circuits: 


1, The input terminals of op-amps draw no current. 
2. The output of the op-amp does whatever it can to keep the voltage between the 
input terminals at zero. 


These two statements are something of a generalization, but they are fine if 
you want to work out what an op-amp circuit is doing. 

There are two common ways to use op-amps as amplifier stages. We look at 
them next. 


Inverting op-amp 


Figure 11.1 shows a basic inverting op-amp circuit. This circuit can be used to give 
either attenuation or gain with two resistors. The output is in antiphase with the 
input. The gain is given by: 


A 
VER 


(11.1) 

Values of R; and R» can be found from Table 11.1, where gain is given both as a 
ratio and in dBs. R; and R} may, of course, be scaled by factors of 10 without 
affecting the gain. The Table only shows values above unity gain (0 dB). If you 
need to select a pair of resistors to give attenuation, then the Table can still be 
used, but the positions of R, and Rọ should be switched. The dB column then 
reads attenuation directly, or the Ay column the reciprocal of gain expressed as 
a ratio. 
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Figure 11.1 Inverting op-amp 


The input resistance of the circuit is equal to the value of the input resistor, R4. 

The output resistance is, for practical purposes, negligible. (Limitations on its 
ability to drive a load will be dependent on maximum values of output current, 
voltage swing and slew rate, for which the manufacturer's data on the chip used 
should be consulted.) 

It is sometimes desirable to limit the frequency response of the circuit. ‘The 
standard method is to add suitable value capacitors, as in Figure 11.2. C4, in series 
with the input resistor, limits low frequency response, while Cg, in parallel with 
Ra, limits high frequency response. Each gives a 6 dB/octave slope, as for the first 
order LPF and HPF described in Chapter 9. The equations for the lower -3 dB 
point, f,_, and the upper -3 dB point, f,;, are also similar: 


l 


= —— d == —— 11.2 
27R¡C; = Ju 2r RC ( a) 


Jee 


Example 11.1: give suitable values for an inverting op-amp circuit with a gain 
of 15 dB, and an input resistance of between 20k and 30k. Determine suitable 
values for Ci and Cy to make the upper and lower ~3 dB points as near as pos- 
sible to 100 Hz and 15 kHz respectively, using standard El2 capacitors. 


Table 11.1 gives many combinations, close to 15 dB, but to meet the require- 
ment for input resistance Ry should be between 20k and 30k. We take the pair 
2k7/15k, and multiply by 10, so that Ry = 27k and Rz = 150k. 

To find values for C and Ca, we transpose Eqn (11.2a): 


1 
Ga 27 f¿R 


(11.2b) 


and get: 


l. C1 = 59 pF (ideal) — nearest is 56 nF, substitute back into Eqn (11.2) to get 
i= = 105 Hz 
2. C2 = 71 pF (ideal) — nearest is 68 pF, giving ft+ = 15.6 kHz 
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Vout 


Figure 11.2 Inverting op-amp with restricted bandwidth 


Non-inverting op-amp 


Figure 11.3 shows a non-inverting op-amp circuit, in its most basic configuration. 
This circuit has a gain as follows: 


Ay == (11.3) 


This means that the circuit can only provide gain of greater than 1. Its input im- 
pedance is very large, and is not usually taken into account. As with the inverting 
Op-amp, its output impedance is very low, with the same restrictions on output 
drive applying (Figure 11.4). 

Where it is desired to restrict the bandwidth of the stage, capacitors C and Cy 
are added. The calculations are identical to those for the inverting stage. Note 
that with Ci in this position the input signal must have some defined DC level. 
If the input is connected using a DC block capacitor then C; must be omitted so 
that the op-amp has a DC reference. If it is desired to limit the low frequency re- 
sponse of the stage it is sometimes better to connect the input via a suitable 
high-pass filter, as described in Chapter 9. 
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Vout 


Figure 11.3 Non-inverting op-amp 


Vout 


Figure 11.4 Non-inverting op-amp with restricted bandwidth 


The main advantage of this stage (other than its being non-inverting) is that of 
its input impedance. It makes an ideal buffer stage, after circuits which are sensi- 
tive to load impedance (such as the reactive circuits described in Part Two). 

Where it is desired to use this circuit without gain, purely as a buffer stage, it is 
customary to omit R; and make Ro short circuit — i.e. to link the output terminal 
to the inverting input terminal, as in Figure 11.5. This is a ‘voltage follower. The 
output is identical to the input, but comes from a very low source impedance. 
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Figure 11.5 A voltage follower 


Values for R; and Ro for the non-inverting amplifier can be selected using 
Table 8.1, in the ‘Voltage dividers’ chapter. The dB column gives values of gain 
directly, and the A column values of the reciprocal of gain as a ratio. R; from the 
table should be fitted as position Rə from Figure 11.3 and Ra as R. As usual, R; 
and Rə can be scaled by factors of 10 if desired. 
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Rl R2 
1k5 1k6 
1k2 1k3 
3k6 3k9 
4k7 5kl 
Ik} 1k2 
2k2 2k4 
3k3 3k6 
4k3 4k7 
7k5 8k2 
6k2 6k8 
5kl 5k6 
9k] 10k 
Ik {kl 
2k 2k2 
3k 3k3 
3k9 4k3 
6k8 7k5 
5k6 6k2 
8k2 9kl 
1k8 2k 
2k7 3k 
1k6 1k8 
2k4 2k7 
Ik3 1k5 
Ikl 1k3 
3k3 3k9 
4k3 5kl 
4k7 5k6 
3k6 4k3 
Ik 1k2 
2k 2k4 
1k5 Ik8 
3k 3k6 
3k9 4k7 
6k8 8k2 


9k} Hk 
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RI 


2k2 
5kl 
2k 
4k7 
4k3 
3k9 
6k2 
2k4 
1k5 
1k8 
9k1 
6k8 
7k5 
5k6 
8k2 
1k6 
lk 
ikl 
3k 
1k2 
3k3 
4k7 
1k3 
2k7 
3k6 
4k3 
2k 
2k2 
3k9 
1k8 
2k4 
5k6 
ik5 
6k2 
8k2 
7k5 
1k6 


5k6 
13k 
5kl 
12k 
11k 
10k 
16k 
6k2 
3k9 
4k7 
24k 
18k 
20k 
15k 
22k 
4k3 
2k7 
3k 
8k2 
3k3 
9kl 
13k 
3k6 
7k5 
10k 
12k 
5k6 
6k2 
11k 
5k1 
6k8 
16k 
4k3 
18k 
24k 
22k 
4k7 
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RI R2 
6k8 36k 
6k2 33k 
3k 16k 
5k6 30k 
2k4 13k 
3k3 18k 
9k2 12k 
1k5 8k2 
2k llk 
1k8 10k 
2k7 15k 
3k6 20k 
4k3 24k 
Ik 5k6 
9k1 51k 
1k1 6k2 
3k9 22k 
1k2 6k8 
1k6 9k1 
8k2 47k 
7k5 43k 
6k8 39k 
4k7 97k 
1k3 7k5 
6k2 36k 
5k1 30k 
5k6 33k 
2k? 13k 
2k7 16k 
2k 12k 
3k 18k 
3k3 20k 
1k5 9k1 
1k8 llk 
3k6 22k 
3k9 24k 


9k] 56k 
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22k 
33k 
43k 
75k 
62k 
91k 
20k 
30k 
18k 
27k 
15k 
13k 
39k 
51k 
56k 
43k 
12k 
18k 
24k 
36k 
47k 
82k 
Hk 
75k 
91k 
68k 
62k 
100k 
10k 
22k 
33k 
27k 
16k 
15k 
20k 
30k 
13k 
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500 53.98 
500 53.98 
506 54.08 
509 54.14 
510 54.15 

513 54.19 

517 54.26 

523 54.37 
547 54.75 
556 54.89 
560 54.96 
564 55.02 
567 55.07 
569 55.10 
577 55.22 
607 55.66 
618 55.82 

620 55.85 
625 55.92 
625 55.92 
631 56.00 
667 36.48 
680 56.65 
682 56.67 
683 56.69 
700 56.90 
745 57.45 
750 57.50 
758 57.60 
769 3/./2 
820 58.28 
827 58.35 
833 58.42 
909 59.17 
910 59.18 

1.00k 60.00 
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Appendix 1 


Units, symbols and suffixes 


I have used standard units, symbols and suffixes throughout this work. Here they 
are: 


Units 

Q or R: ohms (resistance) 

F: farads (capacitance) 

H: henries (inductance) 

s: seconds (time) 

Hz: hertz (frequency) 

”: degrees (phase angle) 

V: volts (electrical potential) 
A: amperes (electrical current) 
W: watts (power) 

J: joules (energy or work) 


Symbols 

R: resistance 

C: capacitance 

L: inductance 

V: voltage 

I: current 

Xc: capacitive reactance 
Xz: inductive reactance 
Z: impedance 

f: frequency 

$: phase angle 

fo: resonant frequency 
Zo: dynamic (resonant) impedance 
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Electronics engineers tend to deal in a very wide range of numbers, from million- 
millionths of farads to millions of ohms. Hence it is usual to use a range of letter 
suffixes to indicate the order of magnitude of a number. 

These are the standard suffixes used in this book: 

p: x107}? 

n: x107? 

u: x107 

m: x107 

k: x10* 

M: x10° 


So, for instance, a = 1mA;1M x 1 nF = lms; and so on. 


Appendix 2 


Colour codes 


The following colour codes are used on resistors, and sometimes on capacitors 
and inductors, to indicate value: 
Number bands 

Black 0 

Brown 1 

Red 2 

Orange 3 

Yellow 4 

Green 5 

Blue 6 

Violet 7 

Grey 8 

White 9 


Tolerance bands 
Brown 1% 

Red 2 % 

Gold 5% 

Silver 10% 


Figure A2 shows the significance of the bands for a resistor. 
For example; a four band resistor with colours yellow-violet-red—red (the last 


one thick) is 47 x 10% = 4k7, 2%. A five band with brown—grey-black-brown— 
brown (again the last thick) is 180 x 10 = 1k8,1%. 
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4 band 
digit 1 digit 2 multiplier tolerance 
5 band 
digit 1 digit 2 digit 3 multiplier tolerance 


Figure A2 Resistor colour codes 


Appendix 3 


The decibel 


The decibel, or dB, is a logarithmic unit for expressing ratios, much beloved of 
engineers. Its popularity is due to the fact that it enables a wide range of numbers 
to be expressed conveniently. 


Where we are talking about a ratio of two voltages then: 


V1 
dB = 20 logio ES (A3.1) 


which means that A is twice B’ is often expressed as ‘A is 6dB greater than B’, and 
A is ten times B’ becomes A is 20dB up on B” Gain or attenuation of circuit blocks 
are very well expressed like this (a negative gain is an attenuation, or a ratio of 
less than one). The ratio is ‘output/input’ 

dB’s are also used to express signal levels a lot. Here some reference level 
should be stated to make the situation clear. The most common are: 


dBV = 20 logio(Vims) — reference to 1Vims 


dBu = 20 logio (<a) — reference to 1mW into 600 2 


though you may very well come across others. Where there is doubt it is often wise 
to try to find out what reference was used, as it can be a source of confusion. 

The beauty of this system is that the level ofa signal at various point in a chain 
can be found just by adding the dB values together. See Figure A. 3. It is apparent 
that the calculation in dB' is trivial compared to that using Vr ms and gain/at- 
tenuation as ratios. 
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dB' are also used sometimes to express relative power. The equation then used 
Is: 


P1 
= 101 — A3.2 
dB 10 O£10 ES ( 3 ) 


This is because power varies proportionally to the square of voltage, as implied 
by Eqs 2.4d and 2.4e. 


0 dBu -60 dBu -15 dBu -15 dBu 0 dBu 


0.775 V x 


= 0.775 mV x 177.8 = 138 MV x1 = 138 MV x 5.62 = 0.775 Vnus 


1000 


Figure A3 Illustration of signal level calculations using dB's 
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Complex number analysis 


The standard way to analyse a circuit containing AC quantities at a fixed fre- 
quency is to use complex numbers. A complex number has two parts, real and 
imaginary. The imaginary part is some function of the quantity j (i to pure math- 
ematicians, but that would be confused with current by us), where j represents 
y (1). This is clearly a nonsense number’, or at least unquantifiable, yet it has 
some useful properties: 


f=-l (A4.1a) 
prj (A4.1b) 
j=l (A4.1c) 


We use multiplication by j to signify advancing its phase by 90°. Complex num- 
bers owe their usefulness to the fact that they can be seen as representations of 
phasors. For example: 


V =a + jb 


is a voltage which can be represented in the j-plane as in Figure A. 4. 


This number could also be represented as ‘magnitude and phase” (as in 
Chapter 4) by using some trigonometry: 


M = Va? +6 (A4.2) 
$ = arctan (7) (A4.3) 


Then we are able to write the phasor in polar form: 


V=M<Ó 
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Should we wish to convert a quantity from polar to complex form we need a little 
more trigonometry: 


a = Mcosd (A4.4) 
b = Msind | (A4.5) 
Mathematical operations with complex numbers 


We treat complex numbers like any other algebraic quantity, keeping the 7 part 
separate as we would with z or y, but also applying Eqs A4.1 as necessary. So: 


Addition : (a + jb) + (c+ jd) = (a + b) + j(c + d) (A4.6) 
Subtraction : (a + jb) — (c+ jd) = (a — c) + j(b— d) (A4.7) 


Multiplication : (a + jb)(c + jd) = (ac — bd) + ¿(bc + ad) (A4.8) 


Division: a useful tool for separating fractions is multiplication by the ‘complex 
conjugate’, which makes the denominator wholly real: 
as: 


(c+ jd)(c— jd) = + jed—jed- PË = e + d 
then: 


a+jb (a+ jb)(c— jd) 


= Al. 
c+ jd e + a? e 


However, multiplication and division are sometimes more easily performed by 
converting to polar form and then: 
Multiplication in polar form: 


Mı < ¢).M2 < 02 = Mi Mo < (dy + p2) (A4.10) 
Division in polar form: 
M<o Mi 
"ura = A4.11 


Representation of capacitors and inductors 


Complex numbers come into their own when we use them to represent reactive 
components in equations. The impedance of a capacitor becomes: 


ag 
Xe = 55 (A4.12) 
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and an inductor: 


XL = j2nfL (A4.13) 


and all of the analysis techniques of Chapter 5 can be used, following the alge- 
braic rules given above. 


- real 
(180) 


Phase reference 
(0°) + real 


-j (270° or -90°) 


Figure A4 Thej-plane 
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Further reading 


Should the reader wish to gain greater understanding of any of the topics which 
this book touches on, I have found the following to be excellent: 


Schuler, C. A. and Fowler, R. J. (1993) Electric Circuit Analysis, McGraw-Hill, 
London. 
A clear and thorough explanation of circuit analysis techniques which also con- 
tains good chapters on electromagnetism and electrostatics. 


Marston, R. (1993) Electronic Circuits Pocket Book, Vols One and Two, Butterworth- 
Heinemann, Oxford. 
A comprehensive and informed circuit sourcebook that also analyses the ideas 
used in sufficient depth to make them really useful. Contains many useful 
circuits. 


Horowitz, P. and Hill, W. (1989) The Art of Electronics, Gambridge University 
Press, Cambridge. 
Deservedly considered to be the classic all-round electronics text. Clear, con- 
cise and entertaining too. 


Phillips, G. (1993) Newnes Electronics Toolkit, Butterworth-Heinemann, Oxford. 
A great deal of useful information in a small space; an ideal source of reference 
for the workshop or lab. 


This Page Intentionally Left Blank 


Index 


AC, defined, 26 

alternating current, definition of, 26 

ampere, definition of, 7 

antiphase, 30 

atoms, fanciful behaviour of, 5, 14 
insecurity about, 5 

bad smells, 23 


bandwidth, see series and parallel tuned circuit 


cable, capacitance of, 16 

current rating of, 11 

long, 11, 16 

resistance of, 11 
calculations, checking, 40, 41, 46 

involving phase, 30 

labelling circuits for, 42 
capacitance, definition of, 15 

explanation of, 15 
capacitors, 15 

as DC block, 22 

as ramp generators, 22 

effect on phase, 32 

in series and parallel, 17 

non-standard values, 57 

polarized, 16 

power in, 37 

reactance of, 31 

similarity with inductors, 18, 23, 32 

working voltage, 16 
charge, definition of, 6 

free electrons, 6, 10 

holes, 6 

on capacitor, 15 
circuit, definition of, 11 
open, definition, 12 

short, definition, 12 

labelling quantities, 42 
complex numbers, 30, 39, 291 
components, standard values, 55 
conductors, 10 

voltage across, 11 
coulomb, definition of, 7 


CR circuit, see first-order circuits 
current, and magnetic field, 7, 15 
conventional, 7 
definition of, 6 
destruction due to, 11 
direction of, 7 
electron, 7 
ideal and real source, 44 
leakage, 16 
speed af, 8 
dB, 289 
DC, defined, 20 
level on signal, 35 
decibels, 289 
diagrams, block, 12 
circuit or schematic, 12 
differentiator, see first-order circuits 
direct current, definition, 20 
earth, as reference for voltage, 8 
electrons, free electrons, 6, 10 
holes and, 6 
speed of, 8, 23 
EMF, 8 


equivalent circuits, T'hévenin's and Norton's, 45 


farad, definition of, 15 
filter, high-pass, see first-order circuits 
filter, low-pass, see first-order circuits 
first-order circuits, 205 

frequency response, 212, 213 


instantaneous voltage and current, 209 


phase response, 213 
time constants, 207 
time response, 205 
turnover frequency, 212 
and capacitance, 32 
back EMF in LR, 207 

Fourier analysis, 33 

frequency, definition of, 28 
very low, 28 

harmonics, 33 

heat, generation by current, 23 
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henry, defined, 17 
hertz, definition of, 28 
holes, 6 
impedance, 32 
inductance, definitions of, 15, 17 
explanation of, 17 
mutual, 18 
self, 17 
inductors, 17 
Q of, 78 
DC current rating, 18 
as chokes, 22 
current ramp in, 22 
in series and parallel, 18 
non-standard values, 57 
power in, 37 
reactance of, 32 
resistance of, 18 
saturation of, 18 
similarity with capacitors, 18, 23, 32 
insulators, 10 
breakdown of, 23 
integrator, see first-order circuits 
Kirchhoff, current law, 41 
voltage law, 40 
LR circuit, see first-order circuits 
mark-to-space ratio, 35 
MME, 6 
Norton’s equivalent, 45 
ohm, definition of, 10 
Ohms Law, 10 
defined, 10 
in capacitors, 31 
in inductors, 32 
op-amps, 259 
inverting, 259 
non-inverting, 261 
easy rules for, 259 
open circuit, definition, 12 
parallel circuits, rules for, 41 
parallel tuned circuit, 226 
conditions for resonance, 230 
dynamic impedance, 229 
ideal, 227 
practical, 228 
Q factor, 229 
resonant frequency for practical, 229 
peak amplitude, 27 
peak to peak amplitude, 27 
period, definition of, 28 
permeability, 17 
phase cancellation, 31 


phase, definition of, 29 
effect on power, 37 
reference, 29 
rules for calculation, 30 
phasors, 30, 291 
potential difference (also see voltage), 8 
power supplies, 8, 20 
power, at DC, 23 
definition of, 24 
explanation of, 23 
for AC, 36 
Q factor, see series and parallel tuned circuit 
quadrature, 30 
ramp generator, 22 
ramp wave, 34 
RMS value of, 37 
rectangle wave, 34 
RMS value of, 37 
resistance, 10 
resistivity, 10 
resistors, 12 
colour codes, 287 
in parallel, 13 
in parallel, rules of thumb, 14 
in series, 13 
non-standard values, 55 
power rating of, 23 
tables for power, 102 
resonanice, see series and parallel tuned circuit 
risetime, see square wave 
RMS, defined, 36 
for sine waves, 27 
value for misc signals, 37 
rules of thumb, resistors in parallel, 14 
power, 23, 102 
sawtooth wave, 34 
RMS value, 37 
series circuits, rules for, 39 
series tuned circuit, 223 
Q factor, 224 
bandwidth, 225 
explanation of, 224 
impedance at resonance, 224 
resonant frequency, 224 
short circuit, definition, 12 
signals, DC level of, 35 
fundamental of, 33 
vague definition of, 12 
very low frequency, 28 
sine waves, amplitude of, 27 
definition of, 26 
importance of, 33 


square wave, 34 

risetime of, 33 

RMS value of, 37 
suffixes, 286 
Thévenin's equivalent, 45 
transformers, 18 
triangle wave, 34 

RMS value of, 37 
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voltage divider, 142 
effect of source and load on, 143 
voltage, definition of, 8 
ideal and real source, 45 
reference for, 8 
speed of, 8 
work done by, 8 
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CHAPTER 1 


Introduction 


Welcome to the world of electronics! In the modern world, electronic 
devices are everywhere, but fewer and fewer people seem to understand 
how they work or how to put them together. At the same time, it has never 
been easier to do so as an individual. The availability of training, tools, 
parts, instructions, videos, and tutorials for the home experimenter has 
grown enormously, and the costs for equipment have dropped to almost 
nothing. 

However, what has been lacking is a good guide to bring students from 
wanting to know how electronic circuits work to actually understanding 
them and being able to develop their own. For the hobbyist, there are 
many guides that show you how to do individual projects, but they often 
fail to provide enough information for their readers to be able to build 
projects of their own. There is plenty of information on the physics of 
electricity in physics books, but they fail to make the information practical. 
One exception to this is Horowitz and Hill's The Art of Electronics. This 
book is a wonderful reference guide for practical circuit design. However, 
its target audience is largely electrical engineers or other very advanced 
circuit designers. Not only that, the book itselfis prohibitively expensive. 

What has been needed for a long time is a book that takes you from 
knowing nothing about electronics to being able to build real circuits 
that you design yourself. This book combines theory, practice, projects, 
and design patterns in order to enable you to build your own circuits 
from scratch. Additionally, this book is designed entirely around safe, 
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low-current DC (direct current) power. We stay far away from the wall 
outlet in this book to be sure that you have a fun and largely worry-free 
experience with electronics. 

This book is written with two groups of people in mind. First, this book 
can be used as a guide for hobbyists (or wannabe hobbyists) to learn on 
their own. It has lots of projects to work on and experiment with. Second, 
this book can also be used in electronics classes for high school and 
college students. It has problems to be worked, activities to do, and reviews 
at the end of each chapter. 

The needs of these groups are not so different from each other. In fact, 
even if you are a hobbyist and plan on using this book to learn on your 
own, I suggest that not only do you read the main parts of the chapter 
but that you also do the activities and homework as well. The goal of the 
homework is to train your mind to think like a circuit designer. If you work 
through the example problems, it will make analyzing and designing 
circuits simply a matter of habit. 


1.1 Working the Examples 


In this book, all examples should be worked out using decimals, not 
fractions. This is an engineering course, not a math course, so feel free to 
use a calculator. However, you will often wind up with very long strings 
of decimals on some of the answers. Feel free to round your answers, but 
always include at least a single decimal point. So, for instance, if I divide 
5 by 3 on my calculator, it tells me 1.66666667. However, I can just give 
the final answer as 1.7. This only applies to the final answer. You need to 
maintain your decimals while you do your computations. 

Also, if your answer is a decimal number that begins with a zero, then 
you should round your answer to include the first two to four nonzero 
digits. So, if I have an answer of 0.0000033333333, I can round that to 
0.00000333. If you want to be precise about the proper way to round 
results, see the section on significant figures in the next chapter. 
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For beginners and hobbyists, this is less of a concern, and we will generally 
be in a hobbyist mindset for the book. 

In short, as engineers, we wind up being, at minimum, as precise as 
we need to be or, at maximum, as precise as we can be. The amount of 
precision we need will vary from project to project, and the amount of 
precision that we can be will depend on our tools, our components, and 
other things we interact with. Therefore, there is not a lot of focus on this 
book on how many decimals exactly to use. You can get more detailed 
descriptions in other science books for dealing with significant figures. In 
the problems in the chapters, if you are off by a single digit due to rounding 


errors, don’t worry about it. 


1.2 Initial Tools and Supplies 


You can get started in electronics with a minimum set of tools, but you can 
also be as fancy as you have money to afford. This book will focus on the 
more modest tools that are within the reach of pretty much every budget. 

While the book will walk you through a wide variety of parts for 
different types of circuits, every electronics hobbyist should start out with 
the following components: 


1. Multimeter: Multimeters will measure voltage, current, 
resistance, and other important values. For these 
projects, the cheapest digital multimeter you can find 
will work just fine. You only need one of these. 


2. Solderless Breadboards: Solderless breadboards 
will hold your projects in place and connect your 
components together. Breadboards are sold based 
on the number of holes, known as “tie points,” the 
breadboard contains. If you want to keep your projects 
around, you should have a separate breadboard 
for each project. However, the beauty of solderless 
breadboards is that they are in fact reusable if you want. 
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Jumper Wires: Jumper wires are just like normal 
insulated wires, except that their ends are solid and 
strong enough to be pushed into your breadboard. 
The wires themselves may be flexible or rigid. 
Jumper wires with female ends (a hole instead of a 
wire) also exist for plugging into circuits which have 
metal pins sticking out of them (known as headers) 
to connect to. Every hobbyist I know has a huge 
mass of jumper wires. They usually come in bundles 
of 65 wires, which is plenty to get started. 


Resistors: Resistors do a lot of the grunt work of 

the circuit. They resist current flow, which, among 
other things, prevents damaging other parts of 

the circuit. Resistors are measured in ohms (Q). 
Most hobbyists have a wide variety of resistors. You 
should have a range of resistors from 200 Q to 1, 000, 
000 Q. However, if you had to pick one value for your 
resistors, 1, 000 Q resistors work in a wide variety of 
situations. Resistors for this book should be rated for 
1/4 watt of power. 


LEDs: LEDs (light-emitting diodes) are low-power 
lights often used in electronic devices. I recommend 
getting a variety of colors of LEDs just because it 
makes life more fun. Most standard single-color 
LEDs have about the same specifications, so the 


main difference is the color. 


Buttons and Switches: Buttons and switches will be 
the primary method of input and output in these 
circuits. You should buy buttons and switches which 
are specifically made to go on breadboards. 
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7. Power Regulator: While most of these projects 
can be operated directly from a battery, a power 
regulator board will make sure that, no matter how 
well charged or drained the battery is, you get a 
predictable voltage from your battery. The YwRobot 
breadboard power supply is extremely cheap 
(cheaper than most batteries) and also provides 
your project with an on/off switch. You should buy 
one of these for each breadboard you have. Other 
breadboard power supplies are available as well 
(make sure they output 5 volts), but our drawings 
will assume the YwRobot one. 


8. 9V Battery and Connector: The easiest way to 
supply power to the power regulator is with a 9 V 
battery with a standard barrel plug (2.1 mm x 5.5 
mm), which will fit into the YwRobot power supply. 


Later projects will require specialized components, but these are the 
components that are needed for nearly every project you will encounter or 
design yourself. If you would like to order a kit with all of the components 
you need for this book, you can find them at www. bplearning.net. 


1.3 Safety Guidelines 


This book deals almost entirely with direct current from small battery 
sources. This current is inherently fairly safe, as small batteries are not 
capable of delivering the amount of current needed to injure or harm. For 
these projects, you can freely touch wires and work with active circuits 
without any protection, because the current is incapable of harming you. 
The main issue that sometimes arises is that, in poorly made circuits, 


components can overheat and occasionally (but rarely) catch fire. 
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Additionally, the battery itself may become overheated/compromised, and 
batteries are often made from potentially toxic chemicals. 

Please follow the following safety guidelines when working on projects 
(both projects from this book and projects you build yourself). They will 
help keep you safe and help prevent you from accidentally damaging your 


own equipment: 


1. Ifyou have any cuts or other open areas on your 
skin, please cover them. Your skin is where most of 
your electric protection exists in your body. 


2. Before applying power to your circuit, check to 
be sure you have not accidentally wired in a short 
circuit between your positive and negative poles of 


your battery. 


3. Ifyour circuit does not behave as you expect it to 
when you plug in the battery, unplug it immediately 
and check for problems. 


4. Ifyour battery or any component becomes warm, 


disconnect power immediately. 


5. Ifyou smell any burning or smoky smells, 


disconnect power immediately. 


6. Dispose of all batteries in accordance with local 
regulations. 


7. For rechargeable batteries, follow the instructions 


on the battery for proper charging procedures. 


Please note that if you ever deal with alternating current (AC) or 
large batteries (such as a car battery), you must exercise many more 
precautions than described in this book, because those devices generate 
sufficient power in themselves and within the circuits to harm or kill you if 
mishandled (sometimes even after the power has been disconnected). 
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1.4 Electrostatic Discharge 


If you have ever touched a doorknob and received a small shock, you have 
experienced electrostatic discharge (ESD). ESD is not dangerous to you, 
but it can be dangerous to your equipment. Even shocks that you can't feel 
may damage your equipment. With modern components, ESD is rarely a 
problem, but nonetheless it is important to know how to avoid it. You can 
skip these precautions if you wish, just know that occasionally you might 
wind up shorting out a chip or transistor because you weren't careful. ESD 
is also more problematic if you have carpet floors, as those tend to build up 
static electricity. 

Here are some simple rules you can follow to prevent ESD problems: 


1. When storing IC components (i.e., electronics 
chips), store them with the leads enmeshed in 
conductive foam. This will prevent any voltage 
differentials from building up in storage. 


2. Wear natural 100% cotton fabrics. 


3. Usea specialized ESD floor mat and/or wrist strap 
to keep you and your workspace at ground potential. 


4. Ifyou don't use an ESD strap or mat, touch a large 
metal object before starting work. Do so again any 


time after moving around. 


1.5 Using Your Multimeter Correctly 


Even though we haven't covered the details we need to use our multimeter 
yet, since we are covering proper handling of devices, I am including this 
section here with the others. Feel free to skip over this until we start using 
multimeters in the book. 
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In order to keep your multimeter functioning, it is important to take 
some basic precautions. Multimeters, especially cheap ones, can be easily 
broken through mishandling. Use the following steps to keep you from 
damaging your multimeter or damaging your circuit with your multimeter: 


1. Donot try to measure resistance on an active circuit. 
Take the resistor all the way out of the circuit before 


trying to measure it. 


2. Choose the appropriate setting on your multimeter 


before you hook it up. 


3. Always err on the side of choosing high values first, 
especially for current and voltage. Use the high 
value settings for current and voltage to give your 
multimeter the maximum protection. If you set the 
value too large, it is easy enough to set it lower. If 
you had it set too low, you might have to buy a new 


multimeter! 


CHAPTER 2 


Dealing with Units 


Before we begin our exploration of electronics, we need to talk about units 
of measurement. A unit of measurement is basically a standard against 
which we are measuring something. For instance, when measuring the 
length of something, the units of measurement we usually use are feet 

and meters. You can also measure length in inches, yards, centimeters, 
kilometers, miles, and so on. Additionally, there are some obscure units of 
length like furlongs, cubits, leagues, and paces. 

Every type of quantity has its own types of units. For instance, we 
measure time in seconds, minutes, hours, days, weeks, and years. We 
measure speed in miles per hour, kilometers per hour, meters per second, 
and so on. We measure mass in pounds, ounces, grams, kilograms, grains, 
and so on. We measure temperature in Fahrenheit, Celsius, Kelvin, and 
Rankine. 

Units for the same type of quantity can all be converted into each other 


using the proper formula. 


2.1 SI Units 


The scientific community has largely agreed upon a single standard of 
units known as the International System of Units, abbreviated as SI 
Units. This is the modern form of the metric system. Because of the large 
number of unit systems available, the goal of creating the SI standard was 
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to create a single set of units that had a basis in physics and had a standard 
way of expressing larger and smaller quantities. 

The imperial system of volumes illustrates the problem they were 
trying to solve. In the imperial system, there were gallons. Ifyou divided a 
gallon into four parts, you would get quarts. If you divided quarts in half, 
you'd get pints. If you divided a pint into twentieths, you'd get ounces. 

The imperial system was very confusing. Not only were there an 
enormous number of units but they all were divisible by differing amounts. 
The case was similar for length—12 inches in a foot, but 3 feet in a yard 
and 1,760 yards in a mile. This was a lot to memorize, and doing the 
calculations was not easy. 


Unit Type Unit Abbreviation 
Length Meter m 

Time Second S 

Mass Gram? g 
Temperature Kelvin K 


Luminous intensity Candela | cd 


Current Ampere A 


Quantity? Mole mol 


2 Technically, for historical reasons, the base unit of mass is actually the kilogram, but it makes more sense when thinking 
about it to view the gram it self as the base unit. The kilogram is a base unit in the sense that the standardized weight is based 


off of the kilogram. However, the gram is a base unit in the sense that all of the prefixes are based off of the weight of a gram. 
This is primarily used in chemistry for counting small things like atoms and molecules. 


Figure 2-1. SI Base Units 


The imperial system does have some benefits (the quantities used in 
the imperial system match the sizes normally used in human activities— 
few people order drinks in milliliters), but for doing work which requires 
a lot of calculations and units, the SI system has largely won out. Scientific 
quantities are almost always expressed in SI units. In engineering it is 


more of a mix, just as engineering itself is a mix between scientific inquiry 
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and human usefulness. However, the more technical fields have generally 
moved to SI units and stayed with them. 

There are only seven base units in the SI system. Other units are 
available as well, but they all can be measured in terms of these base units. 
The base units for the SI system are shown in Figure 2-1. 

Many other units are derived from these and are known as SI derived 
units. For instance, for measuring volume, liters are often used.’ A liter, 
however, is not defined on its own, but in terms of meters. A liter is a 
thousandth of a cubic meter. Thus, we can take the unit of length and use it 
to describe a unit of volume. 

A more complicated example is the newton, which is a unit of force. 
In the SI system, the newton is defined as being a “kilogram-meter per 
second squared.’ This is another way of saying that a newton is the 
amount of force which accelerates 1 kilogram 1 meter per second, per 
second. 

All of the things of interest to us in this book are ultimately defined in 
terms of SI base units. For the purposes of this book, it is not important 
to know which units are base units or derived units, and it is especially 
unnecessary to know how they are derived. The important thing to keep 
in mind is that you will be using a well-thought-out, standardized system 
of units. If the units seem to fit together well, it’s because they were 


designed to do so. 


‘Technically, the liter is not defined by the SI, but it is listed here because it is the 
simplest illustration of the point. 
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Conversion Factor | Prefix Abbreviation Examples 

1,000,000,000,000 Tera T Terameter, terasecond, teragram 
1,000,000,000 Giga G Gigameter, gigasecond, gigagram 
1,000,000 Mega M Megameter, megasecond, megagram 
1,000 Kilo K Kilometer, kilosecond, kilogram 

1 Meter, second, gram 

0.001 Milli m Millimeter, millisecond, milligram 
0.000001 Micro u or u Micrometer, microsecond, microgram 
0.000000001 Nano n Nanometer, nanosecond, nanogram 
0.000000000001 Pico p Picometer, picosecond, picogram 


Figure 2-2. Common SI Prefixes 


2.2 Scaling Units 


Now, sometimes you are measuring really big quantities, and sometimes 
you are measuring very small quantities. In the imperial system, there 
are different units altogether to reach a different scale of a quantity. For 
instance, there are inches for small distances, yards for medium-sized 
distances, and miles for large distances. There are ounces for small 
volumes and gallons for larger volumes. 

In the SI system, however, there is a uniform standard way of 
expressing larger and smaller quantities. There are a set of modifiers, 
known as unit prefixes, which can be added to any unit to work at a 
different scale. For example, the prefix kilo- means thousand. So, while a 
meter is a unit of length, a kilometer is a unit of length that is 1,000 times as 
large as a meter. While a gram is a unit of mass, a kilogram is a unit of mass 
that is 1,000 times the mass of a gram. 


It works the other way as well. The prefix milli- means thousandth, as 


in = . So, while a meter is a unit of length, a millimeter is a unit of length 
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that is ion of a meter. While a gram is a unit of mass, a milligram is a unit 


._ 1 
of mass that is the mass of a gram. 


Therefore, by memorizing one single set of prefixes, you can know how 
to modify all of the units in the SI system. The common prefixes occur at 
every power of 1,000, as you can see in Figure 2-2. 

To convert between a prefixed unit (i.e., kilometer) and a base unit 
(i.e., meter), we just apply the conversion factor. So, if something weighs 
24.32 kilograms, then I could convert that into grams by multiplying by 
1,000. 24.32 x 1000 = 24,320. In other words, 24.32 kilograms is the same as 
24,320 grams. 

To move from the base unit to a prefixed unit, you divide by the 
conversion factor. So, if something weighs 35.2 grams, then I could convert 
that into kilograms by dividing it by 1,000. 35.2/1000 = 0.0352. In other 
words, 35.2 grams is the same as 0.0352 kilogram. 


units 


erm. 
000.000.000. 000, 000 . 000. 000, 000 000 


tera (T) giga (G) mega (M) kilo (K) milli (m) micro (u) nano (n) pico (p) 


Figure 2-3. Visualizing Common Unit Prefixes 


You can also convert between two prefixed units. You simply multiply 
by the starting prefix and divide by the target prefix. So, if something 
weighs 220 kilograms and I want to know how many micrograms that is, 
then I will multiply using the kilo- prefix (1,000) and divide by the micro- 
prefix (0.000001): 


220-1000 
0.000001 


= 220000000000 
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In other words, 220 kilograms is the same as 220,000,000,000 
micrograms. 

You can do all of the unit scaling that you need just by knowing the 
multipliers. However, what usually helps me deal with these multipliers 
intuitively is to simply visualize where each one lands in a single number. 
Figure 2-3 shows all of the prefixes laid out in a single number. 

So let’s say that I was dealing with fractions of a meter and I had 
something that was 0.000000030 meter. If you line this number up with 
the chart in Figure 2-3, there are only zeros in the unit, the milli-, and the 
micro- areas. The first nonzero digits appear in the “nano-” group. When 
lined up with the chart, the number in the nano- area is 030. Therefore, the 


number under consideration is 30 nanometers. 


2.3 Using Abbreviations 


Typing or writing words like kilogram, microsecond, and micrometer 
isn’t terribly difficult, but, when it occurs a lot (as what can happen in 
equations), it can get overwhelming. Therefore, every prefix and every 
unit has an abbreviation. Since the abbreviation for gram is g, and the 
abbreviation for kilo- is k, we can abbreviate kilogram as kg. Occasionally 
the abbreviation for the unit and the scaling prefix are identical, as in the 
case of meter (m) and milli- (also m). That’s fine, as, when you put them 
together, you get millimeter, which is abbreviated as mm. 

The hardest one to write is the one for micro-, u. This is the Greek 
letter mu (pronounced “mew”). It’s essentially the Greek way of writing the 
letter m, and it is used because we already have a lowercase m (milli-) and 
an uppercase M (mega-) in use. Since micro- begins with an m, lacking 
any additional English/Latin way of writing an m, it is written with the 
Greek u. However, this is sometimes hard to type. Therefore, since the 
squashed way that it is written makes it look kind of like a u, sometimes 
people will write u instead of y if they don’t know how to type out y with 
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their computer/keyboard. In this book, we never use u for this purpose, 
but, if you are reading elsewhere something like 100 us, that means 100 


microseconds. 


2.4 Significant Figures 


Significant figures are the bane of many science books. Nearly everything 
in science has to be rounded, and significant figures are basically the 
rounding rules for science. We need to talk about them simply so that you 
are aware of how I achieve the rounding that I do in my exercises. 

These rules aren't hard, but they can cause some newer students to 
stumble. If you just are wanting to play with electronics, you can skip this 
section; just be aware that I may have rounded the answers to problems 
differently than you do. 

The goal of significant figures is to prevent us from thinking that 
we are being more precise than we really are. Let’s say that I measured 
a piece of wood to be 1 meter long, but I wanted to cut that wood into 
thirds. How should I report the distance, in decimal, of the length of each 
desired piece? Well, 1 divided by 3 is 0.33333333333... I can keep writing 
three’s until the cows come home. But do I really need the length to be 
that precise? Is my measurement of the initial length of the wood precise 
enough to warrant that sort of precise request? Significant figures allow us 
to answer that question and report numbers with a justifiable precision. 

So, for any measured quantity, we need to count the number of 
significant figures. For the most part, the number of significant figures in 
a number is the same as the number of digits, with a few exceptions. First, 
significant figures ignore all leading zeros. So, if I measured something as 
being 102 feet, it has three signficant figures, even if I add leading zeros. 
So 102 feet and 0000000000102 feet both have three significant figures. 
Additionally, these leading zeros are still ignored even if they are after the 
decimal point. So the number 0.00042 has two significant figures. 
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The second rule in counting is that trailing zeros aren't counted as 
significant if the measuring device isn't capable of measuring that 
accurately (or the quantity isn't reported that accurately). For instance, 
the value 1 meter and the value 1.000 meter refer numerically to the same 
number. However, the second one is usually used to indicate that we can 
actually measure that precisely. We wouldn't report 1.000 meter unless our 
scale can actually report accurately to a thousandth of a meter. 

The situation is a little more complicated with zeros on the left side of 
the decimal. If I say, “1,000 people attended the event,’ how precise is that 
number? Did you count individuals and get exactly 1,000? Is it possibly 
estimated to the tens or hundreds place? This gets murky. To simplify the 
issue for this book, you can assume that all digits on the right count as 
significant figures. So, ifwe say “1,000 people” attended the event, that is 
a number with four significant digits. However, ifwe say “1 kilopeople” 
attended the event, that is a number with one significant digit. If we say “ 
1.03 kilopeople” attended the event, that is a number with three significant 
digits. We will use this convention when writing down problems, but 
results may just be a rounded number with trailing zeros (i.e., instead of 
writing “1.03 kilopeople,’ we might write the result as 1,030 people). 

One other small rule: If a number is exact, then it is essentially 
considered to have infinite significant digits. So, for instance, it takes two 
people to have a baby. This is an exact number. Itisn't 2.01 or 2.00003 
people, itis exactly two. So, for the purposes of significant figures, this 
value has an infinite number of digits. Conversion factors are generally 
considered to be exact values. 

So that is how to count significant digits. This is important because 
the significant digits affect how caclulations are rounded. There are two 
rules—one for multiplying and dividing and another for adding and 
subtracting. 

For multiplying and dividing, you should find the input value with the 
fewest significant figures. The result should then be rounded to that many 
significant figures. For instance, if we had 103 x 55, then the result should 
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be rounded to two significant figures. So, even though the result is 5,665, 
we should report it as 5,700. Let's say we have 55.0 + 3.00. Since both of 
the input values have three significant figures, then the result should have 
three significant figures. Therefore, the result is 18.3. 

For addition and subtraction, instead of using significant figures, the 
decimal points for the numbers are lined up, the operation is performed, 
and the result is rounded to the number of decimal places available in 
the input value that has the least precision (fewest numbers to the right 
of the decimal). So, for instance, if I have 1.054 + 0.06, the result is 1.104. 
However, this would be rounded to 1.10 because that is how many digits to 
the right the decimal 0.06 had. 

If there are a series of operations, significant figures are usually 
applied at the end of the whole calculation, or when necessary to limit 
the complication of intermediate results. Calculators will round for you 
at some point anyway, so there is no getting around some amount of 
intermediate rounding. Therefore, you should recognize that if your 
answer differs from the book’s answer by the least significant digit, it is 
likely that you are correct, but that you rounded in different stages in your 
calculation. 

In professional science and engineering data reporting, significant 
figures are important. In playing around with electronics, they are 
much less so. Additionally, even the rules for significant figures aren't 
perfect—there are places where their usage leads to problematic results. 
Entire books have been written on the subject.’ Significant figures are 
there not because they are perfect, but so that we all have a common, 
straightforward way of communicating the precision of our results. The 
most important thing to keep in mind is that the degree to which you are 
precise in your measurements affects the degree to which you can be 


precise in your calculations. 


*For instance, see Nicholas Higham’s Accuracy and Stability of Numerical 
Algorithms. 


17 


CHAPTER 2 DEALING WITH UNITS 
Apply What You Have Learned 


1. How many nanometers is 23 meters? 

2. How many seconds is 23.7 microseconds? 
3. How many grams is 89.43 megagrams? 

4. How many meters is 15 nanometers? 

5. How many kilograms is 0.3 microgram? 

6. How many milliseconds is 45 kiloseconds? 


7. Whatis the abbreviation for picosecond? What is the 


abbreviation for microgram? 
8. Whatis the abbreviation for a terameter? 


9. How many significant figures does the number 
476 have? 


10. How many significant figures does the number 
5 have? 


11. How many significant figures does the number 
000352 have? 


12. How many significant figures does the number 
0.00043 have? 


13. How many significant figures does the number 
1.0004 have? 


14. How many significant figures does the number 
2.34000 have? 
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Calculate the following problems taking into account significant 


figures. 


15. 


16. 


rh 


18. 


19. 


20. 


What is 23 x 5? 
What is 23 + 0.6? 
What is 0.005 * 209? 
What is 0.0023 x 45? 
What is 0.5 + 0.5? 


Why are significant figures important? 
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Basic Concepts 


CHAPTER 3 


What Is Electricity? 


The first thing to tackle in the road to understanding electronics is to 

wrap our minds around what electricity is and how it works. The way that 
electricity works is very peculiar and unintuitive. We are used to dealing 
with the world in terms of physical objects—desks, chairs, baseballs, 

and so on. Even if we never took a class in physics, we know the basic 
properties of such objects from everyday experience. If I drop a rock on my 
foot, it will hurt. If I drop a heavier rock, it will hurt more. If I remove an 
important wall from a house, it will fall down. 

However, for electricity, the only real experience we have is that we have 
been told to stay away from it. Sure, we have experience with computers 
and phones and all sorts of devices, but they give us the result of processing 
electricity a million times over. But how does electricity itself work? 


3.1 Charge 


To answer this question, we need to answer another question first: What is 
electricity? Electricity is the flow of charge. So what is charge? 

Charge is a fundamental quantity in physics—it is not a combination 
(that we know of) of any other quantity. A particle can be charged in one 
of three ways—it can be positively charged (represented by a + sign), 
negatively charged (represented by a - sign), or neutrally charged (i.e., has 
no charge). Figure 3-1 shows what an atom looks like. In the center of the 
atom are larger, heavier particles called protons and neutrons. Protons are 
positively charged particles, and neutrons are neutrally charged particles. 
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Together, these form the nucleus of the atom and determine which atom 
we are talking about. If you look on a periodic table, the large printed 
number associated with an element is known as its atomic number. This 
number refers to how many protons it has in its nucleus. Sometimes, there 
is anumber in smaller print as well. This is the total number of protons 
and neutrons combined.’ Note that the number of neutrons in an element 
can vary, so this number is often a decimal representing the average 
number of combined protons and neutrons in any particular element. 


Electron Orbits 
Proton 


{positively charged) 


Neutron 
(neutrally charged) 


Electron 


(negatively charged) Nucleus 


Figure 3-1. Charged Particles in an Atom 


Circling around the nucleus are electrons. Electrons are negatively 
charged particles. Even though electrons are much smaller and lighter 
than protons, the amount of negative charge of one electron is equal to the 
amount of positive charge of one proton. Positive and negative charges 
attract each other, which is what keeps electrons contained within the atom. 


'This is technically the atomic mass of the element, given in special units called 
atomic mass units (AMUs). However, the weights of protons and neutrons are 
each extremely close to 1 AMU, and the weight of electrons is extremely close to 
zero, so the atomic mass and the combined number of protons and neutrons are 
nearly identical. 
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Electrons are arranged in shells surrounding the nucleus. The outermost 
shell, however, is the most important one when thinking about how 
atoms work. 

When we think about individual atoms, we think about them when 
they are isolated and alone. In these situations, the number of electrons 
and the number of protons are equal, making the atom as a whole 
electrically neutral. However, especially when atoms interact with other 
atoms, the configuration of their electrons can change. If the atoms gain 
electrons, then they are negatively charged. If the atoms lose electrons, 
then they are positively charged. Free electrons are all negatively charged. 

If there are both positively and negatively charged particles moving 
around, their opposite charges attract one another. If there is a great 
imbalance of positive and negative charges, usually you will have a 
movement of some of the charged particles toward the particles of the 
opposite charge. This is a flow of charge, and this flow is what is referred to 
when we speak of electricity. 

The movement of charge can be either positively charged particles 
moving toward negatively charged ones, negatively charged particles 
moving toward positively charged ones, or both. Usually, in electronics, it 
is the electrons which are moving through a wire, but just know that this is 
not the only way in which charge can move. 

Electricity can be generated by a variety of means. The way that 
electricity is generated in a battery is that a chemical reaction takes place, 
but the reactants (the substances that react together) are separated 
from each other by some sort of medium. The positive charges for the 
reaction move easiest through the medium, but the negative charges for 
the reaction move easiest through the wire. Therefore, when the wire 
is connected, electricity moves through the wire to help the chemical 
reaction complete on the other side of the battery. 

This flow of electric charge through the wire is what we normally think 
of as electricity. 
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MAKING YOUR OWN BATTERY 


You can make a simple battery of your own out of three materials: thick copper 
wire or tubing, a galvanized nail (it must be galvanized), and a potato or a 
lemon. This battery operates from a reaction between the copper on the wire 
and the zinc on the outside of the galvanized nail. The electrons will flow from 
the zinc to the copper through the wire, while the positive charge will flow 
within the lemon or potato. 


To build the battery, you must insert the thick copper and the nail into the 
potato. They should be near each other, but not touching. This battery will not 
produce very much current—less than a milliamp of current at less than 1 volt 
(we will discuss milliamps later in this chapter and volts in Chapter 4). This is 
not quite enough to light up an LED, but it should register on a multimeter. See 
Chapter 6 for how to measure voltage with a multimeter. 


Note that the lemon/potato is not actually supplying the current. What the 
lemon/potato is doing is creating a barrier so that only the positive charges 
can flow freely in the potato, and the negative charges have to use the wire. 


3.2 Measuring Charge and Current 


Atoms are very, very tiny. Only in the last few years have scientists even 
developed microscopes that can see atoms directly. Electrons are even 
tinier. Additionally, it takes a lot of electrons moving to have a worthwhile 
flow of charge. Individual electrons do not do much on their own—it is 
only when there are a very large number of them moving that they can 
power our electronics projects. 

Therefore, scientists and engineers usually measure charge on a much 
larger scale. The coulomb is the standard measure of electric charge. One 
coulomb is equivalent to the electric charge of about 
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6,242,000,000,000,000,000 protons. If you have that many electrons, you 
would have a charge of —1 coulomb. That’s a lot of particles, and it takes 
particles on that scale to do very much electrical work. Thankfully, protons 
and electrons are very, very small. A typical 9-volt battery can provide about 
2,000 coulombs of charge, which is over 10,000,000,000,000,000,000,000 
charged particles (ten thousand billion billion particles). 

However, electricity and electronics are not about electric charge 
sitting around doing nothing. Electricity deals with the flow of charge. 
Therefore, when dealing with electricity, we rarely deal with coulombs. 
Instead, we talk about how fast the electric charge is flowing. For that, 
we use amperes, often called amps and abbreviated as A. One ampere 
is equal to the movement of 1 coulomb of charge out of the battery each 
second. 

For the type of electronics we will be doing, an ampere is actually 
a lot of current. In fact, a full ampere of current can do a lot of physical 
harm to you, but we don’t usually deal with full amperes when creating 
electronic devices. Power-hungry devices like lamps, washers, dryers, 
printers, stereos, and battery chargers need a lot of current—that’s why 
we plug them into the wall. Small electronic devices don’t usually need 
so much current. Therefore, for electronic devices, we usually measure 
current in milliamperes, usually called just milliamps and OEE as 
1000 
or 0.001). Therefore, a milliamp is one-thousandth of an amp. If someone 


mA. Remember that the prefix milli- means one-thousandth of (i.e., 


says that there is 20 milliamps of current, that means that there is 0.020 
amp of current. This is important, because the equations that we use for 
electricity are based on amps, but since we are dealing with low-current 
devices, most of our measurements will be in milliamps. 

So, to go from amps to milliamps, multiply the value by 1,000. To go 
from milliamps to amps, divide the value by 1,000 (or multiply by 0.001) 
and give the answer in decimal (electronics always uses decimals instead 


of fractions). 
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Example 3.1 If I were to have 2.3 amps of electricity, 
how many milliamps is that? To go from amps to 
milliamps, we multiply by 1,000. 2.3 x 1,000 = 2,300. 
Therefore, 2.3 amps is the same as 2,300 milliamps. 


Example 3.2 If I were to have 5.7 milliamps of 
electricity, how many amps is that? To go from 
milliamps to amps, we divide by 1,000. 5.7/1,000 = 
0.0057. Therefore, 5.7 milliamps is the same as 
0.0057 amp. 


Example 3.3 Now, let’s try something harder— 

if I say that I am using 37 milliamps of current, 

how many coulombs of charge has moved after 1 
minute? Well, first, let’s convert from milliamps 

to amps. To convert from milliamps to amps, we 
divide by 1,000. 37/1000 = 0.037. Therefore, we have 
0.037 amp. What is an amp? An amp is 1 coulomb 

of charge moving per second. Therefore, we can 
restate our answer as being 0.037 coulomb of charge 


moving each second. 


However, our question asked about how much has 
moved after 1 minute. Since there are 60 seconds 
in each minute, we can multiply 0.037 by 60 for 
our answer. 0.037 « 60 = 2.22. So, after 1 minute, 37 


milliamps of current moves 2.22 coulombs of charge. 


3.3 AC vs. DC 


You may have heard the terms AC and DC when people talk about 
electricity. What do those terms mean? In short, DC stands for direct 
current, and AC stands for alternating current. So far, our descriptions 
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of electricity have dealt mostly with DC. With DC, electricity makes a 
route from the positive terminal to the negative. It is the way most people 
envision electricity. It is “direct.” 

However, DC, while great for electronics projects, very quickly loses 
power over long distances. If we were to transmit current that simply flows 
from the positive to the negative throughout the city, we would have to 
have power stations every mile or so. 

So, instead of sending current in through one terminal and out through 
another, your home is powered with alternating current. In alternating 
current, the positive and negative sides continually reverse, switching back 
and forth 50-60 times per second. So the current direction (and thus the 
direction the electrons are moving) continually switches back and forth, 
over and over again. Instead of moving in a continuous flow, it is more 
like someone is pushing and pulling the current back and forth. In fact, 
at the generator station, that is almost exactly what is going on! This may 
seem strange, but this push and pull action allows for much easier power 
generation and also allows much more power to be delivered over much 
longer distances. 

AC, such as the current that comes out of a wall socket, is much more 
powerful than we require for our projects here. In fact, converting high- 
power AC to low-power DC voltage used in electronic devices is an art in 
itself. This is why companies charge so much money for battery chargers— 
it takes a lot of work to get one right! 

Now, not all AC is like this. We call this current AC “mains,” because 
it comes from the power mains from the power stations. It is supposed 
to operate at about 120 volts, and the circuits are usually rated for about 
15-30 amps (that’s 15,000-30,000 milliamps). That’s a lot of electricity! 

In addition to AC mains, there are also ACs which we will call AC 
“signal.’ These currents come from devices like microphones. They are 
AC because the direction of current does in fact alternate. When you 
speak, your voice vibrates the air back and forth. A microphone converts 
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these air vibrations into small vibrations of electricity—pushing and 
pulling a small electric current back and forth. However, these ACs are so 
low powered as to be almost undetectable. They are so small we have to 
actually amplify these currents (see Chapter 25) just to work with them 
using our DC power! 

So, in short, while we will do some work with AC signal voltages later 
in the book, all of our projects will be safe, low-power projects. We will 
often touch wires with our projects active or use multimeters to measure 
currents and voltages in active circuits. This is perfectly safe for battery- 
operated projects. But do not attempt these same maneuvers for anything 
connected to your wall outlet unless you are properly trained. 


3.4 Which Way Does Current Flow? 


One issue that really bungles people up when they start working with 
electronics is figuring out which way electric current flows. You hear first 
that electric current is the movement of electrons, and then you hear that 
electrons move from negative to positive. So one would naturally assume 
that current flows from negative to positive, right? 

Good guess, but no—or, at least, not quite. 

Current is not the flow of physical stuff like electrons, but the flow of 
charge. So, when the chemical reaction happens in the battery, the positive 
side gets positively charged, and the influence of that charge moves down 
the wires. The electrons are a negative charge that moves toward that 
positive charge. The positive charge is just as real as the negative charge, 
even though physical stuff isn’t moving with the positive charge. 

Think about it this way. Have you ever used a vacuum cleaner? Let's 
say we are tracing the action of a vacuum cleaner. Where do you start? 
Usually, you start at the inside where the suction happens and then trace 
the flow of suction through the tube. Then, at the end of the tube, the dust 


comes into the tube. 
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Engineers don’t trace their systems from the dust to the inside, they 
trace their systems from the suction on the inside out to the dust particles 
on the outside. Even though it is the dust that moves, it is the suction that is 
interesting. 

Likewise, for electricity, we usually trace current from positive to 
negative even though the electrons are moving the other way. The positive 
charge is like the suction of a vacuum, pulling the electrons in. Therefore, 
we want to trace the flow of the vacuum from positive to negative, even 
though the dust is moving the other way. 

The idea that we trace current from positive to negative is often called 
conventional current flow. It is called that way because we conventionally 
think about circuits as going from the positive to the negative, and it is the 
common convention to draw them that way (any arrow in an electronics 
diagram is pointing toward the movement of positive charge). 

If you are tracing charge the other way, that is called electron current 
flow, but it is rarely used. 


Review 


In this chapter, we learned the following: 
1. Electric current is the flow of charge. 
2. Charge is measured in coulombs. 


3. Electric current flow is measured in coulombs per 


second, called amperes or amps. 
4. Amilliampere is one-thousandth of an ampere. 


5. In an atom, protons are positively charged, electrons 
are negatively charged, and neutrons are neutrally 
charged. 
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6. 


10. 


11. 


Batteries work by having a chemical reaction which 


causes electricity to flow through wires. 


In DC, electricity flows continuously from positive to 


negative. 


In AC, electricity flows back and forth, changing flow 


direction many times every second. 


Even though electrons flow from negative to 
positive, in electronics, we usually think about 
circuits and draw circuit charges as flowing from 


positive to negative. 


AC mains (the kind in your wall outlet) is dangerous, 
but battery current is relatively safe. 


Small signal AC (like that generated by a 
microphone) is not dangerous. 


Apply What You Have Learned 
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If I have 56 milliamps of current flowing, how many 
amps of current do I have flowing? 


If I have 1,450 milliamps of current flowing, how 


many amps of current do I have flowing? 


If I have 12 amps of current flowing, how many 


milliamps of current do I have flowing? 


If I have 0.013 amp of current flowing, how many 


milliamps of current do I have flowing? 


If I have 125 milliamps of current flowing for 1 hour, 


how many coulombs of charge have I used up? 


CHAPTER 3 WHAT IS ELECTRICITY? 


What is the difference between AC and DC? 


In AC mains, how often does the direction of current 
go back and forth? 


Why is AC used instead of DC to deliver electricity 
within a city? 


In working with electronic devices, do we normally 


work in amps or milliamps? 
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Voltage and Resistance 


In Chapter 3, we learned about current, which is the rate of flow of charge. 
In this chapter, we are going to learn about two other fundamental 
electrical quantities—voltage and resistance. These two quantities are the 
ones that are usually the most critical to building effective circuits. 

Current is important because limiting current allows us to preserve 
battery life and protect precision components. Voltage, however, is usually 
the quantity that has to be present to do any work within a circuit. 


4.1 Picturing Voltage 


What is voltage? Voltage is the amount of power each coulomb of 
electricity can deliver. If person A has 1 coulomb of charge at 5 volts and 
person B has 1 coulomb of charge at 10 volts, that means that person B's 
coulomb can deliver twice as much power as person A’s. 

A good analogy to electronics is the flow of water. When comparing 
water to electricity, coulombs are a similar unit to liters—coulombs 
measure the amount of electric charge present just like a liter is the 
amount of water volume present. Both charge and water move as a flow. In 
water, we can measure the flow of a current of a stream in liters per second. 
Likewise, in electronics, we measure the flow of charge through a wire in 
coulombs per second, which are also called amperes. 
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Now, I want you to image the end of a hose through which water is 
flowing. Normally, the water just falls out of the hose, especially if the 
hose is just sitting on the ground. That hose just sitting on the ground is 
like a current with 0 volt—each unit of water or charge is just not doing 
that much. 

Let’s pretend we added a spray nozzle to the hose. What happens 
now? Water shoots out of the nozzle forcefully. We haven't added any 
more water—it is actually the same amount of water (i.e., current) 
flowing. Instead, we increased the pressure of the water, which is just like 
increasing the voltage on an electric charge. By increasing the pressure, we 
changed the amount of work that each liter of water is available to perform. 

Likewise, when we increase voltage, we change the amount of work 
that each coulomb of electricity can do. 

One way we might measure the pressure of water coming out of a 
hose is to measure how far up it can shoot out of the hose. By doubling the 
pressure of the water, we can double how far out of the hose it can shoot. 
Similarly, with voltages, large enough voltages can actually jump air gaps 
across circuits. However, to do this, it takes a lot of voltage—about 30,000 
volts per inch of gap. If you have been shocked by static electricity, though, 
this is what is happening! The power of the charge is extreme (thousands of 
volts), but the amount of charge in those shocks is so small that it doesn’t 
harm you (about 0.00000001 coulomb). 


4.2 Volts Are Relative 


While charge and current are fairly concrete ideas, voltage is a much 
more relative idea. You can actually never measure voltage absolutely. 
All voltage measurements are actually relative to other voltages. That is, 

I can't actually say that my electric charge has exactly 1, 2, 3, or whatever 
volts. Instead, what I have to do is say that one charge is however many 
volts more or less than another charge. So let’s take a 9-volt battery. What 
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that means is not that the battery is 9 volts in any absolute sense, but 
rather that there is a 9 -volt difference between the charge at the positive 
terminal and the charge at the negative terminal. That is, the pressure with 
which charge is trying to move from the positive terminal to the negative 


terminal is 9 volts. 


4.3 Relative Voltages and Ground Potential 


When we get to actually measuring voltages on a circuit, we will only be 
measuring voltage differences on the circuit. So, to measure voltage, I can't 
just put a probe on one place on the circuit. Instead, I have to put my probe 
on two different places on the circuit and measure the voltage difference 
(also called the voltage drop) between those two points. 

However, to simplify calculations and discussions, we usually 
choose some point on the circuit to represent “0 volt.” This gives us a 
way to standardize voltage measurements on a circuit, since they are all 
given relative to the same point. In theory, this could be any point on the 
circuit, but, usually, we choose the negative terminal on the battery to 
represent 0 volt. 

This “zero point” goes by several names, the most popular of which 
is ground (often abbreviated as GND). It is called the ground because, 
historically, the physical ground has often been used as a reference voltage 
for circuits. Using the physical ground as the zero point allows you to also 
compare voltages between circuits with different power supplies. However, 
in our circuits, when we refer to the ground, we are referring to the 
negative terminal on the battery, which we are designating as 0 volt. 

Another, lesser-used term for this designated 0-volt reference is 
the common point. Many multimeters label one of their electrodes as 
COM, for the common electrode. When analyzing a circuit’s voltage, this 
electrode would be connected to whatever your 0-volt point is. 
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This “ground” analogy also makes sense with our water hose analogy. 
Remember that a voltage is the potential for a charge to do work. What 
happens to water after it lands on the ground? By the time the water from 
my hose lands on the ground, it has lost all its energy. It is just sitting there. 
Sure, it may seep or flow around a bit, but nothing of consequence. All of 
its ability to do work—to move quickly or to knock something over—has 
been drained. Itis just on the ground. Likewise, when our electric charge is 
all puttered out, we say that it has reached “ground potential.” 

So, even though we could designate any point as being zero, we usually 
designate the negative terminal of the battery as the zero point, indicating 
that by the time electricity reaches that point, it has used up all of its 
potential energy—it now has 0 volt compared to the end destination (i.e., 
the other battery terminal). 


4.4 Resistance 


Resistance is how much a circuit or device resists the flow of current. 
Resistance is measured in ohms and is usually represented by the symbol 
Q. Going back to our water hose analogy, resistance is how small the 
hose is, because a smaller hose will resist the flow of water more than a 
larger hose will. Think about a 2-liter bottle of pop. The bottle has a wide 
base, but the opening is small. If I turn the bottle upside down, the small 
opening limits the amount of liquid that flows out at one time. That small 
openingis giving resistance to the flow of liquid, making it flow more 
slowly. If you cut off the small opening, leaving a large opening, the liquid 
will come out much faster because there is less resistance. 

Ohm’s law, which we will use throughout this book, tells us about the 
relationship between resistance, voltage, and current flow. The equation is 
very simple. It says 


V=I*R (4.1) 
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In this equation, V stands for voltage, I stands for current (in amperes, 
not milliamperes), and R stands for resistance (in ohms). To understand 
what this equation means, let's think again about water hoses. The water 
that comes out of the faucet of your house has essentially a constant 
current. Therefore, according to the equation, if we add resistance, it will 
increase our voltage. 

We know this to be true from experience. If we have a hose and just 
point it forward, water usually comes out about a foot or two. Remember, 
voltage is how much push the water has, which determines how far the 
water will go when it leaves the hose. However, if my children are on the 
other side of the yard and I want to hit them with a water spray, what do I 
do? I put my thumb over the opening. This increases the resistance, and, 
since the current is relatively constant, the voltage (the force the water will 
have when it leaves the hose) will increase, and this force will cause the 
water to spray further. 

However, in circuits, we usually don’t have a constant current source. 
Instead, batteries provide a constant voltage source. A 9-volt battery will 
provide 9 volts in nearly every condition. Therefore, for electronics work, 
we usually rearrange the equation a little bit. Using a little bit of algebra, we 


can solve our equation for either current or resistance, like this: 


” 
I= F (4.2) 


ke 
I 


(4.3) 


Equation 4.2 is the one that is usually most useful. To understand this 
equation, think back to the example of the bottle turned upside down. 
There, the liquid had a constant amount of push/voltage (from gravity), 
but we had different resistances. With the small opening, we had a large 
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resistance, so the liquid came out slower. With the large opening, we had 
almost no resistance, so the liquid came out all at once. 


Example 4.4 Let's put Ohm’s law to use. If I have a 
5-volt voltage source with 10 ohms of resistance in 
the circuit, how much current will flow? Since we 


are solving for current, we should use Equation 4.2. 
V 

This says / = x Therefore, plugging in our voltage 

and resistance, we have / = = , Which is /=0.5 


ampere (remember, Ohm’s law always uses amperes 


for current). 


Example 4.5 Now let’s say that we have a 10-volt 
source and we want to have 2 amps worth of current 
flowing. How much resistance do we need in order 


to make this happen? Since we are now solving for 

y 
resistance, we will use Equation 4.3, which says R =—. 
Plugging in our values, we see that R = ae 5Q. 


Therefore, we would need 5 Q of resistance. 


Example 4.6 Now let's say that I have a 9-volt source 
and I want to limit my current to 10 milliamps. This 
uses the same equation, but the problem I have is 
that my units are in milliamps, but my equation 
uses amps. Therefore, before using the equation, I 
have to convert my current from milliamps to amps. 
Remember, to convert milliamps to amps, we just 
divide by 1,000. Therefore, we take 10 milliamps 
and divide by 1,000, and we get 0.010 amp. Now we 
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can use Equation 4.3 to find the resistance we need. 


= la = es = 9000 . Therefore, with 900 Q of 
I 0.010 


resistance, we will limit our current to 10 milliamps. 


Review 


In this chapter, we learned the following: 


1. Voltage is the amount of power that each coulomb 
of charge delivers. 


2. The volt is the electrical unit that we use to measure 
voltage. 


3. Voltage is always given relative to other voltages—it 


is not an absolute value. 


4. The ground ofa circuit is a location on the circuit 
where we have chosen to use as a universal 
reference point—we define that point as having 
zero voltage for our circuit to make measuring other 


points on our circuit easier. 


5. In DC electronics, the chosen ground is usually the 
negative terminal of the battery. 


6. Other terms and abbreviations for the ground 
include common, GND, and COM. 


7. Resistance is how much a circuit resists the flow of 


current and is measured in ohms (Q). 


8. Ohm's law tells us the relationship between voltage, 
current, and resistance: V = I x R. 
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9. Using basic algebra, we can rearrange Ohms law 


in two other ways, depending on what we want to 
V 
know. It can be solved for current, I =—, or it can 


be solved for resistance, R = — 


Apply What You Have Learned 
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If I have a 4-volt battery, how many volts are 
between the positive and negative terminals of this 
battery? 


If I choose the negative terminal of this battery as 
my ground, how many volts are at the negative 


terminal? 


If I choose the negative terminal of this battery as my 
ground, how many volts are at the positive terminal? 


If I choose the positive terminal of this battery as 
my ground, how many volts are at the negative 


terminal? 


If I have a Point A on my circuit that is 7 volts above 
ground and I have a Point B on my circuit that is 2 
volts above ground, what is the voltage difference 
between Point A and Point B? 


Given a constant voltage, what effect does 


increasing the resistance have on current? 


Given a constant current, what effect does 


increasing the resistance have on voltage? 


10. 


11. 


12. 


13. 
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If I have a 10 V battery, how much resistance would I 
need to have a current flow of 10 amps? 


If I have a 3-volt battery, how much resistance would 
I need to have a current flow of 15 amps? 


Given 4 amps of current flow across 200 ohms of 


resistance, how much voltage is there in my circuit? 


IfT am wanting to limit current flow to 2 amps, how 
much resistance would I need to add to a 40-volt 


source? 


IfT am wanting to limit current flow to 2 milliamps, 
how much resistance would I need to add to a 9-volt 


source? 


IfT am wanting to limit current flow to 20 milliamps, 
how much resistance would I need to add to a 5-volt 


source? 
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Your First Circuit 


In the last two chapters, we have learned about the fundamental units of 
electricity—charge, current, voltage, and resistance. In this chapter, we are 


going to put this information to use in a real circuit. 


5.1 Circuit Requirements 


For a circuit to function properly, you usually need several things: 


1. Asource of power which provides electricity for 
your circuit (this is usually a combination of both a 
source and destination for the electricity) 


2. Anetwork of wires and components that ultimately 
lead from the source to the destination 


3. Some amount of resistance in your circuit 


We need the source because, without a source of power, the charge 
won't move! If we have a circuit, but no electrical power, it will just sit 
there. In our circuits, batteries will usually provide the power we need. 
They will do this by providing a (relatively) constant voltage to our circuits. 

We need the wires because unless we provide a complete pathway 
from a higher voltage (the source) to a lower voltage (the destination), the 
electricity won't be able to move. If we want the charge to move, we have to 
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make a pathway from the higher voltage to the lower voltage. Without this 
pathway, we have what is known as an open circuit. No electricity flows in 
an open circuit. 

The components in the pathway from the source to the destination do 
the “electrical stuff” that we want to accomplish, whether that is turning 
on alight, running a motor, running a computer, or whatever else it is we 
want to do. In order for them to take advantage of the electrical power, they 
have to be in the pathway in which the current is moving. Think of this 
like a watermill—those structures that sit near a river and use the power of 
the water moving through the river to turn a wheel and therefore operate 
whatever is inside the house. In order for that to work, the water must 
flow through the watermill-connected structure. If the watermill is not 
built next to the river or if the river runs dry, the watermill doesn’t work. 
Similarly, if the components are not in the flow of moving electric charge, 
they will not operate. 

However, in addition to the wires and components, we must also 
have resistance (though sometimes this is added by the components 
themselves). Without resistance, the current would be too high. If you had 
zero resistance, the current would be so high that it would immediately 
drain your battery and likely destroy all of your components that you have 
connected. You can actually see this using Ohm’s law. If we have a 10-volt 
source with no resistance, the current is given by the equation I = V/R= 
10/0 = oo. Dividing by zero gives you, essentially, infinite current. Now, 
wires and batteries themselves have some amount of resistance, so the 
current wouldn't be infinite, but it would be very, very large and would 
quickly drain your battery and destroy any sensitive components you had 
connected. Therefore, every pathway from the positive side of the battery 
to the negative must have some measurable amount of resistance. When a 
pathway from positive to negative occurs without resistance, this is known 
as a short circuit. 

In other words, to accomplish real tasks with electricity, we must 
control its flow. If it doesn’t flow (as in an open circuit), it can’t do 
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anything. If it flows without resistance (as in a short circuit), it does 
damage rather than work. Therefore, the goal of electronics is to provide 
a controlled route for electric charge to follow so that the power of 
electricity does the things we want it to do on its way from the source to 


the destination. 


SHORTING OUT 


If you've ever heard the phrase “shorting out,” that refers to the fact that if you 
have a short circuit, it will often run too much current through a component 
and break the component. Sometimes this causes sufficient damage to 
actually damage the connections within the circuit. So, although the original 
problem was that there was a short circuit (¡.e., something that created a 
pathway which bypassed resistance in the circuit), the resulting problem is 
that the damage leaves you with a permanent open circuit. 


Interestingly, shorting out is actually usually a better result than having a 
permanently short circuit, which would leave you open to your project heating 
up and potentially catching on fire. This is why many projects which have 
larger power sources often use fuses. The goal of the fuse is to break either 
before other parts of the circuit break or before something catches fire. 


5.2 Basic Components 


The first circuits that we will build will only use four basic types of 


components: 
e Batteries (9-volt) 
e Battery regulator 
e Resistors 


o LEDs 
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As we have discussed, batteries provide a relatively constant amount 
of voltage between the positive and negative terminals. A 9-volt battery, 
therefore, is supposed to have a 9-volt difference between the positive and 
negative terminals. However, there is an actual range that 9-volt batteries 
have. A 9-volt battery, depending on the battery chemistry, will deliver 
between 7 and 10 volts. Additionally, when the battery is worn out, its 
voltage will decrease as well. 

Therefore, in order to make the projects operate more uniformly across 
different power sources, our projects will often include a regulator, which 
will take the battery's voltage (which can vary from 7 to 10 volts) and return 
a constant 5-volt output. So keep in mind that if the project does not have 
a regulator attached, the actual voltages in the circuit may vary depending 
on the battery. Ifthe project does have a regulator attached, it should be 
reliably yielding a 5-volt difference from the positive to the negative. We 
will treat the regulator just like a battery, but one that is more stable and 
reliable than a battery. 

A resistor is a device that, as its name implies, adds resistance to a 
circuit. Resistors have colors that indicate how much resistance they add 
to the circuit. You don't need to know the color codes yet, but if you are 
curious, you can see the resistor datasheet in Appendix E. So, ifwe want 
to add 100 Q to our circuit, we just find a resistor with a value of 100 Q. 
Resistors are not the only devices that add resistance to a circuit, but 
they are usually what are used when you want to add a fixed amount of 
resistance. Resistors have two terminals (connecting points), but they both 
function identically—unlike other components, there is no backward or 
forward for a resistor. You can put them in your circuit either way, and they 
will function just fine. 

Of the components in this section, the LED is probably the strangest. 
LED stands for “light-emitting diode.’ A diode is a component that only 
allows current to flow in one direction. It blocks the flow of electricity in 
the other direction. However, more importantly, LEDs emit light when 
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current passes through them. However, LEDs do not resist current, so they 
must be used with a resistor to limit the amount of current flowing through 
them (most of them will break at 20-30 milliamps). Also, since LEDs 
only allow current to flow one way, they have to be wired in the correct 
direction. To find out which way to wire an LED, look at the legs of the 
LED—one is longer than the other. To allow current flow, the longer leg of 
the LED should be on the more positive side of the circuit. 

Most of your components (especially your resistors) come with very 
long legs. You can feel free to bend or cut these legs however you please 
to better fit in your circuit. However, on LEDs (and any other component 
where leg length matters), be sure to keep the longer legs longer so you 
don't get confused about which way it should be inserted in your circuit. 


5.3 Creating Your First Circuit 


Now we will put together a simple first circuit. What you will need is 
e One 9-volt battery 
e One red LED (other colors will work too) 


e One 1,000 Q resistor (anything from 400 ohms to 2,000 
ohms should work) 


If you already have resistors, you can use a multimeter to determine 
the resistance, or you can use the color chart in Appendix E. Most 
electronics enthusiasts I know don’t actually use the color codes, because 
they are too small. If you have better vision than we do, then the color 
chart may work great. Otherwise, use a multimeter to check the resistance, 
or, better yet, keep your resistors organized so it is easy to find the value 
you want. If you don’t have resistors, it is even easier—just buy a resistor 
with the resistance you are looking for! 
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READING A RESISTOR’S VALUE FROM A MULTIMETER 


Multimeters are incredibly flexible tools, and they are pretty cheap too. For the 
purposes of this book, you don’t need anything fancy—the cheapest one will 
do just fine! Be sure that the resistor is not connected to anything else before 
testing. 


To find the value of the resistor, look for values on the multimeter marked with 
the ohm sign (Q). Set the dial to the lowest resistance value it has (remember 
to think about the metric suffixes from Chapter 2—for instance, 10 M means 
10,000,000). Then, test the resistor by putting the two multimeter probes on 
the two legs of the resistor. It is okay to hold the probes on the resistor legs 
with your fingers. Many multimeters require you to only use the pointed tips of 
the probes in order to measure values accurately. 


lf the screen shows a 0 or 1, that means that the resistor’s value is actually 
too large for it to register at that setting. In that case, move the dial on the 
multimeter to the next setting higher and try again. If the screen shows a more 
precise value, then use that value plus whatever metric suffix the multimeter 
is set to. For instance, if the multimeter is set to 10 M, then you would add 

the M suffix to whatever value is shown on the screen. That is the value of the 
resistor. 


If you did buy a fancy, expensive multimeter, it may only have one spot for 
measuring resistance, marked as ohm without listing any number by it. In 
this case, it will automatically do that same process internally and report the 
results to you like magic. 


More information about multimeter use is found in Chapter 6. 


To make this circuit, take one leg of the resistor and twist it together 
with the short leg of the LED. It should look like Figure 5-1. 
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Now, take the long leg of the LED and touch it to the positive terminal 
of the battery. Nothing happens—why not? Nothing happens because, 
even though we have connected the wires to the positive side of the 
battery, the electricity has nowhere to go to, so the current won't move. 
We have an open circuit because there is not a complete path from 
positive to negative. 

Now, touch the long leg of the LED to the battery and, at the same 
time, touch the unattached end of the resistor to the battery. The LED 
should give a nice glow of its color. Congratulations! You have built your 


first circuit! 


Figure 5-1. Wrapping the Resistor Around the LED’s Short Leg 


Even though we can’t see the electricity moving, I hope you 
understand how it will flow through the circuit. We can trace the current 
flow from the positive terminal of the battery through the LED. The resistor 
limits the amount of current flowing through the circuit and therefore 
through our LED (the resistor can actually go on either side of the LED; 
it will limit the flow no matter which side it is on). Without the resistor, 
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the battery would easily go over the 30-milliamp rating of our LED, and it 
would short out and no longer work. If you connected it without a resistor, 
you might see it turn on for a moment and then very quickly turn off, and 
then it would never work again. If you have an extra LED, you can try this 
out if you want. It is not dangerous—it will just cost you the price of an 
LED. 

If your LED is backward, no current will flow at all. It won’t hurt the 


LED, but it won’t turn on unless it is oriented in the right direction. 


5.4 Adding Wires 


We are not going to physically add wires to our circuit at this time, but I 
did want to make a note on wires. Changing the lengths of wires will not 
affect our circuits in any way. On advanced projects (usually projects with 
extremely high precision or extremely long wires), the length of a wire will 
sometimes have an effect on such circuits. We are not doing any high- 
precision circuits, and our wire lengths are all less than a meter. Therefore, 
for the electronics we are doing, we can totally ignore wire length. 
Therefore, if we connected our components using wires rather than 
directly wrapping their legs around each other directly, it would have 
no effect on the circuit at all. What is important is not the wires but the 
connections—what components are connected together and how are they 
connected. The length of the wire used to connect them is not important. 
You can connect them with a really long wire or directly touch the legs 
of each component together with no wires. It doesn’t matter because the 
result is the same—the components are connected. 
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Component Description 


A battery is represented by a long line and a short line stacked on 
top of each other. Sometimes, there are two sets of long and short 
lines. The long line is the positive terminal and the short line is 
the negative terminal (which is usually used as the ground). 


Battery 


A resistor is represented by a sharp, wavy line with wires coming 
Resistor out of each side. This represents that the resistor is not an easy 
way for current to flow. 


An LED is represe nted by an arrow with a line across it, 
indicating that current can flow from positive to negative in the 
direction of the arrow, but it is blocked going the other way. The 
LED symbol also has two shortlines coming out of it, representing 
the fact that it emits light. 


Figure 5-2. Basic Component Diagram Symbols 


5.5 Drawing Circuits 


So far, we have only described circuits in words or by showing you pictures. 
This, however, is a lousy way of describing circuits. In complicated circuits, 
trying to trace the wires in a photograph is difficult. If you wanted to draw 
a circuit that you wanted built, you would have to be an artist to render it 
correctly. Likewise, reading through text describing a circuit takes a long 
time, and it is easy to get lost when discussing large circuits. 

Therefore, in order to communicate information about how a circuit 
is put together in a way that is easy to read and write, engineers have 
developed a way of drawing circuits called circuit diagrams or electronic 
schematics (often just called diagrams or schematics). In a circuit diagram, 
each component is represented by an easy-to-draw symbol that helps you 
remember what the component does. Figure 5-2 shows the symbols for the 
components we have used so far. Note that everybody draws the symbols 
slightly differently and some components have more than one symbol. 
However, these are the symbols we will use in this book. For more symbols, 
see Appendix B. 

Then, the components are connected together using lines to represent 
the wires and connections between the components. 
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Therefore, we can redraw our original circuit using these symbols as 


you See in Figure 5-3. 


9V >*D1 


D1 
Ril 
1 
R 1 e 
av 
ov 


Figure 5-4. Alternative Ways of Drawing the Basic LED Circuit 


Notice that our components are laid out on the diagram with wires 
connecting them. Remember that it doesn’t matter if we have very long 
wires or very short wires or if the components are directly placed end to 
end—the resulting circuits will operate identically. Also notice that each 
component is labeled (R1 and D1) because, as we make more complicated 
circuits, it is important to be able to refer back to them. 

It does not matter in a diagram which way you have your components 
turned, how long or short your wires are, or what the general spacing 
looks like. When you actually wire it, all of those things will change. The 
important part of a circuit diagram is to convey to the reader what the parts 
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are, how they are connected, and what the circuit does in the way that is 
easiest to read. 

For instance, all of the circuits in Figure 5-4 are equivalent to the circuit 
in Figure 5-3, they are just drawn differently. All of them have the positive 
terminal of a battery connected to a resistor, with the other leg of the 
resistor connected to the positive end of an LED, with the other leg of the 
LED connected to the negative side of the battery. Since the connections 
are identical, the circuits are identical. Schematics don't care how long the 
lines are that you draw or how the components are oriented or even where 
the components are drawn on the page. The only thing important in the 
schematic is how the components are connected. 


Ri 


Figure 5-5. Basic LED Circuit Drawing Using the Ground Symbol 


For consistency, I like to draw all of my batteries to the left of the 
drawing with the positive side on top. By keeping the battery positive- 
side-up, components with higher voltage are usually closer to the top, 
and components with lower voltages are usually closer to the bottom, 
with the ground (i.e., 0 volt) coming back into the negative terminal. 

I also try to make my wire lines as simple as possible in order to make 
following them easier. 

By keeping some amount of consistency, it is easier to look at a 


drawing and see what is happening. 
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5.6 Drawing the Ground 


Remember that for electricity to move, every circuit must be fully 
connected from the positive side to the negative side. That means that 
in larger circuits, there are numerous connections that come from the 
positive or go back to the ground/negative. Because of this, a special 
symbol has been adopted to refer to the ground point in a circuit. This 
symbol, the ground symbol, has three lines, each shorter than the 
next. Points on a circuit that have this symbol connected to them are 
connected to each other (usually they are all connected to the negative 
side of the battery). 

Therefore, the circuit in Figure 5-5 is the same circuit as before, just 
drawn using the ground symbol. Since points with the ground symbol are 
all connected together, using this symbol on both the negative terminal 
and the negative side of the LED means that they are wired together. 

This doesn’t help us a lot for this circuit (and, in fact, it makes it a little 
less easy to read). However, in complex circuits, it is much easier to write 
the ground symbol than trying to have 20 lines drawn back to the negative 
terminal. 

Additionally, the same is true with the positive side of the battery. 
Many components require a direct connection to a specific voltage to work 
correctly. These are usually marked with just a disconnected wire with the 
end of the wire marking what voltage it requires. We make less use of that 
symbol in this book than the ground symbol, but it does come in handy 
sometimes. 

So, using both the voltage source and ground symbols, we could 
rewrite the same circuit again in the manner shown in Figure 5-6. This 
circuit, again, is not wired any differently than before. We are just drawing 
it differently. For this circuit, it doesn’t matter, but in more complex 
circuits, if we need a specific voltage at a specific location, this symbol tells 
us to put it there. 
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$“ 


Figure 5-6. Simple LED Circuit Using Positive and Ground Symbols 


Review 


In this chapter, we learned the following: 


l. 


Every circuit requires a source of power (usually a 
battery), wires and components, some amount of 
resistance, and a complete path back to the negative 
side of the power source. 


An open circuit is one that does not connect back 
to the negative side (and thus does not provide any 
electricity), and a short circuit is one that connects 
back to the negative side without any resistance 
(and thus overwhelms the circuit with current). 


A battery supplies a fixed voltage between its two 


terminals. 


A resistor provides a fixed resistance (measured in 


ohms) within your circuit. 


An LED allows current to flow in only one 
direction, gives off light when current is flowing, 
but is destroyed when the current goes above 
20-30 milliamps. 
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6. 


10. 


11. 


The longer leg of the LED should be on the positive 
side of the circuit. 


Wires on simple circuits can be almost any length 
(from zero to a few meters) without changing the 
functionality of the circuit. 


A circuit diagram is a way of drawing a circuit so 
that itis easy to read and understand what the 


circuit is doing. 


Each component has its own symbol in a circuit 


diagram. 


Components labeled with the ground symbol are 
connected together, usually at the negative side of 
the battery. 


Voltage sources can be similarly labeled by a wire 
connected on one side labeled with the voltage that 


itis supposed to be carrying. 


Apply What You Have Learned 


Special Note: In the following problems, since we have not yet studied 


LED operation in depth, we are ignoring the electrical characteristics of 


the LED and just focusing on the resistor. If you know how to calculate 


the circuit characteristics using the LED, please ignore it anyway for the 


purpose of these exercises. 


l. 
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Calculate the amount of current running in the 
circuit you built in this chapter using Ohm’s law. 
Since Ohm's law gives the results in amps, convert 


the value to milliamps. 
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Let's say that the minimum amount of current 
needed for the LED to be visibly on is 1 milliamp. 
What value of the resistor would produce this 


current? 


Let's say that the maximum amount of current the 
LED can handle is 30 milliamps. What value of the 
resistor would produce this current? 


Draw a circuit diagram of a short circuit. 


Take the circuit drawing in this chapter, and modify 
it so that it is an open circuit. 


Draw a circuit with just a battery and a resistor. 
Make up values for both the battery and the resistor 
and calculate the amount of current flowing 
through. 
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CHAPTER 6 


Constructing 
and Testing Circuits 


In Chapter 5, we learned how a circuit works. However, the method of 
putting together a circuit in the chapter doesn't translate to the real world 
well. In this chapter, we will learn how to use solderless breadboards 

to construct circuits in a more robust manner. Additionally, we will put 
our understanding of Ohm's law to the test as we learn how to measure 


voltages in circuits using our multimeter. 


6.1 The Solderless Breadboard 


The most important piece of equipment to use for making circuits is the 
solderless breadboard. Before solderless breadboards, if you wanted to 
put together a circuit, you had to attach them to a physical piece of wood to 
hold them down and then solder the pieces together. Soldering is a process 
where two wires are physically joined using heat and a type of metal called 
solder, which melts at much lower temperatures than other types of metal. 
So what you would have to do is attach the electrical components to the 
board, wrap the components’ legs around each other, and then heat them 
up with a soldering iron and add solder to join them permanantly. 

This was an involved process, and, though it was sometimes possible 
to get your components back by reheating the soldered joints, you were 
generally stuck with your results. The solderless breadboard is an amazing 
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invention that allows us to quickly and easily create and modify circuits 
without any trouble at all. Figure 6-1 shows what a solderless breadboard 
looks like, and Figure 6-2 has the different parts of the breadboard labeled. 
The solderless breadboard has a number of spring clips (usually about 
400 or 800 of them) called connection points which will allow you to 
insert wires or component leads and will hold them in place. Not only that, 
the breadboard itself will connect the components for you! 
The way that this works is that the breadboard is broken up into 
little half-rows called terminal strips. Each terminal strip has multiple 
connection points—usually five. Each connection point on a given 
terminal strip is connected by wire inside the breadboard. Therefore, to 
connect two wires or leads together, all you need to do is connect them 
to the same terminal strip. Any two wires or leads connected to the same 


terminal strip are themselves connected. 


s.. wseee8ee | poreon See 
...—..02.... .... . 


Figure 6-1. A Solderless Breadboard 
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Terminal Strips 


Power Rails 
Figure 6-2. Parts of a Solderless Breadboard 


In most breadboards, the two sides of the breadboard are separated 
by a gulf known as the bridge. The bridge is a visual indication that the 
two sets of terminal strips are not connected, but it also serves a practical 
purpose. If you have an integrated circuit (a small chip), the bridge is the 
right width so that you can place your integrated circuit right over the 
bridge, and each leg of the chip will receive its own terminal strip for you to 
easily connect them to what you need. We will cover this in more depth in 
later chapters. 

In addition to the terminal strips, most breadboards have two strips 
running down each side, one with a red line and one with a blue line. 
These are known as power rails (some people call them power buses). 

Power rails are very similar to terminal strips, with a few exceptions. 
The main difference is that, in terminal strips, only the five connection 
points grouped together are connected. On power rails, many more of the 
connection points are connected together, even when there are short gaps. 
Some boards will split the power rails at the halfway point, but others go 
all the way down the board. A split in the power rails is usually visually 
indicated by a break in the red and blue lines that indicate the power rails. 
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R1 


gV `D1 


Figure 6-3. Basic LED Circuit 


Note that the positive and negative are not connected to each other 
(that would create a short circuit) and they are not connected to the 
power rails on the other side of the breadboard (unless you connect them 
manually). On some breadboards, even a single side isn’t connected all the 
way down, but may be broken into sections at the halfway point. 

In many projects, many components need direct access to the positive 
or negative power supply. Power rails make this easy by providing a 
connection point with positive and negative power a very short distance 
away from wherever you need it on the breadboard. If you plug your power 
source's positive and negative terminals into the positive and negative rails 
on the breadboard, then any time you need a connection to the positive or 
negative terminal, you can just bring a wire to the closest connection point 


on the appropriate power rail. 


6.2 Putting a Circuit onto a Breadboard 


To see how a simple circuit works on a breadboard, let’s go back to the 
circuit we first looked at in Chapter 5. Figure 6-3 has the drawing again for 
ease of reference. 

So how do we translate what we see in the drawing to what we need 
to put in the breadboard? Well, let’s take a look at what is in the circuit—a 
9-volt battery, an LED (we will go with a red LED), and a 1,000 Q resistor. 
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Let us not concern ourselves with the battery at the moment. So, without 
the battery, we have a resistor connected to an LED. 

Let us start out by simply placing our components onto the 
breadboard. What you will want is to place them on the breadboard so 
that each of their legs is on a different terminal strip. It doesn’t matter 
which terminal strips you use—just make sure the legs all get plugged into 
different ones. Figure 6-4 shows how your breadboard should look so far. 
Note that the longer leg of the LED is closer to the resistor. The longer leg is 
depicted in the diagram as having an extra bend in the leg. 

Figure 6-5 shows the wrong way to do it. In that figure, the legs of both 
the components are on the same row, which is the same thing as placing 
a wire between the legs, creating a short circuit. Don’t do that! Make sure 


each leg goes into its own row. 
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Figure 6-4. Putting the Components onto the Breadboard 


Now, to connect the resistor to the LED, we need to add a wire. So all 
we need to do is connect a wire to any empty connection point that is on 
the same terminal strip of the right leg of the resistor and connect the other 
side of that wire to the left leg of the LED as shown in Figure 6-6. 

Note that wires used on breadboards are often called “jumper wires.’ 
The difference between these and other kinds of wires is that jumper 
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wires usually have solid, hard ends, making them easier to push into the 
breadboard. If you use regular wire or speaker wire, the ends are flexible, 
and it is almost impossible to get them into the breadboard properly to 
connect. 

A common mistake that people will make is to connect the wire to 
the row right before or after the component. Take some time and be extra 
certain that the wire is connected to the very same row as the leg of your 
components. 

Now, we need to connect our project to the power rails. So take a red 
wire from the left leg of the resistor to the positive power rail (remember, 
as long as it is in the same terminal strip as the resistor, they will be 
connected). Likewise, take a black wire from the right leg of the LED to the 
negative power rail. I always use red wires for connecting to the positive 
power rail and black wires for connecting to the negative/ground rail, as 
it makes it more clear when I am looking at my project what wire carries 
what. Your project should look like Figure 6-7. 

Now your project is almost done. All you need to do now is to connect 
your power rails to a power supply. Connect a T-connector to a 9-volt 
battery, and then connect the red (positive) wire to the positive power 
rail on the breadboard.' You can plug it in anywhere on the rail, but I 
usually connect the power to the edge of the rail to leave more room for 
components. Then, connect the black (negative) wire to the negative 
power rail on the breadboard. As soon as you do this, the LED should light 
up! Figure 6-8 shows the final circuit. 


‘A T-connector is just a cap on the battery that has wires coming out of it. If 

you don’t have a T-connector, you can manually plug a jumper wire into the 
breadboard and hold the other end on the battery terminal. T-connectors have 
their own drawbacks, as most of them have flexible ends, making them difficult to 
plug into breadboards. Shortly, we will move to an easier way of handling power 
with power regulators. 
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fritzing 


Figure 6-5. The Wrong Way to Put Components onto the Breadboard 


fritzing 


Figure 6-6. Adding a Wire to Connect the Components 
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Figure 6-7. Adding Wires to the Power Rails 
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Note that many T-connectors for 9-volt batteries have very flimsy wires 
that are difficult to insert into a breadboard. Usually, as long as you can 
get both terminals in far enough to touch the metal within the connection 
point, it will work. We will move to using power regulators shortly, which 
makes the process a bit easier. 

If your circuit doesn’t work, here is a list of things to check: 


1. Make sure your battery is properly connected to the 
breadboard—the red should go to positive and the 
black to negative. 


2. Make sure there are no wires directly connecting 
positive to negative on the board. Any direct 
pathway from positive to negative without going 
through a component will cause a short circuit and 
can destroy your components and battery. 


3. Make sure that your wires are connected to the 
same terminal strip as the component lead that they 
are supposed to be connected to. Ifthey are on a 
different row, they are not connected ! 


4. Make sure the LED is inserted in the right way. The 
longer leg should be connected to the resistor, and 
the shorter leg should be connected to the negative 
power supply. 


5. Make sure your components are good. Try replacing 
your LED with another LED to see if it works. 


6. Ifall ofthose things fail, take a picture of your project 
and post it to an online forum. Someone will likely be 
able to spot your problem and/or lead you in the right 
direction. Many forums are also available on the Web 
for this. 
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fritzing 


Figure 6-8. Final LED Circuit with Power Connected 


6.3 Using Fewer Wires 


In the previous section, we used three wires to connect our components, 
plus two more wires from the battery. We can improve our project by 
reworking it so that most of the wires are not necessary. 

Remember that any two leads or wires plugged in next to each other 
on the same terminal strip are connected. Therefore, we can remove the 
wire that goes from the LED to the resistor simply by moving the LED and 
resistor so that the right leg of the resistor is on the same terminal strip. 
Figure 6-9 shows what this looks like. 

However, that middle wire is not the only redundant wire. If you think 
about it, we could also save a wire by actually using the LED’s own lead to 
go back to the negative rail. Figure 6-10 shows how this is set up. Now, in 
order to make the LED fit better, it is now on the other side of the resistor 
in the terminal strip. Remember that this does not matter at all! No matter 
where a component is connected on the terminal strip, it is joined with a 
wire to every other component on the same terminal strip. 

Now, there is one last wire that we can get rid of. Can you think of 
which one it is? If you said the wire going from the positive rail to the 
resistor, you were right. 
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What we can do is to directly connect the resistor to the positive rail. 
Doing this gives us what is shown in Figure 6-11. 

Therefore, as you can see, there are any number of ways that you can 
arrange parts on a breadboard to match a given schematic. All of these 
arrangements we have seen match the schematic given in Figure 6-3. 

As long as your circuit matches the configuration in the schematic, the 
specifics of where you put the wires and components is up to you. Some 
people like to place the components on their breadboard first, spaced out, 
and then add wires to connect them as needed. This works, though it does 
make for a messier board, with lots of wires going every which way. Other 
people like to use as few wires as possible and have their layouts as clean 
as possible (i.e., they don’t like a tangled mess). 


fritzing 


Figure 6-9. Joining Components by Putting Their Leads on the Same 
Terminal Strip 
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Figure 6-10. Directly Connecting the LED to the Negative Rail 


pl ll Pl at e Pal Dd dt ll lt dl it A ll Oe Pd 
6u 56 6 56s090500s006060s.00000s60s:000s0s0s0s0s0s080 
SPSS AAN SAL e MAN SÉ NDA LAS td INIA 
OTOT TOTO TOTTE NT TOEN OT OTOT OT TTO .sña.q ÉÁ2p2£2.204%.x....2%b(é 
IA SA III NA SNS II SANS LES LE PS ele 


fritzing 


Figure 6-11. Connecting the Resistor Directly to the Positive Rail 


Some people like to use flexible jumper wires that go up and over the 
board. Other people like to use rigid jumper wires that lie down close to 
the board and are the exact length needed. The flexible wire allows more 
flexibility in building your circuits (they are easier to move around and 
reconfigure), while the solid, rigid wire makes the final result a lot cleaner 
and easier to follow. 

You can also trim the legs of your components to make them fit better, 
if you want. Some people like to leave their components as intact as 
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possible, while others like to trim the legs of their leads to be the exact right 
size for their project. However, if you do trim the leads on your LEDs, be 
sure to keep the positive leg longer! 

However you like to work with electronics is up to you. There are lots of 
options, and they all end up with the same circuit. 


6.4 Testing Circuits with a Multimeter 


Now that we know how to put circuits together, we need to know how to test 
our circuits. The main tool used to test simple circuits is the multimeter. It 
is called a multimeter because it measures multiple different things about a 
circuit. Figure 6-12 shows a typical low-cost multimeter. 

There are a lot of different multimeters around which have a lot of 
different functions. However, almost all of them will measure voltage, 
current, and resistance. Each of these values is measured by testing two 
different points on the circuit. Most multimeters have a red lead and a 
black lead. The red lead should connect to the more positive side of the 
circuit, and the black lead should connect to the more negative side ofthe 
circuit. However, if you get it reversed, it is usually fine—the multimeter 
may just report negative values if you are measuring for voltage or current. 

To illustrate how to use a multimeter, we will start out measuring the 
voltage in a 9-volt battery. Remember from Chapter 4 that there is no 
absolute zero voltage—voltages are merely measured with reference to 
each other. Therefore, a multimeter doesn’t tell you the exact voltage of 
something—there is no exact voltage. Instead, a multimeter allows you to 
choose two points on your circuit and measure the voltage difference (also 
known as the voltage drop) between them. 
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Figure 6-12. A Low-Cost Multimeter 


Now, remember that a 9-volt battery means that the battery should 
have 9 volts between its positive and negative terminals. Don’t try it yet, 
but when we measure voltage, we will expect that the multimeter will tell 
us that the voltage difference is near 9 volts. 

When using your multimeter, you must set what you are going to test 
before you test it. Otherwise, you can easily damage your multimeter or 
your circuit. Therefore, since we are going to measure voltage, select the 
DC Voltage setting on your multimeter (do not select the DC Current or 
DC Resistance setting!). If you are using a high-quality auto-ranging 
multimeter, that is all you need to do. However, when starting out, most 
people buy the bottom-of-the-line multimeter. That’s not a problem, but 
just know that you will probably accidentally break it at some point. 

If you are using a lower-quality multimeter, you will need to select 
not only what you want to measure but the estimated range of values 
that you want to measure. On my multimeter, the DC Voltage has five 
different settings—1000, 200, 20, 2000 m, and 200 m. These are the upper 
boundaries (in volts) that these settings can read. 

So, for a 9-volt battery, using the 1,000-volt setting is probably unwise. 


It may give a reading, but it probably won't be accurate. However, if I try it 


73 


CHAPTER 6 CONSTRUCTING AND TESTING CIRCUITS 


on too low of a setting (say, 2000 m), it either won’t read, or it will blow out 
my multimeter. So the safe thing to do is to start with the highest reasonable 
setting (or just the highest setting if you don’t know what’s reasonable) and 
test it and then reduce the setting until it gives you a good reading. 

So, for instance, for my 9-volt battery, let’s say I didn’t know the 
voltage. Therefore, I’m going to measure the battery using the 1,000-volt 
setting. After setting the multimeter to 1,000 volts, I will put the red lead 
on the positive terminal of the battery and the black lead on the negative 
terminal. Be sure that you firmly press the tip of your leads against the 
positive and negative terminals. If it is not firm or if you use the sides of 
your terminals, you will not get a good reading. 

When I do this, my multimeter reads 9. 

Now, notice that this reading is significantly less than our 1,000-volt 
setting. Therefore, it may not be entirely accurate. So I will reduce 
the setting to the 200-volt setting and measure again. This time, my 
multimeter reads 9.6. This is definitely a more accurate reading—it 
is giving me an extra digit of accuracy! However, this reading is still 
significantly below the setting. 

Therefore, I will reduce the setting again to the 20-volt setting and 
remeasure. This time, the measurement is 9.66. Again, it is more accurate. 
Now, can I reduce the setting even more? Well, the next setting is 2000 m, 
which is basically 2 volts. Our reading is 9.66 volts, so it is above the cutoff 
point for the next setting. Therefore, I should not try it on a lower setting, 
both for the sake of accuracy and for the sake of my multimeter’s lifespan. 

However, I should note that if I did use a lower setting, since the setting 
is listed as being in millivolts (i.e., 2000 m), then the reading would also be in 
millivolts. That is, if we were to read the value of the battery on that setting, it 
would say 9660, because that is how many millivolts the battery has. 

Now, you could be wondering, why is a 9-volt battery anything other 
than exactly 9 volts? Well, it turns out that in electronics, no value is exact, 
and no formula works perfectly. When we talk about a 9-volt battery, we 
are actually talking about a battery that runs anywhere from 7 volts to 
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9.7 volts. In fact, my battery that started out at 9.66 volts will slowly lose 
voltage as it discharges. This is one of the reasons why measurement is so 
important. 

Also, this means that in our circuits, we will have to find ways to 
compensate for varying values. Our circuits should work across a wide 
range of possible values for our components. We will discuss strategies for 
this as we go forward. 

The next thing we will measure is resistance. Pull out a resistor—any 
resistor. The resistor datasheet in Appendix E shows you how to find the 
resistor values based on the color bands on the resistor. I don’t know about 
you, but my eyes are not that good at looking at those tiny lines on the 
resistor and figuring out which color is which. Many times, it is easier just 
to test it with the multimeter. 

The process is the same as with measuring the voltage, except that you 
start at the lowest setting and work up. First, find the resistance settings on 
your multimeter (perhaps just marked with the symbol for ohms—Q). Start 
with the smallest value (200 in my case). On this setting, the multimeter 
read 1, which means that it didn’t pick up a signal. So I turned it up to the 
next setting, 2000. This time, it read 1002. Remember that if the value that 
the meter is set to includes a metric suffix (i.e., m, k, or M), that suffix gets 
applied to the value that is displayed on the screen. 

Note that you should never test for resistance in a live circuit. The 
multimeter uses power to measure resistance, and if there is already power 
in the circuit, it can damage the multimeter and/or the circuit. However, to 
test for current and voltage the circuit must be powered. 


6.5 Using a Multimeter with a Breadboard 


We can use our multimeter with our breadboard too. Let’s say that we 
wanted to measure the voltage between the positive and negative rails of 
the breadboard. 
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There are two ways to do this. The first, if the size of your multimeter 
probes and the size of your breadboard connection points allow it, is to 
simply shove the probes of your multimeter into connection points on the 
positive and negative rails. Since these will be connected to the power by a 
wire, these will be at the same voltage levels as the battery itself. 

Second, if your breadboard/multimeter combination does not support 
this, you can do the same thing by simply connecting two jumper wires 
into the positive and negative rails and then testing the voltage on the 
other end of the wires. 

Also, if you are testing components for voltage, you can also use your 
multimeter on the exposed legs of the component. This is often easier than 
either trying to push your probes into the breadboard or running extra 
wires to your multimeter. 

To try out using your multimeter with your breadboard, configure 
your breadboard similar to Figure 6-8. Use this layout, and not one of the 
ones with fewer wires (you will see why in a minute). With the battery 
connected to the breadboard, set your multimeter to the highest voltage 
setting, and put the red lead in any empty hole in the positive rail. While 
that lead is there, put the black lead in any empty hole in the negative rail. 

This should give you the same reading that you received for the 
battery terminals. Remember that the power rails are connected all 
the way across—that is why putting your probes in any hole on the line 
works! If you work your way down the ranges on your multimeter, you 
should find that you get the same value that you did when you measured 
directly on the battery’s terminals. Again, if your probes do not fit inside 
the connection points, you can also use wires to connect out from your 
breadboard to your multimeter probes. 

You can now do the same to any component on your board. Let’s find 
the voltage difference between one side of the resistor and the other. To 
do this, find an empty hole on the same terminal strip as the left-hand 
side of the resistor, and put the red lead from your multimeter in that hole. 
Then, find an empty hole on the same terminal strip as the right-hand side 
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of the resistor, and put the black lead from your multimeter in that hole. 
Now you can measure the voltage difference. Note that to measure voltage 
differences, the circuit must be active. If the power is gone, the voltage 
difference will likely drop to zero. Use the same ranging procedure to find 
the voltage drop between the left-hand and right-hand sides of the resistor. 
Even though we have not discussed diodes, this doesn’t prevent you 
from measuring the voltage difference between the legs of the diode in your 
circuit. Use the same procedure as before to measure the voltage drop. 


6.6 Measuring Current with a Multimeter 


Now we will learn to measure current using the same circuit layout from 
Figure 6-8. Like voltage, measuring current requires that the power to 
your circuit be on. To measure current, use the DC Amperage (sometimes 
called DC Current) settings on your multimeter. 

Measuring current is a little different than measuring voltage in a 
circuit. Instead of just placing your probes in the breadboard as it is, you 
are going to use your probes to replace a wire. You will remove a wire and 
then place your probes in the holes (connection points) where the wire 
used to be. Alternatively, if your multimeter probes do not fit into the 
connection points, you can again run two wires, one from each hole, from 
the breadboard to your multimeter probes. 

Using either of these approaches, the circuit will then use your 
multimeter as the wire that was removed, and the multimeter will then 
measure how much current is running through it and report it to you on 
the screen. You will need to use the same ranging technique as you used 
before with voltages to get an accurate report. 

Let’s say that you wanted to measure the current going through the 
wire that connects the resistor to the LED. To do this, we will start by 
removing that wire, and connecting the red lead to where the wire used 
to be on the left (since it is more positive) and the black lead to where the 
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wire used to be on the right (since it is more negative). The multimeter 
should now report back how much current the circuit is using. This will 
vary for anumber of reasons, but should be about 17 mA. 

Now, put the wire back, and remove another wire and measure current 
there. No matter which wire you choose, they should all measure the same 
current. The reason is that, since all of these components are in series (one 
right after the other), they must all have the same amount of electricity 
flowing through them (otherwise, where would the electricity be going?). 


6.7 Using a Power Regulator 


So far, we have discussed several problems of using batteries in electronics 
projects. First, with batteries, we don’t know exactly how much voltage 
they will deliver. A 9 V battery will deliver between 7 V and 10 V, and 
the actual amount will vary across its life. Additionally, the connectors 
available from batteries usually don’t have the solid jumper wire ends, so it 
is hard to connect them to breadboards. 

Both of these problems can be solved with a power regulator module. 
A power regulator module will take power from other sources (such as 
a battery) and reduce the voltage to a value which, while lower, will be 
constant. The power regulator we will use is the YwRobot breadboard 
power supply. 

This low-cost device will take an input between 6.5 and 12 volts and 
deliver a constant voltage at the output of either 3.3 or 5 volts (we will 
use the 5 V setting). This device can be connected to a battery with an 
appropriate battery clip.* Figure 6-13 shows what this looks like. 


“This can also be connected to a wall outlet using an appropriate adapter or 
connected to your laptop for a USB power supply. For the purposes of this 
book, we recommend against both of these options as it adds additional risk if 
something is wired incorrectly. 
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As you can see, the power module clips onto the power rails of the 
breadboard. The most important thing is to make sure that the power 
module is oriented correctly so that the positive and negative markings 
on the power module line up with the positive and negative power rails. 
Additionally, this power module has a shunt which, depending on where it 
is placed, sets whether it outputs 3.3 V or 5 V or is switched off. You need to 
be sure that the shunts on both sides are set to the 5 V position. 


fritzing 


Figure 6-13. Breadboard with a Power Module 


Figure 6-14. 9 V Battery Clip 
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Finally, you need to plug the battery in. A 9 V battery can be plugged 
into the power module using a battery clip designed for CCTV cameras. 
They have a 9 V clip on one side and a barrel plug on the other side, which 
plugs nicely into the power module. You can see one in Figure 6-14. 

After that is set up, don’t forget to turn it on! The power module has 
an LED that lights up when the power module is turned on. This is really 
convenient because you don’t have to include an on/off switch or an on 
light on your project, because the power module has one for you. 

So how does the power module show up in the schematic? Well, 
actually, it doesn’t directly. The combination of battery and power module 
basically just yields a 5 V battery in the schematic. So we will just represent 
it with the normal battery symbol, but set to 5 volts. 

There are other power modules available as well, and they all basically 
work the same way. Just be sure that the voltage is set to 5 volts. 


Review 


In this chapter, we learned the following: 


1. Solderless breadboards can be used to quickly 


create circuits. 


2. Solderless breadboards allow circuits to be easily 
constructed and destructed in such a way that the 


components are reusable from one project to the next. 


3. Both wires and the legs of a component are attached 
to connection points on the breadboard. 


4. Connection points in the same terminal strip are 


connected by a wire behind the breadboard. 
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To connect two components together, all you have 
to do is put their legs on the same terminal strip of 
the breadboard. 


The power rails on a breadboard extend either all 
the way down the board or sometimes split at the 
halfway point. 


The bridge of a breadboard divides and separates 
different groups of terminal strips. This allows a chip 
to be placed over the bridge, allowing each of its 


pins a separate terminal strip. 


The schematic drawing of a circuit can be 
assembled onto a breadboard, giving a definite 


implementation of the drawing. 


There are multiple different ways to place a given 
circuit drawing onto a breadboard. 


Components on a breadboard can be connected by 
wires, or they can be connected by placing their legs 


in the same terminal strip. 


There are many different styles of placing 
components onto breadboards, which have 
tradeoffs between how easy it is to reconfigure and 
how clean the result is. 


A multimeter allows you to measure several 
important values on a circuit, including resistance, 


voltage, and current. 
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13. 


14. 


15. 


16. 


I; 


18. 


19. 


20. 


If your multimeter is not auto-ranging, you must 
test your value several times, starting with the 
highest range setting for the value you are looking 
for and decreasing it through the settings until you 
find a precise value. For resistance values, this is 
reversed—we start with the lowest range setting and 


move upward. 


Always be sure your multimeter is set to the right 
setting before measuring. 


Always turn your circuit off before measuring 


resistance. 


Your circuit must be on to measure voltage or 


current. 


Voltage is measured by connecting your multimeter 
to empty connection points in the terminal strips 
that you want to measure. This can be done either 
by putting your multimeter leads directly into the 
relevant connection points or by running wires from 


those connection points to your multimeter leads. 


Current is measured by using your multimeter to 
replace a wire that you want to measure current 


running through. 


Many circuit values vary much more than what you 
might think, so itis good to design circuits in a way 
that will handle these variances. 


Power modules can deliver consistent voltages 
even when the components feeding into them 
(such as batteries) may have a significant amount of 


variance. 
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Apply What You Have Learned 


All measured values should be measured using the ranging technique 


discussed in this chapter: 


l. 


Start with the circuit you built in Figure 6-8. Measure 
the voltage drop across the resistor, and then 
measure the voltage drop across the LED. Now, 
measure the voltage drop across both of them 

(put the red multimeter lead on the left side of the 
resistor and the black multimeter lead on the right 
side of the LED). Write down your values. 


Using the same circuit, change the LED from red 

to blue. Measure the values again and write them 
down. Measure the current going through the 
circuit using any wire. Is it the same or different than 
before? 


Add another LED in series with the one you have 
already. Measure the voltage drops on each side of 
each component in the circuit. Measure the current 
going through any given wire. Write down each 


value. 


Take the new circuit you built in the previous 
problem and draw the schematic for the circuit. 
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CHAPTER 7 


Analyzing Series 
and Parallel Circuits 


In Chapter 5, we looked at our very first circuit and how to draw it using 
a circuit diagram. In this chapter, we are going to look at different ways 
components can be hooked together and what they mean for your circuit. 


7.1 Series Circuits 


The circuit built in Chapter 5 is considered a series circuit because all of 
the components are connected end to end, one after another. In a series 
circuit, there is only one pathway for the current to flow, making analyzing 
the circuit fairly simple. 

It does not matter how many components are connected together—as 
long as all of the components are connected one after another, the circuit 
is considered a series circuit. Figure 7-1 shows a series circuit with several 


components included. 
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R1 


Figure 7-1. A Series Circuit with Several Components 


If all of the components are in a series, then, even if there are multiple 
resistors scattered throughout the circuit, you can figure out the total 
resistance of the circuit just by adding together all of the resistances. This is 
known as the equivalent resistance of the series. 

In this example (Figure 7-1), if R1 is 100 Q, R2 is 350 Q, and R3 is 225 Q, 
then the total series resistance of the circuit will be 100 + 350 + 225 = 675 Q. 
That means that the current is easy to figure out as well. If we ignore 
the LEDs (since we have not yet learned to calculate using them), then we 
can use the total series resistance to calculate current the same way we did 

with the single resistor. 

Since the voltage is 9 volts, then we can use Ohm’s law to find out the 
current going through the system. 


I=V/R=9/675=0.013A 


Note that A stands for ampere, and we will be using this in our 
calculations from here on out. However, we usually measure in milliamps 


(abbreviated as mA), so let us convert: 


0.013*1000 =13mA 
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So our circuit will draw about 13 milliamps of current. This amount 
of current is the same amount running through all of the components in 
the series. 


7.2 Parallel Circuits 


Circuits are wired into a parallel circuit if one or more of their 
components are arranged into multiple branches. 

Figure 7-2 shows a simple circuit with two resistors in parallel. In 
this figure, the circuit has two branches. R1 is in the first branch, and R2 
is in the second branch. The place where the branch occurs is called a 
junction, and is usually marked with a dot to show that all the wires there 
are connected. 

In a parallel circuit, electricity will flow through both branches 
simultaneously. Some of the current will go through R1 and some of it will 
go through R2. This makes determining the total amount of current more 


difficult, as we have to take into account more than one branch. 


9V R2 


Figure 7-2. Two Resistors Wired in Parallel 


However, there are two additional laws we can use to help us out, 
known as Kirchhoff’s circuit laws. The guy's name is hard to spell, but his 


rules are actually fairly easy to understand. 
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7.2.1 Kirchhoff's Current Law 


The first law is known as Kirchhoff’s current law. Kirchhoff’s current 

law states that, at any junction, the total amount of current going into a 
junction is exactly the same as the total amount of current going out of a 
junction. This should make sense to us. Think about traffic at a four-way 
intersection. The same number of cars that enter that intersection must be 
the same number of cars that leave the intersection. We can’t create cars 
out of thin air; therefore, each car leaving must have come in. Cars don’t 
magically disappear; therefore, each car entering must leave at some point. 
Therefore, Kirchhoff’s circuit law says that if you add up all of the traffic 
going in, it will equal the amount going out. 


ADVANCED: ANOTHER WAY OF LOOKING AT IT 


Another way to say this is that the total amount of all of the currents at a 
junction is zero. That is, if we consider currents coming in to the junction to be 
positive and currents going out of the junction to be negative, then their total 
will be zero since the size of the currents coming in must equal the size of the 
currents going out. 


So let’s look at a junction. Figure 7-3 shows a junction where one wire 
is bringing current in and it branches with two wires bringing current out. 
The first wire going out has 0.75 A of current, and the second wire going 
out has 0.34 A of current. How much current is going into the junction 
from the left? 

Since the total coming in must equal the total coming out, then that 


means the total coming in must be 
0.75A+0.34A=1.09A 


Therefore, the total amount of current coming into the circuit is 1.09 A. 
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0.75 A 


0.34 A 


Figure 7-3. A Simple Junction 


A 


R4 


B 
Figure 7-4. A Circuit with Many Parallel Paths 


Figure 7-5. All Paths Between Two Points Have the Same 
Voltage Drop 


Now, let's say we had a junction of four wires. On the first wire, we have 
0.23 A of current coming in. On the second wire, we have 0.15 A of current 
going out. On the third wire, we have 0.20 A of current going out. What 
must be happening on the fourth wire? Is current coming in or going out 
on that wire? 
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To figure that out, we have to look at the totals so far. Coming in, we 
have the one wire at 0.23 A. Going out, we have the two wires for a total of 
0.15 A + 0.20 A = 0.35 A. Since we only have 0.23 A coming in, but there is 
0.35 A going out, that means that the fourth wire must be bringing current 
in. Therefore, the amount that this fourth wire must be bringing in is 0.35 
A — 0.23 A = 0.12 A. 


7.2.2 Kirchhoff’s Voltage Law 


Kirchhoff’s current law makes a lot of sense, because the amount of “stuff” 
coming in is the same as the amount of “stuff” going out. This is similar to 
our everyday experience. Kirchhoff’s voltage law, however, is a bit more 
tricky. Kirchhoff’s voltage law states that, given any two specific points 
on a circuit at a particular time, the difference in voltage between the two 
points (known as the voltage drop) is the same no matter what pathway 
you take to get there. 

Figures 7-4 and 7-5 illustrate this point. If we wanted to measure the 
voltage drop between the two points indicated (A and B), then that voltage 
drop, at least at a particular point in time, would be the same no matter 
what pathway electricity travels. The direct route between the two points 
has the same voltage drop as the more winding pathways, no matter what 
the values of the resistors are. 

So how does that square with Ohm's law? 

The way it works is that Ohms law will cause all of the currents through 
each part of the circuit to adjust in order to make sure that the voltage stays 
the same. 

As you can see, the voltage drop between A and B must be 9 volts 
because the battery is a 9-volt battery, and there are no components (only 
wires) between the battery terminals and A and B. Since batteries always 
have a constant voltage between their terminals, that means that A and B 
will have the same voltage—9 volts. 
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Therefore, that means that the voltage drop across R1 is 9 volts, 
because it is one of the pathways between A and B, and all pathways get 
the same voltage. Let’s put in some real values for these resistors and see if 
we can figure out how much voltage and current is happening in each part 
of the circuit. Let's set R1 = 1,000 Q, R2 = 500 (2, R3 = 300 Q, R4 = 400 Q, and 
R5 = 800 Q. Now, let’s find out what our circuit looks like. 

As we have noted, every path must have the same voltage drop—9 
volts. So let's start with the easiest one, the current going across Rl. Since 
we have a 9-volt drop and 1,000 Q, we can just use Ohm’s law for current: 


IT=V/R=9V/1,000Q =0.009A 


So we have 0.009 A running across R1. 

Now, what about R2? R2 is connected to point A simply by a wire. As 
we mentioned in Chapter 5, wires can be considered to be zero length. 
Therefore, R2 is just as much directly connected to point A as R1 is. 
Therefore, the voltage drop across R2 is also going to be 9 volts. Again, 


using Ohm's law, we can see that 


I=V/R=9V/5000=0.018A 


So the current going across R2 is 0.018 A. 

What about the current going across R3, R4, and R5? Well, if you notice, 
those resistors are all in series, so we can add them all up and just use the 
total resistance. 

So the total resistance for this section of the circuit will be 


R3+R4+R5= 3000 + 4000 + 8000 =1,5000 


So, using Ohm’s law, the current running through this part of the 


circuit will be 


I=V/R=9V /1,5000 =0.006A 
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Now, remember that the total current flowing into any junction has 
to be equal to the current flowing out of it. So let's look at the junction 
between R2 and R3. We calculated that the current flowing to R2 is 0.018 A 
and the current flowing to the series starting with R3 is 0.006 A. Therefore, 
there has to be 0.018 + 0.006 = 0.024 A flowing into that junction. 


R6 


Figure 7-6. Kirchhoff's Voltage Law with Series and Parallel 
Components 


Now, how much current is flowing out of junction A? Well, earlier, we 
noted that the amount of current flowing across R1 was 0.009 A, and we just 
calculated that there is 0.024 A flowing out the junction between R2 and R3. 
That means that there must be 0.033 A total flowing into junction A. 

While there were a lot of steps to determine this, each individual step 
was fairly straightforward. We simply combined Ohm’s law, Kirchhoff’s 
voltage law, and Kirchhoff’s current law to figure out each step. 

Now, one important thing to notice is that there is /ess current running 
through the pieces of the circuit with more resistance than there is with the 
pieces of the circuit with less resistance. The electric current is more likely 
to go down the path of least resistance. This is a very important point and 
should not be overlooked, as it will come in handy in later chapters. 
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7.3 Equivalent Parallel Resistance 


The sort of calculation that we have done in the previous section gets 
trickier if there is a series resistance before or after the parallel resistance. 
Figure 7-6 gives an example of this. The setup is just like the previous 
circuit, except there is a single resistor (R6) in series with the battery before 
the parallel branches. This will prevent our simple calculations from 
working because the current flowing in each of the branches of the circuit 
will all add together to tell us the amount of current flowing through R6. 
However, the voltage drop across R6 will depend on the current flowing 
through it. If this voltage changes, then it will change our starting voltage 
for our calculations to figure out the parallel branches. 

Thus, we have ourselves in a loop—in order to find out the current 
flowing through the parallel branches, we have to know their starting 
voltage. In order to find out their starting voltage, we have to know how 
much the voltage dropped across R6. In order to know how much the 
voltage dropped across R6, we have to know how much current was 
flowing through it! 

This may seem like an impossible problem, but basic algebra allows 
us to work it out, though the details are kind of ugly. Instead, there is 
an equation that we can use for parallel resistors which will give us an 
equivalent resistance for a group of parallel resistors. That is, we can 
take a group of parallel resistors, and we can calculate the total resistance 
of those resistors, as if they were acting together as one resistor. In other 
words, we can find out what value we would need for a single resistor to 
replace all of the other resistances. 

If you have resistors in parallel to each other (let's call them R, R,, and 
R3) and you want to know the resistance of their combined action (which 
we will call total RT), then you would use the following equation: 


l 
R === — (7.1) 


o 
R R 


l 
R 


N 
ies) 
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This equation works for any number of resistances that we have in 
parallel. We can just keep on adding them to the end of the list: 


MA TT (7.2) 


So let’s look at our circuit and see how we can find out the current 
flowing through each resistor. For this example, we will again say that 
R1 = 1,000 Q, R2 = 500 Q, R3 = 300 Q, R4 = 400 Q, and R5 = 800 Q. 
Additionally, R6 = 250 Q. 

In order to compute this, we first have to figure out what is in series 
and what is in parallel. Notice the loop made by R3, R4, and R5. Those are 
all connected end to end, so they are in series. Because they are in series, 
we can get their equivalent resistance just by adding them together—300 + 
400 + 800 = 1,500 Q. Therefore, we can actually replace these resistors with 
a single, 1, 500 Q resistor. We will call this “combined” resistor R7. Now, if 
you look at the new picture, with R7 standing in for the loop, you will see 
that R1, R2, and R7 are in parallel with each other. 

Therefore, we can find out their combined resistance by using 


Equation 7.2: 
l 
ás l l l 
+— + 
RI R2 R7 
l 
E l l l 
+ + 
1,000 500 1500 
l 
R, =——_______ 
0.001 + 0.002 + 0.00067 
"TOE S 
0.00367 
Ry =272.502 
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Therefore, the equivalent resistance of all of the parallel resistances is 
about 272.5 Q, which means that we could in theory replace all of these 
resistors (R1, R2, R3, R4, and R5) with a single resistor that is 272.5 Q. 

Also notice that this resistance is actually less than each of the individual 
resistances. 

Now, to get the total resistance of the circuit, we notice that this 
parallel resistance (272.5 Q) is in series with R6, which is 250 Q. Since they 
are in series with each other, we can simply add them together. The total 
resistance of this circuit is 250 + 272.5 = 522.5 Q. We can now use Ohm’s 


law to find the total amount of current running through this circuit: 


je 
R 
fe 
522.5 
I =0.0172A 


Thus, the whole circuit has 0.0172 ampere of current running through 
it. Using this, we can now go back through and identify how much current 
and voltage is flowing through each individual piece. 

Because the entirety of the 0.0172 ampere is going through the first 
resistor (R6), that means that the voltage drop of the R6 resistor will be, 


using Ohm’s law 


V=I-R 
V =0.0172-250 
V =43V 


That means that this resistor will chew up 4.3 V. This leaves us with 
9 — 4.3 = 4.7 V after the series resistor. 
We now know the starting and ending voltages of each branch of 


the parallel resistors—4.7 V at the beginning (what we just calculated 
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the voltage to be after the series resistor) and 0 V at the end (because it 
connects to the negative terminal of the battery, which we have designated 
as the 0-volt reference). 

Therefore, we can use Ohm’s law to find the amount of current flowing 
through each of them. For R1: 


pe 
R 


4.7 


[= 
1,000 
I =0.0047A 


For R2: 


I =0.0094A 


And finally, for the series that is in a loop at the right (R3, R4, and R5): 


I=- 
R 


pa E 
1500 
I =0.0031A 


Since the loop is all in series, that means all of the resistors in that 
series will have 0.0031 A going through them. 

If we add all of these currents, we will see that 0.0031 + 0.0094 + 0.0047 = 
0.0172 A, which is the amount of current we originally figured out. 
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What we have learned is that we can replace the entire circuit with a 
single value for its resistance to figure out how the circuit will behave as a 
whole. For a simple circuit like this, having all of these parallel branches 
doesn’t do much, so it may seem pointless. However, in a real circuit, 
each of these branches may be, instead of a resistor, amore complicated 
component that has some amount of resistance. If you know the resistance, 
you can calculate how much current is flowing through it the same way. 

However, we start with only resistors in order to make the problems 


simpler. 


7.4 Wires in a Circuit 


In complicated circuits, sometimes we run out of room and must draw 
wires on top of each other even though the wires aren’t connected. In this 
book, we try to make clear which wires are connected by placing a dot on 
the junction point. Another way to show this is to show the wires crossing 
if the wires are joined but showing one of the wires as being broken across 
the intersection point if the wires are not joined. Figure 7-7 demonstrates 
the difference. The wires on the left are joined together as indicated by the 
dot. The wires on the right are not joined in any way; they just had to be 
drawn across each other because of space reasons in the diagram. In this 
book, the convention we follow is to use dots to indicate joined wires, but 
we do not break lines for unjoined wires. 

Also, the lengths of wires that we draw are irrelevant. Usually, in simple 
circuits, we should consider that wires are all zero length. If, after a resistor, 
the voltage in the circuit has dropped to 5 V, then we can consider that the 
whole wire until the next circuit is at 5 V. Ifa wire branches into multiple 
branches, even though each branch will have a different amount of current 
running on it, each branch of the wire will all have the exact same voltage 


until they reach another component. 
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Figure 7-7. Showin Joined Wires (Left) vs. Showing Unjoined 
Wires (Right) 


Figure 7-8. Several Points on a Circuit 


yn 


Figure 7-9. A Circuit with Series and Parallel Components 


Therefore, in the circuit in Figure 7-8, you can see several points 
labeled A, B, C, D, E, E and G. In this circuit, A, B, and C all have equivalent 
voltages (though not equivalent currents) since there are only wires 
(and not components) between them. Likewise, D, E, E and G all have 
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equivalent voltages since there are only wires between them. Also, since D, 
E, E and G are all connected to the battery negative (i.e., ground) with no 
components between them, that means that they are all at 0 volt. Likewise, 
since A, B, and C are all directly connected to the battery positive with no 


intervening components, they are all at 9 volts. 


7.5 Wiring Parallel Circuits onto 
a Breadboard 


One other issue we need to look at is how to wire parallel circuits onto the 
breadboard. It is actually very simple to do. In this section, we are going to 
put the circuit in Figure 7-9 onto a breadboard. 

Notice that, in this circuit, there is a series resistor at the beginning and 
then two parallel circuits that branch off from it. It doesn’t matter much 
what the value of the resistors are, but we will put them at 1,000 Q if you 
need a specific value (anything between 200 and 2,000 Q should work fine). 
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Figure 7-10. A Circuit with Series and Parallel Components on the 
Breadboard 


To get the circuit onto the breadboard, remember that anything that 
is connected in the same terminal strip on a breadboard is connected 
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together. This means that, when we have a parallel subcircuit, we 
connect all of the branches of the subcircuit into the same terminal strip. 
Figure 7-10 shows what this looks like. 

Let’s follow the path of electricity through the breadboard. First, 
the current flows from the positive terminal to the positive rail on the 
breadboard. A wire then pulls the positive +9 V power onto the board. 
This wire is connected to a resistor by putting one leg of the resistor in 
the same terminal strip as the wire. On the other leg of the resistor, there 
are two wires that are in the same terminal strip. Each of these goes to a 
different part of the circuit. We have one LED with a resistor on the top and 
one LED with a resistor on the bottom. These are just normally connected 
components. 

However, after the resistor, the two subcircuits come back together to 
a terminal strip on the right. Then, a wire on the same terminal strip takes 
that back to the negative rail on the breadboard (which connects to the 
negative terminal on the battery). 

Note that I could have used a lot fewer wires to accomplish the same 
circuit. However, I thought that using more wires would make it more 
clear what is happening at each junction, especially when the circuit gets 
divided into branches or comes back together. 

Take a moment to look at both the schematic drawing and the 
breadboard picture, and be sure that you can trace the flow of the 
schematic on the actual breadboard. 


Review 


In this chapter, we learned the following: 


1. Ina series circuit, electricity flows in a single line 


through all of the components. 


2. Ina parallel circuit, electricity branches and flows in 
multiple branches. 


100 


10. 


CHAPTER 7 ANALYZING SERIES AND PARALLEL CIRCUITS 


Most real circuits are combinations of series and 


parallel circuits. 


When you have resistors together in series, the 
total resistance of all of the resistors combined 
is simply the sum of their individual resistances. 
Rr= R+ R+... + Ry. 


In a parallel circuit, Kirchhoff’s current law says 
that the total amount of current entering a branch/ 
junction is the same as the total amount of current 
leaving the branch. 


In a parallel circuit, Kirchhoff’s voltage law says that, 
between any two points on a circuit at a given point 
in time, the voltage difference between those two 
points will be identical no matter what pathway the 
electricity follows to get there. 


When resistances are in parallel, the total resistance 
for the parallel circuit is given by the equation 


By using these laws in combination, we can predict 


how current will flow in each part of our circuit. 


Series circuits are placed onto a breadboard by 
putting the connected legs of two connected 


components onto the same terminal strip. 


Parallel circuits are placed onto a breadboard by 
connecting each subcircuit branch to the same 


terminal strip. 
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Apply What You Have Learned 
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There is a junction in a circuit that has one wire with 
current flowing in and two wires with current flowing 
out. There is 1.25 A of current coming in, and the 

first wire going out has 0.15 A of current. How much 
current is leaving through the second wire? 


There is a junction in a circuit that has two wires 
with current flowing in and two wires with current 
flowing out. The first wire with current flowing in 
has 0.35 A of current, the first wire with current 
flowing out has 0.25 A of current, and the second 
wire with current flowing out has 0.42 A of current. 
How much current is flowing in on the second 


incoming wire? 


At a junction of four wires, wire 1 has 0.1 A of current 
flowing in, wire 2 has 0.2 A of current flowing in, 

and wire 3 has 0.4 A of current flowing out. Is the 
current in wire 4 going in or out? How much current 
is flowing on it? 

If T have three 100 Q resistors in series, what is the 


total resistance of the series? 


If I have a 10 Q resistor, a 30 Q resistor, and a 65 Q 
resistor in series, what is the total resistance of the 


series? 


If I have a 5 Q resistor and a 7 Q resistor in series, 
what is the total resistance of the series? 
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7. If Ihave two resistors in parallel, a 30 Q resistor and 
a 40 Q resistor, what is the total resistance of this 


circuit? 


8. IfI have three resistors in parallel—25 Q, 40 Q, and 
75 (2Q—what is the total resistance of this circuit? 


9. If Ihave four resistors in parallel—1,000 Q, 800 Q, 
2,000 Q, and 5,000 (2—what is the total resistance of 
this circuit? 


10. IfI have three resistors in parallel—100 Q, 5,000 Q, 
and 10,000 Q—what is the total resistance of this 
circuit? Which of the resistors is the total resistance 


most similar to? 


11. Take a look at the following circuit diagram. Ifthe 
voltage drop between B and Cis 2 volts and the 
voltage drop between C and Dis 3 volts, what is the 
voltage drop between A and E? What is the voltage 
at E? What is the voltage at A? 


12. Ifthe preceding circuit runs with 2 A total current, 
what is the value of the resistor R4? 
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13. 


14. 
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The following circuit is a combination of series and 
parallel resistances. Each resistor is labeled with its 
resistance value, given in ohms. Find out how much 
current is flowing through each resistor and how 
much each resistor drops the voltage. 


R2 = 250 


* R4 = 100 


Build the circuit in Figure 7-10 on your own 
breadboard. Measure the voltage drops across every 
component, and measure the amount of current 


flowing into the first series resistor. 


CHAPTER 8 


Diodes and 
How to Use Them 


This chapter introduces the diode. We have used light-emitting diodes 
(LEDs) in previous chapters, but have not really discussed their function 
except for emitting light. In this chapter, we are going to look at regular 
diodes, light-emitting diodes, and Zener diodes, to get a feel for what these 
devices are and how they might be used in circuits for more than just light. 


8.1 Basic Diode Behavior 


Unlike resistors, diodes have both a positive and negative side. For 

any component with both positive and negative legs, the positive leg 

of the component is termed the anode and the negative leg is termed 
the cathode. On LEDs, the anode is longer than the cathode. However, 
for other types of diodes, the cathode is marked with a line. You can 
remember this because in the schematic of a diode, the cathode has the 
blocking line. 

The diode performs two fundamental “actions” with electric current. 
The first action of a diode is to drop voltage by an essentially fixed amount 
without affecting or limiting current. This amount of voltage is called the 
forward voltage drop and it is usually around 0.6 V for most non-LED 
diodes. Forward voltage is often abbreviated as Vç . For most LEDs, the 
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forward voltage drop depends on the color of the LED, with a red LED 
dropping about 1.8 V and a blue LED dropping about 3.3 V. The forward 
voltage drop can vary among the other colors as well. 

To remind you, when we say “voltage drop,” we are referring to the 
difference in voltage between the positive and negative legs of the diode. 
Therefore, no matter what the voltage is coming into the diode, the voltage 
coming out of the diode will be that voltage minus the voltage drop. 

The second action of a diode is to limit the direction of current to a 
single direction. With some exception, the diode only allows current to 
flow one way in the circuit. The “normal flow” of a current through the 
diode is to flow from the anode to the cathode. Looking at the schematic 
symbol, current flows in the direction that the arrow is pointing, and 
current is blocked from flowing the other way (you can think of the line as 
a “block” preventing reverse flow). 


9V > 1k 


Figure 8-1. A Diode and Single Resistor Circuit 


However, diodes are limited in the amount of reverse flow they can 
block. At a certain point, diodes reach their breakdown voltage. The 
breakdown voltage is the voltage at which they will stop blocking voltage. 
In regular diodes, this is a failure mode, and the precise value shouldn’t 
be relied upon (we will see an exception to this with Zener diodes). 
Usually, though, this value is high enough not to worry about (i.e., 
around 100 volts). 
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8.2 Circuit Calculations with Diodes 
in Series 


Now let’s talk about how to properly calculate the behavior of circuits with 
diodes. Remember, the key to a diode is that if current is flowing through 
the diode, the voltage drop across the diode will be essentially constant. 
For anormal non-LED diode, this voltage drop is almost always 0.6 V. This 
is So common it is usually assumed, and never listed in the circuit itself. 

Therefore, take a look at the circuit in Figure 8-1. Since the voltage 
source is 9 volts, that means that the total voltage drop between the 
positive and negative is 9 volts. The diode will eat 0.6 V of the voltage, but 
will not limit the current in any way. The resistor, then, since it is the only 
component left, will use up the rest of the voltage—8.4 V. Therefore, we can 
calculate the current in the circuit using Ohm’s law: 


IT=V/R=8.4/1000 =0.0084A =8.4mA 


Therefore, our circuit will use 8.4 mA of current. So, as you can see, 
when doing calculations, the diodes simply provide a drop in voltage, they 
do not limit (or even affect) current. 

This is true no matter how many diodes or resistors I have in my 
circuit. Figure 8-2 shows a circuit like that. To figure out the behavior of 
this circuit, remember that every diode has a 0.6 V voltage drop. Since the 
circuit has three diodes, that means that the diodes will drop a total of 
0.6 x 3 = 1.8 V. 

Therefore, we will have 1.8 V taken up by diodes, which drop voltage 
without limiting current. Since we have a 9 V source, there will be 9 — 1.8 = 
7.2 V that is not eaten by diodes. This voltage will go to our two resistors. 
These resistors, even though they are separated by diodes, are essentially 
in series with each other. Therefore, we can treat them as a single resistor 
in series. So the total resistance on the circuit will be 1k + 2k = 3k (2. 
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1k 


9V 2k 


Figure 8-2. A Circuit with Multiple Diodes and Resistors 


We can then find the total current running through the circuit using 
Ohms law: 


I=V/R=7.2V /3,0000 =0.0024A =2.4mA 


However, it is possible to put too many diodes in your circuit. Since 
they each eat 0.6 V in their forward voltage drop, that puts a limit on how 
many you can string together in series from a given battery. For a 9 V 
battery, if I try to put 20 diodes together in series, I will have used more 
than the total 9 volts that I have available. Therefore, current will not flow. 
With 20 diodes, the voltage drop will be 20 x 0.6 = 12 V. Since this is more 
voltage than the battery can put out, no current will flow. 

So we have seen two conditions for which current will not flow through 
a diode—the first is that the diode will block current from flowing in 
the wrong direction, and the second is that the diode will not conduct if 
the voltage source cannot provide enough voltage to bridge the forward 
voltage drop of the diode. 
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8.3 Circuit Calculations with Diodes 
in Parallel 


The real magic of diodes comes when using them in parallel circuits. 
Remember the rules that we learned in Chapter 7. Kirchhoff’s voltage law 
says that between any two points, the voltage drop between those two 
points will be the same no matter what path the current follows. Therefore, 
since the voltage drop across a diode is fixed, that means that we can 
guarantee a maximum voltage drop between two points on a circuit by 
putting diodes between them. 

Figure 8-3 shows what this looks like. The voltage drop from one side 
of the diode to the other is 0.6 V. Period. End of story (actually, it could be 
less, which would keep the diode from conducting altogether, but we won't 
consider that at the moment). 

Kirchhoff's voltage law tells us that no matter what path is traveled, the 
voltage difference between those two points will be the same. Since the 
2k resistor is attached to the same two points that the diodes are attached 
to, Kirchhoff's voltage law tells us that the voltage across the resistor must 
be the same as the voltage across the diode. Thus, the voltage across the 
resistor must be 0.6 V. 


1k 


Figure 8-3. A Single Diode in Parallel with a Resistor 
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Using Ohm's law, we can deduce the amount of current flowing 
through that resistor: 


I =V / R =0.6/ 2,000 =0.0003A =0.3mA 


So how much current is flowing through the diode? To find this out, 
we need to use Kirchhoff’s current law. The amount entering the junction 
where the diode and the 2k resistor split off is the same as the amount 
leaving it. We know that 0.3 mA leaves the junction to go to the resistor. 
Therefore, if we could figure out how much current was coming into the 
junction, we could figure out how much is going through the diode. 

To discover that value, we need to know how much current is going 
through the 1k resistor. To figure that out, we need to know the voltage 
drop across the resistor. However, we can figure this out easily. Since the 
tail end of the diode is connected to ground (the negative terminal), that 
means that after the diode, we are at 0 V. Therefore, since the diode voltage 
drop is 0.6 V, then the voltage before the diode must be 0.6 V. That means 
that the rest of the voltage must have been consumed by the 1k resistor. 

Since the voltage source is 9 V, that means that the voltage for the 
entire circuit from positive to negative is 9 V, and therefore, the voltage 
drop across the resistor must have been 9 — 0.6 = 8.4 V. Using this value, we 
can determine the current going through the resistor using Ohm’s law: 


IT=V/R=8.4/1,000 =0.0084A =8.4mA 


In this circuit, there is 8.4 mA going through the first resistor. That 
means that there is 8.4 mA coming into the junction. We know that 0.3 mA 
is going out of the junction through the 2k resistor. That means that the rest 
of the current is going through the diode. Therefore, we can calculate that 
the current going through the diode is 8.4 — 0.3 = 8.1 mA. 

Diodes don’t make the math harder, but they do force you to think a 
little harder about how you apply the rules. 
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Let's take a look at a slightly harder example, using Figure 8-4. In this 
circuit, we have two diodes in parallel with two resistors in parallel. This 
parallel circuit is in series with a resistor on the front and another diode at 
the end. 

It is almost always easiest to analyze circuits starting with the diodes 
because their voltage drops are fixed. If we look at this circuit, the diode at 
the end gives the circuit a voltage drop of 0.6 V. 


1k 


9V 3k 


Figure 8-4. A Circuit with Multiple Diodes 


Now let's look at the parallel part of the circuit. Here, we have three 
pathways—one through two diodes and two other pathways through 
resistors. However, one of the pathways contains all diodes. We know that 
diodes give a constant voltage drop, and we know that Kirchhoff’s voltage 
law says that all pathways between two points have the same voltage drop. 
Since we have two diodes, the voltage drop of this parallel pathway is 0.6 x 
Za 2 ys: 

Now we have the parallel resistors to worry about. However, we can 
use the formula for parallel resistance (Equation 7.2) to figure out the total 
resistance of the parallel resistors. 

l n l l P l 0.0005 + 0.0003333 0.0008333 
RI R2 2,000 3,000 


x 12000 
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However, we technically don't even need that number, because, since we 
already know the voltage drop across each resistor (it must be 1.2 V because 
of Kirchhoff’s voltage law), we can just apply Ohm’s law to each resistor. 

Now, using Ohm’s law, we can calculate the current flowing through 
the resistors. So, for the 2k resistor, we have 


IT=V/R=1.2V/2,000Q = 0.0006A = 0.6mA 


For the 3k resistor, we have 


T=V/R=1.2V/3,000Q =0.0004A =0.4mA 


The total current going into both resistors is simply the sum of each of 
the currents, 0.4 + 0.6 = 1.0 mA. So there is 1 mA total flowing through the 
two resistors. To find out how much current is flowing through the diode, 
we will need to know how much current is coming into the circuit itself out 
of the first resistor. 

So how much current is flowing through the first resistor? Well, the 
voltage drops we have calculated so far include a 0.6 V drop at the end 
and a 1.2 V drop in the middle. That is a total of 1.2 + 0.6 = 1.8 V. Since the 
battery is 9 V, that means that there is 9 — 1.8 = 7.2 V left to be consumed 
by the circuit. Therefore, that must be the voltage drop of the first resistor. 
Using Ohm’s law, we find that 


T=V/R=72V/1,000Q = 0.0072A = 7.2mA 


9V 1k 


Figure 8-5. A Bad Diode Circuit 
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Therefore, we have 7.2 mA flowing through that first resistor. So, if 
we have 7.2 mA coming into the parallel circuit in the middle and 1 mA 
flowing to the resistors, the amount of current flowing through the diodes 
down the middle is 7.2 — 1 = 6.2 mA. The amount of current going through 
the final diode is the full 7.2 mA of current in the circuit. 

Again, there are a lot of steps, but none of the steps are individually 
very hard. You simply start with the easiest-to-find values (in this case, the 
voltage drops from the diodes) and work out from there. 


8.4 Diode Short Circuits 


Next, let’s look at a very bad design with a diode. Let’s say that someone 
wanted to use a diode to regulate the amount of voltage across a resistor to 
0.6 V. Therefore, they built the circuit shown in Figure 8-5. Can you figure 
out what the problem is here? 

Well, the voltage drop across the diode will be 0.6 V. However, the 
battery operates at 9 V. This means that there is 8.4 V left in the circuit with 
zero resistance. Using Ohm’s law, that gives us 


I=V/R=84/0=00 


Thus, having a diode going direct from the positive to the negative 
of your voltage source is essentially the same as a short circuit. That is 
why the circuit is bad! To use a diode, there must always be resistance 
somewhere in series with the diode in order to dissipate the current from 
the excess voltage. The resistor can be before the diode or after it, but it 
must be there to absorb the extra voltage. 

Additionally, it is important to make sure the amount of current 
flowing through your diode is within the specifications of the diode you 
are using. Most LEDs, for instance, are only rated for small currents up to 
about 30 mA. 
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1V 1k 


Figure 8-6. Nonconducting Diodes 


Figure 8-7. A Circuit Equivalent to Figure 8-6 Because of 
Nonconducting Diodes 
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8.5 Nonconducting Diodes 


There is one case where diodes do not maintain a constant voltage drop, 
and that is where there is not enough voltage to go across them. Figure 8-6 
shows an example of this. 

In this figure, the voltage drop across the center diode bridge is 
0.6 + 0.6 + 0.6 + 0.6 = 2.4 V. However, the battery source is only 1 V. Since 
the voltage drop of the diodes is larger than the available voltage, this part 
of the circuit is basically turned off. In reality, there is a small but ignorable 
leakage current (about 0.00000022 mA in this case if you were really 
curious), but we can think of this circuit as effectively switched off. 

So keep that in mind—if you ever wind up with more forward voltage 
drop from a diode than you have available voltage, you may treat the diode 
as if it were an open (i.e., unconnected) circuit, as if it were not even there. 


Therefore, we would analyze Figure 8-6 as if it were just like Figure 8-7. 


3V Load 


Figure 8-8. A Simple Diode Protection Circuit 


8.6 Usage of Diodes 


Diodes can be thought of as circuit traffic cops—they regulate the flow of 
electricity. They make sure that everything within a circuit is happening in 
a controlled manner. They regulate the circuit in two different ways—by 
limiting the direction of current and, in parallel circuits, by establishing 
fixed voltages between two points. 
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The simplest usage of a diode is to use it as a device that makes sure 
that your battery is plugged in the right orientation. If you have a device 
that will be damaged if someone puts the battery in backward, a simple 
diode will make sure that the current can only flow in one direction. 

The circuit in Figure 8-8 shows what this looks like. Note that we have 
a resistor labeled “Load.” Many times in circuits, a load resistor is shown to 
represent whatever else is happening in another part of a circuit. Thus, this 
circuit shows that the diode is protecting the rest of the circuit (whatever 
itis) from the user putting the battery in backward. However, this has a 
cost—the diode will eat 0.6 V in order to provide this protection. 

Another problem often solved by diodes is voltage regulation. Because 
diodes provide a fixed voltage drop between two points, you can use 
diodes to ensure a fixed voltage for devices that require it. 

For instance, when we looked at batteries in Chapter 6, we noted 
that their voltage actually varied quite a bit. A 9 V battery might give you 
anywhere from 7 V to 9.7 V. This is true of any battery, not just the 9 V 
variety. In that chapter, we showed how we could use a voltage regulator 
to accomplish this, but a similar effect can be accomplished with diodes. If 
you need a fixed amount of voltage, you can use diodes to provide that at 
the cost of some extra current. 

This isn't recommended for a whole project (the excess current 
can generate a lot of heat), but sometimes makes sense in limited 
circumstances. However, for demonstrating the concept, let's look at what 
it would take to provide voltage regulation using diodes. 

Figure 8-9 shows a simple voltage regulator using diodes. Given a 5 V 
battery (actually, a battery of any size significantly over 3 V will work), this 
circuit will provide a regulated 3 V of electricity to whatever is connected 
to it as a load (remember a “load” resistor is just a stand-in for whatever we 
want to attach to this). 

Because the diodes provide a fixed voltage drop of 0.6 V each, then 
that pathway has a total voltage drop for five diodes of 5 x 0.6 = 3.0 
V. Kirchhoff’s voltage law says that between two points, every pathway 
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between them will have the same voltage drop. This means that the load, 
since itis connected to those two points, will have the same voltage drop, 
thus regulating the amount of voltage used by the load. 


5V Load 


Figure 8-9. A Simple 3 V Voltage Regulator 


But what about that first resistor at the beginning of the circuit? 
Remember, if we provide a pathway through diodes only, we create a short 
circuit in the system. There has to be some element (usually a resistor) 
that eats up whatever voltage is left over. Therefore, putting a small resistor 
before our diode pathway will give the circuit a place to use the excess 
voltage and limit the amount of current that flows. 

The size of the resistor will depend on how much current the load 
requires and how much current you are willing to waste. A small resistor 
wastes more current, but allows for a higher maximum current used by 
the load. A larger resistor wastes less current, but if the load needs a lot of 
current, it could interfere with the voltage regulation. 
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To see how this could happen, let’s say that our load is equivalent to 
1,000 Q. This means that the amount of current that the load will draw can 
be calculated using Ohm’s law: 


IT=V/R=3V/1,000Q =0.003A =3mA 


So the load will use up 3 mA of current. That means that, however 
much current goes through our first resistor, however much that is over 3 
mA will be drained off through the diodes. So let's calculate what that looks 
like on a tiny, 20 Q resistor. The voltage will be 5 — 3 = 2 V. 


I=V/R=2V/200=0.1A =100mA 


So, if we just used a 20 Q resistor, that means that even though the 
load only used 3 mA, the whole circuit will be using 100 mA to operate! 
Therefore, we need a bigger resistor to limit the amount of current we use. 
Let's try a 500 (2 resistor: 


I=V/R=2V/5000 =0.004A =4mA 


This is much better—we are only using 4 mA in this circuit, so we are 
only wasting 1 mA. There has to be some amount of waste to do the voltage 
regulation. 

Let’s say that, after a while, our battery sags down to only providing 4 
V of power. What happens now? Well, using the 500 Q initial resistor, that 
means that there is only 1 V extra to drain off, so the current will be 


I=V/R=1V/5000 =0.002A = 2mA 
Here, the current is only 2 mA, but we need 3 mA to power the 


circuit! Thus, if we use a 500 Q resistor, we can't handle our power supply 
dropping down to 4 V. 
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What about using the 20 Q resistor? In this case, Ohm’s law would give us 


I=V/R=1V /200=0.05A =50mA 


So, here, the 20 Q resistor will still provide plenty of excess current 
to allow our regulator to keep working. However, it is still eating up an 
extraordinary amount of current compared to our load. 

So how do you choose the right resistor? The way to work situations 
like this is to think about what are the maximum cases you are designing 
for and then calculate appropriately. So, if I want this circuit to work when 
the battery sags down to 4 V, I need to decide how much excess current I’m 
willing to have at that level. Let's say I decide that I always want at least half 
a milliamp to run through the diode (somewhat of an arbitrary number, 
but if the diode has no power, it is not providing any regulation—this is a 
low number that is still “noticeable” on the circuit). That means that, since 
my load will be using 3 mA, the total amount of current running through 
the initial resistor will be 3.5 mA, or 0.0035 A. Therefore, I calculate what 
the resistor will need to be at 4 V using Ohm’s law: 


R=V/I=1V/0.0035A = 2860 


Therefore, for this situation, the initial resistor should be 286 (2. 
Now, let's figure out how much current this wastes when the battery is 
at full charge—5 V (which means that there will be a 2 V drop across this 


resistor). 
I=V/R=2V/2860 x 0.0074 =7mA 
So, at full charge, there is 7 mA going through this resistor, which 


means we will waste 4 mA. Whether or not that is acceptable to your circuit 
depends on what you are going to do with it! 
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5V 


Rest of Circuit 


Figure 8-10. A Diode Protection Circuit 


Note that there are better means of regulating battery voltage for 
a whole circuit than using diodes. However, many times you need a 
regulated voltage somewhere within a more complex circuit. Diodes are 
great for that, and the same calculations and considerations apply. 

One final note: As mentioned earlier, although we think of diodes as 
providing a fixed voltage, they actually do vary a little bit with the amount 
of current flowing through them. In any circuit, you should allow for +10% 


variance in the voltage drop of a diode. 


8./ Other Types of Diode Protection 


Diodes can provide other types of protection for circuits as well. As 
single-direction control valves, they can be used to prevent a variety of 
overvoltage conditions. Oftentimes they are wired in such a way that they 
will not normally conduct, but will conduct under certain conditions to 
redirect extra voltage in a safe manner. 

Figure 8-10 shows an example circuit. In this circuit, a DC motor is 
connected to a switch. Notice the diode that is wired backward. Normally, 
this diode does absolutely nothing because the current is flowing in the 
other direction, so it just goes through the motor. DC motors, however, 
tend to generate very large voltages for a short time when switched off (see 
Chapters 20 and 23 for more information about DC motors and inductive 
loads). Therefore, when the motor is switched off, the motor can produce a 
very large voltage—up to 50 V in this circuit! 
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To protect the rest of the circuit from this sudden influx of voltage, the 
diode provides an alternative path back through the motor. Thus, when the 
voltage starts to build up after the switch closes, the diode provides a safe 
pathway back through the motor for it to flow, allowing the voltage buildup 
to slowly dissipate through the motor, rather than overloading a circuit 
expecting 5 V with 50 V. 

Oftentimes when looking at circuit diagrams, you may find diodes in 
funny places and oriented in funny ways. These are oftentimes providing 
some sort of protection to the circuit from potential failure conditions or 
exceptional circumstances. Many microchips, for instance, use diodes to 
shunt off excess voltage from static electricity shocks. 


Figure 8-11. The Zener Diode Schematic Symbol 


Figure 8-12. A Circuit Regulated by Regular Diodes and a Zener Diode 
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8.8 Zener Diodes 


One problem with using diodes for voltage regulation is that their forward 
voltage drop is pretty small, so you have to have quite a few of them to 
regulate larger voltages. Zener diodes can help out in these situations. 
Figure 8-11 shows the symbol for a Zener diode. 

Remember that most diodes have a breakdown voltage if you try to 
pass voltage the wrong way. However, in most diodes, this is a failure 
mode—doing this can, at best, be unpredictable, and, at worst, damage 
your diode. A Zener diode, however, is built so that it has a very predictable 
operation at its breakdown voltage. In fact, at its breakdown voltage, it acts 
like a normal diode with a larger voltage drop. 

However, since you are using the breakdown voltage rather than 
the forward voltage, Zener diodes are wired into your circuit backward. 
Figure 8-12 shows what this looks like. In this figure, on the left you have 
the same 3 V regulated circuit as Figure 8-9. On the right, you have an 
equivalent circuit regulated by a Zener diode instead. Since we are using 
the Zener diode’s breakdown voltage rather than its forward voltage, it has 
to be wired backward for it to work. 

Not only that, the breakdown voltage drop for a Zener diode is much 
more constant over a larger range of current than the forward voltage drop 
of most regular diodes. Because of this, Zener diodes are used much more 
often for voltage regulation than a series of regular diodes. 

Zener diodes come in a variety of breakdown voltages. In any exercise 
in this book which involves drawing a circuit with a Zener diode, you may 
presume that the Zener diode with the voltage drop you are looking for 
exists. When drawing a circuit, be sure to label the Zener diode with the 


breakdown voltage you are needing. 
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8.9 Schottky Diode 


A Schottky diode is very similar to a normal diode, but it is made using a 
different process, meaning that its voltage drop is significantly reduced. 
While a “normal” diode's forward voltage drop is about 0.6 V, a Schottky 
diode's voltage drop can be as low as 0.15 V. This can be very useful in 
cases where a diode is needed to regulate the direction of electrical flow, 
but the voltage requirements are sensitive enough that you can't afford the 
0.6 V of a regular diode. 


8.10 Diode-Like Behavior in Other 
Components 


Another important reason for being familiar with diode operation is that 

other types of components have parts which contain diodes or behave in 
diode-like ways. When we discuss bipolar junction transistors (BJTs) (see 
Chapter 24), we will see that these components partially consist of diode- 
like behavior. 


Review 


In this chapter, we learned the following: 
1. Diodes only allow current to flow in one direction. 


2. Diodes have a fixed forward voltage drop across the 
diode—0.6 V for normal diodes and a range of about 
1.8 to —3.3 V for LEDs. 


3. Different color LEDs have different voltage drops. 
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4. 


10. 


11. 


Diodes also have a breakdown voltage—the amount 
of voltage for which, if applied in the reverse 
direction, the diode will no longer block current. 


When analyzing circuits with diodes, it is often 
easier to analyze the diodes first, since the voltage 
drop is fixed. 


Because of Kirchhoff’s voltage law, anything wired 
in parallel with diodes will have the same voltage 
drop as the diodes (or possibly less). 


If the forward voltage drop on a diode is greater than 
the available voltage in the circuit, the diode will not 
conduct, and it can be treated as an open circuit. 


If diodes are connected to the positive and negative 
terminals of a voltage source (such as a battery) with 
no resistance in series, this will create a short circuit, 
causing extremely large amounts of current to flow 
through the diodes. 


Diodes are often used as control valves to regulate 


the direction of current flow on a circuit. 


Diodes are often used to regulate the amount of 
voltage between two points on a circuit. 


The series resistor used with voltage-regulating 
diodes determines both how much current is 
wasted and how much current the load can draw— 
lower-value resistors waste more current but allow 
the load to draw more current, and higher-value 
resistors waste less current but don’t allow as much 
potential current to your load. 


12 


13. 


14. 


15. 


16. 


17. 


18. 
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When designing circuits, it is often useful to account 
for the most extreme variations possible. This will 
allow your circuit to be more flexible. 


Diodes can also provide protection to circuits 
against strange failure conditions, such as voltage 
spikes and static electricity. Diodes in strange places 
in circuit diagrams are often there to protect the 
circuit against certain types of failures or events. 


Zener diodes are built so that they have very reliable 
operation on their breakdown voltage. 


Wiring a Zener diode backward gives you the 
equivalent of several forward diodes in series and 


can be used for simple voltage regulation. 


The breakdown voltage of a Zener diode is much 
more constant than the forward voltage of a regular 
diode and therefore works even better for voltage 
regulation. 


Zener diodes come in a wide variety of breakdown 
voltages and are usually labeled on the circuit with 
the necessary breakdown voltage. 


Schottky diodes are like ordinary diodes except they 
have a much smaller forward voltage. 


Understanding diode behavior is important because 
a number of components contain diodes or exhibit 


diode-like behavior. 
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Apply What You Have Learned 
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If you have a 9 V voltage source, a blue LED, and 
a 500 (2 resistor all in series, how much current is 
running through the LED? 


Ifyou have a 3 V voltage source and a red LED, what 
size resistor do you need to put in series with the 
LED to have it use 3 mA of current? 


If you have a 10 V voltage source, a blue LED, a red 
LED, and a 200 Q resistor all in series, how much 
current is running through the LEDs? 


If I have a 12 V voltage source, a blue LED, and a red 
LED and the LEDs have a maximum current of 30 
mA before they break and a minimum current of 1 
mA before they turn on, what range of resistors can 
I put in series with the LEDs to get them to light up 
without breaking? 


In the following circuit, calculate how much current 
is flowing through each component and each 
component’s voltage drop if R1 is 500 Q (note that 
the diode is just a regular diode, not an LED). 


R1 


5V 
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Let's say instead of an ordinary diode, the diode is 
a blue LED. Recalculate the current going through 
each component and the voltage drops for each 


component. 


In the following circuit, calculate how much current 
is flowing through each component and each 
component’s voltage drop if R1 is 300 Q, R2 is 400 Q, 
and R3 is 500 Q. 


R1 
7V 


R2 


R3 


Draw a circuit that provides a 6-volt regulated power 
supply to the circuit load from a 9-volt battery 

using regular diodes. Choose a resistor that works 
efficiently for a circuit load of 500 Q and operates 
with a battery voltage from 7 V to 9.6 V. What is 

the current at the lowest and highest ranges of the 
battery? How much is used by the circuit load, and 
how much is wasted through the diodes in each 


configuration? 


Draw an equivalent circuit to the previous question 


using a Zener diode instead of normal diodes. 
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Basic Resistor 
Circuit Patterns 


When most people look at a schematic drawing, all they see is a sea of 
interconnected components with no rhyme or reason combining them. 
However, most circuits are actually a collection of circuit patterns. 
A circuit pattern is a common way of arranging components to accomplish 
an electronic task. Experienced circuit designers can look at a circuit 
and see the patterns that are being used. Instead of a mass of unrelated 
components, a circuit designer will look at a schematic and perceive a few 
basic patterns being implemented in a coherent way. 

In this chapter, we are going to learn three basic resistor patterns and 
learn to work with switches as well. 


9.1 Switches and Buttons 


Switches and buttons are very simple devices, but nonetheless we 
probably need to take a moment to explain them. A switch works by 
connecting or disconnecting a circuit. A switch in the “off” position 
basically disconnects the wires so that the circuit can't complete. A switch 
in the “on” position connects the wires. 

There are different types of switches depending on their operation. The 
ones we are concerned with are called “single pole single throw” (SPST) 
switches, which means that they control only one circuit (single pole) and 
the only thing they do is turn it on or off (single throw). 
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\ t 
t 1 
Figure 9-1. Schematic Symbols for an SPST Switch (Left) and an 


SPST Button (Right) 
] 9V p 


Figure 9-2. A Simple Switch Circuit 


| S2 \ S3 
1k 


S1 


9V 


2k 


Figure 9-3. A Circuit with Multiple Switches 
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Figure 9-1 shows what the schematic symbols for an SPST switch 
and an SPST momentary switch (i.e., a button) look like. As the drawing 
indicates, when the switch is open, the circuit disconnects. When the 
switch closes, it connects the circuit. While the switch holds its position 
stable (someone has to manually switch it back and forth), the button only 
connects the circuit while it is being pushed. While the button is being 
pushed, the circuit is connected, but as soon as someone stops pushing 
the button, the circuit opens back up. 

Figure 9-2 shows what a simple circuit with a switch looks like. It is 
just like a normal LED circuit, but with a switch controlling whether or not 
electricity can flow. Note that the switch is just as effective on the other 
side of the circuit. Ifthe switch was the last part of the circuit, it would be 
equally as effective. Remember, in order for current to flow, there must be 
a full circuit from positive back to negative. 

Switches can also be used to turn on or offindividual parts of a 
circuit—basically reconfiguring the circuit while it is running. In the circuit 
given in Figure 9-3, a master switch (S1) turns the whole circuit on or off, 
and two individual switches (S2 and S3) turn parallel branches of the 
circuit on and off. 

To analyze a circuit with switches, you need to analyze the way the 
circuit behaves with each configuration of switches. In this case, obviously 
when S1 is open, no current at all flows. However, this circuit will use 
different amounts of current when S2 is closed, S3 is closed, and both S2 
and S3 are both closed. Therefore, to truly know the behavior of the circuit, 
you need to calculate the current usage in each of these situations. 


9.2 Current-Limiting Resistor Pattern 


The first resistor pattern we are going to learn is one that we already 
know—the current-limiting resistor pattern. The idea behind this pattern is 
that a resistor is added to limit the amount of current that can flow through 
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a device. The size of the resistor needed depends on the size of the voltage 
source, the action of the device itself, and the maximum amount of current 
to allow. Then, the resistor size needed can be calculated using Ohm’s law. 

Many resistors are added to circuits to limit current flow. At the 
beginning, we used resistors to make sure we didn't destroy our LEDs. 

In Chapter 8, we used a resistor to limit the amount of current flowing 
through our voltage regulation circuit. 

In many different circuits, we will need resistors to limit current for two 
different reasons—to avoid breaking equipment and to save battery life. 
Oftentimes, we are actually choosing resistor values to accomplish both of 
these tasks. 

If an LED breaks with 20 mA, then we need a resistor big enough to 
keep the current that low. However, if the LED light is sufficiently visible 
with 1 mA, then, to save battery life, we might want a bigger resistor. 
Battery capacity is often measured in milliamp-hours (mAh), with a typical 
9 V battery holding 400 mAh. So, with such a battery, an LED circuit at 
10 mA will drain the battery in 40 hours (400 mAh/10 mA = 40 h), but the 
same LED circuit with a bigger resistor, limiting the current to 1 mA, will 
take a full 400 hours (400 mAh/1 mA = 400 h) to drain the same battery! 
That will save you a lot of money in the long run. 


9.3 Voltage Divider Pattern 


A voltage divider occurs anytime there are two resistors together with a 
subcircuit coming out from in between them. They usually are connected 
to a fixed positive voltage on one side of the first resistor and the ground 
on the other side of the second resistor, but this isn’t strictly necessary. 

A simple schematic of a voltage divider is shown in Figure 9-4. Notice 
that there are two resistors between the voltage source and the ground 
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(a 1k on top and a 2k on the bottom) and a subcircuit (indicated by 

the load resistance) branching off from between them. Under certain 
circumstances (which will be covered in a moment), we can basically 
ignore the parallel resistance of the subcircuit and just look at the voltages 


at each point in the main voltage divider circuit. 


Load 


Figure 9-4. A Simple Voltage Divider Circuit 


Load 


Figure 9-5. Voltage Divider with Voltages Labeled 
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9.3.1 Calculating the Voltages 


We can see that the voltage at the top of the voltage divider is 9 V (because 
it connects to the positive terminal) and at the bottom of the voltage 
divider it is 0 V (because it connects to the negative terminal). Therefore, 
the total voltage drop across both resistors must be 9 V. Since the 

resistors are in series (remember, we are ignoring the load for now), 

we can find the total resistance in the circuit by just adding their resistances. 
So 1,000 Q + 2,000 Q = 3,000 Q. Since the current in a series is the same for 
the whole series, we can now use Ohms law to calculate the current flow: 


9V 
3,0000 


= 0.003A = 3mA 


oa 
R 


So there is 0.003 A (3 mA) in this circuit. That means that each resistor 
in the series will have this amount of current flowing through them. 
Therefore, we can calculate the voltage drop across each resistor. Let’s look 
at the 1k resistor: 


V = I * R=0.003A *1,000Q =3V 


So the voltage drop across the first resistor is 3 V. That means that, 
since the battery started at 9 V, at the end of the resistor the voltage 
compared to ground is 6 V. We can calculate the voltage drop across the 
second resistor either by Ohms law again or just by noting the fact that 
since the other end of the resistor is connected to ground, the voltage must 
go from 6 V to 0 V. 

Figure 9-5 shows the voltages at each point (relative to ground). As you 
can see, the wire from the middle of the voltage divider has a new voltage 
that can be used by the load. This is what voltage dividers are normally 
for—they have a simple way of providing a scaled-down voltage to a 
different part of the circuit. 
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9.3.2 Finding Resistor Ratios 


But how do we choose the values of the resistors? 

One thing to note is that the second resistor consumed exactly twice 
as much voltage as the first resistor. Additionally, the second resistor was 
exactly twice as large as the first resistor. Thus, as a general principle, the 
relative sizes of the resistors will determine the relative amounts of voltage 
they eat up. So, if we needed a 4.5 V output—that is half of our input 
voltage —we would need both resistors to be the same. 

A more explicit way of stating this is with an equation. Given a starting 
voltage V¡n connected to the first resistor, R,, and the second resistor (R,) 
connected to ground, the output voltage (Voyr ) coming out between the 


resistors will be given by the equation 


2 (9.1) 


Note that the specific resistance values don’t matter yet—it is the ratio 
we are concerned about so far. To get 4.5 V, we can use two 1 kQ resistors, 
two 200 Q resistors, or two 100 kQ resistors. As long as the values are the 
same, we will divide the voltage in half. 

If we wanted an 8 V output, we would do a similar calculation. Since 


l ' E ' 
we start at 9 V, we need to use up 5 of the voltage in the first resistor, and 


8 , ; : 
A of the voltage in the second resistor. Therefore, our resistors need to be 


in similar ratio. We could use a 100 Q resistor for the first resistor and an 
800 Q resistor for the second resistor. Alternatively, we could use a 10 Q 
resistor for the first resistor and an 80 Q resistor for the second resistor. It is 
the ratio that matters most. 
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9.3.3 Finding Resistor Values 


So how do you determine exactly what value to use? Here is where we start 
thinking about the load again. While we have been treating the voltage 
divider as a series circuit, in truth we have one resistor in series and then 
a parallel circuit with the other voltage divider resistor in parallel with 
the load. Our simplified model (where we ignore the parallel resistance) 
will work, as long as the load resistance does not impact the total parallel 
resistance by a significant amount. Therefore, let's look at how the load 
resistance affects the parallel resistance. 

So, using Equation 7.2, we can write a formula for the total resistance 
of these two, with R, being our second voltage divider resistor and R; being 
our load resistance: 


Now, let's look back at the circuit in Figure 9-5. Let's say that the 
resistance of the load (R;) is 400 Q, which is much less than the resistance 
of the voltage divider resistor (R,, which is 2,000 Q). So what is the total 


resistance? 


1 1 1 1 
EE 1 pl ~ 0,0005+0.0025 0.003 
R, R, 2,000 400 


3330 


This is significantly different from our simplified model which ignored 
the load resistance, which gave 2,000 Q. That means that our simplified 


model won't work with this value. 
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Now, let's imagine a bigger load resistance so that itis equal to the R, 


resistance (2,000 (2) and recalculate: 


1 1 1 
1 1 1 ME -0.0005+0.0005 0.001 
2,000 2,000 


1,0000 


L 


This is still significantly off, but it is much closer. So, now, let's look at 


what happens if the load resistance is double of R,, or 4,000 Q: 


l l l 
l P 1 1 A 1 0.00054 0.00025 0.00075 
R, R, 2,000 4,000 


1,3330 


Here, we are getting much closer to our original value. Now, let's say 
that the load is ten times the resistance of our R, resistor, or 20,000 Q. That 


gives us this: 


l l l l 
l " 1 1 n 1 0.0005+0.00005 0.00055 
R, R, 2,000 20,000 


z1,818Q 


This is very close to the resistance of R2 by itself. So what we can say 
is that our voltage divider circuit can ignore the resistance of the load if 
the resistance of the load is significantly more than the resistance of the 
voltage divider resistor. A way of writing this down is that RL » R2. What 
“significantly” means depends on how sensitive your circuit is to voltage 
changes, but, generally (and for the purposes of the exercises), I will say 


that “significantly more” should mean at least ten times as much. 
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9.3.4 General Considerations 


So, for low-resistance loads, a voltage divider does not work well, because 
it puts too little resistance between the voltage source and ground. 
However, in Chapter 11, we will see that many circuits have loads of 
approximately infinite resistance, so voltage dividers work really well in 
those cases. 

In general terms, a voltage divider with smaller resistors is “stiffer” 
because it varies less in response to variations in a load, but it also eats up 
more current. A voltage divider with larger resistors doesn't work with low- 
resistance loads, but it also uses up much less current. 

If you need to know full equations for figuring out voltage divider 
resistors, I have them listed in Equations 9.2 and 9.3. In these equations, Vin 
is the voltage coming into the voltage divider, Voyr is the voltage going out 
of the divider into your load, and R; is the load resistance. R; is the resistor 
connected to the positive power supply, and R, is the resistor connected 
to the ground. If you are good at algebra, you might see if you can deduce 


these formulas yourself from the information given in this section: 


R 
R, == 9.2 
aT (9.2) 
R,*(V, —Y, 
r En Var) (9.3) 


9,4 The Pull-Up Resistor 


The pull-up resistor is a strange circuit, but we will find very good 
applications for it once we start dealing with ICs in Chapter 11. Itis 
probably easiest to describe by simply showing you a circuit and then 
describing how it works. 
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Figure 9-6 shows the circuit diagram for a basic pull-up resistor circuit. 
Normally, we think of lighting up an LED by pushing the button. However, 
in this case, pushing the button causes the current to bypass the LED, 
which turns it off. 

If you look at the path from where the circuit branches, when the 
button is not pressed, the current can only go one way—through the 
LED. However, when the button is pressed, the electricity has two 
options— either through the LED or directly to ground through the button. 
The electricity would always rather go directly to ground rather than 
through an intermediary, so all of the current goes through the closed 
button, and none of it goes through the LED. 

Since the branch point is directly connected to ground when the 
button is pushed, that means that the voltage at the branch point is also 
zero. Kirchhoff’s voltage law says that no matter what path is taken, the 
voltage drop will always be the same. However, an LED induces a voltage 
drop, but the voltages on both sides of the LED are zero. Therefore, 
electricity cannot flow through the LED. 

So what is the function of the resistor? The resistor connects the switch 
and the LED to the positive voltage source and provides a limitation on the 
current that runs through it. The resistor must be before the branch point 
for it to work. 


Figure 9-6. Basic Pull-Up Resistor 
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—i_ 


9V R1 = 1k 


dy 


Figure 9-7. Incorrect Way to Wire the Circuit 


Think about what happens without the resistor or if the resistor is after 
the branch point. The electricity will have a path directly from the positive 
voltage source to ground with no resistance—in other words, a short 
circuit. This will draw an enormous amount of electricity. Figure 9-7 shows 
what this would look like. Notice that when the button is pushed, you can 
trace a path from the positive voltage source to ground with no intervening 
resistance. 

The resistor is called a pull-up resistor because it is connected to the 
positive voltage source and is used to “pull up” the voltage on the circuit 
to a positive value when the switch is open while still providing safety (by 
limiting the current) when the switch is closed. 

In short, a pull-up resistor is usually used to supply positive voltage 
to a circuit which might be turned off by redirecting the voltage to 
ground. The resistor provides both the electrical connection to the 
positive source and a limit to the amount of current that will flow if the 
current flow is then routed to ground (usually through some kind of 
switching mechanism). 
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9.5 Pull-Down Resistors 


One more basic resistor circuit that is often used is the pull-down resistor. 
While the pull-up resistor is connected to the positive power rail, the 
pull-down resistor is instead connected to ground. So, in a pull-up resistor, 
if part of the circuit is disconnected, the voltage goes high. In a pull- 

down resistor, if part of the circuit is disconnected, the voltage goes low. 
However, we don't yet have enough background really to understand how 
they are used here. They are covered more fully in Chapter 12. They are 
merely mentioned here because they are one of the basic resistor circuit 
patterns that are seen throughout electronics. 


Review 


In this chapter, we learned the following: 


1. Buttons and switches allow circuits to be altered 
while they are running by connecting circuits 
(allowing pathways for electric current) and 
disconnecting circuits (blocking pathways for 


electric current). 


2. Most circuits are a combination of common, well- 


understood circuit patterns. 


3. The more experienced you are with the basic circuit 
patterns, the easier it is to see these circuit patterns 
when you look at a schematic drawing. 


4. Acurrent-limiting resistor is a resistor that is used 
to limit the maximum current flow within a circuit, 
either to protect other components or to limit 


overall current usage. 
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5. 


10. 


A voltage divider is a pair of two resistors connected 
in series with one another (usually connected to a 
positive voltage on one side and the ground on the 
other), but with another wire coming out in between 
them to provide voltage to another circuit (called the 
load ). 


In a voltage divider, it is assumed that the resistance 
of the load is significantly more than (i.e., greater 
than ten times) the resistance of the second half of 
the voltage divider because then the load can be 
basically ignored for calculating voltage drops. 


For a voltage divider, the ratio of the voltages 
consumed by each resistor is the same as the ratio of 
their resistances. The output voltage coming out of 
the first resistor is the level of the voltage that will be 
supplied to the load. 


Another way of stating the output voltage is 


R 
Vour =V y *— , where R is the resistor 
R i 2 
connected to the positive voltage and R, is the 


resistor connected to ground. 


Voltage dividers with smaller resistances are 
“stiffer” —they are impacted less by the resistance of 
the load. Voltage dividers with larger resistances are 
not as stiff but waste much less current. 


A pull-up resistor circuit is a circuit in which a 
positive voltage which may be switched to ground at 
some point is provided through a resistor. 
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11. The pull-up resistor both (a) connects the circuit 
to the positive voltage to supply a positive current 
when the circuit is not switched to ground and (b) 
limits the current going to ground (i.e., prevents a 
short circuit) when the output is switched to ground. 


12. Itis called a pull-up resistor because it pulls the 
voltage up when the circuit is not switched to 
ground. 


Apply What You Have Learned 


1. In Figure 9-3, calculate the amount of current used 
by the whole circuit for each configuration of the 
switches S2 and S3 when S1 is closed. You can 
assume that the LEDs are red LEDs. 


2. Build the circuit given in Figure 9-3 (you may swap 
out resistors with different but similar values— 
anything from 300 Q to about 5 kQ should work). 


3. Givena 15 V voltage supply, what size of a resistor 
would be needed to make sure that a circuit never 


went over 18 mA? 


4. Given a9 V battery source, design a voltage divider 
that will output 7 V to a load that has a resistance of 
10 kQ. 


5. Given a 3 V battery source, design a voltage divider 
that will output 1.5 V to a load that has a resistance 
of 1 kQ. 
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6. In Figure 9-6, how much current is going through 
the circuit when the switch is open? How much 
when it is closed? You can assume that the LED is a 
red LED. 


7. Howwould you modify the circuit in Figure 9-6 to 
keep the maximum current in the circuit under 2 


mA? Draw the full circuit out yourself. 


8. Build the circuit you designed in the previous 
question. If you do not have the right resistor values, 
use the closest ones you have. 
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Understanding Power 


So far we have covered the basic ideas of voltage, current, and resistance. 
This is good for lighting up LEDs, but for doing work in the real world, what 
is really needed is power. This chapter on its own adds very little to your 
capabilities as a circuit designer, but it is absolutely critical background 
information for the chapters that follow. Additionally, this chapter contains 
information critical to the safe usage of electronics. Knowing about power, 
power conversions, and power dissipation will be critical to taking your 
electronics abilities into the real world. 


10.1 Important Terms Related to Power 


To understand what power is, we need to go through a few terms from 
physics (don't worry—they are all easy terms): 


1. Work happens when you move stuff. 


2. Work is measured in joules. A joule is the amount of 
work performed when a 1-kilogram object is moved 


l meter. 


3. The capacity to perform work is called energy. 
Energy is also measured in joules. 


4. Power is the sustained delivery of energy to a 
process. 
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5. Power is measured in watts (abbreviated W). Watts are the 


number of joules consumed or produced per second. 


6. Another measurement of power is horsepower 
(abbreviated hp). One horsepower is equivalent 
to 746 watts. Horsepower is not important for 
electronics, but I wanted to mention this because 
horsepower is a term you have probably heard, and 
I wanted you to be able to connect its importance to 
the ideas in this chapter. 


One of the interesting things about work, energy, and power is that 
they can take on a number of forms that are all basically equivalent. 

For instance, we can have mechanical energy, chemical energy, and 
electrical energy (as well as others). We can also perform mechanical 
work, chemical work, and electrical work. All these types of energy and 
work can be converted to each other. They are all also measured in joules. 
Therefore, we have a common unit of energy for any sort of task we want to 
accomplish. 

Now, when we actually apply energy to perform work, we do not get a 
100% conversion rate. In other words, if we want to do 100 joules of work, 
we will probably need more than 100 joules of energy to perform the task. 
That’s because the process of converting energy into work (as well as 
converting between different types of energy and work) is inefficient—not 
all of the energy gets directed to the task we want to perform. There is no 
perfectly efficient process of converting energy to work. Additionally, there 
is no way to create energy from nothing—any time you need additional 
energy, you will need a source for it. 

When energy is converted to work, all of the energy does something, 
even if it isn’t work on the task you want. Usually, the inefficiencies get 
converted to heat. So, if I have a process that is only 10% efficient and I give 
that process 80 joules of energy, then that process will do only 8 joules of 
work, leaving 72 joules of energy that is converted to heat. 
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Work and energy are usually the quantities we care about for systems 
that do a fixed task (i.e., require a fixed amount of energy). In electronics, 
however, we are usually building systems that stay on for sustained periods 
of time. Therefore, instead of measuring energy, we measure power, which 
is the continuous delivery of energy (or the continuous usage of energy in 
doing work). 

As we mentioned, power is measured in watts, where a watt is 1 joule 
per second. So, if you have a 100 W light bulb, that bulb uses 100 joules 
of energy each second. True, 100 W incandescent light bulbs are very 
inefficient, which is why they get so hot—the energy that is not converted 
to light gets converted to heat instead. Today, incandescent bulbs are 
rarely used for that very reason. For instance, the LED bulbs that are 
labeled as “100 W” equivalent generally use about 11 W, but they are 
as bright as the old 100 W incandescents. What this means is that in an 
incandescent light, less than 11 W of energy was being put toward actually 
giving off light, and the rest was wasted as heat, which is why they got quite 
so hot.’ 


10.2 Power in Electronics 


So we have a basic idea about what power is in general. In electronics, 
there are a few equivalent ways of calculating power. 

The first is to multiply the number of volts being consumed by the 
number of amps of current going through a device: 


‘It is actually much less than 11 W, since LEDs are not perfectly efficient either. 
The point is that since they are both emitting the same amount of light (i.e., 
producing the same light energy), we can see that the difference in watts used is 
probably lost in heat. 
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Here, P indicates power measured in watts, Vindicates volts, and 
T indicates current measured in amps. So, if my circuit is on a 9-volt 
battery and I measure that the battery is delivering 20 mA to the circuit, 
then that means I can calculate the amount of power that my circuit is 


using (don’t forget to convert milliamps to amps first!): 


P=VxI 
=9V *20mA 
=9V *0.02A 
=0.18W 


So our circuit uses 0.18 watt of power. 

You can also measure the amount of power that individual 
components use. For instance, let's say that a resistor has a 3 V voltage 
drop and has 12 mA of current running through it. Therefore, the resistor 
uses up 3 * 0.012 = 0.036 watt of power. 

The second way of calculating power comes from applying Ohm’s law. 


Ohm’s law say 


V=I*R (10.2) 


So, if we have the equation P = V « I, Ohms law allows us to replace V 


with I « R. Therefore, our new equation becomes 


P=(I*R)*I (10.3) 


Or we can simplify it further and say that 


P=FxR (10.4) 


We can also substitute J = V/R and wind up with a third equation for 


power: 
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pec (10.5) 


So, if we have 15 mA running through a 200 Q resistor, then we can 
calculate the amount of power being used using Equation 10.4: 


P= *R 
=(15mA) *200Q 
=(0.015A) *200Q 


= 0.000225 * 200 
=0.045W 


10.3 Component Power Limitations 


Now, if you think about it, the resistor in the previous example isn't 
actually doing anything. It is just sitting there. Therefore, since we are not 
accomplishing any work by going through the resistor, the energy gets 
converted to heat. Electronic components are usually rated for how much 
power they can dissipate, or easily get rid of. Most common resistors, for 
instance, are rated between 1/16 W and 1/2W (most that I’ve seen for sale 
are 1/4 W). This means that they will continue to work as long as their 
power consumption stays under their limit. Ifthe power consumption goes 
too high, they will not be able to handle the increased heat and will break 
(and possibly catch fire!). 

So far, our projects have dealt with low enough power that this isn't a 
concern. In fact, using 9 V batteries, it is hard to generate more than 1/4W 
of power—you would have to have less than 350 Q of resistance on the 
whole circuit and have the entire voltage drop occur on the resistor. 

In any case, whenever you are building circuits, you should keep in 
mind how much power the componentis rated to handle and how much 
power it is actually consuming. You can use any of the equations given 
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here to calculate power consumption. The component itself should have 
information on its maximum ability to handle power consumption and 


dissipation. 


10.4 Handling Power Dissipation 
with Heatsinks 


As we mentioned earlier, when power dissipates without doing any work, 
itis converted to heat. Some devices need to dissipate large quantities 

of heat under regular workloads. One common device that often needs 
to dissipate heat is the voltage regulator, like the 7805 regulator we will 
encounter in Chapter 12. 

The way that this regulator performs its job is essentially by dissipating 
power until the voltage is at the right level. When used with any serious 
amount of current, this can actually get very, very hot. As such, the back side 
of these contains a metal plate which is used to dissipate heat. Additionally, 
it has a metal tab with a hole that can be used to attach a heatsink. 

A heatsink is a metal structure with a large surface area that helps an 
electronic component dissipate heat. By being made of metal, it quickly 
moves the heat into itself. By having a large surface area, it can transfer the 
heat to the air, where it will then disperse into the environment. 


NN 


~~ 


‘ 
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Figure 10-1. A 7805 voltage regulator and its heatsink 
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Figure 10-1 shows a 7805 chip next to its heatsink. To attach the 
heatsink, just screw it into the 7805. On the 7800 series of regulators, 
the tab is electrically connected to ground, so it should not produce a 
voltage. However, other types of chips in the same TO-220 package may 
actually have a voltage on the tab. In such a case, it would be wise to buy 
an isolation kit to electrically isolate the chip from the heatsink; otherwise, 
incidental contact with the heatsink could cause a short circuit. The 
isolation kit will only allow heat, not electricity, flow into the heatsink. 


10.5 Transforming Power 


As we have discussed, energy (and therefore power) can be transformed 
among a variety of forms—mechanical, electrical, chemical, and so on. In 
any case, always remember that energy is only reduced or lost, never gained. 

The essence of energy transformation is at the heart of what makes 
batteries work. A battery contains energy stored in a chemical form. 
Chemical reactions in the battery allow electrons to move. By drawing 
the electrons through a specific path (drawing them to the positive from 
the negative), this reaction generates electrical energy. So we have a 
conversion from chemical energy (the reaction of the chemicals in the 
battery) into electrical energy (the pull of the electrons through the 
circuit). 

This can also go the other way. Electrical energy can be used to 
stimulate chemical reactions. Acommon one is the separation of water 
into hydrogen and oxygen. 

The same conversion can happen with mechanical energy. In an 
electric motor, electrical energy is converted into mechanical energy in 
the motor. But the reverse also can occur. A power generator is made by 


converting mechanical energy into electrical energy. 
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We won't go into details on how each of these transformations works 
(you would need to take courses in chemistry, mechanics, etc. to know 
more), but the essential ideas are that 


1. Energy and power can be transformed between a 
variety of forms. 


2. These forms of energy can all be measured with the 
same measuring stick (joules). 


3. Every energy transformation will lose (never gain) 
some amount of energy through inefficiencies. 


Power and energy are known as conserved quantities, because, 
although they are transformed, they are never created or lost. Note that 
when we talk about power lost through inefficiencies, the power actually 
isn’t lost in total; it is merely converted to heat. You can think of heat as 
power that is applied in a nonspecific direction. Energy is lost when it is 
transformed not because it disappears but rather because all processes 
which channel one form of energy into another are imperfect. 

In Section 10.2, “Power in Electronics,’ we noted that, in electronics, 
the power (measured in watts) is determined by both the voltage and the 
current—by multiplying them together. Therefore, what will be conserved 
in electronics will not be the voltage or the current individually, but their 
product. What this means is that we can, at least in theory, increase the 
voltage without needing a power gain, but at the cost of current. Likewise, 
we can, at least in theory, increase the current without needing a power 
gain, at the cost of voltage. In both of these cases, rather than transforming 
electrical power to another form of power altogether, we are transforming 
itinto a different configuration of electrical power. 

Devices that convert electrical power between different voltage/ 
current configurations are known as transformers. A step-up transformer 
is one that converts a low voltage to a higher voltage (at the cost of 
current), and a step-down transformer is one that converts a high voltage 
to a lower voltage (but can supply additional current). 
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Technically, for DC circuits, these are usually known as DC-DC power 
converters or boost converters instead of being called transformers, 
but the same rules apply—the total number of watts delivered can never 
increase, but the voltage can be converted up and down at the expense or 
gain of the current.” 

So, if I had a source of 12 V and 2 A, then I would have 12 x 2 = 24 W. 
Therefore, it may be possible to convert that to 24 V, but I would only be 
able to get 1 A of current (24 * 1 = 24). However, I could drop the voltage to 
get more current. If I needed 4 A, I could reduce the voltage to 6 V. 

Also remember that in doing these transformations, there is always 
some amount of power loss as well, but these calculations will give you what 
the maximum possibilities are. The actual mechanisms that these devices 


employ for doing power conversions are outside the scope of this book. 


10.6 Amplifying Low-Power Signals 


Many devices, especially integrated circuits, are only capable of 
processing and generating low-power signals. Microcontrollers (like the 
ATmega328/P) have limits to how much power they can send or receive. 
The ATmega328/P can only source up to 40 mA per pin and only about 
200 mA total across all pins simultaneously. At 5 V, 40 mA would yield a 
maximum of 0.2 W. Therefore, if you want to turn on a device that requires 
more power than that, you will need to amplify your signal. 

Now, as we discussed previously, you can’t actually create more power 
out of nothing. What you can do is, instead of trying to create power, you 
can instead control power. We will discuss several specific techniques on 
how to do this starting in Chapter 24, but the essential idea is that you can 
amplify a signal by using a small signal to control a larger one. 


“As a sidenote, if you tried to wire a regular AC transformer to a DC power supply, 
it would not deliver any power at all —DC-DC converters work on very different 
principles than AC transformers. 
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Think about your car. The way that you control your car is by taking 
a low-power signal, such as the gas pedal, and using it to control a high- 
power signal, such as the engine. My foot is not directly powering the 
car. My foot is merely using the pedals to tell another power source—the 
engine—how much of its energy it should move. My foot doesn't actually 
interact directly with the engine at all, except as a valve to unleash or not 
unleash the power available in the gas tank and engine. 

In the same way, since the output signals from the microcontrollers are 
low power, instead of using these signals directly, we will use the signals to 
control larger sources of power. Devices which can do this include relays, 
optocouplers, transistors, op-amps, and darlington arrays. We will cover 
more about amplification starting in Chapter 24. 


Review 


In this chapter, we learned the following: 


1. Workis what happens when you move stuff and is 


measured in joules. 


2. Energy is the capacity to do work and is also 


measured in joules. 


3. Power is the sustained delivery of energy and is 
measured in joules per second, also called watts. 


4. Power can be converted to a number of different 


forms. 


5. Converting power to another form or using it 
to do work always has inefficiencies, and these 
inefficiencies result in energy lost to heat. 
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In electronics, power (in watts) is calculated by 
multiplying the voltage by the current (P = V x I). 
It can also be calculated as P= F x Ror P= W/R. 


To calculate the power consumption of an 
individual component, use the voltage drop of that 
component and multiply it by the current flowing 
through it (measured in amps, not milliamps). 


Most components have a maximum rating for 
the amount of power they can safely consume or 
dissipate. Be sure you design your circuits so that 
your components stay under that limit. 


Some components can handle additional power 
dissipation by adding a heatsink, which will more 
effectively dissipate the excess heat into the air. 


Power can be transformed into other types of power 
(mechanical, chemical, etc.), but can never go 
beyond the original amount of power. 


Electrical power can also be transformed into 
different combinations of voltage and current, as 
long as the total power remains the same. 


Components that do this transformation are called 
transformers for AC power and DC-DC converters 
for DC power. 


Because power cannot be created, the way that 
signals are amplified is by using a small power signal 


to control a larger power source. 
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Apply What You Have Learned 
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If I have 50 joules of energy, what is the maximum 
amount of work I could possibly do with that 


amount of energy? 


If I am using up 10 joules of energy each second, 


how many watts am I using up? 


If I convert 30 watts of mechanical power into 
electrical power with 50% efficiency, how many 
watts of electrical power are delivered? 


If T have a circuit powered by a 9 V battery that uses 
0.125 A, how many watts does that circuit use? 


If a resistor has a 2 V drop with a 0.03 A current, how 
much power is the resistor dissipating? 


If a resistor has a 3 V drop with a 12 mA current, how 
much power is the resistor dissipating? 


If a 700 Q resistor has a 5 V drop, how much power is 
the resistor dissipating? 


If a 500 Q resistor has 20 mA flowing through it, how 
much power is the resistor dissipating? If the resistor 
was rated for 1/8 of a watt, are we within the rated 
usage for the resistor? 
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In the following circuit, calculate the voltage drop, 
current, and power dissipation of every component 
(except the battery). If the resistors are all rated for 


1/8 of a watt, are any of the resistors out of spec? 


600 
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Integrated Circuits 
and Resistive Sensors 


So far, the components we have studied are simple, basic components— 
batteries, resistors, diodes, and so on. In this chapter, we are going to start 
to look at integrated circuits, also called chips, microchips, or ICs. An IC 
is a miniaturized circuit placed on silicon. It is a whole collection of parts 
geared around a specific function. These functions may be small, such as 
comparing voltages or amplifying voltages, or they may be complex, such 
as processing video or even complete computers. A single chip may hold 
just a few components, or it may hold billions. 

Miniaturized circuits have several advantages—they are cheaper 
to produce in mass, they use less power, and they take up less space in 
your overall circuit—all because they have a reduced area and use fewer 
materials. These miniaturized circuits are what allowed for the computer 


revolution over the last century. 


11.1 The Parts of an Integrated Circuit 


Integrated circuits, as we have noted, are basically miniaturized circuits 
placed on a silicon plate, called the die. This die is where all of the action of 


the integrated circuit takes place. 
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The die is then placed into a package, which then provides connection 
points for circuit designers to interface with the IC. These connection 
points are often called pins or pads. Each pin on an IC is numbered, 
starting with pin 1 (we will show you how to find pin 1 shortly). Knowing 
which pin is which is important, because most of the pins on a chip each 
have their own purpose, so if you attach a wire to the wrong pin, your 
circuit won't work or you will destroy the chip. Most packages are marked 
with the chip’s manufacturer and part number. If they weren't, it would be 
nearly impossible to tell one chip from another. 

There are many different types of packaging available, but there are 
two general types that are often encountered: 

Through-Hole: In this packaging type, the connection points are long 
pins which can be used on a breadboard. This type of packaging is easiest 


for amateur usage. 


Figure 11-1. Comparison of the Same IC in SMD (Left) and DIP 
(Right) Packages (Image Credit: Shutterstock/Youra Pechkin) 
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Figure 11-2. Pin 1 is Immediately Counterclockwise of the Notch 
(Image Credit: Shutterstock/Cristian Storto) 


Surface Mount: In this packaging type, the connection points are small 
pads which are meant to be soldered to a circuit board. These packages 
are much smaller (and therefore less expensive) and can be more easily 
managed by automated systems to build completed circuits. These are 
also referred to as SMDs (surface mount devices) or SMT (surface mount 
technology). 

Since we are only using breadboards in this book and not doing any 
soldering, we will only concern ourselves with through-hole packaging. 
However, through-hole packaging itself comes in a variety of styles. The 
main one we will concern ourselves with is called a dual in-line package, 
or DIP. Figure 11-2 shows the same chip in SMD and DIP configurations. 

An integrated circuit in a DIP package has two rows of pins coming out 
of the package. Most chips either mark the top of the chip with a notch or 
indentation (where pin 1 is immediately counterclockwise of the notch) or 
mark pin 1 with an indentation or both. See Figure 11-2 to see how to use 
the notch to find pin 1. The rest of the pins are numbered counterclockwise 
around the chip. 
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Figure 11-3. A DIP IC Inserted Into a Breadboard 


The beauty of a DIP-packaged IC is that it fits perfectly onto most 
breadboards. Figure 11-3 shows how you can place your IC across the 
breadboard's bridge and each pin on the chip will have its own terminal 
strip to connect to. 

Be careful, though, when inserting ICs into breadboards. The spacing 
of the pins on an IC is often slightly wider or shorter than the breadboard’s 
bridge, and pins have to be inserted carefully. If you just jam the IC into 
the breadboard, you will likely accidentally crush one or more of the pins 
that aren’t exactly aligned on the hole. Instead, compare the spacing of the 
pins to the bridge spacing on your breadboard. If it doesn't match up, very 
gently bend the pins with your fingers or with pliers to get them to match 
up. It’s usually just a very small amount, but if you don’t take care, you can 
easily damage your IC. 

Usually, the ICs that I purchase are just a little wide, and I will 
squeeze the pins on each side slightly between my thumb and finger 
until they move close enough together. However you adjust the pins, 
make sure they line up before pushing them into their connection points 
on the breadboard. Also, with larger ICs, you may also need to slightly 
wiggle the IC back and forth as you gently insert it into place on the 
breadboard. 
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11.2 The LM393 Voltage Comparator 


There are thousands and thousands of available chips which do a 
dizzying array of functions. In this chapter, we are going to focus on a 
very simple chip—the LM393 voltage comparator. This chip does one 
simple task. The LM393 compares two input voltages and then outputs 
either a high-voltage signal or a low-voltage signal depending on which 
input voltage is greater. The LM393 is actually a dual voltage comparator, 
which means that it will do two separate comparisons on the same 
chip. Like most chips, the LM393 is an active device, which means that 
it additionally requires a voltage source and a ground connection to 
provide power to the device. 

Figure 11-4 shows the pin configuration (also called the pinout) of 
the LM393. The first thing to note on any pinout is where the voltage and 
ground connections are. In this case, the voltage is marked as VCC, and 
the ground is marked as GND. Even though the LM393 has two voltage 
comparators on the chip, they both share the power (VCC) and ground 
(GND) pins. The left side of the chip diagram shows the inputs and output 
for the first voltage comparator (1IN+, 1IN-, and 10UT), and the inputs and 
output for the second voltage comparator are on the right (2IN+, 2IN-, and 
20UT). In your projects, you can use whichever one is more convenient 
for you, or even both at the same time if you have more than one voltage 


comparison task. 


Figure 11-4. The Pin Configuration of an LM393 
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So the 1IN+ pin (pin 3) and the 1IN- pin are where the two voltages 
are being fed that are being compared by the first comparator. The 10UT 
is the pin which will contain the output. If the voltage at 1IN+ is less than 
the voltage on 1IN-, the output pin will be at a low (i.e., near-zero/ground) 
voltage. If the voltage at 1IN+ is greater than the voltage on 1IN-, the output 
pin will not conduct at all, but this will be considered a “high” (positive 
voltage) state. This sounds counterintuitive, but, as we will see, this lets us 
set our own output voltage to whatever we want without causing too much 
complexity. This configuration where high-voltage outputs don’t conduct 
is called an open collector configuration. Don't worry if this is a little 
confusing, we will discuss it more in depth later in the chapter. 


VOLTAGE SOURCES ON INTEGRATED CIRGUITS 


Note that the voltage pins on integrated circuits can be marked in a number 
of different ways. The positive voltage source is often labeled as Vec, Vpp, Or 
V+. The ground connect is often labeled as GND, Vez, Vss, or V—. There are 
additional ways that these are labeled as well. Finding the positive and ground 
connections for an IC should always be the first thing you do with it. 


11.3 The Importance and Problems 
of Datasheets 


Every IC (and, usually, any other part as well) has a datasheet supplied 

by the manufacturer which tells you important details about how you 
should use their chip in your circuit. Reading datasheets is one of the worst 
parts of electronics, in my opinion. For me, datasheets rarely have the 


information I am actually looking for in a way that is easy to find. 
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In fact, most datasheets assume that you already know how to use the 
device, and the datasheets are just there to supply additional details about 
the limitations of the device. For instance, looking through the LM393 
datasheet from Texas Instruments, the actual operation of the device isn’t 
even listed until page 11, and there it is buried within a sub-subsection, 
almost as a sidenote. 

These datasheets are written by people who have spent a lot of time 
being electrical engineers, and they are written for people who have spent 
a lot of time being electrical engineers, so when mere mortals read the 
datasheets, the important pieces are often shrouded in unintelligible 
gibberish. For instance, the fact that the “high” output state of the device 
doesn't conduct isn’t mentioned explicitly anywhere at all in the datasheet. 
Instead, it is implied by the configuration. 

The reason for this is that the datasheets are usually read by 
professionals familiar with the type of device and who just need to know 
the electrical details so they don’t accidentally bend the device beyond 
the breaking point. Thus, the datasheets oftentimes spend more time just 
showing and describing the layout of the circuit on the chip and graphs 
of different chip properties, and then you are left to interpret what that 
means for your circuit. For advanced circuit designers, this is great. 

For students and hobbyists, however, this is oftentimes more frustrating 
than helpful. 

However, datasheets do often provide a few basic details that are 
helpful to everyone. They will often tell you 


e What each pin does 
e What the power requirements are 
e What the outer limits of the chip's operation are 


e Anexample circuit that you can build with the device 
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For all of these reasons, Appendix E contains simplified datasheets for a 
number of common devices that are easier to read than the standard ones. 
For the LM393, the important points are as follows: 


1. The input voltage on Vec can be anywhere between 
2 V and 36 V. 


2. When sensing voltage, the LM393 doesn’t really 
draw any (or at least much) current, so there are no 
parallel resistances we need to worry about. 


3. The output is high when IN+ is greater than IN- and 
low (i.e., near-ground) when IN+ is less than IN-, 


with an error range of about 2 millivolts. 


4. When the output is low, this means the output pin 
will conduct current into itself (since it is at ground, 
positive charge will naturally flow into it), but if it 
sinks more than 6 mA into it, you will destroy it, so 
you have to be sure that you know the maximum 
amount of current that could flow through the pin 
when it is at ground. 


5. When the output is high, this means the output will 
not conduct any current, but instead act as if it were 
disconnected. As we will see, this will allow us to 
supply our own “high” voltage level. 


166 


CHAPTER 11 INTEGRATED CIRCUITS AND RESISTIVE SENSORS 


Figure 11-5. A Simple Comparator Circuit 


That isn't to say that the datasheets aren't important, but for a 
beginner, the datasheets usually aren't what you need to get started. 


11.4 A Simple Circuit with the LM393 


In this section, I am going to show a simple circuit using the LM393 chip. 
In doing so, we are going to be using several of the resistor circuit patterns 
that we learned in Chapter 9. 

The circuit we are discussing is shown in Figure 11-5. Can you 
identify the resistor circuit patterns? Take a minute and see if you can 
find some. Note that the wire coming out of 1IN- crosses two wires that it 
is not joined with. 

The first thing to notice is that we have two voltage dividers. The first 
voltage divider is between R1 and R2. Since R1 and R2 are the same 
resistance and are connected to both 5 V and 0 V, that means that they 
divide the voltage in half, giving a 2.5 V output. The second voltage divider 
is between R3 and R4. Since R3 is half of the resistance of R4, that means 
that it only uses up half as much voltage as R4. Thus, since R3 eats up 1.7 V 
and R4 eats up 3.3 V, the wire coming out from the middle is at 3.3 V. 
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Then, to the right of the circuit, you can see that we have a current- 
limiting resistor in front of the LED. That is not its only function, though. 
It also functions, as we will see shortly, as a pull-up resistor. 

So what is the big triangle? Comparators (and several other circuits 
commonly placed on ICs) are represented as triangles in the schematic 
(we could have also placed the chip itself there). Each of the connections 
is labeled the same as they are labeled in the pinout diagram in Figure 11-4 
so they would be easy to locate. 

The way that the circuit works is very simple. The voltage coming 
in to 1IN+ is 3.3 V, and the voltage coming in to 1IN- is 2.5 V. Since 1IN+ 
is greater than 1IN-, then that will turn 10UT to high (positive voltage). 
However, remember that we said that 10UT does not conduct when it is 
high. It acts like an open switch. Therefore, R5 acts like a pull-up resistor 
and supplies the positive voltage for us to our LED to turn it on. 

Now let's say that the input voltages were reversed. What would 
happen? If 1IN- is greater than 11N+, then 10UT will go low (0 volt) and also 
conduct. It will act like a closed switch going to ground. 

Therefore, current will go the easy route—it will go through 10UT 
(directly to ground) instead ofthrough the LED (1.8 V or more), effectively 
denying power to the LED and switching it off. This works just like the 
switch in the circuit in Chapter 9, Section 9.4, “The Pull-Up Resistor.” When 
10UT is low, it acts like a closed switch to ground and acts as a sink for all 
current at that point in the circuit. When 10UT is high, it acts like an open 
switch, and whatever voltage/current you provided at that point is allowed 
to continue on. 

The resistor R5 does several jobs. The firstjob is to act as a pull-up 
resistor, as we just described. Remember that a pull-up resistor prevents 
the load to ground from going too high when the switch is closed. Without 
the pull-up resistor, when the switch is closed (10UT goes low), we would 
have a short circuit from the voltage source to ground. This would not only 
waste a large amount of electricity; it would break the LM393, because it can 
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only sink a maximum of 6 mA of current. Having a 2 kQ resistor, we limit the 
current for the closed switch to I = V/R = 5/2,000 = 0.0025 A = 2.5 mA. 

When the switch is open, the current flows through the resistor to the 
LED, and then the resistor acts as a current-limiting resistor for the LED. 
The amount of current to the LED will be calculated as I = V/R = (5 — 1.8)/ 
2,000 = 3.2/2,000 = 0.0016 A = 1.6 mA. 


11.5 Resistive Sensors and Voltages 


One of the more practical uses of the voltage comparator circuit is to 
measure the values of sensors which act as variable resistors. Many 
different materials in the world act as resistors. What's really interesting is 
that many of these materials change their resistance depending on external 
factors. Some of them change their resistance based on temperature, 
pressure, light, humidity, and any number of other environmental factors. 

Now, changing resistance doesn’t tell us much by itself. If we put a 
resistor between a voltage source and ground, it will always eat up that 
voltage source. However, if you use it in concert with a fixed resistor to 
make a voltage divider, you can then get the output voltage to vary based 
on the changes in resistance. 

Figure 11-6 illustrates this principle. It is a simple voltage divider, 
where the top resistor is actually a photoresistor (a resistor that varies 
based on light) and the bottom resistor has a fixed resistance. Thus, as the 
light varies, the top resistance will vary. This will change the ratio between 
the top and bottom resistors, which will affect the output voltage. 

To use this circuit, you will need to know the resistances of your 
photoresistor on the different conditions you are interested in. I usually 
use the GL5528, which ranges from 10 kQ in bright light to 1 MQ in 
complete darkness. However, depending on your specific photoresistor 
as well as the light conditions that you think of as “light” and “dark,” the 
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resistance values that are relevant for light and dark will be different for 
you. So, whatever photoresistor you use, it is worthwhile to measure the 
resistance using your multimeter in the different conditions you think of as 
light and dark. 


Voltage Out 


Figure 11-6. A Simple Resistor Sensor Circuit 


11.6 Sensing and Reacting to Darkness 


So far in the book, we have focused entirely on example circuits that didn’t 
really do anything. They lit up, they had voltage and current, but there 
wasn't much interesting that they were doing. However, now, we finally 
have enough knowledge to start building circuits that do something. 

We have 


1. Away to generate a fixed voltage (using a voltage 
divider) 


2. Away to generate resistances from real-world events 


(photoresistors and other resistance sensors) 
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3. Away to convert changes in resistance to changes 
in voltage (using a voltage divider with one fixed 


resistor) 


4. Away to compare our varying voltage to our fixed 
voltage (using the LM393 comparator) 


5. Away to utilize the output signal from the LM393 to 
do work (using the pull-up resistor and the LED) 


There are a lot of pieces to put together this simple circuit, which is 
why it has taken so long to do anything worthwhile. However, if you have 
followed along carefully, now that you are here, you should be able to see 
how all of this fits together. 


Figure 11-7. Darkness Sensor Schematic 


What we will do is to take the circuit given in Figure 11-5 and modify 
R4 to be our photoresistor and R3 to be a fixed resistor. In my own testing, 
I discovered that the light/dark switchover point for my photoresistor 
was about 15 kQ. Therefore, I am going to use a 15 kQ resistor as the fixed 
resistor for R3. Yours may need to vary based on your experimentation 
with your photoresistor. 
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When there is light in the room, the photoresistor will have a lower 
resistance than 15 kQ, which will make the fixed resistor R3 use up more 
of the voltage. Thus, the voltage at the divider will be less than 2.5 V, which 
will turn 10UT to low (which closes the switch and makes a path to ground 
on the output before it gets to the LED, which turns the LED off). 

In low-light conditions, the resistance will jump way up above the 
resistance of the fixed resistor. If the upper, fixed resistor has less resistance 
than the bottom resistor, then the voltage at the divider will be larger than 
2.5 V, activating the comparator and turning 10UT to high (i.e., opening the 
switch and allowing power to flow through the LED). 

The final circuit is given in Figure 11-7. You can see a way to lay it out 
on the breadboard in Figure 11-8. 
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Figure 11-8. Darkness Sensor Breadboard Layout 


Sources and Sinks 


Two terms that often come up when dealing with circuits are the concepts 
of a current source and a current sink. A source is a component whose 
pins might provide current to other parts of the circuit. A sinkis a 
component whose pins might pull current from other parts of the circuit. 
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For the LM393, its input pins neither source nor sink current (at 
least not any significant amount). The input pins more or less just sense 
the voltage without pulling any measurable current. Therefore, they are 
neither sources nor sinks of current. Technically, they probably sink a 
few nanoamps (billionths of an amp), but not nearly enough to affect our 
circuit analysis. 

The output pin, even though it is called an output, doesn’t source any 
current. Instead, it acts either as a sink (when low) or as a disconnected 
circuit (when high). This is known as an open collector output. 

Anytime an IC sources or sinks current, be sure to read the datasheets 
on the maximum amount of current it can source or sink. These are usually 
quantities that you have to limit—they are merely telling you at what point 
their circuit will physically break. Therefore, you must use resistors to limit 
the currents to make sure that they are within limits. 

However, be aware that many (but certainly not all) ICs do not source 
current, using open collectors for their output operations. This has the 
disadvantage that you have to supply your own voltage and pull-up resistor 
to the output pin, but it also has the advantage that the output is set to 
whatever voltage level you choose. In other words, you don’t need to pick a 
new comparator IC to get a different output voltage. 


Review 


In this chapter, we learned the following: 


1. Integrated circuits (called ICs or chips) are 
miniaturized circuits packaged up into a single chip 
that can be added to other circuits. 


2. ICs can have a few or several billion components on 


them, depending on the function. 
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3. ICs have different types of packages, including 
through-hole (optimized for breadboards) and 
surface mount (optimized for soldering and 


machine placement). 


4. Dualin-line packages (DIPs) are the most common 
through-hole packaging type used for students, 
hobbyists, and prototype builders. 


5. DIP chips should be placed in the breadboard 
saddling the bridge, so that each IC pin is attached 


to its own terminal strip. 


6. On most chips, pin 1 is located immediately 
counterclockwise of the notch in the chip, and 


remaining pins are numbered counterclockwise. 


7. Most ICs are active devices, meaning that they have 
a direct connection to a power supply and ground in 
addition to their normal input and output pins. 


8. An IC datasheet is a document that tells about the 
electrical characteristics of an IC. However, most 
of them are difficult to read and assume you are 
already familiar with the part. However, they are 
very useful for getting a pinout for the chip as well 
as telling the maximum ratings for voltages and 


currents. 


9. The LM393 is a dual voltage comparator IC—it 
compares two voltages and alters its output based 
on which is larger. 


10. The LM393’s inputs do not consume any significant 
current when sensing the input voltages. 
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11. The LM393’s outputs are open collectors—which 
means that they act as a switch to ground. When 
the output is “low,” the pin acts as a closed switch to 
ground. When the output is “high,” the pin acts as a 


disconnected circuit. 


12. Because the LM393 acts as a disconnected circuit 
when high, a pull-up resistor circuit is required to 
get an output voltage. 


13. Many sensors are based on the fact that the 
resistance of many materials will change with 
environmental factors. Therefore, the sensor acts 
as a variable resistor, with the resistance telling you 


about the environment. 


14. Aresistive sensor can be used with a fixed resistor 
to make a variable voltage divider, essentially 
converting the resistance to a voltage, which then 
can be detected. 


15. By putting the sensor-based resistive voltage divider 
in comparison with a fixed reference, we can use the 
LM393 comparator to trigger an output when the 


sensor crosses some threshold of resistance. 


Apply What You Have Learned 


1. Calculate the amount of current flowing through each 
element of the circuit in Figure 11-5. You can presume 
that the LM393 uses about 1 mA for its own (internal) 
operation and that the LED is a red, 1.8 V LED. What 
is the total amount of current used by the circuit? 
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Take the circuit in Figure 11-5 and swap which 
voltage divider is attached to 1IN+ and 1IN-. 

Now calculate the total amount of current used by 
this circuit. 


The Spectra flex sensor is a resistive sensor that 
changes its resistance when bent. When it is straight, 
it has a resistance of 10 kQ. When itis bent, it has 
resistances of 60 kQ and above. Draw a circuit that 
turns on an LED when the resistor is bent. Use a 
resistor symbol for the flex sensor, but label it as 
FLEX. 


Build the circuit in Figures 11-7 and 11-8. 


If you wanted to wait until the room was even darker 
before the LED went on, how would you change the 


circuit? 


PART Il 


Digital Electronics 
and Microcontrollers 


CHAPTER 12 


Using Logic ICs 


In Chapter 11, we worked with our first integrated circuit, the LM393 
voltage comparator. In this chapter, we are going to look at other ICs and 
talk more about how they are named and used in electronics. 


12.1 Logic ICs 


One of the easiest class of ICs to use are the logic ICs. A logic IC is a chip 
that implements a basic function of digital logic. In digital logic, electric 
voltages are given meanings of either “true” or “false,” usually with “false” 
being a voltage near zero and “true” being a positive voltage (often 
between 3 and 5 volts). These values are also referred to by a number of 
other designations—a 1 (for true) and 0 (for false) or HIGH (for true) and 
LOW (for false). Then, the digital logic ICs implement logic functions 
that combine different signals (usually designated as A and B) and give an 


output signal (usually designated as Y or Q). 


'Very rarely, some ICs will reverse the meaning of the positive and zero voltages. 
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For instance, the AND function will output a “true” (positive voltage) 
value if both of its inputs are true and will output a “false” (near-zero 
voltage) value otherwise. In other words, if A and B are true, Y is true. As 
another example, the OR function will output a “true” value if either of its 
inputs is true. In other words, if A or B is true, Y is true. Figure 12-1 shows 
the most common types of logic operations and how they work. 

As we have seen, AND yields a true result when both A and B are true, 
and OR yields a true result when either A or B is true. So what are the 
others? XOR is exclusive OR, which means that it is just like OR, but is also 
false when both inputs are true. NOR is not OR, which means that it is the 
exact opposite of OR. Likewise, NAND is not AND, which means that it is 
the exact opposite of AND. Finally, NOT only has one input and simply 
reverses its value. 

Each digital logic function, when implemented in electronics, is called 
a gate. The nice thing about building circuits with logic gates is that, rather 


than using math, you can build circuits based on ordinary language. 
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Operation A B Y (output) 
AND false false false 
AND false true false 
AND true false false 
AND true true true 
OR false false false 
OR false true true 
OR true false true 
OR true true true 
XOR false false false 
XOR false true true 
XOR true false true 
XOR true true false 
NOR false false true 
NOR false true false 
NOR true false false 
NOR true true false 
NAND false false true 
NAND false true true 
NAND true false true 
NAND true true false 
NOT false N/A true 
NOT true N/A false 


Figure 12-1. Common Logic Operations 
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CD4081 
Figure 12-2. The Pinout of a CD4081 Chip 


If you were to say, “I want my circuit to output a signal if both button 
1 and button 2 are pressed,’ then it is obvious that you would use an AND 


gate to accomplish this. 


INVERTED INPUTS AND OUTPUTS 


Sometimes an input or an output on a chip will be labeled with a line on top of 
the input or output name. This means that the result (or requirement) will be the 
opposite of what you would otherwise expect. For instance, if the output is Y, 
then Y refers to the opposite value of Y. So, if Y is true, then Y will be false. 


The same can occur on inputs as well. For instance, some chips have a reset 
on the chip which will reset the chip. However, we would normally consider 
“signaling” a pin to be sending it a voltage. Sometimes the chips would prefer 
that you signal the reset by bringing the voltage low instead of high. In these 
cases, they usually designate this by putting a bar over the name of the input 
pin, so the reset pin would be labeled RESET in order to indicate this behavior. 


These are known as inverted inputs and outputs. 
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Most logic gates are implemented in chips that contain multiple (often 
four) implementations of the same gate. For instance, the CD4081 chip is 
a quad-NAND gate chip. The pinout for this chip is shown in Figure 12-2. 
Note that it has a supply voltage pin (pin 14) as well as a ground pin (pin 7) 
to supply power to all the gates on the chip. Each logic gate is numbered 
1-4, and the inputs are labeled A and B with the output of Y. 


5V 


3k 


CD4081 


Figure 12-3. Example Circuit Using an AND Gate 


To use the chip, you pick which one of the four gates you are going to 
use (it doesn’t really matter which). If we want to use Gate 1, then we put 
our inputs on 1A and 1B, and then our output signal goes to 1Y. Note that, 
unlike the IC from the last chapter, this logic gate has a powered output—it 
actually supplies voltage and current to drive a (small) output signal. 
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Logic gates are wired to expect relatively fixed, predefined voltages 
on their inputs and output the same voltage levels. They do not need 
current-limiting resistors for their inputs because the inputs themselves 
are usually high resistance (i.e., 1,000,000-10,000,000 (2). Because of 
the high resistance on the inputs, it also means that even ifthere is a 
resistor on the input, it will not affect the input voltage significantly. It 
also means that the current going into the gate is essentially ignorable: 

E AA: 0.0005mA . 
R 10,000,000 

For some logic chips, the input voltage is expected to be around 3.3 V 
or 5 V, while for others, it is based on the supply voltage. However, nearly 
all ICs are limited in how much current they can put out before they fry. 
This is usually somewhere in the range of 8-20 mA, depending on the chip. 
Because of this, if you use a logic gate to directly power a device (such as 
an LED), you probably will need a current-limiting resistor to keep the 
output current down below these limits. 

There are logic chips that have open collector outputs (like the LM393 
from Chapter 11), but they are more rare because they are harder to use. 

Let's say that we want to build a circuit which will turn on an LED 
if both of two buttons are pushed at the same time. Figure 12-3 shows a 
circuit to accomplish this. It has two buttons, one wired to 1A (pin 1) and 
one wired to 1B (pin 2). The output 1Y (pin 3) then goes to an LED with a 
current-limiting resistor. You may wonder what the resistors attached to 
the buttons are doing. Those will be explained in Section 12.3, “Pull-Down 
Resistors.” 

For most logic chips, the manufacturers recommend that unused 
inputs (but not outputs!) be connected to ground. This makes the chip 
more efficient in power consumption, but for simple projects like these, it 
isn’t really necessary. If you wish to connect the unused inputs to ground, 


then it is a better circuit design. 
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Figure 12-4, A 7805 Voltage Regulator in a To-220 Package 


Note that the circuit shows a 5 V source. While the CD4081 is tolerant 
of a wide range of input voltages and would operate just fine at 9 V, many 
digital logic chips are not. Many digital logic chips operate at pre-specified 
voltages, usually either 5 V or 3.3 V. Therefore, we will take a moment and 
look at how we can get an input source for a specific voltage. 


12.2 Getting a 5 V Source 


So far in this book, we have used a custom power regulator to regulate 
the voltage on the board. Thankfully, this voltage is actually selectable— 
jumpers on the board allow you to select 5 V or 3.3 V, which are precisely 
the voltages usually required. 

However, if we didn’t have such fancy regulators, how would we 
achieve a 5 V source? There are several options for doing this, all depending 
on your requirements and/or the supplies you have available to you. 

One option is to build a simple 5 V power supply using the knowledge 
you already have. In Chapter 9, we showed how to build a voltage divider 
to step down the voltage from a higher voltage source to a lower one. 
Although not ideal, this could work fine for simple test circuits. A better 
option would be to build the Zener diode voltage regulator that was shown 
in Chapter 8 if you have a 5 V Zener diode handy (however, you would 
need to be careful to calculate the output wattage, as these can dissipate a 


lot of power). 
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A better option is to use a voltage regulator IC. The LM7805 is a simple 
voltage regulator circuit you can use to convert a 7-24 V voltage source 
into a 5 V voltage source with somewhat minimal current loss. It is itself an 
IC, though with a different kind of packaging than we've seen, known as a 
TO-220 package. You can see what this looks like in Figure 12-4. On these 
packages, if you are reading the writing on the package, pin 1 (input voltage) 
is on the left, pin 2 (ground) is in the middle, and pin 3 (output voltage) is on 
the right. Figure 12-5 shows what this looks like in a circuit diagram. 

Figure 12-6 shows how to attach the LM7805 regulator to your 
breadboard. First, plug the regulator into your breadboard so that each pin 
is on its own terminal strip. Next, plug the positive wire from the battery 
into the terminal strip with the voltage regulator’s pin 1 and the negative 
wire from the battery to the negative/ground power rail on the breadboard. 
Then, connect the voltage regulator’s pin 2 (ground) to the negative/ 
sround power rail. Finally, connect the voltage regulator’s pin 3 (output 
voltage) to the positive power rail. 


CD4081 


Figure 12-5. Logic Gate Circuit with a Voltage Regulator 
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Figure 12-6. Simple Way to Attach the LM7805 to Your Breadboard 


This will give you a 5 V supply without all of the circuitry of our 
previous power regulator. This is especially helpful if you have strange 
power needs or need to use a minimum of space for your power 
regulation. 

Note that some LM7805s have pins that are too big for breadboards. 
That’s unfortunate, but they are pretty rare. As long as you buy from 
companies that target hobbyists, you are likely to get a component that will 
work well with breadboards. 

In any case, we will continue to use our power regulators, but I wanted 
to note that there are other ways to supply the correct amount of power to 
chips that require fewer components. 


12.3 Pull-Down Resistors 


In Figure 12-3, we looked at the circuit diagram for a simple AND gate. 
We noted that each button had a resistor connecting it to ground, but we 
did not mention why. In digital logic circuits, buttons and single-pole 
switches, when they are open, essentially disconnect the circuit. Because 
the inputs are high-resistance inputs (i.e., they use very little current), 
simply disconnecting the input circuits is not always enough to turn them 


187 


CHAPTER 12 USING LOGIC ICS 


off! Think of it this way—when you connect the circuit by pushing the 
button, the whole wire becomes positive. When you let go of the button, 
the state of the wire has not changed. Eventually the positive charge will 
drain out through the gate, but, since the input uses so little current, it may 
take a while for that to happen. Therefore, we have to provide another path 
for the electricity to go when the button is not pressed. These resistors 

are called pull-down resistors because, when the button circuit is not 
connected, they pull the voltage level down close to zero. 

The resistor is very important because, when the button is connected, 
it keeps the voltage high and limits the amount of current that leaks out 
across the resistor. If you directly connected the button to ground without 
the resistor, then pushing the button would not raise the voltage because 
it is still directly connected to ground and would therefore remain at 0 
volt. Having the resistor there makes sure that the voltage on the inputs 
remains high while the button is pressed and bleeds off when the button is 
released. 

In short, without a path to ground, when you let go of the button, 
the input could remain high. Moreover, without the resistor, pushing 
the button would cause a short circuit. Therefore, a pull-down resistor 
allows voltage to drain off quickly when the button is not pressed, but also 
prevents disasters and wasted current when the button is pressed. 

Additionally, static electricity in the air can cause the actual voltage 
on the gate to fluctuate when it is not connected. Physically connecting 
the gate to the ground through a resistor will make sure there is always 
some complete circuit which provides a deterministic value for the 
voltage at the gate. 

The value of a pull-down resistor is usually somewhere between 1 kQ 
and 10 kQ. Beyond 10 kQ, the actual function of pulling the voltage down 
to zero can be slowed down. Additionally, even above 4 kQ, it is possible 
to interfere with the actual logic operation of the chip. Having a resistor 
below 1 kQ, however, means that you are just wasting current. 
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Figure 12-7. Multiple Logic Gates Combined in a Circuit 
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So, for any button-type input to a digital logic circuit (where the circuit 
is phyiscally disconnected when the input is off), a pull-down resistor is 
needed to make sure that the input actually goes low when the button 


stops being pushed or the switch turns off. 


12.4 Combining Logic Circuits 


Logic chips that operate at the same voltage are very easy to combine 
together. Let’s say that you had three buttons that you wanted to monitor 
and you wanted the light to come on if someone pushed either buttons 

1 and 2 together or button 3 (or all of them). To do that, you would need an 
AND gate and an OR gate. Buttons 1 and 2 would be wired with the AND 
gate, and button 3 would be combined with the output of the AND gate 
through an OR gate. 

Figure 12-7 shows what this looks like. Since there are so many voltage/ 
ground connections, the figure does not have an explicit battery drawn; 
instead, it simply shows +5 V wherever it should connect to the voltage 
source and a ground symbol wherever it should connect to the battery 
negative. As you can see here, there are two logic ICs—the CD4081 having 
the AND gate and the CD4071 having the OR gate. The output of the first 
AND gate is wired into one of the inputs of the OR gate. 
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Figure 12-8. Logic Gates Represented as Shapes Instead of IC Pins 
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This works because, unlike the LM393 (discussed in Chapter 11), these 
logic gates actually supply output voltage and current as well. Because 
the inputs to the logic gates are high resistance (they act like there is an 
extremely large resistor connected to the input), there is no need for a 
current-limiting resistor when combining gates in this way. 

Now, it is fine to draw logic circuits the way we have in Figure 12-7. 
However, as the logic becomes more complex, actually drawing all of the 
connections to voltage and ground becomes tiring, and trying to get all of 
the wires to the right spot on the chip can get messy as well. Because of 
this, engineers have devised a simpler way of describing logic gates and 
logic circuits in schematics. 

Instead of representing the entire chip on a schematic, engineers will 
represent only the logic gates themselves. 


DDS 


AND Gate NAND Gate 
OR Gate NOR Gate XOR Gate 


Figure 12-9. Common Gates Used in Schematic Drawings 


Additionally, since the power goes to the whole chip (and not the 
individual gates), in such a drawing, the power connections for the gates 
are not shown. The standard that was developed represents each type of 
gate with a shape. Figure 12-8 shows what this circuit drawing looks like 
if it is drawn using shaped gates instead of IC pins. The actual physical 
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circuit is the same; this is only to simplify the schematics to make them 
easier to understand and follow. 

Figure 12-9 shows what these gate drawings look like. The AND gate 
has a flat back panel and a simple, rounded front. The OR gate looks a bit 
like a space shuttle, with both the back and the front angled. The NOT gate 
is a triangle with a circle at the tip. This circle can also be added to other 
gates to show that the gate is the opposite one. For instance, a NAND gate 
is drawn by first drawing an AND gate and then adding a circle to the front, 
indicating that the gate behaves like an AND gate with a NOT gate in front of 
it. Similarly, the NOR gate is an OR gate with a circle in front of it. The XOR 
gate is similar to the OR gate, but with an extra line going across its inputs. 

Many times, the internal schematics of a chip are shown using gate 
symbols, in order to help you understand the operation of the chip and how the 
pins work. For instance, Figure 12-10 shows how the CD4081 chip is wired up 
internally. You can see the inputs going through the logic gate and out toward 
the output. While this isn’t any new information you didn’t already know, if 
may help you understand why the pins are laid out the way that they are. 

As an interesting sidenote, every logic function can actually be built 
from NAND gates, though you have to wire them up in strange ways. You 
can actually build a computer almost entirely from NAND gates if you 
wanted to. It is not incredibly important, but Figure 12-11 shows how to 
build each type of logic gate from NAND gates. As an activity, go through 
the truth tables in Figure 12-1 and see if you can follow how each set of 


values becomes the result. 


12.5 Understanding Chip Names 


One of the biggest problems in learning to build electronic devices is the 
bewildering array of chips, each with some weird name. “Oh, for that you 
want an NE555P” or “You could use a SN74HCOOP or a CD4011BE for that 
task.’ What language are such people speaking? 
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Figure 12-10. The Internal Layout of the CD4081 


There is a huge selection of chips available, and learning their names is 
a daunting task. Appendix C attempts to offer some method to the madness, 
but, at the end of the day, chip names are like people’s names—you get to 
know them by using them. Nobody knows everybody’s name, but, for the 
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types of projects you like to work on (whatever that happens to be), there 
will be standard chips whose names you will eventually come to know. 
Once you make it through this book, you should have a solid enough 
background to search for the chips you need, have some understanding of 
the part names, and be able to find the chips you need for your projects. 
If you buy the chips from a seller geared toward amateurs and hobbyists, 
they will likely also include tutorials and additional information available 
in an easier-to-understand format than just datasheets. 
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Figure 12-11. How Each Gate Can Be Built from NAND Gates 
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Review 


In this chapter, we learned the following: 
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A logic IC implements basic digital logic functions 
such as AND, OR, NOT, and so on. 


These logic functions refer to essentially the same 
ideas that they mean in ordinary language and 
exactly what they mean in formal logic. 


Logic ICs use different voltage levels for true and 
false—usually with true being near the supply 
voltage and false being near zero voltage. 


True is sometimes referred to as HIGH or 1. False is 
sometimes referred to as LOW or 0. 


The inputs of a logic function are usually designated 
as A and B, and the output is usually designated as 
YorQ. 


If an input or output name has a line/bar printed 
on top of it, that means that the value is the logical 
opposite of what would be expected. So, if Y is the 
output value, then Y would be the opposite of the 
output value. 


A single digital logic function is called a gate. Most 
logic ICs have more than one gate on a single chip. 


Logic ICs require a supply voltage and a ground 
connection to power the logic. 


Most logic ICs provide powered logic outputs, so 
that a “true” value supplies both voltage and a small 
amount of current on its output. However, a current- 


limiting resistor is usually required. 


10. 


11. 


12. 


13. 


14. 
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If an input to a logic IC may be disconnected for 
its “false” state (as is common with button inputs), 
then it needs a pull-down resistor to connect it to 
ground when the button is not being pushed. 


Logic ICs can usually be combined by wiring the 
output of one to the input of another to create more 
complex logical conditions. 


Logic gates are often drawn in schematics using 
basic shapes to indicate their operation, rather than 
as connections to chips. In these cases, the power 


connections are not shown by schematics. 


Every logic gate can actually be built from NAND 
gates wired together. 


IC names are very confusing and take time and 


experience to get to know them well. 


Many ICs require specific voltage levels to operate, 
often at 5 V or 3.3 V. 


Many solutions are available for generating specific 
voltages, including voltage dividers, Zener diodes, 
voltage regulators, and add-on breadboard power 


units. 


The LM7805 is a very common 5 V voltage regulator. 


Apply What You Have Learned 


l. 


Draw the circuit in Figure 12-3 yourself. Identify the 
function of each resistor. 
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2. 


Build the circuit in Figure 12-3 (don’t forget that the 
power source should be 5 V). 


If you assume that a negligible amount of current 
flows through the inputs of the AND gate and that 
the output functions as a 5 V voltage source (and the 
LED is red), how much current flows through each 
resistor when all of the buttons are pressed? What, 
then, is the total current used by the circuit if you 
ignore the logic gate? 


Measure the actual current that flows through 

each resistor. If you are having trouble pushing the 
buttons while you measure the current, just replace 
the buttons with wires for this test. 


Measure the current that is used by the AND gate 
itself. You can do this by measuring the supply 
current of the AND gate. Measure it both when its 
output is true and false. 


Draw a schematic of a circuit that has two buttons 
(B1 and B2) which light up an LED if either button is 
pressed. Use the logic gate shapes for the schematic. 


Draw a schematic of a circuit that has two buttons 
(B1 and B2) which light up an LED if neither 
button is pressed. Use the logic gate shapes for the 


schematic. 


Draw a schematic of a circuit that has four buttons 
(B1-B4) which light up an LED either if B1 and B2 
are pressed or if B3 and B4 are pressed. Use the logic 
gate shapes for the schematic. 


10. 


11. 
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Look at the construction of the different gates from 
NAND gates in Figure 12-11. Copy down the OR gate 
construction four times, and trace how the output 

is generated for each possible set of inputs (true/ 
true, true/false, false/true, false/false). Show the 
inputs and outputs on each NAND gate. Compare 
the outputs to the truth table for the OR function in 
Figure 12-1. 


Take the circuit in Figure 12-3 and draw a schematic 
to use pull-up resistors on the inputs rather than 
pull-down resistors. How will this change the 
behavior of the circuit? 


Let’s say that we want to create a door buzzer so that 
someone outside a door can push a button to be let 
in. However, the person inside also wants a switch 
to be able to disable the buzzer. The buzzer can be 
thought of as a simple device that buzzes when any 
positive voltage is applied. Draw a circuit diagram 
of this setup using logic gates. The buzzer can be 
drawn as a resistor labeled “buzzer” (don’t forget to 
connect the other side to ground!). 
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Introduction to 
Microcontrollers 


In Chapter 12, we learned the basics of digital logic. However, I think we 


can all agree that those chips wound up taking up a lot of space on our 
breadboards. If we wanted to do a lot of complicated tasks, we would wind 
up needing a lot of chips, we would need more and more breadboards 

to put them on, and our project would get unwieldy very quickly. 
Additionally, as the number of chips increased, it would get very expensive 
to build such projects. 

Additionally, when all of the logic of a circuit is hardwired into the 
circuit through logic chips, it is very difficult to change. If you need to 
change the logic (convert an AND gate to an OR gate or do anything else), 
you wind up needing to wade through masses of circuitry to make the 
change you want. Then, if you are mass-producing the circuit, you have to 
set up for mass production all over again. 

To solve all of these problems (and more), the microcontroller was 
introduced. A microcontroller is essentially a low-power, single-chip 
computer. A “real” computer chip usually relies on a whole slew of other 
chips (memory chips, input/output chips, etc.) to operate. A microcontroller 
contains all of these (though usually on a smaller scale) in a single chip that 
can be added to an electronics project. 
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Unlike your typical computer, most microcontrollers can't be 
connected to a mouse, keyboard, or other typical inputs and can't be 
connected to a monitor, disk drive, or other typical outputs. Instead, 
microcontrollers usually communicate entirely through digital (true/false) 
electrical signals on their pins. 

So, instead of wiring complex logic onto their boards, many people 
opt to have microcontrollers provide the bulk of their digital logic. One 
complication that this adds, however, is that since the microcontroller is 
essentially a computer, then just, like a computer, it has to be programmed. 
This means that not only must circuit designers be familiar with 
electronics, they must also be familiar with computer programming. 


ATmega328P 


Figure 13-1. A Simplified Pinout of the ATmega328/P 
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13.1 The ATmega328/P Chip 


The microcontroller we will be focusing on is the ATmega328/P. Actually, 
we will focus less on this specific chip than the overall environment 
surrounding it, known as Arduino (we will cover more of what this means 
in Section 13.2, “The Arduino Environment”). 

Even though the Arduino environment tries to minimize how much 
you have to know about the hardware itself, it is good to have a quick 
introduction to this chip and how it works. 

The ATmega328/P is part of a family of microcontrollers developed 
by Atmel known as the AVR family. The AVR became popular because it 
was one of the first chips to use flash memory to store its programs, which 
allowed the onboard programs to be more easily changed. 

Figure 13-1 shows a simplified pin configuration of the chip, focused 
on how it is used in the Arduino environment. The VCC pin and the GND 
pins are the primary power pins. The chip can run on a range of voltages, 
but 5 Vis a very common and safe setting. AVCC and AGND power the 
chip’s analog-to-digital converter unit. 

All of the pins labeled “D” are digital input/output pins. They can be 
configured as inputs for buttons or other signals or as outputs for driving 
LEDs or other output devices. The pins labeled “A” are analog input pins 
(we will cover how to use these in Chapter 15). While the digital input pins 
can only read that a value is true/false, the analog pins can read voltages 
and convert them to numbers. AREF is a “reference voltage” used for 
setting the maximum voltage for analog inputs, but is usually unconnected 
(it should also not be a higher voltage than AVCC). 

Microcontrollers, like most processors, control their operation by using 
a “clock,” This is not a clock as you normally think of—it doesn’t tell time. 
Instead of thinking of it as a clock, a better way to think of the “clock” is as a 
heartbeat. Basically, there is a continuous signal of pulses that are provided 
through the clock, and the pulses allow the chip to synchronize all of its 
activities. The ATmega328/P has an internal clock, but it can also be more 
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efficiently operated by connecting an external clock (quartz crystals, for 
instance, provide a very steady pulse for this purpose). 

As we have noted, the chip has a number of input and output pins. 
You might wonder, what does the chip do with its input and output pins? 
That is entirely up to you. It does whatever you program it to do. The 
ATmega328/P has flash memory on the chip which can store a computer 
program (flash memory means that it will remember the program even 
after the power turns off). You have to upload your program to the chip, 
and then after that, it will do whatever you like with its inputs and outputs. 
The DO and D1 pins, in addition to providing input and output, can also 
be used to reprogram the chip. We will learn how to program the chip in 
Section 13.4, “Programming the Arduino.’ 


13.2 The Arduino Environment 


The chip itself is just one piece of the puzzle. In order to use the chip, 

you have to be able to program it. Programming requires the use of 
programming tools on your main computer. In addition, you also need 
some way to take the program that you built on your computer and load it 
onto the chip. That takes both software and hardware. 

Then, once the program is on the chip, you have to build a circuit to 
properly power the chip. This requires voltage regulation for the VCC pin 
and several other recommendations from the manufacturer about how to 
set up the other pins. To make it run optimally, it would also be good to 
supply an external clock. All of this can be quite a lot of work, and a lot of 
pieces that need to be brought together. 

Thankfully, most chips have what is called a development board 
that can be purchased. A development board is a prebuilt circuit that has 
a microcontroller chip pre-connected in its recommended manner. It is 
made to simplify the work of developing circuits. Likewise, most chips have 


a recommended programming environment as well. A programming 
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environment is a set oftools for your computer that allow you to create 
programs for your microcontroller. Additionally, a device called an in- 
system programmer (ISP) connects your computer to your chip or 
development board and will transmit the program from your computer to 
the chip. 

In 2005, a complete, simplified system for doing all of these tasks called 
Arduino was created, based off of an earlier system called Wiring. Arduino 
consists of (a) a simplified development environment for your computer 
to write software for microcontrollers, (b) a simplified development board 
to make it very easy to build electronics projects, and (c) integrating the in- 
system programmer into the development board so that all that is required 
to transfer the program to the microcontroller is a USB cable. 

The Arduino environment supports a number of different 
microcontroller chips. Because it is a simplified environment, many of the 
special features of individual chips are not directly supported. However, 
for getting started and doing basic projects, the Arduino environment is 
excellent. 

Even though there is a company behind Arduino, there are many 
Arduino-compatible boards made by other manufacturers. These boards 
use the same ATmega328/P microcontroller and often have very similar 
development boards and functions. Most importantly, they are compatible 
with the programming tools on the Arduino environment.' 


‘One important difference between “official” Arduino boards and most Arduino- 
compatible boards is the USB controller chip. Official Arduino boards use a chip 
from FTDI to do this, because the drivers for it are preinstalled on every operating 
system. To save on costs, many Arduino-compatible boards use a lower-cost 
chip to perform this function (often the CH340). Usually, the only disadvantage 
of this is that, on some operating systems, an additional driver is needed to 
communicate with these chips. 
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Figure 13-2. The Major Components ofthe Arduino Uno 


13.3 The Arduino Uno 


This book focuses on the Arduino Uno development board. Figure 13-2 
shows what the board looks like, as well as a general idea of what the 
different areas of the board accomplish. The Uno is very nice because 
the USB port allows a whole slew of functions—not only can it be used to 
receive programs for the chip but you can also power the board through 
the USB, as well as send data back and forth to the computer through it. If 
you are not connected to a USB, there is a separate power plug that can be 
plugged into the wall or to a 9 V battery. 

The Arduino Uno provides chips for power regulation, USB 
communication, as well as the ATmega328/P microcontroller itself. It 
also supplies an external clock for the microcontroller. Finally, it provides 
headers (places on the board to plug in wires) for the major pins on the 
microcontroller. Thus, everything you need to make use of the chip is 
provided for you in this development board. You simply connect the input 
and output pins to your own breadboard, and you can have a working 
project that you can program. 
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13.4 Programming the Arduino 


Now that we have seen the pieces of the Arduino environment, let’s tackle 
programming the Arduino. This book is not a book about programming, so 
we will only cover the absolute basics. 

The programming tool for the Arduino is called the Arduino IDE. IDE 
stands for “Integrated Development Environment” —in other words, the 
thing that you develop with. The Arduino IDE is available for pretty much 
any computer—Mac, Windows, or Linux. You can download the IDE from 
http://arduino.cc/. 

Depending on whether you purchased an “official” Arduino or a clone, 
you may also have to download an additional driver for the USB interface. 
If you have an Arduino-compatible clone, you can download the driver 
from http: //bplearning.net/drivers. Once you have installed the 
Arduino IDE and the USB driver, you are ready to start! 

We will begin by using an example program (called a “sketch” in 
Arduino terminology) that ships with the Arduino. First, connect your 
Arduino to your computer with a USB cable. Open up the Arduino IDE; 
then click “File,” then “Examples,” and then “01.Basics”; and finally 
click “Blink” This loads up a ready-made program for your Arduino. 
This program simply turns the D13 pin on and off. On an Arduino, the 
D13 pin already has an LED attached to it, so you don't even need to 
add any components! 

Now that you have the program loaded up, click the button with the 
checkmark icon. This verifies that the program is written in a way that the 
computer can understand. If it has any errors, it will show them in the 
black panel on the bottom. 
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Now you need to make sure that the IDE is targetted at your board. Go 
to “Tools” and then “Board” and make sure that “Arduino/Genuino Uno” is 
selected. Then, click “Tools” and then “Port” and make sure your Arduino 
was detected and that it is selected. If you don’t see your Arduino listed 
here, you may need to check the USB driver installation.’ 

Once your configuration is verified, click the button with the arrow 
icon to upload it to the Arduino. It should take about 2-5 seconds, and 
then the LED on your Arduino should start blinking. If there are any errors, 
they will display in the black status area below. Note that some Arduinos 
come with this program preinstalled. If this is the case, your Arduino may 
not have changed what it is doing much. You can verify that it is all working 
by changing the program slightly. If you change all of the numbers that 
say 1000 to 500, it should blink twice as fast. Remember, though, that you 
must verify it (click the checkmark button) and upload it (click the arrow 
button) to get your new code onto the board. 

Now, let’s take a look at the code and how it functions. The first part 
of the code should be grayed out. That’s because it is a comment, or a 
note telling you about the program. This isn’t read by the computer at all. 
Comments start with the characters /*, and they continue until they reach 
the characters */ (this can even span multiple lines). Shorter comments are 
sometimes made with the characters //. Those comments only continue 
until the end of the line. 

After the comments, there are two functions defined—setup() and 
loop(). A function is simply a piece of code that is named. In the Arduino 
environment, the setup and loop functions are special. The setup function 


runs exactly once when the chip first turns on or resets or when a new 


“You might try the following instructions with a device listed there even if you 
don’t recognize it as your Arduino in case your computer had difficulty detecting 
the device type. 
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program is loaded. Itis used for things such as telling the chip which pins 
will be used for input and which ones will be used for output and doing 
other setup-related tasks. After the setup function completes, the loop 
function runs continually over and over again for as long as the chip is on. 


Ifyou look at the code, the setup function contains one command: 
pinMode(13, OUTPUT); 


This tells the microcontroller that digital output 13 (D13) will be used 
for output. Note that this refers to the D13 pin in Figure 13-1 (usually just 
labeled 13 on the Arduino Uno), not to pin 13 of the chip itself (which 
would be D7). With the Arduino Uno, we don't actually need to worry 
about the pinout of the ATmega328/P, we just need to read the names of 
the pins next to the pin headers. 

The loop function is the main part of the code. It looks like this: 


digitalWrite(13, HIGH); 
delay(1000) ; 
digitalWrite(13, LOW); 
delay(1000) ; 


The first line, digitalWrite(13, HIGH) ;, says to turn D13 to HIGH, 
which is about 5 V. This provides the power for the LED attached to D13. 
This pin will remain high until we tell it to do something else. 

The next line, delay(1000) ;, tells the chip to wait for 1,000 
milliseconds (which is 1 second). During this time, nothing happens—the 
chip just waits. Changing this number changes the amount of time that the 
chip will wait for. Changing it to 500 will cause it to wait for half a second, 
and increasing it to 2000 (note that there are no commas in the number!) 
will cause it to wait for 2 seconds. 
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The next line turns D13 to LOW/false/off/0 V. This turns off the LED, 
because there is no longer any voltage supplied to it. D13 will stay in this state 


until told otherwise. The next line then waits for 1 second. Once this function 


finishes, the chip will simply run the loop function again from the start. 


In Chapter 14, we will look at how to build projects with the Arduino 


that use additional components. 


Review 


In this chapter, we learned the following: 


1. 
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A microcontroller is a small computer in a single 
microchip that provides customizable logic for 
handling digital signals. 


A development board is a circuit board that 
simplifies the process of building circuits with 
a microchip by providing most of the standard 
connections for you, allowing you to focus your 
efforts on the things that make your project 


distinctive. 


In order to use a microcontroller, it has to be 


programmed from a computer. 


The Arduino environment is a combination of 
software and hardware meant to make building 


microcontroller projects easier. 


The Arduino Uno is a development board 

for the Arduino environment that includes a 
microcontroller, USB connection, power regulation, 
and headers for connecting the microcontroller’s 
input/output pins to other circuits. 
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6. The ATmega328/P is the microcontroller used in the 
Arduino Uno. 


7. An Arduino program (called a sketch) has two 
standard functions—setup (which is run once when 
the chip powers on) and loop (which runs over and 
over again as long as the chip is on). 


8. Onceaprogramis uploaded to the Arduino Uno, it 
will be saved on the device until another program is 
loaded. 


Apply What You Have Learned 


1. Practice modifying and uploading the Blink 
program to the Arduino Uno. Change the numbers 
given to delay to different values, and see how that 
affects the operation of the program. 


2. The ATmega328/P is only one of many different 
microcontrollers available in the AVR family. 
Research online to find one or two other AVR chips 
and what different features they have. 


3. The AVR family is only one of many microcontroller 
families. Research one or two other microcontroller 
families and look at what features are claimed for 
each. Examples of other microcontroller families 
include PIC, STM32, MSP432, and the Intel Quark. 


4. Goto the arduino.cc website and look at the 
different types of Arduinos that are available. What 
makes them different? Why might you choose one 
for a project over another? 
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Building Projects 
with Arduino 


Chapter 13 covered the basics of what microcontrollers are, what the 
Arduino environment is, and how to load a program onto an Arduino 
board. In this chapter, we will go into more depth on how to include an 


Arduino Uno into a project. 


14.1 Powering Your Breadboard from an 
Arduino Uno 


The first thing to understand about the Arduino Uno is that one of its main 
jobs is power regulation. As we saw in Chapter 13, the Arduino can use a 
variety of power sources—USB, battery, or a wall plug. Additionally, there 
is a connection on the Uno's headers that allows for you to supply power 
from some other source. 

If you have a power source that just has wires coming out ofit— like a 9 
V battery with a simple wire connector—the Uno has a place that you can 
plug it in. The pin labeled V;,, is used for supplying an unregulated voltage 
supply (7-12 volts) to the Uno (do not use the one labeled 5 V—it is for 
outputting power). Therefore, if you plug the positive wire into V¡y and the 
negative wire into any of the GND pins (it doesn’t matter which one), then 


the Uno will spring to life. 
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On the flip side, you can actually power the rest of your project 
from the Uno and take advantage of its voltage regulation, as well as its 
numerous methods for getting power. To do this, simply take a wire from 
the 5 V connection on the Uno and connect it to the positive rail on your 
breadboard. Then, take another wire from one of the GND connections on 
the Uno and connect it to the ground rail on the breadboard. Voila! A very 
flexible 5 V power supply for your breadboard. Figure 14-1 shows how to 
use this to light a simple LED circuit. 

Also note that there is also a 3.3 V connection if you need it, as many 
small devices are powered at that level. 


fritzing 


Figure 14-1. Powering a Simple Project from an Arduino Uno 


14.2 Wiring Inputs and Outputs 
to an Arduino Uno 


Now that we know how to power a breadboard from an Arduino Uno, we 
can now see how to connect inputs and outputs to the Uno. 

Wiring inputs and outputs to an Uno is actually very easy. Outputs 
of the Uno can be viewed as simple voltage sources, like a battery, which 
operate at either 5 V (if set to HIGH) or 0 V (if set to LOW). Remember that 
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any of the digital I/O pins can be set to be input or output pins in your 
Arduino program with the pinMode command. 

However, even though an output pin can act as a voltage source, 
the current needs to be limited to prevent damage to the Arduino. Each 
output pin should only be sourcing up to 20 mA of current, and the total 
amount of output of all pins combined should never exceed 100 mA. 

So, for instance, if you have an LED output, be sure to add a resistor to 
limit the amount of current. Microcontrollers generally cannot drive 
high-power devices such as motors directly and must rely on some 
method of amplifying the signal after it leaves them (we will cover 
amplification in Part 4 of the book). 

Inputs to an Arduino are essentially voltage sensors. They will detect a 
HIGH (around 5 V) or LOW (near 0 V) signal on the pin. You can think of 
them as having a very large resistor attached to them (about 100 MQ—100 
million ohms), so they don't actually use up any serious amount of current 
(in other words, you don't have to supply a current-limiting resistor 
because it is already built in). However, because they use so little current, 
that means that, just like our inputs in Chapter 12, they cannot be left 
disconnected, or the results may be randomized from static electricity in 
the air. Thus, for inputs, you should always attach a pull-up or a pull-down 
resistor (usually a pull-down) to the input to make sure that the input is 


always wired into the circuit in a known-valid state. 
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Figure 14-2. Wiring a Simple Button-Based Arduino Project 


14.3 A Simple Arduino Project with LEDS 


In this section, we are going to look at making a simple Arduino project 
with two buttons, each controlling one of two LEDs. This would actually 
be simpler to wire without the Arduino, but the goal is to make a baby 

step to understanding how Arduino projects work. Later we can do more 
complicated things, but, for right now, we will just see how we get an input 
signal to the Arduino and send an output signal back out. 

This project is going to have buttons wired into Digital Pin 2 and Digital 
Pin 3 of the Arduino and LEDs wired into Digital Pin 4 and Digital Pin 5. 
Let’s think about what these need to look like. The LEDs will each need 
a current-limiting resistor, and the buttons will each need a pull-down 
resistor. 

Figure 14-2 shows how this should be wired up. The breadboard is 
being powered from the 5 V and GND terminals on the Arduino. The 
wires on the right side make sure power is connected to both sides of the 
breadboard. On the bottom, buttons are wired up with pull-down resistors 
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and connected to Digital Pins 2 and 3 on the Arduino. On the top, the 
LEDs are connected to Digital Pins 4 and 5, with current-limiting resistors 
making sure they don’t draw too much current. 

Now, of course, for an Arduino, this is not enough. The Arduino also 
needs a program to control it! Figure 14-3 shows the program you will need 
to type in to control the LEDs. 

Note that, as usual, the project is divided into two pieces—setup(), 
which only occurs once when the chip starts up, and loop(), which 
continuously runs over and over again until the chip is turned off or reset: 


void setup() { 
pinMode(2, INPUT); 
pinMode(3, INPUT); 
pinMode(4, OUTPUT); 
pinMode(5, OUTPUT); 
} 


void loop() { 
// Turn pin 4 on/off based on 
// the input from pin 2 
if(digitalRead(2) == HIGH) { 
digitalWrite(4, HIGH); 
} else { 
digitalWrite(4, LOW); 


y 


// Turn pin 5 on/off based on 
// the input from pin 3 
if(digitalRead(3) == HIGH) { 
digitalWrite(5, HIGH); 
» else { 
digitalWrite(5, LOW); 
y 
y 


Figure 14-3. An Arduino Program to Control Two Buttons and 
Two LEDs 
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setup() simply tells which pins should be in which mode. Note 
that, unless it includes the calls to the delay() function, the loop() 
function will literally run thousands of times per second (or more). 

The Arduino Uno can execute approximately 16 million instructions 
per second. Each line of code translates to many instructions, but 
nonetheless, it goes really fast. Just keep this in mind when you are 
writing programs. 

Inside the loop() function, we have a new Arduino function— 
digitalRead(). The digitalRead function takes a pin number and returns 
whether that pin is HIGH or LOW. We have put this into a conditional—if 
the read from the button pin is HIGH, then the corresponding LED pin 
is turned HIGH. Alternatively (i.e., else), if the read from the button pin 
is not HIGH (i.e., it is LOW), then the corresponding LED pin is turned 
LOW. Note that there are two equal signs used in the comparison. In many 
programming languages, you use two equal signs to tell the computer 
to compare values. A single equal sign often means that you are setting a 
value (not comparing them). 

This book is not a book on computer programming, so we are not 
going to cover all of the details. Because of this, most of the programs will 
be given to you, and you will only need to make minor modifications. 
However, if you are interested in learning more, the programming 
language being used in the Arduino environment is C++, and the 
Arduino focuses on the easier-to-understand portions of it. The book 
Beginning Arduino Programming by Brian Evans is a good place to start. 
If you want to learn more about programming in general (not related 
to Arduino), you can check out my own book, New Programmers Start 
Here. If you want to understand better how programming works from the 
perspective of the computer, you can check out my book Programming 
from the Ground Up. 
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14.4 Changing Functionality Without 
Rewiring 


Now, you might reasonably be thinking, Wouldn't this be a lot easier if 

we just directly attached the buttons to the LEDs to turn them off and on? 
Indeed, it would. However, by having the inputs and outputs all wired 

to the Arduino, we can actually change the functionality of the project 
without having to do a single bit of rewiring! For instance, if we wanted 

to have the left button control the right LED and the right button control 
the left LED, then all we would have to do is swap all of the 2s for 3s in the 
program and vice versa. 

Now imagine if we had spent time developing such a device and even 
had it sent off to manufacturing, but later decided that we wanted to 
change the functionality. If all of the logic of the device is implemented 
by hardware, then that means that you have to throw away all of your old 
inventory to modify your functionality. If, instead, you use software to 
connect your components, then oftentimes you can update your device 
merely by updating your software. 

Other modifications we can think of to this simple device might 


include the following: 


1. Making the LEDs turn off rather than on when the 


buttons are pressed 


2. Making the LEDs blink when the buttons are 


pressed 


3. Changing the buttons to be simple toggles, so that 
you don’t have to keep on holding the buttons down 
to keep the LED on 
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4. Requiring that the buttons be pushed in a particular 
order in order to turn on the LED 


5. Requiring that both buttons be pushed to turn on 
the LEDs 


This list could go on and on. By routing all control processing through 
your microcontroller, you make your devices much more flexible. 
Additionally, at some point, they also become cheaper. When mass- 
producing, microcontroller chips like the ATmega328/P can be had for 
just over a dollar. Some chips, when purchased in bulk, cost less than 50 
cents! So, if a microcontroller is replacing a complex sequence of logic 
gates and other control functionality, moving all of your control logic to a 
microcontroller can actually be much less expensive than hardwiring it, 
and you get added flexibility as a side bonus. 


Review 


In this chapter, we learned the following: 


1. You can power your breadboards using the 5 V 
and GND pins on the Arduino to simplify power 
regulation in your projects. 


2. Input pins on the Arduino are high-impedance 
inputs (they act like they have a very large resistor 
attached, so they don’t eat a lot of current). 


3. Because input pins use so little current, buttons 
need to be sure they have a pull-up or pull- 
down resistor attached to make sure the input is 
always detecting real voltage values and not static 
electricity in the air. 
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4. Care has to be taken when using output pins to 
make sure the current is never too much for 
the chip. 


5. Using a microcontroller allows you to rewrite the 
logic of the project without changing the wiring. 


Apply What You Have Learned 


1. Which Arduino pin do you use when supplying an 
unregulated voltage (i.e., a voltage above the 5 V that 
the Arduino runs at)? 


2. What Arduino pins would you use to extract power 
out from an Arduino connected to a power supply? 


3. What is the voltage of an output pin set to HIGH? 


4. Whatis the maximum current that should be 
sourced by any particular Arduino pin? 


5. Ifyou have ared LED attached to an Arduino output 
pin, what is the minimum size of a resistor that you 


need? 


6. Ifan Arduino input pin is completely disconnected 
from a circuit, what state does the Arduino read it 


as? 
7. How much current does an Arduino input use? 
8. What is the best way to wire a button to an Arduino? 


9. Whatis an advantage of storing a program ina 
microcontroller even if the logic could be built 
directly in hardware? 
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Analog Input and 
Output on an Arduino 


In Chapter 14, we learned how to do basic digital input and output with an 
Arduino using its I/O pins. In this chapter, we will cover howto do analog 
input and output as well. 


15.1 Reading Analog Inputs 


So far we have been focusing on digital input and output—HIGH and 
LOW states. The Arduino Uno also supports some amount of analog input 
(through its analog pins) and a sort of “faked” analog output (through its 
pulse-width modulation (PWM) pins, which will be covered in the next 
section). 

On the Arduino Uno, the analog input pins are grouped together in a 
section labeled “Analog In.” These pins are voltage sensors similar to the 
digital I/O pins, but they can detect a range of values between 0 V and 5 V 
(you should never exceed 5 V on any Arduino pin). The analogRead() 
function is similar to the digitalRead() function in that it takes a pin 
number and returns an output value. The difference is that the pin number 
given to analogRead() corresponds to an analog input pin number, not a 
digital pin number, and the output, rather than being LOW or HIGH, is a 
number from 0 to 1023 (10 bits of resolution). 0 V will give you a0, and 5 V 
will give you 1023. In-between values will give you an in-between result. 
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Because of this, we can rework the darkness sensor we developed in 
Chapter 11 to use the Arduino. Since the photoresistor is just a resistor, 
we still need to make it part of a voltage divider to convert the resistance 
value to a voltage. However, we no longer need the voltage comparator 
to get it to work—we can just directly connect it to an analog port on 
the Arduino! 

Figure 15-1 shows the darkness sensor rebuilt for the Arduino. Notice 
that we have a lot fewer custom components, because the control has been 
moved from hardware to the Arduino's software. We don't need a reference 
voltage, and we don’t need a voltage comparator. We just have one voltage 
divider to convert the photoresistor's resistance to a voltage (with a wire 
going to the Arduino's Analog Input Pin 1) and an LED with a current- 
limiting resistor for the output (fed from Digital Pin 2). Everything else 


comes from software. 


fritzing 


Figure 15-1. The Darkness Sensor Rebuilt for Arduino 
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void setup() { 
pinMode(2, OUTPUT); 


void loop() { 
if(analogRead(1) < 450) { 
digitalWrite(2, HIGH); 
} else { 
digitalWrite(2, LOW); 
} 
} 


Figure 15-2. Code for the Arduino Darkness Sensor 


Figure 15-2 shows the code that will run the sensor. Note that in the 
loop() function, we are now using analogRead() rather than digitalRead(). 
Now, instead of it returning HIGH or LOW, it is returning a number. 

We can then compare that number to a baseline number to tell us whether 
we should turn the LED on or off. 

Now, you may wonder where I got the value to compare against 
(i.e., 450). What I did was to test the sensor in a variety of conditions and 
see which value turned off the light when I wanted it to! 

However, you may be wondering what exactly the values are that 
it is reading. Thankfully, the Arduino environment allows a way for us 
to get feedback from the device while it is running, if it is connected to 
the computer. To do this, we use what is known as the serial interface to 
the Arduino. This interface communicates over USB so that we can let our 
computer know how things are going in the program. 

To use the USB serial interface, in your setup function, you add the 
following line: 


Serial .begin(9600) ; 


225 


CHAPTER 15 ANALOG INPUT AND OUTPUT ON AN ARDUINO 


This tells the chip to initialize its serial interface at 9600 baud (baud 
is an old term meaning “bits per second”), which allows us to talk back to 
the computer. However, it is important to note that if you use the Serial 
functions, you should not have anything connected to Digital Pin 0 or 
Digital Pin 1 ofthe Arduino. 

Now, in your program, you can do Serial.print1n() to output any 
value you want. We will do 


Serial.println(analogRead(1)); 


to let us know what the current value of the analog input is reading at. 
The new program, with the added feedback, is shown in Figure 15-3. 
After uploading this code to the Arduino, to see your output, click the 
magnifying glass on the top right of the screen. You can also go to the 
“Tools” menu and select “Serial Monitor” Either way gets you to the 
same screen. When the code is running, it should be spewing out pages 
and pages of numbers. Each of these numbers is the current value 

of analogRead() when it is encountered in the code, which happens 
hundreds or thousands of times each second (it is slowed down a bit 
by the USB communication, and you could slow it down even further 
by adding delay commands at the end of the loop function). This 
outputting of data in order to better see what is happening within 
your program is known as debugging and is useful for tracking down 
problems within your code. 


15.2 Analog Output with PWM 


So we have discussed analog input, but what about analog output? 
Truthfully, the Arduino does not support analog output as such. However, 
analog output is faked on an Arduino using a technique known as pulse- 
width modulation, abbreviated as PWM. The Arduino only outputs 5 V on 
its output pins. But let’s say we wanted to fake a 2.5 V signal. What might 


226 


CHAPTER 15 ANALOG INPUT AND OUTPUT ON AN ARDUINO 


we do? Well, if we turned the pin on and off rapidly so that it was only on 
for half the time, that would give us about the same amount of electrical 
power as a continuous output of 2.5 V. That's what PWM does—it fakes 
lower voltages by just flipping the power to the pin on and off very rapidly 
so that it “looks” like a lower voltage. In Chapter 22, we will see how to 
actually convert this to a “true” voltage. 


void setupí() { 
pinMode(2, OUTPUT); 
Serial.begin(9600); 
E 


void loop() { 
Serial.printin(analogRead(1)); 
if(analogRead(1) < 450) X 
digitalWrite(2, HIGH); 
} else { 
digitalWrite(2, LOW); 


y 
y 


Figure 15-3. Darkness Sensor with Serial Feedback 


Arduino programs use the function analogWrite() to use a pin for 
PWM. This function is a little confusingly named because (a) it uses digital 
pins, not analog pins, and (b) the value is between 0 and 255, not 0 and 1023 
like analogRead(). Other than that, it basically does what you might expect. 
analogWrite(3, 0); will turn off Digital Pin 3, analogWrite(3, 255); 
will turn it all the way on, analogWrite(3, 127); will flickit on and off 
pretty evenly, and analogWrite(3, 25); will keep Digital Pin 3 on only a 
short time relative to how long the pin stays off. 

To get a flavor for PWM, we will do a very simple PWM project—a 
dimmed LED. Figure 15-4 shows what the connection will look like—just 
an LED with a current-limiting resistor attached to Digital Pin 3 (which is 
marked with a” to indicate that it is capable of PWM). Figure 15-5 shows 
the code to dim the output. 
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This code is a little more complicated. It's alright if you don't 
understand it fully, as this isn't a programming book. But I think if you 
think about it long enough, you can get it. 

In short, it creates a variable, which is a named temporary storage 
location for a value (we are calling it i for a short name). It is declared an 
int, which means it will hold an integer, and we set it with a starting value 
Of zero. 

The while command means that this will repeat (or loop), executing 
everything within the block of code between { and } over and over again, 
as long as 1 is less than 255. Within this block, we write the value of i to 
pin 3 using analogWrite(). Then, we delay for 10 milliseconds to make 
sure the change is visible (you can adjust this value to the speed you want 
the brightness to change at). Then, we increase i by one to go to the next 
value. 

The next while loop does the same thing but goes the other way. It 
starts at 255 and progresses down to 0. Then, when it is all the way to zero, 
the loop() function completes. Then, the Arduino runs the loop function 


Over again. 


fritzing 


Figure 15-4. A Simple Analog Dimmer 
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Even though the Arduino is outputting “analog” by switching the pin 
on and off at different rates, it looks like the LED is dimming on and off. Itis 
flickering so fast that we merely perceive it as a lower-energy light than as a 
pulsing light. In fact, when it gets to about 180 (about 70% on and 30% off), 
there is not a lot of difference between that and full brightness. 


void setup() { 
pinMode(3, OUTPUT); 


void loop() { 
// Slowly turn the LED all the way up 
int i = O; 
while(i < 255) { 
analogWrite(3, 1); 
delay(10); 
i= i+ 1; 


} 


// Slowly turn the LED all the way back down 
while(i >= 0) { 

analogWrite(3, 1); 

delay(10); 

i=i- 1; 


Figure 15-5. Code for the Analog Dimmer 


Review 


In this chapter, we learned the following: 


1. The Arduino can read voltage values between 0 V 
and 5 V through the analog input pins, using the 
analogRead() function. 


2. The values given from the analog input pins will be 
integers between 0 and 1023, where 0 represents 0 
V, 1023 represents 5 V, and the numbers in between 


represent in-between voltages. 
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3. 


When using resistive sensors, you still need to 
incorporate the resistive sensors into a voltage 
divider circuit in order to convert the varying 


resistance into a varying voltage. 


We can send debugging information back to the 
Arduino IDE with the USB serial interface, using the 
Serial object and its related commands. 


Analog output on Arduino is done with the 
Arduino digital pins (not the analog pins), but 
only on the ones labeled with a tilde (~), using the 
analogWrite() function. 


Analog output on Arduino is done using pulse-width 
modulation (PWM), which switches the output pin 
on and off very rapidly to simulate a partial voltage. 


The analog level of the analog output on the 
Arduino is specified by a number between 0 and 
255, where 0 means no voltage, 255 means to keep 
the pin at 5 V the whole time, and the numbers in 
between cause the pin to switch back and forth 
rapidly to emulate a voltage between the two values. 


In computer programming, a variable is a temporary 


storage location for a value. 


In computer programming, a while loop repeats the 
inside of the while loop over and over again until its 


condition is no longer valid. 


CHAPTER 15 ANALOG INPUT AND OUTPUT ON AN ARDUINO 
Apply What You Have Learned 


1. What do you have to do to a resistive sensor in order 
to read the value ofthe sensor on the analog input? 


2. Inthe code that dimmed the lights, how would we 


slow down the dimming process? 


3. Modify the darkness sensor circuit and code so that 
it will output a dimmed (analog) value to the LED. 


4. Further modify the darkness sensor circuit so that, 
at different darkness levels, the LED has different 
levels of brightness. 


5. Think of your own modifications to the circuits in 
this chapter. Come up with a new way of putting 
together the pieces to which you have learned 
to create some amount of modified functioning. 


Implement this new design. 
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Capacitors and 
Inductors 


CHAPTER 16 


Capacitors 


In this chapter, we will start looking at the capacitor. 


16.1 What Is a Capacitor? 


Before we begin discussing the capacitor, we need to quickly review the 
concepts from Chapter 3 on the relationship between charge, current, and 
voltage. In fact, it might be helpful to reread that chapter if you find that 
you have forgotten how those terms related to each other. 


To review 


e Charge is essentially the amount of electrical “stuff” 
(positive or negative) that something contains, 


measured in coulombs. 


e Current is the movement of charge, measured in 


coulombs per second, also known as amperes. 


e Voltage is the amount of force that each coulomb will 
produce. You can think of it as the amount of electric 
energy that each coulomb is capable of producing 
or the amount of power that each ampere of current 


yields. 
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A capacitor is a storage device which stores electric energy by holding 
two opposing charges (i.e., positive and negative). The amounts of charge 
that the capacitors that we will be working with can store is very small, but 
some capacitors can store very large amounts of charge. One way to think of 
a capacitor is as a very, very, very tiny rechargeable battery. However, unlike 
batteries, instead of storing a fixed voltage, a capacitor stores opposing 
charges. Unlike a battery, the actual voltage a capacitor yields when it 
discharges will depend on both the size of the capacitor and the amount of 
charge itis holding, and the voltage will decrease as the charge is reduced. 


a 


Figure 16-1. The Symbol for a Capacitor 


The size of a capacitor is known as its capacitance, and it is measured 
in farads (abbreviated with the letter F), named after the influential scientist 
Michael Faraday. A capacitance of 1 farad means that if a capacitor stores 1 
coulomb of charge, it will discharge with a force of 1 V. Most capacitors, however, 
have a capacitance much lower than a farad. Capacitors are usually measured 
in microfarads (1 millionth of a farad, abbreviated as uF or uF), nanofarads 
(1 billionth of a farad, abbreviated as nF), or picofarads (1 trillionth of a farad, 
abbreviated as pF). Capacitors are rarely rated in millifarads (1 thousandth of 
a farad). 

So, to convert from microfarads to farads, multiply the capacitance by 
0.000001. To go back from farads to microfarads, multiply the capacitance 
by 1000000. To convert from picofarads to farads, multiply the capacitance 
by 0.000000000001. To go back from farads to picofarads, multiply the 
capacitance by 1000000000000. 
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16.2 How Capacitors Work 


The symbol for a capacitor in a circuit is shown in Figure 16-1. This symbol 
provides a visual reference for how a capacitor works. Capacitors usually 
work by having two conductive plates or surfaces that are separated by 
some sort of nonconductive material. Since the two plates are near each 
other, having a charge in one of the plates will pull charge into the other 
plate due to the electric field. An electric field is generated any time a 
charge accumulates. Essentially, an electric field pulls an opposing charge 
closer in. 

Electric fields influence nearby charges even though they don't directly 
touch. The field will pull opposite charges closer to itself. Therefore, having 
a Charge in one plate will attract the opposite charge in the other plate. 
However, since the plates are not actually touching, the electrons cannot 
actually jump the gap. Therefore, the capacitor will accumulate a certain 
amount of charge and hold it in its plates. 

To understand this better, imagine that you are a positive charge. You 
are moving through the circuit, but why? What are you moving toward? As 
a positive charge, you are trying to move to the negative charge. So then, 
moving along, you see this big swimming pool (i.e., a capacitor). At the 
bottom of the swimming pool, the barrier is so thin that you can see to 
the other side. And what do you see there? It's the negative charges—right 
there at the bottom of the swimming pool! The negative charges have their 
own swimming pool the size of your own, separated by a barrier so thin 
that you can see each other. 

Because you can see them, you go down into the swimming pool to 
see if you can interact. A lot of other bits of positive charge see this too, 
and they go down to see what is going on. However, when you get there, 
you realize that no matter how hard you try, you can't get to the negative 
charge that you can see. As more and more charge fills up the swimming 
pool, it starts to get crowded in the swimming pool. This creates pressure 
in the swimming pool—also known as voltage. As the swimming pool gets 
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more and more crowded, itis harder and harder to fit new charge into it, 
and so the rate that it gets filled goes down, and the voltage (the pressure 
pushing the charge out of the pool) goes up. The same thing is happening 
to the negatively charged swimming pool on the other side. 


Figure 16-2. A Simple Circuit to Charge a Capacitor 


When the pressure (voltage) to push charge out of the swimming pool 
equals the pressure (voltage) of the pipe (wire) leading to the swimming 
pool (capacitor), then the capacitor is full. When the voltage on the wire 
goes down (i.e., the battery disconnects), then the pressure of the charges 
in the capacitor pushes them back out into the wire, discharging the 
capacitor. 

So, if one terminal of the capacitor is connected to the positive side 
of a battery and the other terminal is connected to the negative side of a 
battery, charge will quickly flow into the capacitor, as happened in our 
example with the swimming pool. Figure 16-2 shows this circuit setup. 
The exact amount of charge that flows in depends on the voltage of the 
battery and the capacitance of the capacitor (i.e., the size of the swimming 
pool). Note that this is not a short circuit, because the two plates of the 
capacitor are not actually connected. They are just close enough to attract 
the opposite charge onto the opposite plate. 

In a setup like Figure 16-2, there is an equation that tells you the 
amount of charge that can be stored in a capacitor for a given voltage: 


O=C-V (16.1) 
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In this equation, Vis the voltage applied, Cis the capacitance (in 
farads), and Q is the amount of charge (in coulombs) stored in the 
capacitor's plates. 


Example 16.7 If I attached a 66 uF capacitor to a 
9 V source, how much charge gets stored on the 
capacitor? 


Well, first, we need to convert the capacitance from 
microfarads to farads. 66 uF is 66 millionths of a 
farad, so it would be 0.000066 F. Now, we just need 
to plug the numbers into the equation: 


O=C-V 
= 0.000066.9 
= 0.000594 coulomb 


Therefore, if I attached a 66 uF capacitor to a 9 V 
source, the capacitor would store 0.000594 coulomb 
of charge. 


After my capacitor is charged up, I can use it as a very tiny battery. 
That is, I could disconnect it from the circuit in Figure 16-2 and reconnect 
it as the battery for another circuit. However, as I mentioned, this will be a 
very, very tiny battery. Additionally, as the charge leaves the capacitor, the 
voltage of the battery will decrease as well. 

If we use the capacitor as a battery, if we know how much charge is 
stored in the capacitor, we can rearrange Equation 16.1 slightly to figure 
out how much voltage it will deliver when it begins to discharge: 


y -2 (16.2) 
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Now, as the capacitor discharges, since the charge it is holding will 
decrease, so will the voltage it delivers. If we know how much charge is left 


at any given moment, we can calculate the present voltage. 


Example 16.8 If I have a charge of 0.0023 coulomb 
stored in a 33 pF capacitor, if I discharge the 
capacitor, what voltage will it begin to discharge at? 


The first thing to do here is to convert the 
capacitance to farads. A microfarad is 1 millionth of 
a farad, so 33 uF = 0.000033 F. Now we can just plug 
numbers into the equation: 


0 


C 
0.0023 
~ 0.000033 
~69.7V 


Therefore, when the capacitor discharges, it will 
discharge at 69.7 V. 


Within a circuit, capacitors are typically used in places where voltages 
vary. Until the voltage in the capacitor equals the voltage in the circuit, 
the capacitor will pull charge out of the circuit. When the voltage in the 
capacitor exceeds the voltage in the circuit, the capacitor will put charge 
back into the circuit. This dynamic will serve as the core principle used 


when designing circuits with capacitors. 
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Figure 16-3. Several Different Types of Capacitors (Shutterstock/ 
Muhammad Anuar bin Jamal) 


16.3 Types of Capacitors 


There are numerous types of capacitors available, each varying in the types 
of materials they are made of, the internal geometry of the capacitor, and 
the packaging. Figure 16-3 shows many different types of capacitors that 
are available. 

However, the most important feature of capacitors besides their 
capacitance is whether they are polarized or non-polarized. In a non- 
polarized capacitor, it doesn't matter which way you attach the leads. 
Either side can be the more positive or more negative side. The most 
common type of non-polarized capacitor is the circle-shaped ceramic disk 
capacitor. While ceramic disk capacitors are easy to use, they suffer from 
having limited capacitance. 

In a polarized capacitor, however, one lead must stay more positive 
than the other lead, or you risk damaging the capacitor. The most common 
type of polarized capacitor is the electrolytic capacitor. Electrolytic 
capacitors look like little barrels with leads coming out of them. They 
usually have much higher capacitances than ceramic disk capacitors, but 
you have to be sure that the polarity is correct and never switches direction. 
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On polarized capacitors, it is important to know which lead is positive 
and which is negative. There are several different ways that a manufacturer 


might indicate this: 


>H} 
Figure 16-4. A Polarized Capacitor Symbol 


1. One or both of the leads can be marked with their 


respective polarities (+ or -). 
2. The negative lead can be marked with a large stripe. 
3. The positive lead can be longer than the negative. 


Many manufacturers do all three. 

In a circuit schematic, if a polarized capacitor is called for, it will use 
a special capacitor symbol as shown in Figure 16-4. The only difference 
is that one side is curved. In a polarized capacitor, the straight side is the 
positive side, and the curved side is the negative side. Sometimes polarized 
capacitors are marked with plus (+) and minus symbols (-) instead of (or in 
addition to) having a straight side and a curved side. 

On any capacitor, it is important to know the capacitance of the 
capacitor you are looking at. On larger capacitors (especially on 
electrolytics), manufacturers can print the full capacitance including the 
units directly on the capacitors. However, many capacitors are extremely 
small and can’t fit that much information on them. 

For smaller-sized capacitors, the capacitance is described by three digits 
and an optional letter. The third digit is how many zeros to add to the end 
of the other two digits, and then the whole number is the capacitance in 
picofarads. So, if the number is 234, then the capacitance is 230,000 pF (23 
followed by four zeros). If the number is 230, then the capacitance is 23 pF. 

The letter at the end tells the tolerance of the capacitor—how much the 
capacitance is likely to vary from its markings. Common letters are J (+5%), 
K (410%), and M (+20%). 
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16.4 Charging and Discharging a Capacitor 


To charge up a capacitor almost instantly to a specific voltage, you can 
(as we also did earlier in the chapter) directly connect the positive and 
negative leads of the battery to the leads of the capacitor. Once it it 
charged, you can use the capacitor as a very tiny battery for a project. 

In Figure 16-5, we see two simple circuits and an electrolytic capacitor. 
For this circuit to really work, it helps to have an electrolytic capacitor at 
least 100 pF and a resitor at least 10 kQ. So, first, build the LED circuit on 
the right side of Figure 16-5 on a breadboard. However, don’t connect 
any power to the power rails. Next, take the capacitor, and touch the 
positive lead of the capacitor to the positive terminal of the 9 V battery 
and the negative lead of the capacitor to the negative terminal. Do not 
let the leads of the capacitor touch each other. Hold it there for a second 
or two to allow the capacitor to fully charge. Now, without touching the 
leads of the capacitor, place the capacitor so that the positive lead goes 
into the positive rail of your breadboard and the negative lead goes into 
the negative rail of your breadboard. When you do this, the capacitor will 
power your LED project for a few seconds. 


10k 


Figure 16-5. Using a Capacitor as a Battery 


Now, you will notice that the LED gets dimmer before it goes out. Why 
does this happen? 
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Remember that the voltage that the capacitor yields is based on the 
charge that is present in it. So, going back to Equation 16.2, we can see 
that the voltage is based on the charge that is in the capacitor. When the 
capacitor is connected, it will start with a 9 V discharge, since that is what 
the battery was able to put into the capacitor. However, the capacitor is 
using up its charge to power the project. This means that as soon as its 
charge starts leaving, the voltage starts going down, since the voltage is 


related to how much charge is inside the capacitor. 


Example 16.9 If we use the components listed in 
Figure 16-5, how much charge does the battery 
initially store in the capacitor? 


We can use Equation 16.1 to determine this: 


O=C-V 
=100uF.9V 
= 0.000100F.9V 
= 0.0009coulombs 


Example 16.10 After 0.0003 coulomb of charge 
has been discharged, what voltage is the capacitor 
discharging at? 


To find this out, we first have to find out how much 
charge is remaining in the capacitor. So, to find this 
out, we just subtract the amount of charge that has 
been discharged from our starting charge. This gives 
0.0009 — 0.0003 = 0.0006 coulomb. 


Now, we can use Equation 16.2 to find out what 
voltage the capacitor is discharging at: 
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vi 
C 


0.0006 
0.000100 
=6V 


Therefore, the capacitor is discharging at 6 V. 


16.5 Series and Parallel Capacitances 


Just like resistors, capacitors can be used either in series or in parallel. In 
fact, they use the same equations for series and parallel capacitance as 
do resistors. However, there is one big difference. The parallel and series 
versions of the equations are reversed for capacitors. 

If we want to double resistance in a circuit, we simply add another 
resistor of the same size in series. If I want to double my capacitance, I 
can add in another capacitor of the same size. However, for the capacitor, 
we would add the capacitor in parallel. The following is the formula for 


adding capacitance in parallel: 


C, =C, +C, +... (16.3) 


If we want to put capacitors in series, we would use a formula that is 


exactly like the formula for resistors in parallel: 


C=- (16.4) 
—+ +... 


l 
l 
E 


— 
N 
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Example 16.11 If I have a 100 uF capacitor in series 
with a 200 uF capacitor, how much total capacitance 
do I have? 


To do this, we use Equation 16.4. It is best to convert 
our capacitances to farads first. It does not matter as 
long as the units are the same, but it is good practice 
to convert to farads so you don't forget when you start 
doing capacitances in different units. 100 uF is the 
same as 0.0001 E and 200 pF is the same as 0.0002 LE 


C1 =10uF C2=30uF 


[AT 


C3 = 800pF C4 = 500pF 


Figure 16-6. Capacitors in Series and Parallel 


Now, we will plug these values into the equation: 


1 1 
0.0001F - 0.0002F 
l 
~ 10000 + 5000 

l 
~ 15000 
=0.0000666F 


= 66.64 F 
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Example 16.12 Just as we did for resistors, we can 
combine a variety of parallel and series capacitances 
for a single capacitance value. For instance, take the 
circuit in Figure 16-6. What is the total capacitance 
of this circuit? 


First, we can start by converting all of the 
capacitances to farads. This will make combining 
everything easier down the road. In that case, 

C, = 0.00001 EF, C, = 0.00003 F, C; = 0.0000000008 E, 
and C, = 0.0000000005 F. C3 and C4 are in parallel, 
so we can combine them using the parallel formula 


(Equation 16.3): 
C, =C, +C, 
= 0.000000000F + 0.0000000005F 
= 0.0000000013F 


Now, if we substitute that capacitance in for C3 and C4, we can use the 
series formula (Equation 16.4) to find the total capacitance of the circuit: 


l l l 
+ + 
0.00001 0.00003 0.0000000013 
l 


Ñ 100000 + 33333.33 + 769230769.23 
l 


~ 769364102.56 
- 0.0000000013F 


=1.3nF 
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So the total capacitance of the circuit is 1.3 nE 


16.6 Capacitors and AC and DC 


One important characteristic of a capacitor is that it allows the flow of 
AC (alternating current) but it blocks the flow of DC (direct current). To 
understand why this is, let’s think about how capacitors operate. 

Capacitors, when they are charging, essentially act as short circuits. As 
positive charge flows into the capacitor at one terminal, negative charge 
flows into the other side. An inflow of negative charge to that side means 
that there is a net outflow of positive charge on that side. So, even though 
the physical electrons never cross the boundary between the plates, the total 
charge actually moves from one side to the other. 

However, this situation is temporary because, as the capacitor gets 
more full of charge, new charge is less likely to enter. Once the capacitor is 
fully charged (based on the voltage), no new charge can flow into one side 
to cause the charge to go out to the other. 

Once the capacitor is charged, current stops flowing through it. If the 
voltage level on one of the leads changes, then charge will flow until the 
change is compensated for by the capacitor charging or discharging. 

Thus, because there is a barrier between the two sides of a capacitor, it 
is only when the voltage changes that the current flows through a capacitor. 
If the voltage stays the same, then charge will stop flowing through the 
Capacitor as soon as it reaches capacity for that voltage. 

Because of this, we say that capacitors allow AC but block DC. This rule 
of thumb will help us use capacitors in a variety of circuits later on. 
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16.7 Using Capacitors in a Circuit 


In this section, we will discuss the uses of capacitors in a circuit. We 
haven't discussed enough to actually use capacitors in these ways, but I 
thought it would be helpful to see why capacitors are used so you can see 


why you should care about these things. 


Load 


Noisy Power Supply 


5V Ripple Filter 


Figure 16-7. A Capacitor Filtering a Noisy Power Supply 


The first thing that capacitors are used for is for filtering noisy signals, 
especially in power sources. Imagine that you had a power source which, 
instead of delivering a constant voltage, the voltage would wobble a bit. If 
you placed a capacitor in parallel with this circuit, the power source would 
charge the capacitor up. Then, if the power source dropped a bit, the 
capacitor would start discharging to compensate. Likewise, if the power 
source increased, the capacitor would absorb some of that increase by 
storing the charge. 

Thus, by acting as a temporary location to store extra charge, the 
capacitor can smooth out ripples in a signal, as seen in Figure 16-7. This 
sort of usage is known as a filtering capacitor because it filters out noise. 

This can be seen as another implementation of our rule that capacitors 
allow AC to flow but block DC. When the source voltage has a ripple, 
the ripple itself gets shunted to ground by the capacitor. However, under 
normal operation, the DC part of the current can’t flow through the 


capacitor and just continues on to the load. 


249 


CHAPTER 16 CAPACITORS 


On many ICs that have fluctuating power requirements, you will find 
many of their spec sheets recommending one or more capacitors on their 
power supply or other pins in order to filter out the noise. 

Another way of using capacitors is as a coupling capacitor. A coupling 
capacitor is used when you have both an AC signal and a DC signal 
combined. This will happen a lot when we talk about amplification. 

What happens is that we will have an amplified signal, but we only want 
the AC portion of the signal. We can do that by adding in a capacitor to 
join the segment of the circuit that has both AC and DC components to 
the segment of the circuit that only wants the AC component. Only the 
variations in the voltage, not the base voltage, will be transmitted through 
the capacitor. 

Another way that capacitors are used is for filtering specific 
frequencies. Higher-frequency signals are easily transmitted through a 
capacitor, but low-frequency signals are essentially blocked as if they were 
DC. The frequencies that are allowed are based on the capacitance. If you 
put a capacitor in series with the signal path, then it will only allow higher 
frequencies. Ifyou put a capacitor in parallel with the signal path, then it 
will ony allow lower frequencies (the higher frequencies will be shunted to 
ground). 


CAPACITOR SAFETY 


If you see a capacitor in any sort of equipment, do not touch it, even with the 
power off. Because capacitors store charge, they can still hold onto the charge 
even after the power is off. If you need to touch a capacitor for some reason, 
use a resistor to discharge it. Placing a large (megaohm) resistor between the 
leads of a capacitor (without touching the leads yourself!) for a few seconds 
should drain most capacitors. You can also use a multimeter to determine that 
the capacitor is drained (0 volt). 
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Review 


In this chapter, we learned the following: 


1. 


An electric field is generated wherever there is an 
accumulated charge. 


A capacitor is a device that stores electric energy by 
holding two opposing charges. 


Capacitors are sized by their capacitance which is 
measured in farads. 


Because a farad is so large, capacitors are usually 
measured in microfarads, nanofarads, or picofarads. 


Polarized capacitors (usually electrolytic capacitors) 
have distinct positive and negative terminals, while 
non-polarized capacitors (usually ceramic disk 


capacitors) can go either way. 


When a battery is connected to a capacitor, it will 
store a charge on the capacitor. 


The equation for the charge (Q) stored on the 
capacitor when a battery is connectedisQ=C-V 
where Cis the capacitance in farads, V is the voltage, 
and Q is the charge in coulombs. 


By rearranging the equation, we can determine, 


for a given amount of charge, how much voltage a 


capacitor will discharge when it is allowed to: V = Cc 


As the capacitor discharges its charge through 
the wire to create current, the amount of charge 
remaining will decrease, which will also lower the 


voltage it is putting out. 


CAPACITORS 
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10. Capacitors with small packages are often marked 
with a three-digit code, where the third digit is the 
number of zeros to add to the other two digits and 
the final number is in picofarads. 


11. When multiple capacitors are used together, their 
capacitances can be combined similar to resistors, 


but with the series and parallel equations switched. 


12. The series capacitance equation is as follows: 


Ca 
—+ 


13. The parallel capacitance equation is as follows: 
Cy = Cı F C, Pasi 


14. Capacitors allow the flow of AC through them but 
block the flow of DC. 


15. Capacitors can be used to split AC (high-frequency) 
and DC (low-frequency) portions of a signal. The AC 
portion will travel through the capacitor, while the 


DC portion will remain on one terminal side. 


16. Capacitors can be used to filter audio frequencies, 
filter power supply ripples, operate as voltage 
boosters, and couple together a combined AC/DC 
circuit with an AC-only circuit. 
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Exercises 


10. 


Convert 23 F to microfarads. 
Convert 15 pF to farads. 

Convert 35 pF to farads. 

Convert 0.0002 F to microfarads. 
Convert 0.0030 pF to farads. 


If a voltage of 6 V is applied to a 55 pF capacitor, how 
much charge would it store? 


If a voltage of 2 V is applied to a 13 pF capacitor, how 
much charge would it store? 


If a 132 uF capacitor is holding 0.02 coulomb of 
charge, how many volts will it produce when it 
begins to discharge? 


If a 600 pF capacitor is holding 0.03 coulomb of 
charge, how many volts will it produce when it 
begins to discharge? 


A 121 pF capacitor is connected to a battery. 

After some fluctuation, the capacitor has 0.00089 
coulomb of charge stored in it, and the battery is 
reading 8.9 V. Is the capacitor going to be charging 
or discharging at this point? 
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Capacitors as Timers 


In this chapter, we are going to learn how to measure the time it takes for a 
capacitor to charge. Once we learn this, we can use capacitors for timers— 
both for delaying a signal and for creating an oscillating circuit. 


17.1 Time Constants 


As we learned in Chapter 16, when a voltage is applied to a capacitor, it will 
store energy by storing a charge on its plates, the amount of charge being 
based on the voltage supplied and the capacitance of the capacitor (see 
Equation 16.1). 

The cases we examined in Chapter 16 generally had the battery 
connected directly to the capacitor. In such cases, the capacitor charges 
to the source voltage almost immediately. However, if a capacitor charges 
through a resistor (instead of being directly connected to the battery), 
then it takes much longer to fill the capacitor to capacity than if it were 
connected to the battery directly. In fact, it never fully reaches capacity, 
though it gets close enough that we say that it does. 

Having a resistor in series with a capacitor is a configuration known 
as an RC (resistor-capacitor) circuit. The amount of time it takes a 
capacitor to charge is based on both the resistance of the resistor and 
the capacitance of the capacitor. The actual equation for this is kind 
of complicated, but there is a simple trick that suffices for nearly every 
situation, known as the RC time constant. 
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The RC time constant is merely the product of the resistance (in ohms) 
multiplied by the capacitance (in farads) which will yield the RC time 
constant in seconds. The RC time constant can be used to determine how 
long it will take to charge a capacitor to a given level (we will talk about 
what this level is in a moment). So, for instance, if I have a 100 pF capacitor 
and a 500 Q resistor, the RC time constant is 0.0001 x 500 = 0.05 second. 

This constant can then be used with the table in Figure 17-1 to 


determine how long it will take to charge a capacitor to a given level.' 


# of Time Constants % of Voltage % of Current 
0.5 39.3% 60.7% 

0.7 50.3% 49.7% 

1 63.2% 36.8% 

2 86.5% 13.5% 

3 95.0% 5.0% 

4 98.2% 1.8% 

5 99.3% 0.7% 


Figure 17-1. RC Time Constants 


For instance, if I wait for 2 time constants (in this case, 0.05 * 2 = 0.1 
second), my capacitor will be charged to 86.5% of the supply voltage. 
The current flowing through it will be at 13.5% of what current would be 


flowing if there was just a straight wire instead of a capacitor. 


'For those curious how these numbers are calculated, see Appendix D, Section 
D.7.3, “Time Constants.” 
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While a capacitor is never really “fully charged” (because it never fully 
reaches 100%), in this book, we will use 5 time constants to consider a 
capacitor fully charged. 


Example 17.13 I have a power supply that is 7 V 

and a capacitor that is a 100 uF capacitor. I want it to 
take 9 seconds to charge my capacitor. What size of a 
resistor do I need to use to do this? 


To solve this problem, we need to work backward. 
Remember, we are considering 5 time constants 

to be fully charged. Therefore, the time constant 
we are hoping to achieve is 9/5 = 1.8 seconds. The 
capacitance is 100 uF, which is 0.0001 E. Since 

the time constant is merely the product ofthe 
capacitance and resistance, we can solve for this as 


follows: 


RC TimeConstant = capacitance - resistance 


1.8=0.0001*R 
0.0001# R =1.8 
18 
0.0001 
R=18000 


Therefore, to make it take 9 seconds to charge the capacitor, we need to 
use an 18 kQ resistor. 

In the same way, if we connect the capacitor to ground through the 
resistor instead of to the voltage supply, the capacitor will discharge in the 
same way that it charged. It will begin discharging a lot, but then, as it gets 
closer to zero, it will level off the amount that it is discharging. You would 
then read Figure 17-1 to know what percentage of the voltage/current the 


capacitor has discharged. 
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Example 17.14 Suppose a 100 uF capacitor has 
been charged up to 7 V and then is disconnected 
from the power supply, but the ground connection 
remains. We then connect the positive terminal 

of the capacitor to a 5 kQ resistor that connects 

to ground. After 2 seconds, how much voltage is 


remaining in the capacitor? 


To find this out, we first need to find the RC time 
constant of the circuit. 


T =5kQ *100uF 
= 5,000 Q * 0.0001 F 


= 0.5 seconds 


So the RC time constant is 0.5 second. 


So, after 2 seconds, we have performed 4 RC 
time constants. Looking at Figure 17-1, we have 
discharged 98.2% of the capacitor’s voltage. This 
means that the amount of voltage lost should be 
0.982 * 7 V = 6.874 V. If we have lost that much 
voltage, that means we should subtract it, so the 
remaining voltage is 7 V — 6.874 V = 0.126 V. 


So the voltage after 2 seconds will be 0.125 V. 


17.2 Constructing a Simple Timer Circuit 


Let's say that we want a circuit that, when turned on, waits for a certain 
amount of time and then does something. How might we do it? 
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Think of it this way. We can use capacitor charging to give us a time 
delay. However, we need something that “notices” when the time delay 
is finished. In other words, we need a way to trigger something when a 
certain threshold is crossed. 

What happens to the capacitor as it charges? The voltage across its 
terminals changes. When it is first connected to the circuit, there is zero 
voltage across its terminals. As it charges, the voltage across the capacitor’s 
terminals keeps going up until it matches the supply voltage. Therefore, we 
know when we have hit our target time based on when the voltage is at a 
certain level. But how will we know when we are at the right voltage? Have 
we done a circuit so far that detects voltages? What component did we use? 

If you remember back in Chapter 11, we used the LM393 to compare 
voltages. We supplied the LM393 with a reference voltage, and then it 
triggered when our other voltage went above that voltage. We can do the 
same thing here. 

What we will construct is a circuit that waits for 5 seconds and then 
turns on an LED. In order to do this, we will need to choose (a) a reference 
voltage to use, (b) a resistor/capacitor combination that will surpass the 
reference voltage after a certain amount of time, and (c) an output circuit 
that lights up the LED. 

There are virtually infinite combinations we could choose from for our 
reference voltage, resistance, and capacitance. In fact, the supply voltage 
doesn't matter so much since what we are looking at are percentages of the 
supply voltage, which will be the same no matter what the actual voltage is. 

For this example, we will use a basic 5 V supply and make the reference 
voltage to be half of the supply voltage. This allows us to use any two 
equivalent resistors for a voltage divider to get our reference voltage. 

Now, since the reference voltage is half of our supply voltage, we will 
use the table in Figure 17-1 to determine how many time constants that 
needs to be. The table says that for 50% of voltage, it will take 0.7 time 
constant (it is actually 50.3%, but we are not being that exact). 
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Therefore, the equation for our resistor and capacitor is 


T = 5 seconds 
5 seconds = 0.7. R- C 


ER 
0.7 
7.14=R-C 


So we can use any resistor and capacitor such that the ohms multiplied 
by the farads equals 7.14. I usually use 100 pF capacitors for larger time 
periods such as this because they are larger and because being exactly 
0.0001 F it makes it easier to calculate with. Therefore, we can very simply 
calculate the needed resistor for this capacitor: 


7.14=R-C 
7.14=R-0.0001 
7.14 | 
0.0001 — 
71400=R 


Therefore, we need a resistor that is about 71, 400 Q. We could choose 
a combination of resistors that hits this exactly, but for our purposes, we 
only need to get close. In my case, the closest resistor I have is 68,000 Q 
(i.e., 68 kQ). That is close enough (though I could get even closer by adding 
in a 3 kQ resistor in series). 

Figure 17-2 shows the full circuit. When building this circuit, don't 
forget that the comparator also has to be connected to the supply voltage 
and ground as well! As you can see, R2 and R3 form the voltage divider 
that provides the reference voltage for the comparator at half of the supply 
voltage. The values for R2 and R3 are arbitrarily chosen, but they must be 
equal to get the reference voltage. I chose medium-high values for these 
resistors so as to not waste current with the voltage divider. The circuit 
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made by R1 and Cl is the timing circuit. When the circuit is first plugged 
in, Cl is at voltage level 0, essentially acting as a short circuit while it first 
begins to store charge. At 0 volt, this is obviously less than our reference 
voltage. However, as the capacitor charges, less and less current can flow 
into C1. Its voltage level increases under the rules of the RC time constant. 
After 0.7 time constant, the voltage will be above the voltage level set by the 
reference voltage, and our voltage comparator will switch on. 


R2 = 10k R3 = 10k 


R4 = 1k 
Reference Voltage 


R1 = 68k Comparison Voltage 


C1 = 100uF 


Figure 17-2. A Simple Timer for an LED 


Remember, though, from Chapter 11, that the LM393 operates using a 
pull-up resistor. That is, the comparator doesn't ever source current. It will sink 
current (voltage level 0 when the + input is less than the - input) or disconnect 
(when the + input is greater than the - input). Therefore, R4 is providing a 
pull-up resistor to supply power to the LED when the LM393 disconnects. 
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Figure 17-3 shows this circuit laid out on the breadboard. We are using 
the second voltage comparator of the LM393 just because it was a little 
easier to show the wiring for it. If you need to see the pinout for the LM393 
again, it was back in Figure 11-4. 

Notice the prominence of our basic circuits from Chapter 9 on the 
breadboard. On the top, we have a combination pull-up resistor which is 
also acting as a current-limiting resistor (as they often do). On the bottom 
left, we have a voltage divider. 

On the bottom right, we have our new timing circuit, which looks a lot 
like a voltage divider. In fact, it acts like one too, where the voltage varies 
by time! If you think about what the capacitor is doing, when we first apply 
voltage, it acts like a short circuit—in other words, no resistance. This 
means that there is 0 volt across the capacitor and the resistor is eating up 
all of the voltage. But, as the capacitor fills up, it increases voltage, which it 
is dividing with the resistor! Just like before where we had a sensor which 
created a sensor-based variable voltage divider, here we have what is 
essentially a time-based variable voltage divider. 


fritzing 


Figure 17-3. The Capacitor Timer Circuit on a Breadboard 
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17.3 Resetting Our Timer 


The timer is great, except for one thing—how do we turn it off? You might 
have noticed that, even if you disconnect power to the circuit, when you 
turn it back on, it doesn’t do any timing anymore! Remember, the capacitor 
is storing charge. When you turn off the circuit, it is still storing the charge. 

Now, you can very simply get rid of the charge by putting a wire 
between the legs of the capacitor. However, for larger capacitors, you 
would need to do this with a resistor instead of a wire in order to keep 
there from being a dangerous spark (the resistor limits the current, which 
makes the discharge slower). But how do we do this with a circuit? 

What we can do is add a button or switch that will do the same thing as 
putting a wire or resistor across the legs of the capacitor. Figure 17-4 shows 
how to do this. 

Now let's look at how this circuit works. First of all, we added two 
components, the switch and the R5 resistor connected to it. To understand 
what this does, pretend for a minute that the resistor isn’t there. What 
happens when we push the button? That would create a direct link from 
the positive side of the capacitor to ground. Since the negative side of the 
capacitor is also connected to ground, that means that these two points 
would be directly connected. Thus, they would be at the same voltage. 
This would be achieved by the charge suddenly rushing from one side to 
another to balance out. 

If the capacitor were larger or the voltages greater, this might be 
somewhat dangerous. You would have a large current and a large voltage 
for a short period of time (which would yield a large wattage), which could 
blow something out. Therefore, it is good practice to use a small resistor 
between the button and ground. The resistor should be much smaller 
than the resistor used to charge the capacitor. The specific size doesn’t 
matter too much—it needs to be small enough to discharge it quickly and 
large enough to prevent a spark when you push the button. You can use 
the same time constants for discharging the capacitor that you used for 
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charging it. However, keep in mind that the charging circuit is still running! 
That’s why the resistor has to be small—it has to discharge the capacitor 
while the other resistor is trying to charge it. 


R2 = 10k 


Ad =1k 


. C1 = 100uF 


= © R5 = 220 


Figure 17-4. Adding a Reset to the Capacitor 


Also notice R1 and R5. When the button is being pushed, what is 
happening to them? Think back to our basic resistor circuits. If we have 
two resistors, with a wire coming out of the middle, what is that? It's a 
voltage divider! So not only is R5 being a current-limiting resistor for the 
button, itis also acting as a voltage divider in concert with R1. 
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What this means is that the capacitor will only discharge down to the 
level of voltage division between these resistors. That's fine, as long as it is 
low enough. You will find that in electronics, “close enough” often counts. 
The trick is knowing how close is close enough and how close is still too far. 

However, usually we can perform some basic calculations to figure this 
out. Since R1 is 68 kQ and R5 is 200 Q, what is the voltage at the point of 
division? If we use a 9 V supply, using the formula from Equation 9.1, then 
we Can see that 

R; 
R, +k; 
o. 220 
68000 + 220 
220 
68220 
= 9 . 0.00322 


= 0.029 V 


Vour = Vin 


So, as you can see, when the button is pushed, the final voltage of the 
capacitor, while not absolutely 0 volt, is pretty darn close. 

Also note that, if we wanted, we can reverse the action of this circuit. 
By swapping our two inputs to the voltage comparator, we can make the 
circuit be on for 5 seconds and then switch off. 


Review 


In this chapter, we learned the following: 


1. Having a resistor and capacitor in series with each 
other is known as an RC circuit. 


2. Inan RC circuit, the amount of time it takes for a 
capacitor to charge to the supply voltage is based on 
the capacitance of the capacitor and the resistance 
of the resistor. 
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3. The RC time constant is a convenient way to think 
about how long it takes for a capacitor to charge in 
RC circuits. 


4. The RC time constant is calculated by multiplying 
the resistance (in ohms) by the capacitance (in 
farads) with the result being the number of seconds 
in 1 RC time constant. 


5. The table in Figure 17-1 shows how long it takes to 
charge a capacitor to different percentages of supply 
voltage as a multiple of RC time constants. 


6. The RC time constant chart can also be used to 
calculate the amount of time it takes for a capacitor 
to discharge to ground if it is disconnected from 
its source and connected through a resistor to 
ground. In this case, Figure 17-1 is used to tell what 
percentage of the voltage has been discharged. 


7. Atimer can be constructed by using a comparator 
and an RC circuit along with a reference voltage 
provided by a voltage divider. By tweaking the RC 
circuit, the timing can be changed. 


8. After charging a capacitor, a means needs to be 
provided to discharge it as well, such as a button 
leading to ground. 


9. Such discharge methods need to have resistance to 
prevent sparks and other failures, but not too much 
resistance as they can accidentally form voltage 
dividers with other resistors in the circuit and 
prevent full discharge. 


266 


CHAPTER 17 CAPACITORS AS TIMERS 


10. Even as our circuits get more advanced, the basic 
circuits we found in Chapter 9 are still dominating 


our circuit designs. 


Apply What You Have Learned 


1. If Ihave an RC circuit with a resistor of 10 Q and a 
capacitor of 2 F, what is the RC time constant of this 
circuit? 

2. Inthe previous question, how many seconds does it 
take to charge my capacitor to approximately 50% of 
supply voltage? 

3. IfI have an RC circuit with a resistor of 30,000 Q and 


a capacitor of 0.001 F, what is the RC time constant 
of this circuit? 


4. Inthe previous question, what percentage of the 
capacitor's voltage is charged after 60 seconds? 


5. IfI have an RC circuit with a resistor of 25 kQ and a 
capacitor of 20 uF what is the RC time constant of 


this circuit? 


6. Give a resistor and capacitor combination that will 
yield an RC time constant of 0.25 second. 


7. Reconfigure the circuit in Figure 17-2 to wait for 3 
seconds. Draw the whole circuit. 


8. Redraw the previous circuit and circle each basic 
resistor circuit pattern and label it. 
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Introduction to 
Oscillator Circuits 


In Chapter 17, we learned how to use RC (resistor-capacitor) circuits to 
create timers. In this chapter, we are going to use our concept of timing 


circuits to move from one-time timer circuits to oscillating circuits. 


18.1 Oscillation Basics 


So far, most of the circuits we have made have been fairly directional. You 
do an action (i.e., press a button) and then something happens, but then 
the circuit just maintains a steady state after that. In Chapter 17, we at least 
added a delay—allowing the circuit to do something later. 

However, if you want actions to continue on into the future, you need 
to not only have delays, you need to have oscillations. Oscillation means 
to go back and forth. An oscillating circuit is one that goes back and forth 
continually between two states—usually zero voltage and some positive 
voltage. Imagine blinking lights at Christmas. These lights go from a state 
of zero voltage (off) to a state of positive voltage (on). And they go back and 
forth between these states over and over again as long as there is power in 
the circuit. These are oscillating circuits. 


© Jonathan Bartlett 2020 269 
J. Bartlett, Electronics for Beginners, https://doi.org/10.1007/978-1-4842-5979-5_18 


CHAPTER 18 INTRODUCTION TO OSCILLATOR CIRCUITS 


An oscillator is usually described by either its period or its frequency. 
The period of an oscillator is how many seconds it takes to go through one 
complete cycle. So, if I had lights that blinked on for 1 second and then off 
for 2 seconds (and continued repeating in that fashion), the period would 
be 3 seconds. 

The frequency of an oscillation is the number of times that the system 
cycles every second, which is merely the reciprocal of the period (i.e., one 
divided by the period). So, in the example given, since the period was 3 


l 
seconds, the frequency is — cycle per second. The “cycles per second” unit 


of frequency also has a special name—hertz (often abbreviated as Hz). 


Therefore, we would say that our blinking lights blinked at a frequency of 


1 Hz. 


3 
Example 18.15 Let's say that we have an oscillator 


that turns a light on for 4 seconds and then turns off 
for 4 seconds and repeats this continually. What is 
the period and frequency of this oscillator? 


The period is merely the total time it takes to go 
through one complete cycle. Therefore 


period = 4 seconds on + 4 seconds off 


= 8 seconds 


So what is the frequency of this oscillator? Simple— 
just take the reciprocal of the period. That makes the 
frequency A Hz. 


Example 18.16 On a piano, the middle-C key plays 
a sound with a frequency of 261.6 Hz. What is the 
period of this sound? 
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Since the frequency is the reciprocal ofthe period, 
it works the other way around as well —the period 
is the reciprocal of the frequency. Therefore, the 


second. Or, as a decimal, this 


eriod is simpl 
p py 261.6 
is 0.00382 second. 


There are many other factors that are important to various kinds of 
oscillations, such as the speed of transition between states, what percentage 
of time each state is achieved, and so on. However, the period/frequency is a 
good way to summarize the behavior of an oscillator into a single number. 


18.2 The Importance of Oscillating Circuits 


Oscillating circuits are important in electronics for a number of reasons. 

First, obviously, is blinky lights. Who goes into electronics without being 

enamored by blinking lights? But, more importantly, the following are all 
applications of oscillators in circuits: 


Sound Production: Sounds and tones are made by 
moving a speaker back and forth, which is moved 
back and forth by electricity oscillating between 
different voltages. 


Time Clocks: Every clock on earth operates by an 
oscillator. The clock simply counts the number of 
oscillations that have occurred to know whether or not 
to advance another time step (second, minute, etc.). 


Hardware Coordination Clocks: In computers and other 
advanced hardware, system events are coordinated 
based on signals from an oscillating circuit. When the 
clock changes state from off to on (or the reverse), then 
the circuit does the next step in the process. The clock 
keeps the various circuits synchronized and keeps them 
from stepping on each other. 
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Radio Transmissions: Oscillators are used in radios 
in order to encode signals onto “carrier waves,’ 
which are just oscillating signals run at a specific 
frequency. 


Servo Motors: A servo is a motor which moves an arm 
to a specific angle (i.e., think of a car’s steering wheel). 
Servos are usually operated by frequencies, where 
each frequency specifies a different angle to move. 


Let’s look in more depth about how sound is produced by oscillation. 
You hear sound through your eardrum, which communicates vibrations it 
detects to your brain which you interpret as sound. Therefore, any sound 
that you hear is merely the vibrations of your eardrum. In other words, 
your eardrum oscillates back and forth, which you interpret as sound. 

What makes your eardrum move back and forth? The answer is 
oscillations in the air. What makes those oscillations happen? Oscillations 
in the sound speaker. When the speaker moves back and forth, it moves 
the air which produces sound that you hear. 

But what moves the speaker back and forth? Oscillations in the voltage 
and current supplied to the speaker. The speaker has a magnet attached 
to it which responds to changes in voltage in the wire. As the voltage in 
the wire increases, it moves the speaker in one direction. As the voltage 
decreases, the speaker moves in the other direction. Thus, the oscillations 
in voltage eventually wind up as sound for your ears. 
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18.3 Building an Oscillator 


Let's think for a moment of what it would take to build an oscillator. An 
oscillator has (at least) two different states—on and off.' Then, you have a 
time period of changing from one state to the other. 

What sort of circuit have we looked at that provides a time period? 

As we saw in Chapter 17, RC (resistor-capacitor) circuits can provide 
us with time delays. We can then use these time delays as the time periods 
between the states of the oscillation. What we need is a circuit that will 
give out a state (we'll called it S1) for a time period (we'll call it T1) and 
then move to another state (we'll call it S2) and stay there for another time 
period (we'll call it T2). After T2 is finished, the circuit moves back to state 
S1 and begins again. 

Now, it is possible that we might be able to build such a circuit using 
multiple RC timers with multiple comparators. It is doable, but it is harder 
than it sounds. Thankfully, there is an integrated circuit that is built for 
making such timers—the NE555, often referred to as just a “555 timer” or 
just a “555.” The NE555 is a very flexible component, and engineers are 
constantly finding new ways to make use of it. However, we will just focus 
on using it as a basic oscillator. 

It is easiest to describe how a 555 works if we start out by showing a 
simple circuit with it. The circuit in Figure 18-2 blinks an LED on and off. 

The order of the pins on the actual 555 chip is a little confusing (see 
Figure 18-1). In order to make understanding the circuit in Figure 18-2 
easier, I have simply put tags for each pin in the diagram, so you can see 
where they each belong functionally. 


You can build an oscillator with more than two states, but we won't be concerned 
with those circuits in this book, though the setup is similar. 
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Figure 18-1. The 555 Pinout Diagram 
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Figure 18-2. A Schematic of a Simple 555 Oscillation Circuit 


First, let's look at the pins on the left-hand side of Figure 18-1 that 
are directly connected to the power rails. Pin 1 (Ground) and pin 8 (VCC) 
are easy enough—they are connected to ground and positive voltage, 
respectively. Pin 4 (Reset ) gets connected to the voltage source too. That 
is a reset pin which is activated if the pin receives a low voltage signal. Pins 
that are activated by low-voltage signals are often shown with a line over 
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them.’ In our case, we never want to reset the chip, so we will just tie the 
reset pin to positive voltage which will prevent any accidental resets from 
changes in voltages in the environment. 

Now, on the right-hand side at the top, you can see the LED connected to 
pin 3 (Output). Pin 3 is simply the output pin. It is an active output, meaning 
that it will supply current to the output on its own. We don’t need a pull-up 
resistor as we did for the LM393. Instead, we just need a current-limiting 
resistor for the LED. The regular NE555 output yields a voltage that is about 
1.7 V less than the supply voltage and sources up to 200 mA before it breaks. 

Note that there are other, low-power versions of the 555 timer that 
have other output characteristics. For instance, the LMC555 has an output 
voltage that is equal to the input voltage, but can only source about 
100 mA. For our purposes, either one would work, as we are not doing 
anything precise with our output, nor are we sourcing very much current. 
However, any calculations we do will assume a typical NE555 component. 

On the bottom right, pin 5 (Control) is connected through a 10 pF 
capacitor to ground. This is just a standard part ofusing the chip. You 
can't effectively include capacitors in integrated circuits larger than a few 
picofarads, so many chips specify certain capacitors be attached to certain 
pins. The NE555 uses a 10 pF capacitor on pin 5 to provide voltage stability. In 
Chapter 16, we learned that capacitors act essentially like little batteries. This 
capacitor is doing just that. Itis providing a short-term supply of charge in 
case there is a sudden change in current needs within the chip. For instance, 
when the output goes active, there may be a sudden need for charge. This 
capacitor supplies a quickly available reservoir of charge to the chip so that 
sudden changes in current needs will not affect other chip properties.* 


“Since most pins are activated by a higher voltage, pins that are activated with a 
lower voltage get the special designator. 

“For most of our uses of the NE555, you can actually leave pin 5 unconnected—our 
usage of the chip is not so precise or power-hungry as to be affected in this way. 
Nonetheless, I show it connected so that you can see howitis supposed to be 
connected. 
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Down the middle of the schematic is where all of the action happens. 
This is what controls the oscillation. It is essentially an RC circuit with (a) 
an extra resistor and (b) a few tie-ins to the chip. As we will see shortly, 
the capacitor will alternately charge and discharge. The capacitor itself 


is attached to two voltage sensors on the chip. The first sensor, Trigger , 
watches the voltage on the capacitor and activates if the voltage falls below 
7 of the supply voltage (the line over the name of the pin indicates that 
it activates on a low value). The second sensor, Threshold, watches the 


voltage and will activate if the voltage goes above : of the supply voltage. 


The oscillator works by moving the capacitor voltage back and forth 
between A and A of the supply voltage. It is fairly obvious to see how the 


capacitor charges—it is a basic RC circuit using both of the resistors R1 
and R2. So how does the capacitor discharge? The capacitor discharges 
through the action of the Discharge pin, pin 7. When the 555 starts up, 
pin 7 essentially acts as if it were not connected to anything, so you can 
basically ignore it. When the capacitor goes over the : supply voltage and 
triggers the Threshold pin, the 555 will then connect pin 7 to ground. 
Think about what will happen if pin 7 is connected to ground. Will the 
capacitor charge? No, the current coming in through R1 will immediately 
go to ground because it is the easiest path. If the capacitor is charged 
up, is it above or below ground? It is obviously above ground. Therefore, 
current will flow out of the capacitor, through R2, and to ground. Thus, the 
capacitor discharges, but at a different rate than it charged. The RC circuit 
for the charging of the capacitor used both R1 and R2 for the resistance. 
However, the discharge of the capacitor only uses R2. Therefore, the 


discharge from : voltage down to e voltage will be faster than the charge up. 
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Figure 18-3. Current Flow During the Charge and Discharge Phases 


Once the capacitor discharges down to - of supply voltage, pin 2 
(Trigger ) will detect this event and turn pin 7 off so that the capacitor 
can recharge again. Therefore, the capacitor will be continually charging 
and discharging from - to = of supply voltage, as the 555 turns pin 7 
(connected to ground) on and off. This is also why having two resistors 


is so important. If we didn’t have R1, when pin 7 connected to ground, it 


would make a short circuit between the supply voltage and ground. 
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Figure 18-3 shows the different current flows of this part of the circuit 
during the charging and discharging phases. 

You may be wondering why there are two detectors connected to the 
capacitor and not just one. The reason for this is that having two different 
detectors allows for a lot of flexibility in how the 555 is wired. As mentioned 
earlier, there are a huge number of ways the 555 has been used, and some 
uses tie Trigger and Threshold to different parts of the circuit. For our 
purposes, both of these will always be used together. 
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Figure 18-4. The 555 Oscillator Circuit on a Breadboard 


So how does this charging and discharging of the capacitor affect the 
output? Quite simply, when the capacitor is charging, the output is on. 
When the capacitor is discharging, the output is off. Note that when we 
first turn on the 555, the output will be on for a little bit longer than for the 
rest of the time. This is simply because when the circuit first starts up, it is 


charging all the way from 0 V instead of from - of supply voltage. 


You can see the completed 555 circuit on a breadboard in Figure 18-4. 
This should blink the light on for about two-thirds of a second and off for 
about a third of a second. This gives the total period of about 1 second and 
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a frequency of about 1 Hz. In the next section, we'll see how to use RC time 


constants to calculate our own on and off times. 


18.4 Calculating On and Off Times 
with the 555 


Remember that the capacitor is charging and discharging through an 
RC circuit. Therefore, we can use what we know about RC circuits to 
determine how long the output circuit will be high and low. 

When the capacitor is charging, the capacitor is charging through both 
R1 and R2. In this situation, what is the RC time constant? First, we need to 
know the resistance. Since the resistance here is a series resistance, we can 


simply add them together: 
R,=R, +R, 


= 50,000 + 50,000 
= 100, 000 


So the resistance is 100,000 Q, and we are using a 10 uF capacitor 
(which is 0.00001 F). Therefore (based on Chapter 17), the RC time 
constant is 100,000 « 0.00001 = 1. So our RC time constant is 1 second. 
However, we are charging/discharging the capacitor in a strange way. We 
are not starting from zero (except for the first time)—instead we are usually 


starting from - of supply voltage. 

Go back to Chapter 17 and look at Figure 17-1. While we don't have a 
time constant for exactly - of supply voltage, we do have one for 39.3%, 
which is pretty close. So, in the table, that occurs as 0.5 time constants. In 
this case, that is our starting value. Our ending value is when the capacitor 


2 
is 3 charged. That is very close to 63.2%, which is at 1 time constant. 
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Therefore, the difference between the points where we are - charged and a 
charged is 1 — 0.5 = 0.5 time constants. : 


Since we were using approximate values from the table, this is only 
ee oe l l 2 
an approximation to see how this idea works. The distance from to A 


of supply voltage actually takes 0.693 time constant. This is an important 
number to remember when using the NE555, as it will be used in all of 
your time calculations. Since our time constantis 1 second, that makes the 
calculation really easy: 1 x 0.693 = 0.693 seconds. 

Now, for discharge, remember that the point that the capacitor is 
discharging to is pin 7. This is between R1 and R2. That means that it is only 
using R2 to discharge, so the RC time constant will be based only on R2 and 
the capacitor. So the RC time constant is 50,000 0.00001 = 0.5 seconds. 


l 2 
Since the charge/discharge time between E and a is 0.693 time constants, the 


2 l 
resulting time to discharge from A down to a is 0.693 + 0.5 = 0.347 seconds. 


The total period will be the total time for one cycle. This will be our 
charge time (0.693 second) plus the discharge time (0.347 second) which 
will give us a total of 1.04 seconds. 

The value 0.693 looks like a strange number, but that will always be 
the value used for the number of time constants for charging/discharging 


l 2 
between a and A of supply voltage. If you are going to use the 555 timer, it 


is best to just memorize it. 

Also note that since the charging goes through both resistors while the 
discharge only goes through one resistor, the charge time (with the output 
on) will always be longer than the discharge time (with the output off). 


Example 18.17 Let's say we have the basic oscillator circuit 
shown in Figure 18-2, but with a 2,000 Q resistor for R1, 

a 6,000 Q resistor for R2, and a 10 uF capacitor for C1. 

What will be the charge time, the discharge time, the 
period, and the frequency for our oscillator? 
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To find this out, it is easiest to first calculate the 
charge and discharge times separately and then use 
those to find period and frequency. The charge time 
will be calculated based on both resistors in our RC 
circuit. So the resistance will be 2,000 (2+6,000 Q = 
8,000 Q. The capacitance is 10 uF = 0.00001 E This 
means that the RC time constant will be 8,000 Q x 
0.00001 F = 0.08 seconds. 


The number of time constants it takes to charge 
from A to A is 0.693. This means that the charge 
time will be 0.08 * 0.693 = 0.0554 seconds. 

The discharge happens only through R2. This means 


that the RC time constant will be 6,000 Q * 0.00001 
F = 0.06 seconds. Since we will use 0.693 time 


2 
constants, the total time it takes to discharge from 3 
down to ; is 0.693 « 0.06 = 0.0416 seconds. 
Now that we have the charging and discharging 
times, we find the period by merely adding them 
together. This means the period is 0.0554 + 0.0416 = 
0.097 seconds. 
The frequency is merely the reciprocal of this 


number, or = , Which gives us 10.3 Hz. 
0.097 


Example 18.18 Now let’s say that we want to 

build an oscillator for which the LED stays on for 3 
seconds and then goes off for 2 seconds. Assuming 
we keep our 10 pF capacitor, what values should we 


use for each resistor? 
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To do this, we need to solve for R2 first, since it is 
much easier. The discharge will be 2 seconds, which 
will be the same as 0.693 time constants. Therefore, 


we can write this as an equation: 


2seconds = R - C -0.693 
2seconds = R - 0.00001- 0.69 
2seconds = R -0.0000069 


2seconds 7 


0.0000069 - 
289,8550 = R 


So the resistor, R2, needs to be 289,555 (2. 
The time to charge the capacitor, however, needs to be 3 seconds. 
This means the resistance (which will be both R1 and R2) will need to be 


calculated for this as well. Therefore, we will use a similar equation: 


3seconds = R - C -0.693 

3seconds = R -0.00001F - 0.693 

3seconds = R -0.00000693 
3seconds 


0.00000693 _ 
434,7830 =R 


So the resistance for charging the capacitor needs to be 434,783 Q. 
However, this is the combined resistance for R1 and R2. Thankfully, 
though, we already know what we want for R2—289,855 Q. Therefore, we 
can put these into an equation and solve for R1: 
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R, + R, =434,7830 
R, +289,855Q = 434,783Q 
R, = 434,783Q — 289,855Q 
R, =144,9280 


So now we know our values for R1 and R2—144,928 Q and 289,855 Q. 
Depending on our application, we would probably simply choose resistors 
that were close to that amount (like 150 kQ and 300 kQ) rather than trying 
to find a combination of resistors that hit that precise resistance. But, for 
solving equations, it is best to use exact values. 


18.5 Choosing the Capacitor 


Ultimately, there are no hard-and-fast rules for choosing capacitors. 

As long as the RC time constant yields the right value, then you can 
compensate for pretty much any size capacitor with the right size of 
resistor. However, sometimes just having a little guidance helps people get 
started, and there are a few situations that you need to watch out for. 

First of all, the size of the capacitor will affect the size of the resistor you 
need for a given time constant. If all you have are smaller-sized resistors, 
then you should probably use a larger capacitor to compensate. 

However, using a smaller capacitor with larger resistors gives a very large 
advantage in the amount of wasted current. If you are using smaller resistors, 
then Ohm’s law indicates that we will have larger currents for a given voltage. 
Since V= I - R, if you lower the R, you will increase the I. So having a higher 
resistance means that your RC circuit will use much less current. 

Remember that we aren’t actually using the current to do anything 
except keep time. The current in our RC circuit is not used to power 
the LED (the 555 does that through the power source), and it isn’t used 
for anything else; it is just used to keep time. Therefore, pretty much all 
current used by the RC circuits is wasted. We have to use it, but any smaller 


currents we can get away with, we should! 
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This gets even more pronounced when the capacitor is discharging. 
When pin 7 (Discharge) switches to ground, not only does it discharge 
the capacitor but it also creates a useless waste of current going from the 
voltage source through R1. In our oscillator configuration, you can't get rid 
of this, but having larger resistors will reduce the amount of waste. 

So, in short, if you have higher-valued resistors to compensate, your 


circuit will waste much less current by using smaller capacitors. 


Review 


In this chapter, we learned the following: 


1. Because this material is based so heavily on RC 
circuits, you may want to review the material in 
Chapter 17. 


2. When something oscillates, it moves back and forth 
between a set of values. 


3. Inelectronics, oscillators usually refer to circuits 
whose output voltages go back and forth between 
two different values. 


4. Oscillations are usually described by their period or 


frequency. 


5. The period of an oscillation is the time that it takes 


to go through one entire cycle (usually in seconds). 


6. The frequency of an oscillation is the number of 
times that an oscillation occurs per second, which is 


), 


simply the reciprocal of the period (i.e., pened 


with a unit of hertz (cycles per second). 
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Oscillating circuits are used in a number of 
circuit applications, including sound production, 
time keeping, coordinating activities, radio 


transmissions, and motor control. 


Oscillating circuits are often built with RC time 
circuits which control the time periods ofthe 
oscillations. 


The NE555 (often referred to as a 555 timer or 
just the 555) is an integrated circuit which allows 
for several timing applications including making 


oscillating circuits. 


The NE555, when set up as an oscillator, is 
controlled by two resistors and a capacitor. 


The NE555 can be set up to monitor the charge of 
the capacitor. It has two pins for monitoring the 


voltage, Trigger (which checks for the capacitor 
to drop below 1 of supply voltage) and Threshold 
3 

(which checks to see when the capacitor is charged 

above 3 of supply voltage). 

The NE555 cycles between charging and 

discharging the capacitor from = of supply voltage 
p 3 

to a of supply voltage and back (using Trigger and 

Threshold to check the voltage level). 

The Discharge pin of the NE555 acts like it is 

disconnected when the capacitor is charging and 

is connected to ground to allow for a path for the 


capacitor to discharge when in the discharge part of 
the cycle. 
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The Output pin of the NE555 is turned on (higher 
voltage level) while the capacitor is charging 

and off (low voltage level) when the capacitor is 
discharging. 


The NE555 output operates at about 1.7 V less 
than the source voltage when on and can source a 
maximum of 200 mA to the output circuit. 


The Reset pin can be given a low voltage to reset the 
whole device. If it is unused, it should just be tied to 
a positive voltage line. 


The Control pin is attached to a capacitor in order 
to regulate and stabilize the circuit operation. 


The RC circuit takes 0.693 time constants to charge 
from L voltage to 7 voltage or to discharge the 
3 


other way. Therefore, once you have the RC time 
constant, multiply by 0.693 to find the actual time it 
will take. 


The RC circuit utilizes both resistors when charging, 
but only one resistor when discharging. This means 
that charging and discharging each have their own 
RC time constants. 


Because the charge circuit uses two resistors while 
the discharge circuit only uses one, the charging 
portion of the oscillation period will always be at 
least a little longer than the discharging portion. 


The period of the oscillation is the combination of 
both the charge time and the discharge time. 
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When calculating for resistors for an RC time circuit, 
it is best to calculate the discharge resistance first, 
since it only uses one resistor (R2). Then you can 
calculate the combined resistance for the charge 
circuit, which allows you to deduce what the R1 
resistor should be. 


When choosing components for a given RC time 
constant, you can choose a variety of combinations 
of capacitor/resistor values for the same result. 
Choosing a smaller capacitor and a larger resistor 


will save power in the circuit. 


An equation for determining the frequency of a 
555 oscillator circuit can be found in Appendix 
D, Section D.4, “555 Timer Oscillator Frequency 
Equation.” 


Apply What You Have Learned 


Figure 18-2 will be used as the basis for the problems in this section: 


l. 


2: 


3. 


4. 


Copy Figure 18-2 to a piece of paper including the 
current flows on charge and discharge. 


Why is R1 important? What would happen if we just 
replaced it with a wire? 


Why are there two different pins on the NE555 
connected to the capacitor? What type of circuit 
(that we have discussed in this book) do you think 
they are connected to inside the chip? 


Why is the charging time of the NE555 always at 
least a little longer than the discharging time? 
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5. 


10. 


Why does the NE555 stay in the on state a little 


longer when the circuit is first turned on? 


Let's say that we wanted our circuit to be on for 

2 seconds and off for 1 second. Keeping the same 
capacitor, what values should we use for R1 and R2 
to accomplish that? 


Let's say that we wanted our circuit to be on for 10 
seconds and off for 3 seconds. Keeping the same 
capacitor, what values should we use for R1 and R2 
to accomplish that? 


The factory called and said that they were out of the 
capacitor we wanted for the circuit and instead only 
had a 23 uF capacitor that we could use. Recalculate 
the previous problem using this new capacitor 


value. 
How much current is our output sourcing from the 
chip? 


When the chip first turns on (and thus the capacitor 
is empty and at 0 V), how much current is the RC 
circuit in Figure 18-2 using? 


CHAPTER 19 


Producing Sound 
with Oscillations 


In Chapter 18, we learned to make an oscillator circuit. Oscillations affect 
a lot of areas of electronics, but the one that is most directly usable (well, 
besides making blinky lights) is in making sounds. 


19.1 How Sound Is Produced by Speakers 


As we mentioned in Chapter 18, sound is the result of vibrations (i.e., 
oscillating motions) in the air. These vibrations are produced in electronics 
with a speaker when the speaker oscillates back and forth. The speaker 
oscillates back and forth because it is connected to a magnet and a coil. When 
the electricity in the coil oscillates between more positive and more negative 
charges, the magnet is attracted to and repelled from the coil, moving the 
speaker back and forth. 

The frequency of this oscillation will determine the pitch of the sound 
(i.e., how high or low the sound is). If the frequency is higher (shorter 
periods), then the pitch is higher. If the frequency is lower (longer periods), 
then the pitch is lower. 
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Now, compared to the blinking lights we worked with in Chapter 18, 
sounds that you can hear are all of a much higher frequency. The bottom 
end of the hearable audio is about 20 Hz—that is, 20 cycles per second. The 
top end is about 20 kHz (i.e., 20,000 Hz). These values vary by individual, but 
this is a pretty good guide for most people. If we tried to blink an LED that 
fast, we just would not be able to see it—it would just look like a dimmer- 
than-normal light. 


19.2 Graphing Electricity 


Now, when we deal with circuits that are oscillating quickly, we need to 
have a way to visualize what is happening. With circuits that have one or 
two states, we don’t need to visualize much—we just need to calculate 
what the values are. However, with circuits that are continually oscillating 
(such as sound circuits), it is helpful to be able to graph what the voltages 


are at different points in time. 


Figure 19-1. A Graph of the Capacitor Voltage in a 555 Oscillator 


Figure 19-2. A Graph of the Output Voltage in a 555 Oscillator 


290 


CHAPTER 19 PRODUCING SOUND WITH OSCILLATIONS 


There are several ways to graph electricity. One of the most common 
ways is to plot time on the x-axis and voltage on the y-axis. This gives a 
visible representation of how the voltage is varying within the circuit. Now, 
because each point on a circuit has a different voltage, you have to specify 
which point on the circuit you are graphing. For instance, if you take the 
555 oscillator circuit from Chapter 18 (i.e., Figure 18-2), the two places 
whose voltages you might want to graph are (a) right before the capacitor 
and (b) right after the output pin. 

These will give very different graphs, but both ofthem are instructive. The 
graph of (a) will show you what the input side of the circuit looks like, and the 
graph of (b) will show you what the output side of the circuit looks like. 

Notice that Figure 19-1 changes fairly smoothly (except when it 
changes directions). This is because capacitor charging causes the voltage 


2 
to change smoothly over time. It charges up until it reaches 5 of 


supply voltage and then discharges down to : of supply voltage. It does 


this over and over again as you can see on the graph. 

The output, however, is either on or off. Therefore, Figure 19-2 shows a 
very jagged graph. This is known as a square wave, because it is basically 
rectangular. The voltage just goes from zero to the target voltage almost 
instantly, and then after it stays there a bit, the voltage goes back down 
again just as instantaneously as it rose. 

In addition to graphing voltage, we can also graph current in the same 
way, though itis harder to measure. Because voltage can be measured with 
simple probes and measuring current requires replacing a wire, most of 


the time, people just focus on voltage measurements. 
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Output 


C3 = 10uF 


C2 = 10uF 


R3 = 150 


Threshold ag Headphones 


| 


Figure 19-3. Schematic for a Simple 555-Based Tone Generator 


C1 = 100nF 


Special devices known as oscilloscopes can be used to measure 
voltage changes over time. Graphs such as those in Figures 19-1 and 19-2 
can be made by hooking up an oscilloscope to the circuit while it is in 
operation.’ Oscilloscopes used to cost thousands of dollars, but now you 
can pick up a small handheld oscilloscope for under $50. 

Usage of an oscilloscope is outside the scope of this book, but the basics 
are simple enough. An oscilloscope usually has an active probe anda 
ground probe. You hook up the ground probe to the ground on your circuit, 
and you hook up the active probe to the point on the circuit that you want 
to measure. Then, you look at the screen, and it will graph for you what the 
voltage is at that point over a period of time. Most oscilloscopes have all sorts 
of adjustments, such as how wide of a voltage range you want to measure 
and how long of a time window you want to show on the screen. In any case, 
oscilloscopes provide graphical views of oscillating voltages. 


19.3 Outputting a Tone to Headphones 


In this section, we are going to modify the circuit in Figure 18-2 to addina 
headphone output. Figure 19-3 shows the final circuit, and Figure 19-4 
shows how to build it. This circuit has several changes to our original 


circuit that we will discuss in this section. 


'The graphs depicted in the figures are actually idealizations, however, not actual 
output from an oscilloscope. 
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The first changes to this circuit are to the RC time circuit. Because 
we want the circuit to be in audio range, we are making a much higher 
frequency (i.e., a shorter period). To do this, we swapped out the 
electrolytic capacitor for a ceramic disk capacitor of 100 nF. Then, we 
dropped the resistors down to 10 kQ each. This will make a tone with 
a period of 0.003 seconds. Taking the reciprocal gives us a frequency 
of about 333 Hz. This is well within hearing range for most people. You 
can adjust the resistors and capacitors how you wish for different tone 
frequencies. We are merely using the equations from Chapter 18 to 
determine the period and frequency. 

The strange change is in the output circuit. When we were blinking the 
LED, we just used a medium-sized resistor to limit output current. Here, 
however, we are using a combination of a capacitor and a resistor. This 
looks like an RC time circuit—and it would be, if it had a constant voltage 
going to it. However, in this circuit, the voltage going to the RC circuit is 
fluctuating, and that introduces a whole host of new considerations. 


fritzing 


Figure 19-4. Breadboard Layout for a 555-Based Tone Generator 
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19.4 AC vs. DC 


In Chapter 3, we introduced the ideas of direct current (DC) and 
alternating current (AC). In DC circuits, the circuit has a more-or-less 
constant voltage. Our power supply is at a certain voltage, our output 

is at a certain voltage, and so on. In AC circuits, however, the voltage 
oscillates back and forth. These oscillations introduce a whole new set of 
considerations. 

In pure AC circuits, voltage and current actually swing both to positive 
and negative values. What is a negative current? A negative current 
happens when the electricity flows in the opposite direction. Thus, in 
a pure AC circuit, electricity flows back and forth, switching between 
directions while it is running, spending about even time in each direction. 

Some components, such as speakers, assume that they are going to 
receive or process pure ACs. That is, they expect the current to switch 
direction at some point. As mentioned earlier, the speaker is driven by 
changing voltages in a coil, which alters the attraction of the coil toa 
magnet. These variations in attraction and repulsion move the coil back 
and forth, which moves the speaker cone, which vibrates the air, which 
vibrates your eardrum, which you hear. Speakers expect the oscillating 
current to go back and forth each direction about evenly. 

However, in our circuit, the voltage only swings between a positive 
voltage and 0 V. If you look at the graph in Figure 19-2, notice that while 
the voltage goes up to a positive voltage, the /owest that it ever goes is zero. 
Therefore, it is not a pure AC circuit, because it is not centered around 0 V. 
Instead, the AC has a DC bias voltage. That is, the output voltage can be 
thought of as a combination of an AC voltage signal added to a DC voltage. 
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19.5 Using Capacitors to Separate AC 
and DC Components 


Sometimes having a DC bias is good, and sometimes we need to separate 
out our AC and DC signals. Capacitors are excellent at this. Capacitors are 
said to allow AC to flow and to block DC. This is a simplistic view, and we 
will get a little more nuanced in future chapters, but it works for now. 

To understand why this happens, let’s remember what a capacitor does 
physically. It stores charge—like a small battery. Remember, even though 
the pathway between the plates of a capacitor is blocked, when a positive 
charge accumulates on one side, it pulls electrons onto the other side, 
which means that the other side beyond the capacitor gets more positive 
as well. Do you remember what happens when the capacitor first starts 
charging? The capacitor basically acts as a short circuit. As the capacitor 
fills up, it starts acting more and more like a resistor, preventing current 
from flowing. 

Thus, when given a constant voltage, once the capacitor is nearly full, it 
essentially stops getting more charge (or comes very close to it). Therefore, 
once it is full, it is basically blocking any more current from flowing. Since 
what goes onto one side of the capacitor affects what is on the other side, 
this same blockage will block the transmission of the current to the other 
side as well. Thus, in the long run, if you have a DC voltage, the capacitor 
will eventually block current flow. Thus, the current on the other side of the 
capacitor will be zero. 

However, now consider what happens if the voltage changes. If the 
voltage changes, then the capacitor will allow current to flow through. If 
the voltage goes up, then the capacitor has more storage available (since 
the amount of storage depends on voltage). While it is charging to the new 
level, current will be flowing. If the voltage goes down, then the capacitor 
will actually have to discharge back into the circuit. 
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Now, if the capacitor discharges back into the circuit, which way is the 
current flowing? Well, that means the current from the capacitor is now 
flowing in the opposite direction! 

Thus, what ends up happening is that the capacitor winds up only 
sending changes in voltage to the other side of the circuit! While the 
capacitor is charging and discharging, charge is moving through both 
sides of the capacitor. Thus, when the voltage (and therefore the charge) 
on the capacitor is changing, current is indeed flowing. Now, when the 
voltage stays the same, no electrons move, no matter what the voltage 
is. Therefore, even though you have a positive voltage on one side, if the 
voltage is not changing, no current is flowing. Therefore, on an unchanging 
current, the voltage on the other side of the capacitor will be zero. 

Since the changes go up and down, but the DC bias voltage does not go 
up and down, this has the effect of sending AC through the capacitor, but 
blocking the DC bias voltage. 

Therefore, capacitors are often used in series in a circuit to couple 
together parts of the circuit that are pure AC with other parts of the circuit 
that have a DC bias. Since the output of the 555 is DC biased and speakers 
generally are optimized for pure AC output, the capacitor in our output 
circuit filters out the DC bias and gives a pure AC signal. 

A capacitor used in this way is known as a coupling capacitor. 

Alternatively, if for some reason you wanted only the DC component, 
you could wire the capacitor to go to ground. This sends the AC part of the 
signal to ground, leaving only the DC component in the circuit. In sucha 
scenario, the capacitor is being used as a filter capacitor. 

Now, using a coupling capacitor does add in a small amount of 
distortion, both because DC bias voltage does have some effect on the 
signal and because different capacitor values are optimal for coupling 
different frequencies. For audio applications, a capacitor somewhere 
between 10 nF and 10 uF should be used. 
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19.6 Speaker Wattage 


Next in the circuit is the R3 resistor. The R3 resistor is there to limit the 
output signal to the headphones. Headphones and speakers are all a little 
strange—there is very little standardization. Different headphones have 
different resistances in the speakers and different tolerances for how much 
wattage can be put through them. Speakers are usually rated by (a) how 
much resistance they normally add to the circuit, (b) how loud they are 
at a given wattage of power, and (c) what their maximum wattage is. Even 
though there is quite a bit of variance, for headphones, you can be fairly 
safe by estimating that the headphones will act as 16 Q resistors and that 
they can consume a maximum of 20 mW. 

The output of the 555 timer is 1.7 V less than my supply voltage. So, for 
a5 V source, the output will be 3.2 V. However, since we have now centered 
it on 0 V, the output will actually only be half of that—1.6 V. We can use 


the formula P = e from Chapter 10 to determine how many watts this 
R 


will supply. If the speaker is 16 Q, then the power used by the headphone 
(1.67) 


without the extra resistor will be = 0.16 W = 160 mW. Therefore, the 


R3 resistor pulls out some of that power. 
With the resistor, the combined power usage of the resistor and the 


2 
headphone speaker is 166 Q. Therefore, the power here is 8 =0.015W= 


15 mW. Remember, though, that this is the combined power of both the 
resistor and our speaker. The speaker is only supplying about T of the 


l 
resistance, so itis only using up to of the power, or 1.5 mW. 


Now, the calculation for this is relatively easy because we are working 
with square waves. The calculation becomes harder for different types 
of output, because you have to take into account the shape of the wave. 
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However, we won't go into that in this book. This calculation using the 
peak voltage provides a simple method which will give you a good starting 
point, and you can judge for yourself if you need more or less resistance for 


your own circuits. 


19.7 Sound Control 


Now, as I mentioned, all headphones are different, and, with the exception 
of having a coupling capacitor, they all have different ranges and need 
different amounts of power. Usually this is accommodated by having a 
volume control. 

This is usually done with a variable resistor. On a variable resistor, 
you usually turn a knob and the resistance changes. Variable resistors go 
by different names—variable resistor, adjustable resistor, rheostat, and 
trimming resistors, though they each have slight differences. Trimming 
resistors are the easiest to use for this, but probably the hardest to find. 


wip. 


Figure 19-5. The Potentiometer Symbol 


Output 
Voltage 


Figure 19-6. The Potentiometer as a Voltage Divider 
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To use a variable resistor, you would need to find one with the right 
range of values and then simply replace the output resistor R3 with your 
variable resistor. 

A more common type of component which can be used as a variable 
resistor is a potentiometer. A potentiometer is basically a variable voltage 
divider. The symbol for the potentiometer is shown in Figure 19-5. It has 
three leads—input, ground, and output. When you turn the knob, it adjusts 
the relative resistance of each side of the voltage divider to vary what is 
coming out of the output. 

Potentiometers were built for working as a variable voltage divider. 
Figure 19-6 shows what this looks like. Essentially, the user controls a 
knob which alters the voltage coming out by changing the voltage division 
between the resistors. 

However, you can also use a potentiometer as a simple variable resistor 
by just hooking up one side of the potentiometer. Figure 19-7 shows this 
configuration. 

The simplest way of using the potentiometer for a volume control 
is simply setting it up like Figure 19-7, with the input coming from the 
coupling capacitor and the output going to the speaker. Potentiometers 
vary widely in how much resistance they offer, so if we were to add one 
as avolume control, we would need to make sure its resistance range 


approximately matches what is needed (around 150 Q). 


Output 


Input 


Figure 19-7. The Potentiometer as a Variable Resistor 
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Review 


In this chapter, we learned the following: 


1. Sound is the result of oscillations in the air that is 
picked up by your eardrums. 


2. Sound can be generated by an oscillating speaker 
cone vibrating against the air. 


3. The oscillations in a speaker cone are made by 
a magnet being drawn and repelled to another 
magnet by oscillations in electrical power. 


4. Sound generally has higher frequencies (i.e., shorter 
periods) than what we use for flashing lights. 


5. Audible sound frequencies range from 20 Hz to 
20 kHz. 


6. On circuits where voltage and/or current changes 
with time, itis often helpful to plot their changes at 
specific points on a graph to help visualize what is 
happening. 


7. The output of the 555 timer is known as a square 
wave because it has steep changes in voltage at 
specific points, making a rectangular-shaped graph. 


8. Anoscilloscope can be used to measure and record 
these types of graphs. 


9. Voltages that oscillate quickly with time are known 
as alternating current or AC voltages. 


10. Oscillating voltages that do not spend roughly equal 
amounts of time on either side of 0 volt are said to 
have a DC bias voltage. 
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The DC bias voltage is how much voltage you would 
have to subtract from the voltage in order for the 
voltage to be centered on 0 volt. 


Most circuits have DC bias voltages, but most output 
devices (such as speakers) need the DC bias voltage 
removed and only use the AC component of the 
signal. 


DC bias voltage can be removed by placing a 
coupling capacitor in series with the output signal. 
The capacitor will only transmit voltage changes, 
thus removing the DC bias voltage. 


Speakers and headphones vary considerably in their 


properties. 


The most important considerations are how many 
ohms of resistance they have and how many watts 
are needed to drive the sound. 


For headphones, a good starting assumption is 
that the speaker is 16 Q and needs under 20 mW of 
output. 


If your output signal is larger than this, be sure to 
add a resistor in series to consume some of the 


output signal’s power. 


The output resistor can be replaced with a variable 
resistor or a potentiometer to have a user-controlled 


output setting, also known as a volume control. 


A potentiometer is a variable voltage divider. 
However, by using only the positive and output 
terminals, it can be used as a variable resistor 


instead. 
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Apply What You Have Learned 
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Why is the input voltage signal to the 555 timer 
smooth, but the output is square? 


Will increasing the resistance of R1 and R2 make the 
pitch higher or lower? 


Can you think of a way to modify the circuit so that 
the pitch of the sound can be adjusted while the 


circuit is on? 


Given the circuit in Figure 19-3, what power would 
be delivered to your headphones if you were using 
an 8 Q speaker instead of the 16 Q speaker? What 
about a 100 Q speaker? 


The frequency of the A note above middle-C on the 
piano is 440 Hz. Design a modification to this circuit 
that will yield this frequency. 


The output of the 555 is 1.7 V less than the power 
supply used. What is the effect on the wattage to the 
headphones if we change the power supply to be a9 V 


power? 


CHAPTER 20 


Inductors 


In this chapter, we will begin our study of inductors and coils. 


20.1 Inductors, Coils, and Magnetic Flux 


In Chapter 16, we learned that capacitors stored charge by using an electric 
field. We also learned that capacitors continued to hold their charge even 
after they were disconnected from the rest of the circuit. We learned in 
Chapter 19 that capacitors blocked DC signals but allowed AC signals to 
pass through. 


20.1.1 What Is an Inductor? 


An inductor is kind of like the capacitor’s evil twin. It behaves in some ways 
that remind us a lot of capacitors, but it is operating on a different aspect 
of electrical behavior. Capacitors store charge and release it in response to 
voltage changes. Inductors, instead, store magnetic flux and release it in 
response to current changes. Thus, capacitors tend to even out voltages, 
and inductors tend to even out currents. 

Figure 20-1 shows what an inductor looks like in a schematic. 
Inductors are non-polarized, so they can be wired in either direction. The 
symbol loosely represents a coil of wire, because that is what inductors are 


essentially made of. 
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Figure 20-1. The Symbol for an Inductor 


20.1.2 What Is Magnetic Flux? 


When current moves in a wire, it creates a very tiny magnetic field. It's not 
large enough to pick up anything, but it is present. Flux is the total amount 
of magnetism present in an inductor. Since this is an engineering book, not 
a physics book, we won't spend a lot of time trying to come to grips with 
what flux is and how it works. We will simply understand that it is the total 
size of the magnetic field of a component, and it is measured in Webers (Wb). 
To get a feel for what a Weber is like, a small bar magnet has a flux of 


around E Wb. 
1000 


As a sidenote, when we say that something is magnetic, we are usually 
not talking about the total flux of something, but of the density of that 
flux—the amount of flux in a given area. Flux density is measured in Teslas 


l 
(1 Tesla is uk 
Ime 


> ), but we will not concern ourselves with Teslas or flux 
ter 


densities for this course. 


20.1.3 What Is the Difference Between Electric 
and Magnetic Fields 


Now, when we talked about capacitors, we talked a little bit about electric 
fields. Electric fields and magnetic fields are related, but different. An 
electric field is generated by a difference in charge between two surfaces. 
Electric fields can exist even when no current is moving at all —there just 
has to be two differently charged surfaces. Basically, any charged object 
will induce a force on another charged object for a certain distance, and 
this is the electric field. 
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The magnetic field, however, only exists when a charge is moving. 
When a charge is in motion, in addition to the electric field, it also creates 
a magnetic field surrounding itself, going perpendicular to the wire. This 
field also exhibits a force on charged objects within a small distance, but a 
much larger distance than the electric field. Additionally, when the current 
in the wire slows down, the magnetic field will convert its own energy into 
current in the wire. 

The size of a magnetic field within a single wire is very, very small and 
can be ignored. However, the strength of the magnetic field of a wire can be 
increased by wrapping (coiling) it around a cylindrical core. This aligns the 
magnetic fields of the wires so that the fields can each be added together 
to produce a combined magnetic field. Each turn around the core adds 
an additional bit to the magnetic field. Devices based on this principle are 
called coils or inductors. 

When an inductor is first turned on, most of the current goes into 
creating the inductor’s magnetic field. Then, as the magnetic field is setting 
up, it allows more and more current to flow, until it hits a steady state. 
Then, if the current flow reduces, the energy from the magnetic field gets 
transformed into current and goes out to try to make up the difference. 

While a capacitor stores energy as a charge and releases it when there is 
a voltage change, an inductor stores energy as magnetic flux and releases it 
when there is a current change. An inductor’s inductance is measured using 
the Henry (H). The core equations of capacitors and inductors are related as 
well. The defining equation of a capacitor is Q = C- V, where Qis the charge 
in the capacitor. The defining equation of an inductor is just as simple: 


ġ=L-I (20.1) 


In this equation, y is the magnetic flux in the inductor (in Webers), Lis 
the inductance (in Henries), and Tis the current (in amperes). The Henry 
is the primary unit ofinductance and has an abbreviation of H. 
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Example 20.19 If I have a 50-microhenry inductor 
and have a constant current of 2 milliamps, how 


much magnetic flux is being stored? 


ġ=L-I 
L =50uH = 0.00005 H 
I =2mA = 0.002 A 
$ = 0.00005 - 0.002 
= 0.0000001 Wb = 0.1 uWb 


Therefore, we have 0.0000001 Weber of flux, or 0.1 


microweber of flux. 


Therefore, when a relatively constant amount of current flows, it is easy 
to calculate the amount of flux in the magnetic field. 


20.2 induced Voltages 


Changes in the flux of a magnetic field induce voltages. The amount of 
voltage induced depends on how fast the flux changes. The induced 
voltage is essentially the change in the flux divided by the number of 
seconds that it took for the change to occur. If the flux decreases, the 
energy is converted into voltage, which goes up. If the flux increases, 

the energy is taken from the voltage, which goes down. So, if there was a 
decrease of 10 Wb over the course of 2 seconds, then the amount of voltage 


induced would be ————— = 
2seconds 


The formal statement of this is known as Lenz’s law. It is given as 
follows: 
changeing 


SS (20.2) 
change in time 


average 
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The average voltage produced by the change in a magnetic field over 
a given time period is the same as the amount of flux that was reduced by 
the field divided by the same time period. 

Now, the amount of flux in the inductor will change with the current, 
as indicated by Equation 20.1. When the current decreases, it will cause the 
flux to be converted into voltage. When the current increases, it will add 
more flux into the magnetic field, using up voltage. 

When the amount of flux changes, it creates a voltage. The amount of 
flux change (in Webers) divided by the amount of time it took to change (in 
seconds) will yield the voltage produced by the change. Therefore, when 
the current drops, the flux will be converted to voltage. If we add in voltage, 
it will also increase the current. 


20.3 Resisting Changes in Current 


Ultimately, what an inductor is doing is resisting changes in current. When 
the current goes up, the current is first used to construct the magnetic 
field, and therefore it takes some time to allow the full amount of current 
through. When the current goes down, the flux of the magnetic field 
decreases, which gets converted back to voltage, which induces more 
current. 

The inductor, with regard to current, is the opposite of the capacitor. 
With direct current, the capacitor, when first connected to the circuit, 
acts as a short circuit—the current basically flows right through until the 
capacitor starts to fill up. When the capacitor is full, then it acts like an 
open circuit—blocking any more current from flowing. 

The inductor is the opposite. When first connected to the circuit, the 
inductor acts like an open circuit—the current is basically being used to 
construct the magnetic field. As the magnetic field strength increases, 
more and more current is allowed to flow. Once the magnetic field flux 
matches what it should be for the given current, the current flows freely, as 
if the inductor were not even there, like a short circuit. 


307 


CHAPTER 20 INDUCTORS 


In summary, we can say that a capacitor acts as an open circuit for 
sustained DC and as a short circuit for alternating current. The inductor 
acts as a short circuit for sustained DC and as an open circuit for 


alternating current. 


20.4 Analogy from Mechanics 


If you are into mechanics, you can think of an inductor as a flywheel. 
Flywheels store mechanical energy into the motion of a large or heavy 
wheel. It takes energy to get the wheel spinning, but once it is spinning, 
the wheel itself can continue to drive the mechanism. The wheel is used to 
even out the drive of the other components of the mechanism. 

For instance, an engine driven by pistons will have somewhat irregular 
motion, because the force of the pistons is not constant through their 
motion. However, attaching a flywheel will even out the energy output. 
When the pistons are delivering more power, most of the excess will be 
going to the flywheel, and when the pistons are delivering less power, the 
mechanism can be driven by the force of the flywheel. 


20.5 Uses of Inductors 


Inductors are used in a very wide variety of applications—much more 

so than capacitors. Capacitors are used primarily for their effects within 
electronic circuits—filtering noise, blocking DC, coupling DC-biased 
circuits, and so on. However, the electric field created on the plates of the 
capacitor is fairly useless on its own because the field fades so quickly with 
distance. Inductors are used for similar things as capacitors within circuits 
(their operation being largely the counterpart of what a capacitor would 
do), but additionally, the magnetic field of the inductor has innumerable 
uses because its effects are stronger further away. These uses include the 
following: 


308 


CHAPTER 20 INDUCTORS 


ml 


+ Current Flow —> 


Figure 20-2. A Snubber Diode 


e Inductors are used to make electromagnets, for 


picking up and setting down large objects. 


e Inductors are used to make transformers, which use 
the magnetic field in one inductor to generate a current 


in another inductor. 


e Inductors are used to make motors, where the 
electromagnetic coils are used to turn a shaft. 


e Inductors are used to make speakers, which use the 
magnetic field to move the speaker diaphragm back 
and forth. 


e Inductors are used to make relays, which use the 
magnetic field to open and close switches. 


These are just some of the uses of inductors. In short, the magnetic 
field created by the inductor is what allows many of the interfaces between 
electronic devices and the real world. 


20.6 Inductive Kick 


One important thing to keep in mind when using inductors is the concept 
of inductive kick. Lenz’s law (Equation 20.2) shows that decreases in the 
magnetic flux will induce a voltage. Since the magnetic flux is divided by 
time to get the voltage, that means that a shorter timespan will generate 

a larger voltage. Thus, a sudden decrease in magnetic flux will cause a 
voltage spike. 
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But what controls the flux? If you go back to Equation 20.1, we can see 
that a decrease in current will decrease the magnetic flux. Therefore, a 
sudden decrease in current will cause a sudden decrease in the magnetic 
flux which will then cause a large voltage spike within the inductor 
itself. This spike is known as an inductive kick and can damage nearby 
electronic components. To avoid an inductive kick, a flyback diode, also 
called a protection diode or a snubber diode, can be used. 

A flyback diode is a regular diode (not a Zener diode) wired backward 
across the terminals of an inductor. Under normal operation, the diode 
won't conduct. However, when the diode is shut off, it provides a safe path 
for the generated voltage to pass through (back through the other side of 
the inductor) and allows the inductor to bleed off voltage in a much more 
controlled manner. 

Figure 20-2 shows how this is wired up. As you can see, under normal 
operation, the current flows in the direction of the arrow. Since the left- 
hand side is more positive than the right-hand side, no current can flow 
through the diode. However, when the current is shut off, the right-hand side 
becomes more positive very quickly, and the diode feeds the excess current 
back through the inductor to allow the extra energy to dissipate more slowly. 

You might be wondering why the voltage doesn’t just shift back to the 
left side on its own once the right-hand side is more positive. The answer is 
that the magnetic field that is generating the voltage is itself directionalized 
within the inductor. The field’s movement is such that it is essentially 
pushing current to the right (which is why a voltage is being produced). 
Therefore, the flyback diode carries this excess voltage back to the left- 
hand side of the diode. 

Flyback diodes are used with all sorts of inductors (motors, 
electromagnets, etc.) anywhere where there are components that could be 
damaged by an inductive kick. For basic applications, nearly any type of 
diode will work for a flyback diode. However, diodes differ in their speed 
in reacting to voltage changes. In some circuits, the speed at which a diode 
reacts to changes in voltage can be important. 
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Review 


In this chapter, we learned the following: 


1. 


Inductors are electronic components that are made 
of winding wire around a core which allows them to 


store charge in their magnetic fields. 


The strength of a magnetic field is the magnetic flux 
and is measured in Webers (Wb). 


While an electric field is made from the presence 
of charges, the magnetic field is made from the 
movement of charges (i.e., the current). 


When the current going into an inductor increases, 
the extra current is first used to build up the flux of 
the magnetic field before achieving a new steady 
state. 


When the current going into an inductor decreases, 
the flux of the magnetic field is converted into 

a voltage, which increases the output current, 
resisting the change in current. 


Inductors oppose changes in current. They act as 
resistors to AC and as short circuits to DC. 


An inductor can be thought of similar to a flywheel 
in mechanics, which stores energy in a rotating 


wheel. 


Inductors are useful because not only do they have 
interesting electric properties, their magnetic field 
also allows them to interface into the real world 
because magnetic field effects have a much longer 
reach than electric field effects. 
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9 


10. 


INDUCTORS 


When current to an inductor is suddenly shut off, it 
creates a large voltage, known as an inductive kick. 


A snubber diode is used to mitigate against the 
negative effects of an inductive kick. 


Apply What You Have Learned 
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1. 


If I want a circuit to block DC but allow AC, should I 


use an inductor or a capacitor? 


If T want a circuit to allow DC but block AC, should I 


use an inductor or a capacitor? 


Why are inductors used so much in systems that 
interact with the outside world? 


Why does inductive kick happen? 


Draw a schematic of an inductor where the positive 
side of the inductor has a switch and the negative 
side is connected to an LED and a resistor. Add ina 
snubber diode to protect the LED from the effect of 
turning off the switch. 


What is the purpose of the snubber diode? 


If I have an inductor that is 5 H and has a steady 
current going through it of 2 A, what is the size of the 
magnetic flux in the inductor’s magnetic field? 


If I have an inductor that is 7 H and has a steady 
current going through it of 3 mA, what is the size of 
the magnetic flux in the inductor’s magnetic field? 


10. 


11. 


12. 
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If I have a 4 H inductor with 0.3 Wb of flux in its 
magnetic field, how much current is flowing through 
it? 

If an inductor’s magnetic field has 5 Wb of flux and it 
decreases to 3 Wb of flux over 2 seconds, what is the 
average voltage produced over that timeframe? 


If an inductor’s magnetic field has 1 Wb of flux and 
it increases to 2 Wb of flux over 0.4 second, what is 
the average voltage produced over that timeframe? 


If the current flowing through a 3 H inductor drops 
from 7 mA to 1 mA over a period of 0.01 second, 
what is the average voltage produced over that time 
period? 
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Inductors and 
Capacitors in Circuits 


In this chapter, we will look at a few of the basic uses of simple inductors. 


21.1 RL Circuits and Time Constants 


Just as we had an RC circuit for capacitors, there is a similar circuit for 
inductors—the RL circuit. Just as inductors are the alter ego of capacitors, 
RL circuits are the alter ego of RC circuits. 

An RL circuit is a circuit consisting of a resistor (R) and an inductor (L) 
in series with each other. They are similar in construction and usage to 
the RC circuits we looked at in Chapter 17, but have some important 
differences. 

In RC circuits, the RC time constant was the amount of time it took to 
charge a capacitor to 63.2% of full voltage when coupled through a resistor. 
Thatis, after 1 time constant has passed, the voltage between the legs of 
the capacitor will be 63.2% of supply voltage. 

In RL circuits, the RL time constant is the amount of time it takes to 
charge the inductor’s magnetic field 63.2% of its final value. Since the size of 
the magnetic field and the current are directly related to each other, this is 
also the amount of time it takes to get the current up to 63.2% ofits final rate. 
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The way that the RL time constant is calculated is different from the 
way that RC time constants are calculated. The RL time constant is found 
by dividing the inductance in Henries (L) by the resistance in ohms (R). 


eo (21.1) 


Figure 21-1 shows the relationship between the number of time 
constants, the current through the inductor, and the voltage across 
the inductor. This is the same table as the one for RC time constants 
(Figure 17-1) except that current and voltage are swapped with each other. 


Figure 21-1. RL Time Constants 


Example 21.20 Let’s say that we have a 2 H inductor 
in series with a 500 Q resistor connected to a5 V 
source. How long will it take before the inductor has 
2.5 V across its terminals? 


To solve this, recognize that 2.5 V is basically half 
of the voltage source. Therefore, we need to look 

at Figure 21-1 and find the one which is closest to 
having 50% of the voltage. That is 0.7 time constant. 
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Now, we need to figure out what the time constant for 
this circuit is. The inductance is 2 H, and the resistance 
is 500 Q. Therefore, according to Equation 21.1, 

we divide the inductance by the resistance: 


2 
Ta 
500 
= 0.004second 


Therefore, the time constant is 0.004 second. We are wanting 0.7 time 
constants, so the final answer is 0.004 - 0.7 = 0.0028 seconds. 


21.2 Inductors and Capacitors as Filters 


As we have mentioned, a general way of thinking about capacitors and 
inductors is that capacitors allow AC but block DC and inductors are the 
other way around. Inductors allow DC but block AC. 


Source signal 


Load 


Figure 21-2. Removing High Frequencies Using an Inductor 


Source signal 


Figure 21-3. Removing High Frequencies Using a Capacitor 
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This can also be thought of in terms of frequency response. When 
dealing with signals (audio circuits, radio circuits, etc.), you oftentimes 
want to deal with certain frequencies and not others. With an inductor, the 
lower the frequency is, the easier it is to pass through from one side to the 
other. With a capacitor, the higher the frequency is, the easier it is to pass 
through from one side to the other. 

Many audio systems have different speakers optimized for different 
frequencies. A common setup is to have two speakers—a woofer which 
handles the low pitches and a tweeter which handles the higher pitches. 
By using capacitors and inductors, circuit designers can customize which 
frequencies go to which speakers. 

Radio systems also utilize capacitors and inductors. Each radio station 
operates on a specific carrier frequency. A carrier frequency is the 
dominant frequency used to carry a signal. When building a radio receiver, 
capacitors and inductors are used to isolate the specific frequency from all 
of the frequencies being transmitted over the air. 

Chapter 22 will discuss the mathematics behind this further. 


21.3 Parallel and Series Capacitors 
and Inductors 


Capacitors and inductors can each often take on the role of the other in 
frequency filtering. As we have mentioned, you can use a capacitor to 
allow AC signals and block DC and low-frequency signals. Inductors do 
the opposite—they allow DC and low-frequency signals and block AC 
signals. However, in a pinch, you can actually get each one to do the job of 
the other. 

Imagine that you want to get rid of noise in a circuit. Noise is 
essentially high-frequency AC. Using the previously defined rules, we 
might want to put an inductor in series with the circuit to remove noise. 


Figure 21-2 shows what this looks like. There is, however, another option. 
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Instead of putting an inductor in series with the circuit, we can instead 
wire a capacitor that goes to ground in parallel with the circuit. Figure 21-3 
shows this configuration. The way to think about this is that, since AC signals 
travel through a capacitor, the capacitor is shunting off AC signals to ground 
before they get to the load. 

Likewise, the same can be done for low-frequency filtering. Normally 
a capacitor is used to block low-frequency or DC signals when wired 
in series. However, an inductor can be used in parallel to pass off low 
frequencies to ground while letting high frequencies pass through. 

In both of these situations, ifthe currents going to ground will be 
significant at all, you might also consider putting a small resistor in the 
parallel circuit as well. This will lessen the ability of the circuit to pass 
signals off to ground, but will also prevent short circuit behavior if you get 
significant signals being shunted off to ground. 

Additionally, when you switch from the inline to the parallel version 
of these circuits, you wind up wasting the power that gets shunted off to 
ground. In the series versions of the circuit, any unused power is either 
blocked or stored. Therefore, it doesn’t really waste much power. However, 
in the parallel versions, the filtered power is simply sent to ground, 
essentially wasting it. 


Review 


In this chapter, we learned the following: 


1. Aresistor-inductor series circuit is known as an RL 


circuit. 


2. RL circuits have time constants very similar to RC 


circuits. 


3. The time constant for an RL circuit is given by 
dividing the inductance by the resistance. 
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For RL circuits, the voltage and current values for 
each time constant are swapped. 


Inductors and capacitors can be used to filter 
specific frequencies. 


Capacitors allow high frequencies to go through, 
while inductors allow lower frequencies to go 
through. 


Using capacitors and inductors together allows a 
person to define a specific range of frequencies that 
they wish to either block or allow. 


Radios use this feature which allows people to filter 
only the specific radio station frequency they want. 


Capacitors and inductors can be used for the other’s 
job in filters by wiring them in parallel so that they 
carry their type of current (AC or DC) to ground 
instead of letting it pass to the load. 


Apply What You Have Learned 
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What is the time constant of a series circuit 
consisting of a 50 Q resistor and a 2 H inductor? 


What is the time constant of a series circuit 
consisting of a 10 Q resistor and a 5 pH inductor? 


If I have a 9 V battery and I connect it to a series 
circuit consisting of a 1 kQ resistor and a 23 H 
inductor, how much time will it take before the 
current through the inductor reaches approximately 


87% of its maximum value? 
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If I have a 5 V source and I connect it to a series 
circuit consisting of a 2 kQ resistor and a 6 pH 
inductor, how much time will it take before the 
voltage across the inductor falls below 0.25 V? 


If T have a circuit that has unwanted high-pitched 
noise, what component can I wire in series with the 


circuit to remove the noise? 


If T have a circuit that has unwanted high-pitched 
noise, what component can I wire in parallel with 


the circuit to remove the noise? 


What types of currents does an inductor (a) block 
and (b) allow? 


What types of currents does a capacitor (a) block 
and (b) allow? 


If I am building a radio, I need to allow through 
only very specific frequencies. What component or 
combination of components would I use to do this? 
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Reactance 
and Impedance 


22.1 Reactance 


We have discussed resistance quite a bitin this book. Resistance is specifically 
about the ability of a component to be a good conductor of electricity. When a 
circuit encounters resistance, power is lost through the resistor. 

However, another way of preventing current from flowing is known 
as reactance. With reactance, the power isn't dissipated, but rather the 
current is prevented from flowing altogether. 

Let's think again about what happens when a voltage is connected to 
a capacitor in series. The capacitor starts to fill up. As the capacitor gets 
more and more full, there is less charge that can get onto the plate of the 
capacitor. This prevents the other side from filling up as well, and current 
cannot get through the capacitor. This acts in a similar way to resistance—it 
is preventing (impeding) the flow of current. However, itis not dissipating 
power because it is actually preventing the current from flowing. This is 
known as reactance. For capacitors, it is called capacitative reactance, 
and for inductors, it is called inductive reactance. 
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Reactance is usually frequency dependent. Again, going to the 
Capacitor example, with high frequencies, the capacitor is continually 
charging and discharging, so it never really gets full, so it never impedes 
the current flow very much. Therefore, capacitors add very little reactance 
with high-frequency AC. The lower frequencies, however, give the 
Capacitors time to get full, and when they are full, they impede the current 
flow. Therefore, for capacitors, lower frequencies create more reactance. 

Reactance is measured in ohms, just like resistance. However, they 
cannot be simply added to resistances, so they are usually prefixed with 
the letter j. So 50 ohms of reactance is usually labeled as j50 Q so that it is 
understood as a reactance. Reactances can be added to each other, and 
resistances can be added to each other. We will see how to combine them 
in Section 22.2, “Impedance.” Reactances are usually denoted using the 
letter X. 

The reactance of a capacitor (Xc) is given by the following formula: 

l 


X, = n (22.1) 


In this formula, fis the AC frequency of the signal (in hertz), and C 
is the capacitance. It might seem strange that this produces a negative 
value. The reason for this will make sense as we go forward. However, it 
is not producing negative impedance—we will see this when we combine 


reactance with resistance. 


Example 22.21 What is the reactance of a 50 nF 
capacitor to a signal of 200 Hz? To find this, we 


merely use the formula: 
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i 
aa 2m- f-C 
i 


27 -200 - 0.00000005 
1 


~ 2.3.14- 200 - 0.00000005 
1 


~ 0.00000624 
~ — 1602560 


You can see from this formula why it is said that a capacitor blocks 
DC. DC is, essentially, current that does not oscillate. In other words, 
the frequency is zero. Therefore, the formula will reduce to — , which is 
infinite. Therefore, it has infinite reactance against DC. 

Also note what happens as the frequency increases. As the frequency 
increases, the denominator gets larger and larger. That means that the 
reactance is getting smaller and smaller—closer and closer to zero. As the 
frequency goes up, the reactance is essentially heading toward zero, but 
will never get there because the frequency can't be infinite. 

The formula for inductive reactance (X,) is very similar: 


X,=2a-f-L (22.2) 


In this equation, fis the signal frequency, and L is the inductance of the 


inductor in Henries. 


Example 22.22 Let’s say that I have an 3 H inductor 
with a 50 Hz AC signal. How much reactance does 


the inductor have in this circuit? 


X,=2a-f aL 
=2-3.14-50-3 
= ¡94200 
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The reactance in this circuit is 9,420 Q. 


Walking Distance 
= 


Distance Traveled 


10 ft 


10 ft 


Figure 22-1. Total Distance Traveled vs. Total Displacement 


22.2 Impedance 


In fact, resistance and reactance are usually combined together in a circuit 
to get a quantity known as impedance, which is simply the combination of 
resistive and reactive quantities. Impedance is often designated using the 
letter Z. 

Resistance and reactance aren’t added together directly; instead, you 
can think of them acting at angles to each other. Let’s say that I start at my 
house and walk 10 feet out my front door. Then, I turn 90 degrees right and 
walk another 10 feet. While I have walked 20 feet, I am not 20 feet from 
my door. I am, instead, a little over 14 feet from my door. I can call this my 
displacement. Figure 22-1 shows what this looks like visually. 

Since this is a right triangle, the distance from the start to the end 
is found on the hypotenuse of this triangle. We can calculate the total 
displacement using the Pythagorean theorem (4? + B? = C?). If we solve for 
C (total displacement), we get 
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C=V 4? +B (22,3) 


So, in our distance example, if I went forward 10 feet, turned left, and 
went another 10 feet, the total distance traveled would be 


= ¥100+100 
= 200 
~14.14 


The total impedance is like the total distance from your door. 
Resistance and reactance are like different walking directions (at right 
angles to each other), and impedance is the total displacement. That’s 
why we use the letter j to signify reactance—it is just like resistance but in a 
different direction. 

So how do we calculate impedance? In fact, itis calculated precisely 
like the displacement calculation in Equation 22.3: 


impedance = V resistance’ + reactance” (22.4) 
Or, using their common abbreviations, we can say: 
Z=NŬ\R +X” (22.5) 
Let's see how we can use Equation 22.4 to calculate total impedance. If 


I have a circuit that has 30 Q of resistance and j20 Q of reactance, then the 
formula for total impedance is 
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impedance = resistance’ + reactance” 
= 430° + 20° 
= 1900 + 400 


= 41300 
z 36.10 


As you can see, when using this formula, we are calculating a total 


impedance, so the j drops away. 


Example 22.23 If I have a 1 KQ resistor in series 
with a 100 nF capacitor with a 800 Hz signal, what is 
the total impedance to the signal that my circuit is 
giving? 

To find out impedance, we need both resistance and 
reactance. We already have resistance—1 kQ. The 
reactance is found by using Equation 22.1: 


| 
an 2m- f-C 
| 


27 -800-0.0000001 
1 


~ 00005024 
X — j1990Q 


So the reactance is about — j1990 Q. 
So, if the resistance is 1000 Q and the reactance is — j1990 Q, what is 
the impedance? The impedance is found by using Equation 22.4: 
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impedance = Vresistance” + reactance? 
= 4/1000? + (—1990)’ 


= 41000000 + 3960100 
= 74960100 


x 222702 


22.3 RLG Circuits 


So far we have discussed RC (resistor-capacitor) and RL (resistor-inductor) 
circuits. When you combine all of these components together, you get an 
RLC (resistor-inductor-capacitor) circuit. 

When you calculate the impedance of such circuits, you have to be 
sure you include the reactance of both the capacitative and the inductive 
components. While inductors and capacitors both offer reactance to 
certain frequencies, their reactances actually oppose each other. That is, 
the reactance of one cancels out the reactance of the other. This is why the 
capacitative reactance is negative and the inductive reactance is positive. 

Therefore, when calculating reactances that include both inductance 
and capacitance, you can add the reactances just like you would add 
resistances. However, since the capacitive reactances are negative and the 
inductive reactances are positive, they wind up canceling each other out to 
some degree. 


Example 22.24 If I have an inductor of 5 mH and a 
capacitor of 5 uF in series with a 200 Q resistor, what is 
the impedance of the circuit for a frequency of 320 Hz? 


To solve this problem, we need to first find the 
capacitative reactance (Xc) and the inductive 
reactance(X,). To get the capacitative reactance, we 


use Equation 22.1: 
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| 
T 2m- f-C 
i 


27 -320 -0.000005 
1 


~ 0.01 
xX — j1990Q 


The inductive reactance is found using Equation 22.2: 


AyrA L 
= 27 -320 -0.005 
zx 100 


Now, we can just add these reactances together: 


X 


total 


=X, —-X¢ 
= fl10Q+ —j100Q 
= — j90Q 


The fact that this is negative is not a problem because it will be squared 
(which will get rid of the negative) in the next step. Now that we know 
the resistance (200 Q) and the reactance (— ¡90 Q), we just need to use 


Equation 22.4 to calculate the total impedance: 


impedance = Vresistance” + reactance” 
=,/200? +(-90) 


= 140000 + 8100 
= 748100 


~ 2190 


So the total impedance (opposition to current) in this circuit is 219 Q. 
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22.4 Ohm's Law for AC Circuits 


In an AC circuit, the current and voltage are continually varying. Therefore, 
using the traditional Ohms law, you would have to calculate Ohm’s law 
over and over again in order to find out the relationships between voltage, 
current, and resistance. 

However, there is a form of Ohm’s law that works directly on AC circuits 
of a given frequency. That is, it is essentially a summary of the voltages and 
currents that happen on each cycle. Ohm’s law for AC circuits is basically 
identical to the previous Ohm’s law, but the terms are slightly different: 


Vems = Irus Za (22.6) 


Here, the voltage we are referring to (Vays) is an average voltage 
through one cycle of AC. This average is known as the RMS average. Itis a 
little different than the typical average you might think of. Ifan AC voltage 
is swinging back and forth from positive to negative, the actual average 
voltage is probably around zero. However, RMS voltage is about calculating 
the average amount of push in any direction—positive or negative. 
Therefore, the RMS voltage will always yield a positive answer.’ 

Likewise, the current refers to the RMS current (Irus). Just like the RMS 
voltage, the RMS current will always be positive, because it is the measure 
of the average amount of flow in any direction. 

Finally, the impedance Z is calculated as we have noted in this 
chapter—by combining resistances and reactances together into an 


impedance. 


'RMS stands for “root mean square.’ It is obtained by (a) squaring every data 
point, (b) averaging the squares, and then (c) taking the square root of the 
average. This is why it will be positive—it deals in squares. 
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Thus, Ohm’s law for AC circuits can be used to express summary 
relationships about average voltage, average current, and impedance in an 
AC signal. 


Example 22.25 I have an AC circuit whose RMS 
voltage is 10 V. I have calculated the impedance of 
this circuit to be 20 Q. What is the RMS current of 
this circuit? 


To find this out, we just rearrange Ohm’s law a little 


bit: 
Ves =f RMS Z 
V 
Ts = 


In this circuit, we would have an average of half an amp (500 
milliamps) flowing through the circuit. 


Example 22.26 I have an AC voltage source with 

an RMS voltage of 5 V running at 200 Hz. Itis 
connected in series with a 50 kQ resistor and a 50 nF 
capacitor. What is the current in this circuit? 


To find this out, we have to first find the total 
impedance of the circuit. That means we have to use 
Equation 22.1 to find the reactance of the capacitor: 
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i 
o 2m- f-C 
i 


~ 2.3.14-200 -0.000005 
1 


~ 0.00000628 
~ — ¡1592360 


Now that we have the resistance (50 kQ) and the reactance (— ¡159236 (2), 
we can use them in Equation 22.5: 


T=AR EX 
= 500007 +159236* 
= 2500000000 + 25356103696 


= ¥27856103696 
~166901Q 


Now we can use Ohm's law for AC circuits (Equation 22.6 to find the 
current): 


Voms 
ETR = Z 
= 5 
- 166901 
~ 0.00003A 


This means that the average current (Jpys) will be approximately 
0.00003 A, or 30 PA. 
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22.5 Resonant Frequencies of RLC Circuits 


As we have seen, the capacitative reactance goes closer to zero when the 
frequency goes up. Likewise, the inductive reactance increases when 
the frequency goes up. Additionally, the capacitative reactance and 

the inductive reactance have opposite signs—negative for capacitative 
reactance and positive for inductive reactance. 

What is interesting is that if you have a combination of inductors and 
capacitors, there is always some frequency at which their reactances 
exactly cancel each other out. This point is known as the resonant 
frequency of the circuit. 

When a capacitor and an inductor are in series with each other, it is 
termed an LC series circuit. Because the inductor inhibits high frequencies 
and the capacitor inhibits low frequencies, LC circuits can be used to let 
through a very specific frequency range. The center of this range is known 
as the resonant frequency of the circuit. 

Now, if you are good with algebra, you can combine Equation 22.1 
and Equation 22.2 to figure out the resonant frequency of a circuit (i.e., 
set them to add up to zero and then solve for the frequency f ). However, 
to spare you the trouble, there is a formula that you can use to find the 
resonant frequency of a circuit: 


TTL aa 


At this frequency, there is no total reactance to the circuit—the only 
impedance comes from the resistance. 


Example 22.27 Let's say that you have a 20 uF 
capacitor in series with a 10 mH inductor. What is 
the resonant frequency of this circuit? 


To find the resonant frequency, we only need to 
employ Equation 22.7: 
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©] 
J = InVL-C 
E | 
~ 2x J0.01-0.00002 
E I 
= 2xJ0.0000002 
i 1 
~ 27 -0.000447 
1 
~ 0.00279 
x 358 Hz 


Therefore, this circuit has a resonant frequency 
of 358 Hz. This means that, at this frequency, this 
circuit has no reactive impedance. 


Resonance frequencies are important in signal processing. They can be 
used in audio equipment to boost the sound of a specific frequency (since 
all other frequencies will have resistance). They can be used to select radio 
stations in radio equipment (since it will be the only frequency allowed 
through without resistance). You can also remove a specific frequency by 
taking a resonant frequency circuit to ground, thereby having a specific 
frequency short-circuited to ground with no resistance. 


22.6 Low-Pass Filters 


As mentioned, capacitors allow AC and block DC. If you wanted to remove 
the AC component of a signal, a capacitor can be connected to take the 

AC portion of your signal to ground. This is known as a low-pass filter, 
because, since the high-frequency (AC) component of the signal is being 
sent to ground, the low-frequency (DC) component of the signal is being 
allowed to pass. 
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How do you know what size of capacitor to use? Well, a rule of thumb 
is to have a capacitor whose reactance to the signal that you want to keep 
is greater than the resistance coming in to the capacitor (we want a larger 
resistance because we don't want that signal coming through the capacitor). 
Therefore, we can modify Equation 22.1 to say 


1 
IF RG ee) 
Or 
a (22.9) 
27 -R-f 


If you know the incoming resistance, you can use that last equation 
to just solve for the size of capacitor you will need (if you don’t have any 
incoming resistance, then you can simply add a resistor of your choosing 
and calculate for C). 


22.7 Converting a PWM Signal into 
a Voltage 


In Chapter 15, we talked about how the Arduino microcontroller can't emit 
an analog voltage, but can mimic it with a PWM signal, where it turns its 5 
V signal on and off to mimic in-between voltages. We can use a low-pass 
filter to transform a PWM signal into a voltage. 

The circuit to do so is fairly straightforward and is given in Figure 22-2. 
The resistor and capacitor serve to tune the lower end of the frequency of 
the signal that gets removed. 

According to the specs, the PWM frequency is about 490 Hz. In 
theory, we could find the reactance of the capacitor using Equation 22.1. 
However, in practice, because the PWM is a square wave (it has very sharp 
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edges), it requires a larger capacitor. In any case, this filter removes the 
AC component of the PWM and just leaves the residual voltage that it 
represents. 


PWM Pin 4k Analog Voltage Out 


Figure 22-2. Converting PWM to Analog with a Capacitor 


Review 


In this chapter, we learned the following: 


1. Reactance (X) is a property of some electronic 
components that is similar to resistance, but it 
prevents the flow of current instead of dissipating the 
flow (i.e., converting it to heat). 


2. Reactance, like resistance, is measured in ohms. A j 
is placed in front of the reactance to specify that it is 


a reactance value. 


3. Reactance is frequency dependent—the amount of 
reactance depends on the frequency of the signal. 


4. Capacitors and inductors each have formulas 
that can be used to calculate the reactance of the 


components. 
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5. 


10. 


11. 


Capacitors yield negative reactance and inductors 
yield positive reactance. This means that their 
reactances will oppose and cancel each other out to 
some degree. 


Impedance (Z) is the total inhibition of the flow 
of current, combining both resistive and reactive 


elements. 


Reactance and resistance are combined into 
impedance in the same way that walking two 
different directions can be combined into a total 
distance from your originating point—using the 
Pythagorean theorem. 


RMS voltage (Vins) is the average voltage of an 
AC circuit, regardless of the direction (positive 
or negative) of the voltage. This can be used to 
summarize the effects of an AC voltage. 


RMS current (Irus) is the average current of an 
AC circuit, regardless of the direction (positive 
or negative) of the voltage. This can be used to 
summarize the effects of an AC current. 


Ohm's law for AC circuits yields the summary 
relationship between RMS voltage, RMS current, 
and impedance in an AC circuit. It is identical to the 
previous Ohm’s law, but uses the summary values 
for the circuit at a particular frequency, rather than 
the values at a particular point in time. 


The resonant frequency of a circuit is the frequency 
at which inductive reactance and capacitative 
reactance cancel each other out. 
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12. Resonant frequencies can be used in any application 
where isolating a frequency is important, because 
the resonant frequency will be the only frequency 


not encountering resistance. 


13. Low-pass filters remove AC signals and allow 
lower-frequency signals to pass. 


14. A low-pass filter can be used to convert an Arduino 
PWM signal into a voltage. 


Exercises 


1. Asthe frequency of a signal goes up, how does that 
affect the reactance from a capacitor? What about 
with an inductor? 


2. As the frequency of a signal goes down, how does 
that affect the reactance from a capacitor? What 
about with an inductor? 


3. Whatis true about the relationship between the 
capacitative reactance and the inductive reactance 


at the resonant frequency? 
4. Whyis power not used up with reactance? 


5. How are reactance and resistance combined to yield 


impedance? 


6. Calculate the capacitative reactance of a 3 F 
capacitor at 5 Hz. 


7. Calculate the capacitative reactance of a 20 uF 
capacitor at 200 Hz. 
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8. 


10. 


11. 


12. 


13. 


14. 


15. 


16. 


17. 


Calculate the inductive reactance of a 7 H inductor 
at 10 Hz. 


Calculate the inductive reactance of a 8 mH 
inductor at 152 Hz. 


Calculate the impedance of a circuit with a 200 Q 
resistor in series with a 75 uF capacitor with a signal 
of 345 Hz. 


Calculate the impedance of a circuit with a 310 Q 
resistor in series with a 90 nF capacitor with a signal 
of 800 Hz. 


Calculate the impedance of a circuit with no resistor 
and a 60 mH inductor with a signal of 89 Hz. 


Calculate the impedance of a circuit with a 50 Q 
resistor in series with a 75 uH inductor with a signal 
of 255 Hz. 


If T have an AC circuit with an RMS voltage of 6 
V and an impedance of 1 kQ, what is the average 
(RMS) current of this circuit? 


If I have an AC circuit and I measure the AC voltage 
as 10 V RMS and I measure the AC at 2 mA RMS, 
what is the impedance of this circuit? 


If I have an 80 Hz AC circuit that has an 8 V RMS 
voltage source in series with a 500 Q resistor, a 5 H 
inductor, and a 200 nF capacitor, what is the RMS 


current flowing in this circuit? 


Calculate the impedance of a circuit with a 250 Q 
resistor in series with a 87 uH inductor and a 104 uF 
capacitor with a signal of 745 Hz. 


18. 


Lo, 


20. 
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What is the resonant frequency of the circuit in the 


previous question? 


What is the reactance of a circuit at its resonant 
frequency? 


If I have a 10 pF capacitor, what size inductor do I 
need to have a resonant frequency of 250 Hz? 
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DC Motors 


A DC motor is a device that converts DC electrical power into mechanical 
power. It operates by rotating a shaft using electromagnetism. DC motors 
are fairly simple to use, though they require slightly different reasoning 


from the way we have been examining circuits so far. 


23.1 Theory of Operation 


While there are more than one kind of motor, the “typical” DC motor 

is known as a brushed electric motor. This motor has a fixed outside 
container (called a stator because itis stationary) that contains magnets 
with opposite poles. Within the stator is an armature with electromagnets 
that is connected to the shaft (the shaft is the thing that turns). The 
electromagnets on the shaft's armature are then energized to be the same 
pole of the current magnetic orientation. 

If you have ever tried to push two magnets together that have the same 
pole, you know that the magnetic fields exhibit a lot of physical force to try 
to prevent this from happening. Therefore, the fixed magnets' magnetic 
fields push on the temporarily created electromagnets' fields on the shaft's 
armature. When the shaft turns to align itself with the fixed magnets, it 
also turns the connector that connects the shaft to the electricity. When it 
is turned, the connectors on the shaft are now connected to the opposite 
polarity than they were, so their fields are no longer aligned again! Thus, 
the shaft continues rotating on. 
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A certain type of motor, called a brushless motor, has a similar 
operation, except that instead of having the rotating shaft change the polarity 
of the current, it uses fixed magnets on the shaft and uses electromagnets for 
fixed magnets. Then, by pushing AC through the electromagnets, it changes 
the polarity of the fixed magnets back and forth, moving the shaft through 
the magnetic field. Brushless motors tend to be more expensive, but can 
rotate faster and have fewer parts which can wear out. 

Even though brushless motors use AC internally, they are operated 
just like DC motors from the outside. Brushless motors have internal 
circuitry that converts the DC into an AC waveform for energizing the 
electromagnets appropriately. 


23.2 Important Facts About Motors 


Motors require a lot of current, especially to start up. Starting up, they require 
even more current (often ten times their normal current). This is also the 
amount of current they require if they ever stop rotating (known as stalling). 

Motors are rated according to their most efficient operating voltage. Ifa 
motor is rated at 5 V, then it’s not that you can’t operate it at a different voltage, 
but that operating it at different voltages will change some of its characteristics 
and probably won't be as efficient. 

Motors generate a negative voltage called back EMF that is in 
opposition to the voltage provided to them. Motors generate more back 
EMF the faster that they spin. At the point at which the back EMF is equal 
to the voltage provided, the motor will no longer spin faster. There is also 
some voltage drop by the internal resistance of the motor’s coils, but it is 
relatively minor compared to the back EMF drop. 

If there is nothing attached to the shaft, the amount of current the 
motor operates with is known as the no load current, and the speed 
at which the motor spins is known as the no load RPM (RPM means 


“revolutions per minute”). 
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However, the most difficult thing that a motor does is to start rotating. 
When the motor isn't moving and is exhibiting its maximum rotational 
power (known as torque) to try to move, this is known as a stall condition. 
This is the most strenuous thing a motor can do, and many motors can't 
survive more than a few seconds in stall conditions. The amount of torque 
that a motor supplies in stall conditions is known as the stall torque, and 
the amount of current that the motor uses in these conditions is known as 
the stall current. Oftentimes, if you think you have a circuit that is properly 
sized for a motor, but it won't start spinning, this is because it isn’t getting 
enough current for stall conditions. You can sometimes even check this by 
spinning the shaft by hand and seeing if the motor then springs to life. 

Note that when a motor first turns on, itis always in stall conditions. 


23.3 Using a Motor in a Circuit 


DC motors are nice because they basically self-regulate. They spin fast 
enough to match whatever voltage is given to them and draw enough 
current to manage the proper torque for the load. If you want to know the 
details and calculations behind these things, see Appendix D, Section D.3, 
“Motor Calculations.’ However, if you stick with the voltage listed in the 
specs, the RPM of the motor generally gets fairly close to the specifications. 
In general, lower voltages lead to lower RPMs, and higher voltages lead to 
higher RPMs. 

It is pretty rare to add series resistance to a motor circuit. There are 
several reasons for this. The first is that, as mentioned, motors basically 
self-regulate. This means that 


1. They will draw the amount of power they need to 
draw for the given torque and no more. Thus, a 
current-limiting resistor is not needed. Additionally, 
if you calculate the current-limiting resistor for 
steady-state conditions, it will provide too little 


current for stall conditions. 
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2. They will utilize the given voltage to achieve the 
RPM that balances it out. Therefore, there will not 
be any excess voltage to consume. 


Additionally, series resistance can actually cause problems. The 
amount of current a motor can draw can vary very widely. As mentioned, 
the stall current can sometimes be ten times the steady-state current. 
With series resistance, the voltage drop across the resistor will then vary 
up to ten times as well, which will affect the voltage available to the motor 
and thus alter the performance specifications of the motor. Under stall 
conditions, it will decrease the performance of the motor at precisely the 
wrong moment. 

Therefore, while you might want to down-step voltage for a motor to 
get the proper RPM, you want to do so in an essentially non-resistive way, 
using diodes, transistors, or other components that are not likely to add 
significant series resistance to the motor. 

However, you may want to prevent problematic conditions as well. You 
don’t want a short circuit in your motor to fry your whole circuit. Because 
of this, you may want to add a fuse (instead of a current-limiting resistor) 
that will trip if it experiences excessively high current to protect the rest of 
your circuit. 

Additionally, since motors contain electromagnets, they utilize 
induction. As mentioned in Chapter 20, when current to an inductor stops, 
it creates a voltage spike due to the collapsing of the electromagnetic fields. 
Therefore, we have to provide a snubber diode to prevent that current from 
blowing out our sensitive equipment. You can refer back to Figure 20-2 to 
see how this is wired. 

Because motors are operated through induction, they are often 
represented with the same symbol as an inductor. 
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23.4 Attaching Things to Motors 


Motors just spin a shaft. What happens after the shaft starts spinning 
is, technically, outside the scope of this book and entirely up to you. 
Nonetheless, I thought I would take just a moment to talk about attaching 
things to motors. 

The first thing that comes up is, how do you attach something to a 
motor’s shaft? There are several common options: 


1. Some items are built to have a mechanical fit onto a 
shaft. That is, you can push them onto the shaft with 
some force, but they are unlikely to just fall off on 
their own. 


2. Some items are attached with a set screw. This is 
similar to the previous method, except that what 
keeps the attachment in place is not the pure fit, 
but an extra screw that applies the force after your 
attachment is in position. This allows for a little 
wider range of variance in size, so if the sizes are off 
slightly, the set screw will make up for the lack of 
mechanical force. 


3. Finally, some items need to be glued, welded, 
or in some other way permanently affixed to the 
shaft. The problem with this method is that, once 
attached, you can’t really use your motor for 
anything else. 


So what are we attaching to our motor? 

Well, you can directly attach things such as wheels to the shaft of the 
motor. For free-spinning things such as propellers, this is exactly what 
you do. It works for wheels too, kind of. The problem is that small DC 
motors often can’t generate the kind of torque you need for typical usages. 
Therefore, you need gears to translate the low torque/high RPM of the 
motor into a high-torque/low-RPM output to the wheels. 


347 


CHAPTER 23 DC MOTORS 


Many places sell gearboxes which handle all of this for you. In fact, you 
can even buy motors with the gearboxes inside the motor packages as well. 
Then, you connect your gearbox to the axle of the wheels using a gear or a 
belt, and the wheel is what performs the final actions. 

I find it interesting that all of these are just a series of conversions. We 
first convert electrical power into mechanical power. We then convert 
low-torque/high-RPM power into high-torque/low-RPM power. This 
is actually very similar to the operation of a transformer in electronics, 
which converts low current/high voltage into high current/low voltage and 
vice versa. Then, the wheels convert rotational power into linear power, 
by driving your project along the ground or driving a belt around and so 
on. We have a source of power (the battery) and the thing we want to do 
(moving things), and what we have to figure out is the best way to convert 
the kind of power we have into the kind of power that we need. 


23.5 Bidirectional Motors 


Oftentimes we want motors to spin both forward and backward. Most 
motors can spin backward just by reversing the positive and negative leads 
to the motor. However, we need to be able to do that electrically instead 

of forcing someone to go and reverse wires on our circuit board whenever 
they want to back up instead of go forward. 

Creating a circuit that can have current go either direction is hard 
enough, but added to that is the problem of positioning the snubber 
diodes—they will be needed in both directions! However, if we just 
attached snubber diodes in each direction, we would wind up with a short 
circuit no matter what (the current would prefer to just go through the 
diode pointing our way rather than through the motor). 

A type of circuit to manage these considerations has been developed, 
known as an H-Bridge. We will not delve into the details of how H-Bridges 
work or how to use one, but I thought I should mention them. 

If you are interested in H-Bridges, a popular chip is the L293. 
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23.6 Servo Motors 


A servo motor (usually just called a servo) is a motor that, instead of spinning, 
creates an angle. Think about a remote-controlled car. To turn the car, the 
wheels have to be at an angle. A regular DC motor is what spins the wheels, 
but a servo motor is what causes the wheels to turn to a specific angle. 

Servos are operated by sending an oscillating signal, much like the 
output ofa 555 timer (see Chapter 18). Servos expect a signal every 
20 milliseconds, and the length of the signal will determine the angle of 
the servo: 


e Ifthe signal is 1.5 milliseconds, the servo will be in the 
middle (neutral) position. 


e Ifthe signal is 1.0 millisecond, the servo will rotate 90 
degrees counterclockwise. 


e Ifthe signal is 2.0 milliseconds, the servo will rotate 90 
degrees clockwise. 


e Between these positions, the servo will rotate in a 
proportional way. 


As you can see, the servo can swing through 180 degrees of rotation. 
The servo expects to continually receive signals while it is on in order to 
maintain its position, but that position can be changed at any time with a 
change in the length of the signal. The behavior of a servo when no signal 
is applied depends on the particular servo you are using. 

Servo motors have separate inputs for their voltage supply and their 
signal. The signal does not have to power the motor—it is powered through 
its supply voltage. Instead, the servo motor just needs to receive a small 
signal to know its rotation, and the actual power is supplied through its 


voltage input. 
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23.7 Stepper Motors 


Stepper motors are motors that rotate in very precise increments. If 

you need something that can freely rotate, but need an exact number of 
revolutions or even half-revolutions, quarter-revolutions, and so on, a 
stepper motor supplies this capability. Stepper motors are often used in 

3D printers, where the print head needs to move a precise distance. The 
integrity of the generated structure depends on the print head being in the 
exact correct location. Therefore, the rotation of the shaft must be precisely 
controlled. 

The control of stepper motors is far outside the scope of this book and 
usually requires additional hardware (known as a stepper motor driver 
circuit), but I wanted to be sure you are aware of what they are and why 
they are important. 


Review 


In this chapter, we learned the following: 


1. ADC motor converts electrical power into 
mechanical rotational power by either changing the 
magnetization of the shaft (in brushed motors) or of 
the fixed magnets (in brushless motors). 


2. Rotational mechanical power is known as torque. 


3. Motors tend to require a lot of current, especially at 
startup. 


4. The rated voltage of a motor is related to the motor's 
RPM—decreasing the voltage decreases the RPM 
and increasing the voltage increases the RPM. This 
is due to the negative voltage (back EMF) generated 
by the movement of the motor. 
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The current flowing through a motor is related to the 
torque needed to spin the motor—more required 


torque draws more current. 


When a motor is not spinning (either because it is 
just starting or because its load is too high), itisin a 
stall condition. 


Stall current is the amount of current the motor 
draws in stall conditions (usually about ten times 
more than in a steady state). 


Stall torque is the amount of torque generated in 
stall conditions. 


Loading a motor so that it stays in stall conditions 
for any significant amount of time can damage the 


motor. 


Series resistance is almost never added to a motor 


circuit. 


Snubber diodes are used to mitigate against 
inductive spikes that happen when the 
electromagnetic field of the motor shuts off. 


Gears can convert the low torque/high RPM ofa 
motor into a high-torque/low-RPM output. 


Motors can be used bidirectionally using an 


H-Bridge. 


A servo motor is a motor that, instead of spinning, 
creates a fixed angle based on the length of a signal 
that is sent to it every 20 milliseconds. 


A stepper motor is a motor that provides precise 
control over the amount of rotation of the shaft. 


DC MOTORS 
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Apply What You Have Learned 


352 


If you wanted to prevent too much current from 
going through a motor, what should you use for this? 


What happens to the RPM of a motor when I reduce 
the voltage to my motor? 


What should be attached to a motor to protect the 
other parts of the circuit when a motor is shut off? 


List one reason why a series resistor should not be 
used with a motor. 


If T was building a robot and wanted to control the 
angle of a robot's arm, what type of motor could I 


use? 


If I was building a machine to place components 
into a precise position onto a board, what type of 
motor should I pick to achieve that? 


PART IV 


Amplification Circuits 


CHAPTER 24 


Amplifying Power 
with Transistors 


Amplification is the conversion of a low-power signal to a higher-power 
signal. Normally when we think of amplification, we think of sound 
amplifiers for musical instruments. Indeed those are amplifiers, and we 
will build a sound amplifier later in this book. However, anytime you 
convert a low-power input to a higher-power output, you have amplified 
the signal, whether that was a DC signal or an AC signal. In this chapter, we 
will focus on amplifying DC signals. 

Many devices have limits to the amount of power they can output or even 
the amount of power we want them to output. Microcontrollers, for instance, 
are generally very sensitive with the amount of power they can source. The 
ATmega328/P (used in the Arduino Uno), for instance, has a maximum 
current rating of 40 mA, which is actually quite generous for a microcontroller. 
Other types of microcontrollers, such as many PIC microcontrollers, are rated 
for current outputs of 25 mA or less. Additionally, the voltage is more or less 
fixed at the operating voltage of the chip, which is usually 3-5 V. 

However, numerous applications require more output (whether 
current, voltage, or power) than these can provide. A typical toy DC motor, 
for instance, needs about 250 mA for operation. So, if you want to control 
the motor with a microcontroller, then you have to have some way to 
convert your small output current into a larger output current to drive 


your motor. 
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Another scenario to consider is a situation where we want to control a 
high-power motor or another device from a button or switch. Sometimes 
it can be problematic to have a switch for a device to have high power run 
through it. It could be dangerous, or it could cost money. Let’s say that we had 
a switch that we wanted to control a high-power device that was 1,000 feet 
away. If we had the full power running through the switch, that means that 
we have to run larger cables and will have to account for the large resistance 
in the wires. Running power across that distance will result in power loss 
because of the resistance in the wires, which will increase the cost for running 
the unit! However, if we instead use a low-power circuit to run the switch, 
we don’t get nearly as much power loss. We just need to amplify the power 
output of the switch to control our device once the signal reaches it. The 
amount of amplification that occurs is known as the gain of an amplifier. 


24.1 An Amplification Parable 


As we noted in Chapter 10, physics tells us that we can’t actually increase 
the power of something. What we can do, though, is use a smaller power 
signal to control a larger power source, and that is what we refer to as 
amplification. 

Let’s say that we have a dam on a river. The river wants to go 
downstream, but it is blocked by the dam. Let’s say that we have a giant 
named Andre, which is able to lift the dam using his strength. If Andre lifts 
the dam a little bit, a little bit of water flows. If Andre lifts the dam a lot, all 
of the water can flow. The power of the water itself is actually more than 
Andre’s power. Therefore, Andre can “amplify” his power by raising and 
lowering the dam. 

Let’s say that at the end of the riverbed was a structure that Andre 
wanted to destroy, but Andre himself isn’t strong enough to do it. However, 
the river is strong enough to do it. Therefore, rather than try to destroy the 
structure on his own, Andre decides to raise the dam and let the river’s 
power do it. 
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Note that Andre didn’t actually increase the amount of power in the 
river. Instead, he (a being with lesser power) controlled the operation of 
the river (a higher-powered entity) by adjusting the dam (the physical 
resistance against the water). Thus, he amplified the effects of his actions 
by controlling the resistance on the higher-powered current. 


24.2 Amplifying with Transistors 


A very common method of amplifying power output in projects is with 
transistors. The term “transistor” is short for “transconductance varistor,’ 
which means that it is an electrically controlled variable resistor. In other 
words, it helps you amplify a signal in your project the same way that the 
dam allowed Andre to amplify his power. The transistor operates as a 
controllable electric dam, allowing a smaller-powered electric signal to 
control a higher-powered electric signal by adjusting resistance. 

Another way you can think of it is like an outdoor faucet—the water 
going through the faucet is controlled by the wheel knob on the top, which 
provides a variable amount of resistance to the flow. The faucet can be fully 
on, fully off, or somewhere in between, all based on where the knob is set. 
The knob setting is like the input current—a specific level of input current 
will control the amount of flow that comes out. 

There are many different types of transistors, with a wide variety 
of ways in which they work. What they all have in common is that they 
have three (sometimes four) terminals, and one of the terminals acts as a 
control valve for the flow of electricity between the other two. 

The main way that the types of transistors differ is in whether the 
knob on the faucet is controlled by voltage or by current. The transistors 
operated by current are known as bipolar junction transistors (BJTs), and 
the ones operated by voltage are known as field effect transistors (FETs). 

As a gross overgeneralization, FETs are most useful for lower-power 
switching applications, while BJTs are most useful for power amplification. 
This chapter will cover BJTs. 
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Collector 


Base 


Emitter 


Figure 24-1. The Schematic Symbol for a Transistor 


BJTs come in two basic forms based on whether the knob is normally 
closed but turned on by positive current (an NPN transistor) or whether 
the knob is normally open but closed off by positive current (a PNP 
transistor). Here we will focus on NPN transistors. 


24.3 Parts of the BUT 


A BJT has three terminals—the collector, the base, and the emitter. In BJT 
NPN transistors, a small positive current comes in at the base (which you 
can think of as the knob of a faucet), and it controls the current moving 
from the collector to the emitter. The more current that comes through the 
base, the more current is allowed to flow between the collector and the 
emitter. 

Figure 24-1 shows what an NPN BJT looks like in a schematic. The 
collector is at the top right of this diagram. The emitter is the line with the 
arrow pointing out. The current being controlled is the current between 
the collector and the emitter. The base is the horizontal line coming into 
the middle of the transistor. The base acts as a knob which can limit the 
flow of current between the collector and emitter. 
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Figure 24-2 shows a conceptual picture of how the transistor operates. 
The connection from the base to the emitter operates as a diode, and the 
connection from the collector to the emitter operates as a variable resistor, 
offering resistances from zero (completely open dam) to infinity (completely 
closed dam). The resistance of the variable resistor is based on the current 
flowing through the base. The variable resistor is adjusted so that, under 
certain conditions, the current flowing from the collector to emitter is a 
certain multiple of the current flowing from the base to the emitter. 


Collector 


Base Variable 


mitter 


Figure 24-2. A Conceptual View of Transistor Operation 


Figure 24-3. A 2N2222A Transistor in a TO-92 Package 
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When we talk about the voltages and currents flowing through the 
resistor, there are special names you need to remember and keep in mind. 
Each of the legs of the transistor is named by the first letter of its role. 

The collector is C, the emitter is E, and the base is B. Then, each of the 
voltages/currents is labeled based on which leg it is going from and to. 
Therefore, Vz, is the voltage difference between the base and the emitter, 
Ver is the voltage difference between the collector and the emitter, and 

Vz is the voltage difference between the collector and the base. Ip; is the 
current flowing between the base and the emitter, and /¿, is the current 
flowing between the collector and the emitter. The total current coming 
out of the emitter is [gr + Ice. Take time to think about these designations as 
we are going to be using them extensively when we talk about transistors 
and their usage in a circuit. 

A photo of a transistor can be seen in Figure 24-3. This is the transistor 
we will focus on in this chapter—the 2N2222A (sometimes called the 
PN2222A). It is important to read the datasheet to find out information 
about your transistor—especially to know which transistor leg is which! 
For the picture in Figure 24-3, the collector is on the right, the base is in 
the middle, and the emitter is on the left. Note that some other transistors 
have different pin configurations, which is why it is so important to check 
the datasheets. For instance, the P2N2222A (very similar name!) has the 
collector and emitter pins reversed! 

Transistors can also come in a variety of shapes and sizes, known 
as packages. The package depicted in Figure 24-3 is known as a TO-92 
package. Other packages you might see are a TO-18 package (which 
looks like a tiny metal cylinder) or a package similar to an integrated 


circuit. 
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24.4 NPN Transistor Operation Basics 


To fully understand NPN transistor operation requires a lot of complicated 
mathematics. However, you can get a “good enough” understanding of it 
just by remembering a few simple rules. 


Rule 1: The Transistor Is Off by Default 


By default, if there is no current flowing in the base, there will be no 
current flowing from the collector to the emitter. NPN transistors default to 
an “off” state. 


Rule 2: Ves Needs to Be 0.6 V to Turn 
the Transistor On 


Remember that there is essentially a diode connecting the base to the 
emitter. Diodes have a voltage drop of about 0.6 V. Therefore, once the base 
voltage rises to 0.6 V above the emitter voltage, the transistor will turn on, 


and current will start to flow. 


Rule 3: Va, Will Always Be Exactly 0.6 V When 
the Transistor Is On 


This is a corollary of the previous rule. Remember from Chapter 8 that we 

used diodes to give us fixed voltage differences between points on a circuit. 
This is the same in a transistor. Because the BE junction acts as a diode, the 
base will always be 0.6 V above the emitter while the transistor is turned on. 
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Rule 4: The Collector Should Always Be More 
Positive Than the Emitter 


While technically you can have the collector go below the voltage of the 
base or the emitter, it is generally a bad idea with NPN transistors. It makes 
the circuit much harder to analyze. This book will assume that the circuit is 


set up in this manner. 


Rule 5: When the Transistor Is On, /ce Is a Linear 
Amplification of /5- 


So, when the transistor is on, the transistor amplifies the current flowing 
from the base to the emitter by adjusting the floodgates between the 
collector and the emitter. The multiplier that the transistor amplifies 
by is known as the transistor’s beta—this is the current gain that an 
NPN transistor provides. The symbol for this value can be either $ or 
hrr. The problem with a transistor’s beta is that it isn’t very exact or very 
constant. A batch of “identical” transistors can have betas that vary 
quite a bit. And, while they are operating, their temperature and other 
environmental factors will affect the beta as well. There are things you can 
do to compensate for this, but for now just realize that it happens. While 
there are transistors with a wide variety of ranges of their betas, the most 
common NPN transistors have a beta of around 100. 

The exceptions to this are in Rules 6 and 7. 


Rule 6: The Transistor Cannot Amplify More Than 
the Collector Can Supply 


This is mostly a reminder that the amplification comes from the collector 
current. If the collector can’t supply the amplification, it won’t happen. 
Basically, we need to think of the transistor as controlling a resistor from 
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the collector to the emitter which will adjust itself to maintain the ratio 
(beta) between the base-emitter current and the collector-emitter current. 
Thus, it can’t provide less resistance than no resistance. 


Ch 


5V 


Figure 24-4. Using a Switch at the Start of a Circuit 


Figure 24-5. Using a Switch at the End of a Circuit 


Rule 7: If the Base Voltage Is Greater Than 
the Collector Voltage, the Transistor Is Saturated 


If the base voltage rises above the collector voltage, this causes the 
transistor to behave as if there was no resistance going from the collector 
to the emitter. This is known as saturation mode. 

Using these rules, thinking about transistor action is fairly 
straightforward. In the next section, we are going to put these rules into 


practice. 
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24.5 The Transistor as a Switch 


One of the issues with transistors is that it takes a while before using a 
transistor becomes intuitive. Transistors, as we will see in the forthcoming 
chapters, wind up needing a lot of special considerations. Because of this, 
many people don’t use transistors directly and instead choose to only 

use integrated circuits (see Chapter 11). Integrated circuits, since they are 
based on the needs of a circuit instead of simple physical properties, tend 
to be much easier to work with. Most of the guess work has been taken 
out, and the chips are built so that they can be inserted into a circuit in 

a straightforward way. Even though some people opt to use integrated 
circuits instead of using transistors directly, it is worthwhile to understand 
their operation. It is always better to choose an option because you 
understand your available alternatives instead of choosing an option 
because that choice is the only one you understand. 

Now, when we think of buttons and switches, most people naturally 
put the switch at the beginning of the circuit that is being turned on or off. 
Figure 24-4 shows what this looks like. However, it is just as valid to place 
the switch at the end, as shown in Figure 24-5. 


5V 1k Motor 


Figure 24-6. Using a Transistor as a Switch for a Motor 


When using transistors as a switch, we almost always place them at the 
end of a circuit. The reason for this should become clear as we examine 


circuits. 
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The first circuit we will look at is Figure 24-6. In this circuit, there is no 
real need for a transistor—we could just as easily have put the switch where 
the transistor is. However, understanding how this setup works will help us 
understand other transistor circuits. In this circuit, the base is controlled 
by a small signal (the size of the signal is set by the size of the resistor). 
When the base turns on, it switches on the connection from the collector 
to the emitter, which controls current to the motor (the diode is simply a 
snubber diode as described in Chapter 20). 


VISUALIZING INDUCTIVE KICK 


If you wanted to see inductive kick in action, you can replace the snubber in 
the circuit in Figure 24-6 with an LED. Every time you turn of the switch, the 
LED will light up for a moment. 


If the emitter of a transistor is simply connected directly to ground as 
it is in this example, the easiest way to analyze the circuit is by looking at 
the flow of current through the base. When the switch is closed, current 
will flow from the voltage source, through the resistor, across the transistor 
to ground. How much current? Well, this is actually a simple question. 
Remember that the junction from the base to the emitter can be treated as 
a simple diode (Rules 2 and 3). Therefore, we have a very simple circuit to 
analyze—voltage source to resistor to diode to ground. The voltage source 
is 5 V, and we have a diode (0.6 V) in the circuit path, so the voltage going 


through the resistor will be 4.4 V. Since the resistor is a 1 kQ resistor, then, 
V 4.4 


using Ohms law, the current will be J =— =——— =0.0044A, or 4.4 mA. 
R 1000 
Since the current going through the base (Isg) is 4.4 mA, how much 
current is flowing from the collector to the emitter? We will assume for our 
exercises that the beta of transistors is exactly 100. According to Rule 5, 
that means that the current going from the collector to the emitter is 100 
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times the base current. Therefore, the current going from the collector to 
the emitter can be determined by Ic; = P-Igg = 100-4.4 = 440mA. Therefore, 
the current going from the collector to the emitter is 440 mA. Because 

the current at the collector is 440 mA, that means that the current going 
through the motor is also 440 mA. 

Depending on the current we wanted flowing through the motor, we 
could choose other resistor values to set the current to the appropriate 
level. However, because of Rule 6, the collector current will be limited by 
the motor’s characteristics as well. 

So why did we put the transistor at the end of the circuit? Let’s imagine 
that we added one component to the circuit—a resistor after the emitter 
before the ground. All of a sudden, the circuit is a lot harder to analyze. 
Why? Well, we can no longer determine the base current by simply looking 
at the current path through the base. The voltage across that final resistor 
will not be based on the base current, but based on the combined current 
from both the base and the collector. Thus, when there are components 
after the emitter, in order to analyze the base current, you have to analyze 
how the components after the base respond to the combined current of 
the base and collector, but we won't know that until after you calculate 
the base current. It is possible to do this, but the math isn’t fun. Instead, 
by connecting the emitter directly to ground, we simplify our calculations 
because we know the voltage after the emitter—since it is connected to 
ground, it will be zero. 

Thus, by connecting the emitter directly to ground, we can analyze 
the current flow from the base independently of the current flow from the 
collector. Additionally, connecting the emitter to ground will automatically 
make sure our DC circuits follow Rule 4 and make it easy to analyze when 
the transistor turns on and off by Rule 2. 

Just as we have looked at several common resistor circuit patterns, 
there are also several common transistor circuit patterns. The transistor 


pattern we are looking at in this chapter is known as a common emitter 
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circuit. This is because the “interesting” parts of the circuit are at the base 
(which provides the current to be amplified) and the collector (where 

the preceding circuit enjoyed the amplified current) and the emitter is 
connected to a common reference point (the ground in this case). 


24.6 Connecting a Transistor to an Arduino 
Output 


To understand why we would use a transistor for a switch in the first place, 
let’s imagine that we have a motor just like in Figure 24-6, but in this case 
we want it to be controlled by an output pin from an Arduino running on 
an ATmega328/P. 

Now, on this chip, output pins put out 5 V, but their current rating 
maxes out at 40 mA. However, motors usually require much more current 
than that. If we wanted our motor to use as much current as in Figure 24-6, 
it would blow out the chip if we tried to connect it directly to the output. 

However, we can instead wire the output of the Arduino to the base 
of a transistor. Then, the current coming out of the Arduino will be much 
smaller than the current used by the motor. 

Figure 24-7 shows how this is configured. The schematic for this setup 
is almost identical to that of Figure 24-6. The only difference is that the 
electrical output of the Arduino is being used to control the base current 
instead of a mechanical switch. We can even calculate exactly how much 
current will be used. Since there is a diode (in the transistor), the resistor 


V 4,4 
will be using 4.4 V. Therefore, since I = R’ then J = 1000 =4.4mA . With a 


beta of 100, that means that our motor can source 440 mA. 
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Output Pin 
T 


Figure 24-7. Using a Transistor to Control a Motor with a 
Microcontroller 


24.7 Stabilizing Transistor Beta 
With a Feedback Resistor 


As we mentioned earlier, the transistor’s beta is not a very stable 
parameter. If we mass-produced something with a transistor, each device 
would wind up having a transistor with a different beta. Additionally, as 
the device was used, the beta would drift, meaning that things such as the 
temperature of the transistor would affect the beta, so it wouldn't even 
have the same value the entire time it was turned on! 

In order to get around this, engineers have developed ways of 
stabilizing the actual gain of a circuit even when the transistor's beta shifts. 
The way that this is achieved depends greatly on the type of circuit used. 
In a common emitter circuit like the one we have been looking at in this 
chapter, we can add a resistor to the emitter to stabilize the transistor's 
gain. I know that I just said not to do this because it is hard to analyze the 
effects. However, if you add a single resistor to the emitter, other people 
have worked out the math for you in order to make this work easily. 

Now, to imagine why adding a resistor to the output stabilizes the 
transistor beta, we have to think about what happens when you do this. 
Without the resistor, when the transistor beta increases, it simply increases 
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the current flow at the collector. Since the emitter is connected to ground, 
there aren't any more real effects. However, if I add a resistor to the emitter, 
then increasing the current flow at the collector will also increase the voltage 
at the emitter. Now, since the voltage between the base and the emitter ( Vpg) 
must be at 0.6 V, this will actually reduce the current in the base. 

This is known as feedback—where the output of the circuit comes 
back in some way to affect the input. Sometimes, feedback occurs because 
the output is wired back to the input, but in this case, the resistor simply 
increases the voltage at the emitter, causing the base to pull back. 

What the final effect of adding a resistor to the base will do is to limit 
the gain of the transistor to a fixed value that won't change either due to 
manufacturing issues or due to changes during operation as the transistor 
beta changes due to temperature. Additionally, the computation for this is 
very simple. Ifyour transistor beta varies between 50 and 200, you can add 
a resistor to the emitter which will limit the actual transistor gain below 50, 
and it will keep this value very stable even as the transistor’s beta drifts. In 
such a configuration, the most stable gain you can get for a given transistor 


, 1 , , 
beta is about i of the transistor’s lowest beta. 


The equation for the effect that a feedback resistor has on a transistor 
circuit depends on the circuit design itself—there isn’t a one-size-fits-all 
rule. However, feedback resistors are usually fairly small compared to the 
rest of the circuit. 

For most circuits, simply start with a small feedback resistor (10-100 
Q). The feedback resistor will usually improve the stability of your design, 
even if you can’t calculate exactly how that affects the beta of the transistor. 
It means that your design will likely continue to work even with different 
transistors and operating at different temperatures. Just know that 
while you add stability, this will also limit the gain (which is sometimes 


problematic with motors). 
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24.8 A Word of Caution 


One thing to keep in mind with transistors is that they can get very hot! 
Transistors have a maximum current rating, and that often is based on the 
amount of heat that they are able to dissipate. Transistors that are able to 
handle large currents are called power transistors, and usually have an 
attachment for a heatsink, which helps them dissipate heat to the air more 
efficiently. 

If you build a circuit similar to the one in this chapter, be sure to keep 
in mind both the specs of the motor (how much voltage and current 
is required for it to operate) and the specs of the transistor (how much 
current the transistor can handle). If the motor doesn’t have enough 
voltage or current, it might not turn on, and if the transistor can’t handle 
the current, it could easily burn out. 


Review 


In this chapter, we learned the following: 


1. Itis often beneficial to be able to control a high- 


power signal using a low-power signal. 


2. The two major types of transistors are bipolar 
junction transistors (BJTs) and field effect transistors 
(FETs). 


3. BJTs are current-controlled devices and FETs are 
voltage-controlled devices. 


4. The terminals of a BJT are the base (B), the collector 
(C), and the emitter (E). 
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Voltages and currents going through a transistor 
are labeled using the terminals that the current 

is passing through. For instance, Ip, refers to the 
current flowing between the base (B) and the 
emitter (E), and Vcr refers to the voltage difference 
between the collector (C) and the emitter (E). 


BJTs come in two main configurations—NPN and 
PNP. 


With NPN transistors, a small positive current at 
the base causes a larger current to flow from the 
collector to the emitter. 


With PNP transistors, current at the base reduces 
the current flow from collector to the emitter. 


NPN transistors can be analyzed using these seven 


rules: 
e The transistor is off by default. 
e Vz, needs to be 0.6 V to turn the transistor on. 


e =Vz will always be exactly 0.6 V while the transistor 


is turned on. 


e The collector should always be more positive than 
the emitter. 


e When the transistor is on, Jc, is a linear 


amplification of Isr. 


e The transistor cannot amplify more than the 
collector can supply. 


e Ifthe base voltage is greater than the collector 
voltage, the transistor is saturated (it will offer no 
resistance from the collector to the emitter). 
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10. The amount of current amplification a transistor 
provides is known as the transistor’s beta (also 
known as f or hy). 


11. The actual beta of a transistor is not very stable and 
fluctuates quite a bit both because of manufacturing 
differences between transistors and even within a 
single transistor due to environmental changes such 


as temperature. 


12. When used as a switch, transistors are usually 
placed at the end of a circuit in order to make the 


circuit analysis easier. 


13. Transistors are often used to couple the outputs 
of devices with low current limits (such as a 
microcontroller) with devices that require higher 
output currents (such as motors). 


14. To stabilize a transistor circuit's gain so that it 
doesn’t vary with the transistor’s beta, you can add 
in a small emitter resistor. 


Apply What You Have Learned 


Unless otherwise specified, assume that the transistor is a BJT NPN 
transistor and that the beta is stable: 


1. Ifthe base of a transistor is at 3 V and the transistor 
is on, what will be the emitter voltage? 


2. Ifthe base of a transistor is at 45 V and the emitter is 


on, what will be the emitter voltage? 
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If the base of a transistor is at 5 V and the emitter, 
if conducting, would have to be at 4.5 V, is the 


transistor on or off? 


If the base of a transistor is at 0.6 V and the emitter is 
at ground, is the transistor on or off? 


If the base of a transistor is at 0.4 V and the emitter is 
at ground, is the transistor on or off? 


If a transistor has a base current (Igp) of 2 mA and 
the transistor has a beta of 55, how much current is 
going through the collector (Ice)? 


In the previous problem, how much total current is 


coming out of the emitter? 


If a transistor has a base current of 3 mA and the 
transistor has a beta of 200, how much current is 
going through the collector? 


If the base voltage is greater than the collector 
voltage, what does this mean for our transistor 


operation? 


The output of your microcontroller is 3.3 V 

and supports a maximum output current of 10 
mA. Using Figure 24-7 as a guide, design a circuit 
to control a motor that requires 80 mA to operate. 
Assume that the transistor beta is 100. 


Redesign the previous circuit so that it utilizes 
a stabilizing resistor on the emitter to prevent 


variations in the transistor beta. 


373 


CHAPTER 25 


Transistor Voltage 
Amplifiers 


In Chapter 24, we started our study of the BJT NPN transistor. We noted 
that what the transistor actually amplified was current, so that the current 
coming into the collector was a multiple (known as £) of the current 
coming into the base. 

Even though what a transistor does is provide current amplification, in 
this chapter, we will learn how to transform that into voltage amplification. 


25.1 Converting Current into Voltage 
with Ohm's Law 


If the transistor provides us with current amplification, how might we 
translate an amplification in the amount of current into an amplification 
in the amount of voltage? The answer is simple—Ohm’s law describes the 
relationship between current and voltage: V = I - R. Therefore, a current 
amplification can be transformed into a voltage amplification if we use a 
resistor! The larger the resistor, the larger the change in voltage drop that a 
given change in current will induce for that resistor. 

To see that happening, take a look at the circuit in Figure 25-1. 
Note that this circuit on its own is rather useless, but it is helpful for 
illustrating how the calculations work. In this circuit, the current at the 
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base is controlled by the resistor Rg. This current will be amplified into an 
increased current from the collector. However, the current at the collector 
is driven through a resistor, Rc. Because this is through a resistor, that 
means that Ohm’s law will take effect, and the size of the voltage drop 
across Rc will depend on the current running through it. 

Remember Ohms law states that V=I- R, so any increase in current 
will increase the voltage drop across Rg, at least until the voltage at the 
collector is equal to the base voltage (which, in this circuit, is 0.6 V). If that 
happens, there is nothing more the transistor can do—it will just treat the 
collector-emitter junction as a short circuit. 

Let's calculate what our circuit is actually doing. The voltage across the 
base is 5 V — 0.6 V = 4.4 V (remember we have to account for the diode- 
like voltage drop in the transistor from the base to the emitter). Therefore, 
using Ohm’s law, we can calculate the base current at I = V/R = 4.4/10000 = 
0.0004 A. 


Rp = 10K Ro = 50 


Figure 25-1. A Simple Current-to-Voltage Amplifier 


Let’s assume the transistor beta is 100. Therefore, the current flowing 
at the collector will be 0.0004-100 = 0.040 A. So the voltage drop across the 
resistor can be calculated using Ohm’s law. V = I-R = 0.040-50 = 2 V. 
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Now, let's say that we change R so that we have more current running 
in the transistor. Let's decrease Ry from 10 kQ to 6 kQ. Now the base 
current will be I = V/R = 4.4/6000 = 0.000733 A. Now the current flowing at 
the collector will be 100-0.000733 = 0.0733 A. So the voltage drop across the 
resistor is now V = I-R = 0.0733-50 x 3.67 V. 

When we increase the current, we increase the voltage drop across the 
resistor. You may be wondering what happens to the extra voltage. That is, 
since the emitter of the resistor is at ground and the voltage across R¿ keeps 
changing, where is the remainder of the voltage? The transistor essentially 
swallows it up. 

Remember, in our model of the transistor in Figure 24-2, the transistor 
acts as a variable resistor for the collector current. Therefore, the rest of the 
voltage drop happens within the transistor. 

So, in effect, what we are doing is to translate changes in current at the 
base into changes in the voltage drop across R¿ (and likewise the Vcg of the 
transistor). 

As you might have noticed, when dealing with transistors, the place 
where the “action” occurs is not always right where you might expect 
it. In this circuit, the location where the voltage amplification actually 
occurs is at a resistor (Rc) connected to the collector. So the transistor, 
acting as an amplifier, is not sending the amplified signal to the emitter. 
Instead, you can think of it as sending the amplified signal to the collector, 
where the resistor at the collector converts the amplified current into a 
corresponding voltage drop. 


Example 25.28 In the circuit given in Figure 25-1, 
what is the voltage across the resistor Rc if the base 
resistor Rg goes up to 20 kQ? 
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Ro = 50 


Signal Out 


Figure 25-2. Reading the Amplified Signal from a Voltage Amplifier 


I, =4.4/20000=0.00022A 
I. =100-1, =100- 0.00022 =0.022A 
V, =I, +R, =0.022-50=1.1V 


Just to see where we are going, eventually we will use small voltage 
changes in the base to trigger current changes in the base which will then 


be amplified into a larger change in the voltage across Re. 


25.2 Reading the Amplified Signal 


So we have managed to create a voltage drop which changes in response to 
changes in current at the base. But how do we read this voltage drop? It is 
rather difficult to read it directly, but we can read its inverse directly. 

Take a look at Figure 25-2. In this figure, we added some output signal 
line to show where we would read the output of the amplifier (i.e., where 
we would connect the rest of the circuit that receives the amplification). 
We put the output line between the collector resistor R¿ and the transistor. 
What this will do is give us the voltage of the source voltage (5 V) minus 
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the voltage across Rc. So, when we have a large voltage across Rg, that will 
be reflected in a low voltage in our output. Likewise, when there is a low 
voltage across Rc, that will be reflected in a high voltage in our output. 

This sort of an output is known as an inverted output, because the 
output voltage is essentially reverse-amplified. That actually works just fine 
for audio signals, as it does not matter to the listener ifthe signal is inverted 
or not. However, if we needed to get it back to the non-inverted form, we 
could just add another amplification stage onto the end (we will see how to 
do this in Section 25.4, “Adding a Second Stage”). 


Voltage Source 


——— 


Figure 25-3. Components of a Transistor Biasing Circuit 


Having said all that, I should point out that we still don’t know how to 
amplify an audio signal —yet. That is coming in the next section. 
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25.3 Amplifying an Audio Signal 


What we really want to do is to amplify an audio signal. Imagine that 
someone is singing into a microphone, and we want to amplify the signal 
we get so that we can send it to a speaker. How would we do that? 

There are a number of problems that you have to solve in order to get 
this done. You might imagine that you could just connect a microphone 
to the base of the transistor and just amplify directly. That’s a good idea, 
but sadly life is not always that easy. To understand why, remember that 
audio signals are basically alternating current. That means that the signal 
will swing both positive and negative. Also remember that the base voltage 
has to remain above the emitter voltage and the emitter is tied to ground. 
Therefore, if we tried to do this, we would lose the bottom (negative) half of 
the signal. In fact, if it was a small signal, we might lose the entire signal if it 
never reached the required 0.6 V above ground. 

Therefore, the signal coming into the transistor needs to be biased. 
We basically need to bring the voltage of the incoming signal up so that it 
keeps the transistor on, but doesn’t overwhelm the signal coming in. 

If you remember in Chapter 19 when we built the tone generator, we 
had to unbias the signal. We did that by taking the signal and coupling it 
through a capacitor. That allowed the two sides to exist at different base 
voltages, but transmit the changes in the voltage through the capacitor. 
This will be the same idea, but where the input is unbiased and the output 
is biased. 

Figure 25-3 shows what this looks like in general terms. A simplistic 
way to think about this is to think of it as a voltage divider. The resistors 
are basically setting a bias voltage, and that voltage is varied based on the 
current that comes in through the capacitor. 
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Input Signal 
Output Signal 


Re 


Figure 25-4. A Single-Stage Transistor Voltage Amplifier 


While that is somewhat true, the details get more complicated as 
we add more components, especially the transistor. The emitter of the 
transistor will be connected to ground though through a resistor, Rg. This 
means that, for the transistor to be on, the actual voltage coming in to the 
base of the transistor must always be 0.6 V (or above, based on Rp). That 
means that the voltage divider itself must always be 0.6 V (or slightly above, 
due to Ry) as well. 

Figure 25-4 shows all ofthe parts of our simple transistor amplifier. The 
main question is, what do we set the values of each of these resistors to? 
There are many considerations, and they affect both the amount of gain 
you will get in your amplifier and whether or not the signal is clipped. 

Clipping will happen if the base voltage goes below 0.6 V because 
the transistor will simply stop conducting (and actually a little above that 
because of Rz). Clipping will also happen if the Rc resistor is too large, 
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because if the current going through Re causes the voltage at the collector 
to get too low, the transistor will have reached its saturation point and 
therefore will stop amplifying. Since Re is converting the current into 
voltage, it also needs to be large enough to yield a wide voltage swing with 
the amount of current expected. 

For the base resistors (Rp, and Rp2), you need to keep in mind how 
much current you expect the input source to have. Remember that this 
current is going to be going to be alternating between the positive and 
negative directions. Therefore, when the input source swings negative, 
there has to be enough current coming through Ry, to keep the voltage 
positive and keep the transistor on. When the input source swings fully 
positive, Ry, can prevent clipping as well, as it provides an alternate path 
for incoming current that isn't through the transistor. 

You may be wondering what the resistor at R; is doing. R; is a feedback 
resistor. The gain ($) of a transistor varies both within manufacturing and 
based on temperature. A feedback resistor, by raising the voltage at the 
emitter of the transistor, will limit the amount of gain that the transistor 
can deliver based on its source input. 

Feedback means that the output of a circuit is affecting the input in 
some way. Sometimes, feedback occurs because the output is wired back 
to the input. However, in this case, the resistor simply increases the voltage 
at the emitter, causing less current to flow in through the base and more 
current to flow through Rp. 

Limiting the gain of the resistor stabilizes the gain over a variety of 
operating parameters, so that your circuit will continue to work as the 
transistor heats up. Additionally, were you to manufacture the circuit, 
limiting the gain would make it less susceptible to manufacturing 
differences between individual parts. 

In any case, if the output of the circuit has a resistance Ro, then the 
current gain from the input through the output can be calculated as 
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E R, R 
gain = 2 (25.1) 


To understand why this formula works, see Appendix D, Section D.5, 
“Output Gain Calculations in BJT Common Emitter Applications.”* The 
formula just gives you a starting point, though you normally have to play 
around with resistor values a little to get it to work.* Also note that the 
formula only works when Ro > Rc. 

When you think about your circuit, you will want to analyze it at 
two points—when the source current coming in at the input is at its 
highest and at its lowest (which in this case will be negative). If you have 
developed your circuit correctly, this should give a good swing in the 
voltage across Rc, but without ever clipping (the transistor turning off or 
going into saturation). 

The best place to start is to recognize that your voltage divider must 
always provide enough current to keep the transistor on even when the 
source current swings negative. Therefore, the current coming in to the 
base through the voltage divider should be a little larger than the signal’s 
current. This is known as the quiescent current. 

In our Case, we are going to develop our circuit to handle passive 
microphones, so the source signal current will only be on the order of 
about 10 microamps (0.01 mA). Therefore, we will set our quiescent 
current to be 0.1 mA. The means that Ry, should be a little less than 50 KQ. 
We will use a standard 47 KQ resistor here. Rp can tolerate a wide range of 
values—basically anything that is at least a quarter the size of Ry, (we can't 
let the voltage drop below the emitter voltage, or the transistor will stop 
conducting). We’ll make it 20 kQ here. 


'T will warn you that the calculations are pretty ugly (which is why they are in the 
appendix). Also, to fully understand what is happening, you need to read the rest 
of this chapter through Chapter 26. 


“The reason for this is that the formula itself was made by making a lot of 
assumptions and simplifications. Those don’t always hold in the real world, so 
you have to make adjustments. 
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We want a value for R¿ that will swing the voltage about half as far 
as we can go (we have to save headroom for both the 0.6 V drop on the 
transistor and the actual output to the rest of the system). If we want a 25x 
gain, then, if our max base current will be 0.11 mA (quiescent current plus 
source current), that will put our max collector current at 2.75 mA (25 x 
0.11). We want R¿to be dropping about 1.5 V at this level (we need to save 
some headroom for a number of purposes, including staying above the 
voltage drop at R;, the additional diode drop to stay above the base voltage, 
and some additional which will be used for the current going out of this 
stage of the amp). Therefore, the resistance for a 1.5 V voltage drop at 2.75 


mAis R= A = 
I 0.00275 


so we will go with a 510 Q resistor. 


= 545Q . Anything near that value should work fine, 


R,,RC 
Then, we mentioned earlier that the total gain will be given by FER 2 


20,000 -510 ae 


. So far, we have . We can estimate the next stage of the 


EO 
amplifier as having a resistance of 2,000 Q (this is the base resistor of the 


next stage of the amplifier—see Appendix D, Section D.5, “Output Gain 
Calculations in BJT Common Emitter Applications,’ for why this works as 
an estimate). Therefore, to get a 25x gain, we can do 


— 20,000-510 
= -R,2,000 
- 20,000-510 
“2,000 - 25 
R, = 204 


In testing, I found that a smaller resistor worked better for Ry, so I used 
a 47 Q resistor. Again, the equations are greatly simplified and only give a 


starting point for experimentation. 
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25.4 Adding a Second Stage 


A single amplification stage is not always enough. If your signal source is 
weak enough, sometimes you need more power just to hear it. This can be 
accomplished in a number of ways. The simplest, conceptually, is to add 
another output stage to your amplifier. 

In order to do this, we need to design the next stage to take into 
account the output of our first stage. We will need to use a coupling 
capacitor to handle the change in voltage from the output of the first stage 
into our bias circuit for the second stage. Without the coupling capacitor, 
the voltage characteristics of the transistor would severely alter the way 
that our previous stage works. Therefore, the coupling capacitor helps us to 
isolate the different parts of the circuit. 

Now, the current coming in to this stage will be significantly larger than 
the previous stage. Our previous stage had about 0.01 mA coming in. While 
not exact, with an actual 25x gain, the current coming in will probably be 
about 0.25 mA. Therefore, we have to plan this stage differently (i.e., using 
a different quiescent current). 

Using the same procedure as we used for the previous stage, we can 
use 0.75 mA as the quiescent current and utilize a 5.1 kQ resistor (to 
choose a standard value) for Ry, and a 2 KQ resistor for Rẹ. Our largest 
swing forward will now be 1 mA, and therefore, the amplified current will 


be 25 x 1 = 25 mA. To get the 1.5 V drop, we will need a resistor for Rç of 
1.5 


0.0025 
The output resistance will be our headphones, which we can estimate 


= 600 . We will approximate to a 100 Q resistor. 


at 16 Q. Doing the calculation gives 
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R, R 
gain = 22 
R; Ro 
25 — 2000 :100 
16- R, 
_ 2,000-100 
= 25:16 
R, =1000 


Again, I had to modify the R; to get better performance. This is 
unsurprising because the equation is only even moderately reliable when 
Ro > Rc. Lowering Rz of this stage to 10 Q seemed to work well. 

The output of the second stage will again be coupled through a 
coupling capacitor to your headphone output and can be attenuated by 
another resistor (or a variable resistor for volume control) if needed. 

Figure 25-5 shows the complete two-stage amplifier. With this circuit, 
you can use most microphones and most headphones to get enough 
output power to hear yourself in your headphones (in fact, if you don’t 
have a microphone, headphones can actually work as a microphone in a 
pinch). Figure 25-6 shows the two-stage amplifier built into a breadboard. 

All of the capacitors can be pretty much any standard capacity 
above around 100 nF. The ones that couple the DC bias signal, if they are 
polarized, should have their negative side toward the unbiased signal. 
The coupling capacitor between the two stages should ideally be non- 
polarized, though with these power levels it doesn’t matter too much. If 
you do need to use a polarized capacitor here, it is best to have the negative 
side facing the second stage, since that should be right around 0.6 V, while 
the positive side should be swinging in the positive range. 

One thing in this circuit we haven't discussed is the bleed-off resistors 
connected right next to the coupling capacitors for the input and output 
circuit. These are very large (1,000,000 (2) resistors. They are large so that 
they do not have any effect on the calculations in the circuit itself, but they 
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do provide a place for the negative side of the capacitor to drain out when 
nothing is connected. Otherwise, any residual charge on the capacitor has 
no place to go and will remain even when the circuit is turned off and the 
devices are unplugged. 


25.5 Using an Oscilloscope 


Designing transistor amplifiers can be tricky because there are a lot of 
things that can go wrong. Although there is some leeway, using the wrong 
resistors can result in distortion or a loss of gain. Misconnecting a single 
component can render the entirety of the circuit inaudible. 

Because of the variety of things that can go wrong when building 
audio circuits, it is best to use an oscilloscope. An oscilloscope can help 
you visually see what the voltages look like at each point in your circuit. 
Oscilloscopes can cost as little or as much as you want them to. There are 
pocket oscilloscopes that you can purchase for less than a nice dinner out, 
and there are bench oscilloscopes that you would need several months’ 
salary to purchase. Any of those are helpful in analyzing your circuit, so 
you can see what is happening to your voltages at every point in the circuit. 


+5W 


Ac =510 Bleed-Off = 1M 


Input Signal 


Rp- = 20k Alps = 2k 
BZ Bz | mý Out 
Re = 47 > Ac = 10 


Stage 1 Amplifier Stage 2 Amplifier 


Figure 25-5. The Complete Two-Stage Amplifier Circuit 
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b. 
Plug headphones here 


Plug microphone here 
I | 


Figure 25-6. The Two-Stage Amplifier Built into a Breadboard 


Review 


In this chapter, we learned the following: 


1. Although transistors provide current amplification, 
current changes can be transformed into voltage 


changes using Ohm’s law. 


2. Using a resistor at the collector allows us to “read” a 
voltage change based on the changes in the currents 
going through the transistor. 


3. Using a resistor in this way inverts the waveform—it 
will show low voltage when there is a lot of current 


and high voltage when there isn’t much current. 
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Adding in an emitter resistor limits the amount of 
voltage gain in the circuit in order to compensate for 


variable/drifting transistor betas. 


In order to amplify an audio signal, we have to add a 
DC bias to the signal so that the transistor stays in its 
operating range (positive voltage). 


The simplest way to use a transistor to amplify a 
signal is to add a voltage divider to the base of the 
transistor, with a coupling capacitor feeding the 
signal into the voltage divider. 


The neutral, “no signal” design point is known as the 
quiescent point of a circuit. The quiescent point is 
the state of the circuit when the AC signal coming in 
is neutral (0 V). 


The AC signal is coupled into the voltage divider 
through a coupling capacitor in order to manage the 
difference between the pure AC signal and the DC 
biased signal. 


The circuit should be analyzed both at the highest 
and lowest swings around the quiescent point from 
the input signal. 


The collector resistor should be chosen in order to 
maximize voltage swing while preventing overdrive. 


Weak AC signals often need multiple amplification 
stages to provide sufficient output power for driving 
outputs. 


The output of one amplifier can be coupled through 
a Capacitor into the input of a second amplifier. 
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13. 


14. 


15. 


If the signal sources and outputs are not 
permanently connected, adding a bleed-off resistor 
will enable the coupling capacitors to drain out after 
the jacks are disconnected. 


There are numerous things that can go wrong in a 
transistor amplifier, including clipping the audio 
signal, having a bad quiescent current, or accidentally 
losing your gain through bad resistor choices, not to 
mention just simply building the circuit wrong. 


Because of the number of things that can go wrong, 
itis easiest to diagnose problems in an amplifier 
using an oscilloscope, which allows you to visualize 
what is happening at each point in the circuit. 


Apply What You Have Learned 
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What is the purpose of the resistor in the collector of 
a transistor amplifier? 


What is the purpose of the resistor in the emitter of a 


transistor amplifier? 


Why is there a bias voltage on the base of the 
transistor? Why can't the signal just be connected in 
directly to the base? 


Why is the signal coupled in through a capacitor? 


Why does the single stage voltage amplifier 
discussed in this chapter invert its output? 


If the output of the two-stage amplifier is coupled into 
a third stage, the signal current would swing 1.85 mA 
in either direction. Design a third amplification stage 
which can handle this amount of current. 


CHAPTER 26 


Examining Partial 
Circuits 


We will end our discussion of amplification by discussing partial circuits. 
Oftentimes you will need to design a circuit which connects to another 
circuit, either powering it or receiving power from it. For instance, in 

the amplification circuits from Chapter 25, the outputs were connected 

to a speaker. They could also be connected to another amplifier or to a 
stomp box (a device to modulate the incoming signal in some way) or to a 


recording circuit. 


26.1 The Need for a Model 


In order to connect circuits together, we need to be able to describe, in general 
terms, the ways that circuits fit together. When dealing with transistors and 
other power amplification devices, we often need to come up with a simplified 
model for how the input to a circuit or the output from a circuit behaves. Early 
on (in Chapter 7), we learned how to take multiple resistors in series and 
parallel and combine them into an equivalent single resistor. 

When dealing with a power amplification circuit, it is often necessary 
to look at various parts of the circuit by themselves and figure out how 
they look to other parts of the circuit. The way that a partial circuit looks to 
other parts of the circuit is called the circuit’s Thévenin equivalent circuit. 
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A Thévenin equivalent circuit takes a partial circuit and reduces it to 


e A single voltage source (AC, DC, or DC-biased AC, 
expressed in RMS voltage) 


e A single impedance (i.e., resistance) in series with the 


voltage source 


Note that the single voltage source may be different than the voltage 
source that is actually connected. What you are doing is seeing what the 
circuit looks like to another circuit. For instance, a voltage divider circuit 
makes the output of the voltage divider look like it is coming from a lower 
voltage source. 


3.88k 


Simplified 
Thévenin Equivalent 
Circuit 


Complex Circuit 


Figure 26-1. A Complicated Circuit and Its Thévenin Equivalent 
Circuit 


Figure 26-1 shows a circuit and its Thévenin equivalent circuit. For 
purposes of thinking about and understanding the relationship between the 
circuit and things attached to the circuit, we can view the circuit as being the 
same as its Thévenin equivalent. Thus, having a Thévenin equivalent circuit 
greatly simplifies our modeling, calculating, and understanding of how 
circuits work together. 

Any network of power sources and resistances can be converted into 
a Thévenin equivalent circuit. You can also get a Thévenin equivalent 
circuit for a circuit that includes capacitors and inductors, but the 
calculations become more difficult and the results are only valid for 
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a specific frequency (each frequency will have a different Thévenin 
equivalent circuit). For simplicity, we will just focus on resistive circuits. 


26.2 Calculating Thevenin Equivalent 
Values 


To see how to calculate the voltage and resistance for a Thévenin 
equivalent circuit, this section will take a classic voltage divider circuit 
and analyze how it “looks” to other attached circuits. Figure 26-2 shows 
an example of a partial circuit. Like most partial circuits, this circuit has 
two output points—A and B. What we are wanting to know is this—if we 
attach another circuit up to A and B, is there a model that we can use to 
understand how the other circuit “sees” our circuit? The goal of making a 
Thévenin equivalent circuit is to understand what our circuit will look like 
to other attached circuits. 

So, since our Thévenin equivalent circuit will have a voltage source and 
a single resistor, we need to calculate what the voltage and resistance of 
this circuit will be. To calculate the voltage, find out what the voltage of the 
circuit at the output is when there is nothing connected. That is, if we were 
to leave A and B disconnected and I were to connect my multimeter to A 
and B, what would the voltage be? This is your Thévenin voltage. Since this 
is a voltage divider, you can just use normal voltage divider calculations 
to find this out. In this case, we have a 12 V source, and the voltage divider 
divides it exactly in half (1 kQ for each half). Therefore, the output voltage 
is 6 V. Therefore, our Thévenin equivalent circuit will have a 6 V source. 


> 


WO 


Figure 26-2. A Voltage Divider Partial Circuit 
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500 A 
il 6V 
Loa 


Figure 26-4. The Thévenin Equivalent of the Voltage Divider 


Now we need to find our Thévenin resistance. There are multiple 
tricks to do this, but the simplest one is to replace all voltage sources in 
your circuit with a wire (i.e., a short circuit) and simply compute the total 
resistance between A and B.' 

Figure 26-3 shows what this looks like. Therefore, to calculate the 
Thévenin resistance of this circuit, simply calculate the total resistance 
from A to B. In this case, there are two parallel paths from A to B—one 
through the first resistor and one through the second. Therefore, we 
add up the resistors as parallel resistances. As a result, our Thévenin 


resistance will be 


"We haven't talked about current sources much in this book. However, for 
completeness, I should note that ifyou have a current source, you should 
replace it with an open circuit (i.e., a gap in the wire) when calculating Thévenin 
resistance. 
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1 
Rr => 
— + — 
Ri 2 
7 1 
1 1 
+ 
1000 1000 
E 1 
0.001+0.001 
I 
0.002 
= 5000 


Therefore, we would say that this partial circuit has a Thévenin voltage 
of 6 V and a Thévenin resistance of 500 Q. Whenever we attach a circuit 
to this circuit, what that other circuit will “see” is a circuit like the one in 
Figure 26-4. 

If you wanted to prove this to yourself, you can imagine a variety of 
different circuits attached to both our original circuit and to the Thévenin 
equivalent circuit. You will find that, in all cases, the amount of voltage and 
current the Thévenin equivalent circuit provides to the other circuit is the 
exact same as what the original circuit will provide. 

That isn't to say that the circuits themselves are exactly equivalent. Our 
original voltage divider uses up a lot of current stepping down the voltage 
of the voltage source. Not only does that waste energy from our battery 
but it probably also causes a lot of heat. However, any subcircuit that gets 
attached to A and B will see both our original circuit and the Thévenin 


equivalent circuit as providing the same output. 
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26.3 Another Way of Calculating Thevenin 
Resistance 


There is another way of calculating Thévenin resistance. In this method, 
we first calculate what the current would be if you shorted A to B directly 
with a wire. This is known as the short-circuit current, or [shorr. Then, after 
calculating this, you can divide the Thévenin voltage by Isnorr to obtain the 
Thévenin resistance. 

When doing this, you have to remember that anything in parallel with 
our short will be essentially ignored—the current will always want to go 
through our short circuit. 

Figure 26-5 shows what this looks like. What we want to do is to 
calculate the current going from A to B. Since A to B is a short circuit in 
parallel with our second resistor, we know that all of the current will prefer 
the short circuit. This means that the current going through A and B will 
simply be the current that is limited by the first resistor. 

So, since we have a 12 V source and a 1 KQ resistor, the short-circuit 


current will be 


SHORT — 


> | 


Y 
1000 
=0.012A 


Now, to determine the Thévenin resistance, we divide the Thévenin 
voltage by this number: 


R — fom. 
Thevenin —— T 
SHORT 


a 


~ 0.012 
~5000 
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12V 
1k 
B 


Figure 26-5. Finding the Short Circuit Voltage 


As you can see, this is the same value that we got from the previous 
method. 


26.4 Finding the Thévenin Equivalent 
of an AC Circuit with Reactive 
Elements 


If a circuit has reactive elements (inductors and capacitors), we have to do 
a little more work to find the Thévenin equivalent circuit. 

For DC circuits, this is relatively simple. Since capacitors block DCs 
and inductors are a short circuit for DCs, we can simply treat the capacitors 
as open circuits (i.e., unconnected) and treat the inductors as short circuits 
(simple wires). For AC circuits, you can get a feel for what this will be by 
assuming the opposite—that capacitors will be short circuits and inductors 
will be open circuits. 

However, if you were to try to solve it explicitly, the problem is a little 
more difficult. The problem is that a full analysis of such circuits requires 
math involving complex numbers (i.e., numbers involving the imaginary 
unit i). While the technique is roughly equivalent to adding resistances in 
series and parallel as we have done before, it is much more difficult to do 
the math with complex numbers. 

For the purposes of this book, the previous statements about DC and 


AC should suffice for a general understanding of how your circuit works. 
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26.5 Using Thevenin Equivalent 
Descriptions 


Many circuits are described to their users using Thévenin equivalent 
descriptions. For instance, many circuits are described by their input or 
output impedance. This gives you a rough guide to imagine what will 
happen if you connect your own circuit to such circuits. 

Imagine that you have a circuit that has a Thévenin equivalent output 
impedance of 500 Q. If you connect an output circuit that only has 250 Q 
of resistance, what do you think that will do to the signal? Well, since the 
output of the circuit is equivalent to going through a 500 Q resistor (that's 
what Thévenin equivalence means), then if I connect a 250 Q resistor, then 
I will have created a voltage divider in which two-thirds of the voltage will 
be dropped by the circuit I am connecting to and I will only get one-third 
of the output voltage. 

On the other hand, if the impedance of my circuit is 50, 000 Q, then the 
voltage drop coming out of the circuit in question is negligible compared 
to the voltage drop within my circuit. This means that my circuit will 
essentially receive the full Thévenin equivalent voltage. 

We can also use this to calculate the amount of current that our circuit 
will draw. Let’s say that a circuit yields a Thévenin equivalent output of 4 V 
with an 800 Q impedance. If I connect a 3,000 Q output circuit, how much 
current will flow? The total resistance will be 3,800 Q, so the current will be 
V/R = 4/3800 x 1.05 mA. 

The same is true for connecting an input circuit that you make to an 
output circuit someone else made. For instance, speakers and headphones 
are normally rated as an impedance—8 Q, 16 Q, and so on. They aren't, 
strictly speaking, resistors, but at normal audio frequencies, they behave 
essentially like one—they have a Thévenin equivalent impedance (their 


Thévenin equivalent voltage is zero). 
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Example 26.29 If I have an output circuit which is 

a Thévenin equivalent to 3 V RMS and 200 Q and I 
connect it to a set of 16 Q headphones, what will the 
power of the headphones be in watts? 


We can understand this circuit as simply being a 
voltage source followed by two resistors in series. 
The voltage source will be 3 V, and the resistances 
will be 200 Q and 16 Q, totaling 216 Q. The current 
will therefore be V/R = 3/216 = 0.0139 A. The voltage 
drop in the headphones will be /- R = 0.0139 - 16 

x 0.222 V. Therefore the power delivered to the 
headphones will be V - [= 0.222 - 0.0139 = 0.00309 
W, or 3.09 mW. 


26.6 Finding Thévenin Equivalent Circuits 
Experimentally 


In addition to using circuit schematics to determine Thévenin equivalent 
circuits, it is also possible to determine them experimentally. This way, if 
you are unsure of the input or output characteristics of your device, you 
can measure it yourself. The problem with measuring it yourself is that it 
requires attaching a load to the circuit. Some circuits will fry if a wrongly 
sized load is attached. You have been warned. 

The easiest way to determine Thévenin equivalency experimentally is 
rather unsafe, but it will help us understand better why the method works. 
Imagine a voltage divider where the bottom resistor has an extremely large 
resistance—say, 100 MQ. In such a voltage divider, the bottom resistor will 
have almost the entirety of the voltage drop, right? In fact, if the bottom 
resistor was infinite, it would in fact have all of the voltage drop. 
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Because of this, we can determine the Thévenin equivalent voltage by 
measuring the output voltage when there is nothing connected, because 
no connection means that there is infinite resistance between the output 
and ground. Measuring this value will give us the Thévenin equivalent 
voltage. 

To determine the Thévenin equivalent current, we can short-circuit 
the output. This is physical equivalent to the conceptual method we used 
in Section 26.3, “Another Way of Calculating Thévenin Resistance.” When 
doing this, the only impedances to the current will be within the device 
itself. Therefore, using Ohm’s law, the amount of current this draws will tell 
us how large of a resistance the output is yielding. 


Example 26.30 If I measure the open-circuit (i.e., 
disconnected) voltage of the output of an unknown 
circuit as 8 V and the short-circuit current of the 
output as 10 mA, what is the Thévenin equivalent 


circuit? 


To find this out, we simply use Ohm’s law. What 
resistance would cause an 8 V source have 10 mA of 


current? 


R=V/I 
=8/0.010 
= 800 


Therefore, our Thévenin equivalent circuit is 8 V with an impedance of 
800 Q. 

The problem with this method is that you don’t normally want to 
short-circuit your output. Additionally, some circuits require some sort of 
a load to work properly. In order to adjust to such scenarios, there is a set 
of equations that allow us to measure the voltage drop across a large and 


400 


CHAPTER 26 EXAMINING PARTIAL CIRCUITS 


small resistance (instead of infinite and no resistance) and come up witha 
Thévenin equivalent circuit. 

The equations are a little complex, but you can actually derive them 
directly from Ohm’s law if you work at it (see Appendix D, Section D.6, 
“The Thévenin Formula,’ to see it derived). The first one calculates the 
Thévenin equivalent voltage (V7) from the voltage with a high resistance 
(Vp), the high resistance value (Ry), the voltage with a low resistance (V,), 
and the low resistance value (R;): 


y 
p (Ru -R ) 
V, = t+ 26.1 
T = VR, ( ) 
R 


Then, we can calculate the Thévenin equivalent resistance: 


= VR = 


R 
T A 


R, (26.2) 


For a fairly safe and basic starting point, you can use 1 MQ for the high 
resistance value and 1 kQ for the low resistance value. 


Example 26.31 I have a circuit that generates 

an output for which I need to know its Thévenin 
equivalent properties. I tested the circuit with a 

200 Q resistance for my low resistance and a 1000 

Q resistance for my high resistance. With the 

200 Q resistance, there was a 2 V drop across the 
resistance. With the 1000 Q resistance, there was a 5 
V drop across the resistance. What is the Thévenin 


equivalent circuit for this circuit? 
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First, we find the Thévenin equivalent voltage using 
Equation 26.1: 


V 
p (Ra -k ) 


— AH 
‘ o 2 VaR 


l 
Ra Vi 
5 
—> (1000 — 200) 
_ 1000 
5-200 
1000-2 
~ 0.005 -800 
1000 


2000 


Next we can find the Thévenin equivalent resistance using Equation 26.2: 


V7 R, 
T y, 


200 oa, 
2 


R R, 


= 800 — 200 
= 60002 


Therefore, our unknown circuit has a Thévenin equivalent voltage of 8 
V and a Thévenin equivalent impedance of 600 Q. 

What makes this method valuable is that it allows a way to 
experimentally determine the Thévenin equivalent of a partial circuit that 
you don't have a schematic for or for which determining the Thévenin 
equivalent circuit might be difficult due to nonlinear components such as 
transistors. 
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Review 


In this chapter, we learned the following: 


1. 


In order to be able to connect circuits together 
without knowing all of the details of how they are 
implemented, we need a simplified model of how 
those circuits work with other circuits they are 
connected to. 


A Thévenin equivalent circuit is a combination of a 
single voltage source and a single series impedance 
which models the way that the given circuit will 
respond to other attached circuits. 


To calculate Thévenin equivalent voltage, calculate 
the voltage drop for an open circuit between the two 
terminals. This is the Thévenin equivalent voltage. 


To calculate Thévenin equivalent impedance, 
calculate the impedance from one terminal to 
another (or to ground if there is only one terminal), 
replacing any voltage sources with short circuits. 


Alternatively, to calculate Thévenin equivalent 
impedance, calculate the current flowing from 

one terminal to another if there was a short circuit 
between them. Then use Ohm’s law to calculate the 


resistance. 


Thévenin equivalent circuits can be used to 
understand how the resistances of attached circuits 
will affect the signal coming out of or into a circuit. 


Thévenin equivalent circuits can also be found 
experimentally. 
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8. Although not recommended, the Thévenin 


equivalent voltage and resistance can be found easily 
by simply measuring the voltage drop of an open 
circuit across the terminals and the current flowing 


through a short circuit between the terminals. 


A better option for experimentally measuring 
Thévenin equivalencies is by measuring the voltage 
with two different load resistances across the 
terminals. Then the Thévenin equivalencies can be 
found using Equations 26.1 and 26.2. 


Apply What You Have Learned 
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Why would we want to know what a circuit’s 


Thévenin equivalent circuit is? 


What are the two components of a Thévenin 


equivalent circuit? 


Think about the two-stage amplifier that you built 
in Chapter 25. How would you go about finding 
the Thévenin equivalent circuit as it is seen by the 
headphones? 


Suppose I have a circuit where the output terminals 
have a 2 V drop when it is an open circuit and have 
2 mA of current flowing through it when it is a short 


circuit. Draw the Thévenin equivalent circuit. 


If I have a Thévenin equivalent circuit of 4 V with an 
impedance of 400 Q, what will be the voltage drop 
of the load if I attach a 2000 Q resistor across the 
output? 
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If I have a Thévenin equivalent circuit of 3 V with an 
impedance of 100 Q, what will be the voltage drop, 
the current, and the power of the load if I attach 
headphones rated at 32 Q? 


Calculate and draw the Thévenin equivalent circuit 
of the following circuit: 


Suppose I have a circuit where when I add a load 
of 350 Q, I get a 7 V drop and when I add a load of 
2000 Q, I get an 8 V drop. Calculate and draw the 


Thévenin equivalent circuit. 
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CHAPTER 27 


Using Field Effect 
Transistors for 
Switching and Logic 
Applications 


In Chapter 24, we discussed two kinds of transistors—bipolar junction 
transistors (BJTs) and field effect transistors (FETs). The previous chapters 
have focused primarily on BJTs because they are, in fact, great at various 
tasks that are commonly considered “amplification.” 

However, there are two amplification tasks for which BJTs are terribly 
suited—switching and logic circuits. Many people don’t think of amplification 
when they think of logic circuits, but, indeed, they do require amplification. 
Think about the memory of a computer (which is a type of logic circuit). 

The memory of the computer has to continue to last after it has been written 
to. If there was no amplification, the signal would fade over time.’ Therefore, 
in order to just “hold on” to the signal, amplification is required. 


¡Note that there are indeed some types of memory that can last significant 
amounts of time without amplification. I’m simplifying to help make the point. 
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While this can be done with BJTs, since BJTs are current amplifiers, 
they tend to utilize a lot of current to get this done. Field effect transistors 
(FETs) operate instead on voltage and require very little current to operate. 
Therefore, they are very efficient for logic-type applications. 


27.1 Operation of a FET 


A FET has a very similar set of parts to a BJT. There are three parts—a gate, 
a source, and a drain.” 

The basic operation of the FET is that a voltage at the gate controls the 
current conduction between the drain and the source. The gate controls 
the conduction between the drain and the source. Like BJTs, FETs have 
fully off, fully on, and partially on states. However, unlike BJTs, even when 
“fully on,’ FETs still offer a resistance between the drain and the source. 
This is why, for current-focused applications, BJTs are often used—in their 
fully on state, they don’t limit the current from the collector to the emitter. 

Unlike the BJT, the FET is operated by voltages rather than current. 
Because of this, the gate essentially consumes almost no current whatsoever 
(it can have a Thévenin equivalence of hundreds of megaohms of resistance). 
So, while BJTs consume current to perform their operation, FETs consume 
almost none. 


FETs can be built to perform in one of two operating modes: 


e A depletion mode FET is normally “on” (allowing 
current to flow between the drain and the source), 
but turns off when a sufficient voltage (compared to 
the source) is applied at the gate. The voltage works to 
“deplete” the transistor of its conducting ability. 


“Some FETs also have a substrate (also called a body), but that is beyond the 
scope of this book. 
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e An enhancement mode FET is normally “off” (blocking 
current flow between the drain and the source), but 
turns on when a sufficient voltage (compared to the 
source) is applied atthe gate. The voltage works to 
“enhance” the transistor's ability to conduct. 


FETs are distinguished as N-channel or P-channel based on their 
orientation. In an N-channel FET, the current flows from the drain to the 
source (i.e., the drain acts like the collector, and the source acts like the 
emitter). In a P-channel FET, the current flows from the source to the drain 
(i.e., the source acts like the collector, and the drain acts like the emitter). 
For an enhancement mode FET, the gate activates the channel when the 
gate voltage (compared to the source) is sufficiently positive if it is an 
N-channel and sufficiently negative if it is a P-channel. For a depletion 
mode FET, the gate closes the channel when the gate voltage (compared 
to the source) is sufficiently negative if it is an N-channel and sufficiently 
positive if it is a P-channel.* 

So, for instance, in a P-channel depletion mode FET, the source will be 
positive, the drain will be negative, and the channel will close as the gate 
voltage becomes more and more negative compared to the source. 

Additionally, most FETs have a “threshold voltage” that the gate must 
achieve before it switches on. 

In addition to the channel and the mode, FETs are made in a variety 
of different ways, which leads to numerous different types of FETs— 
MOSFETs, JFETs, QFETs, MNOSs, and others. Each of these has its own 
distinct operating characteristics (threshold voltage, channel resistance, 
etc.). We will focus on one particular FET to make life easier—the 
N-channel enhancement mode MOSFET. This is the most commonly used 
FET by hobbyists. 


`I know this is a lot of information, but there are so many terms that you are likely 
to encounter that I want to be sure you are familiar with what they mean on a 
practical basis. As you will see in the following, we are only going to actually use 
one kind of FET here. 
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27.2 The N-Channel Enhancement Mode 
MOSFET 


The most popular general FET is probably the N-channel enhancement 
mode MOSFET. Because itis N-channel, the drain operates as the collector, 
and the source operates as the emitter (if we think of it in terms of our BJT 
terminology). That is backward from the way we normally think of things, 
but that is the reality of the naming scheme. Because it is an enhancement 
mode device, the bridge between the drain and the source is closed, unless 
a positive voltage (compared to the source) is applied at the gate. 


E 


Figure 27-1. The Schematic Symbol for an N-Channel MOSFET 
Transistor 


Figure 27-1 shows the schematic symbol for the N-channel 
MOSFET. Notice that the arrow is pointing out from the source. Again, that 
is because in this transistor, the source performs the same function as the 
emitter on a BJT. 


27.3 Using a MOSFET 


Figure 27-2 shows a schematic of a simplistic usage of a MOSFET. In 
this figure, the gate of the MOSFET is controlled by a switch. When the 
switch is on, the MOSFET conducts. However, the important thing to 
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note is that the pathway into the gate of the MOSFET consumes basically 
no current whatsoever! 

This is especially important when dealing with small microcontrollers. 
Some of them have extremely low tolerances for what currents they can 
deliver. By putting a MOSFET on the output pin, you can make the actual 
current output from the microcontroller effectively zero and simply 
have the current delivered through the MOSFET. Figure 27-3 shows this 
configuration. This is basically the same circuit as Figure 27-2 except that 
(a) a microcontroller is controlling the gate and (b) we added a pull-down 
resistor at the gate (note—Figure 27-2 also needs a pull-down resistor, but 
we left it off for simplicity). The pull-down resistor will make sure that even 
when the pin is not actively sending a signal, the gate is tied to a known 
voltage. This is especially important with MOSFETs since they do not 
consume very much current at all, so charge can stay on the circuit after 


disconnection. 


Figure 27-2. A Simple MOSFET Circuit 
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| |+ Source Voltage | 


1k 


| Microcontroller 
Output Pin 


Figure 27-3. A Microcontroller Pin Controlling a MOSFET 


+ Source Voltage 


Microcontroller 
Output Pin 


Figure 27-4. Combining a MOSFET with a BJT to Power a 
Motor 


One issue, however, is that, as we mentioned, MOSFETs always have 
resistance between the drain and source, limiting the amount of current 
that a MOSFET can source. If we wanted to power a motor, for instance, 
we would need to increase the current. We can do this by adding a BJT to 
the output of our MOSFET. Figure 27-4 shows this configuration. Notice 
that both transistors have a pull-down resistor attached. This prevents any 
accidental conduction of our devices. 
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In this configuration, when the gate to the MOSFET is pulled high, it 
will open up the connection from the drain to the source. Current will flow 
into the base of the BJT, which will allow current to flow from the collector 
to the emitter. The amount that it allows is based on the £ of the transistor. 
This current is used by the motor. 


+ Source Voltage 


Microcontroller 
Output Pin 


Figure 27-5. A MOSFET with Two BJTs for Higher Current 


However, even this configuration may not provide enough current. The 
transistor can only amplify what it gets from the MOSFET, and the current 
output from the MOSFET is sometimes just not high enough for a single-stage 
amplification. Therefore, we can use the output from the first BJT as an input 
to the base of a second BJT to open up the power even more. Figure 27-5 
shows this configuration. Note that each transistor has a pull-down resistor to 
make sure that it gets shut off when the pin goes low. 

This configuration provides practically unlimited current through the 
collector of the transistor and doesn’t utilize any current output from the 
microcontroller. 
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27.4 MOSFETs in Logic Circuits 


MOSFETs are also great to use in logic circuits, again, because they use 
practically no current at all. While the pathway from the drain to the source 
can draw current, if the output coming from the source goes to another 
MOSFET, then it won’t utilize any current either. As we mentioned earlier, 
we can think of the gate of a MOSFET as having a resistance on the order 
of a hundred megaohms. Therefore, Ohm’s law will prevent any significant 
amount of current running into them. 

In Chapter 12, we learned about integrated circuits that could perform 
logic functions such as AND, OR, and NOT. We can mimic these same logic 
functions with MOSFET transistors (we can also mimic them with BJTs, 
but we would waste a lot of current doing it). 

Figures 27-6, 27-7, and 27-8 show how these gates could be wired using 
MOSFETs. Note that each transistor requires a pull-down resistor as well, 
which is not pictured for simplicity of understanding. 


INPUT 1 4 
INPUT 2 = | 


Figure 27-6. An AND Gate Using MOSFETs 


OUTPUT 
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INPUT 1 | 
a 


El 


OUTPUT 


Figure 27-7. An OR Gate Using MOSFETs 


OUTPUT 


Figure 27-8. A NOT Gate Using MOSFETs 


Review 


In this chapter, we learned the following: 


l 


Field effect transistors (FETs) are similar to BJTs, but 


they are controlled by voltage instead of current. 


The parts of the FET transistor are the gate, the 
source, and the drain, though whether the source or 
the drain is on the positive side depends on the type 


of transistor. 
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3. The N-channel depletion mode MOSFET is wired 
(somewhat confusingly) so that the drain is on the 
positive side and the source is on the negative side. 
Applying a positive voltage at the gate allows current 
to flow from the drain to the source. 


4. Because FETs operate using voltage, the gate 
consumes almost no current, making it ideal for 


controlling devices from microcontrollers. 


5. When a device is truly power-hungry, a FET can be 
used in combination with one or two BJTs to provide 


additional current output to the device. 


6. FETs can also be used in combination with each 
other to produce logic circuits that utilize very little 
current. 


Apply What You Have Learned 


1. Whyis it especially important to include pull-down 
resistors with FET transistors? 


2. Which types of FETs are normally conducting 
between the drain and the source? Which ones are 


normally not conducting? 


3. Create a circuit that combines an AND gate and an 
OR gate using N-channel MOSFETs. It should turn 
on an LED if buttons 1 and 2 are pressed or if button 
3 is pressed. 


4. Whyisa BJT needed to power an electric motor in 
addition to the MOSFET? 
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Going Further 


Congratulations! You have reached the end of this book! Hopefully, 
though, this is just the beginning of your electronics journey. From here, 
there are many directions you can go. 

Ifyou are mostly into digital electronics (programming and using 
microcontrollers), then this book probably has all of the electronics 
knowledge you need. From here, you should learn more about programming 
and more about the devices you want to use for your projects. Additionally, 
there are a ton of add-on devices that can be controlled with these sorts 
of microcontrollers. Learning about how to program and what devices are 
available would be your best next step. A good start to this would be Michael 
McRobert's book Beginning Arduino, Brian Evans's book Beginning Arduino 
Programming, or Bob Dukish's Coding the Arduino. 

If you were more interested in the sound and amplification sections, 
the next steps would be to either learn how to do this with microcontrollers 
or learn to do it directly with capacitors, inductors, and other electronic 
components. For the microcontroller path, try out Mike Cook’s Arduino 
Music and Audio Projects or Alexandros Drymonitis’s Digital Electronics for 
Musicians. For direct work in electronics, check out Craig Anderton’s 
classic, Electronic Projects for Musicians, or, if you can find a copy, 

Nicholas Boscorelli’s The Stomp Box Cookbook. Ray Wilson’s Make: Analog 
Synthesizers is also good. 
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If you want to learn more about electric motors and devices that move, 
there are a lot of options as well. David Cook’s Robot Building for Beginners 
is a great place to start, as well as the follow-up book Intermediate Robot 
Building. Jeff Cicolani also has a book, Beginning Robotics with Raspberry 
Pi and Arduino, that is worth looking into. The book Arduino Robotics has 
a lot of more advanced ideas as well, including a DIY Segway clone. 

If you want to know more about the operation of the components 
themselves, the best in-depth guidebook (though very expensive!) is 
Paul Horowitz's The Art of Electronics. If electronics is going to be your 
profession, it's worth every penny. Otherwise, itis probably a little too 
advanced (and expensive) for the casual hobbyist. 

If you enjoyed the math and wanted to know more, I suggest that you 
start by learning calculus, as much of the math of electronics is based in 
some way on calculus. The book I would suggest for that is my own 
Calculus from the Ground Up. 

Anyway, I wish you well on your electronics journey. You are well 
prepared to begin! 
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Glossary 


AC See alternating current. 

AC mains This is the type of current that is supplied to your house by 
the public utility companies. This is usually 120 volts AC and cycles back 
and forth 50-60 times per second. 

AC signal This is the type of current usually picked up by a 
microphone or antenna. It has very low current and usually must be 
amplified before processing. 

alternating current Current where the flow of current continually 
changes direction. This can also refer to a continual stream of fluctuations 
of voltage. 

amp A shorthand way of saying ampere. See ampere. 

ampere An ampere is a measurement of the movement of charge. It is 
equivalent to 1 coulomb of charge per second moving past a given point in 
a circuit. 

amplification Taking a low-power signal and converting it to a high- 
power signal. This is usually done by using the low-power signal to control 
a high-power source and manipulate it to mimic the low-power signal. 

AND function A logic function which yields a true value when all of its 
inputs are true. 

AND gate A logic gate which implements the AND function. 

anode An anode is the “positive side” of a polarized device. Note 
that, in batteries, the anode is actually the negative terminal (because the 
positive charge enters here). 
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Arduino A popular environment for programming microcontrollers, 
including a standard set of development boards for a variety of 
microcontrollers. 

Arduino IDE A software program used to write and upload programs 
for Arduino-based microcontrollers. 

atomic number The number of protons that a given element has. 

auto-ranging multimeter A multimeter which does not require that 
you know the likely value of the measured value ahead of time. 

baud A way of expressing rates of communication. Means “bits per 
second.’ 

beta The amount of gain that a BJT can generate. 

bit Binary digit. A true or false (or 1 or 0) value. 

BJT Bipolar junction transistor. In this type of transistor, current at the 
base of the transistor controls the conduction between the collector and 
the emitter. 

boost converter See DC-DC power converter. 

breadboard A device which makes it easier to attach components 
together. See also solderless breadboard. 

breakdown voltage The voltage drop that occurs when a diode is 
blocking current, but the voltage goes beyond the capacity of the diode 
itself and “breaks down” the blockade. This is problematic in normal 
diodes, but an expected part of operation of Zener diodes. 

bridge A space in the middle of a breadboard separating terminal 
Strips. 

brushed electric motor A motor that operates by changing its interior 
magnetic configuration based on wires that are rotating in the shaft. 

brushless electric motor A motor that operates by changing its 
exterior magnetic configuration based on generating an alternating 
current inside the motor. Brushless motors are less prone to fail because of 
fewer parts that wear down. 


capacitance Capacitance is the ability to hold an electric charge. 
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capacitative reactance The reactance that comes from capacitor-like 
components. 

carrier frequency A frequency on which another signal is laid. 

cathode A cathode is the “negative side” of a polarized device. Note 
that, in batteries, the cathode is actually the positive terminal (because the 
positive charge leaves here). 

charge Charge is a fundamental quantity in physics. A particle can be 
positively charged (like a proton), negatively charged (like an electron), or 
neutrally charged (like a neutron). Charge is measured in coulombs. 

chip See integrated circuit. 

circuit diagram The drawing of a circuit using special symbols to 
show how the components are connected without worrying about how the 
circuit will be physically laid out on the breadboard. 

circuit pattern A circuit pattern is a common way of building (and 
understanding) certain types of circuits or subcircuits. 

closed circuit A circuit is closed if there is a complete pathway from 
the positive to the negative. 

CMOS CMOS is a technology for building integrated circuits 
(especially MOSFETs) and stands for “Complementary Metal Oxide 
Semiconductor.’ It is also a standard for true/false voltage levels used by 
logic chips made using CMOS technology. 

coil See inductor. 

comment In computer programming, a comment is a line of code that 
the computer ignores and is meant to communicate information to the 
person reading the code. 

common point See ground. 

common emitter A transistor circuit pattern where the emitter is tied 
to a known, fixed voltage. 

connection point A place on a breadboard where a wire or component 
can be attached. 
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conserved quantity A quantity is conserved if, in the normal course of 
action, it cannot be created or destroyed. Energy is a conserved quantity— 
it cannot be created or destroyed but only transferred. 

conventional current flow Conventional current flow traces the flow 
of positive charge in a circuit from a positive source (often a battery) to 
either ground or a negative terminal. 

coulomb A coulomb is a quantity of electric charge. One coulomb is 
roughly equivalent to the charge of 6.242(£10'8 protons. The same number 
of electrons produces a charge of —1 coulomb. Coulombs are represented 
by the symbol C. 

coupling capacitor A coupling capacitor is a capacitor that links to 
circuits, usually at different DC offsets. The coupling capacitor transmits 
changes in voltage (i.e., AC) while blocking the DC offset voltages from 
influencing each other. 

datasheet The documentation provided by a component or an 
integrated circuit which provides technical details about the component's 
operation. 

debugging The process of finding errors in electronic circuits or 
computer code. 

DC-DC power converter A device which converts voltage levels (like a 
transformer) but for DC circuits. 

DC bias voltage See DC offset. 

DC See direct current. 

DC motor A device that converts DC electrical power into mechanical 
power. 

DC offset If an alternating current is centered around a voltage other 
than zero, the center voltage is the DC offset. 

depletion mode A FET which uses depletion mode means that the 
FET normally conducts between the drain and source, but will be inhibited 
by sufficient gate-to-source voltage (sufficiently positive for a P-channel or 
sufficiently negative for an N-channel). 
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development board A development board is a prebuilt circuit board 
that makes trying out certain chips and components (and building 
example projects with them) much easier. 

digital logic A convention where voltages (usually a positive voltage 
and zero voltage) are used to represent “true” and “false” values (or “1” 
and “0”). 

diode An electric component that only allows current to flow in one 
direction. 

DIP See dual in-line package. 

direct current Current where the flow of current maintains the same 
direction. It can also be viewed as steady voltage from a positive terminal 
to a negative terminal (i.e., voltage which does not continually vary/ 
change directions). 

dissipation Dissipation refers to the ability to get rid of something. 
Heat dissipation deals with the removal of extra heat generated in circuits. 

drain (transistor) One side of the main current pathway of a FET. This 
is the positive side in an N-channel FET and the negative side in a 
P-channel FET. 

dual in-line package A type of package for integrated circuits which 
has two parallel sets of pins which fits nicely across the bridge of a 
breadboard. 

electric field This is the force of attraction of opposite charges which 
are separated but near to each other. 

electromagnet A magnet that is created through an inductor. 
Electromagnets allow electronics to manipulate the larger physical world. 

electron current flow Electron current flow traces the flow of negative 
charges from a negative source or ground to its destination (often a 
positive terminal on a battery). 

electron A negatively charged particle that is usually on the outside of 
an atom. 


energy The ability to do work, usually measured in joules. 
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enhancement mode A FET which uses enhancement mode means 
that the FET normally does not conduct between the drain and source, but 
sufficient gate-to-source voltage will allow conduction (sufficiently positive 
if itis an N-channel and sufficiently negative if it is a P-channel). 

equivalent resistance If multiple resistors are connected in series or in 
parallel, their operation can be mimicked by a single resistor. This resistor 
is said to have equivalent resistance of the resistor circuit that it replaces. 
See also Thévenin equivalent circuit. 

farad The basic unit of capacitance named after Michael Faraday. 

feedback When the output of a process feeds back into the input of a 
process. 

FET Field effect transistor. This is a type of transistor where the gate 
controls the conduction between the drain and the source. 

filtering capacitor A capacitor used to remove signals of a certain 
range of frequencies from the signal. 

flash memory A type of memory in integrated circuits that is retained 
even after the power to the device is removed. 

flux See magnetic flux. 

flyback diode See snubber diode. 

forward voltage drop The amount of voltage that a diode utilizes 
when the current flows forward. 

frequency How often a cycle of an oscillator completes a full cycle, 
measured in hertz (cycles per second). 

function In computer programming, a function is a block of code that 
accomplishes a task and may return a value to the code that invoked the 
function. 

gain The amount of amplification that a component provides to a 
signal. 

gate (logic circuit) See logic gate. 

gate (transistor) In a FET, the gate is the input that controls the 
pathway between the drain and the source using voltage levels. Gates 
generally utilize a negligible amount of current. 


424 


APPENDIXA GLOSSARY 


ground The chosen point on a circuit by which to measure other 
voltages. On DC battery circuits, this is usually simply the negative 
terminal of the battery. 

H-Bridge A device which makes it easier to control a two-way motor 
drive. 

headers Places on a circuit board where additional circuits or wires 
can be attached. 

heat Undirected energy. In electronics, heat is usually due to 
inefficiency in circuits. All circuits are inefficient to some degree, and that 
inefficiency is released as heat into the environment. 

heatsink A heatsink is an object, usually large and metallic, which 
attaches to a part of a circuit to dissipate heat into the environment and 
away from the circuit itself. 

henry The unit of measure for inductance. 

hertz A unit of measurement of frequency/oscillation. Abbreviated Hz. 
Hertz refers to the number of cycles per second. 

IC See integrated circuit. 

in-system programmer A device that connects your computer to a 
microcontroller which will transmit a new program to the microcontroller. 

inductance The amount of resistance an inductor offers to changes in 
current. Measured in Henries. 

inductive kick When current is suddenly blocked to an inductor, the 
magnetic field suddenly collapses and generates a sudden large voltage at 
the cathode. 

inductive reactance The reactance that comes from inductor-like 
components. 

inductor A component, usually made of coiled wire, that stores energy 
in a magnetic field. Inductors resist changes in current. 

impedance The amount of resistance a circuit offers to alternating 
current which combines resistance and reactance. Impedance is usually 


based on a specific frequency. 
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inefficiency In energy terms, inefficiency is the amount of energy that 
is wasted in performing a process. All processes are inefficient to some 
degree. 

integrated circuit A miniaturized circuit that is built on a silicon chip. 

International System of Units See SI Units. 

inverted input or output An input or output is inverted if you send it 
(or receive from it) the opposite of what you might normally expect. 

ISP See in-system programmer. 

joule A standard unit of work or energy. It is defined as the amount of 
work performed when a 1-kilogram object is moved 1 meter. It can also be 
defined as the work performed when moving a coulomb of charge through 
1 volt of electric potential difference. 

junction The point where two or more wires or components are 
connected together. 

Kirchhoff’s current law At any junction, the total amount of current 
going into a junction is exactly the same as the total amount of current 
going out of that junction. 

Kirchhoff's voltage law Given any two specific points on a circuit (at 
a particular point in time), no matter what path is traveled to get from one 
point to the other, the difference in voltage between the two points is the 
same. This can also be stated equivalently as saying that any complete, 
closed path around a circuit has a total voltage drop of zero. 

latch A simple type of memory that stores a single bit using logic gates. 

lead A metallic connection point of a component. 

leg See lead. 

logic function A function that takes in one or more logic (true/false) 
values as input and produces one or more (usually one) logic values as 
output. 

logic gate A circuit which implements a logic function. This is different 
from a transistor gate. Confusingly logic gates are built from transistors 
which can have a gate. 
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loop In computer programming, a loop is a group of commands that is 
repeated multiple times. 

magnetic flux The energy stored in an electric field. 

mechanical fit The ability of two objects to be joined just by pushing 
them together. 

memory The capacity of a circuit to hold on to previous values. Often 
used in computer programming to store values. 

microchip See integrated circuit. 

microcontroller An integrated circuit which operates as a standalone 
computer. Usually used for controlling small electronic devices. 

milliamp A short way of saying milliampere. See milliampere. 

milliampere One thousandth of an ampere. See ampere. 

MOSFET A specific (and common) type of FET transistor. 

multimeter A device used to measure a variety of electrical quantities 
in circuits and devices, usually including voltage, current, and resistance. 

N-channel A type of FET. Refers to the physical construction of the 
FET. 

NAND function A logic function which yields a false value only when 
all of its inputs are true. A combination of the AND and NOT functions. 

NAND gate A logic gate which implements the NAND function. 

NPN A type of BJT. 

neutron An uncharged particle in the nucleus of an atom. 

no load RPM The speed at which the shaft of a motor rotates with 
nothing attached to the shaft at its rated voltage. 

no load current The amount of current that a motor utilizes with 
nothing attached to the shaft at its rated voltage. 

non-polarized component A circuit component (such as a resistor) 
where it does not matter which end is used as the anode or cathode. 

NOR function A logic function which yields false if any of its inputs 
(or combination of inputs) are true. A combination of the OR and NOT 
functions. 


NOR gate A logic gate which implements the NOR function. 
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NOT function A logic function which takes one input and yields its 
opposite. 

NOT gate A logic gate which implements the NOT function. 

nucleus The nucleus is the part of the atom where protons and 
neutrons reside. 

ohm The unit of measurement of resistance. 

open circuit An open circuit is a condition where there is no electrical 
pathway for the current to flow. See also closed circuit, short circuit. 

open collector A type of output from a circuit where the “positive” 
state is actually disconnected, while the “zero” state is an actual ground 
voltage. This is often used to allow the user of the circuit to supply their 
own voltage through a pull-up resistor. 

OR function A logic function which yields a true value when any of its 
inputs are true. 

OR gate A logic gate which implements the OR function. 

oscillation Oscillate means going back and forth. In electronics, 
oscillation usually means periodic back-and-forth fluctuations in current 
or voltage. 

oscillator An oscillator is a circuit that switches back and forth 
between two or more states (e.g., positive voltage to zero voltage) in a 
regular fashion. 

oscilloscope A device used to probe circuits and visualize the behavior 
of circuits over time. 

P-channel A type of FET. Refers to the physical construction of the FET. 

package The way that an integrated circuit is encased, including the 
physical casing, the pinout, and the type of pins. 

parallel circuit A circuit is a parallel circuit if one or more components 
are arranged into multiple branches. 

period The length of a full cycle of an oscillating circuit. Usually 
measured in seconds. 


pad See pin. 
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pin On an integrated circuit, this is one of the legs protruding from the 
chip that you can connect to your circuit. Can also refer to the leg/lead of 
other types of components. 

pinout The pinout refers to the meaning/purpose assigned to each pin 
of a particular integrated circuit. 

PNP A type of BJT. 

polarized component A circuit component (such as a diode) which 
has an explicit anode and cathode (i.e., the sides of the component are not 
interchangeable). 

power The continual supply of energy, usually measured in watts. In 
DC circuits, power is calculated as the voltage (in volts) multiplied by the 
current (in amperes). 

power buses See power rails. 

power rails The part of a breadboard (usually indicated by red and 
blue lines) which is usually used for power connections. 

power transistor A transistor made to handle large amounts of voltage 
and current. 

programming environment A set of tools which makes programming 
for certain devices, or in certain ways, easier. 

protection diode A diode that protects a circuit, usually either from 
putting in a battery backward or, in the case of a snubber diode, from 
inductive kick. 

proton A positively charged particle in the nucleus of an atom. 

pull-up resistor A resistor connected to a positive voltage which gives 
a default positive voltage if no other voltage is connected on the line. 

pull-down resistor A resistor connected to a positive voltage which 
gives a default zero voltage if no other voltage is connected on the line. 

pulse-width modulation Sending a signal using a fixed pulse 
frequency, but where the percentage of time the signal is high vs. low 
varies. This is a way of outputting voltage levels on devices that don't 
support outputting at different voltage levels. 

PWM See pulse-width modulation. 
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quiescent current In a transistor amplifier, the quiescent current is the 
amount of current that is flowing into the base of the transistor when no 
signal is applied. 

RC circuit A resistor in series with a capacitor, usually used for timing. 

reactance This is a part of impedance which is similar to resistance 
but operates by preventing flow rather than dissipating energy. Reactance 
is usually based on the frequency of the signal. 

resistance Resistance measures how much a component resists the 
flow of electricity. Resistance is measured in ohms (Q). 

resonant frequency The resonant frequency of a circuit is the 
frequency of the circuit where the inductive and capacitative reactances 
cancel each other out. 

RMS A way of computing averages that focuses on magnitudes. 

RPM Revolutions per minute. How often the shaft of a motor rotates in 
a minute. 

RS-232 A protocol for serial communication describing voltage levels, 
timing, and other important signaling features for sending and receiving 
bits using two wires. 

saturation mode This occurs in a transistor when it is fully on and 
cannot amplify the signal further. In saturation mode, the transistor acts 
more like a switch that is on rather than as an amplifier. 

schematic See circuit diagram. 

serial interface A type of input/output mechanism that sends data a 
single bit at a time, oftentimes using the RS-232 protocol. 

series circuit A series circuit is a circuit or part of a circuit where all of 
the components are connected one after another. 

servo motor A motor that, instead of spinning, creates an angle. 

set screw A screw whose purpose is to apply pressure to another part 
to join it together. 

shaft The rotating part of a motor. 

short circuit A short circuit is what happens when the current pathway 
has no resistance from the positive to the negative. 
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SI Units The international standard for physical units of measure. 

sink When a component or circuit receives incoming current. 

snubber diode A diode that is wired backward across the terminals of 
an inductor to protect the circuit against inductive kick. 

solder (noun) A substance which can be heated up to attach wires, 
components, and other metallic objects together. 

solder (verb) The activity of attaching things together using solder. 

solderless breadboard A device consisting of a number of connected 
terminals where components can be inserted and removed at will, which 
allows for the construction of circuits in a nonpermanent way. 

source (general) When a component or circuit provides current 
output. 

source (transistor) One side of the main current pathway of a 
FET. This is the negative side in an N-channel FET and the positive side in 
a P-channel FET. 

square wave An oscillating signal where the signal spends almost all of 
its time either in the high or low state and almost no time in between. 

SR latch A simple type of memory which can store a single bit. 

stall condition In an electric motor, this is the condition where the 
motor is not turning while it is exhibiting its maximum torque. 

stall current The amount of current that the motor uses in a stall 
condition. 

stator The fixed outside container of a motor. 

terminal See lead. Can also refer to a female receiver for a lead. 

terminal strip On a breadboard, a terminal strip is a row of connection 
points which are connected together within the breadboard, so that 
putting in multiple components or wires on a terminal strip connects them 
together. 

Thévenin equivalent circuit A generalization of how one circuit 
“sees” another circuit, as if it solely consisted of a power source and an 


impedance/resistance. 
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TO-220 package A way of packaging an integrated circuit, usually for 
transistors, voltage regulators, or other power-oriented devices. It consists 
of three terminals and a heatsink. 

torque Rotational power. In a motor, this is the amount of rotational 
power that the motor applies to the shaft. 

transformer A pair of inductors which utilize the magnetic field 
in one coil to generate a current in the other inductor. Usually used to 
convert voltage levels in different circuits and to isolate parts of a circuit. 
Transformers only operate on AC circuits. For DC circuits, see DC-DC 
power converter. 

transistor A circuit component used for switching, logic, and 
amplification. Generally, a transistor operates by having one terminal 
control the flow of current between two others. See also FET and BJT. 

TTL An acronym for transistor-to-transistor Logic. This is an old 
standard for logic chips for signaling true and false values, usually 
operating at 5 V. 

unit of measurement A standard marker used for quantification, such 
as grams (weight), seconds (time), or meters (length). 

unit prefix A unit prefix is a modifier that can be added to a word 
to indicate that it should be multiplied by some amount. For instance, a 
kilometer means a thousand meters. A millimeter means a thousandth of a 
meter. 

variable In computer programming, a variable is a storage location 
where a value is held that can change. 

variable resistor A resistor whose value changes. 

voltage A voltage is the “power” of an electric charge. Formally, it is 
the ratio of potential energy of a charge to the magnitude of a charge. It can 
also be described as the change in magnetic flux over time. 

voltage divider A voltage divider occurs when there are two 
components (usually resistors) connected together with a terminal coming 
out from between them meant to have a voltage between that of the two 


components. 
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voltage drop The voltage difference between two points on a circuit. 
This usually refers to the amount of voltage consumed within a specific 
component on a circuit. 

watt A unit of power. A watt is the delivery of one joule per second. 

work Work occurs when force causes a displacement (change of 
position). Work is often measured in joules. 

XOR function A logic function which yields a true value when any one 
(and only one) of its inputs is true. 

XOR gate A logic gate which implements the XOR function. 

Zener diode A diode which is meant to be wired in such a way as to 
take advantage of its breakdown voltage. 
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Electronics Symbols 


Symbol Component 
| Battery 
T 

Resistor 


| Potentiometer 


© Jonathan Bartlett 2020 


Description 


A battery is represented by a long line and 

a short line stacked on top of each other. 
Sometimes, there are two sets of long and 
short lines. The long line is the positive 
terminal, and the short line is the negative 
terminal (which is usually used as the ground). 


A resistor is represented by a sharp, wavy line 
with wires coming out of each side. 


A potentiometer is represented by a resistor 
with an arrow in the middle. This indicates that 
the positioning of the dial will affect how the 
voltage is divided. 


(continued) 
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Symbol Component Description 


> Diode A diode is represented by an arrow with a 
line across it, indicating that current can flow 
from positive to negative in the direction of the 
arrow, but it is blocked going the other way. 


Y LED An LED symbol looks similar to a diode (since 
it is a diode), but it also has two short lines 
coming out of it, representing the fact that it 
emits light. 


Zener diode A Zener diode is represented like a normal 
TA diode, but with angled lines coming out of the 
blocking bar, representing the fact that the 
“blocking” action is not its only use. 


l Button A button is represented by a line that could 

P connect two wires. This represents the fact that 
if the button is pushed down, it will connect the 
two parts of the circuit. 


Switch A switch is like a button, but it is anchored 
\ on one side. This represents the fact that the 
f position of the switch is semipermanent. Unlike 
a button, which pushes and then releases, the 
switch will stay where you put it. 


— — Capacitor A capacitor is represented by two parallel lines 
(unpolarized) separated by a space, representing the fact 
that a capacitor is built from two plates that are 
not physically touching. 


(continued) 
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Symbol Component Description 
-—) — Capacitor A polarized capacitor is similar to an 
(polarized) unpolarized capacitor, except that the negative 


side of the capacitor has a curve applied to it. 


IYN- Inductor An inductor is represented by a curling line 
to represent the fact that the wires in an 
inductor are coiled. This symbol is often used 
to represent not just basic inductors, but also 
applications of inductors such as motors and 
electromagnets. 


BJT NPN The BJT NPN transistor is a three-terminal 
device with a line going in from the collector 
and a line going out to the emitter, with an 
arrow pointing toward the emitter. The line 
coming to the solid flat line is the base, which 
controls the flow. You can remember that this 
is an NPN transistor because the arrow “Never 


Points iN.” 
N-channel The N-channel enhancement mode MOSFET 
4 enhancement transistor has a similar symbol to that of the 
mode MOSFET BJT, but the gate doesn’t actually touch the 
transistor line connecting the drain to the source. This 


is because the gate of a FET does not actually 
participate in current flow, but only controls the 
gate itself with voltage. 
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Integrated Circuit 
Naming Conventions 


The naming conventions for ICs can be bewildering at first. In truth, there 
is no official standard for chip names, but there are some conventions that 
are often followed. When a chip is invented, the company that invented it 
assigns it a part number. However, the courts have ruled that part numbers 
cannot be copyrighted. Therefore, if another manufacturer makes a similar 
or identical chip with the same pinout, they will often use the same part 


number. 


C.1 Logic Chip Basic Conventions 


Logic chips are often broken up into two families based on the voltage 
levels that they expect and produce. TTL (which stands for transistor-to- 
transistor logic) is an old standard for logic chips which usually operates 
at 5 V. TTL chips consider a signal to be “false” when itis below 0.8 V 

and “true” when itis above 2.2 V and can break if they receive voltages 
significantly higher than 5 V. Between 0.8 V and 2.2 Vis a region where the 
resulting value is unpredictable. TTL originally referred to how the logic 
chips were constructed, but now it usually refers to the expected input/ 
output levels of the chip. 
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CMOS is a newer technology, and with it came a newer standard for 
how logic levels are interpreted. CMOS chips support a much wider supply 
voltage range than TTL, but their logic levels are a little different. For 
CMOS, false is from 0 V to one-third of the supply voltage (whatever it is— 
CMOS can usually operate from 3 V to 15 V), and true is from two-thirds of 
the supply voltage to the full supply voltage. 

Chips are often made in a series—a whole set of chips which all 
perform complementary functions. The most common series of logic chips 
is the 7400 series originally designed by Texas Instruments. The 7400 series 
started as a set of TTL chips. Some common chips in this series are the 
7400 itself (a quad-NAND gate), the 7408 (a quad-AND gate), and the 7432 
(a quad-NOR gate). 

Chips names will often have a prefix that relates to either their 
manufacturer or the company that originally designed them. As some 
examples, National Semiconductor chips are usually prefixed with LM; 
Texas Instruments chips have a whole slew of prefixes, including SN and 
TI; Motorola chips usually have an MC prefix; and Signetics chips usually 
have an NE prefix. There are many others, but this is just to give you an 
example. The 7400 series usually has part numbers starting with SN74 
because TI built them. So a SN7408 is an AND gate based on designs by TI. 

Now, the series is 7400. The last two digits refer to the function and 
pinout of the chips. That is, in the 7400 series, “08” will refer to quad-AND 
gates which all have the same pin configuration. However, sometimes 
they will insert letters in between “74” and “08.” This usually refers 
to some modification to the electrical characteristics of the chip. For 
instance, a low-power version of the 7400 series has a “74LS” prefix. So 
the “SN74LS08” chip is a version of the 7408 (i.e., has the same pinout and 
function) that was originally designed by TI (the SN prefix) but is built for 
lower-power consumption (LS). 
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Then, part numbers often have suffixes as well. Suffixes often refer to 
some external characteristics of the chip. For instance, in Chapter 11, we 
mentioned different chip packages, such as DIP and SMD. These different 
packages will have different suffixes. For the 7400 series, the DIP package 
is usually suffixed with “P; so an SN74LSO8P is the DIP version of the 
SN74LS08, and the NS74LSO8NSR is an SMD version. You may also have 
suffixes which are based on temperature, hardiness, and even occasionally 
electrical output characteristics. 

Sometimes, if a different manufacturer builds the same chip, they may 
change the manufacturer code and use different suffixes. For instance, 
Texas Instruments sells a SN74HCO8P, which is a DIP 7408 which uses 
CMOS levels up to 6 V (that’s what the HC is for). Essentially the same 
chip is available from Fairchild, which calls it the MM74HCO8N. The MM 
prefix is one that Fairchild uses, and it is the same 74HC08 chip, and, for 
Fairchild, they use an “N” suffix to designate a DIP chip. 

As I mentioned, these are only conventions, not standards, so they 
don’t always apply. However, they can be helpful, so that you know that 
if someone specifies a 7432 chip and you see part numbers that say 
SN74LS32P, you might be able to determine that this at least has some 
relationship to the chip you are looking for. 
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More Math Than You 
Wanted to Know 


This appendix is a catalog of equations in electronics and where they 
came from for those who are curious. This book is meant more for an 
introductory approach, but nonetheless many people are curious. This 
chapter isnt for the faint of heart, and it may involve lots of math you 
havent taken. Thats why it is stuck in an appendix. 

However, if you are curious, these are the mathematical answers to 


your questions. 


D.1 Basic Formulas 
D.1.1 Charge and Current Quantities 


e 1 coulomb = 6.241509 * 10* electrons (how many 


electrons in a coulomb) 

e [= E (current is the derivative of charge with respect 
to time) 

e l14= e (A = ampere; C = coulomb; s = second) 


e 3.6C=1mAh(C=coulomb; mAh is milliamp-hour, a 


common unit for batteries) 
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D.1.2 Volt Quantities 


Volts are basically measures of energy per unit of charge. Volts are also 
known as electromotive force (EMF), or €. Volts can be expressed in a 


number of ways: 


e. V= = (J = joules; C= coulombs) 


_ potential energy 
charge 
N-m 
e V=—— (N=newtons; m= meters; C = coulombs) 
_ kg ` m’ kø = kil i _ A . 
e V= hk (kg = kilograms; m = meters; A = amperes; 


s = seconds) 


© V= = (Faraday’s law of induction—voltage is the 


derivative of the flux of the magnetic field with respect 


to time) 


D.1.3 Resistance and Conductance Quantities 


Resistance is in ohms. The inverse of resistance is conductance (the 
ability of current to flow through a wire) and is measured in siemens (S). 
The siemens unit is also called a mho (ohm spelled backward) and is 


sometimes marked by an upside-down omega (Q): 


l 

e G= = (G= conductance in siemens, R = resistance) 
I : , 

e G= - (G = conductance; Iis current; Vis voltage) 
4 ; 

e R= T (Ohm's law) 


des 
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Individual materials have a resistivity (p). 


length 
Rap: eng (D.1) 
cross-sectional area 


In other words, from beginning to end, resistance decreases with cross- 


sectional area and increases with length. 


D.1.4 Ohm's Law 


Vis voltage (in volts), [is current (in amperes), and R is resistance (in 
ohms): 


V=I-R (D.2) 


D.1.5 Power 


Pis in watts. The following hold true for DC circuits. For AC circuits, they 
hold true if the resistance is actually an impedance: 


e P=V-A 

e P=FfR 
2 

e pee 
R 


D.1.6 Capacitance 


Capacitance is the ability to store charge. 
The fundamental equation for a capacitor is 


O=V-C (D.3) 
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Q is the amount of charge stored, Vis the voltage across the terminals, 
and Cis the capacitance in farads. 
The derivative of this equation with respect to time is 


aQ_ a C (D.4) 
dt dt 


Because current is the derivative of charge, we can then say 


foe (D.5) 
aT 


The capacitance of capacitors is given by the equation 


A 
C=€, €, F (D.6) 


Here Cis capacitance, €, is the dielectric constant of whatever 
separates the capacitor’s plates, €, is the dielectric constant of free space, A 
is the area of the plates in square meters, and d is the distance between the 


plates in meters. 


D.1.7 Inductance 


The fundamental equation for an inductor is 


ġ=L-I (D.7) 
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Here, ¢ is the flux of the magnetic field in Webers, L is inductance in 
Henries, and / is current in amperes. The derivative gives you voltage: 


do dl 


=== D.8 
a pe) 
rer” (D.9) 

di 


In other words, the voltage produced is proportional to the change in 
current. 


The inductance of a coil of wire can be calculated by 


2 
-EN A 


: (D.10) 


Where Nis the number of turns of wire, A is the area of the coil, Lis the 
length of the coil, and y depends on the core being used. 


D.2 Semiconductors 


Components made from silicon are known as semiconductors and have 


very useful nonlinear properties. 


D.2.1 Diodes 


Diodes do not have a fixed voltage drop as we assume in this book. Itis an 
exponential function, but is steep enough to act like a fixed 0.6 V voltage 
drop for most purposes. The actual equation is 


, 
I=I, G a] (D.11) 
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I; is the saturation current (depends on the construction of the 
diode), Vis the voltage, y is either 1 for germanium or 2 for silicon, and 
V, is known as the thermal voltage (the amount of voltage created just by 
particles moving around at a given temperature, usually about 0.026 V at 


room temperature) : 


D.2.2 NPN BJT 


While we discussed general rules about BJTs, the technical model used to 
model them is known as the Ebers-Moll model. This model is much more 
complex to use, which is why we don’t discuss it much in the chapter. 
There are also several different Ebers-Moll models, depending on the 
level of detail required. The basic Ebers-Moll model for a conducting but 


unsaturated transistor is as follows: 
VgE 
leah G -1 (D.12) 


In this J, is the emitter current (you can also use it for the collector 
current, since they are approximately equal). J; is the saturation current of 
the base-emitter diode, and V, is the thermal voltage, just like for diodes. 


D.3 DG Motor Calculations 


The voltage drop across a motor (V,,,) is defined by the following equation: 
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where V, is the back EMF of the motor, R,, is the internal resistance of 
the motor’s wiring, and /,, is the current flowing through the motor—so, 
basically, just Ohm’s law plus the back EMF generated by the spinning of 
the motor. 

So how much back EMF is created? We can determine that like this: 


V,=K.o 


In this equation, K, varies by the motor and is usually given in volts per 
RPM or volts per radians per second. w is merely the rotational speed in 
the units given. 

Likewise, the torque generated can be determined from this equation: 


T=K,1, 


In this equation, Ky is the torque constant for the motor (be careful of 
the units), and /,, is the current going through the motor. Knowing the peak 
(stall) current, you can find the maximum torque available for the motor. 

Interestingly, you can see that increasing the torque will actually affect, 
to some degree, the RPM of the motor. The full equation for the voltage 


across the motor is 
Y, =K Oo+R,I. 
The torque will affect 1, . That, in effect, will increase the voltage drop 
given by RmIm. Given a fixed voltage source, this will leave less voltage 


available for the K.w part of the equation. Since K, is a constant, that 
means that w will be reduced to some extent. 
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D.4 555 Timer Oscillator Frequency 
Equation 


In Chapter 18, we learned to make oscillators using the 555 timer chip. In 
the actual chapter, I wanted you to focus on actually learning what was 
happening with the 555 timer rather than using a formula. However, there 
is a nice, simple formula that allows you to relate the resistor/capacitor 
network of the 555 timer to the final output frequency. 

The formula is as follows: 


1.44 
f= G(R +28) (D.13) 


In this equation, fis the frequency, R; is the resistor coming from the 
supply voltage, R, is the resistor next to the capacitor, and Cis the timer 
Capacitor. 

To understand where this equation comes from, remember that 
. We can use time constant formulas to find the 


frequency is just 


perio 
period and then just flip it to find the frequency. 


If you recall, the period is just the total time it takes to complete a 
charge/discharge cycle. The 555 charges through both R, and R, but only 
discharges through R,. Additionally, since it is just bouncing back and forth 


l 2 
between a and a full, it only uses 0.693 time constant. 


Therefore, we can have two formulas, one for the time charging and 
one for the time discharging: 


Teuarce = 9-693C(R, +R,) 
i DISCHARGE — 0.693R, 
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The total period is just these two time periods added together. 
Therefore, you get 


Torrion =0.693C(R, + R, ) +0.693CR, 
=0.693C((R, +R,)+R,) Factoring out 0.693C 


= 0.693C(R, +2R, ) Regrouping 


Since f = a , we can flip the preceding equation and get 
PERIOD 
l 
0.693C(R, +2R,) 
= S A S Regrouping 
0.693 C(R, + 2R, ) 
l 
C(R, +2R,) 
1.44 
C(R, +2R,) 


f= 


= 1.44 


At the end of the day, this is exactly what you did when you solved 
those problems; you just did it by hand instead of using a nice little 
formula. All a formula does is encapsulate the things that you normally do 
anyway, but simplifies it down to a set of predefined steps. 

I have a love/hate relationship with formulas. Formulas are nice 
because they are easy to use. However, when you use them, it makes it easy 
to forget the basic facts behind them. The basic facts are more important 
than the formula, because you can rearrange the basic facts and develop 
all sorts of formulas depending on your needs. In fact, if you know the 
basic facts and you know how to make formulas, if you ever forget a 
formula, it is easy to determine one from the basic facts. Therefore, while 
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memorizing formulas is important, knowing why formulas work is just as 
important, as it allows you to think more deeply and broadly and adapt 
your knowledge to new situations. 


D.5 Output Gain Calculations in BJT 
Common Emitter Applications 


In Chapter 25, we showed how to put together a multistage amplifier for 
sound coming in from a microphone. 

However, we handwaved away a lot of the calculations needed for it. 
That’s because they are, well, difficult. 

Anyway, if you don’t like handwaving, then this section is for you. 

In Chapter 25, we said that, on a common emitter amplifier, the gain 


on the output current compared to the incoming current was determined 


R, R ; l = 
by 2, where Rp is the bottom resistor from the voltage divider that 


E~ O 
the signal is fed into, R¿is the collector resistor, Rg is the emitter resistor, 


and Ro is the output resistance (see Figure 25-4 for the diagram). 

Recognize that any incoming current into the circuit from the input (as 
opposed to the quiescent current coming from the voltage source through 
Ry) will have two alternative paths to take—through Rz or through Rp». 
The relative amounts that do this are going to be based on the amount of 
voltage that R; utilizes. 

What we want to do is to analyze the gain between our incoming 
current (let's call that Zy) and the current at the collector (Ie). That is our 


real gain from the incoming current. 
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The problem is knowing how much the actual amount of the incoming 
current (Im) will be going through Rp or Rr. It will depend on the voltage 
in Rz. More voltage in R; will mean that the current is likely to go down 
Rs» instead. This already tells us that the size of R; will limit the amount of 
gain, as increased beta in the transistor will also increase the voltage of R; 
which will also limit the amount of incoming current, which will have an 
equivalent effect of reducing gain. 

Now, our circuit will primarily be working at a quiescent currentc, 

Q. We have already noted that this current will be the dominant signal. 
That means that the voltage between the base and the ground will bea 
combination of the diode voltage drop, the current in Rz from Q, and the 
current in Rz from the transistor’s beta (PQ). Therefore, the total voltage 
drop from the base to the ground will be Vso = QR; + PQR; + 0.6. 

We can treat this as a “virtual resistance.’ The current coming in at I; 


will be small comparatively, so we can reverse Ohm’s law to see what this 


l . E V 
looks like as a resistance to the incoming current. Because R = T we can 


say that the resistance here to new current is 


_ QR, + POR, +0.6 


Rog O 


= R, + BR, S x R, + BR, (D.14) 


We dropped the term because it would give us a very small 


comparative resistance, and we are trying to simplify our lives. 

So now, when we have new current coming in at Iy, it has two 
branches it can follow, each with its own resistance. Some of it will be 
wasted through Rp, and some of it will be amplified through Rgs. The 
amount going through R¿G we will call Ty (for usable incoming current). 
The amount going through Ry, will just be I — Iy. 
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In parallel resistances, the relative amount of current going through 
each resistor can be calculated as 


I R 
oboe (D.15) 
L, R 


V V. 
You can see this from Ohm’s law. Since /, = FA and J, =— , the ratio 


V 1 2 
AR | 
of the currents becomes — = —-. Since V; = V, (the resistors are parallel 
2 2 
R 


2 
and so have the same voltage drop), then this reduces to Equation D.15. 


So, for this, I will be divided between Rp and Rs. Therefore, we 


can say 


Z = (D.16) 
En — ly Rag 
R R 
aS 2-1, +22 (D.17) 
Rag Rog 
R R 
AL LS eee (D.18) 
Rag Rag 
I R 
I = m (D.19) 
Rag 1s a) 
É Rag 
IR 
I = 2 (D.20) 
Reg a Rp2 
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The amount of current through the collector that comes through the 
usable current from the signal (and not from the quiescent current, Q) we 


can denote as Ico. Therefore 


Ico = Bly (D.21) 


So the total amplification of our signal will be the ratio of the amplified 


output Ico to the incoming current Iy: 


09 _ Bly (D.22) 
Ín Iw 
al En Kg) 
= Regg + Ry) (D 23) 
Ln 
=P ‘wis (D.24) 
Ín Ry + Ry» 
R 
= Pio (D.25) 
Ry a Ry» 
R 
P Re (D.26) 


~ R. + BR, +R, 


As you can see, this attenuates the action of / since it is in both the 


numerator and the denominator. 
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To see the extremes, if the J is low (i.e., single digits) and R; is small 
compared to Rp, this reduces to 
Roo 


CQ 
z aP P (D.27) 
Ly Ry) 


As P increases, the dominating terms become 


lco ¿BRez _ Rea (D.28) 


In BR, OR; 
We will call this particular gain y (a lowercase Greek “g”). So therefore 


y =2 (D.29) 


Now, the actual output current (that goes through the capacitor to the 
next stage or to the speaker) is actually going to be determined largely by 
the resistance of the next stage! 

What we have determined so far is the amount of current that goes 
through J; from In. The total amount of current in Icis going to be p(Q + 
Iy). However, Q is going to be essentially stable and therefore is not going 
to change the voltage on R¿, and capacitors only see voltage changes. 
Therefore, the only part of that which will be transmitted through the 
capacitor is the voltage change on R¿ due to Iy, which will be pIy or, in 
terms of our actual input signal, yI. 

Next, we have to figure out how much current we will actually be 
transmitting out of our amplification stage. This is the current that goes out 
through the coupling capacitor. Now, since the coupling capacitor is only 
transmitting changes, the only current that goes through that branch of the 
circuit is changing current. Therefore, the quiescent current does not travel 
through the capacitor. 


456 


APPENDIX D MORE MATH THAN YOU WANTED TO KNOW 


So what we have to do is figure out how to estimate the amount of 
current coming into the capacitor. We have already designated I as our 
input current, Iy as the usable current that is amplified at the base, and Ic 
as the current coming in to the collector. 

Current coming out of Rc has two choices of where to go. It can either 
go out to the next part of the circuit through the capacitor, or it can go 
through the transistor. This will depend on the resistance of each route. 

We need to start by calculating the quiescent resistance of the route 
that goes through the transistor and R;. If Vis our positive voltage, then, 
when the current goes through Ro, it will have dropped. Then it will drop 
again in the rest of the circuit. 

The amount that the voltage drops going through R- is I;R- (because 
the total voltage goes through Rc). We can replace I; with Io + Ic, which 
means the voltage drop will be (Io + Ic)Rc. The rest of the voltage drop we 
will call the “transistor path” voltage. It is simply 


Viran =V (4 +e Ro ) (D.30) 


Ohm’s law says that R = - , SO the resistance on this path will be 


V—((1, t1c)Re) 


Ripah = 
I C 


(D.31) 


Since Ic = PQ, then 


(D.32) 


The resistance of the other path will essentially be the Thévenin 
resistance of the output circuit (whatever lies beyond the capacitor). We 
will talk about what it should be shortly, but for now let's just call it Ro. 
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So that gives us two resistance values: Ro and Rypary. When we have a 
change in current (i.e., from Jmn), it will draw extra current, which will go 
down both paths. The amount that goes down each path will depend on 
the resistance of each path. 

Because the current changes are small compared to the quiescent 
current, we can ignore the impact that these changes have on the 
resistances themselves (i.e., how the change in current affects Rypary). We 
will use J; to represent the total additional current that comes across Rc 
due to the currents coming in at In. Jj will be the amount that actually goes 
on out of the circuit. 

As mentioned earlier, given two parallel resistances, R, and R,, i = i , 


Therefore, we can say that the relative amount of current between the i 


amount of current that goes out Io and the amount of current that goes 
through the transistor (ylw) is 


V -((1, + BO)R¿) 


lo po  _V-(Uo+p9)R.-) (D.33) 
Yl Ro POR, | 
We can then solve for Io: 
Io POR, =(V -((2, + BO)R, Ww Lin (D.34) 
1 BOR, HV iV Ly —Vl yp Rolo —¥1 yp PORe (D.35) 
To BOR, + VI xy Rolo =V Y Im n P OR (D.36) 
I,(BOR, +YImR¿)=INy(V - POR, ) (D.37) 
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Iny (V — BOR 
; _ Inv (Y - BOR) (D.38) 
BOR, +l ye 
Therefore, the complete gain (we will denote with a capital gamma, I’) 
will be the ratio of [y (the actual input signal) to J, (the actual output to the 


next stage). By using the preceding equivalency for Io, we can determine 


Ixy (V — BOR.) 
Lo = BOR, +YImRo 


T= T T (D.39) 

= [yy (V — BOR.) (D.40) 
(BOR, ER | 

_ YY POR.) (D.41) 


BOR, +YImRo 


Because we are using relatively low voltages, Vis going to be essentially 
irrelevant and can be removed. Because Jw is small and Rc is likely small 
compared to Ro, we can remove the term ylwRc. Therefore, that leaves 


In POR, e 
Ro 
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Since y = Ry) , we can also write this as 


E 


l 


I 
T=X“ z-y— =- (D.44) 
Íw 


Also note that this assumes that Ro > Rc and Rc > Ry. 

This is the total current gain from the input to the output. Notice 
that this value is negative. As we mentioned earlier, this kind of amplifier 
inverts the signal. Therefore, the gain is negative. 

As you probably noticed, there were a lot of steps and a lot of 
simplifications. There were a lot of things where we handwaved away 
“insignificant” values and the sort. That’s the way that electronics often 
works—you have to figure out which pieces really matter. 

Now, thankfully, not everyone has to write these equations out because 
someone came in before them and deduced them. Personally, I think 
it's fun, but I recognize that isn't everyone’s experience. Most electronics 
projects utilize more basic and straightforward applications of Ohm's law. 
But, occasionally, you have to pull out your whiteboard and go to town. 

Of course, one thing I left out was how to determine Ro, the resistance 
of the circuit that follows. 

If the output goes to another amplification stage, you may have to 
do more math to find the resistance of the next stage. The hard way is to 
look at the calculations earlier in this section for calculating Rg and Rp2 
and calculate them for the next stage and treat them as parallel resistors. 
However, an easy way is to simply use Ry, to stand in for Ro. It’s not exactly 
correct, but then that isn't what we are aiming for. We're just looking for 
the ballpark. 

If the output goes to your headphones, then all you need to do is plug 
in the resistance of your headphones. Most headphones are less than 50Q, 
with 160 being a fairly typical value. 
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D.6 The Thevenin Formula 


In Chapter 26, we used two formulas which allowed us to calculate 
the Thévenin equivalent circuit for circuits experimentally. Equations 
26.1 and 26.2 seem strange and complicated, but they are actually 
directly deducible from Ohm’s law and the concept of an equivalent 
circuit. 

The Thévenin Theorem states that any combinations of voltage 
sources and resistances can be replaced by a single voltage source and 
a single resistance. We will call this our Thévenin voltage source (V7) 
and our Thévenin impedance (Rv). If we hook up a load (i.e., a fixed 
resistance) across the output terminals of this circuit, we will know the 
resistance that was added (because we added it), and we can measure 
the voltage drop across the resistor easily enough with a multimeter or 
oscilloscope. 

We will need to measure this using two different loads because we 
have two unknowns— Vz and Rz. Using two different loads will give us 
two different equations using Ohm’s law that will allow us to solve for two 
variables. We will call our lower-resistance load R,, and the voltage drop 
across the R; resistor will be Vz. Likewise, our higher-resistance load we 
will call Ry, and the voltage drop across it will be Vy. The current running 
through each of these loads (1, and Iy) can be given by 


Veal, R, 
Vy =Ly Ry 


That is just simply Ohm’s law. We can also use Ohm's law to develop 
equations for the whole circuit, including the Thévenin equivalent voltage 
and impedance. Remember, because of the current rules, whatever current 


is flowing through our resistor must also be flowing in our Thévenin 
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equivalent impedance. Therefore, the Thévenin equivalent voltage will 
be the current multiplied by the two impedances together. Therefore, this 
yields the following equations: 


V, =I, (R, +R,) 
V, =I (Ry +R) 


Both of these equations solve for Vz, given an unknown of Rr. We can 
also rearrange either of these to solve for Rz. Let's rearrange the first one to 
do that: 


V, =I,(R, +R,) Originalequation 
= R, 


V E l 
=L +R, Divide both sides 
l; 
y 
TT-R =R Subtract R, 
l; 
y 
R, =—-R, Solved for R, 
l; 


This is the same as Equation 26.2. However, it requires V; to work. Now 
that we have an equation for R,, we can substitute that back in and get an 
equation for Vr without using Rzy. Using basic algebra manipulations, we 
can do the following: 


V, =1 (Rp + Ry) Original equation 
V, =I Ro +I Ry Distributive rule 


V, a 
el E — Ro +1,R, Substituting for R, 


L 
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á o 
Vr =Ly 7 —I,R,+1,R, Distributing 
L 
y 
Ve —Ly 7 =—] „R, +1, R, GettheV,s together 
L 


I . 
Vr í a A =1,,(R,—R,) Factor both sides 
L 


y, as ; 
—=R, +R, Divide both sides 
L 
(Ry E R; ) V 
V, === — Replace currents with Ohms law equivalents | — 
1 VR, R 
RV 


As you can see, this is Equation 26.1. 


D.7 Electronics and Calculus 


Calculus is a favorite subject of mine, and many parts of electronics make a 


lot of sense in the light of calculus. 


D.7.1 Current and Voltage 


First of all, recognize that electronics includes both static and dynamic 
quantities. Charge, for instance, is a static quantity. Current, though, is the 
movement of charge and thus is a dynamic quantity. Current entering or 


leaving a point can be written as a differential: 


_ dQ 
I= T (D.45) 
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Like current, voltage is a dynamic quantity, which is the change in the 


magnetic flux (4): 


_ do 
ya (D.46) 


D.7.2 Capacitors and Inductors 


The static equation governing a capacitor is 


O=V-C (D.47) 


where Q is the charge, Vis the voltage, and C is the capacitance. Taking the 
derivative of both sides, this can be converted into a dynamic equation: 


dQ = cll (D.48) 
dt dt 
Since we = [, we can rewrite this as 
ia (D.49) 
dt 


What this means is that the current is proportional to the change in 
voltage. 
The static equation governing an inductor is similar: 


ġ=L-I (D.50) 


Taking the derivative of both sides yields 


C i (D.51) 
dd 
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Since V = E , this can be rewritten as 
para (D.52) 
dt 


In other words, on inductors, the voltage is proportional to the change 


in current. 


D.7.3 Time Constants 


If an ideal capacitor were connected to an ideal voltage source, then the 
capacitor would charge instantaneously. However, as described in Chapter 
17, when charged through a resistor, it takes a certain amount of time to 
do the charging. The RC time constant combined with Figure 17-1 gives a 
simple way of figuring out these timings. 

A more complete way of understanding this is with the following 


equation: 
y, = al a J (D.53) 


Here, V¿is the voltage across the capacitor, Vs is the voltage source, 
tis the time from the start of charging (in seconds), and R and C are the 
resistance and capacitance. e is Euler's constant. To find the amount of 


time, we can solve for t: 


t= “RC — z) (D.54) 


y 
Here, — is the voltage percentage (expressed as a decimal). 


S 
y 
Therefore, the number of time constants is given by af — r) , 
S 
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So how was Equation D.53 even determined? Since the voltage across 


Q 


the capacitor depends on the charge in the capacitor, then V, = a Since 


the amount of current flowing through the resistor can be determined 
by the voltage and the voltage will be based on the difference between 


Vy = Vo 


the source and the capacitor, then / = . From the capacitor side, 


dV i 
fC ae . Since the current had to come from somewhere, it had to come 
í 


from the resistor. So that means these currents are equal. Therefore, 
Vs -Ve _ ce 
R dt 
We can solve this as a differential equation, by separating the variables. 


l dV 
This gives —dt = — Since battery voltages are constant, 


S C 
; a í 
Vs is a constant, so this integrates to a + D=-Cin(V, -Vo ), where D 
is the constant of integration.* Rearranging, this becomes 


=f 


if RC 
oe + D=In(V, -Vo ). Exponentiating both sides gives De*" =V; - V; 


. At time t= 0, D = VS — VC. Since we are assuming that the starting 

capacitor voltage is zero, this means at that time, D = V;. Now this becomes 
-t —Í 

Ve". =V; —V... Rearranging to solve for Vc yields V, =V, —V¿e*”. This can 


be simplified to yield Equation D.53. 


'D undergoes lots of changes, and I’m not going to justify them all, but they are 
based on the fact that Dis an unknown constant, and any manipulation of other 
constants will still yield an unknown constant. 
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Simplified Datasheets 
for Common Devices 


Datasheets are what electronics manufacturers use to communicate the 
specifications of their components to the engineers who will use them 

in projects and products. However, datasheets tend to be horrendously 
complex. Typical datasheets run about 10-30 pages, and most of that 

is completely useless for someone just trying to get a circuit to work. 
Sometimes the first pages of the datasheet are all of the different packages 
the chip is available in, and the pages detailing what the component 
actually does are almost in the very back. I’ve even seen many sheets that 
never speak of what a device is for or why you would want to use it. 

So, to simplify your life, I have created some simplified datasheets. 

All of these focus on the typical component styles used in solderless 
breadboards. These datasheets are also oriented toward generic parts. 
Each manufacturer has their own parts with their own specs and their own 
benefits and drawbacks. Some manufacturers may have higher or lower 
current specifications, faster or slower switching times, or other variations. 
These datasheets should be used as a starting point, but not as a final 
authority. 

Use these datasheets to find the component you want and find its 
general characteristics, what each of the pins are for, and what they 
should be hooked up to. However, the manufacturer’s datasheet should be 
consulted for final specifications. 


© Jonathan Bartlett 2020 A67 
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E.1 Batteries 
E.1.1 Overview 


A battery is a voltage source, meaning that it provides a fixed voltage over a 
wide range of currents. 

Batteries have two terminals—positive and negative (or ground). 
The rated voltage for the battery is the typical voltage between these two 
terminals. However, a battery's actual voltage will vary quite a bit over the 
battery’s lifetime. 

Batteries also exhibit a small amount of internal resistance (also known 
as equivalent series resistance) which limits the amount of current they can 
provide. 


E.1.2 Variations 


Battery Type Typical Voltage Voltage Range Typical Capacity 
AAA 1.5 1.1-1.5 940 mAh 

AA 1.5 1.1-1.5 1100 mAh 

C 1.5 1.1-1.5 3800 mAh 

D 1.5 1.1-1.5 8000 mAh 

E(9 V) 9 7.2-9.6 1200 mAh 

Coin cell (all sizes) 3 2-3.6 30-620 mAh 
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A 


9V 


T 


Battery Schematic Symbol 


E.1.3 Notes 


Putting batteries together in parallel increases their available current but 
does not alter their voltage. Putting batteries together in series adds their 
voltages but does not change the available current. 

Coin cell batteries are designated CRxxxx, where the first two digits 
of xxxx are the diameter in millimeters and the remaining digits tell the 


height in tenths of millimeters. 


E.2 Resistors 
E.2.1 Overview 


Resistors are devices that resist the flow of current from one terminal to the 
other. The resistance of a resistor is measured in ohms. 

The power (in watts) dissipated by a resistor is measured by the current 
flowing through it multiplied by the voltage drop across it. Resistors are 
rated for their maximum safe amount of power dissipation. 

Resistors are often used to provide a safe limit to the amount of current 
flowing in a circuit or to provide a voltage drop for an input to another 


circuit. 
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E.2.2 Finding a Resistor Value 


The colored bands on a resistor tell you how much resistance it has. 
However, these are very tiny, and sometimes it is easier just to measure it 
with a multimeter. 

To interpret the colored bands, you first need to orient your resistor 
so that the last band is on the right (it is usually slightly thicker and set 
off from the others). This band is the tolerance band (use the tolerance 
column on the right). 

The next band to the left is the multiplier. Use the multiplier column to 
read this value. The other bands are used as digits of anumber which are 
then multiplied by the multiplier. 


oe 
Resistor 
AM- 
Schematic Symbol 


5% Tolerance 


ttt 


5 10 
Multiplier is 10 


510 * 10 = 5,100 
Resistor is 5,100 ohms + 5% 
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Color Digit Multiplier Tolerance 


0 1 


Grey 8 100,000,000 +0.05% 
White 9 1,000,000,000 
Silver 0.01 + 10% 


E.3 Diodes 
E.3.1 Overview 


A diode is a device that only permits current to flow in one direction and 
blocks current in the other direction. 

All diodes exhibit a forward voltage drop, which is the amount of 
voltage they consume when current is flowing. This is typically 0.6 V, 
though it varies a little based on current flow. 

Diodes also have a reverse breakdown voltage which is the amount 
of voltage they can handle in the blocking direction before they start 


conducting anyway. 
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E.3.2 Variations 


e An LED isa light-emitting diode. LEDs vary in their 
forward voltage drop based on their color (red=1.8; 
blue=3.3). 


e A Zener diode is a diode that is built for a specific 
(usually lower than usual) reverse breakdown voltage. 
The reverse breakdown voltage of a Zener is more 
fixed/reliable than its forward voltage drop. 


e A Schottky diode has a lower forward voltage drop 
(0.15-0.45V) and is able to turn on and off faster than 
ordinary diodes and accordingly also dissipates less 
heat. 


q 


Diode 
(schematic symbol) 


AS 


Zener Diode LED 


(schematic symbol) 


E.3.3 Forward Voltage Drop 


Diodes are often considered to not have a resistance, but instead to have 
a simple voltage drop. That is, you apply the voltage drop and ignore 
resistance. That works for the math, but the reality is a bit different. 


Essentially, a diode is a variable resistor, where the resistance varies in 
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order to keep the voltage drop essentially fixed. Therefore, diodes dissipate 
power just like other components, with the voltage drop multiplied by the 


current flowing through them. 


E.3.4 Usages 


e Prevent batteries from being inserted backward in a 


circuit 


e Provide a fixed voltage drop between two points on a 
circuit, either through the forward voltage drop (regular 
diode) or the reverse breakdown voltage (Zener diode) 


e Convert AC to DC by only allowing the positive flows 
through the circuit 


E.4 Capacitors 
E.4.1 Overview 


A capacitor is a device that stores energy using a charged electric field. The 
size of the capacitor is proportional to the amount of charge that it can 
store. This size is measured in farads. 

Changes in the voltage of one side of the capacitor will be transmitted 
through to the other side, but a steady-state DC voltage will not after the 
capacitor initially charges up. 

This means that capacitors are ideal for sending AC signals through 
different DC bias levels, as merely the changes in voltage (the AC 
component) will be transmitted through the capacitor, while the bias 
voltages themselves will be blocked. A simplified description says that 


capacitors allow AC and block DC. 
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E.4.2 Variations 


e Capacitors can be made ofa variety of materials, which 


affect several of their properties. 


e Capacitors can be non-polar (it doesn’t matter which 
side is which) or polar (one side should always be more 


positive than the other). 


e Ceramic disk capacitors are the classic example of non- 
polar capacitors, and electrolytic capacitors are the 


classic example of polar capacitors. 


e Capacitors also vary in the amount of voltage that can 


be used with them. 


Common Capacitor Types 
(tantalum, electrolytic, ceramic disk) 


E 


Schematic Symbol (nonpolar) 


-H 


Schematic Symbol (polar) 
(straight line is the positive side) 
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E.4.3 Finding Capacitance Values 


Larger capacitors simply have their capacitance values printed on them. 
Smaller capacitors just have a set of digits printed on them, such as “104/ 
sometimes with a letter after them. These are a little harder to interpret. 

On these capacitors, the first digits should be read as is, and the last 
digit is the number of additional zeroes that should be tacked onto the end. 
This value is then interpreted as picofarads. 

So the value “104” means we take “10” and then add “4” zeroes, giving 
us “100000.” This is the capacitance in picofarads. This is the same as 100 
nanofarads. Ifthere is any code starting with a letter, this is a tolerance 


marking. 


E.5 Inductors 
E.5.1 Overview 


An inductor is a device that stores energy in its magnetic field. The size of 
the inductor (in Henries) is proportional to the size of the magnetic flux it 
can create for a given level of current. 

Inductors prevent changes in current by varying their electric field. 
Reducing the current through an inductor causes a partial collapse of the 
field, creating a voltage on the other side, which feeds current. 

A simplified way of understanding inductors is to think of them as 
allowing DC but blocking AC. 

Inductors are generally constructed by winding wire around an iron 


core material. 
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E.5.2 Uses 


e Inductors serve as the main gateway between electrical 
and mechanical actions through the magnetic field. 


e Inductors are used to open and close valves and 


switches magnetically. 
e Inductors are used to drive electric motors. 


e Inductors are used to limit certain frequencies in 


circuits. 


e Inductors are used in speakers, where changes in 
magnetism cause the speakers to move. 


e Inductors can be used as transformers to convert power 
from one voltage/current combination to another of 


equal power. 


@ - qe 


Various styles of inductors 


schematic Symbol 


E.5.3 Inductive Kick 


Inductors use current to maintain their magnetic fields. When the current 
decreases suddenly, the magnetic field is converted into a large voltage, 
creating what is known as an inductive kick. 
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This kick can be damaging to electronic components. To mitigate this, 
a diode can be placed backward across the inductor so that, under normal 
circumstances, it does not conduct, but when an inductor produces a 
voltage spike, it re-routes the current back through the inductor where it 
can dissipate slowly in a loop rather than building up and damaging other 
components with a large voltage spike. 


E.5.4 Inductor Color Codes 


Simple inductors (i.e., those in packaged casings) are marked identically 
to resistors, except that the resulting value is in microhenries rather than 
just Henries. 


E.6 NPN BJTs 
E.6.1 Overview 


Transistors come in a variety of configurations. BJTs (bipolar junction 
transistors) are current-amplifying devices. 

In an NPN (negative-positive-negative) transistor, small changes to 
the current at the base result in large changes in current coming into the 
collector. 

In a transistor, the voltage at the emitter is one diode drop (0.6 V) 
below the base, and if it is not, the transistor does not conduct. The 
transistor’s beta is the multiplier between the base current and the 
collector current. The collector’s voltage must be above the base voltage, or 
the transistor is saturated (acts as a short circuit from collector to emitter). 

If these conditions are met, the transistor acts as a variable resistor 
which keeps the collector current as an amplification of the base current. 
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E.6.2 Variations 


e APNP transistor is the opposite of an NPN—the current 


applied at the base reduces the flow of current into the 
collector. 


e AFET (field effect transistor) operates using voltages 
rather than current. This allows for negligible current 
usage on the inputs, but also reduced gain and more 


complicated support considerations. 
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E.6.3 Pin Configuration 


e Base (B): This is the terminal that contains the current 
to be amplified. 


e Collector (C): This is the terminal where the amplified 
current will flow into. 
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e Emitter (E): This is the terminal where the currents 
from both the base and the collector will flow out of, ata 
voltage level of one diode drop (0.6 V) less than the base. 


E.6.4 Design Considerations 


Transistor designs are based on which terminals the signal itself passes 
through (the third terminal is referred to as the “common” terminal). 

In common collector configurations (also called emitter followers), 
the signal passes from base to emitter with an increased current but no 
increased voltage. 

In common emitter configurations, the signal passes from the base to 
the collector, with the increase in current converted to a voltage through a 


collector on the resistor. 


E.7 YwRobot Power Module 
E.7.1 Overview 


This device allows you to supply power to your breadboard projects from 
a variety of sources through its barrel jack. The module down-steps the 
voltage to 5 V or 3.3 V (selectable with jumpers). 

The power module comes with an on/off switch and a set of header 
pins that can be used to wire power to other places. 

The module is made to fit on a standard breadboard, where the output 
pins align directly onto the power rails of the breadboard. 

Be sure to align the positive and negative markings on the module with 
their matching power rails! 

Note that this part is not technically part of any schematic and simply 


acts as a voltage source within a schematic. 
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E.7.2 Variations 


e On some boards, the USB jack can be used as a power 


input, and on some it is a power output only. 


e The popularity of this module has prompted a number 
of manufacturers to build similar devices with a variety 


of shapes and input/output methods. 


Align these with the +/- power 
rails on your breadboard 


nm ru um 


TEE LEE. 


E.7.3 Pin Configuration 


The power module connects directly to your breadboard. Each side can be 
independently selected for 3.3 V or 5 V power via jumpers. 
In the middle is a set of male headers for 3.3 V, 5 V, and ground. 


E.7.4 Limitations 


e Minimum input voltage: 6.5 V (DC) 


e Maximum input voltage: 12 V (DC) 
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e Output voltage: 3.3/5 V (selectable) 
e Maximum output current: 700 mA 


e Barrel jack plug size: 5.5 mm x 2.1 mm 


E.8 555 Timer 
E.8.1 Overview 


The 555 timer is a collection of components that can be configured to 
provide timings and oscillations. 

Ituses two voltage levels—one-third supply voltage and two-thirds 
supply voltage. Internally, it consists of 


e Two comparators (one for each voltage level) 


e A flip-flop (single-bit storage) to know what state it is in 


and to switch states at the appropriate time 
e An output driver 
e Areset input 


The timer relies on external circuitry (such as an RC time circuit) to 
supply timings. 

The timer effectively has two states. In the “charging” state, the 
Discharge pin is disconnected, and the Threshold pin is waiting for a high 
(2/3) voltage. In the “discharging” state, the Discharge pin is connected to 
ground, and the Trigger pin is waiting for a low (1/3) voltage. The typical 


usage is to provide an oscillating circuit. 
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E.8.2 Variations 


E.8.3 
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Can be implemented using CMOS/FETs or BJTs. FET 
implementation consumes less power, but can source 


less output. 


Many variations in maximum oscillation frequency. 


Pin1 € VCCFe 


c Thresh FS 


Pin Configuration 


Trigger and Threshold detect going below 1/3 and 
above 2/3 voltage, respectively. 


Discharge provides a ground that is only attached 
when the chip is in the discharging state. 


Output supplies a high voltage when the chip is in 
the charging state and a low voltage when itis in the 
discharging state. 


Reset should be normally tied to a positive supply—it 
resets the circuit when it goes low. 


Control is normally connected to ground with a 
capacitor (10 uF recommended). 
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E.8.4 Specifications 


e Supply Voltage: Usually 2-15 V 


e Output Current: 100-200 mA 


E.8.5 Implementation Example 


R3 = 1k 


Ground Trigger = 


Control 
<C 6 | Threshold 


C1 = 10uF C2 = 10uF 


o] ! 


E.9 LM393 and LM339 Voltage 
Comparator 


E.9.1 Overview 


The LM393 is a dual voltage comparator. Each channel has two inputs— 
designated IN+ and IN-. When the voltage at IN+ is greater than the voltage 
at IN-, the output (OUT) is positive (actually, it is disconnected; see more 
later). Otherwise, the output is connected to ground. 

The output is called an “open collector” output, which means that 
the “positive” state has no output current and is essentially disconnected. 


However, in the negative state, the output is connected to ground. This 
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means that to use the output, you need to provide your own positive voltage 

through a pull-up resistor (this allows you to set your own output voltage). 
The LM339 is identical except that it has four channels instead of two. 

Note that the schematic symbol for this is the same as that of an op-amp, 


largely because they perform similar (though not identical) functions. 


E.9.2 Variations 


Various chips differ in the amount of current they can sink, how fast they 
respond to changes in input voltage, how smooth the transition is from one 
state to the other, and the minimum amount of difference required to trigger. 


Pin 1 


Schematic Symbol 
(per channel) 


E.9.3 Specifications 
e Supply Voltage: 2-36 V 
e Input Voltage: -0-1.5 V less than supply voltage 


e Maximum Sink Current: 20 mA (when output is 
grounded) 
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e Input Impedance: High (inputs use very negligible 


amounts of current) 


e Quiescent Chip Current: 1 mA 


Voltage Source 


Output 


Usage of the Comparator 
with a pull-up resistor 


E.10 CD4081 and 7408 Quad-AND Gate 
E.10.1 Overview 


The quad-AND gate is a set of four AND logic gates on a single chip. The 
output (Y) will be high only if both inputs (A and B) are high. 

The required voltages for low and high on input and the guaranteed 
voltages for low and high on output are listed in the specifications section. 

For the output to be high, both A and B must be high. Otherwise, the 
output (Y) will be low. 

The 7408 and the CD4081 are the TTL and CMOS versions of the chip, 


respectively. 


E.10.2 Variations 


e 74HCO08: Pin compatible with the 7408; voltage and 
current characteristics of the CD4081 
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74HCTO08: Pin compatible and voltage-level compatible 


with 7408; similar current usage as the CD4081 


74LS08: Fast-switching version of the 7408 


CD4081 


Schematic Symbol 
(per channel) 


E.10.3 Specifications (CD4081) 
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Supply Voltage: 3-15 V 

Input (High) Voltage: > 2/3 supply 
Output (High) Voltage: Supply - 0.05 
Input (Low) Voltage: < 1/3 supply 
Output (Low) Voltage: 0-0.5 V 


Maximum Output Current: -5mA 
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E.10.4 Specifications (7408) 


E.11 


Supply Voltage: 5 V 

Input (High) Voltage: > 2 V 
Output (High) Voltage: > 2.7 V 
Input (Low) Voltage: < 0.8 V 
Output (Low) Voltage: < 0.4 V 


Maximum Output Current: 100 mA 


CD4071 and 7432 Quad-OR Gate 


E.11.1 Overview 


The quad-OR gate is a set of four OR logic gates on a single chip. The 
output (Y) will be high if either or both inputs (A and B) are high. 
The required voltages for low and high on input and the guaranteed 


voltages for low and high on output are listed in the specifications section. 
For the output to be high, either A or B (or both) must be high. 
Otherwise, the output (Y) will be low. 
The 7432 and the CD4071 are the TTL and CMOS versions of the chip, 


respectively. 


E.11.2 Variations 


74HC32: Pin compatible with the 7432; voltage and 
current characteristics of the CD4071 


74HCT32: Pin compatible and voltage-level compatible 
with 7432; similar current usage as the CD4071 
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e 74LS32: Fast-switching version of the 7432 


CD4071 


Que 


Schematic Symbol 
(per channel) 


E.11.3 Specifications (CD4071) 


e Supply Voltage: 3-15 V 

e Input (High) Voltage: > 2/3 supply 

e Output (High) Voltage: Supply - 0.05 
e Input (Low) Voltage: < 1/3 supply 

e Output (Low) Voltage: 0-0.5 V 


e Maximum Output Current: -5 mA 


E.11.4 Specifications (7432) 


e Supply Voltage: 5 V 


e Input (High) Voltage: > 2 V 
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e Output (High) Voltage: > 2.7 V 
e Input (Low) Voltage: < 0.8 V 
e Output (Low) Voltage: < 0.4 V 


e Maximum Output Current: 100 mA 


E.12 CD4001 and 7402 Quad-NOR Gate 
E.12.1 Overview 


The quad-NOR gate is a set of four NOR logic gates on a single chip. The 
output (Y) will be high if both inputs (A and B) are high or if both inputs are 
low. 

The required voltages for low and high on input and the guaranteed 
voltages for low and high on output are listed in the specifications section. 

For the output to be high, either both A and B must be high or neither 
must be high. Otherwise, the output (Y) will be low. 

The 7402 and the CD4001 are the TTL and CMOS versions of the chip, 


respectively. 


E.12.2 Variations 


e  74HC02: Pin compatible with the 7402; voltage and 
current characteristics of the CD4001 


e 74HCTO02: Pin compatible and voltage-level compatible 
with 7402; similar current usage as the CD4001 


e 74LS02: Fast-switching version of the 7402 
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CD4001 


(C 


Schematic Symbol 
(per channel) 


E.12.3 Specifications (CD4001) 


e Supply Voltage: 3-15 V 

e Input (High) Voltage: > 2/3 supply 

e Output (High) Voltage: Supply - 0.05 
e Input (Low) Voltage: < 1/3 supply 

e Output (Low) Voltage: 0-0.5 V 


e Maximum Output Current: ~5 mA 


E.12.4 Specifications (7402) 


e Supply Voltage: 5 V 


e Input (High) Voltage: > 2 V 
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e Output (High) Voltage: > 2.7 V 
e Input (Low) Voltage: < 0.8 V 
e Output (Low) Voltage: < 0.4 V 


e Maximum Output Current: 100 mA 


E.13 CD4011 and 7400 Quad-NAND Gate 
E.13.1 Overview 


The quad-NAND gate is a set of four NAND logic gates on a single chip. 
The output (Y) will be low unless both inputs (A and B) are high. 

The required voltages for low and high on input and the guaranteed 
voltages for low and high on output are listed in the specifications section. 

For the output to be high, A and B can be anything as long as they are 
not both high. Otherwise, the output (Y) will be low. 

The 7400 and the CD4011 are the TTL and CMOS versions of the chip, 


respectively. 


E.13.2 Variations 


e 74HCO0O0: Pin compatible with the 7400; voltage and 
current characteristics of the CD4011 


e 74HCTOO: Pin compatible and voltage-level compatible 
with 7400; similar current usage as the CD4011 


e 74LS00: Fast-switching version of the 7400 
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CD4011 


schematic Symbol 
(per channel) 


E.13.3 Specifications (CD4011) 


e Supply Voltage: 3-15 V 

e Input (High) Voltage: > 2/3 supply 

e Output (High) Voltage: Supply - 0.05 
e Input (Low) Voltage: < 1/3 supply 

e Output (Low) Voltage: 0-0.5 V 


e Maximum Output Current: ~5 mA 


E.13.4 Specifications (7400) 


e Supply Voltage: 5 V 


e Input (High) Voltage: > 2 V 
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e Output (High) Voltage: > 2.7 V 
e Input (Low) Voltage: < 0.8 V 
e Output (Low) Voltage: < 0.4 V 


e Maximum Output Current: 100 mA 


E.14 CD4070 and 7486 Quad-XOR Gate 
E.14.1 Overview 


The quad-XOR (exclusive OR) gate is a set of four XOR logic gates on a 
single chip. The output (Y) will be high if either input (A or B) but not both 
is high. 

The required voltages for low and high on input and the guaranteed 
voltages for low and high on output are listed in the specifications section. 

For the output to be high, either A or B must be high but not both of 
them. Otherwise, the output (Y) will be low. 

The 7486 and the CD4070 are the TTL and CMOS versions of the chip, 


respectively. 


E.14.2 Variations 


e 74HC86: Pin compatible with the 7486; voltage and 
current characteristics of the CD4070 


e 74HCT86: Pin compatible and voltage-level compatible 
with 7486; similar current usage as the CD4070 


e 74LS86: Fast-switching version of the 7486 
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CD4011 


schematic Symbol 
(per channel) 


E.14.3 Specifications (CD4070) 


e Supply Voltage: 3-15 V 

e Input (High) Voltage: > 2/3 supply 

e Output (High) Voltage: Supply - 0.05 
e Input (Low) Voltage: < 1/3 supply 

e Output (Low) Voltage: 0-0.5 V 


e Maximum Output Current: ~5 mA 


E.14.4 Specifications (7486) 


e Supply Voltage: 5 V 


e Input (High) Voltage: > 2 V 
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e Output (High) Voltage: > 2.7 V 
e Input (Low) Voltage: < 0.8 V 
e Output (Low) Voltage: < 0.4 V 


e Maximum Output Current: 100 mA 


E.15 LM78xx Voltage Regulator 
E.15.1 Overview 


The LM78xx voltage regulator is actually a series of chips to provide a 
consistent voltage output from a variety of voltage inputs. Each chip is 
named with the number of volts it supplies in its output. For instance, the 
LM7805 outputs a constant 5 V, and the LM7812 outputs a constant 12 V. 

These chips are linear voltage regulators, which means that they 
regulate voltage by dissipating excess power as heat. If significant heat 
develops, the LM78xx can have a heatsink attached to the back plate, 
which also serves as a second ground. 

The LM78xx requires an input voltage at least 2.5 V above the regulated 


voltage. This is known as the “drop-out” voltage of the chip. 


E.15.2 Variations 


e The 78xxSR is a line of switching regulators, meaning 
that they do not dissipate significant power when 
regulating (they operate by turning the power on and 
off quickly rather than dissipating excess power). They 
waste significantly less current but do have a significant 


cost. 
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e The TL750Mxx chips are similar to the LM78xx chips, 
but have a very low “drop-out” voltage (-0.6 V). 


e The LM79xx chips are similar to the LM78xx chips, but 
act as negative voltage supplies (-5 V, etc.). 


Input ——> + Output 
Ground 


E.15.3 Specifications 


e Maximum Input Voltage: 35 V 

e Maximum Output Current: 1A 
e Built-in overcurrent protection 
e Protection against short circuits 


e Overheating protection (shuts off when overheating) 
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E.15.4 Usage Notes 


e The specifications require two capacitors for 
operation—a 330 nF capacitor on the input and a 100 
nF capacitor on the output (see below). 


e These capacitors are generally not required for very 
simple projects—you can simply hook the input 
directly to your positive power source, the ground to 
your ground, and the output to your project. 


Input Output 
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Preface 


This book is all about how to make electronics devices, from a 
constructional perspective. It is aimed at relative newcomers to 
electronics construction — that is, not the knowledgeable and trained 
electronics engineer, but those of us who want to find out about how 
to actually make up the circuits and projects that have already been 
designed. 


It matters not whether the circuits you want to construct have been 
designed by others — perhaps they are presented in a magazine or a 
book as projects to build — or by yourself. It matters not whether you 
actually understand how that circuit works, or whether you haven't the 
foggiest idea of even its first principles — and maybe you don’t even 
care! It matters not whether the intricate workings of a resistor; transistor; 
transformer; capacitor; or the latest wonder component is like Greek to 
double Dutch ears. There are other books that you can read which can 
give you all that understanding — and I’m bound to suggest my own 
book Starting Electronics as the ideal companion reference to this one, if 
that’s the sort of understanding you are also looking for. 


What does matter, on the other hand, is that this book (at least, that’s my 
intention) shows everyone how to take an existing circuit and transform it 
into a complete and working device. This book starts from only the most 
limited knowledge of electronics processes, assuming very little — 
hopefully nothing at all, and introduces you to all the required concepts; 
the tools; the components; and the processes involved in turning a circuit 
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into a finished electronic device. In fact, my intention in writing it is not 
only to make the journey from circuit to device as easy as possible to 
traverse, but to make it fun at the same time. | hope I’ve succeeded. 


Running to Keep up... 

In electronics, as with most fast-moving technologies, there’s always the 
risk that a book such as this one can become out-of-date very quickly. 
The way electronics moves these days, it’s not unfair to say that a book 
like this is only up-to-date for as long as the ink is wet. So, at this point, 
l'd like to introduce readers to a central website: 


http://keithbrindley.members.beeb.net 


where I will try to keep relevant information about the methods and 
processes covered here up-to-date. The website also features relevant 
links to manufacturers, component stockists, and other links as | see fit. 
Projects (in Chapter 8) all feature printed circuit board copper foil track 
patterns, and there are links on the website to allow you to download 
these in electronic formats too. Indeed, I'd go as far as suggesting that if 
you intend constructing any of the projects here you should look on the 
website to see if there are any alterations or other suggestions regarding 
the projects before you start. Any corrections or alterations to the copper 
foil track patterns (or anything else to do with the projects) will be 
featured on the website as soon as | can get them there. 


As you make it... 

Electronics in general is a fascinating area. However, getting ‘into it’ in 
the first place is sometimes daunting. It is my aim that Starting Electronics 
Construction gives as many people as possible the means whereby they 
can do just that. In the meanwhile, if | can offer anyone a suggestion if 
they intend to try, it is this: make it fun! 


That way, you'll learn so much more than you ever could from stuffy 
textbooks. | hope that by reading this book and getting into practical 
electronics construction that you do have fun. 


Keith Brindley 
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Introduction 


This book is a guide to anyone who wants to build an electronic device. 
It assumes very little prior knowledge, and so introduces you to the 
various practices that you need to follow — whether you want to build 
something for pleasure, or for education, or even for profit. Also, this 
book takes the stance that it matters little what the particular electronic 
product is you wish to build — the most important fact is that the 
practices you follow are similar (if not identical) whatever the electronic 
device happens to be. 


Electronics is in part a theoretical entity, and you could go to textbooks 
or to magazines, schools, colleges or universities, or elsewhere to find 
and learn that theory. However, it is also in a very large part a practical 
entity; a fact that — particularly in recent years — seems almost to have 
been overlooked. The many students of electronics at universities who 
have little or no prior experience with the handling of components or the 
building of circuits attest to this. 


So, although what you read on the pages of this book is theory, it is 
theory about the practical aspects of building electronic devices. As 
such, included in this book are (hopefully most of, possibly all) the 
practical things you need to know about and be able to do before you 
can make an electronic device. 
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What this book is not, on the other hand, is a book about how 
electronics circuits work (for that, see this book’s sister book: Starting 
Electronics, which is written also by me). What you have in front of you 
now is a book only about how to construct electronic devices. | hope 
you enjoy it, and gain some knowledge about how to do just that. 


What do you need to know about making an electronic device? 
This section is intended as a summary of the whole book. It would be 
easy to miss this out altogether, but my feeling in writing it is that you 
need to see the big picture before you go on to look at things in more 
detail. 


And the big picture in terms of building electronics devices is simply a 
quick overview of what an electronic device is, and also what parts of it 
should we understand in order that we can build it. 


So, what is an electronic device? 
We can summarize an electronic device (an example of which is given 
in Figure 1.1) as below. 


An electronic device invariably has three main features: 


NUMBER 1 Electronic components. An electronic device is anything that 
incorporates electronic components of any description. 


NUMBER 2 A printed circuit board. The electronic components which 
make up an electronic device are mounted upon a printed circuit board 
— (often called just a PCB), which is a means of holding all the components 
securely while at the same time making the necessary electrical connections 
between them all. 


NUMBER 3 A housing. The printed circuit board, together with all the elec- 
tronic components that it holds, will be housed in a box, or a module, or a 
case. In this way the electronic components are protected from damage. 


So, what’s next? 
Given that any electronic device you might choose to build has these 
three main features, it follows that you need to know as much as you can 
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Ficure 1.1 An example of an electronic device — note the electronic components, the printed circuit 
board, and the housing 


about the features. And we”ll look at them now, in brief, before devoting 
the rest of the book to that purpose. 


Electronic components 

There are many categories of electronic components, and each category 
is divided often into several sub-categories, and from there into a 
multitude of sub-sub-categories. You don't need to know about them 

all by any means, but you do need to know about the most common 
categories, and their most common sub-categories. You need to know 
how to handle these components so that you don't damage them, and so 
you need to know what damage can be done to them. 


Some components are easily damaged just by holding them a little too 
roughly; some components are damaged by heat; and certainly many 
components are damaged if you insert them into a circuit incorrectly 
(the wrong way round, say, or too forcefully, thereby breaking their 
connection pins). 


You also need to know about which tools you need to handle them and 
how to use these tools correctly. 


Printed circuit boards 

Making the printed circuit board onto which the electronic components 
of a device are mounted is not a trivial job. Indeed, the work involved in 
designing it, making it, then attaching the components to it represents a 
major proportion of the overall task. However, making a printed circuit 
board is not a job which should be rushed, for a poorly made printed 
circuit board is a recipe for disaster. 
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The printed circuit board is used for two main purposes: to support 

the electronics component; and to connect between the electronic 
components so that the circuit they are to be connected into can be 
formed. As a result, a printed circuit board that cannot support the 
components adequately, or makes incorrect connections, will prevent 
the electronic device from functioning correctly. So, you need to know 
about all aspects of printed circuit boards: how to design them; how to 
make them; and how to mount the components. You need to know what 
tools to use to do these tasks, and how to use the tools correctly. 


| simply cannot stress enough how important the printed circuit board is. 
If the circuit itself is the brain of an electronic device — that monitors, 
controls and sends the signals that make the device work — then the 
printed circuit board is the heart that keeps the whole device going in 
the first place. 


Housings 

Once the printed circuit board is complete, with all electronic 
components in place, you have to consider how to house it. Housings 
are used to protect the components inside, as well as their printed circuit 
board. Housings also usually give a little extra space to allow batteries 
to be held, when needed, as well as providing mounting space for some 
components and controls not mounted on the board. They also protect 
users from potentially harmful voltages that may be present in the circuit 
— mains voltages, say. Labelling on a housing’s facing panels can 
indicate what various control adjustments may be made by the user. As 
such, a housing is the interface — technically, visually, and aesthetically 
— with the outside world. 


In short, if the circuit is the brain, and the printed circuit board is the 
heart, then the housing is the body, the skeleton, and the skin of an 
electronic device. 


Housings done right can make a product a winner; done wrong the 
product is a duffer. 


What have we learned? 

To summarize this chapter we only need to remember one thing — an 
electronic device comprises three main parts. These main parts — the 
electronic components, the printed circuit board, and the housing 

— are highly dependent on each other. Designers and makers of good 
electronic devices understand this dependence, and use the main parts 
to the best advantage of their devices. 


Tools 


As with any practical technology, having the right tools for the task is 
important. Indeed, some of the tools are not just important — they are 
critical! You simply cannot do electronics construction without them. So, 
first off in this chapter is a hit parade of the tools you need, followed by 
another of the tools you should seriously consider (although you could 
do without them at a push!). 


Tools you absolutely, positively, indisputably, and without a doubt need: 


SOLDERING IRON — to solder components into place. The connecting 
lead of each component must be soldered into place on the printed circuit 
board. A specialized soldering iron must be used — one that is neither too 
big nor too powerful to harm either the component or the circuit board 


MINIATURE SIDE-CUTTERS — to cut wire or component leads. while 


constructing an electronic device, there will be many wires to cut to size. 
Each component mounted on the printed circuit board needs its leads trim- 
ming close to the board after soldering 


MINIATURE LONG-NOSED PLIERS — to form leads. Component leads 


are formed to the correct shape for mounting on a printed circuit board with 
small, long-nosed pliers. Larger components and many controls are attached 
with nuts and bolts, so a larger pair of long-nosed pliers is also needed 


CONTINUED... 
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WIRE-STRIPPERS — to strip insulation from wires. Insulation must be 
removed from wires prior to soldering, and gripping the wire in your teeth 
before pulling the insulation off isn’t the best method. A good pair of wire- 
strippers solves the problem and keeps your dental bills as low as possible 


SOLDER REMOVAL TOOLS — to err... remove solder. At some point or 


other, you will need to remove solder from a soldered joint, usually to take 
out a component you have accidentally put in the wrong place, or to replace 
a faulty component. Some type of solder-removal tool is required, allowing 
you to extract the component’s leads 


DRILLS AND BITS — to err... drill holes. Every component lead goes 
through a hole in the printed circuit board. Each hole must be drilled. Com- 
ponents not mounted on the printed circuit board are usually mounted on 
the housing, usually with nuts and bolts, and holes for these must be drilled 
in the housing 


SAFETY GOGGLES — to protect your eyes. Some of the processes 
involved in electronics construction may create potential hazards. You need 
to protect yourself! Goggles should be used when undertaking any process 
likely to create flying debris, such as drilling or using chemicals. 


Tools you don’t exactly need — but which make some jobs easier: 
PLIERS — ordinary hand pliers 

FILES — a small set of needle files, and a selection of larger files 
PUNCHES — for making some larger holes in housings 

VICE — to hold housings while working 


A STAND — to hold printed circuit boards. 
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The Tools 


We'll now take a closer look at the most important of those tools listed, 
and note any particular attributes they should have. 


Soldering irons 

Soldering in electronics does not have any particular requirements, other 
than the soldering iron should not be too powerful. On the face of it, 
this might sound odd to a newcomer given that the process of soldering 
requires solder to be melted thus forming a soldered joint, but it's quite 
logical when you consider exactly what you are soldering — electronic 
components. The problem is that electronic components can be 
damaged by too much heat — and the more powerful the soldering iron, 
the greater its capacity to deliver heat. 


Soldering iron power is measured in watts, and a reasonable wattage 
for soldering electronic components is somewhere between 12 and 
25 watts. Prices vary between models, but you should expect to pay 
between about £10 and £20 for a basic soldering iron, although more 
expensive soldering irons (with extra features) exist. 


A typical soldering iron is shown in Figure 2.1, where you can see its 
main parts — a handle to hold it, a bit (the part that heats the joint and 
the solder), and a heating element (the part that heats the bit). Also 
shown in Figure 2.1 is a mains lead, although not all soldering irons 
require mains electricity to function, as we'll see soon. 


Figure 2.1 Atypical soldering iron — the main parts of which are (from left to right): the bit; the 
heating element; the handle. This particular soldering iron is mains-powered, so you can also see the 
mains lead exiting the handle at the right. 
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Soldering iron types 
There are several variants of soldering irons, in terms of heating methods, 
listed below. 


Mains-powered irons — the most common. The advantage of these is that 
they work wherever a main outlet is available. The disadvantage is 

that they do have a mains lead, which some people find a little fiddly 

in use. Basic soldering irons of this type have no temperature control, 
and merely get as hot as they can. Soldering irons with thermostatic 
controls are available, and even complete soldering iron/base station 
combinations are common (see later). Your budget defines what you buy. 


Rechargeable irons — with base station. Rechargeable irons have internal 
batteries that are used to heat the element and bit. They have a base 
station that is mains-powered, into which the soldering iron fits when not 
in use. Connections in the base station and soldering iron mate, and so 
the batteries are recharged whenever the iron is in the base station (and 
the base station is powered, of course). 


The main advantage of rechargeable soldering irons is their lack of mains 
lead in use. The main disadvantage is that the batteries can’t power the 
element for longer than just a few minutes at a time. By replacing the 
soldering iron into the base station after each joint is soldered though 

(so that its batteries recharge partially), this can be extended somewhat. 
Figure 2.2 shows a rechargeable soldering iron with its base station. 


Ficure 2.2 Rechargeable soldering iron in use. To conserve batteries, the element only heats up 
when the button on the handle is pressed — heating rapidly to soldering temperature within seconds. In 
the background is the base station which recharges the soldering iron's batteries. 
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Gas-powered irons — the ultimate in portability. Fitted with small refillable 
charges of butane gas which last up to around 30 minutes of constant 
use, these soldering irons require no electrical power. Figure 2.3 shows a 
gas soldering iron in use. 


Priced between around £20 to £40 or so, these soldering irons are 
useful for certain awkward soldering jobs where electrical power is 
not available. They tend to be quite powerful, particularly the more 
expensive models, though with care can be used to good effect in 
electronics soldering. 


FicuRE 2.3 A gas-powered soldering iron. Small and portable, these can be recharged from lighter 
fuel butane gas containers. 


Low-voltage irons — for battery-powered applications. Occasionally, 
when working on a car, say, there are applications where a low-voltage 
soldering iron might be useful. Some 12 V-powered soldering irons are 
available (an example is shown in Figure 2.4), usually having battery 
clips attached to the power lead. 


Soldering iron stations 

While we're on the subject of soldering iron types, it’s worth taking a 
look at soldering iron stations. These are complete units, comprising 

a soldering iron, a stand to hold the iron when not in use, and a 
controlling circuit of some description. A typical soldering iron station is 
shown in Figure 2.5. The controlling circuit typically controls the power 
to the soldering iron element, so that the bit stays at a constant, definable 
temperature. While such stations are expensive, ranging from around 
£30 to over £100, they are excellent tools if you do a considerable 
amount of soldering. 
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Ficure 2.4  A12V-powered soldering iron. The battery clips on the lead attach to a car's battery for 
(relatively) portable power. 


FicuRE 2.5 A soldering iron station, showing the iron itself in a stand, and the control knob to set bit 
temperature (Antex Electronics). 


Soldering iron bits 

Alongside the iron itself, you need to think about the bit. The bit is the 
part of the iron that comes into contact with the parts to be joined, so is 
a fairly critical part of the process. 


A typical range of bit shapes is shown in Figure 2.6. Usually, for 
soldering electronic component joints an angled bit of about 2.4 mm 
diameter is ideal. 
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Ficure 2.6 Typical sizes of soldering iron bits. 


How the bit fits onto the soldering iron element is of concern, for two 
reasons: 


e it determines how much of the heat generated 
by the iron’s element passes to the bit’s tip 
— and hence to the joint to be soldered 


e jt determines how easy it is to remove the bit 
— important if you are to solder different types 
of joints (for example, a bit with a smaller 
diameter would be used for finer joints), or for 
when you need to replace an old and worn bit. 


In general, bits that slide over a soldering iron’s element are most 
efficient, allowing much of the heat generated by the element to pass to 
the bit's tip. Figure 2.7 shows such a bit, fitted to its element. Also, this 
bit type is the easiest to remove. 


Bits that fit inside an element, or screw onto it, are probably best 
avoided, if only because the very nature of the soldering process means 
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that metal bits often corrode — even slightly — due to heat, and this may 
mean that the bit becomes hard to remove. Excessive pulling or twisting 
of the bit to remove it may then damage the element. 


Ficure 2.7 A soldering iron whose bit slides over the element. The bit is easily removed and/or 
replaced, and provides an efficient heat transfer between the element and the bit's tip. 


Some soldering irons use a bit type that also comprises the element. The 
bit/element combination attaches to the soldering iron by two prongs 
that slide into the soldering iron body. Element and bit tip being unified 
in this way, there is a highly efficient heat transfer between element 

and tip, and this design has the great advantage that changing the bit 
effectively replaces the element in one operation. One of the best 
examples is the rechargeable soldering iron bit tip shown in Figure 2.8. 


Ficure2.8 The unified element/bit of the rechargeable soldering iron shown in Figure 2.2 fits to 
the soldering iron's body by pushing in the two prongs. 
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Soldering iron accessories 


Soldering iron stand 

There's a few accessories for soldering irons that are worth buying. First 
— and most important — of these is a soldering iron stand (a typical 
stand is shown in Figure 2.9), which holds an iron while it’s not in use. 
Soldering irons, of course, by their very nature are hot, so having a stand 
to put one in when not actually using it adds up to quite a safety feature. 
The stand in Figure 2.9 is around a fiver — so shouldn't break the bank. 


Ficure 2.9 A soldering iron stand. This particular stand features a sponge. 


Sponge 

Talking of a soldering iron stand with a sponge, a sponge is actually a 
very handy accessory to have. Even if you have to resort to — as | have 
done on occasion — using a simple kitchen sponge, dampened with 
water, stood on a tea-plate, then so be it! 


The £5 soldering iron stand of Figure 2.9, featuring an integrated sponge 
is a great way to combine the two accessories — not essential, just neat. 


You use a dampened sponge to wipe your hot soldering iron bit tip on, 
immediately prior to tinning it (see page 117) and using it to solder 
joints. As you'll see later, a clean soldering iron bit tip is one of the 
prerequisites of good soldering. 


Put another way: if your soldering iron bit tip is not clean, don’t expect to 
make good soldered joints, and do expect your circuit not to work! 
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Tip tinning and cleaning block 

Another way to keep your soldering iron bit's tip clean is to use a tip 
tinning and cleaning block. It's a thin disc-shaped block in a metal 
container that can be carried in a pocket, or mounted on a suitable 
surface close to the soldering iron. In use, you simply wipe the hot 
soldering iron bit's tip over the block's surface, simultaneously cleaning 
and tinning the tip, as shown in Figure 2.10. It’s convenient, it’s handy, 
it’s cheap (around £4), and it saves having a wet sponge on your 
worktop. 


Figure 2.10 Using a tip tinning and cleaning block to err... clean and tin a hot soldering iron bit tip. 


Abrasive fibreglass pencil 

While we're on the subject of cleanliness (which we'll return to often 
throughout the book), the other components that go to make up a 
soldered joint have to be clean — just as much as the soldering iron bit 
tip. Fortunately, there are products that can help here too. The copper 
surfaces of the track on a printed circuit board should be clean and, as 
they oxidize when left for more than just a few hours (and copper oxide 
can prevent a good joint from being made), they should be cleaned 
more-or-less immediately prior to soldering the joints. 


A good tool for this job is a fibreglass abrasive pencil. It’s a propelling- 
pencil type of design, with an internal fibreglass stick instead of pencil 
lead — see Figure 2.11. In use, you rub the end of the fibreglass stick on 
the copper track a few times, removing any dirt, grease, or pre-finishes, 
leaving clean, shiny copper, ready for soldering. 


14 


Tools 


Ficure 2.11 An abrasive fibreglass pencil in use — note the residue, which is of fibreglass origins. 


After cleaning the copper surface, care should be taken when removing 
the residual dust created in the process — it is fibreglass-based after all, 
SO may irritate skin, eyes, or internal organs. 


Abrasive scrubbing block 

An alternative to the fibreglass pencil is an abrasive scrubbing block, 
which performs the same function — scrub the copper track prior to 
soldering with the block, in an action reminiscent of using an eraser to 
rub out pencil marks. Figure 2.12 shows such a scrubbing block. 


Figure 2.12 An abrasive scrubbing block. 


15 


Starting Electronics Construction 


Component leads — which form a third critical part of a soldered 

joint on a printed circuit board need to be clean every bit as much as 
the copper track and the soldering iron bit's tip. Most components are 
supplied with tinned leads (ie, they are coated with molten solder then 
cooled), fortunately, which means that a simple reheating to soldering 
temperature re-melts the solder which helps the process of soldering the 
joint. Even so, excess dirt — particularly grease — on a lead may still 
prevent a good joint being made, so if you suspect that to be the case 
you should clean the lead prior to soldering. It’s much easier to do this 
before soldering, than trying to correct the effects of it afterwards. 


Chemical solvent cleaners 

Chemical cleaners such as isopropyl alcohol may be useful for cleaning 
printed circuit board tracks or component leads prior to soldering, 

as they dissolve grease, dirt, and some pre-finishes which may be 
present. They can be purchased in liquid form, although aerosol or pen 
applicators are often much more convenient. 


Heat shunt 

The final soldering accessory you might want to consider in your 
armoury is a heat shunt. Soldering — by its very nature — requires heat, 
but too much heat can damage some electronic components. Some 
people therefore like to use a heat shunt between the soldered joint and 
the component body to help ensure the heat at the joint is shunted away 
from the component itself. 


The simplest form of heat shunt is a pair of locking tweezers which are 
clamped onto the component lead. As the joint is heated, heat is shunted 
into the tweezers rather than passing down the component lead into the 
component body. 


Figure 2.13 shows such a pair of tweezers. 


Take Note: 


Having said all that, | am duty-bound to say that | have 
never owned a heat shunt, | have never even used a 
heat shunt, and | don’t think | will ever use a heat shunt. 


All but a very few electronic components are fairly 
heat-resilient after all, and as long as the soldered joint is 
performed rapidly and without leaving the soldering iron 
in place on the joint too long, then excessive heat should 
not be a problem. 
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Ficure 2.13 Aheatshunt. 


Side-cutters 

After your soldering iron, the single most important tool in your toolbox 
is a decent-to-good quality pair of miniature side-cutters. As side-cutters 
are so important, it's best not to skimp on this tool — buy the best you 
can afford (decent quality side-cutters are available at around £10, while 
good quality side-cutters are priced between about £20 and £80...). 


Before you baulk at the price, remember that the side-cutters you buy 
will be used every time you solder a printed circuit board, to trim the 
component leads after soldering joints. They'll be used every time you 
cut wires to length, for insertion into a printed circuit. They”ll be used 
every time you trim your toenails. They should not be used for cutting 
thick wires or metal (or pruning the roses, or cutting toenails, if you 
hadn't already realized | wasn't being serious). 


And finally, just to labour the point, a decent pair of side-cutters will last 
a lifetime in electronics, but a cheap pair will probably last till you need 
them. 


Figure 2.14 shows a pair of side-cutters that have lasted a lifetime (mine). 
They were expensive (costing around £50 in 1976), and at the time | was 
young and foolish and thought it was a little over-the-top, but now that 
I’ve matured and I’m 21 again (err... yes, well...) | certainly realize their 
worth. In all seriousness though, the money you spend on this tool is 
worth it in the long run. 
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Figure 2.14 A good quality pair of miniature side-cutters. After your soldering iron, it's the tool 
you ll use the most in electronics. 


Long-nosed pliers 

Like side-cutters, a miniature pair of long-nosed pliers is an essential tool 
for the builder of electronics circuits. Like side-cutters also, it’s pretty 
important to have a decent-to-good quality pair. And, if you haven't 
already guessed it, like side-cutters too, they may be expensive — decent 
quality long-nosed pliers will cost around £10, while a good quality pair 
will be priced between around £20 and £80). Again, get the best you can 
afford — they will be worth it. Figure 2.15 shows my long-nosed pliers 
(which | bought along with my side-cutters in 1976, for around £50). 
They're still working perfectly, which is more than I can say for myself. 


Figure 2.15 Miniature long-nosed pliers are extremely useful tools to keep in your electronics 
toolbox. 
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Long-nosed pliers are very useful for forming component leads prior to 
mounting the component in the printed circuit board. They should not 
be used for anything heavier than this — and should definitely not be 
used for tightening nuts onto large bolts, or working on the car. They are 
precision instruments which require a little forethought in handling. 


Wire-strippers 

Printed circuit boards are not usually complete entities, and they need 
to be connected to the outside world. The easiest and most popular way 
to do that is with interconnecting wires, which are normally insulation- 
covered to prevent short circuit with their neighbours. Each wire has to 
be soldered to the printed circuit board, so it’s necessary to remove a 
piece of insulation at the wire end, leaving a short length of uninsulated 
wire that can be soldered. It’s perfectly possible to strip a short piece of 
insulation away by putting the end of the wire into your mouth between 
your teeth, biting on the wire while pulling it back out of your mouth. 
Indeed, | used to do this very thing before | wore a hole in my front teeth 
and suffered many expensive dental bills. Now | use a pair of wire- 
strippers, and | wholeheartedly recommend you do the same. 


Wire-strippers work in exactly the same way that front teeth do, in that 
you insert the wire into the wire-strippers jaws (and yes, they are called 
jaws) whereupon you squeeze the wire-strippers’ handles together so that 
the wire-strippers’ teeth catch the wire between them. Further squeezing 
of the handles forces the teeth into the insulation and simultaneously 
pulls the jaws back, stripping the insulation from the wire. Figure 2.16 
shows a pair of wire-strippers in action. 


FicuRE 2.16 Using a pair of wire-strippers to strip the insulation from the end of a wire, prior to 
soldering to a printed circuit board. 
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Such wire-strippers aren't too expensive (around a tenner), although you 
can get much more expensive ones. As with the case of wire-cutters and 
long-nosed pliers, get the best you can afford. The best wire-strippers 
have replaceable jaws (unlike me) so can be always maintained with a 
good set of teeth. The cheaper ones are just throw-away tools (I’ve heard 
that said about me before, as well...). 


Solder removal tools 

If you solder electronic components into printed circuit boards, then 
sooner or later you will need to desolder them to remove them from 
printed circuit boards. It goes without saying that you will at some stage 
put a component in the wrong place and need to take it out, or you will 
find that you have a faulty component and need to replace it. 


There are two tools that can help you do this and your selection of which 
you buy is merely a matter of choice. The cheapest is desoldering braid 
— lengths of copper braided wires that attract molten solder away from 
a soldered joint, simply because solder flows to cover the copper wire 
surfaces in the braid. Figure 2.17 shows desoldering braid in use — the 
braid is placed over the joint and a hot soldering iron bit presses on top. 
As the heat from the iron bit melts the solder it is attracted onto the braid 
away from the joint. Once the component lead becomes sufficiently 

free of solder to be removed, the braid and the soldering iron bit are 
removed, and the lead can be extracted from the joint hole. 


Ficure 2.17 — Desoldering braid in action. The braid is heated by the iron's bit, which in turn heats 
the solder on the joint to melting point, whereupon the solder is attracted to the copper wires in the 


braid. 
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Once the braid end has been used to desolder a joint, it becomes 
loaded with solder so must be cut off, leaving fresh braid for the next 
desoldering operation. As such, a length of desoldering braid only has a 
limited life (depending on how many joints you desolder). Desoldering 
braid costs £2 or £3 for a metre or so, although you can buy it in longer 
length reels if you need. 


The alternative tool for desoldering purposes is a desoldering pump, 
commonly called a solder sucker. This works something like a bicycle 
pump in reverse — you operate the pump (which is spring-loaded) to 
push out air, then apply the pump to molten solder on a joint and release 
the plunger to literally suck the molten solder away from the joint into 
the pump where it rapidly hardens. The next operation of the pump 
forces out the hardened solder and primes the pump ready for the next 
desoldering operation. Figure 2.18 shows a desoldering pump in position 
over a joint as the joint is heated to become molten by a soldering iron 
bit tip. The pump has been primed (ie, its plunger has been pushed down 
the pump body), and as the solder becomes molten, the button catch 

on the desoldering pump body is pushed, thereby releasing the spring- 
loaded plunger which returns to the top of the pump body. 


Figure 2.18  Adesoldering pump in use. As the plunger returns to the top of the pump body, suction 
it creates sucks the molten solder on the joint inside the pump. 


While a little more expensive than desoldering braid, desoldering pumps 
last considerably longer. Indeed, really the only part of the pump that 
may be worn by the desoldering process is the pump nozzle, due to the 
repetitive application of the heat of soldering, which nevertheless will 
have an operating life of many thousands of operations. Most desoldering 
pumps have a replaceable nozzle, so even if the nozzle is worn, the 
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pump is not necessarily written off. Desoldering pumps are available 
from as little as £5 to £20. 


Drills and bits 

Each and every component mounted on a printed circuit board in the 
conventional way (note | say conventional way here: there are other 
methods which don't normally affect the individual electronic circuit 
builder, most notably the surface mounted component method — see 
page 36) has its component leads going through holes in the printed 
circuit board. Thus, the printed circuit board has to be drilled with holes 
for those very same component leads. The hole size is around 

1 mm (give or take a very small percentage — depending on the actual 
component's leads), which means that your average power drill that you 
use to drill masonry or steel is not exactly the best tool to use. Power 
drills are good where the thing being drilled is hard, and the holes don't 
have to be too accurately positioned. 


Printed circuit board, on the other hand, is made from a thin and fairly 
soft substrate, and the copper track is but a few micrometres thick, while 
the copper pads you!!! be drilling through are not that much bigger than 
the holes required themselves. So, a drill for the task of drilling printed 
circuit board has few power requirements, but accuracy is of prime 
Importance. 


Small, hand-held, low-voltage drills (complete with mains transformer) 
are available from most do-it-yourself stores, and these are ideal for 
hand drilling of printed circuit boards. Figure 2.19 shows such a drill, 
being used to drill holes in a printed circuit board, prior to mounting and 
soldering of components. 


> FYI < 


Make sure you keep a couple 
of 1mm and 1.5mm drills 
in your toolbox at all times 
— it's useful when one drill 
breaks (which they invariably 
do at the wrong time) to have 
another one ready to use. Oh, 
and make sure all your drills 
are sharp. 


Ficure 2.19 Using a hand-held low-voltage drill to drill holes in a printed circuit board. 
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Later in the book we'll see that larger power drills do actually have a 
place in the electronics circuit builder's toolbox, for drilling of large 
holes in housings for example. But you do need to have a low-voltage, 
hand-held drill for the finer tasks like that in Figure 2.19. They are not 
that expensive — starting at around £10 and going up to about £30. Even 
the cheapest will do the job effectively. Usually they are sold in kits, 
complete with a range of drill bits, together with small grinding wheels, 
polishing wheels and engraving tools. If you buy a kit, complete with a 
range of drills, then you will probably have all the drill sizes you need. 
If you buy the drill alone, make sure you also buy drills of 1 mm and 
1.5 mm sizes — they are the most common ones you'll need. 


Printed circuit board stand 

When working on a printed circuit board by hand, it's not always easy 
to mount and solder components without the board moving along the 
worksurface as you work. If you have a hot soldering iron in one hand, 
and solder in the other hand, the last thing you want is your printed 
circuit board sliding along the bench and falling to the floor. Face it: 

you could do with a third hand! An alternative is to use a printed circuit 
board stand, into which your printed circuit board is clamped. The board 
can be repositioned easily, and even turned over to suit. 


A typical stand is shown in Figure 2.20, which is a miniature vice 

with a lever-operated sucker arrangement on the bottom. The sucker 
allows the vice to be clamped to a work surface, while the vice holds a 
printed circuit board safely, leaving your hands free to insert and solder 
components. 


FicurE2.20 A printed circuit board stand. 
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Many other types of stand are available, ranging from a simple box that 
holds a printed circuit board, to a multi-armed arrangement complete 
with magnifying glass and clips to hold other components. 


IC insertion tool 

As you construct electronic circuits on printed circuit boards, you will 
come across integrated circuits (ICs — see page 53). Integrated circuits 
are components that contain many miniaturized components within. 
They are quite small, but usually have many relatively fragile connection 
pins (most commonly in two rows — the dual-in-line arrangement). 


Inserting such integrated circuits into a printed circuit board is a little 
tricky, as the rows of connection pins are angled somewhat away 

from the vertical plane, so need to be sprung in as they enter their 
corresponding holes in the printed circuit board. It’s perfectly possible to 
do this by hand with care, but an IC insertion tool (such as that shown in 


use in Figure 2.21) is well worth the cost (often less than £1) and makes 
the task a bit of a doddle. 


In use, the integrated circuit is pushed into the tool (which keeps the 
connection pins at the correct angle and distance), then the tool is 
pushed down onto the printed circuit board to engage the integrated 
circuit into its correct position. 


Ficure 2.21 An integrated circuit insertion tool in operation. 


IC extraction tool 

Getting an integrated circuit back out of a printed circuit board is an 
equally tricky task. However, there are equally cheap extraction tools 
— one is shown in use in Figure 2.22. Just hook the tool at each end 
of the integrated circuit, and pull. Of course, if an integrated circuit is 
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soldered directly into a printed circuit board, you'll need to desolder it 
first (see earlier). However, the integrated circuit shown in Figure 2.22 
has been inserted into a holder. Integrated circuit holders provide a push- 
fit method of inserting integrated circuits (see Chapter 3). 


Figure 2.22 Using an extraction tool to pull out an integrated circuit — note the use of an integrated 
circuit holder, which means the integrated circuit itself is not soldered into the printed circuit board. 


Terminal pin pusher 

When connections are needed on a printed circuit board, it’s common 
to use push-fit terminal pins (see Chapter 3) in the printed circuit board. 
It's then easy to solder a connecting lead to the pin (see Chapter 5) as 
required. However, while it’s possible to push these pins into place in a 
printed circuit board using pliers, say, a good tool to buy is a terminal 
pin pusher — shown in use in Figure 2.23. 


p _ 
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Figure 2.23 Terminal pin pusher — just put the pin loosely in place in the printed circuit board, then 
push home firmly with the pusher. 
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Spot-face cutter 

When using stripboard to build a circuit on, it's inevitable that some of 
the strips need to be broken — particularly when siting a dual-in-line 
integrated circuit, which has two rows of parallel pins. In this case, if 
strips aren't broken between the rows of pins, short circuit between the 
pins will occur. 


Breaking the strip can be done with a sharp craft knife, but this is 
messy, and a potentially dangerous method. Best to buy a spot-face 
cutter, which is a tool with a rotating cutting edges. Figure 2.24 shows a 
common type. Chapter 4 shows how to use one. 


> FYI < 


While stripboard is fine for 
prototype work, | would not 
condone it for use in a final 
project. Always use printed 
circuit board to produce best 
end results. 


FicurE2.24  Aspot-face cutter, used to break strips in stripboard. 
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There are many types of components used in electronic devices — the 
main types are listed below. You need to know what each of them are, 
what their circuit symbols are, how they function, how to identify them, 
and what their units of measurement and values are. 


Component types 

e RESISTORS 

e CAPACITORS 

e SEMICONDUCTORS 
e SWITCHES 

e INDUCTORS 


e CONNECTORS 


There are other types of components, but those listed here and described 
in this chapter are the most important. 
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Resistors 

The resistor is one of the most (if not the most) common yet important 
components used in electronics. Its primary function is to resist the flow 
of electricity in a defined manner. 


To do this it has a resistance, specified in the unit of ohms (named after 
the physicist Ohm, who did considerable early work into the qualities of 
resistance) and given the abbreviation Q. So, a resistor’s value is given 
as a number followed by the ohms symbol eg, 100 Q. Occasionally, 

the abbreviation Q is changed to the abbreviation R — simply because 
the abbreviation Q is not always easily produced in word processing 
applications on some personal computers. Nevertheless, you should 
know that the R stands for Q. 


Values of resistors range from a fraction of an ohm, through to many 
millions of ohms. Where thousands of ohms are specified, it is usual to 
use the unit of kilohms (a kilohm is 1000 ohms), so that say, 2 kQ is used 
to specify 2000 ohms), or 470 kQ specifies 470,000 ohms. Likewise 
millions of ohms are known as megohms, so that say, 2.2 MQ is used to 
specify 2,200,000 ohms, and so on. With kilohms and megohms it has 
become usual to drop the superfluous Q, thus values would be written 
2.7 k, 470 k, 2.7 M and so on. 


On some circuits (and even in some texts or lists), in an effort to decrease 
the digits and hence size of labels and complexity of the circuit, the 
ohmic unit is used to indicate the decimal point position — so 8.2 Q 
would be written 8R2, 2.7 k would be written 2k7, and 3.3 M would be 
written 3M3. 


Common symbols for a resistor in circuits are shown in Figure 3.1. The 
correct British standard is the rectangular box shape of Figure 3.1(a), 
though the zigzagged shape of Figure 3.1(b) is often used, so you must 
be aware of and be confident with both. 


(a) (b) 


Ficure 3.1 Resistor symbols commonly found in electronic circuits (a) correct British standard 
(b) zig-zag shape also used. 
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Apart from a resistor's value — which is by far the most important 
criterion — there are other important differences which define how well 
a given resistor works in a given circuit: 


e TOLERANCE — resistors are rarely the exact value specified. 
Usually resistors are within a small percentage of the specified value — this 
small percentage is called their tolerance. So, a resistor of value 1000 (2, 
which has a tolerance of +5%, will have a value between 950 Q and 1050 Q 


e POWER RATING — as electricity flow causes heat. If too much heat 
is generated in a resistor, the resistor may be damaged. Therefore resistors 
have a power rating (specified in units of watts, and given the abbreviation 
W) which must not be exceeded. A typical power rating for resistors used in 
common electronic devices is 0.25 W — in all but the most power hungry of 
circuits this will usually suffice. In fact, lower power resistors (eg, 0.125 W) 
will probably do — and are of course smaller 


STABILITY — the ability of a resistor to keep its value over time. 
Despite other changes (such as heat, humidity) that can occur around it, it 
should be able to maintain its resistance value as closely as possible. 


Resistor types 
There's a few important types of resistor, classified by how they are 
created. 


Carbon resistors 
There are actually two main types of carbon resistors, but they look 
similar if not identical — see Figures 3.2 and 3.3. 


Ficure 3.2 Carbon resistors — illustration. 
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Ficure 3.3 Photograph of carbon resistors. 


Carbon composition resistors are made from a mixture of carbon and 
clay. Carbon conducts electricity but clay does not, so by mixing the 
two, resistors are formed. Stability and tolerance of resistors made this 
way are not particularly good, but they are cheap to make so are very 
common. 


Carbon film resistors are made by moulding a layer of carbon material 
onto an insulating rod then etching a spiral track through the carbon till 
the resistance increases. Tolerance and stability are good. 


Metal film resistors 

These are made in much the same way as carbon film resistors, but 
tolerance and stability are much better so they are used in circuits which 
require great accuracy. They are however, more expensive. Figure 3.4 
shows illustrations of some metal film resistors, while Figure 3.5 shows a 


photograph. 
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Ficure 3.4 Metal film resistors — illustration. 
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Ficure 3.5 Photograph of metal film resistors. 


Wirewound resistors 

Wire is wound around and along a ceramic former to make these 
resistors. The thickness of wire and the size of the former define the 
resistance of the resistor. While being quite expensive, resistors made this 
way have the advantage of high power rating. Figures 3.6 and 3.7 show 
illustrations and a photograph of wirewound resistors. 


SN 


Ficure 3.6  Wirewound resistors — illustration. 


Variable resistors — potentiometers 

Often in an electronic circuit there is a requirement for a control knob 
of some sort (volume, tone, voltage and so on). Variable resistors (usually 
called potentiometers, or just pots) can be used for this purpose. They 
feature a resistive track usually made from a carbon composition mixture 
in a circular format, with a rotating wiper arm whose position can be 
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Ficure 3.7 Photograph of wirewound resistors. 


adjusted. There are two main types — standard potentiometers, featuring 
a central shaft that can be attached to a circuit's front panel for user- 
control, and preset potentiometers which are mounted on a printed 
circuit board and are adjusted with a screwdriver-type tool. Their various 
symbols are shown in Figure 3.8. 


re OY 


(a) (b) 


Ficure 3.8 Symbols of (a) standard and (b) preset potentiometers. 


Potentiometers can be of one of two main groups, /ogarithmic (or 

log) and linear (or lin) — which refers to whether the resistance along 
the track varies in a linear manner (ie, the resistance varies directly 
according to the position of the wiper arm) or in a logarithmic manner 
(ie, the resistance varies logarithmically according to the wiper arm 
position). 


Mostly, linear potentiometers are used. However, in audio circuits in 
particular — where volume is being adjusted, say — then logarithmic 
potentiometers are used. 
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Volume is a logarithmic variant, in so far as a doubling in 
volume means a 3dB louder sound. So a sound of say 60dB 
is double the volume of a sound of 57dB. Similarly, a sound of 
63dB is double the volume of the 60dB sound. To represent 
and control this with a potentiometer, the potentiometer must 
have a logarithmically scaled track. Logarithmic and linear 
scaled potentiometers can be used and will work in circuits 
requiring the use of the other type, but the characteristic of the 
potentiometer control as you turn it will not be correct. 


Dual-gang potentiometers are common, particularly in audio circuits 
where both channels of a stereo amplifier, say, need to be adjusted 
simultaneously. These are quite literally made of two potentiometers 
coupled together with a single control that rotates both wipers together. 


Most potentiometers are rotary, but sometimes you will see 
potentiometers that operate in a line. Such slider potentiometers work in 
exactly the same way — with a resistive track and a wiper arm. 


Standard potentiometers are relatively large, and the shaft allows for a 
control knob to be fitted for user control. Switch mechanisms can also 
be incorporated into the back of the potentiometer body, which means 
that the control can be used as an on/off switch, say, at the same time 

as it being a volume control for example. Preset potentiometers are 
much smaller and get their name because they are typically set before 
the completed electronic device is first used, then rarely touched or 
adjusted again. All potentiometers — whether standard or preset — have 
three terminals: one for each end of the internal resistor, and one for the 
wiper arm. It's not always necessary to use all three terminals in a circuit 
though, and often one of the terminals is left unconnected. 


Figure 3.9 shows illustrations of various potentiometers, while Figure 
3.10 shows a photograph. 


(a) (b) 


Ficure 3.9 Potentiometers — illustrations: (a) front-panel fixing types — single- (top) and dual- 
ganged; (b) a preset potentiometer. 
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Ficure 3.10 Photograph of various potentiometers: single-gang, dual-gang, switched single-gang, 
together with preset potentiometers. 


Resistor colour code 

Resistance value is occasionally printed numerically on a resistor's body, 
but normally it is designated in what is called the resistor colour code. 
The colour code is a collection of coloured bands (normally four bands, 
although five-band codes exist too) around the resistor body. Reading 
from left to right, with the first band being closest to the left-hand edge of 
a resistor, the bands signify: 


e BAND 1 — the first digit of the 
resistor's value 


e BAND 2 — the second digit of the 
resistor's value 


e BAND 3 — the figure to multiply the 
first two digits by 


e BAND 4 — the resistor’s tolerance. 


Figure 3.11 shows this graphically. Table 3.1 gives the bands’ respective 
values. 
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FicuRE 3.11 A resistor showing the four coloured bands that give its value according to the four-band 
resistor colour code detailed in Table 3.1. 


Table 3.1 The four-band resistor colour code. 


Band 1 Band 2 Band 3 Band 4 
Colour 1st figure 2nd figure 3rd figure tolerance 
Black 0 0 xl — 
Brown 1 1 x10 1% 
Red 2 2 x100 2% 
Orange 3 3 x1000 — 
Yellow 4 4 x10,000 — 
Green 5 5 x100,000 — 
Blue 6 6 x1,000,000 — 
Violet 7 / — — 
Grey 8 8 — — 
White 9 9 — — 
Gold — — x0.1 5% 
Silver — — x0.01 10% 
None — — — 20% 


Examples using the resistor colour code 

Example 1 — let's say the four bands of a resistor are yellow, violet, 
orange, silver. The resistor value is 4 (yellow) 7 (violet) multiplied by 
1000 (orange), which equals 47,000 ohms (more usually written 47 kQ), 
with a tolerance of +10% (silver). 


Example 2 — if the four bands are grey, red, green, gold, then the value 
is 8 (grey) 2 (red) x100,000 (green), which is 8,200,000 ohms (more 
usually written 8.2 MQ), with a tolerance of +5% (gold) 
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Preferred values 

Initially, when considering the resistor colour code, you may well think 
that it's a virtually impossible task to remember every single value of 
resistor together with its respective colour code. Calculating every 
resistor's value from the colour code under these circumstances will be 
a laborious task. However, it would be impossible for manufacturers to 
make, and for stockists to stock, resistors of all possible values — there 
would simply be too many to deal with effectively. As resistors are only 
made to certain tolerances anyway, and as circuit designers have a 
reasonable command over the components they specify for use within 
their circuits, it has become normal to use resistors of only certain values 
— these are called preferred values. The E12 standard range of preferred 
value resistances follows the series: 


1, 1.2, 1.5, 1.8, 2.2, 2.7, 3.3, 3.9, 4.7, 5.6, 6.8, 8.2 


As a result, your job of learning the colour code is made significantly 
easier — because these twelve values are the only ones you need to 
know. Any resistors you might use of higher values follow in this very 
same series merely by having a particular multiplying coloured band (eg, 
1.8 x 1000 = 1k8, 4.7 x 1,000,000 = 4M7). After only a short while using 
resistors, you should find that you can almost instantly calculate any new 
resistor's value, and you won't even need to calculate resistor values you 
use most regularly — you'll know them! 


Note though, that there are other preferred value ranges of resistors 

— notably the E24 range, which adds an extra twelve values above the 
E12 range (spaced in-between the E12 range values). You will rarely, if 
ever, encounter them however, and the twelve values of the E12 range 
will most likely be the only ones you need to know. 


Special resistors 

There are several other types of resistors you may encounter in your 
electronic travels. Some of these are covered elsewhere in the book, but 
for completeness the main ones are listed here: 


Surface mount resistors — there has always been a trend to reduce 
electronic devices in size. The latest step in this trend is to use miniature 
components that are soldered directly to a printed circuit board’s copper 
track ie, they are mounted on the board surface (see Figure 3.12), rather 
than with component leads that go through the board. As such, surface 
mount resistors are (by their nature) extremely small, so they are not as 
suited to hand assembly and soldering as conventional resistors with 
leads. However you may find yourself working with them occasionally. 


36 


Components 


Figure 3.12 Atypical surface mount resistor — colour coding or lettered markings may be used for 
component identification (but may not be...). Note that this is illustrated rather larger than full size 
— actual size is around 2 mm wide! 


Thermistors — a thermistor is a resistor whose value changes according 
to heat. These are useful in applications that detect heat such as 
electronic thermometers. They vary in size and shape according to 
construction (they are actually made using semiconductor materials), and 
typical devices are shown in Figure 3.13. The symbol for a thermistor is 
shown in Figure 3.14. 


Figure 3.13 Typical thermistors. 


“4 


Figure 3.14 Thermistor circuit symbol. 


37 


Starting Electronics Construction 


Light dependent resistor — like the thermistor, the light dependent resistor 
(or LDR) is a resistor made from semiconductive materials (typically 
cadmium sulphide). Instead of its resistance varying with heat however, 
the light dependent resistor’s resistance varies with applied light. Figure 
3.15 shows a typical light dependent resistor — a device known as the 
ORP 12. The circuit symbol for a light dependent resistor is shown in 
Figure 3.16. 


Figure 3.15 The ORP 12 light dependent resistor. 


e 


Figure 3.16 Circuit symbol of a light dependent resistor. 


Capacitors 

The second most common component used in electronic devices is 
probably the capacitor. The basic construction of any capacitor is of 
two metal (therefore conducting) plates, separated by an insulating layer 
which is called the dielectric. The size of the metal plates, together with 
the type and thickness of the dielectric, defines the capacitance of the 
component. Capacitance is measured in units of farads, named after 
the scientist Faraday, and given the abbreviation F. However, the farad 

is an extremely large unit, and capacitors used in modern electronic 
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circuits are only minute fractions (millionths, thousand millionths, and 
million millionths) of a farad. One millionth of a farad is known as a 
microfarad (given the abbreviation uF — y is the Greek letter mu, which 
is often difficult to produce on some computer systems, so the letter 

u is occasionally used instead), one thousand millionth of a farad is a 
nanofarad (nF), and one million millionth is a picofarad (pF). 


It’s useful to be able to switch between the three main sizes of 
Capacitance units, as for example one thousand picofarad is the same 
as one nanofarad, and one thousand nanofarads is one microfarad. 
Table 3.2 shows the relationships between the three common units. 
You really need to be able to switch from one to the other easily, so it’s 
worth getting to grips with it fairly early on in your electronics career. 
Fortunately, you'll get plenty of practice the moment you start to handle 
Capacitors... 


Table 3.2 Relationships between the three main capacitance units in 
modern electronics. 


microfarad (uF) nanofarad (nF) picofarad (pF) 


microfarad (uF) | 1000 1,000,000 
nanofarad (nF) 0.001 1 1000 
picofarad (pF) 0.000001 0.001 1 


Electrolytic vs non-electrolytic 

There are two main categories of capacitor — electrolytic and non- 
electrolytic. While this sounds tremendously complicated and worrying, 
all it actually means in practice is that electrolytic capacitors are 
polarized and must be inserted into a circuit the right way round. They 
will be marked with a positive and a negative terminal, and must be 
inserted so that the positive terminal is at a positive potential with 
respect to the negative terminal. (Note that neither the positive nor the 
negative terminal need to be at an actual positive or negative voltage 
respectively — they just have to be more positive or more negative than 
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the other respective terminal!) If they are inserted the wrong way round 
the insulating layer forming the dielectric can be damaged hence won't 
work correctly, and the capacitor may even become a short circuit 
hence causing possible damage to the circuit in which it is installed. 
Non-electrolytic capacitors can be inserted into circuit either way round. 
Figure 3.17 shows some variations of electrolytic capacitors. 


Figure 3.17 Electrolytic capacitors. 


Electrolytic capacitors are always marked in some way — usually with a 
+ symbol to indicate the positive component lead. Sometimes however, 
positive is marked with a ridged or ringed end on the component body. 


Axial vs radial 

Another way in which capacitors are categorized has to do with their 
shape, and is shown in Figure 3.17. Capacitors which are long, and 

have their component leads exiting from opposite ends of the body are 
known as axial-leaded capacitors. Capacitors where both component 
leads exit from one end of the capacitor body are known as radial-leaded 
Capacitors. 


Non-electrolytic capacitors 

There are several categories of non-electrolytic capacitor, illustrated 
in Figure 3.18. Most of them are known simply by the substance 
that is used to make up their dielectrics. Common capacitors 

are polycarbonate, polyester, polystyrene, ceramic, mica, and 


polypropylene. 
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Ficure 3.18 A variety of non-electrolytic capacitors. 


Readers who have been paying attention might be wondering why it’s 
necessary to use electrolytic capacitors at all if they’re that awkward 

to use. Well, in theory, it doesn’t matter which category of capacitor 
(electrolytic, non-electrolytic, or which type of dielectric) is used in any 
given circuit — a 47 nF polycarbonate capacitor has exactly the same 
Capacitance as a 47 nF ceramic capacitor so, indeed, may technically 
replace it. However, the material used as a capacitor’s dielectric has 

an effect on the capacitor’s body size, shape, and component lead-out, 
so a Capacitor of one dielectric simply may not fit into the space in a 
printed circuit board allocated to a capacitor of another dielectric. Also, 
in all but a few cases, it would simply not be possible to produce a large 
value capacitor from a non-electrolytic dielectric, without the resultant 
capacitor being huge. 


Another thing to bear in mind is that the dielectric used (of both 
electrolytic and non-electrolytic capacitors) can have a significant effect 
on the component price. For example, mica capacitors (sometimes also 
known as silvered mica) are much more expensive to produce than, say, 
polycarbonate capacitors. 


Finally, the dielectric has an effect on the maximum voltage a 

capacitor may be used at. Capacitors are rated (along with their actual 
capacitance) with a working voltage — which, fairly obviously | hope, 
should not be exceeded. It is up to the circuit designer to specify what 
the actual working voltage of the capacitor is. It is up to the constructor 
of the circuit to ensure that capacitors of at least this working voltage are 
used. 


41 


Starting Electronics Construction 


Variable capacitors 

Like resistors and their variable counterparts (potentiometers), capacitors 
are available in variable forms. Usually though, variable capacitors are in 
preset form, set up when the electronic device is first made, then rarely 
touched afterwards. Figure 3.19 shows some examples. 


Figure 3.19 Variable capacitors. 


Capacitor symbols 

The symbols used for capacitors in circuits are shown in Figure 3.20, 
where Figure 3.20(a) shows the symbol for an electrolytic capacitor (note 
the positive lead is marked +), Figure 3.20(b) is the symbol of a non- 
electrolytic capacitor, and Figure 3.20(c) is that of a variable capacitor. 
They are fairly self-explanatory, graphically portraying the two plates of a 
Capacitor separated by a dielectric. 


Ll 
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Figure 3.20 Symbols for capacitors: (a) electrolytic; (b) non-electrolytic; (c) variable. 


Capacitor colour code 

Very often, capacitors are marked with their value on the capacitor body. 
However, some capacitors are marked with a colour code in the same 
way that resistors are marked (see Figure 3.21), and the code (detailed 

in Tables 3.3 and 3.4) follows the same general method except that the 
value is marked in picofarads, not ohms. 
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Table 3.3 


Colour 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Grey 
White 


First figure 


Second figure 


Components 


A capacitor marked with a colour code, showing the bands and their meanings 
according to the colour code of Tables 3.3 and 3.4. 


The capacitor colour code. 


Band 1 
1st figure 


O CON OU Ah UU Mm | O 


Band 2 
2nd figure 


O O NN OU A UU NN —= O 


Band 3 
3rd figure 


x1 
x10 
x100 
x1000 
x10,000 
x100,000 
x1,000,000 


Band 4 Band 5 
tolerance working voltage 
(see below) 


20% 
1% 
2% 


10% 


Remember that to convert from picofarads to nanofarads simply divide by 1000. To convert from 
picofarads to microfarads divide by 1,000,000. 


Band 5 of a colour coded capacitor gives its working voltage (ie, the highest voltage that should be 
applied to it). This does, however, vary with the type of capacitor. Table 3.4 lists capacitor types affected 
and gives the voltages according to the band colour. 
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Table 3.4 Capacitor types and working voltages according to the fifth 
band of the colour code of Table 3.3. 


Capacitor type White Yellow Black Green Blue Grey Pink Red 


Tantalum 3 6.3 10 160 20 25 OO 
Polycarbonate 400 630 250 
Polyester 400 250 


Capacitor number/letter codes 

Apart from colour coding, capacitors can also be marked with printed 
letters and numbers. Often these are fairly self-explanatory — a capacitor 
marked with the term 8p2 is obviously going to be an 8.2 pF device. 
However, there are some not-so-obvious variations. For example, a 

680 pF capacitor is sometimes marked n68 — which means that it is 
0.68 nF (which of course is the same as 680 pF). Sometimes a capacitor 
may be marked with just three numbers — say, 333. In such a case the 
first two digits indicate the first and second digits of the value, while 
the third digit indicates the multiplier (ie, number of zeroes to add at 
the end). So, the example of the capacitor printed with the number 333 
would have a value of 33,000 pF, which is 33 nF. 


Tolerances of capacitors are usually not very tight. Often 20% is an 
acceptable figure, although some capacitors with tolerances of 5% are 
available. Occasionally, tolerances are marked on a capacitor's body 
with a letter, such as J (which means 20%) or K (10%) somewhere 
alongside the value in numbers. 


Semiconductors 

There are many types of component which are grouped together and 
known as semiconductors. We'll take a look at some of them now, 

but it's important to remember that the category is huge, and there are 
many more semiconductors than we can possibly hope to cover here. 
However, there are some that are just so important that we can not afford 
to ignore them. 
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Diodes 

Diodes are the first important component in the category known as 
semiconductors. Indeed they are the simplest semiconductor device. 
They get their name from the basic fact that they have two electrodes 
(di — ode, geddit?). One of these electrodes is known as the anode: the 
other is the cathode. Figure 3.22 shows the symbol for a diode, where 
the anode and cathode are marked. Figure 3.23 shows some typical 
diode body shapes — in which cathodes are identified as the banded or 
shaped ends. 


The name rectifier is often used in place of diode. Strictly speaking, a 
rectifier is a diode that is used in high power applications, say, a mains 
power supply that converts mains alternating current to a low voltage 
direct current — the conversion from alternating current to direct 
current is called rectification. However, the two names are otherwise 
synonymous. 


Anode Cathode 
— 


FIGURE 3.22 The circuit symbol for an ordinary diode. 


an E 


Plastic case 


— {i _>— 


Glass case 


—L_ + 


Plastic case 


FIGURE 3.23 Some typical diode body shapes. 


Figure 3.24(a) shows a diode whose anode is positive with respect to its 
cathode. Although we've shown the anode as positive with a + symbol, 
and the cathode as negative with a — symbol, they don't necessarily 
have to be positive and negative. The cathode could for example be at a 
voltage of +1000V if the anode was at a greater positive voltage of, say 
+1001V. All that needs to occur is that the anode is positive with respect 
to the cathode. 
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Under such a condition, the diode is said to be forward biased and 
current will flow, from anode to cathode. 


When a diode is reverse biased ie, its cathode is positive with respect 
to the anode, no current flows, as shown in Figure 3.24(b). Obviously, 
something happens within the diode which we can't see, depending on 
the polarity of the applied voltage, to define whether current can flow 
or not. Just exactly what this something is, isn’t necessary to understand 
here. 


We needn't know any more about it here because we're only concerned 
with the practical aspects at the moment; and all we need to remember 
is that a forward biased diode conducts, allowing current to flow, while a 
reverse biased diode doesn’t. Which way you should insert a diode into 
a particular circuit depends totally on the diode and the circuit. All you 
have to do is insert it the specified way round. 


Current flows No current flows 
i i 
i i 
t| Anode t| Cathode 
more more 
-| positive —| positive 
(a) forward biased (b) reverse biased 


FicurE 3.24 Simple circuits for: (a) forward biased and (b) reverse biased diodes. 


Unlike resistors and capacitors which have particular values, diodes vary 
only in parameters like the maximum current and maximum voltage they 
can be used with, and as such are usually specified by a type number 

— something like 1N4001 or 1N4148. Generally, diodes are marked 
with their type number, which makes it relatively easy to see what type 

a diode is. There is one important exception though, in that some diodes 
are colour banded in a similar way to resistors and capacitors, and use 
the same colours to indicate digits. However, the four colour bands 
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merely indicate the four digits in the diode's type. Probably the only 
diode you'll see type-marked in this way will be the very commonly used 
diode — the 1N4148, which has bands coloured yellow brown yellow 
grey to indicate 4148. 


Bridge rectifier 

One use of diodes is as rectifiers — devices that convert alternating 
current to direct current — in power supplies. Usually (but not always), 
four diodes are connected together to create what is known as a bridge 
rectifier. These can be constructed from individual or discrete diodes, 
or obtained as a complete unit which mounts directly into the printed 
circuit board. Several varieties of these complete bridge rectifier exist, 
and a few are shown in Figure 3.25. Care must be taken when inserting 
a bridge rectifier into a printed circuit board that it is the correct way 
round. Markings on the device will indicate the two alternating current 
input connections (usually with the symbol ~), and positive (+) and 
negative (—) output connections. Like discrete diodes, the two important 
considerations when using bridge rectifiers are the maximum working 
voltage (actually the maximum alternating voltage applied across it) and 
the current required from it. 


Figure 3.25 Various bridge rectifiers. 


Transistors 

The next important step up the semiconductor evolutionary chain is the 
transistor. Invented over 50 years or so ago, it has been the single most 
important electronic device ever to have been made. All subsequent 
electronic devices have been developed from the transistor, and even 
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the most complex of devices such as a computer relies totally upon it 
still. Nowadays, however, individual transistors are rarely used. Instead 
several (hundreds, thousands, even millions!) are often combined into 
complete devices known as integrated circuits (we'll look at integrated 
circuits shortly) and used almost without knowledge or care of what is 
inside them. 


Despite being used rarely, it’s still just possible that you'll come across 
an individual transistor, so we need to look at them now, and fully 
understand them, so that you can also see how they are used in more 
complicated devices. 


A transistor is shown in Figure 3.26. From the photograph, you'll see 

that it’s pretty small and has three terminals. These terminals are called 
base, collector and emitter (often shortened to b, c and e). When you use 
transistors in electronic circuits it is essential that these three terminals go 
the correct way round. 


FicurE 3.26 A transistor next to a UK one penny coin. 


The problem arises in that different transistors have different body shapes 
(see Figure 3.27) and different terminal leadouts, so to make sure that 
the transistor is the correct way round, manufacturers supply them in 

a standard range of body shapes, and each body shape has a standard 
terminal lead-out. So, by knowing what body shape a transistor is you 
can work out its terminals from a chart. Common varieties you'll even 
learn by heart automatically, just by using them a couple of times. 


AS 
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Figure 3.27 A selection of transistors, showing some of the variance in body shapes available. 


Figure 3.28 illustrates leadout details for a selection of common 
transistors. From those shown, you can see that it’s easy to work out 
terminals. For most transistors, leadouts are conventionally given as a 
plan view looking at the transistor’s underside ie, with the transistor’s 
leads pointing towards you. The exceptions are certain types of power 
transistors, where you view the transistor looking towards the metal pad 
of the transistor as an elevation view. 


- e cob e boc c be 
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Ficure 3.28 — Leadouts of some commonly used transistors. Manufacturers of transistors can 
provide details of all their devices. 


There are several different types of transistor, the most popular being 
what is called the bipolar transistor. These are constructed in two 
different ways, as three layers of semiconductor material — as a thin 
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layer sandwiched between two thicker layers, as shown in Figure 3.29, 
The semiconductor layers are of two types — called N-type, and P-type. 
So the transistor can be made with a thin P-type layer sandwiched 
between two N-type layers, or with a thin N-type layer sandwiched 
between two P-type layers — which way defines the transistor's type as 
either an NPN transistor, or a PNP transistor. 


NPN transistor PNP transistor 


Figure 3.29 An NPN and a PNP transistor make-up. 


The circuit symbols for the two types of bipolar transistor — NPN 

and PNP — are shown in Figure 3.30, along with their corresponding 
terminals. Usually, in circuit diagrams, terminals are not given, and it’s 
taken as read that you will know which terminal is which. 


Although the internal working of transistors is pretty complex, we can 
look on them quite simply — they are electronic switches, in which a 
small current through the base terminal creates a much larger current 
through the collector and emitter terminals. The small current through 
the base terminal is by convention called the base current. The much 
larger current through the collector and emitter terminals is called the 
collector current. 


e c 


m 4 


NPN transistor PNP transistor 


FicuRE 3.30 Symbols of NPN and PNP transistors. 


The way bipolar transistors work is illustrated in Figure 3.31(a) for an 
NPN transistor, where the base current flows into the transistor's base 
causing a large collector current into the collector. Figure 3.31(b) shows 
a small base current out of a PNP transistor's base causing a large 
collector current out of the collector terminal. 
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Ficure 3.31 Showing how both NPN and PNP bipolar transistors work — a small current causes a 
large collector current. 


Field effect transistors 

Another major group of transistors are called field effect transistors 
(abbreviated to FET), of which there are two main types: the junction 
gate field effect transistor (JUGFET, or J-FET) and the metal oxide 
semiconductor field effect transistor (or MOSFET). 


Like bipolar transistors, FETs can be of N- or P-types, but are actually 
known as N-channel or P-channel types. The three terminal connection 
leads are the gate, drain and source, which are roughly the equivalent 
of base, collector and emitter. MOSFETS are available with two gate 
terminals, and are called dual-gate MOSFETS (or DG MOSFETS). 


Figure 3.32 shows the circuit symbols of a range of FETs. 


qe 
qe 


FicuRE 3.32 FET circuit symbols: (a) N-channel J-FET; (b) N-channel MOSFETs; (c) P-channel 
J-FET; (d) P-channel MOSFETs. 
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Thyristors 

It’s sometimes necessary to control current flow in circuits. A specific 
device to do this is the silicon controlled rectifier (or SCR), which also 
goes by the name thyristor. Much like a transistor in appearance, with 
the terminal anode (A), cathode (K) and gate (G), the thyristor operates 
like a rectifier or diode that can be switched on or off. Figure 3.33 shows 
the circuit symbol of a thyristor, while Figure 3.34 shows some common 
thyristor leadouts. 


Anode Cathode 


Gate 


Figure 3.33 — Thyristor circuit symbol. 


Figure 3.34 Some thyristor leadouts. 


Triacs 

Where thyristors are used to control direct current, triacs are used to 
control alternating current. Their terminals are known as main terminal 
1 (MT1), main terminal 2 (MT2) and gate (G). Circuit symbol for a triac 
is shown in Figure 3.35, while Figure 3.36 shows some common triac 
leadouts. 


Main terminal 2 (MT2) Main terminal 1 (MT1) 


Gate 


Figure 3,35 — Triac circuit symbol. 


52 


Components 


FicurE3.36 Some triac leadouts. 


Integrated circuits 

There are many, many different types of integrated circuit (abbreviated 
to IC) — far too many to describe in this book. Fortunately, at least 

for beginners to the subject of electronics, it’s possible to generalize 
somewhat and identify perhaps a handful of integrated circuit types that 
are worthy of note. 


For a start, most integrated circuits you'll come across are in a particular 
body shape — the dual-in-line integrated circuit (or DIL IC). These have 
two rows of terminal pins which are used to connect the internal circuit 
of the integrated circuit into an electronic circuit. 


An example of a very common integrated circuit (the 555, as it happens) 
is shown in Figure 3.37, where you can see that it’s got a total of eight 
terminal pins, ordered in two four of four. The rows of terminal pins of 
standard dual-in-line integrated circuits like the 555 are spaced 0.3 inch 
apart, and pins in the rows are 0.1 inch apart. 


Ficure 3.37 A555 integrated circuit. 
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All dual-in-line integrated circuits like the 555 have their terminal pins 
numbered in the same way — pin 1 is top left, and all other pins follow 
in an anti-clockwise direction. All that's needed is to know which pin 

is number 1. Unfortunately, here, there is some difference between 
integrated circuits manufacturers. Figure 3.38 shows the most common 
methods of manufacturer markings for dual-in-line integrated circuits 
— note that (unlike transistors and their associated semiconductor 
components) integrated circuit pin diagrams are as viewed from the top 
of the integrated circuits. 


(a) (b) 
(c) (d) 


FicuRE 3.38 Terminal pin 1 on dual-in-line integrated circuits is indicated by: (a) a dot; (b) a 
notch; (c) a dot and notch; (d) a line. Manufacturers vary, so you need to know the various methods. 


Integrated circuit types 

Integrated circuits contain highly miniaturized electronic circuits — they 
can, in fact, contain literally thousands of tiny transistors inside their 
bodies. It should come as no great surprise then to learn that there are 
literally thousands of different types of integrated circuits, each one 
designed to do a slightly different job to its neighbours. The exact job 

an integrated circuit does depends almost totally on the transistors that 
make up the circuit inside it. As such, it might seem difficult to find out 
what all these many thousands of types of integrated circuits do. 


Fortunately though, integrated circuits fall very roughly into two highly 
generalized main categories — analog (sometimes known as linear) and 
digital. Analog integrated circuits are those that can be used in the likes 
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of audio circuits, or some forms of control circuits for example. Digital 
integrated circuits are those that would be used in the likes of computing 
circuits, and also some forms of control circuits for example. 


As you might expect, there is some overlap between the two categories, 
which blurs the distinction between analog and digital integrated circuits 
somewhat. 


Typical analog integrated circuits 

Perhaps the most common forms of analog integrated circuits are those 
that comprise the family of integrated circuits known as operational 
amplifiers or op-amps. 


Operational amplifiers are often illustrated in an electronic circuit 
diagram with the symbol shown in Figure 3.39(a), where it can be seen 
that the device has two inputs (marked + and —), and an output. 


It’s also common to see an operational amplifier illustrated in an 
electronic circuit diagram inside its integrated circuit body, showing its 
terminal pins as part of the circuit, as shown in Figure 3.39(b). 


Sometimes, the operational amplifier would be shown in a circuit 
diagram with its actual terminal pins numbered, but the integrated circuit 
body is not actually shown (Figure 3.39c). All three methods are strictly 
correct, and it really just depends on the level of detail required in a 
circuit diagram, along with personal preference, as to which method is 
used. 


(a) (b) (c) 


Figure 3.39 Circuit symbols for integrated circuits: (a) just the op-amp, with no pin numbers; 
(b) showing the op-amp complete with integrated circuit ‘body’ and pin numbers; (c) the operational 
amplifier with pin numbers. 
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While the symbol for an op-amp is relatively simple, you should realize that the op- 
amp itself may contain many hundreds of components inside the integrated circuit. 
Treating them collectively as a single component called an op-amp simply makes it 
easier for us to get our heads round it. An op-amp is a sort of ‘black box’ electronic 
component — we don’t need to know how it’s made up, just how it works. There are 
many other black box electronic components. 

Many integrated circuit op-amps have identical terminal pins, so it’s possible that one 
op-amp can be replaced by another in the same electronic circuit. But there are some 
differences, so before you use an op-amp, you should refer to manufacturers' data 
sheets for the op-amp to make sure it will fit in, and work in, the electronic circuit you 
are building. That being said, most integrated circuit manufacturers make a range of 
general-purpose op-amps that are sufficiently close in relevant characteristics that 
they may be classed as identical. For instance, most integrated circuit manufacturers 
make an op-amp called a 741. A 741 from one manufacturer should work in a 741 
designed for another manufacturer's 741. For reference, Figure 3.40 (left) shows a 
741 op-amp — it’s in a standard 8-pin, dual-in-line integrated circuit format, while 
Figure 3.40 (right) shows the pin-out diagram for a 741. 


8 +Vcc 
2 7 
3 6 

-Vog * 5 


Ficure3.40  A7410p-amp: (left) photograph; (right) pin-out diagram. 


Typical digital integrated circuits 

Perhaps the simplest forms of digital integrated circuits are those that 
make up digital gates. Like analog op-amps, these usually have a simple 
black box symbol, but in reality are made up from many individual 
transistors inside the integrated circuit. Common logic gates are shown 
in Figure 3.41. There are, however, many more types of logic circuits 
available in integrated circuit form. Also, like analog op-amps, logic 
gates are commonly shown in an electronic circuit with their pin 
numbers shown. 
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AND gate OR gate 
NAND gate NOR gate 
NOT gate 


Ficure 3.41 Common logic gate symbols. 


There are several families of digital integrated circuits, generally based 
on their construction techniques. How the actual gates or logic circuits 
inside each integrated circuit in each family are connected through their 
respective terminal pins is defined in standard digital integrated circuit 
pin-out diagrams. Some digital integrated circuit pin-out diagrams are 
shown in Figure 3.42 (for digital integrated circuits in the 7400-series), 
and in Figure 3.43 (for digital integrated circuits in the 4000-series). 
These are the most common digital integrated circuit families. 


Batteries 

Electronic circuits need power of some sort to function. Power is sourced 
from either a power supply (usually mains-powered) or — particularly 
for portable equipment designs — batteries. Occasionally, a single cell 
might be sufficient to power an electronic circuit — the symbol is shown 
in Figure 3.44 (a) — but more usually multiple cells, or power pack 
batteries are used — the symbol of both is shown in Figure 3.44 (b). Note 
that the voltage should be shown beside either symbol. 


Where cells or batteries are used to power electronic circuits, some form 
of connector must be used to clip the cell or battery into place. Various 
battery connectors are shown in Figure 3.45. The type used depends on 
the cells or batteries required, the circuit itself, and also the housing used 
to hold all the electronic circuit parts (including the cells or battery). 
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Figure 3.42 Some pin-out diagrams for members of the 7400-series of digital integrated 
circuits. 


Indicators 

Often, it’s useful or necessary to show when an electronic circuit is 
turned on. This is usually done with an indicator of some sort — either a 
bulb, a neon, or most often a LED. 


Bulbs 

Not used very often, low-voltage bulbs can give an effective indication 
of an electronic circuit's function. However, problems associated 

with mounting the bulb normally preclude their use. Some bulbs and 
mounting methods are shown in Figure 3.46. 


Neons 

Largely for the same reasons we don't often use bulbs, neons aren't often 
used either — with the possible exception of some mains switches (see 
later) that contain an integral neon bulb to show when an electronic 
circuit's power supply is turned on. Figure 3.47 shows an example of 
such a mains switch. 


Components 


FicuRE 3.43 Some pin-out diagrams for members of the 4000-series of digital integrated 
circuits. 


LEDs 

Light emitting diodes (LEDs) nowadays form the usual and best method 
of indication. They are easily used, and easily and cheaply mounted 
onto housings’ front panels, so have become the preferred method. They 
are — as their name suggests — a particular form of diodes, and must 
be used with the same precautions as other diodes (see the section on 
diodes, earlier in this chapter), but when they are forward biased in a 
circuit emit light. Normally one side of the LED is marked in some way 
to indicate cathode. Different colours of LEDs are available (green, red, 
blue, white), and some forms emit light of different colours depending 
on connections. Figure 3.48 shows a typical round LED, although 
rectangular LEDs are also available. 
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(a) (b) 


Figure 3.44 Battery symbols (a) single cell (b) multiple cell or powerpack. 


Figure 3.46 Bulbs and panel-mounted bulb holders. 


Components 


FIGURE 3.47 A mains switch with an integral neon bulb (this particular switch is used in the Bench 
Power Supply project in Chapter 8). 


Ficure 3.48 Atypical LED. 


Switches 

There are many forms of switches used in electronic circuits, and they 
take many different shapes and sizes. They are all similar however, in 
that they are all mechanical devices which are physically operated by 
the user. Their main differences lie in how the internal contacts are 
arranged, and what form of mechanical device is operated by the user to 
switch contacts. 
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Contacts 

The simplest switch has two contacts, and a simple on/off mechanism. Its 
circuit symbol is shown in Figure 3.49 (a). As it can be used in only one 
connection within a circuit, it is called single-pole. Also, as it can be only 
on or off, it is called single-throw. So, in full, it is known as a single-pole, 
single-throw switch (shortened to SPS7). 


Where the switch has a third contact, so the central contact can be 
switched to either one state or another, it is known as a single-pole, 
double-throw (SPDT) switch, and is occasionally called a changeover 
switch, and its circuit symbol is shown in Figure 3.49 (b). 


Commonly, switches can be joined (or ganged) together in one housing, 
to allow more than one connection to be switched at the same time. 
The simplest of these switches would be a double-pole, single-throw 
(DPST) switch, the circuit symbol of which is shown in Figure 3.49 (c). 
The broken line between the two individual mechanisms of the circuit 
symbol indicates that both mechanisms are mechanically joined, and as 
one switch operates the other does too. 


Circuit symbol of a double-pole, double-throw (DPDT) switch is shown 
in Figure 3.49 (d), where the two joined mechanisms are of double- 
throw format. Again the broken line joining the individual mechanisms 
indicates that both mechanisms operate in unison. 


While these four switch types shown in Figure 3.49 (a) to (d) are 
obviously not the only switch types, they form by far the most common 
types you will come across in electronics. 


e n ——— > FYI <4 


The switch types in Figure 
3.49 are only the most 
common four. It’s possible to 


2” T get switches with many more 


. n poles, and many more throw 
ot o— i mechanisms, for specific 
ea on purposes. 


(c) (d) 


FicurE 3.49 — Four main switch types: (a) single-pole, single-throw (SPST); (b) single-pole, 
double-throw (SPDT); Ce) double-pole, single-throw (DPST); (d) double-pole-double-throw 
(DPDT). 
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Take Note 


The contacts of switches of all types have only limited 
voltage and current ratings, and you must make sure 
that you do not exceed these contact ratings when 
using switches. If the circuit a switch is used in is 


battery-powered, it is unlikely that contact ratings will 
be exceeded, but if the switch is to be used to switch 
mains power then contact ratings should be carefully 
checked before use. 


Mechanics 

The most common mechanics used in switches in electronics are: slide, 
toggle, push, and rotary. Examples of all are shown in Figure 3.50. Each 
type may have a number of deviants, and is usually available in a range 
of sizes too. Switches may also be incorporated with other functions, 
such as a potentiometer (see page 31), or indicators (see page 58). 

Also, each mechanism type can have minor variants in operation — for 
example push switches can be push-to-break or push-to-make, and 
switched action or momentary action — so it’s not hard to see that there 
are many hundreds of switch types to choose from. 


Figure 3.50 A range of switches, according to mechanism types, from left to right: slide, toggle, 
push, rotary. 
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Relays 

Relays are just switches that are operated electro-mechanically. Thus, 
where an ordinary switch may be operated by you pushing a button, 

or flicking a toggle, a relay is operated by merely applying an electric 
current to an electro-magnetic coil. This current creates a magnetic field 
that flicks the relay’s internal switch mechanism. The advantage is pretty 
obvious — an electronic circuit can operate the relay automatically, 
without human intervention. A circuit symbol for a single-pole, double- 
throw relay is shown in Figure 3.51. 


E Normally closed 
| Common 


Normally open 


Figure 3.51 Circuit symbol of a single-pole, double-throw relay. 


Generally, relays are mounted on an electronic circuit's printed circuit 
board, so are quite small. Several variants exist, and usually it is simply 
a matter of choosing the relay to suit in terms of number of switch poles 
and throws, contact ratings, coil operating voltage and current, and size. 
An example of a relay — a miniature, printed circuit board mounting 
relay — is shown in Figure 3.52. 


Figure 3.52 A miniature, printed circuit board mounting relay. 
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Loudspeakers and other sound output devices 

In an audio circuit, it’s often required that we can hear the audio signal. 
The usual way to do this is either with an in-built loudspeaker, or using 
earpieces. 


Loudspeakers built in to electronic circuits are usually fastened to the 
housing of the circuit, and once in place are pretty robust. However, 
they do require some precautions in handling. They work because a 
cone of some material is vibrated electro-magnetically (due to an electric 
current passing through an attached coil of wire that is situated in a 
magnetic field). Problems can arise because the cone is easily damaged 
or split if mishandled. A couple of examples of loudspeakers for use with 
electronic circuits are shown in Figure 3.53. 


FicuRE 3.53 Loudspeakers typically used in electronic circuits. 


Sometimes, while audio sound is not outputted from a circuit, some form 
of noise is — say, a buzz, or beep. There are several forms of devices for 
doing this, but only two main groups: buzzers and sounders. 


Buzzers are generally electro-mechanical or piezo-electric sound sources 
which, when a voltage (generally of direct current) is applied across their 
terminals, vibrate at a fixed frequency, causing a sound. They come in 
various shapes and sizes and amplitude levels, some of which are shown 
in Figure 3.54. The circuit feeding the buzzer merely needs to switch a 
current to the buzzer to make it work. 


Sounders are more like loudspeakers in operation (some are shown in 
Figure 3.54), and require some form of alternating current signal. Unlike 
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loudspeakers, however (which can successfully operate over a range of 
frequencies — so can reproduce audio quite well), sounders require a 
fairly specific frequency signal to generate the loudest sound possible. 
The circuit feeding the sounder must produce an oscillation at the 
frequency required by the sounder, to make it work. 


Ficure 3.54 A buzzer with two types of sounders. 


Microphones 

Microphones are, in essence, the opposite of loudspeakers and sounders. 
They convert a sound into an electrical signal, for use by an electronic 
circuit. They are common in two main forms: dynamic and electret. 
Dynamic microphones are just like loudspeakers in reverse; they feature 
a diaphragm (that is much like a loudspeaker's cone) which vibrates as 
sound waves hit it, connected to a coil of wire that moves through a 
magnetic field, producing electric current. 


Electret microphones (sometimes known as condenser microphones) 
operate in a vaguely similar way in that they have a polymer diaphragm 
that creates an electric signal as it vibrates due to impinging sound. 
However, this signal is too small to be used raw, so they also include an 
amplifier inside the microphone housing to amplify the signal. While this 
produces an extremely high quality and small microphone, the downside 
is that the amplifier must be powered somehow, but a simple low- 
voltage connection is all that is required (and, as most electronic circuits 
are powered by a low voltage, extremely easy to include). 


Components 


The circuit symbol for a microphone is shown in Figure 3.55, while 
Figure 3.56 shows microphones of the two main types. 


On 


FicurE 3.55 Circuit symbol for a microphone. 


Ficure 3.56 An electret microphone, and a dynamic microphone. 


Coils and inductors 

Technically, any coil of wire that has a current applied to it becomes an 
inductor. So, any electronic component that comprises a coil can also be 
classed as an inductor. That being said, it’s not often that simple coils are 
used in an electronic circuit (normally only in radio frequency circuits). 
In most instances, you may even not realize that the component you use 
features an internal coil. 


Examples of coils in common use that you may use are transformers 
(used, say, in mains power supplies), loudspeakers, and relays (see 
earlier). 


Connectors 

Any electronic circuit depends on connectors of many types: to get 
signals into and out of the circuit; to connect to controls that are on 
a housing’s front panel; and to obtain power from a battery or power 
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supply. The range of connector types is huge, and can't fully be covered 
here, but we can at least look at a range of common connectors you will 
almost certainly come across. Connectors are generally (as far as we're 
concerned here) used either on a printed circuit board, or on the housing 
used to house a printed circuit board. 


Some typical plug and socket connectors for use on printed circuit 
boards are shown in Figure 3.57. Some typical connectors for mounting 
on a circuit's housing are shown in Figure 3.58. 


Figure 3.57 Typical printed circuit board connectors. 


Figure 3.58 Connectors used on housings for front- or rear-panel mounting. 


Components 


Integrated circuit holders 

Where integrated circuits are to be fitted to printed circuit boards, 

it’s common not to solder them in. Integrated circuits are, of course, 
complex, miniaturized devices. Excess heat when soldering may damage 
them (although some are less sensitive to heat damage than others), 

so an alternative is to use integrated circuit holders (sometimes called 
integrated circuit sockets), which are soldered into the printed circuit 
board. Integrated circuits are then push-fitted into the holders afterwards. 


Figure 3.59 (left) shows an integrated circuit holder in place on a 

printed circuit board, while Figure 3.59 (right) shows the holder with an 
integrated circuit fitted. Integrated circuit holders are sized the same way 
that integrated circuits themselves are, so you would use an 8-pin holder 
for an 8-pin integrated circuit, a 14-pin holder for a 14-pin integrated 
circuit, and so on. Holders are not expensive — about 15p each — so it's 
worth buying a few of each common size (8-pin, 14-pin, 16-pin) for your 
component box. 


FIGURE 3.59 Using integrated circuit holders: (left) the holder itself, in position in a printed circuit 
board; (right) showing an integrated circuit in the holder. 


Terminal pins 

One of the main problems with a printed circuit is how to connect any 
external controls, switches or connection sockets. Often, it’s possible and 
easy to use a connection lead, from the component side of the board to 
the track side, soldered into place at a junction in the copper foil track. 
Indeed, Chapter 5 shows in detail how to do this. However, if a printed 
circuit board has been mounted in a housing (see Chapter 6) then it’s not 
easy to get to both sides of the board to do this. 
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It's therefore a good idea to use terminal pins. These push through from 
the copper track side of the printed circuit board to the component 
side. They are then soldered to the copper track. Thus, when the 
printed circuit board is mounted in its housing, it’s still easy to solder 

a connecting lead to the pin connection (which is on the component 
side ie, the upper side, of the board). Chapter 5 shows how to solder a 
connecting lead to a terminal pin, but in order to do that, of course, you 
need to buy some terminal pins. They are usually sold in packs of 100 
and cost only a few pounds a pack, so are well worth the investment. 
Various sizes are available, and various types, but the most common 

1 mm diameter, single-sided, pre-tinned type is all you'll need, unless 
you are constructing a circuit that calls for anything more unusual. 


Take Note 


Don’t buy gold-plated terminal pins — they are much 
more expensive, and in all but the most critical of 
situations, provide no benefit. 


Figure 3.60 shows terminal pins, soldered in place in a printed circuit 


board. 


Figure 3.60 Terminal pins in a printed circuit board — the pins are push-fitted into the board, then 
soldered in place. 
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> FYI < 


Terminal pins have a knurled ridge that holds the pin in 
place in the printed circuit board. The knurled ridge makes 
them a little hard to push into place however. Pliers, or a 
hammer, will do the job if you are careful. However, you 
may think it worth buying a terminal pin pushing tool to 
help with this job — see Chapter 2. 


Printed circuit board links 

While hardly being an individual component, it’s best to take a look at 
the use of printed circuit board links. These are used on a printed circuit 
board if a connection in the circuit needs to be made, but the design of 
the copper foil track is such that it cannot be made using the copper foil. 


In such cases, it's common to use a small link of wire that jumps from 
one connection point to another on the printed circuit board. 


Many connections in the copper foil track can be run underneath the 


link, so it forms a useful method of bridging parts of the printed circuit 
board. 


Figure 3.61 shows a printed circuit board with several links in place 
— the board shown is actually the Heart Flasher project printed circuit 
board, detailed in Chapter 8. 


FicuRE 3.61 Links ona printed circuit board. 


71 


Starting Electronics Construction 


Printed circuit board links can be made with insulated connection lead, 
but this tends to make a rather messy board. Instead, it’s best to use 
uninsulated single-strand wire. Being rigid, links don't bend and become 
untidy the way insulated wire would, and there is little risk of links 
touching other links or neighbouring components. Buy a reel of single- 
strand wire, then cut short pieces off to make links — see Chapter 5 for 
details. 


Take Note 


When designing a printed circuit board which requires 
links, make sure that links run parallel — in this way 
there is no danger they will touch other links close by. 
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Most of the projects you'll ever want to make up from electronics 
magazines or electronics books like this one are constructed on printed 
circuit boards (PCBs). Without any doubt printed circuit boards help you 
make really neat and reliable projects, simply because they hold all the 
components of the projects in a fixed and long-standing way, with strong 
soldered joints giving the good electrical connections required in the 
circuits. You've only to take the back off any modern electronic appliance 
such as your television, radio, hifi amplifier, computer (carefully — and 
after you've unplugged it from the mains and assuming it's yours!) to see 
that it's not just book and magazine projects which use printed circuit 
boards, but manufacturers of electronic appliances do, too. Figure 4.| 
shows a printed circuit board in a typical modern appliance. 


FicuRE 4.1 A printed circuit board - the type you might find in a television or other modern 
electronic appliance. 
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There are loads of benefits when using printed circuit boards: 


NUMBER 1 Positioning components. Each component in the circuit has 
its own special little place on the printed circuit board — if you've forgotten 
to insert it, it’s fairly obvious there's something missing because there is a 
space and a couple of holes 


NUMBER 2 The components fit close up to the board. Component leads 
go through holes in the board to the other side, where they are soldered to 
strips of copper — in other words, the components are rigidly held so they 
can't easily work loose, and there's not much chance of one component lead 
shorting against another 


NUMBER 3 Size. Yet another benefit is simply the sheer compactness of the 
completed assembly — as connections are made with copper tracks on the 
underside of the board (some printed circuit boards have copper tracks on 
both sides — and are called, naturally enough, double-sided printed circuit 
boards) and as components can be very close together without the risk of 
short circuits, the size of the printed circuit board need be very little more 
than just the total surface area of the components. 


If you have an old valve radio or television around the place, you can 
compare equipment with modern printed circuit boards to the method 
used then; where all the components were simply strung between 
connection points on ‘tag strips’ underneath a metal chassis, in a 
seemingly haphazard arrangement. While such methods served their 
purpose in their day, no one can doubt that printed circuit boards are 
infinitely better. 


Copper-clad printed circuit board 
So what exactly is a printed circuit board, what's it made of, how’s it 
made, and how do we set about getting it? 


Well, the photograph in Figure 4.2 shows a small piece of printed circuit 
board, directly as it would be obtained from a printed circuit board 

manufacturer, or as you might buy from an electronics components shop. 
This small piece would have been cut from a much larger sheet (typically 
a few metres square). In its raw state like this, the printed circuit board is 
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Figure 4.2 Raw printed circuit board, comprising a thin layer of copper on a insulating material 
baseboard. 


called copper-clad board and it comprises a thin baseboard (about 1.5 
mm) of insulating material such as resin-bonded paper or, more likely, 
fibreglass, with an even thinner layer of copper (about 0.2 mm) on one 
surface (or both, if its double-sided copper-clad board). Figure 4.3 shows 
an enlarged cross-section of a typical piece of copper-clad board. 


Copper 


Insulating board 


FicuRE 4.3 Enlarged cross-section of copper-clad printed circuit board 


> FYI 


Apart from basic copper-clad printed circuit boards like this, industrial manufacturing often makes 
uses of double-sided copper-clad printed circuit boards (in which a circuit is made up from copper 
connections on both sides of the board) and multi-layered printed circuit boards (which comprise 
several internal layers of copper connections as well as those on one or both surface sides of the 
board) — typically these would be used in only the most complex of circuits, where space is at a 
premium! 
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This copper-clad board must now be turned into a usable printed 

circuit board, so some way must be found to remove excess areas of 
copper, leaving behind only those areas which we need to connect the 
components to. The areas left behind form what's called the copper track 
or the copper foil. Figure 4.4 shows such a printed circuit board where 
the copper track or foil is clearly visible. 


FicuRE 4.4 Once the excess copper is removed from copper-clad board, the copper track or foil 
remains. 


Once a printed circuit board has been created, complete with a copper 
track, it is then a relatively simple task to drill the holes in the printed 
circuit board for the component leads to fit through, and then solder 
them in. 


But we shouldn’t go too far, too fast. We should really stop and think for 
a minute about what's just been said. Somehow a piece of copper-clad 
board (which consists of a thin layer of copper stuck onto the surface 

of a thin insulating board) must have areas of copper removed, leaving 
behind a copper foil which follows the foil pattern required on the 
printed circuit board for the project. Just exactly how do we remove the 
copper? 


Don't worry, the answer's not quite as difficult as you might imagine 
— we simply dissolve it away using an acid-type etchant. 
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But doesn't the etchant dissolve away the copper foil, too? Well, no 

— because first we have to coat the areas of copper that are to make up 
the copper foil with something which will resist the etchant, preventing 
the copper underneath from being dissolved. Figure 4.5 shows the idea. 


Etch-resist 


Copper 


Insulating board 


Ficure 4.5 Coating the copper surface with an etch-resistant material means that the copper under 
the material is protected from attack from etchant. 


After etching (Figure 4.6), the unwanted copper has been dissolved, but 
the copper foil under the etch-resist remains. 


Etch-resist 


Copper left after etching 


Insulating board 


Ficure 4.6 Once the board of Figure 4.5 has been etched, only the copper underneath the etch- 
resistant material remains. 


After removal of the etch-resist, the printed circuit board is ready for 
drilling (Figure 4.7), component insertion (Figure 4.8), soldering (Figure 
4.9), and finally component lead trimming (Figure 4.10). 
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Holes drilled through the board for component leads 


Insulating board 


FIGURE 4.7 Holes are drilled through the board at relevant points, after the etch-resistant material 
has been removed. 


FicuRE 4.8 Component leads are inserted through the drilled holes. 


Component leads 
soldered into positions 


Component 


FicuRE 4.9 Component leads are soldered into position. 
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Component leads 
trimmed 


Insulating board 
Component lead 


Component 


Ficure 4.10 Component leads are trimmed, leaving a neat soldered printed circuit board. 


In summary, the steps to making a printed circuit board are: 
e OBTAIN or design the foil pattern for the circuit 


e APPLY etch-resist to copper clad board in the shape of the 
foil pattern 


e ETCH away the unwanted copper 

e REMOVE the etch-resist and drill the component lead holes 
e INSERT the component leads 

e SOLDER the component leads to the board 


e TRIM the excess component leads. 


Later in this chapter these steps are described in full, and the various 
methods that you can use to create your own printed circuit boards are 
detailed. 
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Other boards 

There's no doubt that printed circuit boards give a much better way to 
build circuits, and it's the way recommended wholeheartedly by this 
book and by anyone else who knows anything about basic electronics 
and who seriously wants to help people like you — the reader — to use 
the best methods. 


However, printed circuit boards aren't the only method of building 
electronic circuits. So, we're going to take a short break from printed 
circuit boards, to look at a couple of other methods. That way, you'll see 
the differences, and see why printed circuit boards are best. 


Matrix board 

Made from a plain board of insulating material, with holes at 0.1 inch 
horizontal and vertical distances, matrix board is merely a way of 
holding components on a board. A plain piece of matrix board is shown 
in Figure 4.11. 


FicuRE 4.11 A plain piece of matrix board. 


As with printed circuit boards, component leads are inserted through the 
holes on matrix board, but there the similarity ends. There is no copper 
on the underside of a matrix board as there is on a printed circuit board, 
so all connections between components must be made by either bending 
component leads to the next component or by adding extra wire to 

do the same. Where component leads or wires join, the joint must be 
soldered. 
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Overall, matrix board is useful for prototyping a simple circuit to make 
sure it works. It can also be useful where the circuit is being designed 

as it’s built — it’s quite easy to add extra components if a change is 
required, and it’s also quite easy to adapt the circuit as you go. Indeed, 
when using matrix board the whole layout is usually designed as you go! 
However, it’s not the ideal construction method for a finished electronic 
circuit as it is hard to replicate, and is tricky to use if the circuit is 
complex. 


Stripboard 

Stripboard is a sort of cross between matrix board and printed circuit 
board, so has advantages from both methods of construction. For a 
start, the underside (shown in Figure 4.12) has strips of copper to make 
connections between components. Also, the board is pre-drilled, with 
holes at 0.1 inch horizontal and vertical distances, just as with matrix 
board. As a result, it’s quite easy to make a simple electronic circuit by 
inserting components, and soldering them in place. Also, as the copper 
strips are pre-defined, and unlike the earlier matrix board construction 
method, it’s perfectly possible to design a layout on paper first, so that 
circuits can be replicated fairly easily. For this reason, stripboard circuit 
layouts are sometimes given in electronics magazines and books, 
particularly for simple circuits. They are not, however, ideal. 


Ficure 4.12 A plain piece of stripboard, showing the strips of copper. Pre-drilled holes in the strips 
mean that component insertion is straightforward, if defined. 
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Hint 
When using stripboard it's often the case that only a couple of holes on a copper strip 
are used to connect components — the rest of the copper strip is then unusable. Also, 


where components like dual-in-line integrated circuits are to be used, the copper strips 
of plain stripboard would directly connect the integrated circuit’s two rows of pins. 


The answer is to cut the copper strip, effectively splitting it into parts. A sharp knife 
such as a craft knife could be used to split the copper strip, but a purpose-made tool 
— the spot-face cutter — is best used. To use the spot-face cutter just position it onto a 
hole in a copper strip, then twist it backwards and forwards two or three times, until 
the copper strip has been cut away (shown in Figure 4.13). 


Figure 4.13 Using a spot-face cutter to split a copper strip on a stripboard. 


There are variants of the plain stripboard, designed particularly 
for integrated circuits, in which the copper strips are organized to 
accommodate the rows of dual-in-line pins common to integrated 
circuits. 


Nevertheless, other than being quite a useful method for the making of 
simple electronic circuits or for prototype circuits, stripboard is still not 
the ideal contructional method. Printed circuit boards remain the best 
method and should be the ideal you strive for. 
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Making your own printed circuit boards 

Many people take advantage of the various printed circuit board services 
that electronics magazines offer, through which they can purchase ready- 
made printed circuit boards from the magazine publisher, complete and 
ready to build their projects onto. If you don't fancy making your own 
boards, these services are ideal. 


Hint: 


When electronics books and magazines give printed circuit boards for projects, they do 
so by printing what is called the foil patterns of the projects. It’s the foil pattern of any 
particular project, of course, which is the shape of the copper to be left on the printed 
circuit board when the excess areas are removed. When you make a project given in 

a book or magazine you have the foil pattern to create the printed circuit board. If you 


want to design and build any other circuit, you must design the foil pattern yourself. 


On the other hand, you may be trying to build a project taken from a 
book (like this one) or — simply — you may like to have a try making 
your own. Making your own printed circuit boards is certainly more 
rewarding than buying them ready-made — but it is a little more 
complex. However, it’s nothing the average newcomer to electronics 
can't handle; as long as you follow the few simple rules which we'll now 
give you. 


Right from the very beginning — the foil pattern 

Let’s assume that you have a circuit, which you may have designed 
yourself or somebody else may have designed it, but you have no printed 
circuit board foil pattern for it. Figure 4.14 is a typical circuit which 

you may recognize as being a multivibrator, and will do nicely for our 
purposes here. 


At this point you need some basic tools — all of which you probably 
have at hand — paper (plain, tracing and graph), a pencil and a rubber, 
and a ruler. You'll also need a selection of one of each type of the 
components in the circuit eg, one resistor, one capacitor, one transistor, 
one integrated circuit etc, or their physical dimensions. This is because 
you need to know how big each component is so that when designing 
the foil pattern you know what distance to leave between component 
lead holes. 
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Ficure 4.14 A simple circuit which we'll use to show how to design your own printed circuit boards. 


Although this may seem daunting at first, don't worry, because if you 
design more than just a couple of foil patterns, you'll begin to remember 
the sizes of all but the most unusual components. Lay everything out on 
a desk or clean workbench. 


Now the difficult bit (not really!): designing the foil pattern. What you 

have to remember here is that the components go into one side of the 

printed circuit board, but the copper foil making the connections is on 
the other side of the board. 


Begin by choosing a component, fairly central to the circuit (we'll choose 
transistor TR1). Now draw its approximate shape (as viewed from above) 
onto a sheet of plain paper, as in Figure 4.15. 


Just as we've done, mark where its connection leads will enter the paper 
‘board’ and label it (TR1 in our example). Also, if it’s anything other than 
a simple resistor or capacitor, you should mark the leads, too (e, b, and c 
if it’s a transistor). 


Now draw a few more components onto the paper, alongside the first, 
similarly marking them as you go (Figure 4.16). Don't be afraid to 
position them close together; a spacing of only 2 mm or so between 
components is normally ideal. 


84 


Printed circuit boards 


Ficure 4.15 First steps: marking the first component onto plain paper. Also mark its leads — as it’s 
a transistor, the leads should be named e, b and c to show the emitter, base and collector. 


Figure 4.16 Add further components to the layout, by marking them on the paper — they can be 
quite close. 


At this stage you may find it helpful to more or less follow the general 
pattern of the circuit diagram when positioning components, although 
this is by no means essential — it’s probably just easier for a newcomer 
to do. 
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When you gain confidence in making printed circuit boards you 
probably won't follow the pattern of the circuit diagram at all — it really 
doesn't matter; as long as the connections follow the circuit diagram, the 
pattern can be like the Union Jack if that's what you want. 


When you have drawn in a few components, begin to pencil in 
“connections” corresponding to the copper track required, as in Figure 
4.17, so that they will be electrically joined by these connections on the 
finished printed circuit board. 


Don't worry if you get stuck, or even make a mistake, that's why you 
have the rubber! Simply rub out the error and start again. 


Ficure 4.17 Connections between component leads should be drawn in now. 


Build up the layout, putting in more and more components, and more 
and more “connections”. 


Remember that the finished printed circuit board will have its foil 
pattern on the other side to its components, so tracks can actually pass 
underneath components, as in Figure 4.18. There is also no reason at all 
why two, or even three, tracks can't pass underneath a component, so 
long as the tracks don't touch each other or touch the component lead 
holes. 


If you were worried about your foil pattern being untidy, now's your 
opportunity to change all that. Place a sheet of tracing paper over a sheet 
of graph paper and tape the two together along the edges. 


Printed circuit boards 


Figure 4.18 As the copper will be on the other side of the board to the components, there's nothing 
to stop you designing the printed circuit board so that copper tracks actually run beneath components. 


Using the graph paper grid to align your components and connections 
accurately, redraw the layout on the tracing paper. This time, however, 
use two different colours of pencil, say, red for the component shapes 
and black for the connections. In this way you can instantly tell which is 
the ‘top’ and which is the ‘bottom’ of the board. The graph paper allows 
you to accurately get the sizes of components right, and position them 
as they will be on the final printed circuit board. Check, as you redraw 
the foil pattern, that it is correct with regard to the circuit diagram, and 
check you've remembered all components and got their polarities right. 


And that’s it! You’ve designed your own foil pattern. 


You should now detach the tracing paper from the graph paper and keep 
it safely. 


Pattern pending 
This is the section which tells you how to transfer your pattern onto the 
copper-clad board, ready for etching. 


As we saw before, the foil pattern must be put onto the board using 
etch-resistant materials. The form of this resist may be one of many: the 
simplest (and definitely the cheapest) can be ordinary household enamel 
or gloss paint, applied with a fine brush (messy); the most complex is 
photographic resist, developed on the circuit board much like your 
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summer holiday piccies are developed on film and photographic paper 
(assuming you've not got a digital camera, of course). The one you use 
will depend on how much you're prepared to pay. 


You can expect to pay about (gulp) £100 for a basic photographic 
system; this will let you make really ace printed circuit boards, but 

it won't do your pocket a lot of good — it's the sort of system which 

is likely to be used by schools and colleges where large numbers of 
one-off printed circuit boards are needed, so ask there first to see if they 
wouldn't mind you using theirs occasionally. 


If you haven't got that sort of free cash around and can’t find anyone 
willing to let you use their photographic system (ooh, the meanies) then 
you'll have to make do with a cheaper method. 


Let's run through some of the methods now, so at least you know what 
the choice is. 


Paint 

The cheapest method of transferring your foil pattern onto the board 

is to use paint and a fine paint brush to hand-paint all the tracks and 
component holes. This is extremely messy, however, but will work quite 
well indeed, if a little care is taken. 


A variant of this method is probably better though, where clear self- 
adhesive plastic has the image of the track pattern cut out of it (before 
the paper backing has been peeled off). The straight tracks can be cut 
out first, using a sharp craft knife and straight-edge, then the component 
holes can be punched out with a punching tool. 


When the foil pattern is complete, you can peel off the paper backing 
and stick the plastic to the copper-clad board. 


Now you effectively have a stencil, exactly the shape of your required 
foil pattern. There’s no need to use a fine paint brush now; just paint over 
the whole plastic sheet with a much broader brush. After you’ve done 
that, carefully peel off the plastic and you’re left with the foil pattern of 
painted resist. 


Clever, eh? 


Ink 
Pens are available (ask at your local electronics store) which are loaded 
with special ink, resistant to the circuit board etchant. 


Printed circuit boards 


With these pens it is quite an easy job (shown in Figure 4.19) to draw 
the foil pattern directly onto the copper-clad board. You won't make a 
perfectly neat printed circuit board using this method, but it does allow 
a quick and easy route to a semi-acceptable finished job. Final quality, 
however, depends totally on your artistic talent (or, at least, how steady 
your hand is!). 


Ficure 4.19 Drawing copper foil pattern directly onto the copper surface of a copper-clad board 
using an etch-resistant ink pen. 


Hint: 


In all these manual methods of applying resist it’s sometimes a bit tricky 
to estimate where on the copper board the component leads go, before 
filling in the connecting etch-resistant bits. A useful trick is to put your 
tracing paper copy of the foil pattern upside-down onto the copper (the 
pencilled connections are to go on the bottom of the board, remember), 
and using a sharp pointed instrument such as a scriber or a compass 
point, prick through the tracing paper into the copper at every 
component hole location. 


When you remove the tracing paper you will find a network of little 
holes, corresponding to each component lead hole. 


Now you can put on the resist (whichever method you choose) knowing 
where the positions are. 
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Transfers 


Probably the best method of printed circuit board manufacture for the 
amateur is shown in Figure 4.20, where you can see that rub-down 
transfers are being used as resist, for component holes. You can buy 
transfers for all kinds of shaped holes, too — for integrated circuits, or 
edge connectors, or even specially shaped ones for transistors. 
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FicuRE 4.20  Rub-down transfers of all component shapes and sizes make an effective method of 
applying etch-resist. 


When all the component locations are done, the connections can be 
made using straight-lined, or curved transfers, until the resist on the 
copper has the same shape as your foil pattern drawing. 


Hint 
A word of caution here: be extremely careful as you 
do this job, because any small cracks or breaks in the 


transfer resist will mean that a corresponding crack 


or break will occur in the copper when the board is 
etched. 


Printed circuit boards 


> FYI < 
You don’t have to stick to just one manual Hint 
method of resist application. It’s perfectly 
possible to combine two or more of these If you make any mistakes at this stage 
methods to good effect. For instance, you they can be removed using the corner of a 
can use rub-down transfers to apply the small piece of sticky tape — but once you 
component lead positions (particularly have etched the board your mistakes are 


useful for integrated circuit positions) but 
use a resist pen, or paintbrush and paint, 
to make the other connections. 


permanent. 


One minor variant also in this method is to substitute reels of special, 
thin, self-adhesive tape for these straight-lined or curved rub-down 
transfers, as the tape can be stuck to the copper surface in either straight 
lines or formed quite easily around curves as you stick it down. For 
obvious reasons, this is often referred to as the ‘dots-and-tape’ method of 
making printed circuit boards. 


Photographic method 
Using the photographic method, the highest quality printed circuit 
boards can be made. 


What's more, as it is a photographic method, you can make more than 
one printed circuit board from it (just as you can get reprints of your 
holiday snaps). 


Firstly you need a full-sized master copy of the foil pattern, on film. There 
are two methods here: where the master copy is a negative (as from a 
camera film); or where it is a positive. Both methods are used in printed 
circuit board making, but the positive method is the most popular, for 

no other reason than because it’s easier to make a positive master than a 
negative one, so we'll stick with that one. 


Hint: 


You can make a positive master from your foil pattern by laying a 
sheet of acrylic film (which you can get from drawing-office suppliers) 


over the tracing paper or magazine foil pattern. 


Now, using the rub-down transfer or dots and tape method described 
earlier, make up the foil pattern directly onto the acrylic film. When 
complete, this film is your master copy — so keep it safe! 
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> FYI < 


If your foil pattern is taken from a 
magazine or book, and you have a 
computer with a scanner and printer, 
you can make your master copy a 
little more accurately. Simply scan in 
the magazine foil pattern, then print it 
onto some acetate film. You'll need to 
check that the output size is the same 
as the source foil pattern and adjust 
as necessary. Note that some printers 


Hint 


If you are creating your own printed circuit 
board foil patterns for your own circuits, and 
you have a computer, then it might be worth 
looking at one or more of the many available 
programs for printed circuit layout. While 


these aren’t always the easiest programs to 
use, they can give very good results, and 
if you intend making several printed circuit 


aren't capable of printing onto acetate 
film, however. Later there is more 
information about using computers to 
aid electronics construction. 


boards over the years, they are often worth 
the learning curve you have to climb. See 
later for details. 


Resist-coated copper-clad board 

The copper-clad circuit board you need now is not just ordinary board, 
but has a thin layer of photographic resist (sometimes shortened to 
photo-resist) over the copper, as illustrated in Figure 4.21, which — just 
like camera film — needs to be exposed to light. You can't just expose it 
to any old light, as you do with your camera film, though. 


The only type of light which will affect the photo-resist is ultra-violet 
(UV) light. 


Special light boxes (one is shown in Figure 4.22) are obtainable (it’s 
these light boxes which cause this method to be expensive — they cost 
upwards of £80) in which the photo-resist coated board and the master 
foil pattern are placed, to expose the board, as illustrated in Figure 4.23. 


Layer of photo-resist 


Copper 


Insulating board 


Ficure 4.21  Photo-resist coated copper-clad board. 
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> FYI < 


UV light is harmful to the 
human eye, in quantity, so 
these light boxes typically have 
a lightproof seal, although the 
power of radiation emitted by 
the internal UV tubes is not 
high anyway. 


Ficure 4.22 An ultra-violet light box. 


UV light 


Photo-resist 


Copper 


Insulating board 


Ficure 4.23 Exposing the photo-resist coated copper-clad board. 


You must make sure that your foil pattern is the right way up here, 
because if it isn't your printed circuit board’s track will be ‘upside-down 
or mirror-image, and the printed circuit board will be unusable! 


/ 


After exposing the board through the master foil pattern, for the correct 

time (which depends on the strength of the UV tubes and the thickness 

of the layer of photo-resist, but is usually around five minutes or so), the 
board must now be developed. 


The actual developing chemical depends on the photo-resist but is 
often a water solution of sodium hydroxide, and the exposed board is 
simply washed in a bath of it, as shown in Figure 4.24. As shown, the 
developing solution can easily be contained in a photographic-type 
developing tray, as it’s not particularly hazardous. 
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FicuRE 4.24 Developing an exposed, photo-resist coated, copper-clad board. 


During development, the exposed areas of the board ie, the parts where 
no component holes or track connections were, soften and wash away. 
Meanwhile, the non-exposed areas corresponding to the foil pattern itself 
harden and remain in place, leaving the copper-clad board, complete 
with printed foil pattern. 


Hint: 


At this point in making a printed circuit board, it’s always useful to check the foil pat- 
tern (which should be totally covered in etch-resist) to make sure that no breaks in 
coverage occur. If so, use a printed circuit board pen to patch broken areas. 


Ficure 4.25 Touching up etch-resist with a printed circuit board pen. 
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If you wish to make more than one printed circuit board, you can use 
the acrylic film master foil pattern over and over again to expose other 
pieces of photo-resist coated board. 


Using computers 

The design of a printed circuit board copper foil track layout, and the 
later production of the printed circuit board from that copper foil are 
areas of electronics where accuracy is important. They are, indeed, 
almost sciences, rather than arts, although it can often help to have a 
steady hand. 


As such, copper foil track layout is one particular area (there are others, 
some of which we'll see in this and other chapters) in electronics where 
computers can be put to good use, and there are several programs 

that can do this for us. Many of these programs form part of expensive 
industrial packages that take control of electronic device manufacture 
from initial marketing brief to late production stages. These packages are, 
needless to say, very expensive, and far more complex than we need to 
consider in this book. 


On the other hand, there are several programs that are considerably 
cheaper than this, and even some that cost nothing at all to individuals. 


Figure 4.26 shows a program called Crocodile Technology, which is an 
electronics simulator that allows us to build theoretical electronic circuits 
up on computer screen, testing them for function as required. 


Ficure 4.26 Crocodile Technology — an electronics simulator (available for Windows and Mac 
OS) that allows us to develop and construct circuits, on computer screen (Crocodile Clips). 
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By itself, Crocodile Technology doesn't aid us in producing copper foil 
track layouts for a printed circuit board, until it is used with a sister 
computer program called realPCB, which does just that — producing 
printed circuit board copper foil track layouts from the simulated circuits 
within Crocodile Technology. Figure 4.27 shows a portion of a printed 
circuit board layout produced using realPCB. 
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Figure 4.27 Part of a printed circuit board layout created using realPCB (Crocodile Clips). 


While Crocodile Technology is available for Mac OS computer users, 
realPCB isn’t available in Mac OS format. However, there are many 
alternatives for Mac users, one of which — Osmond — is a free program 
ideally suited for printed circuit board copper foil track layout. 


Figure 4.28 shows a printed circuit board produced using Osmond 
— actually, the Bench Power Supply project's printed circuit board, in 
Chapter 8. 


Programs such as realPCB and Osmond feature libraries of components, 
so that creating a printed circuit board layout is really just a matter of 
defining which components you want to use, then effectively joining the 
dots. 


Printed circuit boards 
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Ficure 4.28 The Bench Power Supply copper foil track layout (see Chapter 8 for project details), 
produced using Osmond. 


From screen to board 

Producing a copper foil track layout on computer is one thing — but 
using that layout to make the actual printed circuit board is another! 
However, it is another area where computers can be helpful. As the 
computer can output to a printer, and as any printed circuit board layout 
program worth its salt can print its design, there are several ways that 
the computer can help us transfer the layout design onto the copper of 
copper-clad board, ready for etching. 


Photographically 

If you intend to use the photographic method detailed earlier, then it’s a 
relatively simple process of printing the computerized copper foil track 
layout to film, ready for combination of the film with photographic resist- 
coated printed circuit board and an ultra-violet light box. 


Purpose-produced translucent acetate sheet films are available for both 
laser and ink-jet printers (LaserStar for laser printers, JetStar for ink-jet 
printers). Figure 4.29 shows such a film that has been printed directly 
from a computer to a laser printer. 
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Ficure 4.29 A printed circuit board design printed using a laser printer, on LaserStar translucent 
acetate sheet. JetStar sheets are used with ink-jet printers. 


These translucent sheets are transparent to ultra-violet light (so are ideal 
for the purpose of ultra-violet light box exposure), but allow solid and 
dense areas representing the copper foil. Figure 4.30 shows the printed 
circuit board design of Figure 4.29 being used with an ultra-violet light 
box and photographic resist-coated printed circuit board. 


Ficure 4.30 Placing the LaserStar film and photographic resist-coated printed circuit board into 
an ultra-violet light box, ready for exposure. 


Printed circuit boards 


Printed circuit boards of the highest quality can be made using this 
method, direct from a computer. 


Non-photographically 

If you don't have access to the ultra-violet light box photographic method 
of making printed circuit boards, there is an excellent alternative. Like 
the photographic method, it comes in the form of a specially-formulated 
acetate film that can be used with a printer (there is, though, only one 
type, that must be used only with a laser printer — it will not work with 
an ink-jet printer). The method is called Press-n-Peel, for reasons which 
will become clear. 


The system is very easy to use, albeit a little tricky, and may take a few 
practice runs to get right. 


First, print the printed circuit board copper foil track layout design, from 
whichever computer program you use, onto a Press-n-Peel sheet in a 
laser printer. Next, invert the sheet and place it onto the copper side 

of a piece of ordinary (ie, non photographic resist-coated) copper-clad 
printed circuit board, as shown in Figure 4.31. 


Ficure 4.31 Lay the Press-n-Peel sheet over the plain copper surface of the copper-clad board. 


Next, lay a piece of plain paper over the top. Using a hot iron, press onto 
the paper to transfer the copper foil track layout image from the Press- 
n-Peel sheet onto the printed circuit board copper surface, as shown in 
Figure 4.32. 
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Ficure 4.32 Using an iron to transfer the image from a printed Press-n-Peel sheet onto the copper 
surface of plain copper-clad printed circuit board. 


The iron must be hot (275-325*F) and you must keep it moving at all 
times to prevent the sheet melting. 


After a short while, remove the iron and paper, then cool the printed 
circuit board and Press-n-Peel sheet under running, cold water. When 
the board is cold, peel off the Press-n-Peel sheet (Figure 4.33). 


—_ 


FicuRE 4.33 Peeling off the Press-n-Peel sheet, following ironing and cooling. 
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Come up and see my etchings... 
Finally, it only remains (did that man say only?) to etch the board and it's 
then ready for drilling and component insertion. 


The etchant used to etch printed circuit boards is not actually an acid 
as you might expect, but ferric chloride — a horribly messy fluid — but 
it does its job well. Most local electronic stores will sell it bagged as 
crystals or granules and you simply mix them with water to give an 
etchant solution. A note of caution before you touch this stuff however: 
it is a very dangerous fluid and a strong solution of it will merrily eat its 
way through your clothes, the carpet, or even the stainless steel kitchen 
sink. So, please be careful and don't say | didn’t warn you. 


The etching process takes place more rapidly when the ferric chloride 
solution is warm and constantly moving, and for this reason you can buy 
specially built containers called etching baths to hold the solution. These 
etching baths are fitted with heaters to maintain a high temperature, and 
with agitators to keep the solution moving (vital to stop the build-up 

of copper oxide on the surface of the copper, which prevents further 
etching). Some top-of-the-range etching baths use a spray technique to 
maintain a high level of agitation — an etching machine of this type 
(which can actually be used with developer, too) is shown in Figure 4.34. 


> FYI < 


While historically ferric chloride has 
always been the etchant of choice 
in printed circuit board making, 
there are alternatives. While being 
somewhat less corrosive and 
nasty to use, these alternatives do 
tend to be a lot more expensive 
than ferric chloride however. 


Ficure 4.34 The Rota-Spray etching/developing machine (Mega Electronics UK). 
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After etching a number of printed circuit boards, the etchant will become 
exhausted and require renewal. You will notice this as a gradual increase 
in the time it takes to etch. When new, etchant may take only five or 

six minutes to etch a printed circuit board (particularly if the etchant is 
heated), whereas at the end of its working life etchant may take twenty 
minutes or more to do the job. The number of printed circuit boards a 
batch of etchant will successfully etch depends on the size of the printed 
circuit board and the area of copper foil to be etched, but you should 
realistically expect to be able to etch twenty or more printed circuit 
boards per batch. 


Hint 


Etching baths complete with heaters and agitators are (you guessed it!) expensive, but 


there’s nothing to stop an enterprising reader making one, from nothing more compli- 
cated than a plastic container, aquarium heater, and a toy motor with plastic propellor. 
Just make sure that nothing metal is inserted into the etchant — for obvious reasons! 


At the other end of the scale, a plastic photographic-type developing tray 
or similar can be adequately used as a makeshift etching bath, to hold 
the ferric chloride during etching, as shown in Figure 4.35. But as you'll 
have to keep rocking the bath gently, to agitate the etchant over the 
printed circuit board, this method is fraught with hazards — it’s all too 
easy to splash some of the etchant. 


Figure 4.35 A makeshift etchant bath — an old ice-cream container, in which the etchant is 
manually agitated by rocking the tray gently. A good excuse to have some ice-cream! 
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However you choose to do this job, it’s wise to wear old clothes or 
overalls, and do the job outside, or at least in an uncarpeted workshop. 
Also, wear rubber gloves because it can do some pretty ghastly things to 
fingers — it'll certainly stop anyone’s nail-biting problem, as it'll leave no 
nails at all to bite! 


After etching, wash the board thoroughly in water to get rid of all traces 
of the etchant. Also, make sure that any etching solution has been either 
washed away or properly returned to its lidded container, and is not left 
where anyone (or even your cat, for that matter) can accidentally spill it. 


Drilling for oil 

Now is the point where all the component holes in the printed circuit 
board should be drilled so that components can be inserted and 
soldered. You can do this with a hand drill, or even a standard electric 
drill, but neither of these are particularly accurate and so may be the 
cause of irregular or misshapen holes. 


A far better type of drill is the hand-held electric rotary tool commonly 
found in DIY and hardware stores. Being of quite high speed and easy to 
use they can make an excellent job. 


Follow standard drilling practice when drilling a printed circuit board — 
put a block of wood under the printed circuit board as shown in Figure 
4.36, so that you drill through the printed circuit board into the wood. 
This helps prevent the drill tip breaking roughly through the printed 
circuit board, and also helps prevent any damage to the worksurface. 


> FYI < 


Make sure the drill bit (of 
whatever size you use) is 
perfectly sharp. A blunt 
drill increases drilling time, 
overworks your hand-held 
drill, and creates holes 
with burrs. 


Ficure 4.36  Hand-drilling a printed circuit board — rest the printed circuit board to be drilled on a 
block of wood. Hold the drill upright. 
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Irresistible 

At this point, the etched and drilled board still has a coating of resist 
over the copper tracks of the foil pattern. Depending on your method 
of making the printed circuit board, you need to remove this resist prior 
to inserting the components and soldering. Resist removal can be done 
chemically using a solvent as shown in Figure 4.37. 


Ficure 4.37 Removing etch-resist with a chemical. 


Hint: 


Some types of photo-resist coated boards actually 
allow soldering direct to the resist — in fact, the 


resist acts as a solder flux. If the resist-coated board 
you buy has such a resist, there is no requirement 
— other than personal preference — to remove it. 


Such solvents are not cheap, so you can choose to remove the resist 
mechanically using an abrasive removal block (Figure 4.38) which 

you rub over the copper track to take off the resist. An alternative to a 
removal block is the fibreglass propelling pencil-type of abrasive cleaner, 
shown in Figure 4.39. 
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Ficure 4.38 Removing resist using an abrasive block. 


Figure 4.39 An abrasive cleaner in the form of a fibreglass propelling pencil-type of holder can 
also be used to remove resist. 


Component insertion 

As a rule of thumb, components should be inserted and soldered 
according to whether they can be damaged by heat. So, passive 
components like resistors and capacitors should be inserted and soldered 
first, leaving active components like integrated circuits until later. 
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Insert and solder only a few components at a time — no more than three 
or four at once for example. This means that components are less likely 
to slip out of their positions before solder is applied. 


Once soldered into positions, trim all leads close to the soldered joint 
as shown in Figure 4.40. This prevents short circuits occurring between 
component leads. 


> FYI < 


The process of inserting 
components into a 
printed circuit board is 
often — particularly 
in industrial electronics 
manufacturing — called 
(for fairly obvious 
reasons) stuffing. 


FicuRE 4.40 Trim all component leads down after soldering. Use your side-cutters for this task. 


Soldering 

Soldering of components into a printed circuit board is actually quite an 
easy job, but there is a bit of a technique to it, and you need to be aware 
of the problems that incorrect soldering can create. Chapter 5 covers 
soldering in depth. 
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The single most important process in electronics is soldering. It is 
— quite literally — the glue that holds all other processes together. 


Soldering is the main means of: 


e HOLDING components in their positions 
on the printed circuit board 


e CONNECTING components to other 
components in the circuit. 


What is solder? 


Solder is a metallic compound which possesses a relatively low melting 
point. It has been used to join metals for thousands of years, since 
Roman times at least. Historically, one of the main constituents of solder 
has been lead. Indeed, the Latin name of lead — plumbum — gives a 
clue to one of solder's main uses, in plumbing, to join water pipes and 
fitments. 


In electronics, solder’s main use is to join component leads to printed 
circuit boards, in what is called a soldered joint — occurring between 
the component lead and the copper foil track of the printed circuit 
board. The copper foil track in turn allows that soldered joint to connect 
to other soldered joints (also formed by other component leads and the 
copper track), so that the complete electronic circuit can be made up 
on the printed circuit board. As a by-product, the rigidity of the soldered 
joints making up the circuit means that all components are also held 
securely in place. 
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The components of solder 

Except in its very earliest uses, when pure lead was used, solder has 
always been a mixture of two or more substances. The Romans are 
known to have used a tin/lead alloy to joint lead water pipes. This is 
mainly because a tin/lead alloy has a lower melting point than lead itself. 
For example, pure lead has a melting point of 327°C, whereas an alloy of 
62% tin and 38% lead has a melting point of 183°C — so it's possible to 
joint lead pipes, without actually melting the pipes themselves. 


As soldering has evolved, and the uses to which it is put have changed, 
different solder alloys have been created for different purposes. In fact, 
soldering is still evolving — and is actually in the middle of quite a large 
evolutionary step — as we shall see here. 


The 62% tin/38% lead solder alloy mentioned already, is known as 
the eutectic composition, and the melting point of 183°C (the lowest 
melting point of any tin/lead solder alloy) is correspondingly known as 
the eutectic point. It’s not hard to understand that — purely in terms of 
soldering component leads to printed circuit board copper foil tracks 
in electronics — this has inevitably been viewed historically as a very 
useful, if not the ideal solder alloy. 


However, times are changing. For a start, the world’s resource of tin is 
depleting rapidly — only around 50 years” worth at current usage rates 

is left! More important though, is that lead is not exactly viewed as a 

safe substance, being a toxic, poisonous metal. For this toxicity reason, 
the world's electronics industry — along with other industries that 
currently use lead — is undergoing a revolution at present, to completely 
and permanently eliminate the use of lead in any of its processes and 
components. 


Several new solder alloys have been developed to replace the old 
tin/lead alloys, in which various other elements — silver, bismuth, zinc, 
copper — have all been used with tin to form these new lead-free solder 
alloys. 


While being inherently safer to both us and the environment, these 
lead-free solders all have a major disadvantage practically over the old 
tin/lead alloys in that the new alloys have higher melting points (around 
30-40” higher!). This means that their very use may harm the electronic 
components being soldered, and they can be more difficult to use in 
general. Nevertheless, the electronics industry aims to be lead-free by 
2006. 
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Effects of lead-free solder on us 

The use of lead-free solder is mirrored in the non-industrial areas of 
electronics that readers of this book will be most interested in — in 
the home, school, college or university. Already lead-free solders are 
available off-the-shelf for personal use, and we can expect that tin/lead 
solders will be unavailable very much sooner rather than a little later. 


The good soldered joint 

Whatever the actual solder alloy used, the principles of making a 
soldered joint are the same. Solder is applied to a heated area of metal, 
whereupon the solder alloy melts and wets the metal to form a joint. 
Note that the term wet is used, and in some respects means much the 
same as a liquid such as water wetting a surface — it flows over the 
surface. 


Wetting in soldering terms, on the other hand — unlike water wetting 
a surface — is a process where the solder comes into direct metallic 
contact with the metals to be soldered together into the joint. At the 
junction between the solder and the metal, a specific compound of 
both the solder and the metal is formed — known as an intermetallic 
compound — and occurs in a very thin layer between the two. 
Sometimes, the bond at that point is called the intermetallic bond. 
Interestingly, once this intermetallic compound between solder and 
metal has been created, it cannot be removed — you cannot remove 
solder from metal once it has been wetted! 


Figure 5.1 shows a cross-section of a soldered joint, illustrating the 
main details. Figure 5.2 shows a micro-section of an actual soldered 
joint, in which can be seen the solder, the metal — copper — and the 
intermetallic compound layer between the two. 


Solder 


> FYI < 


Note that we are talking about 
soldering joints with copper. 
Don't even think about 
trying to solder to aluminium 
— it just won't work — if you 
need to make an electrical 
connection to aluminium, do it 
with a nut and bolt! 


intermetallic compound layer 
Insulating board 


Ficure 5.1 Wetting takes place when solder comes into intimate contact with the surface metal, to 
form an intermetallic compound at the junction between solder and metal. 
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Figure 5.2  Micro-section through an actual soldered joint, where the intermetallic compound layer 
between solder on top and copper beneath is clearly visible. 


The bad soldered joint 

The condition for a good soldered joint to take place — illustrated 
previously in Figure 5.1 and shown photographically in Figure 5.2 

— is that solder comes into contact with metal to wet it. Anything that 
prevents solder from coming into contact with metal, therefore, can work 
to prevent a good soldered joint from taking place. 


The converse of the good soldered joint is one where the solder does not 
wet the joint, so does not come into contact with the metal. Such a bad 
soldered joint is shown in Figure 5.3. 


> FYI < 


Many conditions can occur that 
create a bad soldered joint, 
and there are many types of 
bad soldered joints, so it is not 
always easy to specify exactly 
what has gone wrong in the 
soldering process. However, the 
usual problem is that the metal 
surface is not clean. Any number 
of contaminants may prevent a 
good soldered joint from taking 
place — dirt, grease, metal oxide, 
being the main ones. 


Solder 


Insulating board 


FicurE5.3 A bad soldered joint — where a layer of metal oxide on the surface of the metal has 
prevented wetting of the solder to the metal taking place. 


110 


Soldering 


In practice, there are several levels of wetting which do not make a 
good joint, and these are worth considering as they give a clue as to the 
problems that we can experience in soldering electronic circuits. 


All the various levels of wetting are described underneath, and Figure 5.4 
shows the main levels by way of visual comparison. 


e NON-WETTING. Pretty obvious to the eye — solder does not flow on 
to the metal at all. It will not adhere to the printed circuit board’s copper foil 
track at all. A circuit built with no-wet joints will probably not work at all 


e PARTIAL WETTING. While not flowing and completely wetting the metal 
surface, a partially wet joint will appear to be solid. However, it is unreliable, 
and may easily break off with time or vibration. Interestingly, the circuit itself 
may work initially when partially wet joints are present, but may not work for 
more than a short time 


e DE-WETTING. such joints may appear to have been created properly, 
but in the cooling phase after heat has been removed, the solder retracts 
— often leaving small solder balls around the joint. As in partial wetting, the 
joint may initially cause a circuit to work, but will break down fairly quickly 


e TOTAL WETTING. Gives good joints, of course, which will create circuits 
that work and continue to do so. Note the difference between totally wet 
joints, and all the other wetting variants. A totally wet joint is concave in ap- 
pearance (and will actually be quite shiny to the naked eye). All other wetting 
variants of joints will be convex (if not rounded) and may be dull in appear- 
ance to the naked eye. 


Hint: 


As you can see here, one of the main causes (if not the main cause) of faults in 
electronic circuits, is bad soldering. Therefore, it makes sense to be able to solder well. 
Practise it before you attempt to build an electronic circuit till you are able to make 


good joints every time. Don’t bother using printed circuit boards for this, instead use a 
few bits of stripboard (see page 81 for details) — even just a couple of boards give you 

many holes and copper strips to practise with. By the time you’ve soldered a couple of 
handfuls of components and a few short lengths of lead to the stripboards, you'll be a 

past master at the art of soldering! 
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Solder 
(a) 

Copper 
(b) 
(c) 
(d) 


Ficure 5.4 Four extremes of soldered joint: (a) non-wetting; (b) partial wetting; (c) de-wetting; 
(d) total wetting. 


Flux 

As we've seen, it’s essential that the metal to be soldered is clean. The 
problem is that copper, the metal used to make copper-clad printed 
circuit boards that we use in electronics, oxidizes. A minutely thin 
surface layer of copper oxide forms on top of the copper-clad layer of 
the printed circuit board that makes up the copper foil track pattern very 
rapidly. So no matter how we clean the copper surface, the oxide layer 
builds up before we can get a soldering iron to it. And copper oxide 
cannot be soldered! 


Further, every time a printed circuit board is handled it picks up dirt and 
grease, both of which work to prevent solder from wetting the board's 
copper track. 


The key to making sure that the copper is returned to pristine condition 
in order that solder can wet it is a substance called flux. 


Fluxes are chemically active — that is, they work on the surface 
contaminants (copper oxide, dirt, grease) on the copper track of the 
printed circuit board to dissolve them. This occurs when the copper is 
heated by a soldering iron, in the first stage of the soldering process. 
Once the copper surface is clean, solder can be applied. 
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> FYI < 


There are many types of flux, judged 
usually by the level of chemical activity 
they have. Generally, the fluxes used 
in the solder used for hand soldering 
are of low activity. They are typically 
made by distilling the sap (or resin) 
from pine trees. The residue is then 
dissolved in a solvent, making it easier 


to apply. 


At first sight, it might seem that co-ordinating all this (heating the copper, 
applying the flux, waiting till the copper is clean, applying the solder) is 
a tricky matter, best left to the professionals and their industrial soldering 
processes. However, the real trick is that it can all be done by hand in 

a single smooth process by anyone, as long as a few simple steps are 
followed. 


Key to the whole process is that modern solder, used to solder printed 
circuit boards by hand, already contains the flux needed to clean each 
joint to be soldered. 


The solder used has cores (usually four or six) throughout its length 
which are filled with flux — as illustrated in Figure 5.5. Diameter of the 
whole flux-cored solder lead is usually around 1 to 2mm. 


Core of flux within solder 


Solder reel 


Ficure 5.5 Cored solder, obtained in reels, appearing much like thin flexible wire. Flux is present in 
cores within the solder. 
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So how does it work? After all, having the flux inside the solder like this 
means that the flux is presented to the joint to be soldered at the same 
time as the solder is, rather than before it — which would suggest it has 
no time to clean the joint. However, the flux has a much lower melting 
point than the solder has, so the flux melts and flows onto the joint 

first. It therefore has the time to coat the metal surfaces of the joint and 
clean them, before the solder melts and flows over the joint to make the 
soldered joint, as shown in Figure 5.6. 


Soldering iron bit tip 
heats up all parts of 
the joint 


Solder is applied to 
the pre-heated joint 


m Pr 7 1| 7 


Flux flows, cleaning 
pre-heated joint 


Ficure 5.6 The main stages of hand soldering a joint: (a) the soldering iron is applied to the joint, 
to heat it; (b) while maintaining the soldering iron's position, cored solder is applied to the joint; (c) flux 
melts quickly and flows from the cored solder onto the joint’s metal surfaces, to clean them and protect 
them; (d) the solder melts, and flows over the joint’s metal surfaces. 


> FYI A Take Note 
This whole process, from first applying : 
the soldering iron to the solder flowing Throughout this chapter we look at processes 
over the joint surfaces, takes only a few involved in soldering various joints on printed 
seconds (depending mainly on the size of circuit boards (ie, those circuit boards made 
the joint and how powerful the soldering from copper-clad board, with copper foil 
iron is). If a joint takes longer than just tracks). The processes — however — are 


a few seconds to make, there's a good actually identical whatever sort of circuit 
chance the soldering iron isn’t powertul 


enough. 


boards you use. 
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Key points when soldering 
Being able to use a soldering iron isn’t the only thing you need to know 
when soldering. The whole process depends on several aspects: 


When soldering 


e GLEAN all parts — copper printed 
circuit board track, component leads, 
soldering iron bit — before soldering 


e MAKE a reliable mechanical joint 
— before soldering 


e HEAT the joint sufficiently — before 
applying solder 


e APPLY the solder — keeping the 
soldering iron on the joint while the 
solder melts 


e REMOVE the soldering iron and allow 
the solder to solidify — before handling 
or moving the joint 


e TRIM the excess component lead from 
the joint, once the joint has solidified and 
cooled sufficiently to allow handling. 


We should now consider these six aspects in detail. 


Cleaning all parts 

We already know that flux is used automatically when soldering using 
cored solder to help clean the joint surfaces, as part of the soldering 
process. However, flux can only remove so much oxide, grease or 

dirt. It's best to improve your chances of making a good solder joint by 
manually cleaning the joint surfaces first. Use an abrasive fibreglass 
pencil (as shown in Figure 5.7), or an abrasive scrubbing block (as shown 
in Figure 5.8), rubbing them over both copper track and component 
leads to minimize dirt and grease. 
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Ficure 5.7 Cleaning copper track of a printed circuit board, using an abrasive fibreglass pencil 
— simply rub the pencil over the track, particularly over the component land areas to clean it. Brush 
aside the fibreglass residues before commencing soldering. 


Ficure 5.8 Using an abrasive scrubbing block to make sure a component's leads are clean, prior to 
soldering. 


It’s vitally important that the soldering iron bit tip be kept clean too, and 
the best way to do this is to tin it. Tinning is a process whereby fresh 
solder is regularly melted on to the heated bit tip, so that the tip remains 
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coated with fresh solder. As flux-cored solder should be used, just as 
when soldering the actual joint, the flux within the cores cleans the tip 
simultaneously. 


The process is a two-stage one: first wipe old excess solder off the 
soldering iron bit tip, then tin the tip by applying fresh solder. Figure 5.9 
shows a wet sponge being used to wipe the soldering iron bit tip on. 

An alternative is shown in Figure 5.10, where a tip cleaning and tinning 
block is being used. 


Hint 


If you have bought yourself a new soldering iron and are 
preparing to tin it, you will find that when you first plug the 
soldering in to turn it on, smoke will be created and given 
off from the bit tip: this is because the bit is coated with a 
grease substance to prevent it oxidizing. This is useful, but 
also means that as the bit heats and burns off the grease, 
oxide very quickly forms, making the tip unusable. To pre- 
vent this, tin the bit tip as shown in Figure 5.1 immediately 
as it heats. 


O. 


FicuRE 5.9 Cleaning a soldering iron bit tip using a wet sponge. Simply wipe the tip over the sponge 


surface. 
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Figure 5.10 Using a tip cleaning and tinning block to clean a soldering iron bit tip — just wipe the tip 
over the block. 


Immediately following removal of old excess solder, apply fresh solder to 
the soldering iron bit tip, as shown in Figure 5.11. Just a small amount of 
solder is all that's necessary to keep the tip in err... tip-top condition. 


FicuRE 5.14 Tinning a soldering iron bit tip. Once the soldering iron bit tip has been cleaned as 
shown in either Figure 5.9 or Figure 5.10, quickly tin it using a small amount of ordinary flux-cored 
solder. The tip will have a shiny appearance if tinned properly. 
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Hint 


Get into the habit of tinning the soldering iron bit 


tip every few minutes while it is on, to maintain it 
in peak condition and ready to solder joints. 


Making a reliable joint 

Components must not move while you are soldering a joint, otherwise 
the joint may be faulty. As a general rule, it’s best to fix the components 
in place mechanically somehow before soldering. With axial- or radial- 
leaded components such as resistors and capacitors, the easiest way to 
do this is to bend the leads slightly after insertion into the printed circuit 
board, as shown in Figure 5.12. As a guide, the angle of the bend doesn't 
need to be (and shouldn't be) any more than just a few degrees — bend 
the leads only as far as necessary to hold the component in place. 


Bend leads to hold 
component in position prior 
to soldering 


/ 


Insulating board 
Component lead 
Component 


Ficure 5.12 After inserting a component into the printed circuit board, bend its leads slightly to hold 
it in place ready for soldering. 


Take Note 


If you insert more than one component into a printed circuit board at a time before 
soldering, and bend their leads outwards to prevent them falling out, be careful that 


when you solder their joints solder doesn’t bridge between them, as shown in Figure 
5.13. When angled leads like this are soldered, the joint contains much more solder 
than a lead which is perpendicular to the printed circuit board. 
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Leads of adjacent 
ts bend 
towards each other 


Solder can bridge between adjacent 
components, causing short circuits 


Figure 5.13 Showing how solder can easily bridge between joints if angled component leads are 
used to hold components in place prior to soldering — take care when using this method to prevent such 
short circuits. 


Heat the joint 

For successful soldering, the metals to form the soldered joint should be 
pre-heated. Pre-heating is easily accomplished — apply the soldering 
iron bit tip to the joint — touching both the copper track and the 
component lead, as shown in Figure 5.14. The time you should pre-heat 
the joint depends on the size of metal to be heated and the power of the 
soldering iron, but generally this will be for no more than a few seconds 
— between about two and eight seconds, say. You will learn to judge 
the pre-heat time required by joints with practice, but in any case it’s not 
normally that crucial. 


The factors you should bear in mind are that: 


e IF you don’t pre-heat the joint sufficiently, 
the molten solder cools too quickly and you 
run the risk of making a defective joint 


e IF you pre-heat the joint too much, you may 
damage the component and may even cause 
the copper track to lift from the printed 
circuit board. 
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Figure 5.14  Pre-heating the joint to be soldered — apply the soldering iron bit tip to the joint's 
metal surfaces. 


Apply the solder 

With the soldering iron bit tip in position, apply the end of the flux-cored 
solder to the joint — touching it to both the joint and the soldering iron 
bit tip. If everything is as expected, the solder will melt and flow around 
the joint. Figure 5.15 shows this stage. 


Ficure 5.15 Solder melting and flowing around the pre-heated joint. 
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Take Note 


Some beginners to soldering melt large amounts of solder on the soldering iron bit tip, 
then dab the soldering iron bit tip onto the joint they want to make — the soldering 
equivalent of putting glue onto a spatula then wiping the spatula onto something to 
spread the glue over it. 


DO NOT UNDER ANY CIRCUMSTANCES DO THIS. 


While the process might work well for glue, it certainly doesn’t work for solder. 
Soldering is only effective when the joint is pre-heated, and fresh flux is applied at the 
same time as solder. If you put solder on the soldering iron bit tip, the flux burns away 
before applying it to the parts of the joint, and the joint is too cool anyway — causing 
only bad soldered joints. 


The moral is: only use the method described earlier to solder joints! 


Remove the soldering iron 

Once the solder has flowed around the joint (not before), quickly remove 
the soldering iron. Do not move the printed circuit board, and do not 
move the component or its leads, until the solder has solidified. If you 
move anything before the solder solidifies, the joint may be damaged. 


> FYI < 


A good soldered joint has a concave, shiny appearance. If the joint is not 
heated sufficiently, or if you move the joint and damage it, you will probably 
notice that it is not concave, or that it is a dull, grey colour. Don’t worry — just 
repair the fault by heating the joint again, until the solder flows properly. 


Trim excess component leads 

If the component leads were left as they are, and more than just a couple 
of components were inserted into the printed circuit board, you run the 
imminent risk of component leads touching — effectively forming short 
circuits. To prevent this you have to trim all excess component leads off 
immediately above the joint. Figure 5.16 shows this. 


After all joints on the printed circuit board have been soldered and 
excess leads trimmed, it's a good time to check all the joints visually to 
see if they look ‘good’ or ‘bad’, repairing any that are suspect. Also check 
over all the copper foil track, to see that no solder bridges have formed 
between tracks or component joints. If you find any solder bridges, use 
desoldering tools — a solder sucker, or desolder braid — to remove 
excess solder, and resolder any joints that need it. 
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Ficure 5.16 Trimming excess component leads off, close to the soldered joint, to prevent short 
circuits. 


Connecting leads 

Inevitably, any printed circuit board holding its electronic circuit is not 
isolated from the world around it! It must be connected — to switches, 
controls, off-board components, input and output sockets, and so on. So, 
it’s common — indeed, normal — to need to solder connecting leads to 
the printed circuit board copper foil track. 


To solder connecting leads to a printed circuit board, use the following 
procedure: 


e STRIP around 5 mm of insulation from the end of the lead 


e IF the connecting lead is multi-stranded — twist the loose ends of 
the stripped lead. If you solder the lead untwisted to the board, there's a 
possibility a loose strand may bridge across to another track 


e GLEAN and tin the soldering iron bit tip. You should aways do this 
before any soldering operation 


CONTINUED... 
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..: CONTINUED 


e TIN the connecting lead. This has two purposes: first, it removes any 
oxides, dirt and grease on the wires making up the leads, and; second, 
the solder you add in the tinning stage will be used when the joint is made 
— meaning you won't have to add much solder at that time. The soldering 
iron bit tip needs to be quite a broad one — around 3 mm — for this job. To 
tin the lead: 


> hold the flat part of the soldering iron bit tip upwards (as shown in 
Figure 5.17) and lay the stripped end of the connecting wire on the 
tip's flat surface 


[> apply the end of a length of solder to the wire (not the soldering iron 
bit tip) — this means you can see when the wire is hot enough, as the 
solder begins to melt 


[> when enough solder has flowed over the lead ends to fully cover the 
wire, remove the soldering iron and solder 


> allow the lead to cool before touching or moving it. 


Ficure 5.17  Tinning a connecting lead — do not heat the lead for too long, as 
insulation may melt or deteriorate. 


CONTINUED... 
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.. CONTINUED 


e TIN the printed circuit board. At the point where the tinned lead is to be 
connected to the printed circuit board’s copper foil track, the copper must 
be tinned, to remove oxide, dirt and grease, and to apply solder ready for 
the joint to be made between board and lead. To tin the printed circuit board 
track: 


[> clean and tin the soldering iron bit tip 


[> apply the soldering iron bit tip to the copper track of the printed cir- 
cuit board, at the point where the lead is to be connected — as shown 
in Figure 5.18 — and wait for a few seconds 


Figure 5.18 Tinning the copper foil track of a printed circuit board — apply the 
soldering iron bit tip first, and wait for a few seconds before applying solder. 


[> apply the end of the flux-cored solder to the track, a small distance 
(about 2-3 mm) away from the soldering iron bit tip — wait for the 
solder to melt and flow towards the soldering iron bit tip 


[> remove the soldering iron bit tip and the solder 


> allow the printed circuit board to cool before moving or touching the 
solder. 
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Take Note 


While it’s correct to tin the printed circuit board copper foil track at the points where 
connecting leads are to be jointed, this is NOT the procedure where components are to 
be fitted to the printed circuit board — if the copper foil track is tinned where a com- 
ponent lead is to be inserted, the hole for the lead may be closed with solder. 


Once the lead is tinned, it can be soldered to the copper foil track of 
a printed circuit board. There are three main ways this can be done, 
soldering the lead: 


e 1 directly to the printed circuit board copper foil track 
e 2 toa terminal pin, inserted through a hole in the copper foil track 


e 3 inserting the lead through a hole, purposely designed into the 
printed circuit board’s copper foil track. 


The procedures you should follow for all three ways are detailed below. 


1 Soldering a connecting lead directly to copper track 
e TIN the soldering iron bit tip, as described on page 116 
e TIN the connecting lead, as described on page 124 


e TIN the printed circuit board copper track, at the point where the 
lead is to be connected, as described on page 125 


e HOLD the tinned end of the lead on the tinned copper track, as 
shown in Figure 5.19 


CONTINUED... 
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..: CONTINUED 


Ficure5.19 Position the tinned connecting lead end over the tinned coppertrack. 


e APPLY the soldering iron bit tip to the tinned lead end (not the 
copper track), pressing down on the lead end to hold it in position, 
and wait for the solder on both the lead end and the copper track to 
melt, as shown in Figure 5.20 


Ficure 5.20 Heating the connecting lead end and copper track — the solder 
already present in the tinning on both the lead end and the track will be sufficient to 
make the soldered joint. 


CONTINUED... 
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... CONTINUED 
e REMOVE the soldering iron, but hold the lead without moving it 


e WAIT for the solder to solidify before moving the printed circuit 
board or letting go the lead. 


2 Soldering a connecting lead to a terminal pin 


e [INSERT a terminal pin into the printed circuit board — note that 
the pin goes through from the copper foil track side of the printed 
circuit board to the component side of the board ie, the connecting 
lead will be soldered to the component side NOT the copper track 
side (see Figure 5.21). 


Ficure 5.21 A terminal pin goes from the copper track side of a printed circuit 
board, to the component side. 


e CLEAN and tin the soldering iron bit tip, as described on page 116 
e TIN the connecting lead, as described on page 124 


CONTINUED... 
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..: CONTINUED 


e APPLY the soldering iron bit tip to the terminal pin and wait for a 
few seconds (See Figure 5.22) 


Ficure 5.22 Soldering a terminal pin to a printed circuit board. 
e APPLY solder to the terminal pin 


e WHEN the solder melts and flows over the terminal pin and the 
copper track, remove the soldering iron and wait for the soldered 
joint to cool 


e TURN the printed circuit board over, then tin the terminal pin 


e HOLD the tinned end of the connecting lead against the tinned 
terminal pin, as shown in Figure 5.23 


FicuRE 5.23 The connecting lead should be vertically aligned with the terminal 
pin, and touching it. 


CONTINUED... 
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..:. CONTINUED 


e APPLY the soldering iron bit tip to the connecting lead and ter- 
minal pin 


e WAIT for a few seconds for the solder on both the lead and pin to 
melt, then remove the soldering iron 


e DO not move either connecting lead or printed circuit board, until 
the solder has solidified. 


Hint 


For both these methods of soldering a connecting lead 
to a printed circuit board, be extra careful not to allow 


the connecting lead end to move at all once the joint 
has been soldered and during the cooling phase, or a 
defective joint may result. 


3 Soldering a lead to a hole 
e CLEAN and tin the soldering iron bit tip, as described on page 116 


e INSERT the connecting lead through the hole in the printed circuit 
board — do not tin the connecting lead first, or it will not go through 
the hole! 


e APPLY the soldering iron bit tip to the joint, touching both the 
copper foil track of the printed circuit board and the lead, as shown 
in Figure 5.24 


CONTINUED... 
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.. CONTINUED 


Ficure 5.24 Soldering a connection lead to a printed circuit board. 
e APPLY solder to the joint 
e WHEN the solder melts and flows over the connection lead and 


the copper track, remove the soldering iron and wait for the soldered 
joint to cool 


e DO not move either connecting lead or printed circuit board, until 
the solder has solidified. 


Unsoldering 

There are times when it’s necessary to unsolder components from a 
printed circuit board. You may, perhaps, have inserted and soldered a 
component incorrectly into place, or a particular component may be 
faulty. In such cases, unsoldering is the only option. 


There are two basic methods of unsoldering components (detailed 
overleaf), and both rely on having extra tools: either solder braid, or a 
desoldering pump. 
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Using solder braid 
e TIN the soldering iron bit tip 


e PLACE the end of the solder braid over the joint to be desoldered, 
as shown in Figure 5.25 


e APPLY the soldering iron bit tip onto the solder braid. Press gently 
but firmly against the joint. After a few seconds or so, the solder will melt, 
and some will wick into the solder braid 


Ficure 5.25  Desoldering using solder braid — the molten solder wicks into the 
strands of the solder braid away from the joint. 


e REMOVE the soldering iron bit tip. Place a fresh portion of solder 
braid onto the solder joint and repeat the last step until all the solder forming 
the joint has been removed 


e REPEAT the process for all component joints 


e REMOVE the component. 
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Hint 


As you use a portion of 
solder braid to unsolder a 
joint, it will become loaded 


Hint 


Sometimes not all solder can be removed 
from a joint (very often a small amount 
which cannot be removed will still hold the 
component lead to the copper track). If this 
occurs, you will find that you have to heat 
the joint with the soldering iron bit tip one 
last time, before quickly — before the solder 
solidifies — releasing the component. 


with solder so cease to be 
usable. Using a pair of side- 
cutters, trim off the used 
portion to maintain a fresh 
solder braid end. 


Using a desoldering pump 
e TIN the soldering iron bit tip 


e PRIME the desoldering pump, by pressing the charger down, as 
shown in Figure 5.26 


Figure 5.26 Priming the desolder pump by pressing down the charger. 


e APPLY the soldering iron bit tip to the soldered joint and wait for 
the solder to melt 


CONTINUED... 
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.. CONTINUED 


e APPLY the nozzle of the desoldering pump to the molten solder, as 
shown in Figure 5.27 


Ficure 5.27 With the soldering iron bit tip heating the solder, apply the 
desoldering pump nozzle. 


e PUSH the pump’s release button. The vacuum will suck the molten 
solder away from the joint and into the desoldering pump chamber, where it 
will solidify 


e REPEAT the previous four steps as required, until all the solder 
has been removed from the joint. 


Take Note 


Every now and again, the desoldering pump chamber will fill 


with solidified solder to the point that it doesn’t work 
efficiently. Empty it by repeatedly priming and discharging the 
pump, so that the solder is forced out of the nozzle. 
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Take Note 


Unsoldering usually requires considerably more application of heat than soldering — the 
soldering iron bit tip is applied to the joint more times and for longer periods than when 
soldering. 


Remember that components may be damaged by excessive heat, so space the 
desoldering operations out to allow the components to cool down in between. 


Care of your soldering iron 

Your soldering iron is a tool — a vital one when it comes to building 
electronic circuits, of course — and like any tool needs looking after, 
to keep it in good working order throughout its potentially long life. 
Things are made a little complicated in that the soldering iron is — I'll 
state the obvious here — very hot, so you also need to take certain 
safety precautions while using it. But, fortunately, on the other hand it’s 
a fairly simple tool, so the things you need to do to look after it and the 
precautions you need to take while you're using it aren't excessive. 


Looking after your soldering iron 


e USE a stand. When at rest, a soldering iron can be easily knocked or 
moved — it may fall off the work surface or simply touch against something 
else. Use a stand (as shown in Figure 5.28) when you are not actually solder- 
ing with it 


Ficure 5.28 Use a soldering iron stand when not actually using your soldering 
iron. Keep the safety risks to a minimum. 


CONTINUED... 
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..: CONTINUED 


e TIN the soldering iron bit tip regularly — even at rest. When you 
solder with a soldering iron it is regularly in contact with fresh flux-cored 
solder, so the bit tip is maintained in good condition. On the other hand, 
when you are not actually soldering and a soldering iron is standing unused 
but still turned on, the bit tip can become depleted of solder and flux due to 
the heat, so it oxidizes and become unusable. If you are not going to solder 
with the soldering iron for a while, remember still to tin it every few minutes 


e TURN the soldering iron off when unused. To reduce safety risks to 
an absolute minimum, and to help prevent the soldering iron bit tip from 
becoming unusable, turn the soldering iron off if you are not going to use it in 
the next ten minutes or so 


e GLEAN the soldering iron bit tip when cold by lightly rubbing with 
a nylon pad. This may help a soldering iron bit tip that will not wet — but do 
not use wire wool or emery paper to clean the soldering iron bit tip, as this 
will remove protective plating and shorten the bit life 


e NEVER puta soldering iron — hot or cold — into liquid 


e CHECK the soldering iron’s cable regularly for burns. A soldering 
iron when on is, of course, very hot, and accidental burning on the mains 
cable is a possibility. 


Printed circuit board links 

If a circuit is complex, it’s probable that the printed board copper foil 
track layout will be complicated too. Under these circumstances, it’s 
often the case that it’s simply not possible to design a copper foil layout 
in a single layer. One trick to get around this problem is to use the 
component side of the board as well as the copper track side to complete 
the circuit connections. This is done with the use of simple links of wire, 
which connect from one point on the copper foil track, go over the track 
on the component side, then connect to another point on the copper foil 
track. Figure 5.29 shows an example of a printed circuit board which 
uses links. 
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FicurE5.29 A printed circuit board that uses links to aid in copper foil track circuit layout. Note 
that many copper foil connections can take place under links, thereby easing a layout considerably. This 


particular printed circuit board is the Heart Flasher project, in Chapter 8. 


Making a link: 


e GUT a short length of single-strand wire. This should be a little longer 
than the distance the link needs to span between holes on the printed circuit 
board 


e BEND one end of the link around the nose of a pair of long-nosed 
pliers — see Figure 5.30. The bend should be at 90°, and there should be 
sufficient wire to go through the board and be soldered to a copper track 


Ficure 5.30 Bend one end of the link, using long-nosed pliers. 
CONTINUED... 
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... CONTINUED 
e MEASURE the link length required 


e BEND the other end of the link around the long-nosed pliers 
— see Figure 5.31. The length of link between bends should be the same 
as that you've just measured 


Ficure5.31 Bend the other end of the link. 
e INSERT and solder the link 


e TRIM excess link wire off the soldered joints. 
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After the printed circuit board, the next most important part of an 
electronic project is the housing (sometimes called an enclosure or case). 
OK, yes, while it’s perfectly possible to use an electronic circuit just at 

its printed circuit board stage (complete with controls and connections 
hanging off...), it's certainly not the best method of ensuring your circuit 
has a long working life. Only the housing can “finish” an electronic 
circuit off, and turn it into a complete design. 


More than just the practical aspect of ensuring the internal electronic 
circuit is securely and safely held, however, in many respects the housing 
forms the main (if not the only) interface between the electronic circuit 
and the user. Yes, the electronic circuit may have connectors for inputs 
and outputs, and have controls that the user adjusts, but the housing is 
the means whereby all the controls and connectors are presented for use. 
How effectively this occurs depends very much on the housing, and how 
it has been designed. And there’s a world of difference between a good 
housing and an acceptable one. 


In fact, to emphasize how important an electronic circuit’s housing is, we 
should look at a complete electronic circuit and see how it breaks down 
into a total of six levels of interconnection — as shown in Figure 6.1. 

In this look at the electronic circuit, we have to consider an integrated 
circuit as being a major component within the circuit itself, in order to 
understand the various levels and how they interact. Normally, of course, 
we would most likely use an integrated circuit, without understanding 
— or even caring — how it is constructed internally. This example, 
though, shows just how important each particular level is, with regard to 
the whole electronic circuit design. 
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The six levels are: 


e LEVEL 1 — on-the-device. Where individual connections between the 
semiconductive component parts of integrated circuits are made as minute 
etched wires — shown in Figure 6.1(a) 


e LEVEL 2 — device-to-package. Where the semiconductor die is per- 
manently attached, with thin aluminium or gold wires, to the terminals of its 
package — shown in Figure 6.1(b) 


e LEVEL 3 — package-to-board. Where flat, round or square package 
terminals are connected to printed circuit boards, as permanent (ie, soldered) 
or separable connections — shown in Figure 6.1(c) 


e LEVEL 4 — board-to-board and on-board. Where components are 
interconnected with the conductive track of the printed circuit board, and 
where printed circuit boards are connected to each other by permanent or 
seperable connectors and cables — shown in Figure 6.1(d). The housing 
itself is directly involved at this level, simply because the types of connectors 
you use, and the printed circuit board positioning with respect to these con- 
nectors, may well be defined by the housing 


e LEVEL 5 — board-to-housing. Where connections between a printed 
circuit board and its housing are made with permanent or separable con- 
nectors — shown in Figure 6.1(e). Sometimes, a distinct chassis may be 
involved between printed circuit board and housing 


e LEVEL 6 — housing-to-housing. Where separable connections be- 
tween housings are made with connecting cables — shown in Figure 6.1 (f). 


Figure 6.1 shows quite graphically what levels of an electronic circuit 
design the housing affects. Levels 1 to 3 (Figure 6.1 (a) to (c)) have no 
involvement with the housing at all. They are merely concerned with 
connections between the individual components” innards and the 
printed circuit board. On the other hand, levels 4 to 6 (Figure 6.1(d) to 
(f)) are all indeed affected by the housing or housings you might choose 
for your electronic design. 
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Ficure 6.1 Sixlevels of interconnection between parts of an electronic design: (a) semiconductor 
die; (b) from the die to the terminals of the integrated circuit package; (c) from the integrated circuit to 
the printed circuit board; (d) between printed circuit boards; (e) between printed circuit boards and the 
housing; (f) between housings. 


Yet, despite this fact that the housing affects or is affected by no less than 
half of the total electronic design, most magazines and books in general 
pay little attention to the housing, other than a few spartan words about 
putting the printed circuit board in to some sort of box. Indeed, only 
rarely is the actual housing design taken into consideration at all. 


This chapter aims to put that right. Hopefully, by the end of reading it, 
you will see that the housing is as important a part of the total electronic 
device as the circuit design itself. 
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What's your housing made of? 
There are three main types of housing available to the beginner in 
electronic construction: 


> FYI < 


Actually there are more housing 

types, but these three types 

e METAL diecast (and their derivatives) form the 
largest bulk of housings you will 

, come across to begin with. As you 

e METAL folded chassis-type. progress in electronics you will 


undoubtedly meet other types. 


e PLASTIC 


Figure 6.2 shows examples of these housing types. 


Ficure 6.2 Housings — from left to right — plastic, metal diecast, metal folded chassis-type. 


Plastic 

Plastic housings come in several forms. They are relatively cheap to 
make in bulk, very easy to use, and provide a neat method of housing 
electronic circuits. Being usually moulded or extruded, some quite 
intricate and novel plastic housing shapes are available, which means 
that it’s often possible to find a plastic housing that is a good match 

for an electronic circuit's function — for example, a plastic housing is 
shown in Figure 6.3 that is provided with a belt clip, and internal battery 
space, which would make an ideal housing for something like a music 
player or a pocket game. 
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FicuRE 6.3 A small plastic housing, complete with belt clip and battery compartment. 


Metal diecast 

Made from cast aluminium, diecast housings are extremely tough, 

yet quite easy to work with. They are not, on the other hand, the most 
attractive of housings, so probably wouldn't be your first choice to house 
an electronic circuit that you wanted to use, say, on display in your living 
room, but a diecast box would be great for, say, a small pre-amplifier for 
use between an old record deck and a modern hi-fi amplifier. 


Metal folded chassis-type 

Usually made from just two thin sheets of aluminium, each folded to 
complement, metal folded chassis-type housings make very effective 
enclosures for many electronic circuits. The bottom half of a housing is 
where a printed circuit board and controls are fitted, while the top half 
of the housing forms a neat lid, allowing full access when removed, and 
protection when fitted. Often, the top half of such housings are plastic 
coated, or painted, which gives quite an attractive appearance to the 
finished electronic device. 


Other housings 

There are some other housing types that you should be aware off too, 
notably those made from extruded aluminium. Such housings are very 
tough, and have internal slots which are useful for the mounting of 
printed circuit boards — boards just slide into position from one end of 
the housing. 
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IP rating 
In certain environments such as the great outdoors, it’s necessary to use 

a housing that protects the electronic circuit inside from the elements 

to some degree or other. While all housings will protect their innards 

to some small measure, the problem is obviously magnified where the 
electronic device is to be used in such possibly detrimental environments 
as outside in the rain. For many years, there has existed a method of 
determining whether an enclosure is suitably protected against the 
environments in which it’s expected to be used. This is a standard 
method, called the ingress protection (IP) rating system. It comprises two 
or three digits, and each digit refers to a particular level of protection, 

for a particular type of protection requirement. Thus, an enclosure might 
be given an IP rating of, say, IP63, or another might have an IP rating of 


IP485. Table 6.1 gives the IP ratings and numbers. 


Where only two digits are given in an enclosure’s IP rating, the third of 
these requirements (impact damage) is not relevant so should be ignored. 


TABLE 6.1 


Val- 
ue 


1st digit 


Protection against ingress of 


2nd digit 


Protection against ingress of 


Ingress Protection (IP) ratings by number, and their equivalent protection levels. 


3rd digit 


Protection against mechanical 


solids liquids impact damage 
0 No protection No protection No protection 
1 Protected against solid objects Protected against vertically falling | Protected against 0.225 joule 
over 50mm eg, hands, large tools | drops of water impact (150g @ 15cm) 
2 Protected against solid objects Protected against direct sprays of | Protected against 0.375 joule 
over 12 mm eg, hands, large tools | water up to 15° from vertical impact (250g @ 15cm) 
3 Protected against solid objects Protected against direct sprays of | Protected against 0.5 joule impact 
over 2.5mm eg, wire, small tools | water up to 60° from vertical (250g @ 20cm) 
4 Protected against solid objects Protected against water sprayed 
over 1.0mm eg, wires from any direction. Limited 
ingress permitted 
5 Limited protection against dust Protected against low pressure Protected against 2.0 joule impact 
ingress (no harmful deposit) water jets from any direction. (500g @ 40cm) 
Limited ingress permitted 
6 Totally protected against dust Protected against high pressure 
ingress water jets from any direction. 
Limited ingress permitted 
7 Protected against immersion Protected against 6.0 joule impact 
between 15cm and 1M (1.5 Kg @ 40cm) 
8 Protected against long periods of 
immersion under pressure 
9 Protected against 20 joule impact 
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Housings and their use 
There are several tasks you will have to carry out which are common, 
whatever housing you opt to use for your electronic device. 


The main tasks are: 
e MOUNTING the printed circuit board 
e FITTING controls and switches 


e FITTING connections between the 
printed circuit board and the outside 
world 


e MOUNTING other internal components 
besides the printed circuit board 


e WIRING of all internal parts 


e LABELLING the front and rear panels 
of the housing. 


Mounting printed circuit boards 

One of the primary purposes of a housing is to hold its internal 
electronic circuit's printed circuit board. It's not just a case of throwing 
the printed circuit board in, and closing the lid though. A printed circuit 
board should never be left loose inside any housing. Instead it should be 
properly and securely fixed, using one or more of a number of methods. 


Often, the method you might choose to mount your printed circuit board 
inside your housing will depend on the type of housing you have opted 
to use and the size and shape of the printed circuit board. If you have a 
small printed circuit board and a plastic housing, it’s perfectly possible 
to mount the printed circuit board to the inside of the housing using one 
or two pieces of double-sided adhesive sponge fixing pads, as shown in 
Figure 6.4. 
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Ficure 6.4 Using double-sided adhesive sponge fixers to mount a printed circuit board inside a 
plastic housing: (left) applying the sponge fixing pads to the bottom of the printed circuit board; (right) 
applying the printed circuit board with sponge fixing pads to the inside of the plastic housing. 


This method should not be used to mount a printed circuit board inside 
a metal housing though — for the simple reason that sponge fixing pads 
are thin, and some of the soldered connections on the bottom of the 
printed circuit board may touch the metal housing base (as shown in 
Figure 6.5), causing short circuits and possibly damage. 


Figure 6.5 A printed circuit board should not be mounted inside a metal housing using sponge 
fixing pads, or short circuits may result! 


Instead, when using a metal housing (or, indeed, if a larger printed 
circuit board is to be mounted even in a plastic housing) something more 
substantial must be used. 
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One of the best methods of mounting a printed circuit board in a 
housing is to use spacers. These are available in several formats. Some 
spacers use small bolts to hold them in place to the inside of a housing, 
as shown in Figure 6.6. Once the spacers are bolted to the housing, 

the printed circuit board is then bolted to the spacers. Obviously, the 
housing and the printed circuit board need to be drilled to accept the 
bolts prior to use. 


FicuRE 6.6 Bolted spacers, showing the spacers and the bolts. 


Take Note 


If you intend to use spacers to mount a printed circuit board to a housing, you must 
take into account where the spacers will be positioned on the printed circuit board. 
Component positions and the copper foil track may have to be adjusted to provide 


room — not just for the spacers themselves, but to allow access with tools to allow you 
to tighten the spacer bolts. You need to plan ahead, and decide which printed circuit 
board mounting method or methods you intend to use, as all the calculations regarding 
component positions and copper foil track layout need to be done in the very early 
stages of printed circuit board design — not at the last minute! 


Other spacers are preformed, sprung-loaded plastic clips, which push 
into holes in the housing and the printed circuit board. 
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There are several variations of printed circuit board guides available. 
In use, these are fastened to the inside of the housing, and the printed 
printed circuit board is slid into position along them. 


A particular variation of housing — extruded aluminium types — 
features in-built slots in internal surfaces. Conveniently, these are printed 
circuit board-sized, so provide an extremely easy method of mounting. 


Take Note 


In the printed circuit board design stages, make sure 
no components are positioned close to the edges 
of the printed circuit board if you plan to use guides 


of any sort. Further, if you plan to use an extruded 
aluminium housing, not only must there be no com- 
ponents fitted on the guide edge areas of the printed 
circuit board, but there must be no copper foil track in 
those areas. 


If your printed circuit board has controls and connections (such as 
certain printed circuit board mounted potentiometers, switches and 
connectors) then you can use the controls and connectors to mount 
the printed circuit board inside the housing, with careful design. This is 
particularly so for small printed circuit boards. 


Mounting the printed circuit board this way depends on using printed 
circuit board mounted controls and connectors. For example, Figure 6.7 
shows a printed circuit board that has an on-board potentiometer and 
on-board connectors. These effectively hold the printed circuit board in 
place, as they are held to the housing sides. 


Note though, that the actual printed circuit design is highly dependent 
on the actual controls or connectors. In other words, the housing you 
intend to use, the exact size and shape of the printed circuit board, and 
the actual controls or connectors all need to be taken fully into account 
during the very earliest printed circuit board design stages. Literally 
everything is dependent on each other. This method allows a highly 
integrated, a very professional looking, and often a much reduced size of 
device, so is often worth the extra time you might need to invest in the 
early design stages. 
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Ficure 6.7 Using a printed circuit board mounted potentiometer and connectors to mount a printed 
circuit board inside its housing. This is the Guitar Headphone Amplifier project, in Chapter 8. 


A common method of mounting small printed circuit boards inside 
housings is to make use of a particular type of connector known as an 
edge connector. Edge connectors are multi-pinned devices, comprising a 
row of contacts into which the edge of a printed circuit board fits tightly. 
A row of copper foil tracks on the edge of the printed circuit board 
mates with the edge connector contacts, as shown in Figure 6.8. The 
edge connector is bolted to the housing or to another — usually larger 
— printed circuit board. Thus, connections can be made to and from the 
printed circuit board, but just as importantly, the printed circuit board 

is held in position. A small printed circuit board mounted this way may 
need no other support. 


FicuRE 6.8 Using an edge connector to hold a printed circuit board in position. This particular 
connector (in white) is a RAM-card holder, common to computer and associated equipment. 
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Fitting controls and switches 

While on the subject of controls and switches, we should include 
details on how they should be mounted to a housing. The methods of 
doing this are similar, whether they are special printed circuit board 
mounted controls and connectors, or ordinary, more usual, controls and 
connectors. The methods are also similar, whatever type of housing is 
used — metal or plastic, or even wood. 


Controls are required in most electronic circuits. They can range from 
volume and tone controls in an audio amplifier, through time settings 
for a digital clock, simple on/off switches, or dials to tune in radio 
stations. The important point is that controls are used to provide an 
interface between an electronic circuit (in printed circuit board form, 
inside a housing) and the user of the electronic circuit (in human form 
— normally — outside the housing). 


Potentiometers 

Most potentiometers have a threaded stem, that allows them to be 
mounted to a housing using a supplied nut and washer. Figure 6.9 shows 
a typical potentiometer, complete with washer and nut. A hole — the 
diameter of the threaded stem — is required in the housing to insert the 
stem. Also visible in Figure 6.9 is a location stub that extends beyond the 
mounting point on the threaded stem. The purpose of the location stub 

is to fix the potentiometer in position and prevent its rotation — as might 
happen if the nut becomes loose, over time, say. The problem with the 
location stub is that a second small hole (the diameter of the location 
stub) is required in the housing alongside the hole for the threaded stem 
— the correct distance from the centre of the threaded stem’s hole. 


Ficure 6.9 A potentiometer, showing its threaded stem, washer and nut, and the location stub. 
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Now, | should point out here that not all potentiometers have this 
location stub, and in which case the second hole is not required. And, 
indeed, | have been guilty myself of removing the location stub from a 
potentiometer in cases where | felt the nut wasn't likely to become loose, 
so didn't need the second hole. 


Notwithstanding, the job to mount a potentiometer with such a stub is 
simple enough. 


Mounting a potentiometer 


e MARK the centre of the hole where the potentiometer's threaded 
stem is to be, and mark the centre of the location stub’s hole, as 
shown in Figure 6.10. The distance between centres depends on the 
particular potentiometer, as does the angle at which you need to position the 
two holes relative to horizontal along the line of the housings panel. 


FicuRE 6.10 Marking the position of the two holes required for the 
potentiometer of Figure 6.9. 


e MARK both holes using a centre punch 


e DRILL the holes using a pilot drill (no more than 2.5 mm). Position 
the housing over a block of wood, so that the drill bit doesn’t grab the metal 
and distort it as the drill bit’s cutting edge exits the hole. 


CONTINUED... 
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.. CONTINUED 

e DRILL both holes using a drill the correct size for the location stub 
e DRILL the threaded stem’s hole using the correct sized drill 

e POSITION the potentiometer in place 


e PLACE the washer, followed by the nut over the threaded stem. 
Tighten the nut to a finger tightness 


e TIGHTEN the nut, using pliers. 


Take Note 


When you tighten a potentiometer nut (indeed, any nut which is located on a hous- 
ing’s panel like this) , you should take extra care to make sure the pliers don’t slip off 
the nut and scratch the panel. Figure 6.11 shows how to tighten the nut. Note how the 
washer underneath the nut protects the panel from the pliers. 


Figure 6.11 Tighten the potentiometer nut using pliers. Push the pliers against 
the washer under the nut to help prevent the pliers from slipping off, thereby 
protecting the housing panel. 
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Take Note 


New potentiometers have long control stems, in order that you can cut them to the 
length you want. The final cut length is fixed however, by the type of control knob you 


want to use. In order that you can cut the stem to the required length, you therefore 
need to have the control knob to hand. Follow the instructions below to cut the stem 
to size. 


Cutting a potentiometer stem to fit a control knob 


e PUSH the control knob on the stem till it seats fully against the top 
of the stem 


e MARK the stem directly in line with the bottom of the control knob 
(Figure 6.12) 


FicuRE 6.12 Push the knob on the potentiometer stem, and mark the stem. 


e REMOVE the control knob, and measure the distance from the end 
of the stem to the mark (Figure 6.13) 


CONTINUED... 
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Ficure 6.13 Measure from the stem end to the mark. 


e NOW make a second mark on the stem the same distance from 
the top of the potentiometer’s threaded stem. Actually, some knobs 
have an overhang specifically intended to cover the threaded stem, so this 
second mark can be a millimetre or two closer to the stem end if your knob 
features such an overhang 


e CUT the stem on this mark. To do this, hold the end of the stem in a 
vice, with the stem horizontal. Hold the potentiometer body in one hand, 
while cutting the stem with a junior hacksaw in the other hand, as shown in 
Figure 6.14 


Figure 6.14 Cutting the stem of a potentiometer. 


e DEBURR the cut end of the stem with a fine file. Your potentiometer 
is now ready to be fitted with its knob. 
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Take Note 


Potentiometers are actually quite fragile. Do not hold 
the potentiometer body in a vice to cut off excess 
stem. Make sure you put the stem end in the vice! 


Knobs 

Many, many types of knobs are available, in all sorts of sizes and styles. 
Figure 6.15 shows a selection. Most are fitted to a potentiometer either 
with a push-fit, or (usually) with a small grub-screw through the side, 
which clamps onto the potentiometer stem. 


Ficure 6.15 A selection of common control knobs. 


Switches 

Several variations exist in switches, with slide, toggle, push, and rotary 
being the most common (see Chapter 3). Within these variations, 
however, there are also variations in body shapes and sizes. As a result, 
it’s not possible to include details of how to mount all switches here. 
Instead, I’m going to generalize, and show how the main variations 
should be mounted. These main variations are determined by body 
shape, not internal mechanics. Main body shapes are circular and 
rectangular, which narrows the field down somewhat. 


Circular switches are rather like potentiometers in their fitting, and most 
of the details in the potentiometer section already covered are relevant 
here. Some circular switch types even have a location stub, usually in 
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the form of a shaped washer, which requires a second hole (just as with 
potentiometers) to correctly mount the switch. Figure 6.16 shows a 
switch which mounts using this method. The method of mounting closely 
follows that of mounting potentiometers, earlier. Both holes should be 
marked out and drilled, then the switch is fitted using the location tab 
washer and a nut which fastens over the switch's threaded stem. As 

when tightening a potentiometer's mounting nut, take great care when 
tightening a switch’s mounting nut, in case the pliers slip off and scratch 
the housing’s panel. 


Figure 6.16 A miniature circular toggle switch, complete with location washer having a location 
tab. 


Some circular switches are provided with two mounting nuts (you can 
see one on the switch shown in Figure 6.16). These have the purpose of 
allowing the switch to be adjusted in terms of position, sticking far out 
from the housing’s panel, or closer to the panel. A benefit of this second 
nut is that the outside nut needn't be tightened with pliers (thus avoiding 
any risk of damage to the panel outside), and all tightening is done to the 
inside nut, using pliers. 


Rectangular switches are rather harder to mount, simply because 
rectangular holes are very much more difficult to err... drill. Of course, 
in general, it's a question of drilling a hole in the panel that is no larger 
than (but only slightly smaller than) the switch itself, then carefully 
filing out the hole till it is big enough for the switch to fit. The process is 
actually easy enough, just somewhat laborious, and follows now. 
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Fitting a rectangular switch 
e MARK out the rectangular hole to be made 
e MARK the centre, using a centre punch 


e DRILL out a hole (using a pilot drill, and subsequent larger drills), 
just slightly smaller than the required finished hole 


e FILE the hole, using fine files to the exact size required. 


Hint 


When you file a hole in your housing's panel, you’ll need to clamp the housing in a 
vice. To protect the housing from the vice jaws, you should get two small blocks of 
wood and clamp the housing between the blocks. Make sure the blocks are positioned 
close to the edge of the hole you are filing — this prevents the panel from flexing too 
much and being damaged while you file. This is particularly important with thin 
aluminium folded-metal chassis-type housings. Also, file from the outside in — this 
means that any burring you naturally get while filing forms on the inside of the housing, 
so is not visible from the outside when finished. 


Some rectangular switches have particular hole requirements. For 
example, slide switches (other than needing a rectangular hole for the 
switch tab itself to protrude through) also require holes to suit screws 
which hold the switch body in place. There's nothing for it but to 
carefully mark out the holes to drill and file, and get on with it! 


> FYI < 


Holes for some common rectangular switch shapes (and some circular ones, for that matter) 
can be cut out using hole punches, purpose-designed for the task. A hole punch comprises 
three main parts — a cutting tool, a socket receptacle, and a bolt arrangement. Using them 
is easy: you drill a hole the size of the bolt diameter, then fit the punch together, with the 
cutting tool on the front of the housing panel, the socket on the back, and the bolt going 
through the panel. As the bolt is tightened, the cutting tool punches out the hole in the panel, 
leaving a very clean hole. Such hole punches are quite expensive, but possibly worth the cost 
if you intend to make many identical holes. 
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Hint: 


There are so many switch variations that it's usually 
possible to choose a switch type that is easy to fit. In 
other words, unless you want to use a rectangular 


switch for a particular purpose (although personally, 
| can’t think of any! ), my advice is to use circular 
switches always. Remember that every operation 
you perform to your housing’s panel is just another 
opportunity to scratch the panel. 


Fitting connections 

Many electronic circuits require some form of electrical signal as an 
input, or an output. An audio amplifer, say, has outputs to loudpseakers, 
or a multimeter has inputs from its probes. The connectors used for such 
connections varely widely, depending on what sort of signals are being 
connected. Figure 6.17 shows a selection. 


Figure 6.17 A variety of connectors used with electronic circuits and their housings. 


The mounting of connectors to housings follows the same principles as 
that of mounting controls such as potentiometers and switches, with only 
a few minor additions or variations. 


Often, circular connectors have a locating key of moulded plastic, which 
must mate with a notch cut in the panel as the connector is fitted to the 
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housing. The purpose of the key and notch arrangement is simply to 
prevent the connector rotating. Figure 6.18 shows a connector with this 
sort of rotation prevention device. It all sounds good, but it does make 
fitting such connectors a little more tricky. After drilling a hole in the 
housing’s panel to fit the connector, you then have to file out a notch in 
the panel to fit the key. A set of jewellers’ files is best to do that. 


Figure 6.18 A connector with a location key — a corresponding notch in the housing panel must be 
filed (using jewellers’ files). 


Connectors need to be connected internally — usually to the printed 
circuit board, with a length of connecting lead. Some connectors may 
be multi-pole (ie, have two or more individual connections inside the 
one connector) while others will be single-pole (ie, only one individual 
connection). The type of connector defines what sort of connecting lead 
you need to use. 


Often multi-pole connectors are audio in nature (microphone, earphones 
and so on) and they will usually require a special type of connecting 
lead known as screened cable. Screened cable is formed with a central 
insulated lead (some screened cable has more than one central insulated 
lead), wrapped with uninsulated wire, and the whole construction is 
insulated. Figure 6.19 shows some screened cable, in which you can see 
the central insulated lead and the uninsulated wire. The uninsulated wire 
around the central lead is intended to be earthed, so offering a measure 
of protection (or screening — hence the name) for the relatively small 
signals carried by the cable against electro-magnetic interference. 
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Ficure 6.19 Screened cable, showing a central insulated lead, and the wire screening, all encased 
in insulation. 


A variant of screened cable, for use with high frequency signals, is 
coaxial cable. Like screened cable, coaxial cable has a central signal 
lead, with an external screening. However, the screening is usually in a 
braided form. 


Usually, connecting leads between the connectors and the printed 
circuit board are made by soldering the lead at each end. However, 
some connectors (notably power connectors) require some other joining 
method. The connector of Figure 6.18, for example, features a bolt 
forming the internal connection. Such a connector requires that solder 
tags be soldered to the ends of the connecting leads (Figure 6.20 shows 
a connecting lead with a solder tag connected to it). The solder tag can 
then be bolted to the connector. 


Ficure 6.20 A solder tag, soldered to connecting lead, for use with bolted connectors. 
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Other power connectors — usually mains connectors, although the 
connection method is popular in car electrical circuits too — feature 
a spade male lug, as shown in Figure 6.21. A mating spade female 
connector must be crimped to the connecting lead, using a crimping 
tool. The result is a solid and secure connection. 


FicuRE 6.21 Connector featuring spade lugs. 


Some connectors mount directly on to the printed circuit board, which 
negates the need for leads between the connector mounted on the front 
panel and the printed circuit board. As a benefit such connectors can be 
used, as shown on page 148, to aid when mounting the printed circuit 
board itself in the housing. 


Mounting other internal components 

A few other internal components that need to be mounted on a housing 
exist. The most common group is that of indicators — LEDs, bulbs and 
so on. Generally speaking, they have the same mounting conditions that 
connectors and switches have, with the exception of LEDs. 


Several varieties of LEDs exist. Simplest to mount are the basic, round 
common LEDs, as shown in Figure 6.22. These can be mounted just by 
drilling a hole in the housing panel the exact diameter of the LED and 
pushing the LED in. 


The problem with this method is that it’s just as easy to push the LED 
back out, from the outside of the panel. The solution is a simple clip, 
shown in situ on a LED in Figure 6.23. In use, it’s a simple matter of 
drilling a hole in the housing panel the correct size for the clip, inserting 
the clip into the hole from the panel front, then pushing the LED into the 
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back of the clip, until it seats correctly with a click. Clips come in the 
same range of sizes that LEDs do — it’s just a matter of making sure you 
have a clip the same size as the LED. 


FicuRE 6.22 Simple mounting of a LED to a panel. 


FicuRE 6.23 ALED, complete with panel clip. 


Fuse holders 

Mains-powered circuits usually require a fuse for safety purposes, and 
the most common type of fuse holder is chassis-mounted. These are fitted 
to a housing panel, so that the fuse is accessible from the outside of the 
housing, while all mains connections are made on the inside (see Figure 
6.24). There are no particular considerations in the actual mounting 
requirements, but there may be wiring precautions (to make sure live 
terminals cannot be touched when removing or installing a fuse). 
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Fuse holder 


Housing panel Fuse goes 


inside holder 
5 body 


FicuRE 6.24 Mounting a fuse holder into a panel. 


Heatsinks 

All electronic components generate heat as electric current flows through 
them. Generally this is not a problem, as they naturally dissipate the heat 
so that the temperature doesn’t get too high to damage them. However, 
large current flow through certain components such as certain transistors, 
generates heat to the point that such a component could be damaged if 
the heat was left to dissipate naturally, and some method of removing 
heat is required to maintain a component core temperature lower than 
that which would cause the damage. 


The method of removing heat — known as heatsinking — usually relies 
on mechanically connecting the component to a large mass of metal. As 
metal is a heat conductor, heat from the component core is thus shunted 
away, preventing damage. 


Inside an electronic device’s housing, components which may heat up 
to the point of damage can be protected with readily available push-, 
clip-, or bolt-on heatsinks; a selection is shown in Figure 6.25. Typically, 
the larger metal surface of the heatsinks allows a degree of cooling just 
because of increased natural convection. To increase the surface area 
and air flow around heatsinks, they are often finned. 


Most heatsinks of this type are simply fitted to the component in question 
and then forgotten about, so they provide quite an easy way of providing 
component cooling. They do, however, only have a limited ability to aid 
component cooling. 
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FicurRE 6.25 A selection of small heatsinks. 


Where components are likely to get hotter than such heatsinks can cope 
with, a common trick is to mount the components on a panel of the 
housing (assuming the housing is metal, of course). 


All these heatsinking methods rely on the fact that the medium directly 
in contact with the hot component will dissipate heat sufficiently to 
maintain an acceptably low temperature. When deciding which heatsink 
is required for which component, there are five main variables which 
need to be considered. 


Five variables of heatsinks 


e TEMPERATURE of the component's surface. What is the maximum 
temperature the component can reach when operating under circuit 
conditions? 


e TEMPERATURE of the surroundings. What is the maximum ambient 
temperature? 


e THERMAL resistance of the junction between the component and 
the heatsink medium. How easily does heat flow from one to the other? 


e ABILITY of the heatsink to dissipate heat 


e ELECTRICAL conductance. Components are metal, heatsinks are 
metal, metal conducts electricity — so is there likelihood of short circuits? 
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If you are designing an electronic circuit from scratch, then you need to 
know or at least be able to calculate all the above variables to ensure 
that a heatsink will do its job properly. If you are simply building a 
circuit from a magazine or book such as this one, then you don’t need to 
do any calculatons — simply use the heatsink that is recommended. 


Whether you design a circuit yourself, or follow one, there is a particular 
method when using a heatsink to make sure the best performance is 
obtained. 


The problem is that the surface of a component, and the surface of a 
heatsink are not always perfectly flat. Small air pockets always exist 
which restrict heat flow from the component to the heatsink — known as 
the thermal conductivity. 


Thermal conductivity can be improved by coating both surfaces with 
thermal compound (sometimes known as thermal joint compound, 

or heatsink compound, or thermal grease). This is a silicone oil based 
grease, impregnated with metal (usually zinc or silver) particles, which 
fills in air pockets and promotes heat flow. It’s usually supplied in tubes 
or syringes (see Figure 6.26) for easy application. 


Using it it quite easy: apply a small amount to your finger, then rub your 
finger and thumb together to thin the compound out, then apply some to 
each surface. 


Finally, mate the surfaces. 


A, W 
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Ficure 6.26 Thermal compound — supplied in various ways. Put a small amount on your finger and 
rub between finger and thumb before applying to a component or heatsink surfaces. 
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> FYI < 


Even mounting components on a metal housing’s 
panel may not provide sufficient cooling for some 
applications. Better cooling methods need then to be 
adopted — the most common of which is the fan 
(seen most often in large computers) which helps to 
ponent and heatsink! Too ensure that air flows round hot components. Other 
much compound restricts heat heatsinking methods exist, including heat exchange, 
flow just as much as too little refrigeration and water-cooled systems, but these 
compound. are generally beyond the scope of the beginner to 
electronics construction. 


Take Note 


It is important not to have 
too thick a layer of thermal 
compound between com- 


To make sure no electrical connection occurs between a component or 
its heatsink, use an insulating washer and plastic mounting tab or bush. 
Traditionally, insulating washers are commonly made of the insulator 
mica, but increasingly popular are silcon rubber washers. Both are 
shown in Figure 6.27 along with an insulating mounting tab. Note that 
the size and shape of the insulating washer depends totally on the size 
and shape of component it is for. The washers shown in Figure 6.27 

are meant to fit a TO220-type transistor shape component. Insulating 
washers — obviously — fit between the component and the heatsink, 
so introduce another two surfaces into the equation, so when applying 
thermal compound prior to fitting a heatsink, put thermal compound on 
all four surfaces. 


FIGURE 6.27 Insulating washers: left is a mica washer, right is a silcon rubber washer. In the middle 
is an insulating mounting tab. 
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The component needs to be fastened mechanically to the heatsink in 
some way. When fastening a component to a housing panel the usual 
method is with a small nut and bolt. The plastic insulating mounting tab 
ensures that the nut and bolt used do not cause a short circuit between 
the component and the housing panel. The way the arrangement should 
be fitted together is shown in Figure 6.28. 


Insulating washer Housing panel 


Bolt 
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Printed circuit board 
Front view Side view 


FicuRE 6.28 Bolting a component — in this case a voltage regulator integrated circuit — complete 
with insulating washer and mounting bush, to a heatsink. 


Figure 6.29 shows an actual application of heatsinking components, in 
the Bench Power Supply project of Chapter 8. Here you can see the three 
voltage regulators that are heatsinked to the rear panel of the project 
housing. 


FicuRE 6.29 Showing three components, heatsinked to a metal housing rear panel. 
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Take Note 


Electrical conductance does not need usually to be taken into consideration where a 
heatsink is a simple push-, clip-, or bolt-on type, that is fastened directly to an indi- 
vidual component on a printed circuit board. After all, as long as the heatsink touches 
nothing else metallic, there can be no danger of short circuits. 


However, electrical conductance for a component mounted onto a metal housing’s 
back panel for heatsinking purposes is of prime importance — several components of 
circuit parts (the printed circuit board, connectors, controls, power supply parts and 
so on) may also be mounted on the housing. Here, problems of possible short circuits 
need to be taken seriously. Some form of insulating washer should be used to prevent 
electrical connection between the component and the housing. 


Wiring of all parts 

In some instances, once a printed circuit board is mounted in its housing, 
the electronic device is complete, and it only requires the housing lid to 
be fastened on for final completion. In most instances though, there will 
remain some wiring of internal parts together. 


If you are building an electronic device from a magazine or book 
design any internal wiring will usually be shown as a wiring diagram, 
although this is normally topographic — ie, like a railway map, it shows 
theoretical connections but not the actual routes. More often than not, 
how the wires themselves are connected between parts is left to you, 
the constructor to determine. With this in mind, there are some basic 
guidelines, but the rest is up to you. 


Generally, use multi-stranded insulated wire for connections. 


Multi-stranded wire types and uses 


e FOR low voltage, low power connections a suitable choice is 
known as 7/0.2 equipment wire (which means it has seven strands 
of wire, each one being 0.2 mm in diameter). This is flexible and easy to 
route inside housings. 


CONTINUED... 
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..:. CONTINUED 


e AN alternative to individual wires is ribbon cable (ie, several 
strands of insulated 7/0.2 wires, moulded together side-by-side). Rib- 
bon cable has an advantage over single equipment wire in that where mul- 
tiple connection are made between internal parts, connections are grouped. 
Ribbon cable is available with each strand a different colour, which makes 
checking connections an easy job, too. Ribbon cable is available in 10-, 20-, 
and 30-way strips, but strips can be easily separated just by pulling, into the 
number of connected strands you want for each connection 


e MAINS or higher power connections must be made with thicker 
multi-stranded wire (eg, 16/0.2, 24/0.2, or 32/0.2). Often the magazine 


or book will specify the exact type to use 


As construction of the circuit and wiring goes on there may be instances 
where several lengths of wires follow the same route. As a matter of 
neatness, and to prevent wire movement (which could cause soldered 
joints to come apart) it’s a good idea to tie the lengths together. Plastic 
cable ties are ideal for this job. An alternative is the cable clip, which 
comes with a double-sided adhesive pad to stick the clip onto a housing 
panel. Use ties or clips at least every 100 mm or so along panels, and at 
corners where the grouped wires go round. 


> FYI < 


In the ‘good old days’ tying of cables was done with 
special continuous cable tie cord, and was more a 
work of art than a technique. Fortunately, ‘good old 
plastic’ cable ties do an equally good job these days. 


Where wires are grouped and tied or clipped together into cables, it can 
become tricky working out which wire is which. If you have a selection 
of coloured wires this can help, as can using coloured ribbon cable. 

But where you have more than just a few of these, you still might find it 
awkward. If this is the case, use cable markers. These are small plastic 
rings, placed over each end of wires before soldering. They can be 
coloured, and also numbered. 
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Mains wiring 

The wiring of electronic circuits which use mains power bears particular 
mention. Mains power is, of course, dangerous — potentially lethal 

— and precautions must be taken when you intend to build a circuit 
which uses it. 


General guidelines for mains wiring 


e IN general, use a metal housing for any electronic circuit you 
construct that has a mains power supply. Use three-core mains cable 
(ie, with live, neutral, and earth wires), and make sure the cable enters the 
housing using a good quality cable entry clamp, properly tightened so that 
connections are not strained. A selection of cable entry clamps is shown 
in Figure 6.30. You must ensure the clamp is the correct size for the cable 


vn 


FicurE 6.30 Cable entry clamps for use when mains cable enters a housing. 


e AN alternative to a cable entry clamp is a good quality plug and 
socket connector — such as that shown in Figure 6.21. 


e USE insulating sleeving over all soldered connections, to ensure 
that no mains electrical parts are exposed. Push the sleeving onto a 
wire prior to soldering it to a connection. After soldering push the sleeving 
back along the wire, and over the soldered joint, as in Figure 6.31. 


CONTINUED... 
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FicuRE 6.31 Using insulating sleeving over a mains circuit soldered joint. Here 
the joint has been made, and the sleeving is being pushed into position to cover the 
joint. 


ALL soldered connections must be made good mechanically, prior 
to soldering. Thus, if the soldered conection comes loose, the wire is still 
held in place. 


MAINS live and neutral wires should go straight to an on/off 
switch. Use a double-pole on-off switch for this purpose, and connect the 
live connection to one pole, and the neutral connection to the other. Such a 
switch ensures that the following circuitry is completely disconnected from 
mains when the switch is switched off. 


TO protect the electronics circuit (and you, for that matter) from 
damage in case of an internal fault, use a panel-mounted fuse holder, 
with a fuse rating no greater than that specified in the magazine or 
book the electronic circuit comes from. Mains live is taken directly from 
the other contact of the live pole of the on/off switch to the central connec- 
tion of the fuse holder (thus, if the fuse is removed when the device is con- 
nected to mains, no contact can be made to a live part). 


CONTINUED... 
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..:. CONTINUED 


e THE earth wire in the mains cable must go directly to a bolted con- 
nection on the housing chassis. Use a solder tag on the earth wire, and 
shakeproof washers on the bolt, to ensure the bolted connection is reliable 
over the long term. 


e CHECK, double-check, and triple-check all connections and the 
circuit prior to connecting to mains power. 


Figure 6.32 shows a general wiring diagram for mains powered 
electronic circuits which follows these guidelines. 


Cable clamp, mains switch and fuse 
Three-core holder mounted on front/rear housing 
mains flex panels according to your design 


Panel-mounted fuse holder 

— fuse rating must be no 
DPDT mains higher than specified Housing panel — 
switch 


RE ETEB HR 


All connections must be made 
physically secure, then soldered, 
then covered with insulating sleeving 


Transformer 


Figure 6.32 A general wiring diagram for mains powered circuits. 


Take Note 


If a single-pole switch is used, even if it is in the live circuit on construction, at some 


stage somebody may rewire the mains plug incorrectly, at which point the switch is 
then in the neutral circuit and the remaining circuit will be live even if the switch is 
turned off! A double-pole switch prevents this situation. 
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Front and rear panel labelling 
When an electronic circuit is mounted in a housing, and all connectors 
and controls are fitted, then the device is ready for use. Well, not quite! 


The main interface between you and the electronic circuit you've just 
made is the housing’s front panel and all its controls and connections. 
With maybe just a couple of these, you probably remember what each is, 
or does. But if there are more than just a couple, it becomes increasingly 
difficult to remember. And if anyone else needs to use the device, how 
will they even know at all? 


The answer is that your front panel (and possibly the rear panel if there 
are controls and connections round the back) should be labelled. 


Labelling is all part of the process which is often called finishing off. The 
point is though, that far from being a process you undertake at the finish 
of building a circuit, you need to be considering the front and rear panel 
and its layout right at the very earliest design stages. 


For a start, labelling can’t possibly be the last thing you do — to put 
labels on, all controls and connections need to be removed so that you 
can work on a clean, flat panel. So, when you think about it, Labelling is 
not actually a finishing off process, it has to be done quite a bit earlier on 
in the whole build. 


Panel labelling 

Once you know the layout of the panels, and have drilled holes for 

all control and connectors you can start labelling. There are several 
methods for this. The simplest would be merely writing the labels on 
with a permanent ink marker pen, but of course that would not make a 
particularly good-looking end result. 


A much better method however is to use rub-down transfer letters. These 
are available in hundreds of typefaces (more commonly called fonts and 
sizes), and it is quite simple to create a good effect with a bit of practice. 


Transfers such as these are available in sheets, and any good stationers 
will stock them or order them for you. Ask to see their catalogues to see 
the range of typefaces available. 
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Key points when labelling with rub-down transfers: 


e USE guidelines to ensure labels are level. Rule faint lines in pencil, or 
stick lengths of tape along the length of the panel 


e TAKE care when centring labels around controls or connections 
— if they go too far to one side or the other they will look odd 


e GROUP controls and connectors where you can. Perhaps ring them 
using some rub-down transfer lines, so that they appear cohesive in one part 
of the panel 


e USE a typeface of only a few millimetres high for most labels. This 
equates to a publishing measurement (in points), of around 12 to 16 points 


e USE a plain typeface for most labels. in publishing-speak, this could 
be a sans serif font 


e USE a more ornate typeface if you want for the main descriptive 
label — eg, Audio Amplifier. 


Using a computer 

If you have access to a computer, you can use it to aid when labelling 

a housing. First you can design the panel layout on screen, simply to 
give yourself a good idea of what looks good — even if you opt to use 
rub-down transfer lettering to actually do the labelling in the end. All 
you need is a fairly basic illustration application of some description on 
your computer. There are several such applications available, and even a 
fairly basic image manipulation application (such as you probably have 
bundled with your printer, for working with photographs, say) can often 
produce good results. All it needs to be able to do is to use the range of 
fonts and sizes your computer already has installed, and perhaps draw a 
few lines. Of course, a proper illustration application is best. 


Designing a good-looking label is not rocket science — the key points 
above can help. The advantage of designing the panel on a computer 
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screen, though, is that you can make adjustments until you get it just 
right. Figure 6.33 shows the sort of label you can hope to create using 
a computer. Note the outside marks, which act as registration marks to 
make sure the label will fit the panel exactly. 


Marks showing edge of housing panel — effectively forming 
cutting lines so you can trim the label after printing 


PS Ma 


Keith's « Significant Pro oject 


Marks showing drill hole 
positions for mounting 


connectors, indicators, 


and controls 
Input Main Secondary 
AE Control | Control | 
Most labels should be small and plain — although Use grouping lines to make 
the main descriptive title can be more ornate controls easier to use 


Ficure 6.33 A computer-generated front panel. 


Better than this though, after you have designed the panel label on 
screen, you can print it out using a printer, then attach the whole label 

to the housing panel in one step. You don't even need a particularly 
expensive printer to do this — most modern inkjet printers produced 
over the last few years would work. As you are printing the label, you 
are not restricted to just monochrome, and judicial use of colours can be 
used to make the housing more attractive. 


Simplest way here is to print the design onto photographic paper (glossy 
or matt, whichever you prefer). The paper can be trimmed to size, then 
stuck to the housing panel using adhesive (a spray adhesive is ideal for 
this task). 


Alternatively, if your printer is capable, you can print the design onto 
acetate transparency. Print the design in mirror-image format on the back 
of the acetate sheet, then trim the acetate to fit. Stick the acetate onto 
paper (white or coloured, for the desired effect), then stick the whole 
thing onto the housing panel. 
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One of the best methods of labelling using a computer is with the Quick- 
Laser system, shown in Figure 6.34. In this process, special coloured 
polyester sheets with optional, die-cut and peel-off sections (similar in 
principle to address labels for envelopes) are used together with a laser 
printer to produce very high-quality self-adhesive labels. 


Ficure 6.34 The Quick-Laser system uses coloured polyester sheets to produce labels from a 
computer and laser printer (Mega Electronics UK). 


House! 

Finally, after you've labelled the housing, you can refit the controls 
and connectors, and your electronic device is complete. Congratulate 
yourself! 
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At some time or another, anyone and everyone who has more than a 
passing interest in electronics has built a circuit up, perhaps spending a 
great deal of time not to mention money in doing so, only to find that it 
doesn't work. Even the professionals encounter this, so what chance have 
people like you or | got in producing a working and reliable circuit? 


Well, fortunately, we have a remarkably good chance of doing so, 
particularly if we follow a fairly logical and straightforward approach to 
building electronic circuits in the first place. Fortunately also, in the vast 
majority of cases the reasons why circuits don’t work is that there is some 
form of easily identifiable mechanical fault. 


So, by a combined strategy of building electronics circuits properly in 
the first place (so that they do work first time usually), and being able 

to identify and correct the cause or causes of them not working in the 
second place, then we all stand an extremely good chance of being able 
to produce working circuits. 


That is what this chapter, indeed, what this whole book, is all about 

— producing a combined strategy of proper building techniques so 

that (hopefully) circuits will work first time, together with the means of 
identifying the problems and faults in those circuits that do not work first 
time. 


Hint 


Remember: fault-finding is not just about locating 


what you’ve done wrong after you think you’ve 
finished — it’s about locating what you did wrong 
BEFORE you think you'd finished... 
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A strategy of building electronic circuits 

With all this in mind, it’s obvious that to prevent faults in a circuit which 
you will have to spend time fault-finding later, it’s better to take care 
when building your circuit in the first place so that the faults simply don't 
occur. Remember the old saying: a stitch in time saves nine. 


As such, I’m going to give you, first, a fairly straightforward list of things 
that you should do when building an electronic circuit which, if you do 
follow will help to largely negate the need for fault-finding afterwards. 
This list is based on a knowledge of what faults typically do occur in 
electronic circuits, and what's more, why those faults occur. At the end 
of the chapter, l'Il then give you a method of fault-finding which will see 
you in good stead for the rest of your electronics constructional life. 


A Strategy To Follow 


KEEP CLEAN — every part of the electronic circuit. Printed circuit board 
track, component leads and so on can all be affected by dirt and grease to 
the extent that soldered joints are not properly made. Worse, dirt or grease in 
a joint can affect its performance over time — it might work initially but stop 
working after a short while. Often, just cleaning the parts is enough to ensure 
a good joint. 


CLOSELY INSPECT — the printed circuit board. Your complete electronic 
device depends totally on the printed circuit board. A minor imperfection 
(such as a crack in the copper foil track), or a hairline short circuit of copper 
between tracks which are not intended to be connected will prevent a circuit 
from working. 


DOUBLE-CHECK — component values. Check once when you choose 
a component that it is the correct value, then check it again after it’s been 
inserted in the board immediately prior to soldering. 


DOUBLE-CHECK — polarized components. Electrolytic capacitors, 
semiconductors and so on must be inserted into a circuit the right way round 
(this is called correct polarization). Check their polarity is correct once when 
you insert the component in the board, then once more immediately prior to 
soldering. 
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TRIPLE-CHECK — component positioning. As you select a compon- 
ent for insertion into a printed circuit board, check its value on the circuit 
diagram. Next, check that the position on the printed circuit board is correct 
according to the layout diagram. Finally, after insertion, recheck both value 
and position again immediately prior to soldering. 


DO NOT — insert more than a handful of components in at a time. if 
you insert too many components in to a printed circuit board before 
soldering them in, they may slip partially out of the circuit board. This may 
create short circuits that affect the circuit’s operation. Only insert a few 
components before soldering them in, then moving on to the next batch. 


WHEN SOLDERING — make sure each and every joint is properly 
made. Check each joint visually immediately after making the joint. Do not 
make hundreds of joints one after another without checking. Read Chapter 
5 thoroughly, and practise making soldered joints until you can make a good 
joint every time. 


AFTER SOLDERING — but before testing. Check for shorts between 


joints, and check for dry joints. 


BUILD STAGES — and test as you go along. Divide the complete circuit 
into complete functional units (most — if not all — circuits can be thought 
of this way) and build each stage up in turn. As you finish one stage you can 
test it, before moving on to build up and test the next stage. In this way, if 
you do have a fault, you have isolated it in the production stage, and so can 
repair it more easily than if the complete circuit is built. 


POWER ON — as a last resort only. Inevitably, when you have finished 
your printed circuit board you want to connect power and see if it works. The 
problem is — if you do and there is a fault such as a short circuit, or if polar- 
ized components have been inserted the wrong way round, or if components 
of the wrong value have been inserted, or for any number of other reasons 
— you could easily cause irreperable damage to components. Take time out 
for a few minutes, then inspect the printed circuit board carefully — use a 
magnifying glass if you have one, to see if you can find any possible faults. 
Remember: once you’ve connected the printed circuit board to its power 
supply it might be too late — a simple fault becomes a big-time problem... 
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Types of faults 

If | was to be pinned down on this issue, | would have to say that in 
99.9999999999999999 (OK, that’s enough!) per cent of cases, the 
reason (or reasons) why a circuit does not work is due to a mechanical 
fault introduced by the person making the circuit. Very rarely — and | 
do mean very rarely — the reason why a circuit does not work properly 
first time is due to a faulty component. This is, quite simply, because 
electronic components are made to a pretty high standard, and are 
quality controlled so that you may rarely expect one to not work. Even 
more rare are those faults which occur due to a circuit (an incorrectly 
specified component, say, or an error in circuit design). 


As a result, when a circuit you have built does not work, the first 

and most important thing to do is assume you are at fault — not the 
components. The second thing to do is look closely at what you have 
done — to find out where you have gone wrong. 


With this in mind, you can now try to isolate the reason why the 
electronic circuit you've built doesn’t work. Check things in the 
following order: 


Finding faults? Walk this way: 
e SOLDERED joint faults 
e PCB faults 


e WIRING faults 


Once you’ve thoroughly checked, and are happy that your soldering, your pcb 
and your wiring is not at fault, then — and only then — you should begin to 
consider the remaining potential causes of faults: 


e CONNECTORS 


e COMPONENTS. 
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Soldered joint faults 

Basically, there are two types of faults that can occur when soldering. 
The first is just a bad, or dry joint. The second is a solder bridge. Figure 
7.1 compares a good joint with a bad joint and a solder bridge. Good 
joints tend to be concave and shiny in appearance. Bad joints tend 

to be blobby (to the point of being ball-shaped) and may be dull in 
appearance. Solder bridges form between copper tracks on the printed 
circuit board. In many cases of bad or bridged joints you can isolate 
each merely with a close visual inspection. It helps, though, if you have 
a magnifying glass and good lighting. 


Good joint, Solder bridge, looks like a good joint, but aos 
concave, shiny component leads that should not be connect 


Bad joint, ball 
shaped, dull 


Figure 7.1 A good joint, a bad joint, and a solder bridge. 


If you spot bad joints, they will need to be resoldered. Note that one of 
the main causes of a bad joint is that the joint was not hot enough before 
solder was applied, so when resoldering a bad joint, make sure it gets 
sufficiently hot first. 


If you spot bridged joints, you need to reheat the joint and remove the 
excess solder. Use either desoldering braid or a desoldering pump for 
this task, but remember that once the solder has been removed you will 
need to reapply fresh solder to make the joint again. 


PCB faults 

Particularly if you make your own printed circuit boards — although 
even if you buy them ready-made — you should be aware that they can 
have faults. So, no matter how good your soldering or circuit building 
techniques are, they will never be able to produce a working electronic 
circuit. A good procedure would therefore be to check the printed circuit 
board, before you even start to solder components into it. 
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Look for three things: 
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1 Bridges between adjacent copper tracks. Sometimes, if the etching 
process hasn't fully completed before the printed circuit board is removed 
from the etchant, or if small areas of etch-resist have not been developed 
fully, small bridges of copper remain between tracks. Sometimes these 
bridges can be extremely thin, but even a hairline bridge forms a short 
circuit. Thoroughly check all copper tracks of the printed circuit board — a 
magnifying glass and good lighting helps. If you spot what you think is a 
bridge, you can confirm it using a multimeter set to resistance measurement. 
Bear in mind that if you find one copper bridge, there is a good chance there 
will be more at other places on the printed circuit board 


2 Broken tracks. In the etching process, a small (even minute) break in 
the resist allows the etchant to remove the copper underneath. If the break 
in the resist cuts across a track, there will be a complete break in that track. 
The circuit built on that printed circuit board will not work correctly. Again, 
there is nothing for it but to first check the copper track visually. If you spot 
a broken track, clean the area to either side of the break with an abrasive 
scrubbing block or abrasive fibreglass pencil, then solder a joint which 
bridges the two sections of copper track 


3 Incorrect or missing track. The copper track on your printed circuit 
board is intended to represent and make all connections between com- 
ponents in the circuit diagram. If you have designed your own printed circuit 
board from a circuit diagram then made it yourself, there is the potential that 
somewhere in the copper foil track layout design process you have made 
an error. If the completed electronic circuit does not work, then as part of 
the fault-finding process you need to double-check your printed circuit 
board’s copper foil track layout. Make sure that all connections on the circuit 
diagram have a corresponding connection on the copper foil track — if any 
connections are missing, then the circuit parts are effectively open circuit. If 
you find any connections missing, make them using a small length of 7/0.2 
wire. Strip a very short amount of insulation from each end of the wire, then 
tin each end before soldering it into place to make the missing connec- 
tion. Also make sure there are no extra connections (possibly forming what 
amounts to short circuits between circuit parts) that should not be in the 
copper foil track. If you find a connection present that should not be, cut 
through the copper track using a craft knife or similar to break it. 
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Wiring faults 

When constructing any electronic device, mounting the printed circuit 
board in a housing, then connecting the printed circuit board to controls 
and connectors, wiring is always an issue and a potential area for faults 
to arise. If you suspect wiring to be the problem (or, at least, you have 
gone through the processes above and the circuit still does not work), 
check the wiring against the wiring diagram. Isolate each connection 

in turn between the printed circuit board and housing-mounted control 
and connectors, and make sure each end of it connects to its correct 
places. Look out for bad soldered joints at each end. Note that some 
connection terminals on connectors are relatively large metal terminals 
(at least in comparison with copper foil track connections), and soldering 
a connection to them requires significantly more heat than it does to 
printed circuit board joints. As a result, it’s easy to make a bad joint to 
such terminals. Resolder any joints that look in any way suspect. 


Connectors 

After soldering errors, printed circuit board faults, and wiring errors, the 
next most important cause of faults in electronic devices is that due to 
connector faults. Most of these occur after time and use, but you still 
must consider connectors as a potential cause for faults if you have 
worked through all the processes covered already in this chapter. 


It is often easy to check that a connector is doing its job by using a 
multimeter set to resistance measurement mode. If resistance is infinite 
between one end of the connector and the other, the connection is open 
circuit. If two or more terminals on one side of the connector have zero 
resistance between them, the connections are short circuited. 


Components 

Finally, once you have gone through all the processes above to 
check soldered joints, printed circuit board copper foil tracks, wiring, 
and connectors, you can begin to suspect that one or more of the 
components is faulty. 


Bear in mind though, that it may even be that one of the faults you 

have already found as you work through the processes in this chapter 
has actually caused one or more of the components on the printed 
circuit board to be damaged. A short circuit due to a solder bridge or 
copper track bridge, say, might cause sufficient current to pass through 
a component not designed to cope with the current to be damaged. So, 
even though you might have found one fault (or more) in your soldering 
or the printed circuit board, or the wiring, others may have been created 
by this. 
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Down with fault-finding 

It's not the intention of this book to cover all fault-finding processes 
when all the processes have been followed and we are finally down to 
component level. There are, though, many other books on this topic. Just 
remember that fault-finding at component level must be the very last 
resort. 


Instead, my intention in this book is to help the beginner to the 
construction of electronic circuits and devices see that fault-finding is not 
a process distinct and separate from the construction processes. Fault- 
finding should be, in fact, completely integral with the constructional 
processes. 


Indeed, it should be so integral that checking for faults and correcting 
them as they occur should be natural to the constructor. So integral 
that you shouldn't even think of fault-finding as a distinct and separate 
process at all. 


With this in mind, shown opposite is a method of fault-finding which 
comprises a general list of things to do and bear in mind as you construct 
any electronic circuit or device. As you become more experienced in 
electronics construction, the list should begin to become second nature 
to you. 


Picture this! 

So far, we've only looked at the theory behind fault-finding, trying to 
isolate the areas where faults can arise, what sorts of faults there may be, 
and what causes them. For the rest of this chapter we can take a look at 
what these faults actually look like. 


Fortunately, several mechanical printed circuit board faults can be 

fairly readily identified with a close visual inspection. However, for the 
beginner to electronics construction (and, indeed, for even the not- 
such-a-beginnner!) it's not always easy to identify them, simply because 
finding something when you don't know what it looks like is like looking 
for a needle in a haystack when you’re blindfolded. 


So, for the remainder of this chapter, some photographs of the most 
common printed circuit board soldering faults are given, in Figures 7.2 to 
7.14. 
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A total method of fault-finding: 


e KNOW the circuit, and how it works. Break it up into logical black box 
sections. Often, the magazine or book giving the circuit will do this for you, 
in a separate ‘How it Works’ section, but if not, try to do it yourself. The more 
you understand how a circuit works, the easier it becomes to construct and 
get working! 


e CHECK the plain printed circuit board. Check it for any short circuits. 
Check it for any broken tracks. Check that it follows the circuit, with copper 
foil track for every connection within the circuit, and with no extra connec- 
tions 


e BUILD one section of the circuit at a time. Insert and solder only 
those components within that section, then check the section works fully be- 
fore you start the next section. If one section does not work, find and correct 
the fault before you start the next section. This way, any faults should lie only 
in the last section you built 


e ONCE the printed circuit board is complete, with all components 
‘stuffed’, check that it works. If not, as long as you have been following 
this method, the fault should again lie in the last section you built 


e HOUSE the printed circuit board, together with controls and con- 
nectors 


e CHECK the complete and housed device. 
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Blistering or lifting — where copper track lifts from the board surface, 
usually due to excessive soldering heat. 


FIGURE 7.2 Lifted pads on a printed circuit board. 


Bridging or shorts — where solder joins two or more conductive parts 
which are not meant to be connected. 


Ficure 7.3 Solder bridging between connection pins of an integrated circuit. 
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FIGURE 7.4 A minute solder bridge between two component pads. 


Ficure 7.5 Solder bridging between adjacent printed circuit board tracks. 
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Components lifting — where components become displaced between 
stuffing and soldering. Faults like these don't necessarily cause the circuit 
to malfunction by themselves, but components that do lift may short to 
adjacent components. 


Ficure 7.6 A capacitor that has lifted. 
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Ficure7.7  Aliftedresistor. 
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Ficure 7.8 An integrated circuit that has lifted. 


Cracked joint — if a printed circuit board is not adequately fixed in 
position in a housing, occasionally soldered joints that come under 
mechanical stress can crack, thereby creating a broken connection. 
The hairline cracks so caused are very easy to miss under normal visual 
inspection — a magnifying glass is usually required to see them. 


Ficure 7.9 A cracked joint. 
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Ficure 7.10 Another cracked joint. 


Dewetting — where an initial bond is formed when soldering, followed 
by a withdrawal of solder from the joint, leaving irregular shaped 
mounds of solder separated by areas covered only with a thin solder 
film. 


Ficure 7.11 Dewetting between two connected component lands. 


190 


Fault-finding 


FiGuRE 7.12  Dewetting of component lands. 


Excessive solder — too much solder on a joint — this may also cause 
bridging with local lands. 


Figure 7.13 Excessive solder looks like a blob on the printed circuit board. 
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Solder voids — too little solder on a joint creates a potential weakness. 


FIGURE 7.14 A solder void on a component land. 
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While this book so far has been quite theoretical in parts, | hope | haven't 
lost you all to sleep... 


To wake you up again if you did succumb to the effects of boredom 
while I’ve waffled on, I’ve included some projects in this chapter that you 
can choose to construct if you want. 


Even if you choose not to construct them, the projects are still highly 
useful, in that they illustrate many of the processes that | have covered 
throughout the book. They are graded to a limited extent — the first ones 
being easiest to build and the later ones being harder. That's not to say 
that if you want to construct one of the later circuits first you shouldn't be 
put off by its greater practical requirements — with the exception of the 
last project — the mains-powered Bench Power Supply. The principles, 
after all, of contructing any electronics circuit are the same whatever the 
complexity, and are covered in detail throughout this book. So, if you 
decide to build any of the projects, hopefully all the information you 
need to do so is somewhere in these pages for you to read. 


Take Note 


The last project — a mains-powered power supply — should not be attempted unless 
you are confident of your skills. Mains voltages are dangerous — potentially lethal — and 


extreme care must be exercised when constructing the project to prevent a situation 
arising where a user comes into contact with those voltages. 

In short, if you are not confident of your skills, and do not take requisite care — do not 
construct this project! 
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The projects 

| thought long and hard about these projects, trying to weigh up 
complexity, ease-of-construction, and usefulness, aiming to get a balance 
between all three. What | decided early on was to promote what | feel 

is the best way of constructing projects, not necessarily the easiest. For 
instance, | have eschewed the use of stripboard construction, instead 
giving only printed circuit board descriptions and layouts. My reason 

in doing that is because stripboard is, in essence, merely a prototyping 
method of construction, not the sort of method | want to promote to my 
readers in the final projects in my book. 


My feeling is though, that in a modern electronic circuit, the printed 
circuit board is as much a component of the final device as any other 
part. It is not merely a method of making connections between parts of 

a device — it is a part of the device in its own right! Indeed, in many 
circuits, how the printed circuit board is made, how it is designed, where 
all the components are physically placed in relation to each other, and 

in fact what it is made of, can all define how the circuit works, or even 
whether the circuit works. 


Likewise, though not so important to the working of an electronic circuit, 
the housing used for a circuit is worth bearing in mind. A good housing 
can help to make a good electronic device; a poor housing inevitably 
makes a poor device. You can’t make a silk purse from a sow’s ear, and 

if your project is housed in a sow's ear of a housing, then no matter how 
well the circuit works, no matter how much hard graft you've put into it, 
your project simply can’t be a silk purse. 


So, on to the projects themselves. There are four, listed with brief details 
and grading for complexity below. 


The four projects: 


1 Car-to-USB Power Supply. Allows certain devices (digital audio 
players, mobile phones and so on) to be powered and recharged in 
your car. Easy. 

2 Heart Flasher. Fun device to show your love. Moderate. 

3 Guitar Headphone Amplifier. Don’t wake the neighbours while 
fingering your frets. Moderate. 


4 Bench Power Supply. Useful test-bench equipment you can use to 
power other circuits you build. Hard. 
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Note that even though I class them as being between easy and hard 

to build, none of them is beyond the scope of most competent DIY-ers 
and, with the exception of the Bench Power Pupply (which is mains- 
powered), you shouldn’t worry too much about things going wrong, as 
the only damage you're likely to do even if you bodge up totally is to 
ruin a couple of cheap electronic components. 


Furthermore, if you read this book first, and follow constructional details 
given here, things shouldn't go wrong at all. 


Car-to-USB Power Supply 

These days, rechargeable battery-powered consumer devices are 
becoming increasingly more complex. As many of them are now often 
linked with computers, they can often be recharged via the computer 
connection. Digital audio players (sometimes called mp3 players — a 
misnomer, as most play music files in other formats than just mp3) are 
the commonest such device, although some mobile phones and other 
devices seem to be going the same way. 


A computer connection most commonly relies on a universal serial 

bus (USB) connection, from which the device can obtain its recharging 
power, as the USB interface allows a certain level of power (5 V, at up to 
500 mA) through the connector. Away from a computer, however, users 
have to rely on another source or recharging power if the battery runs 
low on their devices. Typically, this is in the form of a mains-powered 
recharger. This is fine if you are within reach of a mains power socket. 
Not so fine though if you are further afield than that — in the car, say. 

A useful project if you have a USB-rechargeable device is therefore the 
Car-to-USB Power Supply — shown in Figure 8.1, and detailed first. 


Figure 8.1 The Car-to-USB Power Supply. 
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Principle 

The Car-to-USB Power Supply project here uses a car's internal low 
voltage electrical circuit to allow a USB-rechargeable device to be 
recharged. It does this by connecting to the car's electrical circuit using 
a cigar lighter plug that plugs into the car's cigar lighter socket. The 

low voltage (between about 11 V and 14 V DC) is regulated within the 
Car-to-USB Power Supply down to exactly 5 V DC, and supplied to a 
standard USB A-type socket (the same sort that's on any modern personal 
computer). 


The principle of the Car-to-USB Power Supply is shown in Figure 8.2, 
where these three main stages are identified. 


Take Note 


The output from the Car-to-USB Power Sup- 

ply project is not suitable for direct connection to 
rechargeable batteries, so you shouldn’t use it to 
connect straight to, say, a battery pack. Such packs 


require some form of control circuitry to ensure only 
the correct recharge voltage and current is applied. 
The output of the Car-to-USB Power Supply is a 
basic 5 V DC regulated supply at up to1A, and 
control circuitry (always present within a rechargeable 
battery-powered consumer device) is still required. 


Stage 1 


Stage 2 
Car voltage = 11-14VDC ” 


A 3 
USB voltage = 5VDC 
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Voltage 
regulation 


Cigar lighter plug USB type-A socket 


Figure 8.2 The Car-to-USB Power Supply principle. 
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Circuit 

The Car-to-USB Power Supply circuit is shown in Figure 8.3. It’s not the 
world’s most complicated circuit as you'll appreciate, with the grand 
total of only five components. It does however, introduce an important 
principle — that of the integrated circuit voltage regulator (IC 1). Voltage 
regulation is a process whereby an unregulated or varying DC voltage is 
changed to a regulated or fixed one. In this project a car's main voltage is 
around 12 V DC, but can vary between about 11 V and 14 V, depending 
on the state of the car battery and whether the engine is running, so is 
effectively unregulated. The USB specification, on the other hand, calls 
for a regulated 5 V DC supply. So what is required is a voltage regulator 
that takes the unregulated input of 11 to 14 V DC, and gives a regulated 
output of the required 5 V DC. Integrated circuit IC1 does just that. 


IC1 = 7805 


USB type-A socket 
Cigar lighter plug 


Figure 8.3 The Car-to-USB Power Supply circuit. 


The remainder of the circuit merely aids this. Diode D1 protects the 
remainder of the circuit against reverse polarity connection (say, if 

you wired the project incorrectly so the input voltage was reversed). 
Capacitor C1 acts as a current reservoir, ensuring that sharp voltage 
peaks and troughs don't pass through the circuit to the output. Resistor 
R1 and capacitor C2 aid this. 


Construction 

Voltage regulator IC1 has a maximum voltage dropped across it of about 
9 V (the maximum 14 V car voltage, minus the 5 V output voltage). At 
the USB specification of a maximum of 500 mA, the maximum power it 
dissipates is: 


P = IV = 500 mA x 9 V = 4.5 watts 
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As a result, there is a potential heat problem if the voltage regulator is 
free-standing while operating in worst-case conditions, and it requires 
some form of heatsinking to aid heat dissipation and keep it cooler. The 
easiest way to provide heatsinking is — and that's the method used here 
— to bolt it to a metal housing. The metal housing conducts heat away 
from the voltage regulator quite efficiently. 


> FYI < 


Actually, voltage regulators like IC1 are protected from overheating 
by their internal circuitry. If such a voltage regulator gets too hot, an 
internal thermal cutout control turns the output supply off until it cools 
down again. Heatsinking merely aids in preventing the cutout situation 
happening. 


None of the components are critical. Any of the 7805 variety of 1 A 
voltage regulators is usable, and neither the resistor nor the capacitors 
need to be closely matched. Capacitor C1 should have a voltage 
specification of at least the car's voltage, so 16 V is the next highest 
standard limit. The only component which needs matching in any way is 
the USB socket — as it’s a board-mounting variety you should make sure 
you obtain the correct fitment. Alternatively, you could just adapt the 
printed circuit board copper foil track layout to suit the one you buy. 


The printed circuit board layout is shown in Figure 8.4. Start construction 
by fitting and soldering the terminal pins, diode D1, resistor R1 and 
capacitors C1 and C2 into the printed circuit board, checking polarity of 
the electrolytic capacitor C1 prior to soldering. 


USB/car power 


i 

1C1 
Y 
Component side 


Ficure 8.4 Printed circuit board layout of the Car-to-USB Power Supply (actual size). 
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Next up, fit the USB connector to the board. Note that it has four 
connection terminals, while two extra tabs are used to hold the whole 
socket in place. The tabs require larger holes (about 2 mm) to be drilled 
prior to mounting. Bend the lugs of the extra tabs over once the socket is 
in place on the printed circuit board, to provide extra strength. Solder the 
tabs to the printed circuit board along with the four terminals. 


Take Note 


The four connection terminals of a USB type-A socket 
are numbered as shown in Figure 8.5. 


e 


Pins 12 3 4 


Ficure 8.5 USB type-A socket, as viewed 
from the outside. 


Now fit the voltage regulator IC1 — note though that if you intend using 
a small diecast metal housing like the one used in the project here, the 
regulator must be fitted very close to the printed circuit board, with 
only 1 or 2 mm clearance, in order that there is enough room for the 
completed printed circuit board to fit inside the housing. To allow the 
regulator to fit this closely to the printed circuit board, the component 
holes need to be larger than 1 mm to allow the wide top end of the 
regulator pins to go through the board — as shown in Figure 8.6. Use a 
1.5 mm drill for these holes. 


Voltage regulator IC1 


Printed circuit board 
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Drill 1.5mm holes 
i Wider part of pins go 
o through board 


Ficure 8.6 — Fit the voltage regulator close to the board to reduce its height — this way, a smaller 
housing can be used. 
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Now solder the ends of the connection lead to the terminal pins. This 
completes the printed circuit board construction. 


Drill the housing to take the cable clamp, the bolt to hold the voltage 
regulator, and two bolts for spacers. File a slot to take the USB connector. 
When complete, the housing should look something like that in 

Figure 8.7. 


Figure 8.7 Showing holes and slot in the Car-to-USB Power Supply housing. 


Fit the two printed circuit board mounting bolts to the inside of the 
housing, using washers and nuts to act as spacers (to prevent the 
soldered connections on the underside of the printed circuit from 
touching the metal housing). Next, feed the free end of the connection 
lead through the cable clamp hole. Rub some heatsink compound on 
the voltage regulator tab and on the inside of the housing where the 
regulator is to be bolted. Offer the complete printed circuit into place 
inside the housing onto the mounting bolts. Insert the voltage regulator 
bolt through from the outside, fitting a washer and nut on the inside. Fit 
washers and nuts to the mounting bolts to hold the printed circuit board 
in place. Tighten all bolts to hold the printed circuit board firmly. 


Take Note 


Note that no insulating washer is needed between the voltage regulator and the hous- 


ing. The metal tab of the voltage regulator is at O V, so there is no risk of short circuiting 
between the voltage regulator and other components, or the housing and other parts 
within the car. 
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Finally, connect the cigar lighter plug to the free end of the connection 
lead. Make sure that polarity is correct — that is, the positive connection 
is the inner terminal of the plug. 


Figure 8.8 shows the printed circuit board copper foil track layout. 


Solder side = 


Ficure 8.8 Printed circuit board copper foil track layout of the Car-to-USB Power Supply (actual 
size). 


Parts list 


Semiconductors 
ICI 7805 voltage regulator 
DI IN4001 diode 


Resistors 
RI 10k 0.125 watt 


Capacitors 
CI 220p, 16V radial electrolytic 
C2 100n polypropylene 


Miscellaneous 

Printed circuit board 

Housing, diecast aluminium (approximate 
dimensions 52 by 38 by 32 mm) 

USB type-A, printed circuit board-mounting socket 

Car cigar lighter plug 

Two-core insulated wire — to take at least 0.5 A 

Cable clamp 
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Heart Flasher 

OK, | admit it! This is just a fun thing. It’s not a practical project at all 
really — scoring zero on a usefulness rating, it's just meant for a bit of a 
laugh. Nevertheless, the project does have some purpose, introducing 
readers to some solid electronic circuit concepts and providing a handy 
basis from which to practise some circuit building techniques. 


The heart of the project — excuse the pun — is an array of light emitting 
diodes (LEDs), that flash on then off in an ordered and sequential 
manner, such that the physical shape of the array forms a heart 
appearance. Persistance of vision as the LEDs flash on and off means that 
to the observer the heart shape appears vibrant and pulsing (Figure 8.9). 
Just the thing to build and give to your loved one as, say a soppy 
Valentine's Day present, or just for fun. 


my button 


DURACELL 


FIGURE 8.9 Wear your heart on your sleeve with the Heart Flasher. 


Principle 

The Heart Flasher project has three main sections, shown in Figure 8.10. 
Section one is formed around a clock circuit that provides a constant 
electrical pulsing at a rate of approximately 10 cycles a second (10 Hz). 
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Figure 8.10 The principle of the Heart Flasher project. 


Clock Decade counter 


The next section is a decade counter — a type of circuit that counts the 
incoming pulses from the clock, and issues output signals to each of ten 
outputs sequentially. Once the decade counter has counted ten input 
pulses from the clock, it cycles round to start at the first output again. 


The final section of the circuit is an LED array. Some 20 LEDs are used, 
two per sequential output from the decade counter. The LEDs are formed 
into the shape of a heart, so that as they are cycled on and off, the visual 
impact is of a pulsing heart. 


Circuit 

The circuit of the Heart Flasher is given in Figure 8.11. Integrated circuit 
IC1 is a 555 timer, connected as an astable multivibrator, to provide 

a clock signal. Frequency of the astable multivibrator is given by the 
expression: 


f = 1.44/C(R1 + 2[RV1 + R2]) 


which means that the frequency can be adjusted between about 50 Hz 
and 6 Hz. 


IC1 = 555 
IC2 = 4017 


Figure 8.11 Circuit of the Heart Flasher project. 
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The output (from pin 3 of integrated circuit 1C1) is taken to the input of 
integrated circuit IC2, which is a 4017, divide-by-10 Johnson counter 
with decoded outputs. Integrated circuit IC2 presents a high logic level 
at each of its decoded outputs sequentially. While the outputs are shown 
in the circuit as from pins 1-7 and 9-11 of the integrated circuit, the 
outputs are not sequentially in this order. Figure 8.12 shows how the 
actual integrated circuit pin numbers correlate to the decade counter 
outputs. 


Output *0' 
Output *1' 
Output ‘2’ 
Output ‘3’ 
Output ‘4’ 
Output ‘5’ 


Output ‘6’ 


2 
8 
E 
5 
E 
Cc 
a 
= 
E 
G 
3 
pa 
> 
2 
= 


Output ‘7’ 
Output ‘8’ 


Output ‘9’ 


Figure 8.12 Showing how the actual pin numbers of integrated circuit IC1 relate to the decade 
counter outputs. 


Light emitting diodes LEDs 1-20 form the heart-shaped array, driven 
directly by the decade counter outputs. Two LEDs are driven by each 
output, which means that the heart shape is actually made from ten pairs 
of LEDs, rather than twenty individual ones. 


Construction 


While construction of the project is not too complex, care must still be 
taken — particularly with the printed circuit board as it features many 
thin copper tracks and resultant small component pads. Soldering must 
therefore only be undertaken with a pretty fine soldering iron bit tip, and 
preferably only using no higher than a 15-20 watt soldering iron. Figure 
8.13 shows the printed circuit layout and wiring connection details. 
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Heart flasher 
Component side 


All cathodes of all 
LEDs go to the 
inside of the heart 


Ficure 8.13 Printed circuit board layout and wiring connection details of the Heart Flasher. 


First, make sure the printed circuit board fits snugly into the housing, 
filling out the corners to fit the housing corner posts. Insert and solder 
two terminal pins into the printed circuit board. 


There are some fifteen wire links to be made on the printed circuit board, 
and these should be inserted and soldered next. 


Insert and solder the remainder of the components in the following 
order: resistors, capacitors, integrated circuits, and finally the twenty 
LEDs. You can use an integrated circuit holder for integrated circuit 
IC1, but (if you use the same sized housing as used here) you should 
not use a holder for integrated circuit IC2 — the 9 V battery lies above 
this, and if IC2 is in a holder there will not be enough room. Make sure 
that all polarized components (ie, integrated circuits and LEDs) are the 
correct way round prior to soldering. Note that the cathodes of all LEDs 
go to the inside of the heart shape. Also, for visual purposes, make sure 
that all twenty LEDs are mounted at the same height above the board 
— approximately 10 mm. 


Next, solder the battery connector and switch SW1 onto the printed 
circuit board. 


Finally, mark and drill the housing to mount switch SW1, label the 
housing to suit, and complete the project. 
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Press switch SW1 to operate the Heart Flasher, and adjust the flash speed 
to suit by adjusting preset potentiometer RV1. While the flash speed 

is calculated to give a reasonable flash rate, you can adjust the overall 
speed by replacing resistors R1 and R2 with lower values to increase the 
flash rate, or higher values to slow it down. 


Figure 8.14 shows the printed circuit board copper foil track layout. 


y 


r 


Figure 8.14 Printed circuit board copper foil track layout of the Heart Flasher (actual size). 


| Solder side 


Parts list 


Semiconductors 

ICI 555 multivibrator 

IC2 4017 decade counter 
LEDI-20 3 mm light emitting diodes 


Resistors 

RI,2 100k 0.125 watt 

R3 Ik 0.125 watt 

RVI IM preset potentiometer 
Capacitors 

CI 100n polyester layer 

C2 | On polypropylene 
Miscellaneous 

SW | momentary action push button 


Printed circuit board 

PP3 battery clip 

PP3 battery 

Housing, transparent plastic (approximate 
dimensions | 12 by 63 by 32 mm) 

Terminal pins 
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Guitar Headphone Amplifier 

Are the neighbours giving you grief? Are you fed up with the complaints 
over your racket? Do you wish they'd all go away and leave you to 
practise alone? Well, with this Guitar Headphone Amplifier your 
problems could all be solved. You could slash your axe at the volume 
you want, without disturbing anyone else's peace. 


The Guitar Headphone Amplifier here is a neat project that amplifies 
your electric guitar's output to a suitably loud level for even the most 
headstrong head basher, but with ordinary earphones. So no one else 
hears your playing. The grief disappears, and everyone's happy. 


PT" 


> Y 


Figure 8.15 The Guitar Headphone Amplifier. 


Principle 

The Guitar Headphone Amplifier is based around two operational 
amplifiers, which together increase the signal created by an electric 
guitar when being played in two stages, up to the levels required by a 
pair of ordinary earphones. 


Circuit 

The circuit of the Guitar Headphone Amplifier is shown in Figure 8.16, 
where you can see the two operational amplifiers, which operate in 
series to amplify the small level signal at the circuit’s input up to the 
levels necessary to drive earphones. The particular operational amplifiers 
used, while separate electrically, are not actually physically separate 
devices, and instead are combined in a single integrated circuit IC1. This 
reduces the size of the circuit, hence allowing a smaller printed circuit 
board to be used, in turn keeping the physical size of the completed 
project down to a pocket-sized format. 
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IC1 = TLO72 


Ficure 8.16 Circuit of the Guitar Headphone Amplifier. 


Potentiometer RV1 allows control of the overall output volume, which 
in combination with the electric guitar’s own volume control, can be 
configured to give clear sound levels, right up to severe distortion levels. 
The Guitar Headphone Amplifier should therefore suit most if not all 
kinds of electric guitar players from folk through to rock, from jazz 
through to heavy metal. 


Operational amplifiers usually require a split-rail or three-level power 
supply (ie, a power supply with positive, negative, and ground voltages). 
Operating an operational amplifier from a single supply voltage requires 
that the voltage (9 V, provided by a PP3-sized battery) be split to give a 
mid-rail of around 4.5 V, thus emulating a split-rail supply. Capacitors C1 
and C2, together with resistors R2 and R3 form a potential divider which 
does just that. 


Construction 


While the majority of component holes in the printed circuit board are of 
the standard 1 mm size, some component holes (for potentiometer RV1, 
and jack socket J1) should be drilled with a 1.5 mm diameter drill. 


Also, if you use the same size of diecast housing as used here, you'll 
need to file the corner of the printed circuit board for the housing corner 
post. Also, cut the stem of potentiometer RV1 to the correct length to 
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take its knob (see page 153). These jobs should be carried out before any 
components are soldered into the printed circuit board. 


The printed circuit board layout for the Guitar Headphone Amplifier is 
shown in Figure 8.17, together with wiring details. Begin construction 
by inserting and soldering components in the following order: the six 
terminal pins, resistors R1-7, capacitors C1-5, followed by the larger 
components jack sockets J1 and J2, and potentiometer RV1. 


Guitar headphone amplifier 
_, Component side 


Figure 8.17 Guitar Headphone Amplifier printed circuit board layout and wiring diagram. 


At this stage you can test the circuit by temporarily soldering the battery 
clip and switch SW1 to the circuit board. Plug in a guitar (using a 
standard guitar-style 0.25 inch jack lead) to jack socket J1, and plug in a 
pair of earphones to jack socket J2. 


Once tested, it’s time to fit the completed printed circuit board into a 
housing. Mark and drill holes in the housing for the two jack sockets, 
the potentiometer, light emitting diode LED1, and switch SW1. Make the 
holes for jack socket J1 and potentiometer RV1 slightly larger than their 
actual diameters (by a millimetre or so) then you will be able to wiggle 
the board into position as the tab of jack socket J2 pushes tightly into 

its hole in the housing. Using the washers and nuts provided with jack 
socket J1 and potentiometer RV1, clamp the components to the housing. 
The printed circuit board should now be held tight within the housing. 


Making sure that light emitting diode LED1 is the right way round, push- 
fit it into the hole you've drilled, and solder its leads to the terminal pins 
on the printed circuit board. Mount switch SW1 into the housing, and 
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solder its leads to the printed circuit board. Resolder the battery clip to 
the printed circuit board, and connect the battery. 


Finally, mark and drill the holes on the housing lid to mount the belt clip, 
then bolt the clip to the lid. 


Ficure 8.19 Printed circuit board copper foil track layout of the Guitar Headphone Amplifier 
(actual size). 


210 


Projects 


Parts list 
Semiconductors 
ICI TLO72 dual operational amplifier 
LEDI 3 or 5 mm light emitting diode 
Resistors 
RI 10K 0.125W 
R2,3,4,6 56K 0.125W 
R5 4K7 0.125W 
R7 470 0.125W 
RV | 47K log miniature printed circuit 


board mounting potentiometer 


Capacitors 

Cl,2,5 220u 10V radial electrolytic 
C3 470n polyester layer 

C4 100n polyester layer 


Miscellaneous 

Printed circuit board 

PP3-sized battery 

Battery clip 

J! 0.25 inch jack socket, printed circuit board mounting 

J2 3.5 mm stereo jack socket, printed 
circuit board mounting 

SW | SPST miniature toggle switch 

Terminal pins 

Housing, diecast aluminium (approximate 
dimensions | 10 by 60 by 32 mm) 

Belt clip, for housing 

Knob (for potentiometer RVI) 
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Bench Power Supply 

If you want to build electronics projects, work with electronic 
components, experiment with electronic circuits, and do any of the 
things covered in this book, you'll need some source of electric power. 
In many cases batteries can be used, of course, and they're fine for 
low-power circuit requirements, but batteries have several drawbacks. 
First, they can provide only limited current before their output voltage 
drops, so any circuit you work with that requires lots of current can't be 
powered from them. Second, batteries don't last forever and run down 
(usually when you least want them to!). 


A much better source of power is a mains-powered bench power supply 
(Figure 8.20). These can give significantly greater current and, while 
connected to mains electricity, always provide the power needed. 


To keep the project as simple as possible, the design used here gives 

a number of fixed voltages, rather than being variable. The voltages 
directly available are from a dual-rail (ie, positive and negative values) 
+12 V/O V/-12 V supply at a maximum output current of about 0.3 A, 
together with a single-rail +5 V supply up to a maximum output current 
of about 0.5 A. 


Figure 8.20 The Bench Power Supply. 


These two separate power supplies are internally unconnected though 
it’s possible to connect them externally as you wish, to add to or subtract 
from each other, this way providing a range of supply voltages. 
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As most circuits you'll build are powered by only a small number of 
voltage options anyway, the voltages provided by this power supply 
should be more than adequate. For example, most operational amplifier 
circuits require a dual-rail power supply of between about +/— 9 V to 

+/- 15 V, so the output of the power supply here is ideal. Likewise, much 
logic circuitry needs a single-rail power supply of between about 5 V and 
10 V, so the single-rail power supply here is also ideal. 


These standard voltages aside, it’s also possible to combine the two 
separate internal supplies to create a variety of other voltages. For 
example, by connecting the 0 V terminal of the 5 V circuit to the +12 V 
of the other circuit, and using the -12 V connection as ground, a 29 V 
supply can be formed (ie, 12+12+5). Likewise, connecting the 5 V 
terminal to the +12 V terminal, then using the two O V terminals a 7 V 
supply can be formed (ie, 12—5). Other voltages can be formed similarly. 


Principle 

A mains power supply has the job of reducing and converting a high 
mains AC voltage into a low DC voltage. In a standard power supply this 
is undertaken in four main stages, illustrated in Figure 8.21 together with 
the waveforms at the various stages. 


After the 

transformer, After smoothing, 
voltage is still peaks and troughs 
AC, but smaller are levelled out 


High AC \ 
voltage si 
Transformer Rectifier Smoothing Regulating 
circuit circuit Low and 
constantDC 
voltage 


After rectifying, the 
PARRA, voltage is DC, but with 
peaks and troughs 
(a) (b) (c) (d) 


Ficure 8.21 The four main stage waveforms in the mains-powered bench power supply. 


First, the high mains AC voltage is transformed to a lower AC voltage, as 
shown at Figure 8.21 (a). After this the AC voltage is converted to a DC 
one by rectification — Figure 8.21 (b). Next, the voltage is smoothed to 
reduce the peaks and troughs of the basic rectified voltage — Figure 8.21 
(c). Finally, as shown at Figure 8.21 (d), the output voltage is regulated to 
maintain a constant DC voltage. 
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The power supply here follows these basic stages, although there are in 
fact three individual power supply circuits making up the overall design. 
Two circuits combine together to give positive and negative +12 V/-12 V 
values, while the third 5 V circuit is unconnected. The main principle of 
each is the same however. 


Circuit 
The overall circuit of the power supply is shown in Figure 8.22, where 
the three individual circuits within the whole circuit can be identified. 


Transformers T1 and T2 transform 230 V ac mains voltage input to the 
lower voltages (15 V ac and 9 V ac) required by the rest of the circuit. 


Bridge rectifiers BR1 and BR2 rectify the alternating voltages to direct 
voltages, while capacitors C1-3 smooth these voltages. 


Integrated circuits IC1-3 are voltage regulators, which regulate the 
smoothed voltages into slightly lower, but fixed output voltages. 


o +12V 


Fi 


IC1 = 7812 


C2 =7912 
IC3 = 7805 


Ficure 8.22  Mains-powered bench power supply circuit. 


Construction 
The printed circuit board contains most of the components for the Bench 
Power Supply, and is a compact yet easy-to-build design. Some holes 
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on the printed circuit board should be drilled larger than 1 mm — the 
mounting holes for the housing and the mounting holes for transformer 
T1 are all 4 mm diameter, while the terminal holes for transformers T1 
and T2 are 1.5 mm. Figure 8.23 shows the layout of the printed circuit 
board to locate the components. 


Bench power supply 


: 
; 
È 


TRANSFORMER 3 TI 


Ficure 8.23 Layout of the Bench Power Supply printed circuit board. 


Now position the printed circuit on the inside base of the housing where 
it is to be mounted — make sure the positions for the three integrated 
circuits IC1-3 are against the rear panel of the housing. Mark the holes 
in the housing base for the three mounting bolts. Remove the printed 
circuit board, and drill the holes in the housing base, using a 4 mm drill. 
Insert the 20 mm long M3 bolts and spacers, ready for the printed circuit 
board. 


Insert and solder the seven terminal pins, and integrated circuits IC 1-3 
into the printed circuit board. 


Mount the printed circuit board temporarily onto the three mounting 
bolts in the housing base. Mark the three integrated circuits IC1-3 
mounting holes on the rear panel of the housing. Now remove the 
printed circuit board again, and drill the holes you just marked, using 

a 4 mm drill. Make sure the holes have no burrs on their edges, and if 
burrs exist use a large drill to hand ream the hole edges to remove them. 
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Now insert and solder all remaining components into the printed circuit 
board, in the following order: bridge rectifiers BR1 and BR2, capacitors 
C1-6, transformers T1 and T2. Now, using 6 mm long M3 bolts, bolt 
transformer T1 to the printed circuit board. 


Mark and drill holes in the housing panels for the cable clamp, the 
panel-mounting fuse holder, and the on/off switch, then mount these 
components to the housing. 


Position the printed circuit board onto its mounting bolts in the housing, 
but do not fasten it down with nuts and washers yet. Insulating washers 
must fit between the three integrated circuits IC1-3 and the housing 
panel, as the three integrated circuit tabs are at different voltages, and 
bolting them directly to the panel would create short circuits. Each 
integrated circuit must therefore be bolted to the panel as shown in 
Figure 8.24, with an insulating washer between the integrated circuit tab 
and the panel, an insulating bush through the integrated circuit tab hole, 
and a bolt through the bush. This arrangement ensures that the integrated 
circuit is electrically isolated from the housing, though rigidly held to it. 


Insulating washer Housing panel 


Insulating tab 


Bolt 


Printed circuit board 


Front view Side view 


Figure 8.24 Mounting arrangement for integrated circuits |C1—3 to the housing rear panel. 


The panel is also used as a heatsink, dissipating heat safely away from 
the integrated circuits, so heatsink compound must be applied to all 
mating surfaces prior to assembly. See page 165 for details of applying 
heatsink compound to surfaces. 


Once heatsink compound is applied, the insulating washers and tabs 
are fitted, and the three integrated circuits are bolted to the housing 
rear panel. Complete the mechanical assembly by fastening the printed 
circuit board with nuts and washers onto the three mounting bolts. 
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Following the wiring diagram of Figure 8.25, wire up the project. For 
safety, and following the same sort of layout as in Figure 8.26, keep all 


mains wiring to one side of the housing, running it from the housing 


panel-mounted components (cable clamp, fuse holder, and on/off switch) 
down to the housing base, along the base and up the other panel. Take 
mains connections to the printed circuit board from the panel-mounted 


components down to the base, along the base with the other mains 


4mm terminal posts DPDT mains 
switch S1 
+5V +12V -12V 
ete eee ee ee ell 
— _ o n S SNR P E A E S © B 


aa 


Bench power supply E Ro \ 
mi OS 


Cable 
clamp 


Three-core 
mains flex 


Ficure 8.25 Wiring diagram for the Bench Power Supply. 
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wires and directly from the wire group to the printed circuit board. 
Make doubly sure all mains connections are made tight. Use heatshrink 
insulated sleeving on all mains connections to make sure that no 

metal parts remain visible (or more important, make sure they are not 
touchable). 


The five low voltage wires from the printed circuit board to the 
connectors should be taken to the other edge of the housing to the mains 
wires, running along the housing base to the front panel, then along the 
housing base to each connector. 


Once wiring is completed, use cable ties or similar to tie the loose wires 
together into cables, as can be seen in Figure 8.26. 


Ficure 8.26 Showing the Bench Power Supply innards — note the use of cable ties to form the two 
groups of wires (mains wiring on the left, low voltage wires on the right). 
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Solder side 


= 


Ficure 8.27 
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Bench Power Supply printed circuit board copper track foil pattern (actual size). 
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Parts list 


Semiconductors 

ICI 7812 voltage regulator 
IC2 7912 voltage regulator 
IC3 7805 voltage regulator 


BRI,2 W605 bridge rectifier (1.5A, 50Vac) 


Capacitors 
C1,2,3 22004, 25V radial electrolytic 
C4,5,6 22u, 16V radial electrolytic 


Miscellaneous 

Printed circuit board 

TI 2 x I5V,10VA printed 
circuit mounting transformer 

T2 2 x 7.5V,5VA printed 
circuit mounting transformer 

SI DPDT illuminated push button mains switch 

Housing, folded aluminium (approximate 
dimensions 200 by 152 by 78 mm) 

5 x 4 mm terminal posts (2 black, 2 red, | green) 

3 insulating washers and tabs for 
TO-220 style components 

M3 (6 mm) bolts, nuts, washers 

M3 (20 mm) bolts, nuts, washers 

M3 10 mm spacers 

FS | panel-mounting fuse holder 

100 mA 20 mm fuse 

Length of | A mains flex and plug 

Cable clamp 

Terminal connection pins 

Solder tag (M3) 


220 


Component suppliers 


Over the next few pages is a list of some of the mail order electronic 
component suppliers in the UK. The list is just a sample of suppliers, and 
the presence of any supplier on the list is by no means an endorsement. 
Look in a telephone book for local suppliers. Also, check my website, at: 


http://keithbrindley.members.beeb.net 


where l'Il try to keep an updated list of supplier links and any other 


relevant information. 


2001 Electronic Components Ltd 
Eastman Way 

Stevenage Business Park 

Pin Green 

Stevenage 

SG1 4SU 


Telephone: 01438 742001 
URL: http://www.2k1.co.uk 


Bowood Electronics Limited 
7 Bakewell Road 

Baslow 

Bakewell 

Derbyshire 

DE45 1RE 


Telephone: 01246 200 222 
URL: http://www.bowood-electronics.co.uk 
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Cricklewood Electronics 

40-42 Cricklewood Broadway 
London 

NW2 3ET 


Telephone: 020 8452 0161 
URL: http://www.cricklewoodelectronics.co.uk 


Dannell Electronics Limited 

Unit 2 Funston’s Commercial Centre 
Arkesden Road 

Clavering 

Saffron Walden 

Essex 

CB11 4QU 


Telephone: 0845 603 1509 
URL: http://www.dannell.co.uk 


Disponible 

Highfield House 
College Business Park 
Ripon 

North Yorkshire 

HG4 2SG 


URL: http://www.disponible.co.uk 


ElectroValue Ltd 

Unit 5 

Beta Way 

Thorpe Industrial Park 
Egham 

Surrey 

TW20 8R 


Telephone: 01784 433604 
URL: http://www.electrovalue.co.uk 


ESR Electronic Components 
Station Road 

Cullercoats 

Tyne & Wear 

NE30 4PQ 


Telephone: 0191 251 4363 
URL: http://www.users.zetnet.co.uk/esr 
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Farnell InOne, 
Canal Road, 
Leeds, 

LS12 2TU 


Telephone: 0871 200200 
URL: http://uk.farnell.com 


Fast Components Limited 
Winchester House 
Winchester Road 
Walton on Thames 
Surrey 

KT12 2RH 


Telephone: 0870 750 4468 
URL: http:/www.fastcomponents.co.uk 


GreenWeld Limited 

14 West Horndon Business Park 
West Horndon 

Brentwood 

Essex 

CM13 3XD 


Telephone: 01277 811 042 
URL: http://www.greenweld.co.uk 


Henrys Electronics Ltd 
404 Edgware Road 
Paddington 

London 

W2 1ED 


Telephone: 020 7258 1831 
URL: http://www.henrys.co.uk 


JPR Electronics Ltd 

4 Circle Business Centre 
Blackburn Road 
Dunstable 

LU5 5DD 


Telephone: 01582 470000 
URL: http://www. jprelec.co.uk 


Magenta Electronics Ltd 
135 Hunter Street 
Burton-on-Trent 

DE14 2ST 


Telephone: 01283 565435 
URL: http://www.magenta2000.co.uk 


Mainline Surplus Sales 

Unit 1A Cutters Close Industrial Estate 
Cutters Close 

Narborough 

Leicester 

LEIS 2FZ 


Telephone: 0870 241 0810 
URL: http://www.mainlinegroup.co.uk 


Maplin Electronics Ltd 
National Distribution Centre 
Valley Road 

Wombwell 

Barnsley 

South Yorkshire 

S73 OBS 


Telephone: 0870 4296000 
URL: http://www.maplin.co.uk 


Mega Electronics 
Mega House 

Grip Industrial Estate 
Linton 

Cambridge 

CB1 6NR 


Telephone: 01223 893900 
URL: http://www.megauk.com 


Quasar Electronics Ltd 
PO Box 6935 
Bishops Stortford 
CM23 4WP 


Telephone: 08702 461 826 
URL: http://www.quasarelectronics.com 


Component suppliers 


Rapid Electronics Ltd 
Severalls Lane 
Colchester 

Essex 

CO4 5JS 


Telephone: 01206 751166 
URL: http://www.rapideducation.co.uk 


RS Components Ltd 
Birchington Road 
Corby 

Northants 

NN17 9R 


Telephone: 01536 444222 
URL: http://rswww.com 


SIR-KIT Electronics 
57 Severn Road 
Clacton-on-Sea 
Essex 

CO15 3RB 


URL: http://www.geocities.com/sirkituk 


Sycom 

PO Box 148 
Leatherhead 
Surrey 

KT22 9Y 


Telephone: 01372 361421 
URL: http://www.sycomcomp.co.uk 
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1N4001 46 cable entry clamp 170 

1N4148 46 cable markers 169 

559 53 cable ties 169 

741 56 CAD (computer aided design) 95 
Osmond 96 
panel labelling 174 
realPCB 96 


abrasive fibreglass pencil 14, 

115 
abrasive scrubbing block 15, 115 
analog 54 

integrated circuits 54 
axial-leaded 40 

Insertion 119 


Capacitor 38 
axial-leaded 40 
colour code 42 
dielectric 41 
electrolytic 39 
non-electrolytic 39, 40 
number/letter codes 44 
radial-leaded 40 
variable 42 

batteries 57 working voltage 41 

carbon resistors 29 


battery connector 57 
circuit design 


bipolar transistor 49 
bridge rectifier 47 simulator 95 
buzzer 65 


Index 


coil 67 
components 2, 3, 27 
resistor 28 
trimming 122 
component insertion 77, 105 
computer design: 
panel labelling 174 
printed circuit board 95 
connecting lead 123, 124 
soldering to a hole 130 
soldering to a terminal pin 
128 
soldering to board 126 
connections, fitting 158 
connectors 67 
copper-clad 74 
copper foil 76, 83 
computer design 95 
Osmond 96 
realPCB 96 
cored solder 113 
Crocodile Technology 95 


de-wetting 111 

desoldering 20, 131 
desoldering braid 20, 132 
desoldering pump 21, 133 

using 133 

dielectric 41 

digital 54 
integrated circuits 54 

DIL IC 53 
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diodes 45 
bridge rectifier 47 
forward biased 46 
rectifier 45 
reverse biased 46 
drill and bits 22 
dual-in-line integrated circuit 53 


electrolytic 39 
electronics simulator 95 
electronic: 
components 2 
device 2 
etch-resist 77, 87 
ink 88 
paint 88 
photographic 91 
removal 104 
abrasive fibreglass pencil 
104 
abrasive removal block 
104 
solvent 104 
transfers 90 
etchant 77, 101 
etching printed circuit board 101 


farad 39 

fault-finding 177 
components 183 
connectors 183 
PCB faults 181 


soldered joint faults 181 
strategy 178 
total method 185 
types of faults 180 
wiring faults 183 
ferric chloride 101 
fibreglass pencil 14 
field effect transistors 51 
flux 112 
flux-cored solder 113 
foil pattern 83 
forward biased 46 
fuse holder, chassis-mounted 
162 


heatsink 163 
compound 165 
insulating washer 166 
using thermal compound 165 
variables 164 
heat shunt 16 
housing 2, 4, 139 
IP rating 144 
metal diecast 143 
metal folded chassis-type 143 
mounting printed circuit 


boards 145 
panel labelling 173 
plastic 142 


IC extraction tool 24 
IC insertion tool 24 
indicators 58 


Index 


inductor 67 
insulating: 
sleeving 170 
washer 166 
integrated circuit 53 
analog 54 
digital 54 
holder 69 
logic gate 57 
integrated circuit extraction tool 
24 
integrated circuit insertion tool 
24 
intermetallic: 
bond 109 
compound 109 
IP rating 144 


JetStar 97 


knobs 155 


labelling 

key points 174 

panel 174, 176 
LaserStar 97 
lead-free solder 108 
leadouts: transistor 49 
LED 59 

fitting 161 
light dependent resistor 38 
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light emitting diode 59 
links 71 
printed circuit board 136 
making 137 
logic gate 57 
loudspeaker 65 


mains wiring: general guidelines 
170 

matrix board 80 

metal diecast housing 143 

metal film resistors 30 

metal folded chassis-type housing 
143 

mica 40 

microfarad 39 

microphone 66 

miniature long-nosed pliers 5, 18 

miniature side-cutters 5, 17 

multi-stranded wire types 168 


N-channel 51 

N-type 50 

nanofarad 39 
non-electrolytic 39, 40 
non-wetting 111 


Ohm 28 
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Preface 


Although we are surrounded by sophisticated computerised gadgets these 
days, there is still a fascination in putting together a few resistors, capacitors 
and the odd transistor to make a simple electronic circuit. It is really 
surprising how a handful of components can perform a useful function, and 
the satisfaction of having built it yourself is incalcuable. 


This book aims to provide a wide variety of radio and electronic projects, 
from something that will take a few minutes to a more ambitious weekend’s 
worth. Various construction techniques are described, the simplest requiring 
no more than a small screwdriver, the most complex involving printed 
circuit boards. 


Originally published by the Radio Society of Great Britain, the projects were 
all chosen to be useful and straightforward, with the emphasis on 
practicality. In most cases the workings of the circuit are described, and the 
projects are backed up by small tutorials on the components and concepts 
employed. In the 21st century it may seem strange that few of the published 
circuits use integrated circuits (chips). This is intentional as it is much easier 
to understand how the circuit works when using discrete components. 


Anyone buying the Radio and Electronics Cookbook will find that it will 
lead to hours of enjoyment, some very useful and entertaining gadgets, and 
increased knowledge of how and why electronics circuits work, and a great 
sense of satisfaction. Beware, electronic construction is addictive! 


WARNING: This book contains construction details of transmitters. 
It is illegal to operate a transmitter without the appropriate licence. 


Information on how to obtain an Amateur Radio Licence can be 
obtained from the Radiocommunications Agency, tel. 020 7211 
0160. 
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1 A medium-wave receiver 


Figure 1 Terminal strip — 
position of components 


Introduction 


Let us start off with something that is really quite simple and yet is capable 
of producing a sense of real satisfaction when complete — a real medium- 
wave (MW) radio receiver! It proves that receivers can be simple and, at the 
same time, be useful and enjoyable to make. To minimise the confusion to 


absolute beginners, no circuit diagram is given, only the constructional 
details. The circuits will come later, when you have become accustomed to 
the building process. In the true amateur spirit of ingenuity and 
inventiveness, the circuit is built on a terminal strip, the coil is wound on 
a toilet roll tube (as amateur MW coils have been for 100 years!), and the 
receiver is mounted on a piece of wood. 


Putting it together 


Start by mounting the components on the terminal strip as shown in Figure 
1, carefully checking the position and value of each one. The three 
capacitors are all the same, and so present no problem. They (and the 
resistors) may be connected either way round, unlike the two semi- 
conductors (see later). The resistors are coded by means of coloured bands. 
You can refer to Chapter 7 if you have difficulty remembering the colours 
and their values. 


ZN414Z 


GND t= e 


ZN414Z BC184 b 
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Figure 2 The layout of the 
parts on the wooden base 


1. Brown, Black, Yellow 100000 ohms (R1, RS, R6) 
2. Green, Blue, Brown 560 ohms (R2) 
3. Red, Violet, Brown 270 ohms (R3) 
4. Brown, Black, Orange 10000 ohms (R4) 


The integrated circuit (the ZN414Z) and the transistor (the BC184) must be 
connected correctly. Check Figure 1 carefully before fitting each device. 


Now wind the coil. Most tubes are about 42mm diameter and 110mm 
long. Don’t worry if your tube is slightly different; it shouldn’t matter. Make 
two holes, about 3mm apart, about 40mm from one end, as shown in 
Figure 2. Loop your enamelled wire into one hole and out of the other, and 
draw about 100mm through; loop this 100mm through again, thus 
anchoring the wire firmly. Now wind on 80 turns, keeping the wire tight 
and the turns close together but not overlapping. After your 80th turn, 
make another two holes and anchor the wire in the same way as before. 
Again, leave about 100mm free after anchoring. Using another piece of 
enamelled wire (with 100mm ends as before), loop one end through the 
same two holes which contain the end anchor of the last winding, wind two 
turns and anchor the end of this short winding using another pair of holes. 
Figure 2 shows the layout. 
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With some glass paper, remove the enamel from the ends of both pieces 
of wire which go through the same holes (i.e. the bottom of the large coil 
and the top of the small coil), then twist these bare ends together. 
Remove the enamel from the remaining ends of the coil. The coil is now 


finished! 


The baseboard can be any piece of wood about 150 mm square. Fix the coil 
near the back edge using drawing pins and connect the wires from the coils 
to the terminal strip as shown in Figure 2. Using short pieces of PVC- 
insulated wire (and with assistance if you have never soldered before), 
solder one piece across the two outer tags of the variable capacitor, shown 
by the dotted line in Figure 2, and then two longer pieces to the centre tag 
and one outside tag. Connect these to the terminal strip. Then solder two 
more insulated wires on to the jack socket (into which you will plug your 
crystal earpiece), the other ends going to the terminal strip. The last two 
wires (one must be red) need to be soldered on to the battery box, their 
other ends going to the terminal strip also. Make sure the red wire goes to 
the positive terminal on the battery, and is connected to terminal 9. The 
other connection to the battery goes to terminal 10. 


Attach the terminal strip to the baseboard with small screws or double-sided 
sticky tape. The other parts can be mounted the same way. 


Listening is done ideally with the recommended crystal earpiece. Don’t be 
tempted to use your Walkman earpieces; they are not the same and will 
not perform anything like as well. The receiver should work without an 
extra aerial, but one can be attached to terminal 1 if necessary. A long 
piece of wire mounted as high as possible is ideal. The Audio-frequency 
Amplifier project will enable you to use a loudspeaker with your receiver, 
using the signal from the jack socket. No circuit modifications will be 
needed! 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1, RS, R6 10 kilohms (kO) 


R2 560 ohms 

R3 270 ohms 

R4 10 kilohms (kO) 
Capacitors 


G1,:€2,:03 100 nanofarads (nF) 
500 picofarads (pF) 


Semiconductors 


ZN414Z, BC184 
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Additional items 
12-way 2 A terminal strip 
22 metres of 28 SWG enamelled copper wire 
A few short pieces of coloured PVC-insulated wire 
Crystal earpiece 
3.5 mm jack socket 
1.5V AA-size battery and box 
Toilet roll tube 
Double-sided sticky tape or selection of screws 


Tools required 


Small screwdriver, soldering iron. 


2 An audio-frequency 
amplifier 


Introduction 


This simple amplifier can be built by anyone who is able to solder 
reasonably well. It doesn’t require any setting up and, provided our 
instructions are followed exactly, will work very well. The circuit diagram is 
included for the benefit of our more advanced readers, but it is not needed 
in the construction process. Please practise your soldering before you start, 


and don’t use a printed circuit board (PCB) until you are confident that your 
soldering is up to scratch. 


The amplifier can be used with other projects; it will provide plenty of 
sound from the MW Radio or from the Morse Sounder projects. It will 
usually be built into other pieces of equipment, so a box is not supplied 
with the kit. There is no reason why it shouldn’t be put into a box and used 
as a general-purpose amplifier to help test other projects. 


The components 


Before you start, you should check that you have all the components to 
hand. A list and some helpful hints are given below. 


Figure 1 The toil pattern of 
the PCB — looking from the 
track side 


An audio-frequency amplifier 


. PCB. The plain side is the component side and the soldered side is the 


track side. Figure 1 shows the track side full size. Make the PCB from the 
pattern given in Figure 1. Otherwise, build the circuit on a matrix 


board. 


. Three resistors. Locate the gold or silver band around the resistor, and 


turn the resistor until this band is to the right. There are three coloured 
bands at the left-hand end of the resistor. Find the resistor whose colours 
are YELLOW, VIOLET, RED, and look at the resistor colour code chart 
which you will find in Chapter 7. From this, you will see that YELLOW 
indicates the value 4, VIOLET the value 7, and RED the value 2. The 
first two colours represent real numbers, and the last value is the number 
of zeros (noughts) which go after the two numbers. So, the value is 47 
with two zeros, i.e. 4700 ohms. In this way, the resistor coloured 
BROWN, GREY, BROWN has a value of 180 ohms, and the last one, 
BROWN, RED, GREEN, has a value of 1 200 000 ohms. The ohm (often 
written as the Greek letter omega (Q)) is the unit of resistance. If you do 
not yet feel confident in identifying resistors by their colours, use the 
Resistor Colour Codes given in Chapter 7. 


. Four capacitors. The two small ‘beads’ are tantalum capacitors and will be 


marked 4.7 uF or 47, with a ‘+’ above one lead. A tubular capacitor with 
wires coming from each end should be marked 220 uF, with one end 
marked ‘+’ or ‘~. This is called an axial capacitor because the wires lie on 
the axis of the cylinder. This is in contrast to the final capacitor, where both 
wires emerge from the same end. This is a radial capacitor, and will be 
marked 47 uF. Again, one lead will be marked ‘+’ or ‘~. Capacitors 
marked like this are said to be polarised, and it is vital that these are placed 
on the PCB the right way round, so take notice of those signs! 


. Two diodes. These are tiny glass cylinders with a band around one end, 


and may be marked 1N4148; this is their type number. Like polarised 
capacitors, they must be put on the PCB the correct way round! 
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Figure 2 Positions of the 
components on the printed 
circuit board (PCB) 


5. Three transistors. One should be a BC548 (or a BC182), the other two 
should be BC558 (or BC212). 

6. One volume control with internal switch. 

7. One loudspeaker. This is quite fragile — don’t let anything press against 
the cone. 

8. One PP3 battery clip with red and black leads. 


Putting it together 


Lay the PCB on a flat, clean surface with the track side downwards. It is 
always useful to compare the layout with the circuit diagram, given here in 
Figure 3. Although you can’t see it, the D-i-Y Radio sign should be at the 
top. Compare the hole positions with those shown in Figure 2. Bend the 
resistor wires at right angles to their bodies so that they fit cleanly into the 
holes in the PCB. Push each resistor towards the board so that it lies flat on 
the board. Then supporting each one, turn the board over and splay out the 
wires just enough to prevent the resistor falling out. Then, solder each wire 
to its pad on the PCB, and cut off the excess wire. When you have more 
confidence, you can cut of the excess wire before soldering; it often makes 
a tidier joint. 


fl  1e0R 
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Figure 3 The amplifier's 
circuit diagram 


Figure 4 Connections to 
switch on back of VR1 
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Now fit the four capacitors. Each must be connected the right way round, 
so look at each component, match it up with the diagram of Figure 2, bend 
its wires carefully and repeat the soldering process you performed with the 
resistors, making sure that the components are close to the board and not up 
on stilts! Fit the two diodes the correct way round, and solder then as 
quickly as you can — they don’t like to be fried! 


Mount the transistors about 5mm above the PCB. Make sure the correct 
transistors are in the correct places, and that the flats on the bodies match 
up with those shown in Figure 2. 


Mount the volume control so that the spindle comes out from the front of 
the board. Use a piece of red insulated wire to the pad marked + on the PCB, 
and a black piece to the pad marked —, and solder these to the tags on the 
back of the control, as shown in Figure 4. Connect the two leads from the 
battery clip to the other tags on the switch; Figure 4 will help you. Finally, 
use two pieces of insulated wire about 100 mm long, twisted together, to 
connect the loudspeaker to the PCB. 


PP3 Battery Clip 
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Box clever! 


If you wish to put the amplifier into a box, there is no problem; almost any 
box that is big enough will do. All that is needed is one hole big enough to 
accept the bush of the volume control; the PCB will be supported by the 
volume control. The prototype was not fitted into a box, but mounted on an 
odd piece of aluminium, bent into an L-shape and screwed on to a wooden 
base. The loudspeaker was mounted on the aluminium panel by two small 
pieces of aluminium with 3 mm holes drilled in them, which acted as clips 
around the edge of the speaker. Drill a few holes in the panel in the position 
of the speaker to let the sound get out! 


Your input signal can be connected to the amplifier with two short pieces of 
wire, but if the connection needs to be long, use screened cable, with the 
braid connected as shown in Figure 2. 


If you decide to use a different loudspeaker, make sure that its impedance 
(the resistance value marked on the back of the magnet) is at least 35 ohms. 
Anything lower may damage TR2 and TR3, and will certainly run down 
your battery very quickly. You will be surprised at the uses you can find for 
this little amplifier! 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 180 ohms (Q) 
R2 4.7 kilohms (kO) 
R3 1.2 megohms (MQ) 
VR1 25 kilohms (kQ) log with DPST switch 


Capacitors: all rated at 25 V minimum 
Cid C2 4.7 microfarads (uF) 
C3 47 microfarads (uF) 
C4 220 microfarads (uF) 


Semiconductors 
TR1,TR3  BC548npn 
TR2 BCS58 pnp 
D1, D2 1N4148 


Additional items 
PCB 
Speaker >35 ohms 
PP3 battery clip and battery 
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3 A medium-wave receiver 
using a ferrite-rod aerial 


Introduction 


This design came from the Norfolk Amateur Radio Club, and enables you to 
build a simple Amplitude Modulation (AM) receiver for frequencies between 


600 kHz and 1600 kHz. It should take you around 2 hours to build, and can 
be used with Walkman-type earpieces. Figure 1 shows the circuit 
diagram. 
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diagrams of the radio 
Description 


The whole circuit is built on a 50 mm by 50 mm printed circuit board (PCB) 
designed to fit on the inside of the lid of a plastic box, and is stuck there 
using sticky pads, the shaft of the variable capacitor going through a hole in 
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Figure 2a The PCB, solder side 
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Figure 2b The PCB, component side 


the lid. Only two pairs of leads are soldered to the board — one pair goes to 
the 1.5 V battery in its holder, and the other to the earphone socket. Figures 
2a and 2b show the printed circuit and the component layout double size for 
clarity. You are not obliged to build the circuit on a PCB. 


Building it 


de 
Ze 


Check and identify components. Tick the parts list. 

Carefully unwind the wire. Use paper to make an insulating tube (called 
a “former”) around the centre of the ferrite rod and secure it with 
Sellotape. Now, close-wind all the wire (leave no gaps between adjacent 
turns) around the paper former. Secure the winding with more 
Sellotape, leaving 50 mm of wire free at each end for connection to the 
circuit. See Figure 3a. 


. Solder in VC1. 
. Solder in the integrated circuit holder. There is a notch in one end of the 


holder; this should face VC1. Solder also the wire link and the 
capacitors. Be careful to avoid solder ‘bridges’ between adjacent tracks 
on the PCB. 


. Solder the battery leads. These must be connected properly — the red 


battery lead to the + (positive) area and the black lead to the -— 
(negative) area. 


. Strip bare 1 cm of insulation from the ends of two wires. Solder them 


between the PCB and the headphone socket (see Figure 3b). Use the end 


tabs on the socket. Using another pair of insulated wires connect the 
ON/OFF switch to the PCB tabs shown in Figure 2b. 


Figure 3 Details of coil and 
headphone socket 


10. 


11. 
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Bl turns, approa 2m long 


Ferrite rod 


. Fix the elastic band. This goes through the holes at the top of the PCB, 


with the ferrite rod being slipped through the two end loops. (Note: 
although the coating on the copper wire is designed to melt away 
during soldering, it is quite common for difficulty to be experienced in 
obtaining a good soldered joint; to be on the safe side, remove the 
coating before soldering (with a small piece of sandpaper).) Carefully 
place the wire ends of the coil through the PCB just above VC1, and 
solder on the track side. 


. Fit IC1 into its holder. This should be done carefully, making sure that 


all the pins are located above their respective clips before applying any 
pressure! Make sure also that the notch on the IC (as shown in Figure 
2b) matches the notch in the holder, and faces VC1. 


. Put battery in its holder. Listen for some noise in the headphones as 


VC1 is rotated. Make sure the headphone plug is fully inserted into its 
socket. 

Fix the working board to the lid. Use the sticky pads and apply gentle 
pressure. Fit the tuning knob, the ON/OFF switch and the earphone 
socket. 

Test again. If all is still working, fit the lid screws and admire your 
completed radio! 
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Parts list 


Capacitors 
El. EZ 0.01 microfarad (uF) 
C3, C4 0.1 microfarad (uF) 
VC1 500 picofarads (pF) 


Semiconductor 
IC1 ZN416E 


Additional items 

Plastic box (recommended size 76 x 64 x 50 mm internal) 

8-pin DIL socket for IC1 

Printed circuit board 

Tuning knob for VC1 

Wire link for PCB 

2m of 30SWG copper wire, self-fluxing 

Piece of paper 25 x 50mm, to make the coil former 

Ferrite rod 70 mm long by 10 mm diameter, approximately 

Battery, AA size 1.5 V, with holder and attached wires 

Miniature earphone socket (3.5 mm stereo jack) 

ON/OFF switch (push-button SPST latched or slide switch) 

4 off 100 mm insulated connecting wires, for jack socket and 
ON/OFF switch 

Pair Walkman-type earphones 

Elastic band, to attach ferrite rod to PCB 

4 off sticky pads for securing PCB to box lid 


Kits 


Ready-made PCBs may be available from Alan J. Wright, GOKRU, 
Hewett School, Cecil Road, Norwich NR1 2PL. 


4 A simple electronic organ 


Introduction 


This project has nothing to do with radio but, let’s admit it, any electronics 
project is good experience! Why not build this little organ — it will keep the 
children amused at least! It uses the popular NE555 integrated circuit, 
which contains a circuit which will periodically switch the voltage on the 


output pin between the supply voltage and zero. Just how frequently this 
switching occurs depends upon the components external to the integrated 
circuit. If this switching occurs several hundred or thousand times a second, 
the change in voltage produced will generate a musical note when 
connected to a small loudspeaker. The circuit is shown in Figure 1. 
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Figure 1 Circuit diagram 


Putting it together 


(a) Using a PCB. The job is very simple. The placement of components on 
the unsoldered side of the board is shown in Figure 2 and the design on 
the copper track is illustrated in Figure 3. Put each component, in turn, 
on the board, making sure that it lies flat on the board with its tags or 
wires going cleanly through the holes provided for it; then, solder the 
wires to the board, cropping them before or after the soldering, 


¿e Kra y = —l x AT z a 


Figure 2 Position of components on the printed circuit board (PCB) 
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Figure 3 The connections 


Figure 4 Battery plug and 
loudspeaker connections 
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depending on your preference. If you choose to use a holder for your 
integrated circuit (highly recommended if your soldering is less than 
perfect), make sure that the end with a notch in it faces R1 and R2, as 
shown in Figure 2. Solder the two leads to the speaker to the tabs 
marked S (either way round), having looped them through the two holes 
to the right of the tabs in Figure 2. Looping them through the holes acts 
as a strain relief, ensuring that the soldered joints are not subjected to 
pulling and bending as you move the wires about. Do the same with the 
battery leads, the red lead going to the + tab and the negative lead to the 
— tab (which also has one speaker lead already attached to it). Figure 4 
shows this in detail. Treat the loudspeaker with care — the cone is quite 
fragile and must not be touched. 


Battery plug 
Red 
Tt + ARA 
Black 
Loudspeakor 


A simple electronic organ 


(b) Without a PCB. This is more difficult, and you may need to enlist 
some help. Using some matrix board (such as Veroboard) is probably 
the best way of replacing the PCB. You could arrange your circuit in 
exactly the same way as in the PCB in Figure 3, using wires to replace 
the copper track. 


A simple ‘keyboard’ 


The keyboard is a row of solder pins along the rear edge of the PCB, one 
for each note covering the range shown in Figure 2. A flying lead with a 
small spade on it is provided to touch any of the pins in turn, producing 
any one of ten different notes. 


Testing 


Check first that each component is in the correct place. When inserting 
the NESS55 chip, first make sure that the end carrying the notch lies over 
the end of the holder with the notch; then, make sure each pin of the 
chip lies directly above the hole into which it fits, before pressing 
gently to insert the chip into the socket. Make sure the battery connec- 
tions are correct, and insert the battery into the clip. Nothing should 
happen, except for a click from the loudspeaker; touching the spade on 
any of the pins should produce a coarse note from the speaker. If nothing 
happens, check everything again; don't assume that wires go where you 
think they go! 


After you get the first note, all the others should work, too, but they will 
sound off-tune at first. The organ needs tuning up by adjusting the 10 
preset variable resistors P1 to P10. The approximate frequency to which 
each note should be tuned is given in Figure 2; if you can beg, borrow or 
steal a frequency counter, setting up is easy. If you have a piano, the 
organ can be tuned by comparison of the notes with those on the piano. 
The frequencies are given in Hertz (abbreviation Hz), and represent the 
number of times the IC switches on and off every second. If the sound 
coming from the loudspeaker is too loud or very distorted, then try 
putting an 3300 resistor (colour code orange, orange, brown) in series 
with the loudspeaker. This is done by taking the resistor and cutting its 
leads to about 5 mm; then, disconnect one speaker lead from the tab on 
the PCB (it doesn’t matter which). Solder one end of the resistor to the 
vacated speaker tab, and the free speaker lead to the other end of the 
resistor. This will limit the volume of sound from the speaker, and 
lengthen the life of your battery. If it is still too loud, try a resistor of a 
larger value, or use a smaller resistor to make it louder. 


15 


Radio and Electronics Cookbook 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 2.7 kilohms (kQ) 
R2 1 Megohm (MQ) 
P1-P5 Preset resistor 100 kilohms (kQ) 
P6, P7 Preset resistor 50 kilohms (kQ) 
P8 Preset resistor 25 kilohms (kQ) 
P9, P10 Preset resistor 10 kilohms (kO) 


Capacitor 
C1 100 nanofarads (nF) or 0.1 microfarad (uF) 


Integrated circuit 
IC1 NESSS timer chip 


Additional items 
S Loudspeaker >60 ohms (Maplin) 
1 off battery clip (for PP3 battery) 
1 off spade terminal 
12 off solder pins “Veropins” 
3 off 10cm lengths of ‘hook-up’ wire 


(This article is based on projects originally designed by Radio 
Scouting, Netherlands.) 
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5 Experiments with the 
NE555 timer 


Introduction 


Several of the projects in this book use the NE555 timer, an integrated 
circuit which is at the heart of many circuits whose processes are 
determined by time intervals. Figure 1 shows the circuit diagram of an 
audio oscillator using the 555. The timing voltages (governing the 


frequency of oscillation) are produced by R1, R2 and C2; a voltage appears 
at pin 3 which ‘switches’ at this frequency between zero and a voltage close 
to the supply voltage, which in this case can be anywhere between 6 V and 
14 V. The output current, when applied through R3 to a small loudspeaker, 
produces an audible tone, provided that there is a DC path between the two 
test leads. 
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Figure 2 Veroboard layout. 
If you can read a circuit 
diagram, the project can be 
built using other methods 
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Construction 


The simplest way to mount the components is on a piece of matrix board 
(Veroboard), available from any of the good suppliers. The prototype of this 
circuit used the type of board with copper strips along the underside; these 
strips are used like the copper tracks on a PCB, to join components together. 
Firstly, cut the four strips between the positions of the pins of the IC socket, 
as shown in Figure 2. You can buy a tool for this purpose, but a small twist 
drill (about 3 mm diameter) is just as good. Turn it between your fingers — 
if you use a drill you will end up with holes right through the board! Then 
solder in the IC socket (with the notch in the position shown), followed by 
the four links made with single-conductor insulated wire. Put in each 
component as shown, ensuring that C1 (an electrolytic or polarised 
capacitor) is connected correctly. When all the components have been 
soldered in, take the 555 chip and lay it on its socket, with its own notch 
lying above that of the holder. Then, making sure that each pin lies directly 
above its corresponding socket, press down gently on the chip, with the 
board supported on a flat surface. 


Testing 


Connect the circuit to a battery or small power supply, ensuring that the 
positive and negative leads are the right way round. Always use red and 
black leads here, then you are less likely to get it wrong! Switch on. Nothing 
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should happen until you short together the two test leads, when there 
should be a note from the loudspeaker. If this doesn't happen, switch off, 
disconnect the circuit and check your wiring and soldering. Is it exactly like 
Figure 2? Are the soldered joints round and shiny? If any are dull, then 
‘sweat’ them briefly with a hot soldering iron until the solder runs, remove 
the iron, and check that they are as shiny as the rest. Check that there are 
no solder ‘bridges’ between adjacent tracks by holding your board up to a 
strong light. Then, reconnect, switch on and touch the test leads together. 
All should now work! 


Uses of your circuit 


1. As a Morse practice oscillator. Simply connect the two test leads to your 
key and, each time the key is pressed, you should hear a note from the 
speaker. The frequency of the note may be altered by putting a resistor in 
series with the key. To do this, remove one test lead from the key and 
select a resistor; connect one end of the resistor to the free test lead and 
the other to the empty terminal on your key. Selecting the value of 
resistor that you need will be a useful experiment in itself. 

2. Asa continuity tester. You can check fuses and lamp bulbs by connecting 
them across your test leads. If the speaker remains silent, the fuse or bulb 
has blown. 

3. To indicate changes of resistance. Hold the ends of the test leads in each 
hand; you should hear a low note, because of the high resistance of your 
body. Squeeze the ends harder, and the frequency of the note should rise, 
because you are now making better contact. Repeat this with damp 
hands and the frequencies will be higher still. 

4. Asa thermometer. Connect the test leads to a thermistor (a device whose 
resistance changes with temperature) and warm it with a hair-dryer, or 
even in your hands, and you will hear the pitch changing with the 
temperature of the thermistor. A suitable ‘bead’ thermistor is available 
from Maplin (order code FX21). 

5. Asa diode tester. Use any diode, and connect the negative test lead to the 
end of the diode marked with the ring. This is the cathode of the diode. 
The other end, the anode, should be connected to the positive test lead, 
and a note should be heard from the speaker. This does not necessarily 
mean that the diode is working — yet. Reverse the connections and 
nothing should be heard. If this is the case, the diode is working. 

6. As a light meter. Use a photoconductive cell (a device whose resistance 
changes with light intensity) connected between the test leads. A note 
should be heard. Shading the device with your hand will increase its 
resistance and the note should decrease in frequency. A suitable device is 
the ORP12 cell from Maplin (order code HB10). 


There are many more applications. Do not connect the test leads to other 
circuits that are switched on. Your circuit, or the circuit you are connecting 
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it to could be damaged. Think of a passive device or circuit (i.e. one not 
requiring a power supply or battery) where changes of resistance occur, and 
you have found another application! 


Parts list 


Resistors: all 0.25 watt carbon film types 
R1 4.7 kilohms (kQ) — yellow, violet, red 
R2 39 kilohms (kQ) — orange, white, orange 
R3 330 ohms (Q) — orange, orange, brown 


Capacitors 
C1 100 microfarads (uF) 25 V radial electrolytic 
C2 22 nanofarads (nF) or 0.022 microfarad (F) polyester 
type with 10 mm lead spacing 


Integrated circuit 
IC1 NESSS 


Additional items 
Miniature loudspeaker (preferably 35, 40 or 80 ohm) 
8-pin DIL socket for IC1 
0.1 inch Veroboard (‘stripboard’), size 11 strips by 13 holes 
PVC-covered stranded wire for test leads, loudspeaker and battery 
connections 
PVC-covered solid wire for links on the board 
A power source of between 6 V and 14 V, such as a 9 V battery (PP3) 


Component sources 


Cirkit 
Tandy — many high street shops 
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6 A simple metronome 


Introduction 


A metronome is a device used by musicians to indicate the tempo of a piece 
of music. Until electronics came on the scene, this ‘beating of time’ was 
achieved in much the same way as a clock keeps time, i.e. with a pendulum 


device, the clicking of the escapement indicating the beats of the music. 


Those of you who have already built the Morse Key and Buzzer from the 
designs in this book, will recognise the circuit of this metronome — it is 
exactly the same as was used to produce the note of the buzzer. This circuit 
is shown in Figure 1. 


The circuit 


Three components determine the speed at which the circuit oscillates — the 
speaker (LS), the resistors (VR1 + R1) and the capacitor (C1). VR1 is a 
variable resistor, so that the speed at which the oscillator operates can be 
varied. Compared with the component values of the Morse Buzzer (which 
operated at around 800 Hz), these components now give an oscillation 
frequency of around 1.25 Hz, which is far too low to be heard as a note. 
What we do hear, however, is a series of clicks, as the voltage across the 
speaker changes quickly from 0 to 9 V and back again. 


Figure 1 The metronome 
circuit is rather like the 
Morse oscillator 
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Figure 2 The component 
wires are pushed through 
holes in the circuit board 
and joined together 
underneath 
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Variation of speed could be achieved by varying resistance or capacitance. 
However, as you may already know, variable capacitors have values in the 
picofarad range, not the tens of microfarads used here, so it is very simple 
to employ a variable resistor (potentiometer) to control the oscillator. You 
could use a multi-way switch to switch in one of several capacitors, as well 
as having the variable resistor, but this was found to be an unnecessary 
complication. This design operates between about 100 clicks per minute 
and 200 clicks per minute. 


Making the prototype 


A single piece of plain matrix board (no copper strips) measuring about 
40 x 40mm is sufficient to hold all the components except the potenti- 
ometer and switch (see later). The case can be plastic or aluminium, and 
one measuring 65 x 100 x 50mm is about right. Make sure there are 
holes in the case beside the speaker cone to let the sound out, and larger 
holes for the potentiometer and switch. If a potentiometer is used with a 
combined ON/OFF switch, then the extra hole for the switch is not 
necessary! It is advisable to construct the circuit before putting it in the 


A simple metronome 


box, so that it can be tested to ensure that everything is working. If it is, 
then you can exercise your ingenuity in mounting the speaker, battery 
and board inside the box. A final test can be made before starting the 
calibration process. 


Calibration 


There is no ‘easy’ way to do this. The frequencies involved are too low to be 
measured with the average frequency counter, so you will need to resort to 
using a stopwatch and counting the number of clicks per minute. 


Parts list 


Resistors: 0.25 watt, 5% tolerance 
R1 10 kilohms (kO) 
VR1 47 kilohms (kQ) linear potentiometer 


Capacitor 
C1 33 microfarads (wF) electrolytic 


Transistors 
TR1 2N3053 npn 
TR2 2N2905 pnp 


Additional items 
S1 SPST ON/OFF switch 
LS 3 ohms (Q) loudspeaker 
Knob with pointer for VR1 
PP3 battery and connector 
Aluminium case, 65 x 100 x 50 mm 
Matrix board (plain), 40 x 40 mm 
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7 What is a resistor? 


Introduction 


Materials that carry electricity easily are called conductors. They include all 
metals and salt water, for example. We use wire as a conductor, and the 
ease with which it passes an electric current depends upon the material, its 
thickness and its length. Silver (symbol Ag), gold (Au), copper (Cu) and 


aluminium (Al) are the best metallic conductors. Most wires are made of 
copper, although the best conductor, weight for weight, is aluminium. 


Materials that don't carry current (or, at least, do so very badly) are called 
insulators, and they include dry wood, rubber, plastic and glass among 
their number. Wires are often coated with a layer of insulator to prevent 
adjacent wires touching and causing an accident. 


Resistors 


If there wasn't such a thing as resistance, the subject of electronics wouldn't 
exist; only infinite currents would flow and voltages wouldn't exist either! 
We need to reduce the flow of current if we are to make current do 
something useful for us. Components that resist the flow of current are 
called resistors, and they are said to have a resistance which is measured in 
ohms (Q), named after Georg Ohm, who formulated the law (also named 
after him) by which the voltage and current through a conductor are related. 
His law gave rise to the formula everyone remembers: 


I = —, 
R 


where Iis the current flowing, measured in amps, 
V is the voltage across the conductor, and 
R is the resistance of the conductor, measured in ohms. 


From this equation, you can see that, for a constant value of voltage, V, if 
the resistance goes up, the current will go down, and vice versa. The circuit 
symbols for resistors are shown in Figure 1. You will find the upper symbol 
in older magazines; it is still preferred by many engineers. The lower symbol 
is the prevalent standard symbol. 


Resistors are made in several ways, the cheapest using carbon; another type 
is usually made from a ceramic cylinder (used only as a support) on which 
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Figure 1 Circuit symbols for | 
resistors AA iii 


is placed a very thin film of metal — the thinner the film, the greater the 
resistance. All resistors are coated with a thin film of insulation, for the 
same reason we discussed earlier. 


The colour code 


Each resistor has coloured bands on it which enable us to see what value of 
resistance it has. There are normally three (but sometimes four) at one end, 
and a single one at the other (see Figure 2). The colours indicate figures, 
according to the list below. 


Colour Value Colour Value 
Black 0 Green 5 
Brown 1 Blue 6 
Red 2 Violet 7 
Orange 3 Grey 8 
Yellow 4 White 9 
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Figure 2 Some examples of 
resistor colour codes; top 
4700 Q (4.7kQ) and bottom 


100 Q 
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Using the colour codes is easy, once you see the logic behind it. Hold the 
resistor so that the single band is towards the right. The three colours on the 
left are read in the normal order from left to right. The first two bands 
always indicate numbers; the third band gives the number of zeros to add to 
the right of these two numbers. So, looking at the top resistor in Figure 2, 
yellow, violet, red means 4, 7, and two zeros, giving 4700 ohms! Looking at 
the lower resistor, brown, black, brown means 1, 0, and one zero, giving 


100 ohms. 


Remembering the order of the colours may be difficult at first. The colours 
from red to violet are the colours of the rainbow, in order, so if you know 
those, you're almost there! Around those colours are black and brown 
below the red, and grey and white above the violet, which you can imagine 
as getting brighter from black to white (well, almost!). It won't be long 
before you don’t need to remember them at all. 


The isolated band on the right-hand side is not part of the resistor’s value; 
it indicates its tolerance, i.e. how close it might be to the indicated value. A 
brown band indicates +1%, a red band +2%, a gold band +5% and a silver 
band +10%. For example, a resistor marked as being 100 ohms with a +5% 
tolerance will have an actual value somewhere between 95 ohms and 
105 ohms. 
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8 Waves — Part 1 


Introduction 


Waves are responsible for most of the processes in life where energy is 
transferred from one place to another. Heat and light energy from the sun, 
for example, come to us as electromagnetic waves. Sound travels through 
the air as a wave; it is not the same sort of wave as light or heat, but it 
obeys many of the same properties. Damage is caused to coastal margins 
by the waves of the sea — again, another type of wave, but still obeying 


many of the same properties. Radio waves are of the same type as heat and 
light waves, as are gamma rays, X-rays, ultra-violet waves and infra-red 
waves. So, once we begin to understand what radio waves do, we are also 
learning about a huge chunk of physics at the same time! All these waves 
are part of the electromagnetic spectrum. The word ‘spectrum’ simply means 
a ‘range’, so what we have is a range of electromagnetic waves — that’s 
all! 


Sensing things 


Light waves are invisible, but our eyes can detect the effect they have on 
different materials because the waves produce an effect on the retina of the 
human eye which the brain can interpret. We cannot see heat waves either, 
but we can feel the effect they have on our skin. Gamma rays and X-rays are 
also invisible, but their detrimental effects on human tissue are well known. 
It is not surprising, then, that we cannot see radio waves. We cannot sense 
them, either, until we produce a device upon which they have an effect. That 
device is a radio receiver; it is able to process certain characteristics of radio 
waves, and make these characteristics audible by generating sound waves 
from the loudspeaker or headphones. Other characteristics of the same 
waves may be turned into light as a TV picture on a cathode-ray tube, or as 
a fax image on a sheet of paper. 


Visible waves 


Let’s start our description with some waves that we can actually see! When 
a small stone is thrown into a pond, we see circular water waves radiating 
from the point where the stone fell into the water, as Figure 1 shows. (Notice 
that we use the word radiating, even with water waves; it is not a radio 
term, but one which describes any motion where the radius of a circle is 
increasing. In this case, it is the radius of the circular waves which is 
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Figure 1 The waves move 
out from the point where 
the stone landed 


Figure 2 A water wave, 
viewed in cross-section 
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increasing.) If you were to watch the water waves down at the water level, 
perpendicular to the direction in which they are travelling, you would see 
something like the illustration in Figure 2. 


The horizontal line represents the water level before the wave started, and 
the vertical line represents the direction in which the water is displaced at 
any instant. 


All waves are described in the same way 


‘Freezing’ the motion of the water in this way allows us to define two very 
important characteristics of a wave, characteristics which we talk about 
every day — wavelength and amplitude. The wavelength of a wave is simply 
the distance (measured in metres) from any point on one wave to the same 
point on the adjacent wave. Look at the diagram and you will see what is 
meant by ‘the same point on the adjacent wave’. The amplitude of a wave 


Wavelength 
Amplitude * 
«A 
Wavelength | 
Amplitude 
(ASE 120 


Waves — Part 1 


is always measured from the centre (undisturbed) position of a wave to the 
peak (or the trough) of the wave. Both these positions are shown, the arrow 
indicating that the measurement is taken from the centre to the peak or 
trough. The amplitude of a wave is defined as the maximum displacement 
of the wave from the centre position — the direction (up or down) of that 
displacement does not matter. Waves of greater amplitude carry more 
energy with them. 


If we now ‘unfreeze’ the wave, we will see it travel from left to right (or right 
to left, depending on where we are looking). The speed at which it moves is 
called its velocity, and is measured in metres per second. 


Another useful word is propagate; it means travel. We talk about radio 
waves propagating from a transmitter to a receiver. This velocity of 
propagation (for electromagnetic waves) is very fast indeed — they will cover 
300 million metres in one second. This is virtually incomprehensible, so 
think of a radio wave travelling around the earth — it can travel 74 times 
round the earth in one second! We use the symbol c for the velocity of radio 
waves (which is the same as the velocity of light, of course — all 
electromagnetic waves travel at this speed through air and space). 


The last thing we need to know about the wave is its frequency. Imagine a 
cork floating on the water in the path of the wave; it will bob up and down. 
If we were able to count the number of times it went through its highest 
position in one second, then that number would be its frequency. Any 
periodic motion like this is said to go through one cycle each time one 
complete wave passes a point (in this case, our cork). We are thus counting 
the number of cycles per second of the cork’s motion. The unit of frequency 
is thus ‘cycles per second’; this unit is now named after Hertz, a radio 
pioneer, and is abbreviated to Hz. 


Our description of the wave is now quite simple — we need only four 
quantities: 


(a) Frequency symbol f — unit, hertz (Hz) 

(b) Wavelength symbol A (Greek letter lambda, pronounced ‘lamb-da’) — 
unit, metre (m) 

(c) Amplitude symbol a — unit depends on application 

(d) Velocity symbol c — unit, metres per second (m/s or ms”!) 


The basic formula 


Whatever may happen to a wave while it travels through different media 
(vacuum, air, brick, wood, etc.), one thing and only one thing remains 
constant — its frequency. Its wavelength, amplitude and velocity may 
change, but its frequency never does. Three of the four characteristics 
already identified are connected by the simple relationship 


c= fx. 
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Remember that c is constant if the wave travels in air or in a vacuum. This 
means that waves having higher frequencies (f large) must have smaller 
wavelengths (A small) and vice versa. You can imagine frequency and 
wavelengths being on opposite ends of a see-saw! 


Divisions of units 


Because the frequencies of radio waves are so high (despite them having the 
lowest frequencies in the electromagnetic spectrum!) we have a problem 
with writing them down. Do you write in your log book that you have just 
heard a station on 14 100 000 Hz? Of course not, you write it as 14.1 MHz, 
knowing that the prefix mega (M) means “one million”. The prefixes which 
you need to know (when applied to frequency) are: 


kHz kilohertz meaning 1000 Hz 
MHz megahertz meaning 1 000 000 Hz 
GHz gigahertz meaning 1 000 000 000 Hz. 


Notice that the ‘k’ in kilohertz is a lower case letter. It is incorrect to write 
it as an upper case letter. “K” is a computer-related prefix meaning not 1 000 
but 1 024! 


When we come on to discuss heat and light waves, we will use wavelengths 
rather than frequencies, because of the see-saw effect — as the frequencies get 
larger and larger, the wavelengths get smaller, and hence are numbers which 
are more manageable, both to talk about and to write down! 


Bands 


Gamma rays, X-rays, ultra-violet waves, light waves, infra-red waves are all 
part of the electromagnetic spectrum, but we divide them up because they 
have different properties. This is why we divide up our radio frequencies 
into different bands. The radio waves of top-band signals (around 2 MHz) 
have completely different properties compared with those in the 20 metre 
band, so we are dividing up the radio spectrum in the same way — by 


property. 


A beat-frequency oscillator 


9 A beat-frequency oscillator 


Figure 1 Circuit diagram of 
the BFO 


Introduction 


Many readers will know that, although they have a short-wave radio which 
covers at least one of the amateur bands (e.g. 7 MHz or 14 MHz), they are 
unable to listen to SSB or Morse signals. This is because the receiver lacks 
a Beat-Frequency Oscillator (BFO). We need the ‘carrier frequency of a BFO 
to replace the carrier that has been removed from the signal at the 
transmitter. When listening to Morse signals, the BFO signal ‘beats’ with the 


incoming signal to produce a note in the loudspeaker. If you are a 
musician, you will be familiar with the method of using ‘beats’ to tune one 
musical instrument from another; in the BFO, the beat frequency produced 
is the tone signal you hear. 

In the more complex amateur radio receiver, a BFO is incorporated as part 


of the whole system. In our model, it is an external circuit that sits 
alongside your radio. The circuit diagram is shown in Figure 1. 


Construction 


Built on a small piece of matrix board about 80 x 50 mm, the circuit can be 
fitted inside a small plastic box. For once, we don’t want to screen the 
circuit to prevent it interfering with other equipment; we want it to interact 


TRI 4 
NIZZA 


A n 


a 
ay l " 
Ppa 
Battery = 
i E 


i 
P 
y 


A 
ca ec Penne 
xy Viewed ram 


| 
2¿H272 25 age underside 


31 


Radio and Electronics Cookbook 


RJ Ce 4/nF =====W 109 onthe 
undersde of the board 

Rå 

fhe 
m ¿Ed 
Qué r —— — e +97 
] a | 

I br 

I i r A el 
i e i ee 
! ai ae A 
L 


— 
T] 


Figure 2 Matrix board layout shown from the component side. Adjust IFT1 carefully for the best results 


with our receiver! This is why we use a plastic box. Maplin Electronic 
Components supply a suitable box, complete with the matrix board to fit 
inside (order code YU46). 


Look at Figure 2 carefully before you start to build the circuit, so that you 
can position the components correctly. Firstly, inspect the intermediate 
frequency (IF) transformer, IFT1, and remove its metal screening can very 
carefully. Again, this is to allow some signal to escape from our circuit and 
enter our radio. Having done this, solder the components, using the matrix 
board as a support. Underneath the board, the components are linked by 
single-conductor, insulated wire. Take particular care with the polarity of 
the electrolytic capacitor, C3, and the connections to the transistor, TR1 (see 
Figure 1). 


The variable resistor, VR1, has a switch mounted behind the control itself, 
and the insulated leads to it from the battery should be about 10 cm long. 
Connect these before fitting VR1 into the case, so that the BFO can be 
calibrated (adjusted) correctly. 


Calibration 


After a final check that all the components have been fitted and soldered 
correctly, connect the battery, switch on, and hold the transistor between 
your fingers, to check that it is not getting hot. Place the circuit close to your 
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receiver, and set RV1 to mid-position. Tune your receiver to find an amateur 
SSB transmission; the frequencies listed below will help you in knowing 
where to look. It may sound very strange, but don’t worry. Slowly turn the 
core of IFT1 with a small, non-metallic screwdriver or with the correct 
‘trimming tool’. The core into which the blade fits is very fragile, so attempt 
this process with care. When the speech sounds as natural as you can get it, 
leave the core at this position, and use RV1 to make the speech sound 
natural. 


Using the BFO 


For best results, you may have to move the BFO nearer or further away 
from your radio. At the lower end of most bands (for instance just above 
7.000 MHz or 14.000 MHz) you should be able to resolve Morse code 
(CW) signals. If you find that the BFO signal is a little weak, solder a 15 cm 
length of insulated wire to pin 2 of IFT1, and place it alongside your radio. 
This should improve signal intelligibility. When you are happy with the 
performance, switch off, drill a 10.5mm hole in the box and fit RV1, 
followed by the matrix board assembly. Screw the base to the box, fit the 
knob, and the BFO is complete! 


Where to listen 


Band Frequencies (MHz) 
15m 21.000-21.450 
17m 18.068-18.168 
20m 14.000-14.350 
30m 10.100-10.150 
40m 7.000-7.100 

80m 3.500-3.800 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 


R1 27 kilohms (kQ) 

R2 4.7 kilohms (kO) 

R3 1 kilohm (kQ) 

R4 2.2 kilohms (kO) 

VR1 4.7 kilohms (kO), linear, with DPST switch 
Capacitors 

C1 100 nanofarads (nF) or 0.1 microfarad (uF), ceramic 

C2 47 nanofarads (nF) or 0.047 microfarad (uF), ceramic 

C3 10 microfarads (uF), 25 V radial, electrolytic 
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Additional items 


TR1 2N2222A npn 

IFT1 Toko type YHCS11100 

Box plastic, approximate size 100 x 70 x 45mm 
Board matrix, to fit inside the box 

Connector for PP3 battery 

Knob for RV1 


10 What is a capacitor? 


Introduction 


A capacitor is a device that stores energy in the form of electricity. Much 
less energy than a battery, and for a shorter time, however. The simplest 
form of capacitor takes the form of two flat metal sheets separated by air; 
connections are made to each plate, as Figure 1 shows. If you imagine a 
pair of these plates, 30 cm square and separated from each other in air by 
1mm, the capacitance of this device would be almost exactly 80 picofarads 
(pF), i.e. 80 million-millionths of the unit of capacitance, the farad. Now 
this is quite a small value, you will agree, and it comes about because the 
farad is such a large unit. Nevertheless, as you will probably know, we may 
have capacitors of value 10000 microfarads (uF) in our radio equipment, 
and they can be smaller than your little finger, so they are obviously not 
made the same way! 


te A A 


¿Metal plates 


Figure 1 


34 


What is a capacitor? 


Large and small 


We cannot go into the manufacture of capacitors here — after all, we are 
users of the devices, not the designers! First of all, beware of incorrect 
statements; the words ‘capacitor’ and ‘capacitance’ are not the same. For 
example, a large capacitor would be a description of one the size of a toilet 
roll. It need not have as large a capacitance as one the size of your little 
finger. A ‘large capacitor’ is one which is physically big, a large capacitance’ 
refers to a capacitor which can store a larger amount of energy when a 
certain voltage is applied between its plates. The capacitors in a mains 
power supply are usually big and have large capacitances. High-power RF 
amplifiers may have large capacitors with small capacitances! 


Electrolytics. . . 


Electrolytic capacitors usually have capacitances of 1 wF or above. They 
differ from other capacitors in that they must be connected the right way 
round (i.e. they have positive and negative connections, just like a battery). 
They may explode if the connections are reversed! 


...and the others 


Other capacitors may be connected either way round, despite their names. 
We have polystyrene, ceramic, silver-mica and tantalum. Each has its own 
advantages and disadvantages, and the parts list for a project will always tell 
you which type is best. 


Storing energy 


If you were to connect a large capacitance across a 12 V power supply, 
nothing would appear to happen. Removing the capacitor from the 
supply and connecting it to a voltmeter would show that the capacitor has 
12 V between its ends. This shows that, while the capacitor was connected 
to the supply, energy flowed from the supply into the capacitor. We say 
that the capacitor was charged up by the supply. If you are using an 
analogue voltmeter (i.e. one with a meter and pointer), you will notice 
that the indicated voltage slowly drops until, eventually, there is no 
voltage across the capacitor. This is because the capacitor has discharged 
its energy into the voltmeter. If you had used a smaller capacitance, the 
same would happen, except that the voltage would drop to zero more 
quickly — the capacitor stores a smaller amount of energy because its 
capacitance is smaller. Capacitors behave like other things in life — a small 
car can move more quickly than a large bus — a small piccolo emits a 
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higher note than a flute — the voltages in a circuit containing a small 
capacitance will change more quickly than those in a circuit with large 
capacitance. 


Varying the capacitance 


Some capacitors are capable of having their capacitance changed manually; 
these are called variable capacitors. They work like the basic capacitor of 
Figure 1. Imagine moving the top plate of the pair a little to one side; the 
capacitance is determined, not just by the size of the two plates, but by their 
area of overlap. As this decreases, so does the capacitance. Such devices are 
limited in their capacitance, about 500 pF being the maximum value. 


AC and DC 


Because the plates of a capacitor do not touch each other, a direct current 
(DC) cannot pass between them. However, an alternating voltage on one 
plate can induce an identical alternating voltage on the opposite plate, and 
thus a capacitor appears to pass an alternating signal, even though currents 
as such, do not pass between the plates. This property of passing AC and 
not DC is very important, and a capacitor used in this way is called a DC 
blocking capacitor or, simply, a blocking capacitor. A blocking capacitor 
can be used at the same time, to couple a signal from one circuit to the next; 
here it would be known as a coupling capacitor. Decoupling capacitors are 
to be found where the capacitor is employed to remove an AC signal while 
retaining a DC component. 


Finally... 


Unlike resistors, the manufacture of capacitors renders them susceptible to 
excess voltage, so if you find a capacitor labelled 10 pF 16 V, it means that 
operating it above 16V may fatally damage the device (and the circuit 
around it). This voltage is called the working voltage of the capacitor; on 
some electrolytics, you may find it expressed as volts working (i.e. 8 pF 
450 V WKG). 


Many smaller capacitors have their properties marked on them in a colour 
code, like resistors. Figure 2 shows these codes, and their meaning, and the 
table below summarises the values of the colours. 


Table 1 


Colour 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Grey 
White 


Figure 2 Some capacitors 
have coloured bands or 
stripes, rather like resistors. 
The colour code, which is 
the same as the resistor 
code, is shown in Table 1. 
The band shown on the 
chart as ‘1st’ is the first 
number of the capacitor’s 
value in pico-Farads, ‘2nd’ is 
the second number and ‘M’ 
is the Multiplier or number 
of noughts. For example, a 
capacitor reads from the 
top: Brown, Black, Yellow, 
Black, Red. Its value is One, 
then Nought, then Four 
more noughts = 100 000 pF 
(also referred to as 0.1 uF or 
100 nF). Its tolerance (Black) 
is 20% and the working 
voltage (Red) is 250 V. The V’ 
means the maximum 
working voltage. The band 
marked ‘T’ shows the 
tolerance, just like resistors, 
and the one marked ‘TC is 
only used on special 
capacitors designed to 
change their value with 
temperature 


Value 


0 
1 
2 
3 
4 
5 
6 
Fi 
8 
9 


(tantalum capacitor) 


CERAMIC CAPACITORS 


Voltage 


What is a capacitor? 


Voltage 
(polyester capacitor) 


100 
250 


400 


g = fet 


POLTESTER CAPACITORS 
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11 Waves — Part 2 


Introduction 


We left Part 1 with the concept that radio waves are divided up into bands 


which have different properties. Not all the properties are different, 
though. We need to discuss several wave properties, so we will start with 
what happens to waves as they propagate over long distances. 


Getting weaker 


Imagine a torch battery connected to a bulb by wires about 1 metre long. 
The bulb lights normally. If we now take the bulb 100 metres away from the 
battery and wire it up, we would expect the bulb to be somewhat dimmer, 
which is exactly what would happen. It happens because of the resistance of 
the wires — the wires do not form a perfect conductor. A similar situation 
occurs with radio waves. 


All waves suffer from attenuation — they get weaker the further they travel. 
In cases of extreme attenuation, we need to apply some amplification before 
the attenuated wave can be used in a receiver. 


Carrying information 


When we speak over the telephone, the range of frequencies in our voices 
extends from very low frequencies up to about 15 or 20kHz. In audio 
terms, this is quite a large bandwidth (meaning a wide band of frequencies). 
For communications purposes, however, most of this bandwidth is not 
needed, and in the telephone system (and in our transceivers), this is cut 
down so that it extends from about 200 Hz to 3kHz, a reduction in 
bandwidth from 20 kHz to about 3kHz. A bandwidth of 3kHz has been 
found to be sufficient to convey speech intelligibly which, after all, is just 
what we need! 


The radio waves coming from an amateur transmitter convey our speech 
signals over long distances. By themselves, the speech signals do not travel 
very far, so they have to be combined with a radio signal that will travel long 
distances. This extra signal is called the carrier wave (or just the carrier), 
because its job is to carry the speech signals along with it! The process of 
combining the speech (or Morse code) with the carrier is called 
modulation. 
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Figure 1 Stations between 
B2 and B3 receive the 
ground wave 


Waves — Part 2 


Wider and wider 


Sending Morse code is achieved simply by switching (or keying) the carrier 
on and off. The bandwidth of the transmitted signal is only about 100 Hz. 
Speech, with its reduced bandwidth of 3 kHz, will produce a single-sideband 
(SSB) transmitted signal with a bandwidth of 3kHz. If the same speech 
signal were used to produce an amplitude-modulated (AM) signal from the 
transmitter, 1t would have a bandwidth of about 6kHz. Perhaps you can 
now understand why the bandwidths needed to produce hi-fi broadcasts 
need to be so large. TV signals need bandwidths running into tens of 
megahertz! 


Waves need aerials 


Radio waves are produced whenever changing currents flow through a wire, 
and when that wire is made in such a way as to maximise the radiation from 
the wire, it is called an aerial or antenna. The same piece of wire will receive 
radiation from other aerials; an aerial will transmit and receive. This is an 
important property of the aerial: when a current flows through it, 
electromagnetic waves are launched into the air; when electromagnetic 
waves in the air encounter the aerial, currents are produced in it. 


From the simplest transmitting aerial, waves travel in all directions, like the 
waves on the pond that we considered in Part 1. They will travel a long way 
through air and space before they become too week to be received. They 
won't travel very far into the earth, however! The earth will reflect some of 
the wave and will absorb the rest. That portion of the wave which is 
reflected will again travel through air and space until it is totally 
attenuated. 


Look at Figure 1; A represents a radio transmitter, with B1, B2 and B3 being 
receiving stations. The two arrows pointing ‘downwards’ from A represent 
two of the waves from A which just graze the earth’s surface. Waves above 
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Figure 2 Reception of 
A’s signals at B1 using the 
sky wave 
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these will travel on into space; waves below them will either be absorbed 
and reflected by the earth or received by aerials. B1 will not receive any 
signals from A, because it is below A's horizon. B2 and B3 can receive A's 
signals because they are just on A's horizon. Any stations between B2 and B3 
will also receive A's signals, which are known as ground-wave signals. The 
wave at C represents one which is reflected by the ground and travels into 
space. 


This description begs the question of how signals are received from stations 
well beyond the ground-wave range. 


Mirrors in space 


Suppose that there was something, out in space, that would reflect radio 
waves. Waves from A that travel out into space could be reflected off it and 
return to earth, enabling stations such as B1 to receive A's signals. The 
situation just described is illustrated in Figure 2. 


Mirror” 


Finsoa 2127 


Just such a mirror in the sky really does exist. It is not man-made, of course! 
The earth is surrounded by the atmosphere, a mixture of many gases, such 
as nitrogen and oxygen. The energy contained in the radiation from the sun 
is more than sufficient to ionise these gases, thus making them into electrical 
conductors. When a gas is ionised, some of its electrons are physically 
stripped out of the atoms and are free to move about, just as the electrons 
of a metal do in a wire. Consequently, we can regard this part of the 
atmosphere (the part illuminated by the sun) as acting like a sheet of metal, 
which reflects radio signals! It is not a perfect reflector, but is sufficient to 
produce long-range (DX) radio propagation via the sky wave under the 
right conditions. (A more down-to-earth example of ionised gases conduct- 
ing electricity can be found in the fluorescent tube and the neon sign — many 
gases glow when they are continuously ionised.) 


An LED flasher 


This conducting region at the extremity of the atmosphere is called the 
ionosphere, and it exists in layers between 60km and 700km above 
the earth's surface. When the ionosphere is sufficiently ionised, it glows; this 
is the natural phenomenon known as the aurora borealis, or the northern 
lights. 


The property of the ionosphere that enables radio waves to be reflected does 
not act in a uniform way; it is very selective about which waves it reflects, 
and which waves go straight through it and into outer space. In general, it 
reflects only those waves with frequencies below about 30 MHz — the HF 
bands! 


In Part 3 we will look at families of waves. 


12 An LED flasher 


Figure 1 Circuit diagram of 
the LED Flasher. Pins 1, 3 
and 7 of the IC are not used 


Introduction 


The LM3909 is an integrated circuit (IC) which will flash a light-emitting 
diode (LED). Using only two extra components and a battery, the circuit is 
cheap and has a very low current drain from a 1.5V cell. The circuit can be 
used as a novelty flasher, an indicator for a dummy alarm bell box, or it 
could be attached to a torch so that it could be found easily in the dark! The 
simple circuit is shown in Figure 1. 
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Assembly 


The circuit can be built on a small piece of Veroboard (the piece shown in 
Figure 2 measures 15 holes by 10 strips). Using such a board, follow these 
Instructions. 


Figure 2 Board layout 
viewed from the component 
side. The tracks are cut 
under the board where 
shown 
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. Depending on how far away you want the LED from the circuit board, 


solder a length of insulated wire to each lead of the LED. Use different 
colours of insulation — say, red and black, connecting the red lead to the 
anode (a) lead (the longer one) of the LED, and the black one to the 
cathode (k). Figure 2 shows these leads. 


. Cut the copper tracks as shown in Figure 2, using a 3mm (% inch) 


diameter drill, rotated between thumb and forefinger, or use the proper 
tool. Make absolutely sure that the tracks are completely broken! 


. Fit the IC holder in the correct position, using the cut tracks as guides, 


and make sure the small notch is facing towards the top of the board. 
Solder the pins to the copper tracks. 


. Mount the capacitor, positive end to the left, so that the positive lead is 


soldered to track E which connects it to pin 2 of the IC; the negative lead 
is soldered to the right-hand side of track E, this being connected to pin 
8 of the IC. 

Solder on the battery leads, positive to the right, and the extended LED 
leads, positive downwards. 
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An LED flasher 


6. Check the circuit, and hold up the board to a bright light and look 
carefully for solder bridges between the tracks and pieces of copper swarf 
which may have escaped your inspection in 2 above! Remove whatever 
you find. 

7. When all seems well, put the IC into the socket, ensuring that the notch 
or dot on the upper surface of the IC lines up with the notch on the 
holder. Line up each pin on the IC with the hole below it before pressing 
gently on the IC with the board supported on a firm surface. 

8. Connect the battery; the LED should start to flash. The circuit is 
complete and working! 


If you prefer, the whole circuit (battery included) can be mounted in a small 
plastic box, with the LED mounted on a clip and protruding through the 
panel. There are many other possibilities, and it is up to you to find an 
application for your own use. 


Parts list 


Maplin code 
LM3909 Integrated circuit WQ39N 
IC socket 8-pin DIL BL17T 
LED 5 mm diameter WL27E 
100 microfarad (uF) Electrolytic capacitor (10 V) FB48C 
Battery holder For AA-size cell YR59P 
Battery 1.5V AA cell 


Small piece of Veroboard (15 holes by 10 strips) 

Small plastic box (if required) 

LED clip (if required) 

Two lengths of coloured, insulated wire for LED (as required) 


Availability 


All parts can be obtained from Maplin Electronics Ltd. 
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13 Waves — Part 3 


Introduction 


When we talk about the spectrum being divided up into bands, this is just 


for our convenience; there are no natural divisions although, as we have 
seen, some of the properties of different bands really are different! Let’s 
look at Figure 1, and see how the frequencies are divided up. 


The divisions 


J0kHz JOOKkHz -SMH 


Very low frequencies (VLF) cover the range from a few kilohertz up to 
30 kHz. Very long-range communication is possible, but at very small 
bandwidths. It is used for special purposes. 

Long waves (LW) are used for medium-distance commercial broadcasting 
and have frequencies from 30 kHz to 300 kHz. 

Medium waves (MW) are used for commercial broadcasting, and use 
frequencies from 300 kHz to about 1.5 MHz (1500 kHz). Typical range is 
about 200 km. 

Short waves (SW) encompass both the low-frequency (LF) and high- 
frequency (HF) amateur radio bands. There are nine narrow amateur 
bands in the SW spectrum between 1.8 MHz and 30 MHz. Some of these 
bands give round-the-world communication. 

Very high frequencies (VHF) span the range between 30 MHz and 
300 MHz. Relatively short-range communication is possible. They were 
once used for broadcast TV before it moved to UHE. There are now three 


| 16Hz 
J0MHZ J00MHz (1000MHz) “006Hz 


MICROWAVE 


Figure 1 Diagram of radio frequency spectrum 
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amateur bands here — 6 m, 4m, and 2 m. Repeaters are used to extend the 
usable range of mobile stations. VHF waves are not usually reflected by 
the ionosphere, but when they are, ranges of several thousand kilometres 
are possible. Weather affects these waves on a regular basis, however. In 
addition to amateur users, the VHF part of the spectrum is also used by 
the police, the fire and ambulance services, weather satellites, and many 
others, 

e Ultra-high frequencies, sometimes called centimetre waves, cover the 
range from 300 MHz to 1000 MHz (or 1 GHz). The only amateur band 
in this range is the 70cm band, and we share it with radar, TV and 
cellular telephone users as well. 

e Microwaves begin at 1 GHz and extend to about 400 GHz. They are 
never reflected by the ionosphere, are partially attenuated by buildings, 
and are reflected from aircraft and cars. Microwave absorption in the 
atmosphere is quite significant, and rain and fog can attenuate 
microwaves quite heavily. 

o Heat, light ... Above 400 GHz we run into the infra-red bands and on 
into the visible light and ultra-violet bands. We generally take 400 GHz as 
being the limit of what we class as radio waves. 


Bandwidth again 


Complex signals need more bandwidth than simple signals. Even if it were 
possible, we would not be able to transmit a single television channel in the 
whole of the MW broadcast band! When TV used part of the VHF band, 
only five channels were possible in the range from 45 MHz to 68 MHz. By 
moving TV to the UHF band, we now have 47 channels between 470 MHz 
and 855 MHz! 


Its your choice! 


The number of permutations you have amongst all the modes and all the 
bands is enormous! Only you can decide what you are interested in and 
what you want to learn about. That is the attraction of amateur radio! 
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14 Choosing a switch 


Simple, but be careful! 


A switch is the simplest electronic component, but care is needed in 
choosing the correct one for the job. Here is a list of the main 
characteristics of a switch, which will help you to select what you 
want. 


1. Rating. This gives the maximum voltage and current that a switch can 
handle. For example, a 250V 1.5A switch will switch mains voltage 
at a current not exceeding 1.5 A. If the current is greater than 1.5 A, 
the switch may get hot and fail. If the voltage is too great, the switch 
may arc each time it is switched off, thus wearing away the 
contacts. 

2. Number of poles. A single switch can control many circuits; the 
number of poles tells you how many different circuits it can handle. 
See Figure 1. 

3. Number of throws. This tells you the number of positions each pole 
can have. This is best illustrated in Figure 1. The simplest ON/OFF 
switch is a Single-Pole, Single-Throw (SPST) switch. A Single-Pole, 


SPST 
— 0 Single-pole, single-throw 


Single-pole, double-throw 
—_ M (also known as a changeover 


switch ¡e, SPCO) 


— — Double-pole, double-thraw 


| (also known asa ¿-pole, 


A o way DER 


ra. 
Figure 1 Some circuit — 
symbols for different types ——) O Push-button switch 


of switch 


46 


Figure 2 The rotary switch 
can select several different 
circuits at once 


Choosing a switch 


Double-Throw (SPDT) switch may also be used as an ON/OFF 
switch, but is used mainly to change between two parts of a circuit, 
and is commonly known as a Single-Pole Change-Over (SPCO) switch. 
Two or more SPCO switches can be operated at once; Figure 1 shows 
an example. The two switches are said to be ganged. See also “Types 
of switch’ below. 

4. Number of ways. When a switch has more than one throw, we tend to 
use the word ‘ways’ instead. This means that if a switch has one pole 
and six throws, we would normally call it a ‘1-pole 6-way’ switch. 
Such switches tend to be rotary switches, as are described below. 


Types of switch 


(a) Push-button. These are found on calculators, telephones, electronic 
games and most equipment with a digital display. 

(b) Rotary. These are switches controlled by a knob, and are turned 
instead of moved up and down. Figure 2 shows the rear of such a 
switch and its circuit symbol. The commoner types of rotary switch 
are: 1-pole, 12-way; 2-pole, 6-way; 3-pole, 4-way; 4-pole, 3-way; 
6-pole, 2-way. All these switches have 12 click positions, as you may 
have guessed, but each one comes with an adjustable end-stop so that 
you can set the correct number of ways according to the contacts on 
the switch. 

(c) Slide. This switch is common on the cheaper types of radio, mainly as 
an ON/OFF or band-changing switch. They are not very rugged, but 
are small and cheap to produce. Very small types are manufactured 
for use on PCBs. 


Rotary Switch 
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(d) Toggle. Available as two-way types or three-way, with a centre-off 
position. Can be manufactured to handle very high currents. 

(e) Micro-switch. These are devices which are usually operated indirectly, 
such as when the cover is removed from a high-voltage power supply, 
or when the door of a fridge is opened. The ‘micro’ part of the name 
doesn’t refer to the size of the switch, but to the small movement that 
is required to activate it. 
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15 An aerial tuning unit for a 
receiver 


Introduction 


Any length of wire will act as an antenna (or aerial) but, to get the best results 
from a transceiver or receiver, an aerial tuning unit (ATU) is required. This 
matches the impedance of your aerial to the impedance at the aerial socket of 
your radio. Impedance is like resistance, and is measured in ohms, but it is 
used for alternating currents, and hence is common in audio and RF 
engineering. Most receivers have an impedance at the aerial socket of about 
50 ohms (Q); aerial impedance, on the other hand, can be anywhere between 
20 Q to over 1000 Q, depending on its length and its height above ground. 


Fortunately, you don’t need to be able to calculate your aerial’s impedance; 
all you need is a device that will perform the matching operation for aerials 
with a large range of impedances, and this is exactly what is described here! 
The subject of matching is a complex one, but all you need to know is that 
most signals will become clearer, and that there will be less noise and 
interference. Stations will become louder, so you will probably be able to 
reduce the setting of your RF gain control (always a good thing to do). 


This design of ATU covers all amateur and broadcast bands from 10m 
(28 MHz) to 80 m (3.5 MHz), and is very easy to build. The circuit is shown in 
Figure 1. 


deco cee, 


vet bi al 


Figure 1 Circuit diagram of 
the Antenna Tuning Unit, 

showing the use of a 2-pole, 
6-way rotary switch to select 
inductors (L) and capacitors Green Black 


(C) 
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Construction 


1. 


2: 


Firstly, you will need a simple plastic case in which to house the ATU. 
The size should be approximately 85 x 145 x 50 mm. 

Start by drilling two 10.5 mm holes in the front of the case; these are for 
the 6-way switch and the tuning capacitor. 


. Drill three 8 mm diameter holes in the left-hand side of the box, for the 


three sockets, coloured blue, yellow and green. 


. On the right-hand side of the box, drill two 8 mm diameter holes for the 


red and black sockets. 


. Now, fit the 6-way switch (SW1), the tuning capacitor (VC1), and all the 


sockets to the case. Check that the vanes of the capacitor rotate smoothly 
when the shaft is turned. 


. Wire up the inductors (coils). Figure 1 and the wiring diagram of Figure 


2, will help with this. As you can see, each one side of each coil is 
connected to two switch connections, the other end going to VC1. 


. Solder in the fixed capacitors. One end of each goes directly to the 


ground socket (black), and the other end goes to the switch. 


. Solder a wire between the green and black sockets. The output from the 


ATU comes from the red socket, and this is connected to the two tags in 
the centre of the switch, as Figure. 2 shows clearly. 


. Finally, connect the blue and yellow sockets to the tuning capacitor, and 


the ATU construction is complete. 


Figure 2 The internal view of the case shows the main tuning capacitor, VC1. This is a solid dielectric type, which has 


adjustable brass plates 
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In practice... 


Figures 3 and 4 show two different ways of connecting your aerial to your 
ATU. In each case you will need to select each switch position in turn, and 
rotate the tuning capacitor through its full range while listening to a station. 
You should find that one switch position enables VC1 to produce a peak in 
the signal strength in the loudspeaker. At this point, your aerial and receiver 
are said to be matched. Stations in the same band will probably peak with 
VC1 at the same setting of SW1, but different bands will almost certainly 
require different positions of SW1. 


Figure 3 You may find that 
parallel tuning gives best 
results with your antenna 


Figure 4 In other cases, 
series tuning could be the 
most effective arrangement 
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Parts list 


Capacitors (all rated at 16 V or more) 
C1 220 picofarads (pF) polystyrene 
C2 470 picofarads (pF) polystyrene 
C3 1000 picofarads (pF) or 1 nanofarad (nF) polystyrene 
C4 2200 picofarads (pF) or 2.2 nanofarads (nF) polystyrene 


Inductors 
L1 1.2 microhenries (uH) 
L2 8.2 microhenries (wH) 
L3 68 microhenries (uH) 


Switch 
SW1 2-pole 6-way rotary 


Sockets 
4mm type, one each of red, black, yellow, blue, green 


Additional items 
Plastic or metal case, e.g. Maplin type YU54 
Two large knobs for SW1 and VC1 


16 A simple 2m receiver 
preamplifier 


Introduction 


Designed specifically to complement the modified air-band portable (also 


described in this series), this can be used with some success on many 
receivers suffering from ‘deafness’ on VHF. 


The circuit 


An RF preamplifier is a device which improves the input signal to an 
existing receiver, enabling it to work more effectively. Because of the noise 
which is added to the signal by the preamplifier, very weak signals may not 
be usefully enhanced, but stronger signals will be improved considerably. 


Figure 1 The integrated 
circuit is mounted upside 
down. Make sure you 
identify pin 1 which has a 
small dot next to it 


A simple 2 m receive preamplifier 


Antenna 


OV Ground 
(Battery we) 


C4 Output to 


ie main circuit 


10p Board 
+6V to +9v 
(Battery ve) 


This little circuit (shown in Figure 1) uses a GEC/Plessey integrated circuit 
type SL560C. With the addition of four capacitors, it is used between your 
aerial and the aerial input of the radio’s PCB. 


Putting it together 


1; 


Use a small piece of prototype (matrix) board about 25 mm square. Use 
an 8-pin DIL socket for the integrated circuit (don’t risk soldering the 
chip — it is seldom a risk worth taking). Figure 1 shows the connections 
to the socket, looking from underneath. 

Make special note of the pin numbers, so that you know how to put the 
chip into the socket when you have finished. The positive and negative 
connections to the circuit are taken from the main PCB after the ON/ 
OFF switch — so that the switch operates the preamplifier, too. 


. Unsolder the lead to the radio's telescopic aerial and connect it to the free 


end of C4, as shown. Then solder a short lead between the telescopic 
aerial and C2. 

Sometimes it is possible to cajole your little preamplifier into the radio's 
plastic case, provided there is room and that you make sure that none of 
the soldered joints on your little board touch any of the metal inside the 
case when you replace the back and screw it on again. 


. If there is not enough room inside, then put the preamplifier into its own 


box, with battery and switch, and its own aerial. Keep the lead from the 
preamplifier to the aerial connection of the radio as short as possible — 
perhaps using screened cable. 


Because your preamplifier is untuned, you will find not only that it helps 
with reception on 2 metres, but also that reception on the FM broadcast 
band is improved! 
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Parts list 


Integrated circuit 
IC1 GEC/Plessey SL560C 


Capacitors 
C1 1 nanofarad (nF) ceramic 
C2, C4 10 picofarads (pF) ceramic 
C3 10 nanofarads (nF) ceramic 


Additional item 
Prototype broad approx. 25 x 25mm 


17 Receiving aerials for 
amateur radio 


Introduction 


For any radio receiver to work well, it must have some form of antenna, or 
aerial. In almost all domestic transistor radios, the aerial is built into the 
set, either as a ferrite rod (which looks like a rod of dark grey metal) on 


which are wound coils of wire, or as a chromium-plated telescopic metal 
rod. Some radios have both forms of aerial, using the ferrite rod aerial for 
long waves (LW) and medium waves (MW) and the metal rod for very high- 
frequency (VHF) stations using frequency modulation. 


There’s broadcast reception... 


No aerial is perfect, and these two types are far from perfect! As in most 
mass-produced equipment, they serve their purpose, which is not critical, 
and they allow the radio to be carried around easily, because they are not 


54 


Receiving aerials for amateur radio 


big and bulky. The broadcast stations are very powerful, usually quite close, 
and the circuits in the radio are quite sensitive, so the need for large aerials 
disappears. 


. . . and there?s amateur DX 


Here we have an application which, in comparison with the broadcast 
situation, couldn't be much more different. The stations do not use much 
power, they may be half the world away, and the requirement for good 
aerials and very sensitive receivers is paramount. The aerials must be large 
and they must be as high as possible, away from buildings and trees, which 
cause reduction in signal strength, and away from man-made sources of 
interference. 


You may not have thought about this but, in general, the larger an aerial 
becomes, the longer the cable (or “feeder”) must be in order to reach your 
shack and the receiver inside it. Cables reduce the received signal, so what 
your aerial gains by being large, the feeder (if you’re not careful) will 
lose! 


A simple aerial. . . 


We now know that a ‘good’ aerial is essential. But what is a ‘good’ aerial? 
It depends on your purse, your property and your enthusiasm! One of the 
simplest (and, incidentally, one which is not subject to the cable loss 
problem discussed above) is the Long Wire, shown in Figure 1. This is, quite 
literally, a long piece of wire going from a chimney stack to a tree or pole 
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Figure 1 A tree at the bottom of the garden can provide a useful antenna support. Insulators can usually be 
obtained from Tandy stores or TV aerial suppliers 
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Figure 2 An indoor antenna 
should be mounted as high 
as possible 
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at the end of the garden. The longer it is, the better. Notice that the wire 
itself is not used to loop around the tree or chimney. Rope is used for both, 
and is secured to the end of the wire using an insulator of the ‘dog bone’ or 
“egg” variety, to be found in profusion at rallies. 


The wire is brought into the house through a window into the shack where 
the receiver is situated. The long wire aerial is best used with an aerial 
tuning unit (ATU), which is also described in this book. One of the 
advantages of the long wire is that it can be used on several frequency 


bands. 


. . .and more complicated ones 


Next up the ladder of complexity is the dipole (meaning two poles, or two 
elements). One form of dipole for lower frequencies would take the same 
basic form as the long wire, except that the feed to the receiver is taken, not 
from the end, but from the centre. The wire is essentially cut into two 
halves, and the two ends at the centre are connected to one end of a coaxial 
cable, which is then taken to the receiver. A smaller form of this is shown in 
Figure 2, which is conveniently mounted in a house loft. Aerials should 
always be mounted outside for best results, but will work when mounted 
inside, and the loft space is the logical situation. 


The total length of the dipole should ideally be one-half of the wavelength 
of operation — hence the term ‘half-wave dipole’. For example, a dipole for 
use on 20m should be about 10m long. Dipoles are thus ‘single-band’ 
aerials. They can be modified for use on several bands, and then become 
known as ‘trapped dipoles’, having coils and capacitors at certain points 
along their lengths. 


| magulat or 


TV coaxial 
cable 


y Í+ [To shack 


Wire fixed toroof timbers with tacks or drawing 
pins - use insulated (covered) wire 


Figure 3 Try different 
shapes of loop antenna to 
see which works best 
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Indoor aerials 


For flat- or apartment-dwellers, an indoor aerial is often the only solution, 
in which case the dipole of Figure 2 may be of great use. Other popular 
types include the loop aerial, of which several types are shown in Figure 3. 
The shape of the loop is of secondary importance, but it should be as large 


as possible. 


Continuous wire loop - as large as possible 


].... insulator 
A TW evaxial cable 


¥1 To shack 
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18 


Ingenuity is called for when considering indoor aerials. A dipole can be 
mounted along a picture rail or pelmet. A vertical loop of aluminium foil 
can be stuck to an inside wall and covered with wallpaper! The designs are 
limited only by your imagination, and will give you hours of listening 
pleasure 


Outdoor aerials 


If you want to venture beyond the simple long-wire discussed earlier, then 
the erection of outdoor aerials can be a bit tricky; they can be more than a 
one-man job, and can involve seeking planning permission. Get some help 
advice from someone who has done it before — what about your local radio 
club? Plenty of designs for aerials appear in RadCom, so you should never 
be short of ideas! 


The Colt 80m receiver — 
Part 1 


Introduction 


This is the first of four parts detailing the design and construction of a 
simple radio capable of good reception of amateur radio signals on the 80 


metre band. If you can solder and have some basic hand tools, at the end 
of Part 4 you will have a working receiver, in which you can take pride, and 
start some serious listening on 80m! For testing, all you will need is 
another receiver and a multimeter. 


Description 


The radio will be built in three modules, or stages, as illustrated in Figure 1. 
Each of these is built on a printed-circuit board (PCB) or matrix board and 
can be tested in its own right. The case will need some holes drilled, and care 
will be needed to mount the PCBs in the case. 


Get to it! 


Surprisingly enough, when you are building a radio section by section 
(which is always the best way), it is easiest to start at the output and work 


Figure 1 Build your Colt 
and watch it grow. A simple 
crystal set (a) becomes a 
direct conversion receiver (b) 
and finally an 80 metre 
amateur band superhet (c) 


Figure 2 The Philips 
TDA7052 integrated circuit 
(IC) used in the audio 
amplifier needs very few 
extra components. It has a 
signal voltage gain of 100 
times and the output is 
suitable for a loudspeaker or 
headphones 


The Colt 80 m receiver — Part 1 
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towards the input, and you can test what you have done stage by stage. You 
will see what this means as you progress with your construction. 


Every receiver needs some audio frequency (AF) amplification to make the 
sound signals big enough for you to hear. The circuit for the AF amplifier is 
shown in Figure 2. It uses the TDA7052 integrated circuit (IC) plus a 
handful of extra components. R1 in conjunction with C2 and C3 decouple 
the battery supply, preventing any audio signals getting through to it and 
affecting other parts of the radio, when they are connected. C1 acts to 
prevent high frequencies (above the 3kHz bandwidth) going into the 
amplifier input. A volume control, VR1, is connected across the amplifier 
input, so that the amplifier can accept signal inputs over a wide range. 
Figure 3c shows the connections, which are made with screened cable. The 
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Figure 3 It is important to 
check the component 
connections carefully. The 
diagram shows (a) top view 
of the IC, (b) electrolytic 
capacitor and (c) volume 
control (VR1) connected 
across the input of the 
amplifier 
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centre conductor of the left lead goes to the point marked ‘input’ in Figure 
2, the braid being connected to the amplifier earth (0 V) tag. The right lead 
to VR1 goes to whatever signal source you have for testing — see later. VR1 
is not mounted on the PCB. 


The circuit is constructed on a small PCB or matrix board. Make sure that the 
electrolytic capacitor, C3, is soldered into the board the correct way — its 
positive and negative connections are shown in Figure 3b for reference. If you 
are at all concerned about soldering the IC into the board, enlist some help, or, 
obtain an 8-pin DIL socket, which you can solder in and then carefully insert 
the chip into the socket, making sure that is the correct way round. The 
markings on the chip are shown in Figure 3a. 


The output leads from the amplifier go to a plastic 6.3 mm (% inch) mono 
jack socket, so that neither output lead is connected to the metal case. The 
amplifier will drive a pair of headphones or a small 8 Q loudspeaker. 


The battery leads must be the right way round also; the battery itself can be 
a PP3 or PP9, or you can use a small DC power supply. 


Testing 


First, check that all the components are in the right places, that your 
soldering is good, and that you have headphones or a loudspeaker 
connected. Set VR1 about halfway along its travel. Connect the battery. 
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The Colt 80 m receiver — Part 1 


A slight hissing noise should be heard; touching the input lead to the 
amplifier (the centre of the three connections on VR1) should produce a 
loud buzz. Touching the shaft at the same time will make the buzz quieter. 
This is the quickest way of confirming that your amplifier seems to be 
working. The only real test is to give it something meaningful to amplify! 
See the design of our Crystal Radio Receiver for full details. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
22 ohms (Q) 
10 kilohms (kQ) log 


Capacitors 
C1, C2 0.1 microfarad (F) 
C3 220 microfarads (uF) electrolytic 16 V 


Integrated circuit 
IC1 TDA7052 audio amplifier 


Additional item 
PCB (see below) 


Component suppliers: 
Maplin 
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The next part... 


The metal case will be marked out ready to receive the completed 
modules. 


19 A crystal radio receiver 


Introduction 


Here’s a quick project to fill in a winter’s evening! It was originally designed 
as a piece of test gear for the Colt receiver, but can be successfully used by 


anyone as a first radio project. Another use for it would be as test gear for 
any audio amplifier project requiring an audio input for test purposes; this 
is ideal, as it does not require any power supply! 


Details 


The initial rough-and-ready test for the audio amplifier of the Colt receiver 
will have whetted your appetite; you will want to prove more conclusively 
that your amplifier works, and in a way that others in the household will 
appreciate. Buzzing noises are not convincing in this respect! You are going to 
put together a simple crystal set — the simplest type of radio that there is — and 
use it as a signal injector for your amplifier. In this way, you build a real 
medium-wave (MW) receiver which drives a loudspeaker, as an intermediate 
product of the construction of an 80 metre amateur band receiver! 


The circuit diagram is shown in Figure 1. It has a 60-turn coil mounted on 
a small piece of paper or card wrapped round a ferrite rod. The coil has a 
connection made to its centre-tap (the middle turn of the coil). The tuning 
capacitor, VC1, is the most expensive part of the circuit but don’t worry, it 
will be used in the final design of the receiver also! Connect the diode, D1, 
from the centre-tap to the input to the potentiometer of the amplifier circuit 
of the Colt. Be careful to connect the aerial to the vanes of VC1, and not to 
its frame, or you will experience some strange effects when you are tuning. 
If your amplifier is working correctly, you should be able to receive local 
stations on medium-waves quite well. 


If you think the crystal set will be of use to you in the future as a signal 
injector, all you will need will be another variable capacitor! If you do not 
intend to use the amplifier, a small crystal earpiece will allow you to listen. 
Walkman-type headphones will not work! 


Figure 1 Both sets of 
moving vanes are joined as 
shown. L1 is wound on a 
ferrite rod with 32 SWG wire 
and centre-tapped. A single 
winding (no tap) can be 
used, joining D1 to the top 
of the winding 


A crystal radio receiver 


WC vanesa 


C30 Dl. 
3 turns OAT Inner 


To audio 
amplifier 


VC1 frame Screen 


Parts list 


Variable capacitor 
VC1 125 + 125 picofarads (pF) twin-gang 


Ferrite rod 
About 100 mm to 140 mm long 


Diode 
D1 OA91 germanium diode 


Additional items 
Wire 2m of enamelled copper wire, between 23 SWG and 
32 SWG 
Earpiece High-impedance crystal type (only needed if you are 
not using the amplifier) 
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20 The varactor (or varicap) 
diode 


Introduction 


Many of the circuits for receivers and transmitters presented in this series 
rely upon the variable capacitor as a means of tuning. Another method of 


varying capacitance (without any moving parts) is provided by the varactor 
diode, sometimes called a varicap diode. This is a component which 
changes its capacitance as the voltage across it is varied. 


The details 


Figure 1 shows how a varactor diode might be connected to demonstrate its 
operation. Its symbol is that of an ordinary diode, with a capacitor symbol 
next to it. A variable voltage is applied across it in such a way that the diode 
is reverse-biased. This means that virtually no current passes through it — the 
positive voltage is applied to the cathode. Varactors are cheaper than 
variable capacitors, and they are tiny in comparison, very suitable for 
today’s miniature circuits. If A and B were connected across the tuning coil 
in a simple receiver (with a series capacitor to block the DC from the battery 
reaching the coil), the tuning operation would be accomplished by turning 
the knob on the 10 kilohm potentiometer. 


Varactors are available with different values, from less than 20 picofarad 
(pF) for VHF applications to 500 pF for medium-wave radios. They are 


Varicap Diode 


e CSO ME) AO AER 


Figure 1 The capacitance of the varicap diode (between A and B) increases as the voltage is reduced, using the 
variable resistor 
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tuned usually by voltages between 2 V and 9V. For a real application of 
varactors, you should consult the circuit diagram of the Yearling 20 metre 
receiver, elsewhere in this book. 


In some circuit designs, several circuits are all tuned to the same frequency 
in order to improve the overall selectivity (the ability of the circuit to reject 
signals very close in frequency to the wanted signal). Special dual- and 
triple-varactors are available for circuits like this. Having been made at the 
same time from the same materials makes their individual characteristics 
virtually identical. Like all other diodes, they must be correctly wired into 
the circuit — their polarity is important. 


Changes in temperature will cause the capacitance to change which, if it 
were part of an oscillator circuit, would cause the oscillator to drift — you 
would have to keep retuning the radio! This can be corrected by using a 
special integrated circuit called a phase-locked loop (PLL). Modern TV sets 
and satellite receivers use varactors and PLLs in this way. 


Some useful varactor types 


Type No. Tuning range Description 
pE/V pE/V 

BB204B 42/2.0 15/12 Dual VHF 

BB212 560/0.5 22/8 AM tuning 

KV1235 450/2.0 30/8.5 Triple AM 

KV1236 450/2.0 30/8.5 Dual AM 

MV1404 120/2.0 9/10.0 HF tuning 


21 A portable radio for 
medium waves 


Introduction 


The ZN415E integrated circuit (IC) can be used to make a very efficient AM 
portable MW broadcast radio with a built-in loudspeaker. Here’s how! 
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The circuit 


Figure 1 shows the circuit diagram of the portable radio. It’s not as 
complicated as it may appear, especially after you have got started. L1 is a 
coil of wire mounted on a ferrite rod, acting as an aerial; VC1 is a variable 
capacitor which works, with L1, to tune in different stations. IC1 contains 
circuits of its own which boost the selected signal and it includes a detector 
which extracts the audio signal from the incoming RF signal. Earphones 
could be connected to the output of IC1 (between pins 4 and 5), but the 
output would not be powerful enough to drive a loudspeaker. 


More sound 


This is where IC2, an LM386 comes in. This is a small audio power 
amplifier which produces audio signals with enough power to drive a small 
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Figure 1 The circuit diagram of our easy-to-build portable radio. Take care to mount the ICs and LED the correct way 
round 
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loudspeaker, LS1. The radio uses a 6 volt battery, which is made by 
connecting four 1.5 volt AA cells in series (4 x 1.5 V = 6 V) using a battery 
holder designed for this purpose. Although a 6 V supply is ideal for IC2, it 
is far too great for IC1, which needs only about 1.3 V. This lower voltage is 
provided from the 6 V supply by TR1 (an npn transistor), R2 and LED1 (a 
light-emitting diode). When current passes through an LED (see the 
description of the LED in this series) a reasonably constant voltage of 1.9 V 
appears between the anode and the cathode. Because of the voltage (0.6 V) 
that always exists between the base and emitter of a working transistor, the 
voltage on the emitter is about 1.9 V — 0.6 V = 1.3 V, and this is used as the 
power supply for IC1. 


To keep the radio as simple as possible, no volume control has been fitted. 
Instead, you can use the directional properties of the ferrite rod aerial (see 
the information on ferrites in this book) to reduce the volume by rotating 
the set about a vertical axis using the handle provided. 


Putting it all together 


1. Start by covering the ferrite rod with Sellotape, or alternatively wrap a 
piece of paper tightly around it, and secure it with Sellotape. Then, with 
at least 2 metres of 24 SWG enamelled copper wire, wind 75 turns tightly 
around the rod. To be safe, leave about 50 mm of wire at the ends of the 
coil, then wrap the whole coil with Sellotape to hold the turns in place, 
leaving only the ends free. Then, using a small piece of sandpaper, 
remove the enamel from the last centimetre of each end of the coil. 

2. Most of the components are mounted on a piece of Veroboard (the type 
with parallel copper strips on one side). The piece used on the prototype 
measured 32 holes by 10 strips, as Figure 2 shows. Before you start 
fitting components, cut the copper strips as shown. It is easier to do it 
now than when the board is littered with components! The strips may be 
cut with a 3mm (% inch) twist drill rotated between thumb and 
forefinger. Resist the temptation to use a hand drill — the idea is just to 
cut the copper, not to drill right through the board! 

3. Solder the IC sockets and the other components on the board as shown in 
Figure 2. Make sure that the IC sockets are fitted with their notches 
towards the top of the board, as viewed in Figure 2. Do not insert the chips 
yet. Always keep the wires left over from cropping resistors and 
capacitors, they will come in handy at times like this: make the wire links 
that are clearly shown in Figure 2. Connect the electrolytic capacitors (CS, 
C6, C8 and C9), the transistor and the LED the correct way round; then 
check it again when you have done it! 

4. Finally, solder lengths of stranded insulated wire to act as “flying leads’ 
for future connection to L1, VC1, LS1, S1 and the battery connector. 

5. Apart from the battery holder, everything is mounted on the case lid. 
This makes assembly and testing much easier, and eases fault-finding if 
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Figure 2 Veroboard layout for the Portable Radio. Make sure that all the wire links are included 
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the need arises! At the speaker position, make one large hole or a series 
of small holes to let the sound out. The ferrite rod may be stuck to the 
lid, as may the loudspeaker. Drill holes of the correct size to fit the 
particular types of variable capacitor (VC1) and switch (S1) that you are 
using. The Veroboard may be held in position by Blu-Tack or double- 
sided sticky tape. 

Before inserting IC1 and IC2, connect the battery and switch $1 on. The 
LED should glow dimly (you may have to shield 1t with your hand in 
order to see it). If you have a test meter, check that there is about 1.3 V 
between pins 6 and 4 of IC1. If the reading is around 6 V or there is no 
glow, you may have connected the LED the wrong way round! When 
everything seems normal, switch off and disconnect the battery. Insert 
IC1 and IC2, making sure that the pins are straight and lie immediately 
above their corresponding holes in the sockets, and that the notches line 
up with the notches in the holders. Then push gently downwards on each 
IC in turn until the chip is firmly seated in its socket. 

Switch on! By rotating the tuning capacitor, VC1, you should now be 
able to tune in many stations, rotating the radio to give you some volume 
control. 


A portable radio for medium waves 


Final touches... 


The handle was made with part of an old leather belt, secured to the case 
with ‘number plate’ nuts and bolts from Halfords. The loudspeaker grille is 
the lid from a pot-pourri container, and some extra holes were drilled in the 
back to improve the sound. See what you can find to finish off your 


radio! 


Parts list 


Maplin order codes are given for most of the parts, but you should 
get used to using the ‘beg, borrow or steal’ technique, or to use your 


ever-expanding junk box. 


Resistors: all 0.25 watt, 5% tolerance 


R1 68 ohms (Q) 

R2 5.6 kilohms (kQ) 

R3 10 ohms (Q) 
Capacitors 


C1, C4 10 nanofarads (nF) or 0.01 microfarad 
(uF) ceramic 

C2, C3, C7 100 nanofarads (nF) or 0.1 microfarad 
(uF) ceramic 

C5, C8, C9 100 microfarads (F) electrolytic, 
at least 10 V 

C6 10 microfarads (pF) electrolytic, 
at least 25 V 


Semiconductors 
IC1 ZN415E radio chip 
IC2 LM386 audio power amplifier 
LED1 3mm green LED 
TR1 BCS48 npn transistor 
Additional items 
LS1 Miniature 8 ohm loudspeaker 
S1 Miniature SPST toggle switch 


Ferrite rod Length approx. 100 mm 
24 SWG enamelled copper wire 


Maplin code 


M68R 
MSK6 
M10R 


BXO0A 
YR75S 
FF10L 


FFO4E 


UJ37S 
WL33L 
QB73Q 


WBO08] 
FH97F 
YG20W 
BL28F 
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Additional items (continued) 


VC1 Tuning capacitor 140 to 300 picofarads (pF) FT78K 
Tuning knob FK41U 
8-pin DIL IC sockets (two required) BL17T 
4 x AA-size battery holder (long) HF94C 
PP3-type clip for battery holder HF28F 


Plastic box approx. 158 x 95 x 54 mm LH51F 
0.1 inch Veroboard, min. size 32 holes 
x 10 strips JP46A 
Plus 
Stranded insulated conductor for flying leads 
Multicore solder 
Materials for handle and speaker grille 
Double-sided sticky tape or Blu-Tack 
Sellotape 
Glue 
Four AA-size 1.5 V batteries 


22 The Colt 80 m receiver — 
Part 2 


Introduction 


In Part 1 we constructed the audio amplifier module for the system and 


tested it in a very simple way. If you did what was suggested and built the 
simple Crystal Set to use as a signal source, you will know just how well the 
amplifier works. 


The case 


Metal cases for the project are available from Maplin, telephone 01702 554 
161 (code XB67). From the photograph on p. 72 you can see the way the 
components are mounted. The audio amplifier is seen at the top right of the 
base, to the right of the tuning capacitor VC1. The next in this series will 
deal with the variable-frequency oscillator (VFO) and VC1. The current 
part deals with preparing the case to receive the components. 


Audio 
amplitier 
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Figure 1 Fixing holes for each module are best measured from each printed circuit board or matrix board 
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Figure 2 Position the slow motion drive to allow viewing of the tuning dial 
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Figures 1 and 2 show the markings for preparing the front panel and base. 
All the circuit boards and the tuning capacitor are mounted on the base 
using 10mm stand-off pillars with 6BA bolts. The board locations are 
shown in Figure 1. The front panel control positions are shown in Figure 2, 
together with the small rectangular hole for viewing the tuning dial. 


The best way to mark out the holes for the boards is to lie the boards flat 
on the base (before you've started soldering the components in) and 
marking the base through the holes in the boards. This minimises the scope 
for errors! 


A reduction drive is used between the tuning knob and the capacitor shaft. 
This is simply a gear mechanism that slows down the capacitor shaft by a 
factor of six compared with the tuning knob, and makes tuning very much 
easier. The recommended variable capacitor also has a pulley wheel 
mounted on the shaft. Glued to this wheel will be a scale marked with 
frequency and is visible through the rectangular hole in the front panel. 


The next part... 


The variable-frequency oscillator and mixer will be added to the project. 


A simple transistor tester 


23 A simple transistor tester 


Introduction 


Although transistors aren't used as much as they were before integrated 
circuits came along, a transistor tester is still a useful piece of test 
equipment to have around the shack. This design is about the simplest 


possible and will produce an indication of whether a transistor is giving any 
current gain; this does not necessarily mean that the transistor is perfect 
but that it is working to a certain extent. This tester will not test field-effect 
transistors (FETs). If you buy a bag of transistors at a rally, this tester is 
useful for giving a yes/no indication of which ones go straight in the bin and 
which are kept for further use. 


How it works 


Figure 1 shows the simple wiring circuit. In order to explain the working of 
the circuit, a circuit diagram is shown in Figure 2, with the npn transistor, 
TR1, under test shown as part of the circuit. The pnp/npn selector switch, 
SW1, is omitted for clarity. 


Figure 1 Circuit diagram of To test transistor 
the transister tester 
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Figure 2 Testing an npn 
transistor 
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Any current that flows through the transistor, TR1, must flow from the 
battery, through the meter, M1, and through the protective resistor, R2. R2 
prevents excessive current flowing through the meter and damaging it. Even 
if there is a short-circuit between emitter and collector, the maximum 
current that will flow is given by the simple equation 


where Iis the current flowing in amps, 
V is the battery voltage, and 
R is the total circuit resistance in ohms. 


Putting in the correct values, gives 


= = 0.000191 A, or 191 microamps (uA). 
47 000 


The resistance of the meter, M1, will cut this down a little more, but it is 
within the indicating range (200 uA) of the meter. 


Figure 3 This shows how to 
wire up the tester 


A simple transistor tester 


As shown, with the push-button switch, PB1, open, a good transistor will 
not draw any current from the battery, and M1 will thus remain at zero. 
When PB1 is pressed, a very small current is injected into the base of the 
transistor. If the transistor is working, it will produce a much larger current 
between the collector and emitter, and this current will also flow through 
M1 and R2, giving a significant reading on M1, showing that all appears to 
be well. If an appreciable current flows when PB1 is open, then your 
transistor 1s suspect. 


Don’t be put off by the apparently complicated switch, SW1. It is there to 
allow the other type of transistor, the pnp type, to be tested. All it does is 
reverse the battery connections, so that the emitter goes to the negative 
battery terminal for testing an npn transistor, and to the positive terminal 
for a pnp type! 


Most transistors in common use are of the npn type, which is why Figure 2 
shows the testing of an npn type. The connections to the different transistor 
encapsulations (shapes) are given in any good component catalogue. Avoid 
the trial-and-error method to discover the connections to a transistor. This 
is unscientific, and can be very frustrating, particularly if the transistor is 
faulty in the first place! 


l PP3 
a [e 


Box 
10x 7x 3cm 


Crocodile 
clips 
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Construction 


The unit can be built into a small plastic box, the components being 
soldered directly to the fixed terminals of the meter and the two switches; no 
circuit board is necessary! Use different colours of wire for the three test 
leads, and make sure you know which is which! Check the connections 
against the wiring diagram of Figure 3. When you are confident that all is 
correct, connect the battery and make sure there is no reading on the meter 
when nothing is connected to the crocodile clips! 


Find any transistor for which you know the connections and the type 
(npn or pnp). Set the npn/pnp switch accordingly. Connect the three 
clips, making sure that they do not touch each other. A small reading on 
the meter at this stage means the transistor is suspect; a large reading 
means it is not working and should be thrown away! Press PB1 and watch 
the meter; a reading greater than half of full-scale indicates a good 
transistor. If it is less than half, you may have a transistor with ‘low gain’; 
it may be usable for non-critical applications, but if you are in any doubt 
— throw it away! 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2 47 kilohms (kQ) 


Additional items 
PB1 Push-button switch 
Sw1 DPDT (double-pole double-throw) switch 
M1 Micro-ammeter — not less than 200 yA full-scale deflection 
Crocodile clips (3 needed) 
PP3 battery and connector 
Plastic box about 10 x 7 x 3cm 


Common types of transistor 


BC108, BC109, 2N2369A 

These are small-signal npn types, used in audio amplifiers. They are in metal 
cases (called TO18) and have a tab next to the emitter lead. Common types 
have a B or C suffix (e.g. BC109C). The C suffix indicates a higher current 
gain than those with a B suffix. The 2N2369A is specially designed for radio 
use at high frequencies. 


An introduction to transmitters 


2N3703, BC212L, BCY71 
These are pnp transistors, and so must be used with the collector and base 
negative with respect to the emitter. These three types are used in small 


amplifiers and audio oscillators. The first two have plastic encapsulations 
(TO92), while the BCY71 has a metal case (1018). 


BFY50, BFY51, BFY52 

For slightly higher powers, these are ideal. They have been used in novice 
transmitters up to 600 milliwatts (mW). The TOS case is a scaled-up version 
of the TO18 case. They are all npn types. 


2N3055, 2N3773, TIP35C 

These are high-power transistors in bigger encapsulations. The thick metal 
TO3 case of the 2N3055 and 2N3773 is designed to bolt to a heat sink, a 
large piece of metal which conducts the heat into the air more rapidly than 
the transistor itself can. The TIP35C is made of plastic but has a thick metal 
tab by which it, too, can be bolted to a heat sink. 


24 An introduction to 
transmitters 


Introduction 


We usually think of a transmitter as being a ‘black box’. However, that is the 
form a transmitter takes for our use on the amateur bands. Many electrical 
circuits are transmitters, even though transmitting may not be their 
primary function! 


Anything that emits electromagnetic energy at any frequency is a 


transmitter, from radio at the low-frequency end of the spectrum, to 
gamma rays at the high-frequency end. We all know that a magnet will 
attract certain metals and that a comb rubbed on your coat sleeve will pick 
up small pieces of paper. The former is an example of the effect of a 
magnetic field, the latter of an electric field. Electromagnetic fields are 
combinations of both types of field, and are produced whenever an 
electromagnetic wave is transmitted. 


What frequency? 


Many everyday objects have a natural frequency of oscillation. This is called 
their resonant frequency. A wine glass will ring when struck gently; an 
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Figure 1 The basic electrical 
resonator. The energy in the 
circuit alternates between 
the inductor and the 
capacitor 
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empty wine bottle will sound if you blow across the top; a guitar string will 
vibrate when plucked. These are all examples of resonance, and the 
resonant frequencies will not change unless the objects themselves are 
changed physically in some way. These are resonances in sound; we are 
primarily interested in electrical resonances. 


The basic electrical resonant circuit is the combination of an inductor (coil) 
and a capacitor, as shown in Figure 1. 


(ASG 1162 


A pulse of energy applied to this tuned circuit will make it ring (oscillate) at 
its resonant frequency. The energy in the circuit transfers between the 
inductor and the capacitor every cycle of the oscillation. Just like the wine 
glass, its oscillation dies away because it is losing some energy to its 
surroundings — it is transmitting! The frequency of the resonance depends 
on the values of L and C. 


Keeping it going 

If we want to keep the circuit oscillating, rather than having it die away, we 
must supply the circuit with just enough energy to replace the energy lost 
both by radiation and by losses in the circuit itself. Because of this, you will 
find in all oscillator circuits, a transistor, valve or FET working with the 
tuned circuit to provide this extra energy. 


As it stands, of course, even with its transistor, our oscillator will not radiate 
very far. Connecting an aerial to it, and a Morse key to interrupt the power 
supply, it would become a very low-power CW transmitter. Add a couple 
more transistors to form a radio-frequency (RF) amplifier, and you have the 
basis of a simple low-power (QRP) transmitter. 


Resonant circuits can also be made using quartz crystals; these work at the 
crystal frequency only, and this is marked on the crystal case. 


Figure 2 The current path is 
interrupted when relay is 
energised as shown above 
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A tiny spark transmitter 


This is a simple piece of test gear that will increase your knowledge and 
understanding of resonance. You can use it to estimate the resonant 
frequency of most of the inductor/capacitor (LC) tuned circuits that you 
build. The circuit is shown in Figure 2. It operates around a relay. Any relay 
that operates from a 6 V to 9 V source and has contacts which are normally 
closed (i.e. closed when the battery is not connected). Fit the relay, a toggle 
switch and the battery in a metal box, and connected up as shown in the 
diagram. Some foam rubber inside the box may help to reduce the escaping 
noise of the relay. A small hole in the side of the box enables the 2-turn loop 
to emerge. This should be about 40 mm diameter, made with insulated wire. 
Switch on; there should be a loud buzzing noise from the relay. If not, you 
have probably chosen the wrong contacts on the relay! 


When it is working, bring the loop close to the aerial of a radio — it should 
produce a loud noise from the speaker! 


How it works 


When you switch on, current flows through the relay contacts and through 
the relay coil. The relay operates and opens the contacts, causing the relay 
to ‘drop out’. When it does, the circuit is completed again and the contacts 
are opened, and the cycle repeats. Each time the relay contacts open, there 
is a small spark between them, causing very rapid current surges through the 
wire loop. This makes the loop transmit RF energy, very briefly. In the early 
days of radio, this type of circuit was known as a spark transmitter. 


Metal box 


2-turn loop 
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Figure 3 Experiment with 
the spacing between the 
loop and the tuned circuit 
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Make a tuned circuit 


Use a discarded toilet-roll centre, and wind about 10 turns of enamelled 
copper wire round it, keeping each turn close to the next. Scrape off the 
enamel for about 1cm at each end, and solder a 100 picofarad (pF) 
capacitor (or a variable capacitor of about the same value) between the 
ends. The resonant frequency should be about 10 MHz. If you have used 
fewer turns or a smaller capacitor, the frequency will be higher. 


Measuring the resonant frequency 


Set up the buzzer as shown in Figure 3, with the loop around one end of 
your coil. Then make a similar loop, solder it to the end of a piece of coaxial 
cable going to the aerial socket of a calibrated receiver. Set the buzzer going, 
tune the receiver around 10 MHz, and search for the maximum noise level 
from the speaker. When you have found it, move the two loops as far away 
as possible from the main coil. This is called reducing the coupling between 
the coils, and it may result in a slightly different, but more accurate, 
resonant frequency. 


Coaxial cable 


to receiver 
under test 


Variable 
capacitor 


Parts list 


Any small relay which operates between 6 V and 9 V 


Metal box — do not use a plastic box! 
9 volt battery and connector 

On/off (SPST) toggle switch 

Plastic foam, as required 
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25 The Colt 80 m receiver — 
Part 3 


Introduction 


In Part 2 we marked out the case ready for installation of the modules 
when they are completed. In this part, the building of the variable- 
frequency oscillator (VFO) and mixer will be described. This will produce a 
type of receiver known as direct-conversion, because it converts the radio- 
frequency (RF) signal directly into an audio-frequency (AF) signal which we 
can hear in a loudspeaker after amplification. A block diagram of the 


system is shown in Figure 1. The modifications needed to make a full 
superheterodyne receiver will be left until later. 


The direct-conversion receiver covers the 80 metre amateur band and will 
receive both Morse (CW) and speech (SSB) signals. The audio amplifier was 
covered in Part 1, so your Colt is rapidly taking shape! By the time your 
construction has reached the end of this part, you will have a receiver ready 
to use, even if the project is not yet complete! 


The direct conversion process 


Like most things in radio, the principles of direct conversion are not 
difficult. From the aerial, the signal we want to hear is selected by the tuned 
filter, which rejects the signals we don't want. The signal then enters the 


Audio signal 
Fausie = “vee Feanie 


Audio 
amplifier 


VFO signal Loudspeaker 


Figure 1 Stages of direct- 
conversion receiver 
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mixer, along with the signal from the VFO. The VFO produces a sine wave 
whose frequency can be varied across the whole of the 80 metre amateur 
band (3.5-3.8 MHz), by turning the knob on the tuning capacitor, VC1. 
The mixer produces, at its output, two signals; one signal is at the frequency 
of the sum of the signal and VFO frequencies, the other is at the difference 
of the two frequencies. It is the latter that we want. Let’s look at the 
numbers involved. If the signal is at 3650 kHz and the VFO is at 3651 kHz, 
then the sum frequency is 7301 kHz, and the difference frequency is 1 kHz. 
If we feed the output of the mixer into our audio amplifier, the 7301 kHz 
signal is automatically removed (it is far too high to be considered an audio 
signal!) and the resulting 1 kHz signal is amplified and fed to the speaker, 
producing a note which we can hear! 


Building the VFO 


Figure 2 shows the circuit of the VFO. It is a tried and tested circuit, and 
should work first time. It uses a field-effect transistor (FET) for TR1, the 
oscillator itself. RFC is a radio-frequency choke, a coil of wire which will 
pass a direct current (DC) but which will prevent radio-frequency (RF) 
signals getting through. 


All VFOs have a tuned circuit which, in this case, is formed by the coil L1 
and the capacitors C1 and VC1. The frequency will also be affected to some 
extent by C2, C3, C4 and CS. Transistor TR2 is an emitter follower, a stage 
which gives no voltage gain but provides a good buffer stage, isolating the 
VFO from the effects of the stages that follow it. When building a VFO, the 


Figure 2 The variable-frequency oscillator uses a field-effect transistor (FET) 


82 


The Colt 80 m receiver — Part 3 


parts must be securely mounted. If components move, so does the 
frequency! At worst, the oscillation will become unstable and the VFO will 
be useless. Keep the component leads as short as possible — this improves 
their mechanical stability as well as their electrical stability! 


Mount the parts on the printed-circuit board (PCB) or matrix board and, 
when completed, the VFO should look like the one shown on the left in the 
photograph on p. 72. Make sure that TR1, TR2 and D1 are the right way 
round. 


On completion, check the component positions then mount it in the case as 
shown in the photograph, to the left of the tuning capacitor when viewed 
from the rear. The VFO coil, L1, will need some adjustment, but that will 
have to wait until the mixer is built. Connections to the other boards are 
made with screened cable. 


The mixer board 


So far, we have an audio-frequency (AF) amplifier and a VFO; the addition of 
a mixer board gives us a complete direct-conversion receiver for 80 m. The 
mixer circuit diagram is shown in Figure 3. Let’s follow the signal path. 


e From the aerial, the RF signal goes to the gain control potentiometer, 
RV1. This reduces very strong signals, to prevent them overloading the 
mixer. 

e To select the required band of signals, a bandpass filter is made up of RF 
transformers T1 and T2; these are tuned by C1 and C3, and are coupled 
together by C2. 
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Figure 3 The mixer board has a bandpass filter and stabilised supply 
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e After the filter, the signal is coupled into the integrated circuit (IC) mixer 
type NE602, by the capacitor C4. Capacitors C5 and C8 decouple the 
supply line, to prevent unwanted signals on the supply from disturbing 
the VFO operation. The use of the term decouple is exactly the opposite 
of couple; when two circuits are coupled together, the signal passes from 
one to the other; when two circuits are decoupled, signals cannot pass 
from one to the other. 

e The NE602 works with a 6 V supply; it is produced here from the 9 V 
supply by the Zener diode ZD1 and the resistor R1. ZD1 operates at 
6.2 V, and gives a steady output for the mixer. The audio output from the 
mixer appears at pin 4 or IC1. This is taken to the audio amplifier board 
via C9 and the volume control (see Part 1). 


Care must still be taken to insert some components the right way round. 
These are the electrolytic capacitors, C8 and C9, the Zener diode, ZD1, and 
the integrated circuit, IC1. Check all component positions and make sure all 
your soldered joints are bright and shiny. 


Putting it together 


The interboard wiring, shown in Figure 4, uses screened cable; ideally, this 
should be thin coaxial cable, but screened microphone cable is suitable. The 
diagram shows how the two controls, the RF Gain and Volume, are 
connected to the boards. The leads marked ‘+9 V’ are all connected to the 
battery supply via a miniature on/off toggle switch. Double check all 
connections before connecting the battery. 


Setting the VFO 


Very little adjustment is needed to get the receiver going. Firstly, the VFO 
must be adjusted to cover the required band, in this case 3.5-3.8 MHz. 


If you have a frequency counter, connect it to the output of the VFO. If you 
haven’t, read this part anyway so you understand the process, then another 
means of setting the VFO will be given especially for you! Rotate VC1 until 
the vanes are fully meshed. Very carefully, adjust the core of the VFO coil 
(L1) with a plastic trimming tool so that the frequency approaches and 
settles at 3.500 MHz. When you rotate VC1, the frequency should increase 
to at least 3.800 MHz at the far end of its travel. 


In the absence of a frequency counter, borrow a communications receiver, 
set it for SSB reception (USB or LSB) on exactly 3.500 MHz. Set VC1 with 
the vanes fully meshed and turn the core of L1 in both directions until you 
hear a whistle in the communications receiver. Rotate the core so that the 
whistle reduces in frequency. It will eventually fade out at around 200 Hz; 


Figure 4 Make sure that 
interconnections between 
the boards are correct, 
including cable screens 
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turn the core a little further and then leave it at that position. Rotate VC1 
right to the other end of its travel, and search for the whistle with the tuning 
knob of the communications receiver. Check that the VFO frequency is at 
least 3.800 MHz. 


Then, whichever method you are using for frequency measurement, mark 


the dial with frequency steps of 50kHz. Setting and calibration are 
finished! 


Setting the mixer 


Again, there are various ways of doing this. If you have a signal generator, 
inject a signal at a frequency within the 80 m band, and adjust the cores of 
T1 and T2 sequentially for maximum output. 
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If you haven’t a signal generator, connect an aerial to the mixer input, set the 
RF Gain to maximum (fully clockwise), and find a consistent signal. Adjust 
the volume control to a comfortable level. Rotating the core of T2 with your 
trimming tool, maximise the output. Then do the same with T1, although 
this will have much less effect. Find another station, and check that the 
positions of the cores aren’t too different for a maximum signal. 


You may find that your receiver benefits from the insertion of an aerial 
tuning unit (ATU) between the aerial and the input, to compensate for the 
impedance of your aerial not being 50Q. A design for such an ATU is 
presented in another part of this series. If the signals are still weak, connect 
the ATU to the junction of C1 and C2 via a 100 pF capacitor. 


Try listening! 


Remember that 80m is a variable band. During daylight hours, your will 
hear Morse signals at the lower end of the band, and some British and closer 
continental stations between 3.7 and 3.8 MHz. In the evenings, stations up 
to 1000 miles away should be heard. Look for Novices around 3.7 MHz! 


Parts list — VFO board 


Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2,R5,R6 100 ohms (Q) 

R3, R4 10 kilohms (kO) 
RV1 1 kilohm (kQ) linear 


Capacitors 
C1 12 picofarads (pF) polystyrene 
C2 100 picofarads (pF) polystyrene 
C3 470 picofarads (pF) polystyrene 
C4, CS 1 nanofarad (nF) polystyrene 
C6, C8, C9 10 nanofarads (nF) polystyrene 
G7 100 picofarads (pF) min. ceramic 
VC1 140 + 140 picofarads (pF) variable 


Semiconductors 
TR1 MPF102 FET 
TR2 BC182 npn 
D1 1N914 silicon 


Inductors 
L1 Toko KANK3334 
RFC 1mH RF choke 
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Parts list — mixer board 


Resistors: 0.25 watt, 5% tolerance 
R1 1 kilohm (kQ) 
VR1 1 kilohm (kQ) potentiometer (linear) 


Capacitors 
C1, C3 47 picofarads (pF) min. ceramic 
G2 3.3 picofarads (pF) min. ceramic 
C4 100 picofarads (pF) min. ceramic 
C5 100 nanofarads (nF) min. ceramic 
C6, C7 10 nanofarads (nF) min. ceramic 
C8 220 microfarads (uF) electrolytic 16 V 
C9 1 microfarad (pF) electrolytic 16 V 


Integrated circuit 
IC1 Philips NE602 or NE602A 


Additional items 
T1/T2 Toko KANK3333 
On/off switch 
Miniature toggle switch 


The next part... 


The IF amplifier and the Beat-Frequency Oscillator will be added to convert 
the Colt into a superheterodyne receiver. 
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26 A two-way Morse practice 
system 


Introduction 


It is said that the pleasure of sending and receiving Morse code more than 


compensates for the learning effort needed. Transmitters for Morse code 
can be much simpler than those needed for any of the speech modes. 


Many people choose to learn sending and receiving on their own. It can be 
much more fun if you have someone to learn with you, and it is for this 
reason that the following project arose. It comprises just one small circuit, 
and you build an identical circuit for each of the people who want to learn 
with you. All the individual circuits are connected with their output leads in 
parallel, as the two-way circuit of Figure 1 shows. 


A simple circuit 


This diagram shows two identical circuits, as would be used if two people 
wanted to learn together. The circuit centres around our old friend the 
NE555 integrated circuit (IC). As it is connected here, it works as an astable 
multivibrator, a daunting name for what is essentially an oscillator. Each 
circuit is self-contained, having its own battery, Morse key, sounder and 
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Figure 1 The circuit diagram shows two stations, but you could connect several more if needed 
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plastic box. The Morse key makes and breaks the power supply to the 
circuit, thus turning on and off the note emitted by the earpiece. The 
frequency of the note is controlled by the variable resistor RV1, resistors R1 
and R2, and the capacitor C1. The range given by RV1 is approximately 
from 500 Hz to 2200 Hz. 


R3 protects the output of the IC against accidental shorting either to the 0 V 
or to the 9V supply rails. For best results, a crystal earpiece or high- 
impedance headphones should be used. You could try Walkman-type 
headphones, but the volume may be too low for you. 


The units may be interconnected with thin twin cable (the sort used for 
wiring doorbells) and can be comfortably separated by 25m, more than 
enough to communicate between rooms, or even with a neighbour! 


In use 


When an operator presses his key, the note is heard by himself and by 
everyone else who is connected. If more than one key is pressed at the same 
time, two or more notes are heard by everyone! It helps if each person 
adjusts his own potentiometer, RV1, to give a note which is different from 
the others. When one operator stops sending, the other can start 
immediately, without pausing to change from transmit to receive. In 
practice, this technique is known as full break-in. 


The current drawn by the circuit is only 10 milli-amps (mA) when the key 
is down, meaning that the life of a typical PP3 battery will be virtually its 
shelf-life! No switch is needed, because the key acts as the switch. The 
current drain will be even less if the NE555 is replaced by an ICM7555 IC. 
It has exactly the same pin connections as the NE555, so no circuit 
modifications are needed. 


The circuit board 


The circuit is constructed easily on a small piece of Veroboard of the copper- 
strip type. Figure 2 shows the layout of the prototype, the board measuring 
18 holes by 10 strips. Be aware that there is no row T when you are 
transferring mental images of where the parts are to real positions on the 
board! Break the copper tracks where shown with a 3mm (% inch) twist 
drill, rotated carefully between thumb and forefinger. Hold the board up to 
a bright light to make sure that the tracks are completely broken and that 
there are no fragments of copper swarf shorting adjacent tracks. Then, 
solder in the wire links shown in Figure 2, followed by the resistors, RV1, 
and the capacitors, C1 and C2. Solder the battery connector leads to tracks 
A and G, G being positive. Use insulated wire to connect from the board to 
the jack sockets used as connectors for the key and the earphones. If you use 
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Figure 2 The Morse Duet is an easy project to build on stripboard (Veroboard) 


different sized jack sockets (i.e. 2.5 mm and 3.5mm) you wont plug the 
earphones into the key socket! A two-screw terminal strip is useful to 
connect the cable runs between operators. 


The key 


The circuit is designed to be used with a straight key (one that moves up and 
down). It is a requirement of the UK Morse test that a straight key is used, 
so it is very sensible to learn sending with a straight key before you try 
anything more complex! You will find many to choose from at rallies. 


Parts list 


Maplin 

For each board, you will need: order codes 
Resistors: all 0.25 watt, 5% tolerance 

R1, R2 10 kilohms (kQ) M10K 

R3 1 kilohm (kQ) M1KO 

RV1 100 kilohm (kQ) min. preset UH06G 

(horizontal mounting) 

Capacitors 

C1 22 nanofarads (nF) ceramic, 25 V WX78K 

C2 47 nanofarads (nF) ceramic, 25 V RA47B 


The Colt 80 m receiver — Part 4 


Integrated circuit 


IC1  NE555 QH66W 
Additional items 

8-pin DIL socket BL17T 

Jack plug and socket 2.5 mm HF76H, HF78K 

Jack plug and socket 3.5 mm HF80B, HF82D 

Battery type PP3 

Battery connector HF28F 

Plastic box with lid 114 x 76 x 38mm LH14Q 

Veroboard 0.1 inch with copper strips 

18 holes x 10 strips JP46A 

Terminal strip (two section) FE78K 

Crystal earpiece LB25C 

Morse key 


27 The Colt 80 m receiver — 
Part 4 


Introduction 


In Parts 1 to 3 of this series, the design of an 80 metre direct-conversion 
receiver has been described. In this final part, we are going to change the 


circuit to operate as a superheterodyne receiver, or superhet. Most radio 
receivers are superhets, and they change the incoming signal to another 
frequency, known as the intermediate frequency, or IF, before producing an 
audio signal. The use of a superhet in a good receiver is mandated by the 
requirements for good sensitivity and selectivity. 


Sensitivity and selectivity 


Figure 1 shows the block diagram of the receiver. If you look closely, you 
will see that 1t is two similar circuits, one after the other. The incoming 
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Figure 1 This is how the different stages of the Colt go together to make a superhet receiver 


signal is filtered and fed to a mixer where it is combined (mixed) with 
the signal from the variable-frequency oscillator (VFO). This oscillator 
operates at a frequency which is 455 kHz higher than the incoming signal 
from the aerial, and the mixer output is therefore at a frequency of 
455kHz. If you are not sure about this, please refer to the section “The 
direct conversion process’ in Part 3 of this project. This new frequency is 
called the intermediate frequency, or IF. This frequency doesn't change; 
the tuning is accomplished by the VFO, and the mixer output is always at 
455 kHz. The extraction of the audio signal from the IF signal is identical 
with the direct conversion process which is used in your existing 
recelver. 


This may seem a long-winded way of doing things, but it has its advantages. 
A receiver must have a good sensitivity, or gain, so that it can receive very 
weak signals. In very general terms, it is easier to handle low-frequency 
signals than it is to handle high-frequency signals. We are changing our 
signal frequency from around 3.6 MHz down to 0.455 MHz (455 kHz), 
which is much lower and can be filtered and amplified relatively easily. A 
second advantage is that it is easier to provide gain at a fixed frequency than 
at a variable frequency. Remember that the IF is fixed, and providing gain 
is, again, relatively simple. 


Our receiver also needs good selectivity, the ability to separate (or select) 
one station from another very close to it in frequency. This requirement is 
significantly simplified by the fact that the IF is fixed, and a good filter in the 
IF circuits can do wonders for the rejection of adjacent-frequency stations! 
Several stages of IF amplification and filtering are possible in more 
adventurous designs. 


The filtered signal at 455kHz passes to another mixer which has an 
associated oscillator, usually called a beat frequency oscillator (BFO). When 
receiving CW (Morse) signals, the BFO is usually tuned about 1 kHz above 
or below the IF (i.e. at 454 or 456 kHz) to produce a 1 kHz beat note as the 
audio signal. This signal is then amplified and fed to a loudspeaker or 
headphones. 


Figure 2 The IF board is 
connected between the 
mixer and audio amplifier 


The Colt 80 m receiver — Part 4 


The circuit 


Figure 2 shows the circuit of the IF section shown in the photograph on p. 
94; this section is added to the existing circuit to make it a superhet. The 
existing mixer board (described in Part 3) is used as the first mixer. Between 
it and the audio amplifier is connected the new IF board. 


The signal output from the first mixer (at 455 kHz IF) is fed into a crystal 
filter, the most expensive part in the whole receiver. It provides the 
selectivity which makes the Colt such a good receiver. Another NE602 
mixer/oscillator chip follows the filter. The oscillator section is controlled by 
the tuned circuit in T1, the frequency of which can be altered by rotating the 
core inside the coil. Once set, it remains fixed. 
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At this stage you should have built the first mixer and the audio amplifier, 
and proved that they both work by using the circuit as a direct-conversion 
receiver. When you have finished constructing and checking the IF board, 
you will need to add it to your existing circuits. 


Adjusting and testing 


There are three pairs of connections to the IF board — the 9 V supply leads, 
the input leads and the output leads. The IF board should be mounted on 
the metal baseplate, along with the other boards. In making the following 
connections, make absolutely sure that the braid of each piece of coaxial 
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cable is soldered to the correct connection on each board. The same applies 
to the polarity of the 9V leads. Disconnect the screened lead which 
presently goes from the first mixer board to the AF amplifier at the amplifier 
end. Connect it instead to the input of the IF board. Connect a new piece of 
screened cable from the IF output to the vacated AF input. Now connect the 
9 V supply leads to the same points as the supply leads from the other 
boards. Check these newly made connections. 


You should have confidence at this point that things should be right. After 
all, you have tested the direct-conversion process and you know it works. 
All that you are now testing is the IF board. This is the attraction of building 
a receiver in modules, working from the speaker backwards, and testing as 
you go! 


The VFO and BFO need to be correctly adjusted. Mesh the vanes of the 
tuning capacitor and, using the same frequency measurement method as you 
did originally, set the VFO frequency to 3.955 MHz (which is 3.500 MHz + 
0.455 MHz, if you hadn’t guessed!). The BFO can be set using a frequency 
counter, but it is just as good to set it by listening to SSB or CW signals. A 
high-pitched hissing sound should be heard in the speaker. As you rotate the 
core, the pitch should reduce, go through a minimum, then increase again. 
Set the core at the minimum pitch position. You may want to readjust the 
two cores a little as your listening skills improve but, once you are happy, 
they will never need to be altered again! 


In conclusion... 


You should now have built a superhet receiver capable of excellent results. 
It uses the same type of circuit as that found in far more advanced receivers. 


A simple crystal set 


The superhet is far more sensitive than the direct-conversion type, and can 
weed out those elusive DX stations. You may have found that a station will 
appear at two places on the dial of the direct-conversion receiver; you will 
have no such problem with the superhet. 


Parts list 


Resistor 
R1 1 kilohm (kQ), 0.25 watt, 5% tolerance 


Capacitors 
C1, C2 10 nanofarads (nF) min. ceramic 
C3, C6 100 nanofarads (nF) min. ceramic 
C4 22 nanofarads (nF) min. ceramic 
C5 1 microfarad (pF) 16 V electrolytic 
C7 220 microfarad (wF) 16 V electrolytic 


Integrated circuit 
IC1 NE602 


Additional items 
ZD1 Zener, 6.2 V 0.5 watt 
FL1 Crystal filter, Murata CFM455]) 
T1 Tuned inductor, Toko YHCS11100AC 


28 A simple crystal set 


Introduction 


There are many designs of crystal set — they are all ‘simple’, and even the 


most seasoned radio amateur will build one of these every so often because 
it is something that never ceases to amaze! Although using modern 
components, the design is a period piece! 
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Figure 1 Circuit diagram of 
the crystal set 
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Design and construction 


The circuit diagram of Figure 1 shows the simplicity of the circuit. The 
prototype was constructed on a wooden baseboard with an aluminium 
front panel, although this could be made of wood if you prefer. 


Winding the coil always causes the most groans but when finished, gives the 
most satisfaction. The construction of the coil is detailed in Figure 2. A 
discarded toilet roll centre is an ideal former on which to wind the coil. The 
coil will take up about 7 cm of the length of the tube, so assuming the tube 
is about 11 cm long, the ends of the coil will be about 2 cm in from each end 
of the tube. 


The aerial coil, the primary winding of this radio-frequency (RF) trans- 
former, is made from about 30 turns of 26 SWG enamelled copper wire, 
wound on the matchstick ribs. These ribs should be about 2 cm long, and 
are glued on top of the end of the secondary coil after the secondary coil has 
been wound. The secondary winding has 140 turns with taps every 10 turns 
for 70 turns. This coil covers most of the length of the cardboard tube. To 
make your coil-winding easier, here are some tips for completing the coil 
and still having some hair left at the end! 


e Support the reel of wire on a dowel rod or pencil, clamped in a vice or 
held rigid in a vertical position by some other means. Don't leave it to 
trail around on the floor. 

e Have a small piece of sandpaper handy to remove the enamel from the 
copper wire, starting with the end coming from the reel. Remove about 
1cm only, until the shiny copper is visible all round the end of the 
wire. 


Detector diode 


Figure 2 The coil is 
mounted on a cardboard 
tube as shown. Exact size is 
not too important. Try 
different taps for best results 
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This part is the most difficult of all. Seasoned coil winders may have their 
own favourite ways of doing this, but for first-timers, play it safe and do 
it this way! Have a second bobbin (or a piece of stout card) ready, on 
which you will need to wind the wire loosely while you prepare the taps. 
Then, starting from the free end of the wire, measure 125 cm and, at this 
point, remove about 2cm of the enamel with the sandpaper. Bend the 
wire firmly back on itself in the middle of the bared area, and tin (cover 
with solder) the exposed copper. This is your first tap. Then repeat this 
six more times at 125 cm intervals, thus giving you seven taps; wrap the 
wire as you go, on to the second bobbin or piece of card. After the seven 
taps, you are half-way down your coil so, to begin winding it in earnest, 
wind the wire carefully from the second bobbin or card back on to the 
original reel of wire. 

Looking at Figure 2, make two small holes about 3 mm apart, about 2 cm 
down from the top of the tube, where wire C will be entering. Poke the 
end of the wire into one hole, then bring it out again through the other; 
leave about 10 cm of wire on the free end. Loop this wire in and out once 
more, thus anchoring the wire firmly. 

Then, begin winding; keep the wire tight and make adjacent turns touch 
neatly. As you pass each tap, make sure it sticks outwards while avoiding 
flexing the wire too much; the wire is inherently weak at each tap. 


@ When you reach the last 10 cm of wire, stop. Put two more holes, like the 


first, beside your stopping point, and anchor the end, D, of the coil in the 
same way as you did with end C. The secondary winding is complete. 
Take a break after you have completed the next step! 
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@ Prepare the six matchsticks for supporting the primary coil and glue these 
every 60 degrees around the end of the coil at D. Remove the enamel 
from the free end of the new copper wire on your reel and, using your 
favourite quick-drying cement, put a drop over the wire on one of the 
matchsticks, leaving 10cm free as before. If you are using 26 SWG 
enamelled copper wire, its diameter is 0.46 mm, so 30 turns should 
occupy 14-15 mm of the 20 mm matchstick length. This will allow you 
to position the glued point such that the coil will be roughly in the centre 
of the matchsticks. When the glue has set, wind the 30 turns and anchor 
this end of the coil in the same way. Then remove the enamel at the end 
of the 10 cm lead. 


Assembly 


The coil former can be screwed to the baseboard at each end, before the 
front panel is screwed to the baseboard! As the photograph on the next page 
shows, the tuning capacitor is mounted in the centre of the front panel. Five 
solder tags (or drawing pins as a last resort) should be screwed into the 
baseboard. The two to the left of the photograph are the connections to the 
earphones, the two along the rear edge have the diode, D1, soldered to 
them. One end of the diode (and, for once, you can connect the diode either 
way round!) is connected to one earphone tag. The other end has a flying 
lead of about 10 cm attached to it and terminated in a crocodile clip which 
is used to connect to one of the taps on the coil. The fifth tag secures the end, 
A, of the primary coil, to which you will attach the aerial. The earth tag on 
the tuning capacitor, C1, serves as an anchor point for the ground 
connections to B and D and to the other earphone tag. 


Use 


The longest piece of wire you have available to use as an aerial should be 
connected to the aerial tag just mentioned. If you can connect the earth tag of 
the tuning capacitor to a good electrical earth, this will help also. You should 
be able to hear something as you turn the tuning knob. Try adjusting the 
tapping connections on the coil — change only one at a time, or you will never 
find the optimum positions. You now have a fully operational crystal set! 


Simple it may be, but this circuit illustrates some important principles which 
are used even in the most expensive receivers. Firstly, the coil, L1, and the 
capacitor, C1, form a tuned circuit which resonates at the frequency of the 
station you have tuned in. This selects the signal you want to hear. The 
modulation on this signal is removed by the detector, D1, and fed to the 
earphones, which act as transducers, turning the electrical energy into sound 
energy which you can hear. It doesn’t need a battery or other power supply 
either! 


A simple crystal set 


Parts list 


Capacitors 
C1 Variable capacitor of between 200 and 500 picofarads 
(pF) maximum 
C2 100 picofarads (pF) min. ceramic 


Additional items 
D1 Germanium, type OA47 or OA90 

High impedance crystal earphone (not Walkman type) 

Tuning knob 

Wooden base, approx. 110mm square 

Aluminium (or wood) front panel, approx. 80 x 100 mm 

Cardboard tube (toilet roll centre), about 110 mm long, 
40 mm diameter 

Reel of 26 SWG enamelled copper wire for both 
windings of L1 
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29 A crystal calibrator 


Introduction 


A crystal calibrator is a device that produces oscillations of a precise 
frequency which are rich in harmonics. A harmonic is an integer multiple 
of the fundamental frequency; for example, if our fundamental frequency 
was 100kHz (as it is in this circuit), there would be harmonics of this 
frequency at 200 kHz, 300 kHz, 400 kHz, and so on. These harmonics can be 


used, when picked up by any receiver, to calibrate that receiver, as the 
harmonics are quite accurate in frequency (see later for an assessment of 
accuracy). However, a gap of 100 kHz between harmonics is rather wide for 
most purposes, so we reduce this frequency to 25kHz, so that the 
harmonics are then 25 kHz apart, thus producing a much more useful set 
of marker points. A calibrator such as this is often called a crystal marker, 
producing these marker points from 25 kHz to beyond 30 MHz. 


The circuit 


The circuit diagram is shown in Figure 1. The circuit around TR1 is the 
fundamental oscillator, and its frequency is controlled by the quartz crystal, 
X1. Even crystal oscillators are not 100% accurate, and the small trimmer 
capacitor, TC1, is able to ‘pull’ the frequency to one which is nearer the 
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Figure 1 Circuit diagram of the calibrator which uses easily obtainable components 
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correct one. TR2 is a buffer stage, which isolates the oscillator from the rest 
of the circuit. It acts as a switch, and applies a good signal (switching 
between 0 and 5 V) to the input of IC1. 


IC1 is an integrated circuit which can be connected to do several things. It 
is connected here to divide the incoming frequency by a factor of 4, 
producing on pin 9 an output frequency of 25 kHz. 


The combination of R6, C4 and D1 produces a supply of 5 V for IC1; it would 
be damaged if the battery voltage were applied to it. You will no doubt be 
ready to assemble the circuit, so here is some information for you. 


Construction 


If possible, always build a circuit in individual stages, which you can test as 
you go along. It is not always easy in small projects like this, but even the 
crystal calibrator can be split into two for construction and testing. 


It is an ideal project for assembly on Veroboard of the copper-strip type; the 
prototype layout is shown in Figure 2, on a board measuring 11 holes by 24 
strips. First of all, remove the copper strip at the locations shown, using a 
3 mm drill rotated between the fingers. Hold the board up to the light to 
ensure that there are no pieces of copper swarf bridging adjacent strips, and 
that the copper is completely removed where it should be! Assemble the 
circuit from left to right, but do not wire up anything around IC1. Be aware 
that the diagram shows the board from the component side. Although you 
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Figure 2 Stripboard, such as Veroboard, should be cut as shown to approx. 62 x 28 mm 
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can use virtually any kind of crystal, you will need to mount it firmly. If you 
use a small one, it can be soldered directly in position on the board. With one 
in a valve envelope, you will need a B7G valveholder. Be prepared to mount 
the circuit in a metal container; the prototype used an (empty) tin of tuna! The 
valveholder mounts well on any metal case. 


Disconnect the aerial of your receiver, and replace it with about 30cm of 
wire laid near your oscillator circuit. Connect the battery and switch on. 
Tune the receiver around until you can hear a whistle on SSB. Rotate the 
tuning knob to reduce the frequency of the whistle and, as the whistle 
becomes too low to hear, you have reached one of the calibration markers, 
and your frequency will be an integer multiple of 100 kHz. If you are 
already using a calibrated receiver, you will be able to verify this. Going up 
or down in frequency should locate another marker 100 kHz away, and so 
on right through the receiver’s tuning range. If the signals coming from the 
circuit are very weak, switch off the calibrator and connect another 30cm 
piece of insulated wire to the collector of TR2, and lay it close to (but not 
touching) the wire from the aerial connector. Switch on an try again; you 
should not now have a problem! If you have access to a multimeter, check 
that the voltage at the collector of TR1 is very close to S V. If it is close to 
9V, you have connected the diode, D1, the wrong way round! 


Having verified that the oscillator is working, you can now wire up the 
integrated circuit socket, being careful to put the notched end of the socket 
pointing towards R4, the collector resistor for TR2. 


Check your connections around IC1, and when you are satisfied that they 
are correct, line up IC1 with its socket, making sure that the notched ends 
are together, and press down gently to insert the IC into its socket. Insert the 
30 cm piece of insulated wire into the output socket, connect the battery and 
switch on. You should still hear whistles in your receiver, but now they 
should be 25 kHz apart, rather than 100 kHz apart. 


All that now remains to be done is to mount the circuit rigidly inside whatever 
casing your have chosen. Make sure that none of the connections under the 
board touch the metal case, and secure the valveholder, on/off switch and 
output connector to the case. You now have a completed crystal calibrator. 


Calibration 


The simplest way to calibrate your circuit is with a frequency counter. Most 
clubs will have one of these and, if not, will know someone who has! Connect 
it to the collector of TR2, where the frequency should be 100 kHz. Do not 
connect it to any part of the circuit around TR1, or you may alter the 
frequency you are trying to measure! If the frequency is not exactly 
100.000 kHz, rotate TC1 until it is (or is as close as you can get it). Now your 
calibrator is as accurate as the counter with which you have calibrated it. 


A crystal calibrator 


Accuracy 


Despite your best efforts at calibration, by whatever means, your crystal will 
never have a constant frequency. Such a thing is a scientific impossibility. It 
is usual to express the accuracy of a crystal in parts-per-million (ppm), and 
it is governed by many things, principally its temperature. You will be very 
fortunate if your circuit maintains an accuracy better than about +10 ppm. 
Expressed in figures, it means that the true frequency can be anywhere 
between 99.999kHz and 100.001 kHz, i.e. within 1Hz of the correct 
frequency. 


Although this may seem more than adequate, it is as well to remember that 
the accuracy degrades as the frequency increases. At 1 MHz the error will be 
+10 Hz and at 10 MHz it will be +100 Hz. At 30 MHz it will be 300 Hz. 
Even so, this should be acceptable for most non-critical applications. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance Maplin code 
180 kilohms (kQ) 
15 kilohms (kQ) 
6.8 kilohms (kQ) 
1 kilohm (kQ) 
2 kilohms (kQ) 
150 ohms (0) 


Capacitors 
C1, C2, C3 1 nanofarad (nF) or 1000 picofarads (pF) 
100 nanofarads or 0.1 microfarad (uF) 
12 picofarads (pF) 
60 picofarads (pF) trimmer 


Semiconductors 
TR1, TR2 2N3904 npn 
IC1 7473 or 74LS73N dual JK flipflop 
D1 S.1V 500 mW Zener 


Additional items 
100 kHz crystal 
B7G valveholder (found at most rallies) 
14-pin DIL IC socket 
Phono socket 
PP3 battery connector 
PP3 battery 
On/off switch 
Veroboard 
Metal case as required 
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30 A simple short-wave 


Figure 1 Just two simple 
stages make up the circuit 
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receiver — Part 1 


Introduction 


No apologies for yet another design of short-wave radio. This is the beauty 
of our hobby — there is always something new to try. Not all circuits operate 


in the same way; not all circuits work equally well; sometimes a simple 
design suits the operator better than a complicated design. So here is 
another one for your consideration; it's a good project for a novice, and a 
good one-evening project for someone more experienced. 


A basic description 


Figure 1 gives the block diagram of the receiver, which employs a 
regenerative detector, one of the earliest techniques by which excellent 
selectivity (the ability to separate two stations very close in frequency) could 
be combined with good sensitivity (the ability to pick up very weak stations) 
using a very simple circuit. The receiver falls into the category known as 
tuned radio frequency (TRF), meaning that the whole circuit (prior to the 
extraction of the modulation from the carrier) operates at the incoming 
radio frequency. In other words, it is not a superhet. 


As you can see, the regenerative detector has what is called a feedback loop, 
which feeds a small amount of the output signal back to the input. You have 
heard the effects of feedback with a public address system, when the 
microphone gain is too great — everything becomes very loud and then 
bursts into a deafening squeal! This is exactly what the feedback does here, 
except that it is carefully controlled, thus providing both gain and 
selectivity. The resulting audio is then amplified for use with headphones. 
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A simple short-wave receiver — Part 1 


The circuit 


The circuit of Figure 2 shows the complete system. TR1 is an untuned field- 
effect transistor (FET) stage, and is used to match the aerial to the next 
stage. Occasionally, a regenerative detector produces unwanted signals, and 
TR1 also prevents them from reaching the aerial and being transmitted! The 
smaller of the two windings on T1 (the primary winding) will match a low- 
impedance aerial, the capacitor input matching a high-impedance aerial. 


Ignore TR2 for the moment — the next stage in the signal path is TR3, the 
detector, using another FET. The tuned circuit is formed by T2, VC1 and 
VC2 (remember TR1 is untuned). The primary winding on T2 taking the 
output from TR1. The reason for having two variable tuning capacitors, 
one large, the other small, is that the large capacitor is the main tuning 
capacitor, while the small one is used as a bandspread control (for very fine 
tuning). The tuned signals are then detected (converted to audio fre- 
quencies) by TR3. 
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Figure 2 The circuit diagram showing the 10-turn potentiometer VR1. This is the regeneration control for the circuit 
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TR2 is a O-multiplier stage. It is a Colpitts-type oscillator which uses C8 
and C9 to give feedback and produce the oscillation. C7 couples the tuned 
circuit (and the input to TR3) to TR2. The tuned circuit thus controls the 
frequency of oscillation of TR2 and the signal passed on to TR3. 


The secret of the ease of operation of this receiver is VR2, a 10-turn 
potentiometer (or helipot). The resistance wire is wound in the form of a 
helix, giving a much greater wire length than in a normal potentiometer, and 
the shaft must be turned ten times to cover the whole length. Helipots are 
very useful when very fine adjustments have to be made. Here, VR2 sets the 
regeneration (or reaction) level, depending on the type of signal you are 
receiving, as will be discussed in Part 2. 


TR4 provides the first stage of audio amplification and, after the volume 
control, VR2, the audio amplifier integrated circuit, IC1, will drive a small 
loudspeaker or headphones. 


In Part 2, the construction will be discussed, together with the choice of 
aerial, the parts list, and advice on using the receiver. 


31 A fruit-powered 
medium-wave radio 


Introduction 


This is a one-evening project that will result in a working medium-wave 
(MW) radio, and will also teach you a little about the way electricity can be 


generated from the right metals and a little (safe) acid. All you need are 
three lemons or other citrus fruit, three pieces of copper and three pieces 
of zinc (or galvanised metal) for your power supply. 


Construction 


Figure 1 shows the circuit and Figure 2 its layout on a simple ‘plug-in’ 
prototype board. The six pieces of metal are connected as shown, to wire 
the three lemons in series; use ordinary wire between each lemon and the 
next. If you have a meter to measure the total voltage, it should be about 
1.8 V. Use a standard ferrite rod, and wind on it about 40 turns of single- 
conductor PVC-insulated wire. 
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Figure 1 Most parts are 
plugged into the board as 
shown — soldering is not 
required 


Figure 2 Three lemons 
power the radio, which gives 
good results for such a 
simple circuit 


A fruit-powered medium-wave radio 
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Wire up the circuit on the board as illustrated in Figure 2. Soldering is not 
required with this type of board — just plug in the components and the wires. 
Only one transistor is needed. The tuning capacitor, VC1, selects the station 
you want to hear, and D1 helps to remove the carrier from the RF signal. 
The resulting audio signal is fed to TR1, a small transistor audio amplifier, 
which makes the signal big enough to drive a crystal earpiece comfortably. 
Walkman-type earphones will not work, so invest in a crystal earpiece 
which you can use in several other projects, too! If you use a smaller 
capacitor than that specified for VC1, you will need more turns on the aerial 
coil. 


Tests on the prototype indicated that the radio will run for about a week on 
three lemons! 
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Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 1 megohm (MQ) 
R2 10 kilohm (kQ) 


Capacitors 
C1 1 nanofarad (nF) min. ceramic 
VC1 250-500 picofarad (pF) variable 


Semiconductors 
TR1 BC107 npn (or BC108, BC109C) 
D1 OA90, OA91 germanium (not silicon) 


Coil 
L1 2 metres of single-conductor insulated wire on 
a standard ferrite rod 


Additional items 
Plug-in prototype board, e.g. Maplin YR84F 
Wire aerial at least 3m long 
Crystal earpiece 
Three juicy fruits 


A capacitance bridge 


32 A capacitance bridge 


Introduction 


It is always valuable to have a means of measuring capacitors amongst your 
test gear. Universal LCR bridges (i.e. systems that can measure inductance, 
Capacitance and resistance) can be found at most rallies, and you can work 
your way up to owning one of these. In the meantime, a piece of home- 
made equipment gives you experience as well as resulting in a useful 
measuring instrument. 


The circuit described here is called a capacitance bridge, because it balances 


the effects of one resistor/capacitor pair against another; if one capacitor 
has an unknown value, then the other can be calculated. The basic bridge 
circuit is shown in Figure 1. To avoid having calculations to perform, this 
instrument will be calibrated by using capacitors of known values. The 
bridge is a useful way of performing measurements, because a knob is 
turned until there is a null in the signal from an earpiece or loudspeaker. 
The ear is very precise in being able to perceive nulls, which makes the 
bridge easy to use and reasonably accurate. At the null, the bridge is said 
to be balanced. 


How does it work? 


Figure 2 is the circuit diagram for this capacitance bridge. Transistors TR1 
and TR2 form an oscillator. This is the audio oscillator shown in Figure 1, 
and produces an alternating voltage which is fed to the bridge. RV1 (in the 
collector lead of TR2) replaces both R1 and R2 in Figure 1 — that part of 


Figure 1 Simplified circuit 
of a capacitance bridge. R1 
is adjusted for minimum 
sound 


capacitor 
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Figure 2 Transistors TR1 
and TR2 give an audio 
signal which is adjusted by 
variable resistor RV1 


Figure 3 Components are 
soldered together on a small 
prototype board 
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RV1 above the wiper represents R1, while that part below the wiper 
represents R2. The voltage on one side of the earpiece is determined by the 
ratio of these values, and is adjusted by rotating RV1. The voltage on the 
other side of the earpiece is determined by the ratio of C3 to Cx, where Cx 
is the unknown-valued capacitor. When these two voltages are the same, the 
bridge is balanced and there is no current through the earpiece. 


Figure 3 shows the layout of the components on the matrix board of the 
prototype. It measures 10 holes by 14 holes, and is of the plain type, i.e. no 
copper strips. All earth connections are taken to a single solder tag. When 
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Figure 4 Layout of the parts inside an aluminium box. The earpiece socket is insulated from 
the case 


mounting the board inside a metal box, a long screw is used with extra nuts, 
to earth the board to the case while providing a stand-off, thus preventing 
any unwanted short-circuits between the board connections and the case. Be 
aware that a crystal earpiece must be used; low-impedance headphones of 
the Walkman type are not satisfactory. Solder two flying leads as shown in 
Figure 4, about 15 cm long, terminated in small crocodile clips for attaching 
to the unknown capacitor. 


Calibration 


After checking the circuit carefully, attach the battery and switch on; a 
buzzing noise should be heard in the earpiece. This is the first sign that 
everything should be OK. If there is no buzz, switch off and recheck the 
connections. 
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You will now need a range of close-tolerance (1%) silver-mica capacitors 
covering the range 10 to 1000 picofarads (pF). Arrange the capacitors in 
ascending order and connect them to your bridge in sequence. After having 
prepared a neat piece of card or paper mounted behind the knob on the 
front panel, mark the dial at the positions of the nulls for all the capacitors. 
You have now calibrated your capacitance bridge. If you are more likely to 
want to measure larger capacitors, replace C3 by a 1 nanofarad (nF) 
capacitor, and the bridge will measure up to 10nF approximately. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 10 kilohms (kO) 
R2, R3 100 kilohms (kQ) 
RV1 10 kilohms (kO) linear 


Capacitors 
C1, C2 10 nanofarads (nF) ceramic 
C3 100 picofarads (pF) silver mica or polystyrene 
C4 47 microfarads (pF) 16 V electrolytic 


Semiconductors 


TR1, TR2 BC108 npn 


Additional items 

SW1 SPST on/off switch 
Battery connector, PP3 type 
Earpiece, crystal type 

SK1 3.5 mm jack socket for earpiece 
Battery, 9 V PP3 
Matrix board, approx. 10 holes by 14 holes 
Aluminium case, approx. 10 x 8 x 5cm 


A simple short-wave receiver — Part 2 


33 A simple short-wave 
receiver — Part 2 


Introduction 


In Part 1, the design of this receiver was discussed in some detail. Now we 


are going to put it all together and see how it works. The receiver is laid out 
on a printed-circuit board (PCB) or on a matrix board. 


Construction 


The layout of the components is shown in Figure 1. Identify each part 
separately, insert it into the holes in the board and solder carefully. Long 
leads may be cropped before or after soldering, depending on your skill and 
preference. All electrolytic capacitors, T1, T2 and IC1, must be connected 
correctly. The front-panel controls are connected to the PCB terminals 
shown in Figure 1. 


The layout of the controls and the placing of the board inside the case are 
matters of personal preference. The size of the prototype front panel is 
shown in Figure 2. The prototype had a slow-motion drive fitted to VC2, 
the main tuning capacitor. This required the capacitor to be fitted on its 
own small panel. The bandspread control does not need any form of 
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Figure 1 Layout of the receiver circuit board 
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Figure 2 The case can be 
metal or made from PCB 
material 
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slow-motion drive. A tuning dial may be fitted behind the tuning knob on 
VC2 if required. The volume control, VR2, has its own on/off switch for 
the battery, which can be mounted behind the back panel, on which are 
mounted the aerial input sockets and the headphone/speaker socket. 
Check your soldering carefully, together with all the wiring between the 
board, the potentiometers and variable capacitors. When you are con- 
fident that everything is perfect, connect the battery and switch on. 


The first tests 


If you have a good aerial and are using an aerial tuning unit (ATU), use the 
low-impedance input. Excellent results are possible, though, with about 
3 metres of wire connected to the high-impedance input. Set the volume 
control to give a gentle hiss in the headphones or speaker. Advance the 
reaction control to give a definite hiss. As you tune in an AM station, the 
hiss will change to a whistle; back off the reaction until the oscillation just 
stops. The receiver is now correctly set for AM reception. 


On the amateur bands, the stations will be SSB or CW, and the reaction 
needs to be set just above the oscillation point, and will need slight 
adjustment from time to time for different qualities of signal. Juggling with 
the volume, reaction and tuning is part of the pleasure of using regenerative 
receivers! 


A simple short-wave receiver — Part 2 


In action 


Practice is needed for best results. The regenerative receiver is renowned for 
its versatility in being able to be set up exactly for all types and strengths of 
signal. The basic receiver tunes from 6.5 MHz to 11 MHz approximately; 
this includes two amateur bands at 7.0 MHz and 10.1 MHz and two 
broadcast bands. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 


R1, R10 330 ohms (Q) 

R2, R5,R11 270 ohms (Q) 

R3 22 kilohms (kQ) 

R4 47 kilohms (kQ) 

R6 3.3 kilohms (kQ) 

R7, R12 4.7 kilohms (kQ) 

R8 27 kilohms (kQ) 

R9 470 kilohms (kQ) 

R13 2.7 kilohms (kQ) 

R14, R15 10 ohms (Q) 

R16 1 kilohm (kQ) 

VR1 10 kilohm (kQ) linear 10-turn potentiometer 

VR2 10 kilohm (kQ) log potentiometer 
Capacitors 

C1 27 picofarads (pF) 

C2, C18, C22 100 nanofarads (nF) 

C3, C4, C6, 

C10, C13, C14 10 nanofarads (nF) 

C5, C11 33 microfarads (wF) 16 V electrolytic 

7 68 picofarads (pF) 

C8, C9 330 picofarads (pF) 

C15 1 nanofarad (nF) 

C16, C17, C20 10 microfarads (uF) 16 V electrolytic 

021,023 150 microfarads (F) 16 V electrolytic 

VC1 10 picofarads (pF) variable 

VC2 200 picofarads (pF) variable 
Semiconductors 

TR1, TR3 2N3819 

TR2, TR4 BC182 

IC1 LM386 

D1 6.2V 0.5 W Zener 
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Inductors 
T1 3 turns primary, 15 turns secondary, 
wound on 2-hole ferrite bead, with 28 SWG wire 
T2 2 turns primary, 17 turns secondary, 


Additional items 


wound on a T68-2 toroidal former, with 28 SWG 


wire 


Printed-circuit board 

Battery connector 

PP3 battery 

8-pin DIL socket 

8 ohm speaker or headphones (Walkman type) 
Case to suit 
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34 A basic continuity tester 


Introduction 


This little device can be built on a plug-in breadboard, and is ideal for 
testing fuses and cables, as well as doubling as a signal source for testing 


amplifiers, etc. It can even be used for testing npn transistors by replacing 
either of the transistors in the circuit, and seeing if the circuit still 
works! 


Simple and quick to build 


Using a plug-in breadboard, this circuit is so simple it could almost be built 
when you need it, and then dismantled again! If you want the circuit to 
make a different sound, the components to change are R2, R3, C1 and C2. 
Always make sure that R2 = R3 and C1 = C2, or the sound may be 
excessively ‘edgy’ and lacking in volume. 


Basically, the circuit is an oscillator which drives a little loudspeaker 
directly. The fuse or cable you are testing is connected between the crocodile 
clips. If there is a current path between the two clips, the current also flows 
through the circuit, thus operating the oscillator and producing a sound 
from the loudspeaker. 


© RSGB 
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(Battery +) 


Optional audio 
output 


pa 


Figure 1 The circuit 
diagram of the continuity 
tester 


(Battery =) 
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If you want to use the circuit to produce a signal to test an amplifier, for 
instance, connect the croc clip which comes directly from the battery to the 
junction of R1, R2, R3 and R4. This supplies current to the circuit while, at 
the same time, bypassing the loudspeaker. Use the two components R5 and 
C3 between the oscillator and your amplifier. The loudspeaker is bypassed 
because you will want to listen to the output from your amplifier, not from 
the oscillator! 


Remember, NEVER test any equipment which is still connected to the mains 
electricity supply. Avoid testing anything which is switched on and has its 
own power supply. You may damage both your tester and the circuit you 
are “testing”! 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 12 kilohms (kO) 
R2, R3 47 kilohms (kQ) 
R4 390 ohms (Q) 
RS 100 kilohms (kQ) optional 


Capacitors 
C1, C2 47 nanofarads (nF) ceramic 
C3 100 nanofarads (nF), 0.1 microfarads 
(uF) ceramic optional 


Semiconductors 


TR1, TR2 BC108 npn 


Additional items 
LS1 Loudspeaker (8 (2) 
2 crocodile clips 
Prototype circuit board 
PP3 battery connector 
PP3 battery 
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35 A charger for NiCad 
batteries 


Introduction 


The cost of replacing dry batteries can be alleviated to a great extent by the 
use of rechargeable batteries such as those containing nickel and cadmium 
(called NiCads). They are more expensive than the batteries they replace, 
but they can be charged hundreds of times and thus prove cheaper in the 
long run. 


NiCads produce only 1.2V per cell, compared with the 1.5V of ordinary 
cells, so before you rush out and buy lots of these, please make sure that 


the equipment on which you plan to use them will work on the reduced 
voltage! For example, if you are using four cells to give you a 6V supply, 
NiCads will give you only 4.8V, which is quite a reduction. Using six cells to 
replace a 9V battery will give you only 7.2 V. Not all equipment is happy 
with these reductions! 


However, we all use them when we can, and they save substantial amounts 
of money. Here is the circuit of a charger to keep them in prime 
condition. 


Charging NiCads — the ampére-hour 


NiCads require charging at constant current, which means that connecting 
one across a normal power supply (constant voltage) is useless and can 
destroy it. They need pampering to the extent of needing a long charge 
(around 16 hours) at a rate dependent upon the capacity of the battery. By 
the capacity of a battery, we mean how much energy it can store. You will 
probably know that energy is measured in joules. For the purposes of 
storing energy in batteries, the joule is not the ideal unit, so we use one that 
is! This unit is the ampére-hour (Ah), and must be interpreted with some 
realism. For example, if the battery is rated at 2 Ah, it will deliver a current 
of 0.5 amp for 4 hours, or 0.25 amp for 8 hours. Provided the current is not 
too high, the product of the current (in amps) and the time for which it will 
flow (in hours) before the battery is flat will always be around 2 Ah. A 
workable ‘rule of thumb’ for calculating the charging current is that its 
value should be around one-tenth of the numerical value of the capacity; so, 
for our 2 Ah battery, a charging current of around 200 mA (2 + 10=0.2A 
or 200 mA) would be used. 
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Figure 1 Voltage regulator 
arranged to produce a 
constant current 
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Constant voltage to constant current 


Many integrated circuit (IC) chips are available for use as voltage 
regulators, 1.e. they supply a constant voltage. Most of these can be 
persuaded to become constant current supplies with one external resistor! 


The voltage regulator IC usually has only three connections — “input”, 
“output” and ‘common’. It is designed (in the case of the LM7805) to 
produce a constant 5 V output between the “output” and the ‘common’ 
connections, at currents of up to 1A. If a resistor is connected between 
these, the IC will maintain 5 V across it. If you look at Figure 1, you will see 
the circuit performing this conversion. 


For the previous example, we derived a charging current of 200 mA, so we 
now need to calculate the value of resistor that will produce this current. 
Using the equation which is derived from Ohm's law: 


= —, from which R = —, 
R I 


where R = R1, the resistance in ohms that we are calculating, 
V is the voltage across R1 (5 V), and 
I is the current flowing (200 mA). 


So, 


5 
Role 25.0). 
0.2 


25 ohms is not a ‘common’ or ‘preferred’ resistor value, so we must choose 
the next largest value, which is 27 0. This reduces the current, but only 
slightly — it is now 185mA. When calculating resistor values in power 
supply circuits, we must always check the power that they dissipate and 
make sure we specify and fit a suitable resistor. 


Figure 2 The complete 
circuit including mains 
components 


A charger for NiCad batteries 


Power (in watts) is the product of the voltage across and the current through 
a device, so in this case it is given by: 


Power = VXI = 5x0.185 = 0.925 W. 


Rather than use a 1 watt resistor operating very near its limit, it is safer to 
use a 2 watt resistor operating well within its limits. 


Looking again at Figure 1, we now have a constant-current source 
producing 185 mA, when R1 is a 27 Q, 2 W resistor. For use with NiCads 
requiring charging currents other than 200 mA, you will need to repeat the 
two equations above, using a new value for I. 


The full circuit and its assembly 


This is shown in Figure 2, and can be broken down into two parts. The first 
is the AC to DC conversion produced by the mains transformer, T1, the 
bridge rectifier, BR1, and the smoothing capacitor, C1. The second is the 
constant-current section already discussed. 
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The prototype was assembled on matrix board measuring 18 holes by 12 
strips, although, as Figure 3 shows, this is much larger than is strictly 
necessary. No strip cutting is needed, but make sure that IC1 and C1 are 
inserted correctly. 


Warning! Before you attempt to wire up the transformer and the bridge 
rectifier, be aware that you will eventually be connecting the circuit to the 
mains supply, so there are three possibilities for you: (1) get a qualified 
friend to supervise your completion and testing of the circuit; (2) get your 
qualified friend to complete and test the circuit for you; (3) replace the 
transformer and bridge rectifier with a mains adapter. 
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Figure 3 The charger can be 
built on Veroboard 
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If you decide to use the mains adapter, its output is connected directly 
across C1, because T1 and BR1 are now no longer needed. Make sure the 
polarity (positive and negative) is correct and that the adapter output is set 
to 12 V. 


A quick test 


If you have built the mains version, make sure all connections are correct, 
and that there are no soldered joints which will touch other parts of the 
circuit. The box must be securely closed before tests begin. The RSGB 
cannot be held responsible for damage to equipment or batteries! The 
version using the mains adapter need not be closed during tests. 


Switch on. With nothing connected to the output, the unit should run cold. 
If this is not the case, switch off and recheck your circuit. If all is well, switch 
on again and connect a DC multimeter (on the current range) across the 
output. It should indicate only a slight difference from the calculated value 
of 185 mA. You can now charge your NiCads! 


Other charging currents can be set by having different values for R1, 
perhaps selectable by a rotary switch. Remember to make sure that the 
values of both resistance and power dissipation are correct, and don’t 
exceed the 250 mA rating of the transformer (or the 1 amp rating of the IC 
if you are using a bigger transformer). 


An 80 metre crystal-controlled CW transmitter 


Parts list 


Resistor 
R1 As required — see text 


Capacitor 
C1 1000 microfarads (uF) 35 V electrolytic 


Semiconductors 
IC1 LM7805 5V, 1A regulator 
BR1 W005 50 V, 1A full-wave rectifier 


Transformer 
T1 9-0-9 V, 250 mA sub-min. transformer 


Additional items 
Case 
Veroboard, 18 holes by 12 strips 
Plug to suit NiCads 
Double-sided sticky tape as required 
Insulated wire for battery connections 


36 An 80 metre 
crystal-controlled CW 
transmitter 


Introduction 


A simple transmitter is ideally suited to anyone venturing into our 


marvellous hobby for the first time. If you are put off by the complexities 
and prices of the ‘black boxes’ then this is the transmitter you’ve been 
looking for! 
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The circuit 


The complete circuit is shown in Figure 1. It is a single-transistor crystal 
oscillator which is keyed (switched on and off) by the Morse key in the 
+12 V supply rail. The circuit first appeared in OST (the American 
equivalent of RadCom) in 1982, and has since appeared in a modified form 
in the ARRL Handbook. The circuit can produce about 2 watts on 80m, 
and can be constructed on a piece of plain matrix board; the prototype 
board measured 7 cm by 3 cm, and its layout is shown in Figure 2. 


Note that a bare copper wire runs along the bottom edge of the board to act 
as an earth wire for the relevant components. The only ‘difficult’ part of the 
construction is the winding and wiring of T1. The main winding is 38 turns 
of 26 SWG enamelled copper wire, and there are two link windings of four 
turns each. Make sure that all windings are wound the correct way round 
the toroid — Figure 1 shows this and should be studied carefully. If the 
windings do not have the correct sense (i.e. a clockwise coil has been wound 
anticlockwise, or vice versa), or have been connected incorrectly to the rest 
of the circuit, the oscillator will not work! 


When putting components on the board, wire in the crystal socket without 
the crystal in it. Crystals do not like to be subjected to the horrors of a 
soldering iron, so keep your crystal to one side during the construction 
process! 


RF out to 
changeover 
switch 


C7a [C7b C8a [C8b 


Li... 21.turns of 22swg 


l wire wound on 
T1... 38-turns of 26swg wire wound T-50-2 toroid 


on T-S0- 2 toroid - 2 link windings of 
4-turns (each) wound with 26swg wire 


Figure 1 The simplest form of transmitter is a keyed crystal oscillator. Note that L1, C7 and C8 make up a low-pass 
filter which reduces unwanted harmonics (outputs at the transmitter frequency multiplied by 2, 3, 4, etc.) 
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Figure 2 Component layout is straightforward on a “matrix board’ (it has holes but no copper strips). The dotted lines 
are the connecting wires. The lower part shows the connections for the transmit/receive switch 


The output filter, which comprises C7, C8 and L1, is a low-pass filter, which 
helps reduce any harmonics present in your signal. Harmonics are integral 
multiples of your transmitter frequency, so if you are transmitting on a 
frequency, f, harmonics will be present at frequencies 2f, 3f, 4f, .. . and so 
on. L2 is another inductance using 22 SWG enamelled copper on a ferrite 
toroid. The changeover switch is external to the transmitter board, and is 
used to switch your aerial between the transmitter and the receiver; its 
wiring is shown in Figure 2. 


Use a dummy load 


A dummy load enables you to test your circuit without actually transmitting 
a signal. If you haven’t such a thing already, it is easy to construct one to use 
with this transmitter. Don’t use it for transmitters of more than 2 watts 
output, though. Use two 100 ohm, 1 watt resistors, connected in parallel 
across the end of a short piece of coaxial cable, terminated in a BNC, PL259 
or N-type free plug, as shown in Figure 3. Plug this into the aerial socket on 
your transmitter, plug in your crystal and connect the transmitter to a 12 V 
supply. Have another receiver switched on and tuned to the crystal 
frequency. Although the radiation from your dummy load is minimal, it will 
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Figure 3 A simple 2W 
dummy load can be made 
from two 100 Q (ohm) 
resistors in parallel. The 
plug should match the 
socket on your transmitter 


Figure 4 A simple dipole 
can be very effective. For 
the 3.5 MHz band, length L 
is 40 metres and height H 
should be as large as 
possible. The far support S 
can be a tree, pole or 
building. Insulators | may be 
home made from strong 
plastic and the feeder F 
should be 50 Q (ohm) coax 
cable 


Figure 5 Your signal is 
radiated mostly from the 
centre of the dipole so the 
ends can droop or even be 
bent but the length may 
need shortening by a few 
centimetres because the 
ground and the bends will 
detune the dipole. Cords C 
are best made from strong 
plastic rope from a sailing 
or camping shop 
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be enough to be picked up by a receiver in the same room. Send dashes with 
the Morse key, and adjust VC1 until the received note is clean. It should not 
sound rough, or have a chirp (change its frequency during a dash or dot). 
Avoid tuning for maximum power; this is seldom the correct setting! 


You will need to put your completed transmitter in a metal box, using 
sockets for the power supply, aerial, receiver and Morse key. The sockets 
can be chosen to match your existing equipment. 


Figures 4-7 are taken from the RSGB book Practical Antennas for Novices, 
and may give you some ideas on the type of aerial to be used with your 
transmitter. 


An 80 metre crystal-controlled CW transmitter 


Figure 6 An ‘inverted-L’ 
takes up less space than a 
dipole and doesn't need 
coax cable. Like the dipole, 
the end can droop or be 
bent to save space as in this 
case most of the radiation 
comes from the area around 
the top of the vertical part 


Wwe to 
antenna | (switched) 


Transmit ter/Recerer 


Figure 7 Almost any length 
of wire more than 10m or 
so long will work (though it 
will work better the longer 
and higher it is) but an 
Aerial System Tuning Unit Coaxial teeder 

(ASTU or ATU) will be to antenna 2 (switched) 
needed 
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Parts list 


Resistor 
R1 12 kilohms (kQ), 0.25 watt, 5% tolerance 


Capacitors 
1000 picofarads (pF) polystyrene 
100 picofarads (pF) polystyrene 
680 picofarads (pF) polystyrene 
68 picofarads (pF) polystyrene 
100 picofarads (pF) ceramic 
10 nanofarads (nF) polyester 
10 microfarads (pF) electrolytic 25 V 
100 picofarads (pF) trimmer 


Semiconductors 
D1 1N4148 
TR1 25C2078 (see sources list) 


Inductors 
T1 38 turns 26 SWG enamelled copper on T-50-2 toroid, 
with two link windings of four turns 
L1 21 turns 22 SWG enamelled copper on T-50-2 toroid 


Additional items 
Ferrite bead 
Crystal (e.g. 3.579 MHz) and holder 
Metal box 
Socket for Morse key. 
This must be totally isolated from the metal 
of the box, as both connections can be at +12 V. 
Sockets for 12 V supply, aerial and receiver 
Switch - DPDT 
Heat sink for TR1 
RG174 miniature coaxial cable for signal leads (see Figure 2) 


Component sources 


Special components 
2SC2078 Cricklewood Electronics Ltd, 40 Cricklewood 
Broadway, London, NW2 3ET. 
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37 A solar-powered MW radio 


Introduction 


What could be more ecologically friendly than a radio powered by the sun's 


energy? This design is quite standard, and if you have built any of the other 
medium-wave radios in this series, then this one should present few 
problems. 


The solar panel 


The solar panel is to the solar cell as the battery is to the cell; in other words 
a solar panel is several solar cells connected in series. The solar panel quoted 
for this radio will generate about 9V at a current of around 30mA on a 
sunny day. The circuit will operate on a supply of around 2 V, so bright 
sunshine is not necessary for satisfactory operation. The volume will be less, 
of course. 


The circuit 


The radio uses the ZN415E integrated circuit (IC), connected as shown 
in Figure 1, the complete circuit diagram. The signal is tuned in by the 
combination of L1 and VC1. L1 is made by winding about 35 turns of 24 
SWG enamelled copper wire on a ferrite rod. A standard ferrite rod of 10 cm 
length and 1cm diameter is used. 


Signals selected by the tuned circuit are passed to IC1, which amplifies the 
signals and removes the audio component, which is then amplified further 
by IC2 for driving a small loudspeaker. The removal of the audio 
component is the process we call detection. In addition to this, IC1 provides 
automatic gain control (AGC), which helps to keep the audio signal 
constant, even when the incoming RF signal may vary due to fading. 


The prototype board 


Veroboard (also known as matrix board or stripboard) is ideal for the 
construction of the radio. The layout is shown in Figure 2. The board size 
is 11 strips by 30 holes (please note that there is no row ‘I’, so take care 
with your counting!). Using a 3mm (% inch) twist drill rotated between 
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There will either bea ns 


notch or a dot inthe 
plastic body — this 


tells you which way Diodes 0! and O 
round tomount the IC : 


Solar cell 
+ terminal 


Loudspeaker 


32 to 64R 


Solar cell 
= terminal 


+» 
.. 


F AAA 


S indicates Li vCland YR! arenot toscale 
Sellotape 
strip ® Copper strips are cut here 


ff ¡ngiCates insulated wire links on the 
copper strip side 

Track J ts not used 

iC} and IC? are mounted in IC sockets 


Figure 2 Follow the layout carefully, making sure that all connections are neatly soldered 
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your thumb and forefinger, break the strips at the points marked with a 
cross inside a circle. Hold the board up to the light to ensure that the 
tracks have been broken and that there is no copper swarf shorting tracks 
together. 


Firstly, solder in the 8-pin DIL sockets for the ICs, making sure that the 
notches in the sockets are facing upwards, as shown on the diagram. Then, 
solder in the wire links, resistors, capacitors and diodes, making sure that 
the electrolytic capacitors (C2, C6 and C7) and the diodes (D1 and D2) are 
connected the correct way round. Use different colours of wire for the 
connections to the volume control, VR1, to avoid incorrect connections. 
Note the wiring of the tuning capacitor (VC1) shown in Figure 2; a two- 
section type is used, and both sections are wired in parallel to give twice the 
capacitance of a single section. 


There is no on/off switch — just turn the volume down when you are 
finished using the set! The solar panel can be mounted parallel to the top 
of the case, or angled to receive the maximum energy from the sun, as 
shown in the photograph. You could have a battery available as a standby 
source to use the radio after dark; any battery of between 6 V and 9 V will 
do. Wire it with a simple changeover switch, so you can switch between 
solar and battery power. Ask a friend for help with this if you are not sure 
how to do it. 


You may need to adjust the number of turns on L1 to get the best results, 
but it should be possible to receive at least five stations at good volume with 
your sun-powered radio! 
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Parts list 


Resistors: 0.25 watts, 5% tolerance 
R1 3.3 kilohms (kQ) 
R2 100 ohms (Q) 

VR1 1 kilohm (kQ) log 


Capacitors 
C1, CS 10 nanofarads (nF) ceramic 
C2 220 microfarads (pF) electrolytic (10 V) 
C3, C4 100 nanofarads ceramic 
C6 10 microfarads (F) electrolytic (10 V) 
C7 1000 microfarads (uF) electrolytic (10 V) 
VC1 140-300 picofarads (pF) 


Semiconductors 
IC1 ZN415E (or ZN416E) 
IC2 TDA7052 
D1, D2 1N4148 
Solar panel 9V at 5S0mA 


Additional items 
LS1 32-64 ohm miniature loudspeaker 

Ferrite rod 
24 SWG enamelled copper wire 
Plastic box, approx. 220 x 140 x 70mm 
Veroboard, cut to size 
8-pin DIL sockets, 2 required 
Knobs, 2 required 
Material for speaker grille 
Connecting wire 
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38 A receiver for the 7 MHz 
amateur band 


Introduction 


Listening on the 40 metre band (from 7.0 to 7.1 MHz) can be very rewarding 
— it is a popular haunt for HF Special Event stations, and at night there are 


signals to be heard from all over Europe. This receiver is designed purely for 
the 40 m band, and is ideal for those who have built the simpler receivers 
and are looking for something a little more challenging. The more 
experienced constructor may prefer to build this on prototype board. 


The circuit and its construction 


Figure 1 shows the circuit diagram. The receiver will work well with 
headphones or loudspeaker. Walkman-type headphones and speakers are 
ideal for use here. 


Swi 
OO + 9Y 
{Battery +) 


... NEGO? 
. - NEGO? 
-- FBLOS 
.. TLOT2 
¿TOA 7OS 2 


X1__ Crystal s ¿-608MMr 


90v 
(Battery ~) 


INTEGRATED CIRCUITS VARICAP DIODE 1C3 EXTERNAL OC CONNECTOR 
1012 4ana$ Cut here 76L05 


Sv Ov +¢9¥ 
123 4 Out Com In 


Lettering 
Top view of ping side Base view of pens 


Figure 1 The receiver gives good performance on the 7 MHz amateur band as well as being simple to construct and 
align 
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Figure 2 Rear view of the 
variable resistors. Check the 
connections carefully to 
make sure the wires are 
fitted correctly 
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Signals arriving at the aerial are coupled into IC1 via gain control VR1, 
which also functions as the on/off switch. Tuning is provided by varying the 
voltage on the varactor diode (or varicap), D1. VR3 is the main tuning 
control, and VR2 is the bandspread (fine tuning) control. The varactor 
diode is supplied as a dual device, which must be cut down the middle 
carefully with a sharp knife; with the lettering upwards, the ground lead 
(0 V) is on the left-hand side, as Figure 1 illustrates. 


Solder in the IC sockets first, followed by the coils. After this come the links, 
resistors, capacitors and varactor diode. Ensure that IC3, the voltage 
regulator, is wired correctly, and check the polarity of the electrolytics. The 
crystal, X1, is very fragile, so take extra care with it. The wiring of the three 
controls is shown in Figure 2. 


Before putting the ICs in their sockets, connect up the battery and check the 
following voltages with the negative voltmeter lead connected to the 
negative terminal of the battery: 


Pin 8 IC1 SV 
Pin 8 IC2 SV 
Pin 8 IC4 9 V 
Pin 1 ICS 9 V 


When all these have been found to be correct, switch off and put the ICs 
carefully into their sockets. Use wire of different-coloured insulation to wire 
up the front-panel controls. 


The case can be a small plastic box of size 22 cm by 15 cm by 8 cm, with three 
10.5 mm holes drilled in the front and two 8 mm holes in the side for the aerial 
and earth connections. On one side are a 6mm hole for the speaker socket 
and an 11 mm hole for the optional external power supply. 


TUNING GAIN ON/OFF 


BANOSPREAD 
VRI VR3 VRI and SW 1 


PCB 
PCB 
(Ground) (Antenna input) Earth 


PCB 
(+5V stabilised) PCB 
(Ground) 
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Testing and tuning 


The aerial for the receiver should be between 30 and 70 feet of wire, mounted 
as high as you can make it, away from trees and buildings if possible. Connect 
the battery and switch on. Adjust L1 and L2 for the best results. Tune slowly 
with VR3; you should find CW stations at the lower end of the band 
(anticlockwise) and SSB stations at the upper end (clockwise). You may find 
that it is easiest to make these adjustments before mounting the board in the 
case with double-sided sticky tape or pads. If you are planning to use an 
external DC supply, make sure it is a safety approved stabilised 9 V type, and 
disconnect the battery before you use such a supply! 


If you suspect that the tuning doesn’t quite cover the lower CW end of the 
band, try increasing C9 to 1200 pF. If it is the upper SSB end which is 
missing, decrease C9 to 820 pF. 


It is always advisable to use an aerial tuning unit (ATU) between your aerial 
and the receiver. A suitable design of ATU is included as a project in this 


book. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 


R1, R4 100 kilohms (kQ) 
R2, R3 1.5 kilohms (kQ) 
RS 220 ohms (Q) 
R6, R7 12 kilohms (kO) 
R8 10 kilohms (kQ) 
VR1 4.7 kilohms (kO) linear, with SPST switch 
VR2 4.7 kilohms (kO) linear 
VR3 47 kilohms (kO) linear 
Capacitors: all rated 16 V or more 
C1 470 picofarads (pF) polystyrene 5% 
G2 47 microfarads (pF) electrolytic 
C3 47 picofarads (pF) polystyrene 5% 
C4, CS 100 picofarads (pF) polystyrene 5% 
C6, C7 100 nanofarads (nF) ceramic 
C8 2.2 nanofarads (nF) polystyrene 5% 


C9, C10 1 nanofarad (nF) polystyrene 5% 
C11, C14 10 nanofarads (nF) ceramic 


C12 470 microfarads (pF) electrolytic 
C13 47 nanofarads (nF) ceramic 

C15 1000 microfarads (uF) electrolytic 
C16 1 microfarad (pF) electrolytic 
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Inductors 
L1 Toko KANK3335R 
L2 Toko KANK3333R 
L3 10 pH 5%, e.g. Toko 283A5-100 
Semiconductors 
IC1, IC2 NE602 or NE602A 
IC3 78L05 5V, 100mA 
IC4 TLO72 
ICS TDA7052 
Additional items 
D1 Toko KV1236 cut into two sections (one half used) 
X1 4.608 MHz (available from Cirkit) 
3 x silver knobs, one with pointer 
Plastic case approx. 22 x 15 x 8cm 
Speaker 8-32 Q, or headphones 
4 x 8-pin DIL sockets for IC1, IC2, IC4, ICS 
2 x 4 mm sockets (red and black) for aerial and earth 
3.5 mm chassis-mounting jack socket for speaker 
DC power socket for external supply (if required) 
Prototype board 
Kits 


A complete kit is available from JAB Electronic Components. 


136 


Diodes for protection 


39 Diodes for protection 


Introduction 


Many semiconductor devices can be destroyed in an instant if their supply 
is reversed. With the use of batteries as power sources, it is quite common 


for the battery to be connected “the wrong way round”, and the scope for 
damaging equipment is significant and very real. Diodes can protect 
equipment in several ways, and you may do worse than to consider one of 
these approaches to protect your next expensive project. 


Choose wisely! 


All the diode circuits given here are so simple as to invite calamity. The 
circuits are not foolproof but, with a little care, will work first time. 
Remember that a semiconductor diode has a forward voltage drop of 
between 0.5 V and 0.7 V, depending on its type and the current flowing. 
This will be mentioned later. 


The first thing you need to do is to insert a good multimeter in series with 
the circuit you want to protect; set the range to Amps DC, and switch on. 
Check that the circuit works properly. Then, decrease the current range on 
the meter until a good reading is indicated. Make a note of this current, as 
it is the normal running current of your circuit. 


To choose a diode, you must consult the catalogues or data sheets and 
find one where the quoted maximum forward current exceeds the current 
you have measured; preferably it should be at least twice your measured 
current. Secondly, the diode will have a peak inverse voltage (PIV); this is 
the maximum voltage it can withstand when the cathode is made positive 
with respect to the anode, i.e when it is reverse-biased and not con- 
ducting. This voltage must be greater than your battery voltage, again by 
a factor of about 2. Except in the case of the bridge rectifier (see later), 
these criteria will enable the selection of a suitable diode to be made 
easily. 


The series diode 


The simplest and most obvious way to protect equipment is to insert a diode 
in the positive supply lead, as shown in Figure 1, with the diode passing 
current only when the supply is of the correct polarity. Because of the 0.6 V 
that exists across the diode, your equipment will normally operate on a 
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Figure 1 Series diode 
protection 


Figure 2 Parallel diode and 
fuse 
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slightly lower voltage. If you imagine reversing the supply to this circuit, you 
will see that the negative terminal of the battery is connected to the anode 
of the diode; the diode becomes reverse-biased and will not conduct any 
current, thus protecting the load. Your equipment will not operate when the 
battery connections are reversed. 


The parallel diode 


The circuit of Figure 2 overcomes this voltage drop. It places the diode in 
parallel with the load (your equipment) but in a normally reverse-biased 
condition so that it draws no current when the battery is correctly 
connected. Reverse the battery connections, however, and a very large 
current will flow through the diode, thus blowing the fuse! For this 
technique to work successfully, the current drawn by the diode when the 
battery connections are reversed must be much greater than the maximum 
current drawn by the equipment, in order to blow the fuse. This is usually 
not a problem, however. 


The diode bridge 


For sheer elegance, the circuit of Figure 3 takes the biscuit! It uses four 
diodes connected in the form known as a bridge rectifier. Such rectifiers 
exist, and do not have to be made up from four discrete diodes. 


Figure 3 The diode bridge 


Diodes for protection 


Follow the current round the circuit from the supply, assuming initially that 
the top wire is positive and the bottom wire negative. It flows from the 
positive supply 


(a) through D2 
(b) through the load (top to bottom) 
(c) through D4 


and back to the negative of the supply. 


Now assume that the bottom supply lead is positive and the top lead 
negative. The current flows from the positive supply 


(a) through D3 
(b) through the load (top to bottom) 
(c) through D1 


and back to the negative of the supply. 


So, whichever way round the battery is connected, the current will always 
flow the same way through your equipment! 


The circuit does have a drawback, however. Whichever way round the 
battery is connected, there are always two diodes conducting the current at 
any time. In the first case it is D2 and D4; in the second case, D1 and D3. 
This means that there is a total voltage drop of about 1.2 V. If your 
equipment can tolerate that reduction in voltage, then you will not have a 
problem. 


Decoupling 


Whenever the supply rail to a piece of equipment, or even to an individual 
stage of a circuit, is broken for the insertion of a device that will drop 
voltage, strange things can happen. This is because the supply for any circuit 
is assumed to have a low resistance to DC and a low impedance to AC. 
(Impedance is the AC equivalent of DC resistance.) These two are not the 
same, and the insertion of a diode or diodes is certain to make a big 
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difference to them both. To overcome any irregularities in the operation of 
the circuit you are protecting in any of the ways described previously, the 
protected supply needs to be decoupled with a capacitor. 


If the circuit handles audio frequencies only, placing an electrolytic 
capacitor directly across the load in all three circuits should solve the 
problem. The parallel circuit of Figure 2 is less at risk than the other circuits. 
The size of the capacitor will be determined by the current taken by the 
circuit, and may need to be chosen within the range 100 uF to 10 000 pF, 
with a working voltage greater than the supply voltage. 


If the circuit is mainly handling RF currents, placing a capacitor of 0.01 uF 
across the load should prevent any problems. A second capacitor, also 
across the load, of between 10 uF and 100 uF may be needed. Again, the 
parallel circuit of Figure 2 is less at risk than the other two. 


Don’t be afraid to experiment, but confine your experimenting (at first) to 
small equipment and low currents, until you get a ‘feel’ for the technique. 


An RF signal probe 


Introduction 


A radio-frequency (RF) diode probe is a simple device which, when used 
with a conventional multimeter, enables the measurement of RF voltages in 


a circuit. When constructed, this will be one of the most useful pieces of test 
equipment for the experimenter who revels in the construction of 
transmitters and receivers. 


The circuit 


Figure 1 shows the simple circuit diagram. It is almost the same as a 
common diode rectifier circuit, but with a simple change to make it more 
sensitive. The circuit is known as a voltage-doubler, and is often found in 
high-voltage supplies, with beefier capacitors and diodes, of course! Because 
we are dealing with high frequencies and smaller voltages, the diodes and 
capacitors can be physically very small. The diode circuit of D1 and D2 
rectifies or detects the RF from the probe, and any remaining AC is removed 
(short-circuited to ground) by C2. This produces, at the output, a constant 
voltage proportional to the peak-to-peak RF voltage present at the input; 
the output voltage is fed to an ordinary multimeter (on a voltage range). 


Figure 1 The diode probe 
can be made from four 
electronic components 


Figure 2 The components 
are mounted on a copper- 
clad PCB 


An RF signal probe 


Probe di To multimeter 


EA O a : oo 


(Stiff wire) 


Ground 
tead 


D1 and 02 are germanium diodes 
Cland C2 are 10nf ceramic capacitors 


(Crocodileciip) 


Construction 


Although the circuit layout is not critical, a description of the prototype is 
given here for your information. Figure 2 has the details. The components 
are soldered to square pieces of copper-clad printed-circuit board (PCB) 
glued to a larger piece of PCB. The larger piece serves as a ground 
connection. Use a stiff copper wire as the probe, and an insulated flexible 
wire with a crocodile clip to connect the probe to the ground of the circuit 
under test. 


Cut a piece of plain PCB, 30mm by 45mm and another of 15mm by 
45mm. Cut the smaller piece into three measuring about 15 mm square. 
Stick the three small pieces to the larger piece, ensuring that there are small 
gaps between each, as Figure 2 shows. Solder the components in place. The 
connection to the multimeter should be thin coaxial cable or screened 
microphone cable. If you use unscreened cable, there may be RF pickup here 
which can lead to false readings. 


Simple to use 


Using the probe is simple. Connect it to the multimeter and set the meter to 
around 10V DC — you may need to reduce this, depending upon the 
magnitude of the RF voltage you are trying to measure. Hold the probe by 


To wire ES To 
probe Se . a muitimeter 
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its base, being careful not to touch any of the components. Connect the croc 
clip to a ground point on the circuit and touch the probe on the circuit point 
to be tested. If an RF signal is present, there should be a reading on the 
multimeter. That's all there is to it! 


Parts list 


Capacitors 
C1, C2 10 nanofarads (nF), or 0.01 microfarad (uF) ceramic 


Semiconductors 
D1, D2 Any germanium signal diode, e.g. OA91 or AA119 


Additional items 
Stiff copper wire 
Insulated flexible wire 
Copper-clad PCB 
Crocodile clip 
Coaxial or screened cable 


Source 


All components are available from Maplin. 


41 An RF changeover circuit 


Introduction 


The simplest entry route to operating an HF station is to buy or build a 
receiver, and to add a simple CW (Morse) transmitter. In theory, this sounds 
so simple, yet in practice there is one significant hurdle to be overcome. 


How can they both share the same aerial? A manually operated changeover 
switch is the obvious solution, but it takes time to perform the switching 
operation, by which time someone else has squeezed in before you and 
contacted the DX station! This small circuit accomplishes the changeover 
automatically, as soon as the transmitter is keyed. 
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Figure 1 RF activated relay 


An RF changeover circuit 


How it's done 


The circuit is shown in Figure 1, and uses the signal from the transmitter to 
operate a relay. A relay is a switch which is operated electrically in the 
following way. A coil of wire with an iron core is used as an electromagnet. 
When current flows through the coil, it produces a magnetic field which, in 
turn, is used to pull a set of switch contacts. These contacts will be used to 
switch the aerial from transmitter to receiver and vice versa. The relay used 
here has a double-pole changeover (or DPDT, or DPCO) switch. If you are 
confused by the different types of switch, look at the basic descriptions 
elsewhere in this book. The pole of a switch is the part that doesn’t move; in 
Figure 1, one pole is connected to L1 and the other to the aerial output. Ina 
circuit diagram, the switch contacts are always shown in their normal state, 
i.e. when no current flows in the relay coil. The changeover switch is normally 
in the receive position, so we say the receive switch is normally closed, and the 
transmit switch is normally open. We choose to have the circuit in the receive 
position normally, because everyone spends a lot more time receiving than 
transmitting. The relay is energised only when you are transmitting. 


There are three RF sockets — one for the transmitter, one for the aerial, and 
one for the receiver. When the transmitter is not in use, there is a direct 
connection (via the Rx normally closed contacts of the relay) between the 
aerial and the receiver. The transmitter (which is not keyed at this time) is 
connected to a 50 ohm dummy load, R1. 


When the transmitter is activated by pressing the Morse key, an RF signal 
appears at the transmitter socket. The wire carrying the signal to the relay 


Relay contacts 
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Figure 2 Component details 


144 


Tx contacts passes through a toroid (a ferrite coil former, looking like a 
black Polo mint), which has a five-turn coil wrapped around it. This five- 
turn coil picks up the signal, which is then detected by D1 and D2, and 
converted to a steady voltage. C1 removes any remaining RF and C2 
provides hang. Without it, the circuit would detect the gaps between every 
dot and dash being sent, and switch the aerial over very rapidly and very 
frequently! This is not what we want. We need the relay to remain in the 
transmit condition at normal Morse keying speeds, and then return to 
receive when the sending is complete. The combination of C2 and R3 
achieves this. 


The voltage appearing across C2 is fed to a VMOS field-effect transistor 
(FET), TR1, which acts as an electronic switch. When a voltage appears 
across C2, the FET switches on and passes a current through the relay coil, 
changing the contacts from receive to transmit. The diode, D3, across the 
relay winding protects the FET from being damaged by the large reverse- 
voltage spike which occurs across the coil when the FET switches off. 


Construction 


This is very simple — a circuit board is not required. The prototype was built 
into an old 50 g tobacco tin. All ground leads are soldered directly to the tin, 
thus supporting the components automatically. Phono sockets were used for 
the aerial, receiver and transmitter; you could use whatever connectors 
matched the rest of your station. The 12 V supply is fed through the tin 
using a 1000 pF feed-through capacitor, C3. 


The ‘dummy load”, R1, must be able to withstand the RF output power of 
the transmitter. For novice use, 4 watts is adequate. Two suggestions for 
making up R2 from standard resistors are shown in Figure 2. Six 330 ohm, 
1 watt resistors in parallel have a combined resistance of 330/6 = 55 Q, at 


6 W. Two 100 ohm, 2 watt resistors in parallel have a combined resistance 
of 100/2 = 50 Q at 4W. 


VN1O0 KM 


_ 


DI, 2and 3 


* Suggested ways to make RI 


Figure 3 Receiver input 
protection 


An RF changeover circuit 


Make sure all the contacts to the relay are correct; also ensure that TR1, C2, 
D1, D2 and D3 are correctly wired. 


Winding the toroid, L1, is very simple. It is made from PVC-insulated hook- 
up wire. Each time the wire passes through the centre of the toroid counts 
as one turn. The wire from the transmit socket to the relay simply passes 
through the centre! Use thin 50 coax for the leads to the three sockets. 


What happens to the receiver? 


On transmit, the receiver is not connected to the aerial, but is only the 
separation of the switch contacts (about 0.5 mm!) away from the transmit 
lead. The receiver will pick up the transmitted signal, and there is a 
possibility that this signal will be enough to damage the receiver’s sensitive 
input circuits. This can be prevented with the simple addition shown in 
Figure 3. Two diodes are connected back to back across the receiver socket. 
These act as a limiter, reducing the amount of signal that can enter the 
receiver. Solder these directly between the receiver socket and the tin. 
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Warning 


The wiring must be thoroughly checked. If the relay switch connections are 
wrong, there is a great probability that the full RF power will be applied to 
your receiver! You can check these connections as follows. With the 12 V 
supply connected, check that the relay energises (clicking sound heard) 
when the FET drain (d) is shorted to earth. Check the aerial and receiver 
connections with an ohmmeter or continuity tester. Disconnect the 12 V 
supply, and check that there is continuity between the centre pins of the 
aerial and receiver sockets. Reconnect the 12 V supply, short the FET drain 
to earth again (this will not damage the FET) and check that there is 
continuity between the centre pins of the aerial and transmitter sockets. If 
these tests show correct operation, disconnect the drain shorting wire (most 
important!) and your aerial auto-changeover is ready for use! Avoid using 
the device without the lid fitted. 
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Parts list 


Resistors: 0.25 watt, 5% tolerance, unless otherwise stated 


R1 
R2 
R3 


Capacitors 
C1 
C2 
C3 


Semiconductors 
D1, D2, D4, DS 
D3 
TR1 


Additional items 
L1 


50 ohms (Q) — see text and Figure 2 
1 kilohm (kQ) 
10 kilohms (kQ) 


100 nanofarads (nF), 0.1 microfarad (uF) 
47 microfarads (F) 15 V electrolytic 
1000 picofarads (pF) feedthrough 


1N914 
1N4001 
VN10KM 


137-43 toroid 


Relay 12 V DPDT (DPCO) relay 
Three sockets to suit (phono, SO239, etc.) 
Thin coax cable and hook-up wire 


42 A low-light indicator 


Introduction 


This is a simple one-evening project that can be built for the pure fun of it, 


or to use as the basis of a more complex project to switch your shack lights 
on when it gets dark! In its prototype form, it simply flashes an LED when 
the ambient light level drops to a preset point. 


Operation 


The heart of the circuit shown in Figure 1 is a photo-conductive cell, also 
called a light-dependent resistor (LDR), a device whose resistance changes 
according to the amount of light falling on it. In bright light, the resistance 
is low (about 1kQ), whereas in the dark, its resistance is very high (up to 
10 MQ). The cell is made from a semiconducting material known as 
cadmium sulphide (CdS), and is enclosed in a small plastic container. The 
semiconductor is laid on a flat insulating surface in the form of a small flat 
ribbon. The ribbon construction gives a good area of surface for a given 


Figure 1 Circuit diagram 


Figure 2 Component layout 
on tagstrip 


A low-light indicator 
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length of ribbon, and the length of the ribbon is maximised by laying it out 
in a zig-zag pattern, as can be seen diagrammatically in Figure 2. In the 
dark, CdS is an insulator; when light falls on it, electrons are released inside 
the CdS, making it conduct. The more light there is, the more electrons there 
are, and the resistance falls. 


In this circuit, the LDR is connected across the 9 V supply in series with a 
variable resistor, VR1. In this arrangement, the voltage that exists across the 
LDR will be determined by the light level. As the light intensity increases, 
the resistance of the LDR falls, dropping a smaller voltage across it. The 


Battery + to RI 


VR1 
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reverse happens when the light intensity falls — the voltage across the LDR 
increases. This voltage is used to drive an npn transistor, TR1, connected as 
an electronic switch. As the voltage on the base (B) rises, it will reach a point 
where TR1 will suddenly start to pass current, just as an ordinary switch 
does when pressed. The current flowing through TR1 also flows through a 
flashing light-emitting diode (LED), D1 and its series resistor, R1. D1 can be 
a steadily glowing type, if preferred. If you want to make the circuit switch 
the LED on at a different ambient light level, adjust VR1. 


Construction 


The prototype was made on an eight-tag tagboard (Figure 2). The resistors 
R1 and R2 can be laid on the tagboard for soldering, the rest of the 
components lying above or to the side of the board. Check the circuit after 
you have soldered everything on, then connect the battery. The LED should 
flash if you put your hand over the LDR, and VR1 can be adjusted to vary 
the point at which the LED lights. The project can be housed in a small 
plastic box with holes provided for the LDR and LED and an on/off switch 
if you want one. 


Parts list 


Resistors: all 0.25 ohm, 5% tolerance 
R1 220 ohms (0) 
R2 1 kilohm (kQ) 
VR1 22 kilohms (kQ) linear pre-set 


Semiconductors 
LDR ORP12 
TR1 2N3053 npn 
LED1 Flashing LED 


Additional items 
Plastic box 
Tagboard with 8 tags 
PP3 battery connector 
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43 A J-pole aerial for 50 MHz 


Introduction 


For FM communication (i.e. voice and data) on the VHF bands, a vertical 
aerial is used to give all-round (non-directional) coverage. This is a half- 


wave aerial which can be fed at the end, thus removing the principal 
problem with the conventional vertical centre-fed half-wave dipole, which 
is that the feeder should leave the dipole at right angles. This is no problem 
when the dipole is horizontal, but can be difficult for the vertical dipole. 


Basic facts 


A feeder must be connected to an aerial at a point where the impedance 
(AC ‘resistance’) of the aerial closely matches that of the feeder. The 
difference between the two impedances gives rise to the voltage standing- 
wave ratio (VSWR), which is unity only when the two impedances are the 
same. With 50 Q feeders, the feed point of a half-wave aerial is at the centre, 
where the aerial impedance is around the same value. At the end of a half- 
wave aerial, the impedance is high, so it is mot a suitable point to connect a 
50 Q feeder. 


Connection at this point can be effected using an RF transformer. RF 
transformers act in the same way as ordinary transformers, except that they 
are much smaller, and usually comprise wires of particular lengths adjacent 
to each other. Figure 1 is a good starting point. It shows the aerial in its 
diagrammatic form. Notice that the aerial is in the form of an elongated 
letter ‘J’; this shape gives rise to its nickname — the J-pole. The quarter-wave 
RF transformer is the lower ‘U’ section below the half-wave element. At the 
bottom of the U section, the impedance is zero (this may become clearer 
later) and at the top of the U section it is high, thus matching the aerial 
impedance. The coaxial feeder cable is connected part-way up the U section, 
where the impedance is around 50 Q. 


The practicalities 


Figure 2 shows the aerial as constructed. As it is about 4.5 metres high, it 
may be too high for the average house loft, but is ideal for mounting 
outside, supported by a non-metallic pole or hung from a tree branch. The 
upper half-wave section is made from 1.5mm insulated copper wire, as 
used in domestic mains wiring. The quarter-wave transformer below the 
half-wave section is made from 300 Q balanced line (‘ribbon cable”). The 
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Figure 1 Overall dimensions 
of the 6 metre J-antenna 
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300cm 


145cm 


45cm 
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wires at the bottom of the transformer section are stripped of their 
insulation, twisted and soldered. At the upper end, only one wire of the 
balanced line is soldered to the bottom of the half-wave section. The other 
wire of the pair is not connected and is left insulated. 


At the feed point of the transformer, the insulation needs to be carefully 
stripped from the balanced line. You will need a standing-wave meter (VSWR 
meter) in the coaxial line between your transmitter and the aerial, and you 
will need to adjust the position of the feed point. 45 cm from the bottom was 
the best point on the prototype, but this position is dependent upon the 
immediate surroundings of the aerial, and must be done when the aerial is in 
its final operating position. Warning: Never make adjustments to the feed 
point when the transmitter is on. Make a VSWR measurement, switch off, 
move the feed point, switch on again, make another measurement, and so on. 
You will need to aim for the lowest VSWR you can — certainly better than 2:1. 
Having found the best position, wrap all the exposed wires with self- 
amalgamating tape, to seal them against the ingress of moisture. 


Figure 2 Construction 
details 
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How it performs 


Figure 3 shows a computer prediction of how the J-pole radiates. It is 
called a polar diagram, and shows the distribution of your transmitted 
power when viewed “from the end of your garden”. Most of your signal is 
sent at a fairly small angle to the horizontal; very little signal goes upwards, 
which is a good thing, of course. This also shows why the J-pole (or any 
other vertical aerial) should not be called ‘omnidirectional’, which means 
it radiates in all directions. It is omnidirectional only in the horizontal 


plane. 
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Figure 3 This polar diagram 
computed for the J-pole 
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Safety 


Where you mount your aerial is a matter of personal preference and the 
restrictions of height and space, but the following safety rules must be 
applied. 


1. Never fix an aerial where it may come into contact with power lines or 
telephone lines. 

2. When climbing a ladder to put up an aerial outside, make sure the ladder 
is safe and that it is secured. 

3. Don’t do this alone. Preferably have someone with you. If this is not 
possible, make sure someone knows where you are. 


Parts list 


3.00 metres 1.5mm insulated copper wire 


1.50 metres 300 ohm balanced line 
As required 50 ohm coaxial cable 
As required Self-amalgamating tape 
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44 Measuring light intensity — 
the photometer 


Introduction 


Before the days of automatic ‘point-and-shoot’ cameras, a photographer 
would use a light meter or photometer to measure the light level, then 


manually convert this reading into shutter speed and lens aperture settings 
to ensure a correctly exposed negative. Modern cameras have quite 
sophisticated photometers, which control the shutter speed and iris 
settings automatically. 


A short explanation 


A simple photometer circuit is shown in Figure 1, and is based on a device 
called a light-dependent resistor, or LDR. As its name tells us, its 
resistance depends upon the amount of light falling on it. In bright light, 
the resistance is relatively low (about 1kQ), whereas in the dark, its 
resistance is very high (up to 10MQ). The cell is made from a 
semiconducting substance known as cadmium sulphide (CdS), and is 
enclosed in a small plastic container. The semiconductor is laid on a flat 
insulating surface in the form of a small flat ribbon. The ribbon 
construction gives a good area of surface for a given length of ribbon, and 
the length of the ribbon is maximised by laying it out in a zig-zag pattern. 
In the dark, CdS is an insulator; when light falls on it, electrons are 
released inside the CdS, making it conduct. The more light there is, the 
more electrons there are, and the resistance falls. 


©RSGB DY122 VR1 
50k 
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S 
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Figure 1 Circuit diagram of | 
photometer 15V 
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The photometer circuit 


The circuit is simply a series connection of four things — the battery, the 
LDR, a variable resistor and a meter. A switch is also provided. The 
combination of the LDR resistance and that of VR1 determines the current 
flowing, which is indicated on the meter. Altering the resistance of VR1 sets 
the sensitivity of the photometer — you may want full-scale deflection of the 
meter needle for a bright light, or for a dim light. 


It is simple to make, and a plug-in type matrix board is ideal to test the 
circuit, so that you can decide if you want to make a permanent version. 
Connect all the components in series; the only change you may want to 
make is the connection to VR1. If you find that the sensitivity control seems 
to work “backwards”, simply unsolder the wire from the end tag of VR1 and 
solder it to the opposite end tag. Problem solved! 


In use 


As soon as you connect up the battery, you will probably have a meter 
reading because of the daylight falling on the LDR. Shading it with your 
hand should reduce the reading. If the meter needle is hard over against the 
end-stop, turn VR1 until it indicates about half-scale. The LDR is very 
sensitive, and will read zero only in a dark room. If you put on a torch to 
see what the meter reading is, the LDR will detect the torch light, and will 
give a reading! 


Here is a simple project where you can use the photometer in an experiment 
which has an analogy in radio. Draw a circle on a large (A3 or bigger) sheet 
of paper and divide it up into 30-degree sectors, as shown in Figure 2. Draw 
a series of smaller circles which divide the maximum radius into five. Look 
at the figure if you’re not sure about this. Bring the LDR away from the 
circuit by using two long, flexible wires. The experiment must be performed 
in a darkened room (preferably in total darkness). Prepare a table with two 
columns, the left-hand one headed ‘Angle (degrees)’ and the right-hand one 
‘Meter reading”. Fill in the left-hand column 0, 30, 60... and so on up to 
360°. 


Place the torch in the position shown, with its lens at the centre of the circle 
and pointing along the 0° line; switch it on. Place the LDR facing the torch 
and adjust VR1 until you have full-scale deflection of the meter needle. 
Suppose the meter indicates 10 units at this point. Enter this into your table 
in the 0° row. Keeping the torch the same distance from the circle centre, 
and pointing at it, move the LDR round all 30° positions and record the 
meter readings. Switch off the torch and take the sheet of paper and your 
tabulated results into daylight! 


Lay the large sheet of paper on a table with your results beside it; then, at 
each 30° interval, plot the point along the radius corresponding to the meter 


Measuring light intensity — the photometer 
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reading. Then, join up all the points and you have what is called a polar 
diagram of light intensity. The use of the word ‘polar’ implies that the 
readings have been taken in a circle and plotted that way. 


Light waves and radio waves are both examples of electromagnetic 
radiation. The torch is designed to ‘beam’ its radiation in a particular 
direction, just like an aerial does. Hence the use of the word ‘beam’ for a 
directional aerial. If a similar polar diagram is drawn for a Yagi-type 
aerial, it will show the same general characteristics as does Figure 2, 
namely a main direction (or ‘lobe’) where most of the energy is 
concentrated, with evidence of sidelobes, indicated by ‘lumps’ on the 
otherwise smooth main lobe. 


Also in this book you will find a project for the construction of a UHF field- 
strength meter, which you could use to carry out a measurement of the polar 
diagram of a UHF aerial. 
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Parts list 


Resistor 
VR1 50 kilohms (kQ) linear 


Semiconductor 


LDR1 ORP12 


Additional items 
Meter, 50 or 100 pA 
Battery clip for single AA cell 
AA cell 


45 A 70cm Quad loop aerial 


Introduction 


This is a description of how to make an aerial for the 70 cm band which has 


gain compared with the ‘rubber duck’ or the dipole aerial. It can easily be 
dismantled and reassembled, making it ideal for contest use. 


The principles 


Most aerials which comprise several similar elements arranged along a 
boom are variations of the design originated by Yagi and Uda, and which 
takes the name (for historical reasons) of the former, and is know as the Yagi 
array. Let us suppose we have a Yagi aerial beaming left to right in front of 
us. The elements get progressively shorter from the left (look at almost any 
TV aerial to see this). All the elements on a Yagi aerial are classified as 
follows: 


o The reflector — the leftmost element as we look at the array. It is the 
longest. Next to it is: 

@ The driven element — this is the element connected to the feeder, which in 
turn runs down to the transceiver. It is slightly shorter than the reflector. 

e Allthe elements beyond the driven element are called parasitic elements, or 
directors. They are shorter than the driven element and usually get pro- 
gressively shorter as we progress to the right along the boom. The directors 
are mainly responsible for the directivity (or beamwidth) of the array. 


A 70 cm Quad loop aerial 


The progression from a simple dipole (a driven element in isolation) to a 
Yagi array is simple, but is nevertheless important. To make an aerial of two 
elements, a reflector (not a director) is added to the driven element. For 
three or more elements, directors are added to the two-element design. 
Adding more and more directors soon becomes impractical, the reduction in 
beamwidth (such as it is) does not warrant the extra expense, weight and 
wind resistance that is incurred. 


Instead of using linear (straight) elements, as in the generic Yagi, this design 
uses loops. Designs using squares of wire instead of loops are known as 
Ouad aerials, and HF designs require large X-shape frames to support the 
large squares of wire. At 70 cm, however, the use of wire loops is easier, and 
they are self-supporting. 


Construction 


This is quite simple. Any type of material (metal, plastic, wood) can be used 
for the boom (the support for the elements) and for the mast. The elements 
are made from 14 SWG enamelled copper wire. 16 SWG hard-drawn aerial 
wire, which is not enamelled, has also been used with success. Thinner wire 
might result in a rather ‘floppy’ aerial! The separate parts of the aerial are 
held together with jubilee clips (hose clips). 


The driven element is secured to the boom with a jubilee clip and a three- 
connector plastic connector block as shown in detail in Figure 1, and in the 
photograph. Cut the wire for the driven element 70mm longer than the 
700 mm indicated in Figure 1. Then, using sandpaper, remove the enamel 
from one end to a distance of 20 mm, and from the other to a distance of 
50mm. After forming the loop of the driven element, bend both stripped 
ends through 90°, and insert them into the first to holes of the plastic 
connector block (Figure 1). Do not tighten the screws yet. Push both ends 
into the block as far as they will go, then bend the 50 mm end back on itself 
and pull the ends back through the connector block so that the end you have 
just bent goes into the third hole in the block. Now tighten the screws in the 
block and in the jubilee clip. 


Each director and the reflector should be made 40mm longer than the 
circumferences shown in Figure 1. Strip the enamel, as before, from the last 
20mm at each end. Form the wire into the loop, slip the ends under the 
jubilee clip (Figure 1) and tighten it. You may find that it helps to solder the 
stripped ends together before securing the jubilee clip. 


The boom is fixed to the mast using jubilee clips and wire, as shown in 
Figure 1. Solder the feeder cable to the driven element, with the braid 
soldered to the end of the driven element which is connected to the boom 
(this applies to metal booms; with plastic or wooden designs, the feeder 
connections are not critical). 
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Boom to mast connector detail 


Figure 1 70 cm 4 element quad construction, with detail of how hose clamps are used in the construction 


You will need a plug on the shack end of your feeder to suit the transceiver, 
aerial tuning unit (ATU) or the standing-wave meter (SWM) you are using. 
Always connect these in the order: transceiver - SWM — ATU - aerial. 


Testing 


Always test aerials outside and away from buildings (if possible!). This 
avoids getting misleading results. 


Use a rubber duck, or whatever aerial you usually use, and tune around to 
find a repeater or beacon signal which is consistent. Note the reading on the 
S-meter. Then, connect your new Quad loop. Rotate it to give the strongest 
S-meter reading (don’t forget it is directional). Verify that the meter reading 
varies as you rotate it. How does the S-meter reading compare with the 
original reading? Much depends on the siting of your original aerial; if you 
are comparing your Quad loop at ground level with a vertical on the 
chimney, you wouldn’t expect your new aerial, even with its gain, to 
outperform a vertical which is well elevated! 
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Now a test on transmit is called for. The use of an SWR meter is essential 
here. Find a clear frequency and check that it really is clear before 
announcing your presence and carrying out the test. A reading of 1:1 is 
excellent, but any value less than about 1.8:1 would be acceptable. You can 
measure the directivity of your aerial using the field strength meter, also 
described in this series. 


Materials 


4 metres of 14 SWG enamelled copper wire 
Material for boom and mast 

15 amp connector block 

7 Jubilee clips 


The enamelled copper wire is available from AA&A Ltd, Sycamore 
House, Northwood, Wem, Shropshire SY4 SNN. Everything else is 
available from most hardware stores. 


159 


Radio and Electronics Cookbook 


46 A UHF field strength meter 


Figure 1 Construction of the 
UHF field strength meter 
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Introduction 


It is always interesting, and often useful, to know just where the radiation 
is going from your aerial. How much of your radiated energy is going in the 
general direction of the station you are in contact with, and how much is 
being effectively wasted? Some of these questions can be answered with 


the use of a field strength meter. A field strength meter is simply a receiver, 
stripped down to its bare essentials, such that it responds only to the 
magnitude of the carrier. The use of a field strength meter assumes that the 
aerial under test is radiating a continuous carrier. Don’t forget to find a 
clear frequency and identify your transmissions at least every quarter-hour, 
in order to comply with the terms of your licence. 


Description 


Two types of field strength meter are shown in Figure 1. You will 
recognise both circuits (Figure 1b particularly) as being types of ‘crystal 
set” with a meter replacing the headphones. Figure la is a broad-band HF 
design (there is no tuning provision) and Figure 1b is tuned in the same 
way as the crystal set; with a loop of wire as an aerial, it will perform well 
in the VHF/UHF range. 


A tuned field strength meter also doubles as an absorption wavemeter if it 
is well calibrated. Such devices are useful for detecting transmitter 
harmonics also. This design is intended for use in the UHF band, so it will 
have to be sensitive around 432 MHz. 


Figure 2 Assembly of the 
field strength meter 


A UHF field strength meter 


Construction 


The field strength meter comprises a loop of wire, 600 mm long, which acts 
both as aerial and as the tuning inductance, a diode, a capacitor, a connector 
block, a meter and a length of twin wire. All the components, with the 
exception of the meter, are fixed to a pole with a jubilee clip, as shown in 
Figure 2. The meter should have a sensitivity of between 50 uA and 100 pA, 
or a multimeter can be used. The multimeter is more flexible, as you can 
select different current ranges, giving you a range of sensitivities. 


Using the field strength meter 


Connect your meter to the ends of the twin wire from the pole. Place a hand- 
held transceiver about 2 metres away, and press Transmit. If there is no 
meter reading switch off the transmitter and check the wiring. If the needle 
attempts to go negative, simply reverse the wires to the meter. If the reading 
is too high, either move the transmitter further away, or increase the current 
range on the multimeter. Try changing the orientation of the transmitter 
aerial, and note how the signal varies. 
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To measure the polar diagram (a graph of the signal strength against the 
angle between the aerial boom and the field strength meter, plotted on polar 
axes) of a beam aerial, mount the loop as far away from the aerial as you 
can, preferably at the same height, and rotate the aerial, say 15 degrees at 
a time, and record the signal strength, until the aerial has been turned 
through 360 degrees. If you need help plotting the graph, enlist the help of 
a friend who has done it before, or one who knows about polar graphs! If 
you have already built the Photometer project, you will have measured and 
plotted the polar diagram of the light intensity from a torch. Now you will 
see the great similarity! 


Parts list 


Capacitor 100 picofarads (pF) 

Diode Germanium, OA79 or OA91 

Connector block 10 A, 3-way 

Wire 600 mm of 16 SWG enamelled copper 
Length of twin cable for meter connection 

Clip Jubilee (hose) clip 


47 Christmas tree LEDs 


Introduction 


A novelty ideal for the festive season, this circuit causes one LED at a time 
to light up around a small cardboard Christmas tree. 


Warning 


This circuit uses members of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened — all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 
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1. Before you open the little packet in which each IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains-earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 

3. Repeat the process with the second IC. 


The circuit is safe from destruction while it is connected to the battery. 
However, when the battery is removed, the same care should be exercised 
with its handling, because there are no supply decoupling capacitors across 
each IC. 


Description 


Figure 1 shows the layout, and how the wires are connected from the circuit 
board to the LEDs around the tree. The circuit, shown in Figure 2, is quite 
complicated, so you need to be confident in your logical approach to circuit- 
building before you attempt this one! It uses two common integrated 
circuits (ICs). IC1 is simply an oscillator which provides timing pulses for 
IC2, which ‘counts’ up to a maximum of 10. The outputs of the counter are 
indicated by light-emitting diodes (LEDs); red, orange, yellow and green are 
common colours which you can use. 


The circuit is built on a single piece of Veroboard measuring 29 holes by 12 
strips. Be aware that there is no strip labelled ‘I’, so don’t make mistakes in 
your counting! 


First of all, cut the tracks in the positions shown in Figure 1 using a 3mm 
(% inch) twist drill rotated between thumb and forefinger. Then, solder in 
the IC sockets, the notches facing row M. Wire up and solder in the links 
and then the Veropins for the connections to the LEDs and battery. Having 
done this, the resistors and the capacitor should be fitted. When wiring the 
LEDs, each cathode (the lead adjacent to the ‘flat’ on the LED encapsula- 
tion) is connected to R4, and the anodes go to separate pins on IC2. 


Testing 


Hold up your circuit board to the light and check carefully for solder 
bridges between adjacent tracks. Then check again that the wiring is correct. 
Place the ICs in their holders, with the notched ends lining up with those on 
the holders. Connect the battery, and the LEDs should illuminate in 
sequence. 


If you have no success, you are now wishing you had checked the circuit 
more carefully! Learn something from your mistake and it will not have 
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Christmas tree LEDs 


been in vain! The first thing to check is that the LEDs are the correct way 
round. If that is OK, then check the positions where the tracks are broken 
(intentionally!). After that, are the wire links in the right places — had you 
forgotten there is no row ‘P? Check all the wiring, then check again for 
solder bridges, and switch on again. One of these tests should have revealed 
a fault. If it still refuses to work, perhaps one (or both) of your ICs were 
damaged by static electricity, despite your precautions — or did you choose 
to ignore them? 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 680 kilohms (kQ) 
R2, R3 10 kilohms (kQ) 
R4 470 ohms (Q) 


Capacitor 
C1 0.47 microfarad (uF) min. metallised polyester film 


Semiconductors 
IC1 4011 
IC2 4017 


Additional Items 
D1-D7 5mm LEDs in choice of colours 
14-pin DIL socket for IC1 
16-pin DIL socket for IC2 
PP3 battery clip and battery 
Veroboard, Veropins 
Insulated wire for links 
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48 An audio signal injector 


Figure 1 Circuit diagram of 
the signal injector 
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Introduction 


An audio signal injector is a device used to test audio frequency circuits. It 
is simply an oscillator running at a frequency in the audio range, so that 


when its output is fed to the input of an amplifier, it will produce a sound 
in the loudspeaker if the amplifier is working. The oscillation is so rich in 
harmonics that the signal can also be heard (sounding rather different) 
when injected into an RF circuit. 


The design 


The circuit is shown in Figure 1, and is a basic astable multivibrator, a free- 
running oscillator producing a roughly rectangular-wave output. The two 
transistors, TR1 and TR2, operating as switches, switch on and off 
alternately at a frequency around 500 Hz. The prototype was constructed 
on plain matrix board (no copper strips), as illustrated in Figure 2. 


Both transistors are type BC108, which are only a few pence each new, and 
can be found at almost any rally. You can add an on/off switch, or simply 
disconnect the battery when you are finished using it. To make the unit in 
one piece, the battery can be taped to the board, as the diagram shows. 


The probe itself is made from a short piece of stiff insulated wire, soldered 
to a tag on the board; an earth lead is also soldered to the board, and 
terminated in a crocodile clip to attach to the ground lead of the equipment 
under test. 


BC108 
e (base) 
©RSGB DY130 € 
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An audio signal injector 
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Figure 2 Component layout of the signal injector 


. . 
Using it 

After checking the wiring of the circuit, connect the battery. Find a transistor 
radio that is known to work. Carefully remove the case, switch on and apply 
the probe to the centre tag of the volume control. A very loud buzz should be 
heard from the speaker, indicating that the audio circuits of the radio are 
working. Using the injector to fault-find equipment you have made yourself is 
rather more instructive and rewarding, because you know where to inject the 
signal, and you should know what to expect when you do. 


Warning 


Do not work on any equipment connected to the AC mains. Work only on 
battery-powered circuits, for your own safety. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 


R1, R4 10 kilohms (kQ) 
R2, R3 330 kilohms (kQ) 
Capacitors 


C1, C2, C3 10 nanofarads (nF) or 0.01 microfarad (uF) ceramic 


167 


Radio and Electronics Cookbook 


Semiconductors 


TR1,TR2  BC108 


Additional items 
PP3 battery and connector 
Matrix board 10cm by 3 cm 
6BA solder tags 
Thick insulated wire for probe 
Crocodile clip 


49 Standing waves 


Introduction 


Everyone has, or should have, a standing-wave ratio (SWR) meter as part of 


his/her array of test gear. Most people know how to use it, but what does 
it really do? 


Before attempting to answer that question, we need to look at some aerial 
fundamentals. An aerial is a transducer, the word meaning ‘to lead across’. 
We use it whenever one form of energy is converted into another form. A 
bulb is a transducer; it converts electrical energy in the filament to radiated 
heat and light energy. Figure 1 shows the situation. 


An aerial, or antenna, is also a transducer; it converts radio-frequency (RF) 
energy in the feeder (or transmission line, to give it its proper name) into 
radiated electromagnetic energy, in the manner shown in Figure 2. The 
aerial has resistance, just like the bulb filament, and if the filament had zero 
resistance, there would be no radiated energy. In the same way, if the aerial 
had no resistance, there would be no radiation from it. 


Transmission lines should convey RF energy from transmitter to aerial with 
the minimum power loss. A common form of transmission line is the coaxial 


168 


Figure 1 The light bulb 
converts electrical energy to 
electromagnetic light energy 


Figure 2 The antenna 
converts RF current to 
electromagnetic radio waves 
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cable. As you might expect, any feeder cable has a DC resistance caused by 
the resistance of the copper wire from which it is made. It also has an AC 
resistance, caused by the capacitance between the centre conductor and the 
braid, and by the inductance of the cable itself. This means that the feeder 
has an impedance, which is constant for the particular type of cable. This is 
what we call the characteristic impedance and, for the cables used in most 
amateur radio applications, it is 50 Q. 


If this impedance can be made the same as that of the aerial (it is already the 
same as the impedance of the transmitter output), then the transfer of 
energy will occur with minimum loss. If the aerial and cable impedances are 
not the same, then there is a mismatch, which causes some of the RF energy 
to be reflected back towards the transmitter. We now have a situation where 
RF energy is flowing along the cable from the transmitter to the aerial (the 
forward wave) and, at the same time, flowing from the aerial to the 
transmitter (the reflected wave). The two waves interact along the cable and 
form a stationary pattern of voltage and current. The pattern is known as a 
standing wave, and can be visualised from the waveforms in Figure 3. The 
ratio of the maximum voltage to the minimum voltage on a given wave 
defines the voltage standing-wave ratio (VSWR), or just standing-wave ratio 
(SWR) for short. 


The SWR meter is easy to use. It is positioned in the feeder between the 
transmitter and the aerial tuning unit (ATU) if there is one, or between the 
transmitter at the aerial otherwise. Most meters have a single meter and a 
four-position switch. The transmitter is first keyed and, with the switch in 
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Figure 3 Standing waves on 
a transmission line 
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the ‘calibrate’ position, the sensitivity control is adjusted to give full-scale 
deflection on the meter. The switch is then changed to ‘forward’ to read the 
forward power, to ‘reflected’ to read the reflected power, and to ‘SWR’ to 
read the value of the standing-wave ratio. When there is no reflection (see 
Figure 3), the meter should read 1:1 or, simply, 1. 


Most SWR meters remain in the feeder line while the transmitter is 
Operating, so the condition of the aerial and feeder can be constantly 
monitored. Problems with the aerial (such as water entering the feeder at its 
junction with the driven element) are immediately shown up. Without the 
use of the SWR meter, the situation would slowly deteriorate over several 
months and you would be left wondering why so few stations were 
answering your calls! 


50 A standing-wave indicator 
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for HF 


Introduction 


The standing-wave ratio (SWR) meter shows how well the aerial system, 
including the feeder, is matched to the output of the transmitter. This 


design does not measure SWR, but it gives an indication of when the SWR 
is minimum for a given system of aerial and feeder. The design is usable on 
the HF bands from 1.8 to 28 MHz, and can be used at 50 MHz with reduced 
sensitivity. 


Figure 1 Circuit diagram of 
the SWR meter 


A standing-wave indicator for HF 


How it works 


There are two types of wave in any feeder: the forward wave, which travels 
from the transmitter to the aerial; the reflected wave, which travels back to 
the transmitter from the aerial. The presence of a reflected wave is evidence 
that some of your transmitted power is not being radiated, but is being 
returned to the transmitter to be lost as excess heat. When aerial and feeder 
are perfectly matched, there is no reflected wave, and all the power from the 
transmitter is radiated. 


Referring to the circuit of Figure 1, a tiny fraction of the signal is removed 
by the transformer, T1, and by the capacitors, VC1 and C1. It is then 
detected by the germanium diodes, D1 and D2, and any residual RF 
removed by the capacitors, C2 and C3. The currents through the diode and 
meter (depending on the position of switch, $1) represent the forward and 
reflected signals. VR1 acts as a sensitivity control for the meter. 


It pays to shop around for a suitable meter. Surplus types from tape 
recorders and hi-fi equipment are usually ideal for this purpose. A new one 
would cost several pounds. The more sensitive the meter, the more sensitive 
your indicator will be. Meter sensitivity is given by the current required to 
give full-scale deflection (FSD) of the pointer. One with an FSD of between 
50 and 200 micro-amps (pA) is suitable for this circuit. The higher the FSD, 
the less sensitive the circuit. 


Construction 


The meter circuit and the sampling transformer (see Figure 2) are built and 
mounted on Veroboard of the copper-strip variety. It simplifies construction 


To 
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Figure 2 Component layout 
of the SWR meter 
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but reduces the operational range of the meter to below 30 MHz because of 
the capacitive coupling between strips. The board has 13 strips by 30 holes, 
although you can reduce this if you have a smaller case. 


Firstly, cut the tracks at the three points shown. Then insert and solder 
Veropins for connections to the external components, the switch, variable 
resistor and the meter. Solder in the components starting with the resistors 
and followed by the capacitors and the diodes, ensuring that the diodes are 
inserted correctly. 


Now you have to wind the transformer, T1, on a small toroidal ferrite core. 
Wind the secondary with 15 turns of 36 SWG enamelled copper wire, 
spaced evenly over about two-thirds of the former. The turns should not 
overlap, and considerable care must be taken; the wire is very thin, will kink 
easily and will break if you apply too much tension. The ‘primary’ is an 8 cm 
length of 50 Q coaxial cable which passes through the toroid on its way 
between the input and output connectors. The braid of the cable is 
connected to the case at only one of the connectors (see Figure 1); this 
prevents the screen and the metal case between the two sockets forming a 
single, shorted turn. 


The ends of the secondary winding must be carefully stripped of their 
enamel with sandpaper, before attaching the toroid to the board with cotton 
or nylon fishing line. On no account must wire be used for this! 


Solder the secondary connections of T1 to the board and thread through the 
coaxial cable ready for soldering to the connectors. 


A standing-wave indicator for HF 


The case used was an aluminium box (Maplin LFO2C), but any suitable 
metal box could be used. Aluminium is preferable, as it is easily drilled with 
simple tools. Use standoff insulators to mount the board in the case. Once 
this has been done, the leads from the board to the chassis-mounted 
components can be soldered. So can the coaxial cable passing through the 
toroid. Make the lead from the input socket to VC1 as short as possible. 


Setting up 


You will need a 50 Q dummy load and a transmitter to set up your indicator. 
Connect the transmitter to SK1 and the dummy load to SK2. Set the toggle 
switch, S1, to forward and the sensitivity control, VR1, to mid-travel. 
Switch on the transmitter, and set VR1 for maximum meter deflection. 
Switch to reflected and adjust VC1 until the reading is minimum (ideally 
zero). This completes the setting up! 


Using the indicator 


For setting up an aerial, connect your circuit between the transmitter and 
the cable leading to the aerial. With S1 in the forward position, key the 
transmitter and adjust VR1 for maximum reading on the meter. Switch to 
reflected, and then adjust your ATU to give minimum reflected power. If 
your adjustments are to be made to the aerial itself, to give minimum 
reflected power, you must make a note of the reflected reading, switch off 
the transmitter, make a change to the aerial, key the transmitter, and note 
whether the reflected power is greater or less than before. Then, make more 
changes to the aerial. Never adjust your aerial with the transmitter on. 
Make your adjustments on an unused frequency, and do it as quickly as 
possible, thus avoiding (or minimising) interference to other stations. 


Parts list 


Resistors: all 0.25 watt, carbon 5% tolerance 
(or Maplin 0.6 watt metal film) 
R1, R2 27 ohms (Q) 


R3 2.2 kilohms (kQ) 
VR1 10 kilohms (kO) linear 

Capacitors 
C1 220 picofarad (pF) disc ceramic 50 VDC 
CATS 0.1 microfarad (uF) disc ceramic 50 VDC 
VC1 20 picofarad (pF) trimmer 
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Semiconductors 
D1, D2 OA91 germanium 


Additional items 

S1 Single-pole changeover (SPDT or SPCO) 

SK1, SK2 Coaxial sockets to suit station standards 
Veroboard — 13 strips by 30 holes 
Veropins (7 off) 
Amidon FT 50-43 ferrite toroid 
Meter, less than 200 HA FSD 
36 SWG enamelled copper wire 
Short length of UR43 or RG58 coaxial cable 
Insulated stranded wire 
Aluminium box 
Standoff insulators for mounting the board 
Knob for the sensitivity control 


51 A moisture meter 


Introduction 


Dry rot (Merulius Lacrymans) can strike havoc in buildings, causing the 


timbers to decay and crumble to dust — hence the term dry rot. Wood is 
attacked only if its moisture content rises above 20%. 


Construction 


The circuit of the moisture meter is shown in Figure 1. The two probes 
touch the wood, and the current that flows between them depends on the 
moisture content of the wood. If the moisture is sufficiently high, the 
current, after amplification, will be enough to light the LED. 


The meter can be made on a piece of plain matrix board (no copper strips), 
as Figure 2 shows. The board is big enough (10cm by 2.5cm) to 
accommodate the PP3 battery, taped on. No case is needed, unless you want 
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to leave the meter in a damp location for a protracted period! Make sure 
that the transistors and LED are mounted correctly. In Figure 2, the 
connections as shown to TR1 and TR2 are illustrated as if the transistors 
were transparent. An on/off switch is not really necessary, as only a very 
small current flows when the probes do not touch anything. Use solder tags, 
screwed to the board, to act as probes. 


After the assembly is completed, check your circuit one final time, and then 
connect the battery. Nothing should happen at first. If you lick your 
forefinger and hold it across the probes, the LED should light. 


175 


Radio and Electronics Cookbook 


+ + 
Using It 
The prototype was compared with a commercial moisture meter, and the 
LED lit when the moisture was around 20%. This was quite fortuitous, as 


the point at which the LED lights depends both on the separation of the 
probes and on the gain of the two transistors. 


In addition to searching for dry rot, the instrument may be used to monitor 
the moisture in the soil of household plants. In this case, probes made of 16 
SWG copper (not enamelled) should be soldered on to the two tags, and 
should penetrate the soil to a depth of several centimetres, and R1 may 
require adjusting so that the LED extinguishes if the soil is too dry, and 
lights if the soil is sufficiently moist. If you wanted to leave the meter with 
the probes in the soil, an on/off switch would be necessary. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2 15 kilohms (kO) 
R3 180 ohms (0) 


Capacitor 
C1 0.1 microfarad (pF) polyester 


Semiconductors 
TR1, TR2 BC108 
LED Any shape or colour will do 


Additional items 
PP3 battery and connector 
Solder tags (2 off) for probes 
Matrix board 10cm by 2.5 cm 
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52 Simple aerials 


Introduction 


The performance of any receiver or transceiver, no matter how expensive it 
is, is limited by the aerial that feeds it. Two of the most frequently asked 
questions are: 


e Which is the best sort of aerial to use? 
@ Where is the best place to locate an amateur radio aerial? 


To answer these questions, you must ask yourself what sort of operation 
you want to do. Are you interested in local, chatty contacts on the lower 
bands or VHF, or are you more disposed towards long-distance (DX) 
contacts, and on what band? 


A house with a moderately sized garden is assumed in the diagrams here, 
to illustrate the configurations of some simple aerials. You would not need 
all these aerials festooned around your house, because one or two would 
be sufficient for your needs. The problems incurred by properties with 
more restricted space will be covered later. 


VHF aerials 


For VHF operation, the aerial should be mounted as high as possible, either 
on a mast or on a chimney. For all-round coverage on FM and the local 
repeaters, a vertical colinear is a good choice. For SSB and CW DX operation, 
a horizontal rotatable beam is needed. If satellite working is envisaged, you 
will need to contemplate mounting an elevator on top of your rotator, so that 
your beam can point in amy direction, including vertically upwards! An 
advantage of satellite working is that the aerials do not necessarily have to be 
up in the air, provided you have a relatively uncluttered site. Your rotator and 
elevator can be at ground level, which is good! 


If the VHF aerial is mounted on the chimney, use a double mounting 
bracket, particularly if you have a beam and rotator. Keep the TV, broadcast 
FM and amateur aerials as far apart as possible, and keeping the feeders 
separated is also a good plan. 


The dipole aerial 


One of the simplest types of aerial for single-band operation is the half-wave 
dipole. (The name ‘dipole’ simply means ‘two poles’ or ‘two elements’, and 
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Figure 1 Layout for a dipole 
aerial 
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in this case the total length of the dipole is approximately half a wavelength 
at the operating frequency.) It is usually fed in the centre by coaxial cable as 
shown in Figure 1. The length of the dipole for the lowest frequency in each 
band is shown in Table 1. Normally, the length of the aerial will be 
‘trimmed’ to be tuned to the centre frequency of the part of the band in 
which you will operate. This is done using the data in the right-hand column 
of Table 1. As an example, suppose you wanted your aerial to be resonant 
at 3.7 MHz. The table gives an overall dipole length of 42.86m for 
3.5 MHz. To resonate the aerial 200 kHz higher, then this length must be 
shortened by 2 x 0.595m = 1.190 m. Your dipole would thus be 41.67 m 
long. Remember to allow extra wire for fixing the dipole ends to the 
insulators. 


Table 1 Dipole lengths for lowest frequency of each band and the length to be 
trimmed from each to raise the resonant frequency by 100 kHz 


Band Dipole length Trim each end 
(MHz) (m) (mm/10 kHz) 
1.8 83.33 2190 
3.5 42.86 595 
7 21.43 150 
10 14.85 70 
14 10.71 35 
18 8.33 20 
21 7.14 15 
24 6.03 12 
28 5.36 10 
50 3.00 6 


Figure 2 Possible layout for 
a dipole aerial in a confined 
space 


Figure 3 Multi-band dipole 
aerial 


Simple aerials 


On the lower-frequency bands, the lengths become rather large. In this case, 
you can “bend” your dipole, as illustrated in Figure 2. The length of wire 
required to give an acceptable value of SWR (less than 2:1 on transmit) may 
need to be different from the calculated value, so be prepared to 
experiment! 


Dipoles are single-band aerials, although they will often work acceptably on 
the third harmonic of their design frequency: a 7 MHz dipole often operates 
reasonably well on 21 MHz. It is possible to operate several dipoles in 
parallel, as Figure 3 shows. Interaction between the elements can occur if 
the spacing between them is less than about 10cm. A multi-band dipole, as 
shown in Figure 3, has the elements separated with plastic spacers, and 
drooping ends to produce maximum spacing between the elements’ ends. 
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The long-wire aerial 


This aerial is simple, cheap, easy to erect, and suits most houses and 
gardens, as Figure 4 shows. Using an aerial tuning unit (ATU), an end-fed 
long wire can function on several bands when used with a set of radials or 
a counterpoise. Figure 5 illustrates the setup. The length of the aerial will 
determine the bands which will be covered. 


179 


Radio and Electronics Cookbook 


Figure 4 Long-wire or 
inverted-L aerial 
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Figure 5 How to connect a 
radio to a long-wire aerial 


Y, wave counterpoise 
wires for each band 


A wire length of 10.5 m will work on the 40, 30, 17, 15 and 12 m bands. 


A wire length of 15.5 m will work (with an ATU) on the 80, 40, 20 and 
12m bands and possibly (depending on your ATU) on the 17 and 15m 


bands. 


A wire length of 26.5 m will operate on all bands, but may be difficult to 
load on 10 m. 


The wire lengths given here may need some adjustment because of the 
geometry of your particular house and garden. For receive-only purposes, 
the lengths are far less critical. 


In general, you cannot get a good radio-frequency (RF) earth from a first- 
floor (or higher) shack. Unless a good RF earth exists within a small fraction 
of a wavelength of the transceiver, an artificial ground comprising a single 
¿ radial or counterpoise will be needed. You will need one counterpoise for 
each band you intend to use, and the wire can be concealed around the 
skirting-board of the shack, or under the carpet. Make sure that the free end 
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Table 2 Lengths of elements for vertical antennas, radials for 
verticals and counter-poises for end-fed long wire antennas 


Band Element length 
(MHz) (m) 
1.8 39.66 
3.5 20.40 
7 10.20 
10 7.14 
14 5.1 
18 3.96 
21 3.4 
24 2.95 
28 2.55 


of each counterpoise is well insulated; this point can carry a very high 
voltage when you transmit; anyone coming into contact with this can suffer 
very severe RF burns. Counterpoise lengths can be read from Table 2. 


The vertical aerial 


The single-band vertical aerial is sometimes used by DX operators because 
it has a low angle of radiation, which favours long-distance propagation. 
However, it must be sited clear of obstructions and must have a good 
counterpoise or radial system. Illustrations of the vertical aerial are shown, 
and the lengths of the vertical and radial sections are given in Table 2. The 
centre of the coaxial feeder is connected to the vertical section, and the braid 
to the counterpoise or radial system, which is made up of four or more wires 
buried just below the surface and joined together near the base of the 
aerial. 


Cable entry to the house 


Bringing coaxial cable into the house by an open window must be regarded 
as a temporary measure. Wooden window frames can be drilled, one hole 
for each feeder. Make the holes slope downwards from inside to out to 
prevent rain entering, and treat these with wood preservative. Leads from 
long-wire and inverted-L aerials should be kept separate from other 
cables. 


Alternatively, a plastic pipe large enough to take all your feeders could be 
fitted into the brickwork (again, sloping downwards towards the outside). 
You may want to let a friendly builder do this for you. 
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53 A breadboard 80 m CW 
transmitter 


Introduction 


In the early days of radio, many circuits were built on a wooden baseboard, 
the parts being screwed down on the board. This was called breadboard 
construction, because it was a breadboard that was frequently com- 
mandeered for the process! Wives have always been generous in this 
respect, it appears! 


This circuit was originally designed by GM30XX, and became known as the 
Oner, because it was built on a circuit board one inch square! The circuit 
appeared in the G QRP Club journal Sprat and, since that time, many 
hundreds of Oner circuits have been built and used on the air. It is a well- 
proven circuit. 


The transmitter has no tuned circuits in the power amplifier (PA) and thus 
has a rather high harmonic content. It must be used with the low-pass filter 
described elsewhere in this book. Without the low-pass filter, interference 
will be caused to other stations. 


Simple aerial changeover switching is provided, which allows this circuit to 
be used with any of the 80m receivers, such as the Colt, described in this 
book. It can also be used with any kit or commercial receiver for the 80 
metre band. 


The circuit 


The transmitter circuit is shown in Figure 1. TR1 is a crystal oscillator, the 
frequency of which is controlled by crystal X1. A small trimmer capacitor, 
TC1, is added to allow the frequency of X1 to be varied by a small amount. 
If adjustment of this trimmer is made possible from the front panel, it is 
useful to adjust the transmit frequency to avoid other stations already on the 
crystal frequency. The collector load resistor, R2, of the oscillator transistor, 
TR1, determines the power output; a value of 3.3 kQ seems to work well in 
producing an output of 3 watts. 


TR1 is directly coupled to TR3, a VMOS transistor (a type of field-effect 
transistor (FET)). This acts as the power amplifier (PA) stage. TR3 should 
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Figure 1 Circuit diagram of 
the breadboard transmitter 
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give about 3 W output, which is then coupled to the output by C3. The 
radio-frequency choke (RFC) providing the drain load of TR3 is simply a 
few turns of wire on a ferrite bead. 


TR2 is an interesting addition to the circuit. It is used as a switch to “key” 
the PA, TR3. The transmitter could be built without TR2, just placing 
the Morse key between the top of the RFC and the 12 volt supply. Adding 
TR2 is helpful, because it means that one side of the Morse key can be 
grounded (always a good thing), and some degree of shaping of the 
output RF waveform is provided by R3 and C1. This makes the 
transmission sound a little better and reduces the possibility of spurious 
frequencies being generated and transmitted. TR2 is a pnp transistor; note 
that it is the emitter of this transistor which is connected to the positive 
side of the supply. 


Some form of changeover switching is needed for the aerial. A double-pole 
changeover toggle switch can be used. See the chapter on switches, later on 
in this book. One pole is used to switch the aerial between transmitter and 
receiver; the other pole is connected in the 12 volt supply line, and is labelled 
RECEIVE/TRANSMIT — NETTING. Its use will be described later. In this 
simple circuit, the PA cannot work when the key is open, because the key 
breaks its supply (via the RFC). When the key closes, TR2 switches on and 
applies the 12 volt supply to the top of the RFC. C2 is a decoupling 
capacitor, which prevents any residual RF signals at the top of the RFC 
reaching TR2. 
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Building 

The prototype was put together as follows. Take a piece of plain printed- 
circuit board (PCB) measuring 5 cm by 4 cm. Then, with a new, sharp blade in 
a junior hacksaw, draw the blade horizontally across the surface of the copper 
in order to make a pattern of 6 squares along the 5 cm side and 5 squares 
along the 4 cm side. No more pressure should be applied than is necessary to 
cut through the copper! All the parts will be soldered on these pads in a form 
of surface-mount construction. To do this, each active pad (i.e. one that is 
going to have a component soldered to it) needs to be tinned. This means 
coating the pad’s surface with solder, and is carried out as follows. Place the 
hot tip of the soldering iron on to the pad, and hold it there for a second or so. 
Then, with the tip still in place, touch the end of your reel of solder on the pad, 
not the tip of the iron. The solder should flow evenly all over the pad, and you 
can remove the iron. The solder should solidify in a rounded, shiny blob! This 
provides a good surface for making soldered joints. 


To join component leads to the pads, cut each lead about 1 cm long, and then 
bend the last 2 mm at right angles to the rest of the lead. As you did before, tin 
the 2 mm length of each lead. Place the tinned portion on to the pad, and place 
the tip of your iron on the pad, close to the lead. The solder on the pad and on 
the lead will melt and run together; remove the iron and hold the component 
still until the solder solidifies. When the joint has cooled, give the lead a gentle 
tug to make sure you have a good joint (a good mechanical joint is usually a 
good electrical joint, too!). Each transistor straddles three pads, so the centre 
lead will need to be shorter than the other two. Take care here to get the lead 
lengths right — if you do, you will be surprised how much more firmly the 
transistor is held than if you just botched the lead lengths by bending them to 
fit! Make sure the connections to the transistors are correct. 


Winding the RFC is quite simple. Seven (or more) turns of thin (32 SWG) 
enamelled copper wire are threaded through a small ferrite bead. This 
requires care, because the bead is small and the wire is thin. Trim the ends to 
within about 1 cm of the bead, remove the enamel carefully with sandpaper 
and tin the bare ends, prior to soldering the choke to the board. 


After completion of the wiring, check the circuit against Figure 1. Bread- 
boarding a circuit like this has its advantages, but it can have disadvantages, 
too. One of these disadvantages is that it can make circuit checking difficult. 
For a simple circuit like this, it is not too bad! Check that no solder has run 
between the pads. Plug in your crystal for the 80 m band, and connect up the 
12 V power supply. Do not connect the Morse key yet and do not switch on 
the power. 


Testing and operating 


Clear your workbench of all metallic objects, slivers of copper, bits of wire, 
etc., switch on your power supply. With an external receiver, listen on and 
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around your crystal's frequency for a signal. Remember that the oscillator 
runs all the time and, because you haven't yet connected the Morse key, 
your receiver is close enough to pick up the signal from the oscillator. This 
confirms that your oscillator is running. Switch off. 


Connect the station aerial to the transmitter's aerial socket, and the receiver 
to the transmitter’s receiver socket. Connect the Morse key, put the Receive/ 
Transmit—Netting switch in the receive position and switch on. You should 
be able to hear stations in the normal way. Now put the switch in the 
Transmit—Netting position. Signals in the receiver should almost disappear, 
as the circuit has disconnected the receiver’s aerial. 


Tune the receiver until you can hear your own crystal oscillator signal. This 
is known as netting, tuning your receiver and transmitter to the same 
frequency. Pressing the key will now transmit your signals when the switch 
is in the Transmit—Netting position; switch back to the receive position to 
listen for stations answering your call. As soon as you are happy that your 
circuit is functioning properly, you must build the low-pass filter circuit 
before using the transmitter regularly. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
100 kilohms (kQ) 
See text 


1 kilohm (kQ) 


Capacitors 
C1, C2, C3 100 nanofarads (nF), or 0.1 microfarad (uF) 
TC1 3-60 picofarads (pF) trimmer 


Semiconductors 
TR1 ZTX651 
TR2 ZTX751 
TR3 VN10KM 


Additional items 
RFC 7 turns of 32 SWG enamelled copper on a ferrite bead 
Switch Double-pole changeover (DPDT or DPCO) toggle 
Crystal For 80m band 
Crystal 
holder HC25 type 
Sockets According to station fittings 
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54 A 7-element low-pass filter 
for transmitters 


Introduction 


The simpler the transmitter, the more likely it is to radiate harmonics of its 
fundamental frequency. Harmonics are integral multiples of the frequency 
on which the transmitter is designed to operate. If you think you are 
transmitting on a frequency, f, for instance, you will also be radiating the 
harmonics of 2f, 3f, 4f, ... and so on. This results in your signals being 


heard on several frequencies, spread over a very wide frequency range. You 
are also contravening the terms of your licence. To avoid this, it is always 
advisable to use a low-pass filter between your transmitter and aerial. This 
is a filter which will pass your signal frequency, f, and all frequencies below 
it, but will not pass (attenuate) frequencies above f to any significant extent. 
The value of f is known as the cutoff frequency of the filter. 


A design of 7-element low-pass filter 


A 7-element low-pass filter (LPF) is so called because it has seven 
components, as the circuit diagram of Figure 1 shows. Filters containing 
any odd number of elements are possible: a 3-element filter would 


Figure 1 Circuit diagram of 
filter 


A 7-element low-pass filter for transmitters 


(DORSGB DY 142 


comprise C1, L2 and C3 only, and is sometimes called a pi-network 
because the element disposition resembles the Greek letter pi (a); a 
5-element filter would comprise C1, L2, C3, L4 and C5 only, and so on. 
In general, the more elements the filter has, the more effectively it 
attenuates signals above f. 


The circuit of Figure 1 is designed to have an input and an output 
impedance of 50 Q, which means that it can be placed in the aerial feed 
of any common transmitter. Filter design is a very complex business, and 
is best left to the experts. One such expert is W3NQN, who produced a 
number of computer designs of LPF using commonly available (preferred 
value) capacitors, and aimed specifically for use on amateur frequencies. 
The results of this work are condensed into Table 1. The inductors are 
wound on standard toroidal cores, and their details are included in the 
table. 


Table 1 Filter component values for each brand 


Band C1,7 (3,5 12,6 L4 Core Wire 
metres pF pF turns turns type SWG 
80 470 1200 25 27 137-2 28 
40 270 680 19 21 137-2 26 
30 270 560 19 20 137-6 26 
20 180 390 16 17 137-6 24 
15 82 220 12 14 137-6 24 
10 56 150 10 11 137-6 22 


Making the filter 


The filter was made originally as an adjunct to the Breadboard 80m CW 
transmitter, which you will also find in this book. It uses the same 
constructional technique, based on a single piece of plain, copper-clad 
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PCB, with ‘pads’ created by using a sharp blade in a junior hacksaw. The 
cuts in the copper are shown in the layout diagram of Figure 2. There are 
two ways of mounting the components: the first way is to drill small holes 
in each pad, as shown in Figure 2, and mount the components through 
the holes in the normal PCB manner; the second way is to solder the 
components directly to the pads, in the way that was described for the 
Breadboard transmitter. 


Winding the inductors is quite simple. All you need to remember is that 
each time the wire passes through the core counts as one turn. Cut off the 
spare wire at each end of each coil to about 1cm, scrape off the enamel 
with sandpaper, and tin the exposed copper. See the transmitter descrip- 
tion if you are unsure of how to do this. Note the wire links between each 
of the lower pads, forming a solid ‘ground’ for the elements. The 
prototype had a plug and socket on the ends, to match the transmitter 
and aerial terminations. 


The type of capacitor used in the design is not critical; the polystyrene 
type works well. 


Radio-frequency mixing explained 


55 Radio-frequency mixing 
explained 


Introduction 


Mixers find widespread use in electronic circuitry. Many of the projects in 


this book, together with every TV set and radio in the home, contain mixer 
circuits — a good indication of their usefulness. 


Confused? 


Audio mixers (as used in recording studios and radio broadcast stations) are 
used to add or “balance” the signals from various sources such as 
microphones, CD players, etc. These have nothing whatsoever to do with 
radio-frequency (RF) mixers, and should never be confused with them. 


RF mixers and beat frequencies 


Instead of adding signals (as in the audio mixer), the RF mixer multiples 
them together. As you might expect, this has an entirely different effect. The 
two signals entering the mixer beat or heterodyne with each other to 
produce signals on other frequencies. One example of this occurs in sound, 
when two musical notes of almost the same frequency are heard together. 
Instead of hearing two separate notes, the listener hears one note whose 
intensity (loudness) appears to increase and decrease. This intensity 
variation is called a beat, and its frequency is equal to the difference in the 
frequencies of the two original notes. The technique is used by musicians to 
tune their instruments. If one note is known to be a correct frequency, the 
other can be tuned to it by making the beat frequency as close to zero as is 
possible. 


Multiplying together 


The process of mixing presupposes that we have a device which will 
automatically multiply two signals together. Fortunately, this is easy; so 
easy, in fact, that it often occurs when we do not want it! Multiplying is 
achieved by any device which is non-linear; this means a device whose 
output is not a constant factor larger than its input, something that can be 
achieved by many electronic devices and circuits. 
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Figure 1 The effect of 
multiplying (or mixing) two 
signals together 
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Let us look now at what a mixer does in concrete terms. Suppose two 
signals, of frequencies f1 and f2 go into our mixer. These signals are shown 
in Figure 1. Putting numbers in, to make the situation clearer, suppose f1 is 
1.000 MHz and f2 is 160 kHz. The beat frequency is the difference of these: 
1.000 MHz - 0.160 MHz = 0.840 MHz, or 840 kHz. A mixer also produces 
an output at the sum of these frequencies; in this case the new frequency 
would be 1.000 MHz + 0.160 MHz = 1.160 MHz. 


Suppose you fed the output of your mixer, operating with these input 
frequencies, into a receiver and tuned around to find what frequencies were 
present. You would find two signals, one at 840 kHz and one at 1.160 MHz, 
showing that the two ‘new’ frequencies were very real! 


In addition to drawing out the waveform of the resultant signal, as in Figure 
1, we can draw the inputs and outputs on a frequency axis, to form a 
spectrum of the signal components. This is done in Figure 2. The top two 
diagrams show the input signals at f1 and f2. The bottom diagram shows 
the output signals in relation to the input signals. Depending on the type of 
mixer used, one or both of the input signals would be removed. 


Figure 2 The result of 
multiplying or mixing two 
signals together as seen on a 
spectrum analyser 


Figure 3 The basic idea of a 
superhet receiver 
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A mixer in every radio 


Basically, a mixer is used to change a signal from one frequency to another, 
something it does without altering the characteristics of the incoming signal. 
If the incoming signal is amplitude modulated (AM), then the frequency- 
changed signal would be AM also. The same applies to FM, SSB, CW, and 
all other modulation forms you can think of. This explains why mixers are 
often called frequency changers. 


Frequency changing is the key process in the type of radio known as a 
superheterodyne (or superhet). By mixing the incoming signal with a 
variable-frequency local oscillator as Figure 3, shows, the signal can be 
converted to the fixed frequency of a filter and amplifier. This is useful 
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because it is easier to make a very high-quality filter and amplifier at a single 
fixed frequency, than at a variable frequency. 


All TV receivers and virtually all radio receivers (and transmitters) use 
mixers. Both the Yearling and Colt receivers (see the relevant projects) are 
superhets, and use mixers. 


A voltage monitor for a 
12V power supply 


Introduction 


If for any reason, the stabilisation of your main 12 volt power supply unit 
(PSU) breaks down, it is possible that a voltage much higher then the 


nominal 13.8V will be applied to your precious equipment. If you would 
like to know the instant that this occurred, and hence be able to switch 
things off before it was too late, then this circuit is what you need. It will 
give audible and visual indications if the voltage rises above 14.4 V, and a 
visual indication only if the voltage is reduced. 


The circuit 


The circuit uses three ICs and is shown in Figure 1. The circuit is powered 
by the PSU whose output is being monitored, and the circuit’s immunity to 
supply line variations is secured by the 6 volt regulator, IC1. The heart of the 
circuit is IC2, an LM3914; it is a bargraph driver, which operates ten LEDs 
in a display resembling a thermometer — the string of lit LEDs increases in 
length as the voltage on pin 5 increases. 


The input voltage range on pin 5 is 1.2V maximum, making each LED 
correspond to one-tenth of this, which is 0.12 V, the step size. R1 and R2 act 
as a voltage divider, so that voltages of up to the maximum of 14.4 V may 
be applied to R1 without exceeding 1.2 V at pin 5. R3 sets the brightness of 
the LEDs and R4 determines the step size. 


IC3 is an opto-isolator, a device containing an LED and a phototransistor in 
one package. This enables the piezoelectric sounder to operate without 
affecting the operation of the bargraph driver. The input to IC3 is provided 
by the voltage on D8, so that if any of the LEDs at or above D8 are lit, the 
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Figure 1 PSU monitor, circuit diagram 


sounder will operate, indicating overvoltage. Despite the fact that some of 
your other equipment might be damaged by this overvoltage, the monitor 
circuit itself is unaffected. 


Construction 


The prototype was built on two pieces of Veroboard of the copper-strip 
variety. The main (circuit) board measured 15 strips by 25 holes, and the 
display (LED) board measured 4 strips by 30 holes. Track cuts are necessary 
in each board. The correct places are shown for the main board in Figure 2, 
but there is sufficient flexibility in the layout of the display board for a 
prescriptive layout not to be needed. All the anodes of the LEDs are 
connected to the same strip, which makes things comparatively simple! 


For the main board, insert the Veropins and the wire links first, and solder 
them to the copper strips. Then fit the IC holders and the resistors. Fit the 
IC holders with their notches towards the top of the board. When fitting the 
voltage regulator, IC1, note than the centre lead (the “common” lead in 
Figure 1) does not go to position A3; the track should be cut at A3, and the 
common lead soldered at B3. This is indicated in Figure 2. 


Wire up the LED board with its ten LEDs and 11 connecting wires, each 
about 10cm long. This length depends on how far away from the main 
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layout 
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board you are planning to mount the display. The LEDs should have 
different colours: three orange, four green and three red, to indicate “low”, 
“medium” and “high” voltage. 


Now solder the other ends of these leads to the Veropins on the main board, 
making sure that the order is correct. Finally, connect the piezoelectric 
sounder to the main board; the polarity is important, so make sure the red 
lead goes to pin 4 of IC3 and the black lead to the ground rail. If you were 
careful to fit the IC holders with their notches in the correct positions, 
match these up with the notches on the ICs before pushing home the ICs 
gently. Check your circuit for solder bridges and unwanted pieces of copper 
swarf before screwing the small heat sink to the voltage regulator, IC1. 


Testing 


(a) With a variable-voltage PSU. Set the PSU for 10 V, connect the circuit 
and switch on. Increase the voltage slowly, and check that each LED 
lights up after the one before it. As the voltage exceeds about 14.4 V, the 
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first red LED should light and the sounder should operate. If an LED 
does not illuminate, you should immediately suspect either a dry joint or 
an incorrect LED polarity. The voltage at which the first red LED lights 
can be adjusted by varying R1; increase R1 if the LED comes on too 
early; decrease R1 if the LED comes on too late. 

(b) Without a variable-voltage PSU. For your ‘variable supply”, you can use 
several AA-type 1.5 V cells (or 1.2 V NiCad cells) in series. The voltages 
produced by a range of cells is shown in Table 1 — because of the lower 
voltage of NiCad cells, more of them are needed to produce a given 
voltage. 


Once the operation of the circuit has been checked, it can be fitted into a 
plastic or metal box. Only two connections are needed for the PSU. You 
may want to drill some holes in the case to increase the apparent loudness 
of the sounder. 


Table 1 Test voltages available from batteries in series 


No. of batteries Voltage, nicads Voltage, dry cells 

7 8.4 10.5 
8 9.6 12 
9 10.8 13.5 

10 12 15 

11 13.2 - 

12 14.4 — 

13 15.6 — 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 


R1 11 kilohms (kQ) — see text 
R2 1 kilohm (kQ) 
R3 1.2 kilohms (kQ) 
R4 18 kilohms (kO) 
Semiconductors 
IC1 L7806 
IC2 LM3914 
IC3 Opto-isolator — Maplin code WL35Q 


D1-D3 3mm LED, orange 
D4-D7 3mm LED, green 
D8-D10 3mm LED, red 
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Additional items 
LS1 Piezoelectric sounder, wire leads 

6-pin DIL socket for IC3 
18-pin DIL socket for IC2 
Veroboard — two pieces for main and display boards, see text 
for sizes 
Veropins 
Heat sink for IC1 
Single-core insulated wire for links 
Insulated stranded wire for interconnecting the boards 
Case as required 


57 A 1750 Hz toneburst for 
repeater access 


Introduction 


Repeaters across the UK and much of Europe need an access tone to switch 
the transmitter from standby ready for use. Commonly, this is a 1750 Hz 
tone of duration no greater than half a second. Although many UK 
repeaters may now be accessed using the continuous tone-coded squelch 


system (CTCSS — see the RSGB Yearbook), you may wish to access a repeater 
whose CTCSS frequency you don't know; in this case, using the universal 
1750 Hz tone will gain you access. Commercial transceivers are usually 
fitted with an automatic toneburst, but if you are using a home-made 
design, then you may want to incorporate this little circuit. 


Warning 


This circuit uses a member of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
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and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened - all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from destruction while it is connected to the battery. 


Circuit description 


The circuit is shown in Figure 1. The tone is generated by an integrated 
circuit oscillator (IC1), whose frequency is controlled by a ceramic 
resonator, XL1. Its frequency is very high, and is divided down to the 
1750 Hz needed by the same chip. The ceramic resonator is designed to 
operate at 455 kHz, the intermediate frequency of many receivers. Because 
all divider circuits use powers of 2, we need the oscillator to run at 448 kHz 
so that when it is divided by 256 (256 = 2°), we end up with 1750 Hz. Try 
it on your calculator: 


448 000 ; 
256 > 


750. 


S1 
(see Fig 3) 


Figure 1 Toneburst module, 
circuit diagram ©RSGB DY167 
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Figure 2 Veroboard 
component layout 
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We use C1, C2 and R1 to pull the frequency of the oscillator away from 
455 kHz to 448 kHz. The divider chain has eight counters in it, and each 
counter divides the frequency of the signal it sees by two, giving the final 
division of 256. 


This counting process can be stopped at any time by taking the voltage on 
the reset pin (pin 12) up to the supply voltage. When the circuit is switched 
on by closing S1, pin 12 is at 0 V because C3 is discharged. The oscillator 
runs, producing the output frequency of 1750 Hz. As time progresses, C3 
charges up through R2 and the voltage on pin 12 rises. When this has risen 
sufficiently, and in a time determined by the values of C3 and R2, the 
counter resets and stays in the reset state; no division takes place and there is 
no output. The duration of the toneburst is thus governed by C3 and R2. 


When S1 is opened, the circuit is switched off, and C3 is discharged through 
D1 and R3, ready for the next toneburst. If you have used a repeater, you 
will know that a toneburst is needed only to activate a repeater in the 
standby condition; it is not needed once a contact has been established. 


VR1 adjusts the amplitude of the tone fed to the microphone, and C4 
prevents any voltage that may be present on your microphone connector 
from damaging the integrated circuit. 


Construction 


The prototype circuit was built on Veroboard of the copper-strip variety, 
measuring 20 holes by 14 strips. The layout is shown in Figure 2. Make the 
track cuts first, and check that there are no slivers of copper wedged 
between adjacent tracks. Then, solder in the IC socket (with the notched end 
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Figure 3 Toneburst module: 


two alternative switching 
arrangements 
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facing towards track A), the wire links and the three Veropins. Having done 
this, solder in the resistors, capacitors and diode, making sure that D1 and 
C3 are the right way round! Using your best soldering technique, solder in 
the ceramic resonator quickly, to prevent heat damage. Recheck your 
circuit, check for solder splashes and bridges, and then gently insert IC1 into 
its socket, matching up its notch with that of the socket. 


Testing 


Set VR1 to half-way and connect a crystal earpiece to the output; apply 
power to the circuit. You should hear the tone, lasting for about half a 
second. If there is no tone, disconnect your circuit from the power supply, 
and check for dry joints in the vicinity of pin 12. Is the diode, D1, the correct 
way round? Is C3 the correct way round? Did you choose to ignore the 
CMOS safety precautions given earlier? 


Once the circuit is working, you need to decide how you are going to 
connect it to your transmitter. Two options are shown in Figure 3. If you 
have access to a point in your transmitter circuit that has between 9 V and 
12 V positive on it during transmit, you can use this to power your circuit. 
As the toneburst is needed only for repeaters, the switch, $1, disconnects it 
when not needed, as shown in Figure 3a. If you want the circuit to be self- 
powered, then a 9 volt PP3 battery may be used; Figure 3b shows this 
configuration. 
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The output from the circuit board is fed directly into the microphone socket, 
in parallel with the microphone itself; use thin coaxial or screened cable for 
this lead, or you may induce hum into the microphone circuit and suffer 
from RF breakthrough into the audio circuits. To adjust the setting of VR1, 
start with it at the zero output position and connect a dummy load to your 
transmitter. Slowly, increase the output while monitoring your transmitted 
signal on another nearby receiver. Make sure you do not increase the output 
so far that the signal sounds distorted. If you would prefer that the tone was 
on continuously while you made this adjustment, simply connect a wire 
across C3 remembering, of course, to remove it as soon as you have 
completed the test! 


Parts list 


Resistors: all 0.25 watt, 10% tolerance (or better) 


R1 1 megohm (MQ) 
R2 150 kilohms (kQ) 
R3 12 kilohms (kQ) 


VR1 10 kilohms (kQ) horizontal preset 


Capacitors: all 16 V WKG or higher 
C1, C2 1 nanofarad (nF) disc ceramic 
C3 4.7 microfarad (uF) tantalum bead 
C4 47 nanofarads (nF) disc ceramic 
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Semiconductors 
IC1 4060 
D1 1N4148 


Additional items 

XL1 XR455 
Veroboard (see text for size) 
Veropins (3) 

S1 Switch (momentary action push-to-make SPST) 
16-pin DIL socket for IC1 
Single-core insulated wire for links 
Coaxial or screened cable for microphone connection 


58 A circuit for flashing LEDs 


Introduction 


There are many occasions when one’s attention needs drawing to the fact 
that something important has happened. A single red light coming on is 
seldom sufficient to attract attention, particularly if it is surrounded by 


other lights and indicators. The eye is known to be very sensitive to changes 
in its peripheral vision; such changes can be brought about by movement 
or by differences in light level — a flashing light, for example. So, a circuit 
that flashes a single LED or a pair of LEDs finds plenty of uses in the 
amateur station. 


Warning 


This circuit uses a member of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
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destruction has happened — all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from destruction while it is connected to the battery. 
However, when the battery is removed, the same care should be exercised 
with its handling, because there is no supply decoupling capacitor across 
the IC. 


Basic description 


LEDs can be made to flash (switch on and off) by driving them from sources 
that switch on and off. Such a source is an astable multivibrator. If you have 
built or read about A basic continuity tester, elsewhere in this book, you will 
have come across such a beast before. That circuit used an astable 
multivibrator made from two transistors. This new circuit achieves the same 
behaviour from a single integrated circuit, the CMOS 4011. To give it its 
full description, the 4011 is a quad 2-input NAND gate. Quite a mouthful, 
but all it means is that inside the chip are four NAND gates, each with two 
inputs. 


A NAND gate needs a positive voltage (known as a logic 1) on both inputs 
in order to produce zero volts (known as logic 0) at the output. Two NAND 
gates can be connected, as are A and B in Figure 1, to make our astable 
multivibrator. The combination of A and B has been described as the most 
perverse circuit in electronics; as soon as the output goes to logic 1, the 
circuit decides that it would prefer to have a logic 0 there, and switches over. 
With logic 0 at the output, the circuit now prefers to have logic 1 there, and 
so it goes on! We are going to use this continuous switching backwards and 
forwards to flash two LEDs. The rate at which A and B ‘change their minds’ 
is the frequency at which our LEDs will flash, and is controlled by the 
charging and discharging times of C1 through R2 and C2 through R1. As 
the values of R1 and R2 are the same, and those of C1 and C2 are the same, 
the ON and OFF states of the circuit are the same. 


Gates C and D do not contribute to the flashing action; they act as buffers 
to isolate the LEDs from the multivibrator circuit itself. You will find in 
electronics that an oscillator is seldom used to drive another device directly; 
there is usually a buffer between it and the stage it drives. 


Figure 1 Flashing LEDs, 
circuit diagram 


A circuit for flashing LEDs 


©RSGB DY177 S1 


A characteristic of all multivibrators, astable or not, is that they have two 
outputs. In this case, those outputs are at pins 3 and 10, which are then 
buffered and appear at pins 4 and 11, respectively. When one output is at 
logic 1, the other is at logic 0, and vice versa. This means that LED1 is off 
when LED2 is on, and LED1 is on when LED2 is off, the two states 
switching backwards and forwards at the frequency of the oscillator. 


Construction 


Read the warning at the beginning of this article again. It is not intended to 
scare you off from building this, but is a genuine piece of advice which can 
save you time and irritation when all your labours result in a circuit that 
doesn’t work! That extra bit of care can make all the difference! 


Veroboard (the copper strip type) is used for the layout, shown in Figure 2. It 
measures 20 holes by 12 strips. Be aware that there is no row T in the layout, 
so don’t miscount when you are placing components on the board! 


Firstly, cut the tracks using a 3 mm (% inch) twist drill held between thumb 
and forefinger; check that there are no slivers of copper bridging any of the 
tracks, and that the tracks have been completely cut by the drill. Solder in 
the components carefully. Leave the IC in its carrier for the time being, and 
solder in the IC socket, with the notched end facing row A. On completion, 
check the circuit carefully. If you are happy that it is correct, follow the 
instructions given earlier and fit IC1 into its socket, matching up the two 
notches. Connect the battery and switch on. The two LEDs should flash on 
and off alternately. If only one LED flashes, you have probably connected 
the other one the wrong way round. Switch off, check and correct if 
necessary. If neither LED flashes, you must have a significant error in your 
circuit, which will need checking again! Or did you choose to ignore the 
handling precautions for the CMOS chip? 
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Figure 2 Flashing LEDs, Component side of «ve ©RSGB DY178 
component layout board shown via SW1 
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The board can be mounted near to the point where you want your flashing 
LEDs to be seen, although long leads to the LEDs are acceptable. The LEDs 
can be different colours — it’s all up to you now! 


Parts list 


Resistors: all 0.25 watt, 10% tolerance or better 
R1, R2 4700 ohms (Q) 
R3, R4 1 kilohm (kQ) 


Capacitors 
C1, C2 47 microfarads (uF) 12 V WKG 


Semiconductors 
IC1 4011 


Additional items 
LED1, LED2 Any size of LED, any colour 
S1 SPST on/off 
Plastic box if needed, 8.5 by 5 by 2.5 cm 


Source 


Components are available from Maplin. 
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Figure 1 Switches and lamp 
AND gate 


Digital logic circuits 


Digital logic circuits 


Introduction 


Logic circuits form the backbone of even the most advanced computer, yet 
their basic operation can be demonstrated by a couple of switches, a 
battery and a bulb. 


Logic using switches 


Everyone reading this article will look at Figure 1 and know immediately 
how it works and be able to write down something like ‘When switch A and 
switch B are closed, the light will come on’. Without knowing it, you have 
written down a logic statement involving the so-called AND operation; the 
light comes on only when switches A AND B are ON. Below the circuit in 
Figure 1, is a table showing the only possible positions of the two switches 
and the state of the bulb for each position. This is called a truth table, and 
is frequently used in logic analysis. 


Switch Switch 


Off 
Off On Off 
On 


©RSGB DY182 


Figure 2 shows a different circuit. Here, the two switches are in parallel 
rather than in series, as was the case in Figure 1. Again, if you analyse the 
circuit in words, you would say that the light will be on when switch A OR 
switch B is ON. This is an example of the OR operation, and its truth table 
is shown in Figure 2. The statement above is not complete, however; can 
you see why? The truth table will show you. The light comes on if A is ON, 
OR if B is ON, OR if A AND B are both ON. That third condition is easy 
to miss, but don’t worry about it! 
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Figure 2 Switches and lamp 
OR gate 
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Off 
Off On On 
On Off | On 
On 
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Believe it or not, some very complicated logic is possible (in theory) using 
switches and lights, but it is highly impractical and would be very slow. This 
is where electronic logic circuits come in. 


Switches with no moving parts 


You may have come across projects in this book where a statement is made 
such as <. . . the transistor is being used as a switch .. .’. Transistors can be 
used as switches, as were thermionic valves in the world’s first pro- 
grammable computer Colossus, at Bletchley Park. However, technology has 
moved on from valves, through transistors to logic gates, combinations of 
electronic switches designed specifically to perform logic functions. 


These act on voltage levels as their inputs and produce changes in voltage 
levels as their outputs. A positive voltage is called logic 1, and corresponds 
to a switch being ON in our previous descriptions; a zero voltage is called 
logic 0, and corresponds to a switch being OFE The output from a logic 
gate (normally labelled Q) is also logic 1 or logic 0, corresponding to our 
light being ON or OFF, respectively, in our switch analogy. 


Many logic devices operate from a stabilised 5 V supply, and this determines 
the ideal voltages corresponding to the two logic states: 


logic 0 = OV, 
logic 1 = SV. 


The world isn’t an ideal place, so the real voltage ranges used by the logic 
gates are: 


logic 0 = 0.0 to 0.4 V, 
logic 1 = 3.0 to 5.0 V. 


Figure 3 Electronic AND 
gate 


Figure 4 Electronic OR gate 


Digital logic circuits 


The AND circuit of Figure 1 is now called an AND gate, and requires logic 
1 inputs on A AND B to produce a logic 1 at the output. Figure 3 shows this. 
The truth table is identical with that of Figure 1 — logic 1 replaces ON and 
logic O replaces OFF. Now compare Figure 2 with Figure 4 — circuits and 
truth tables for the OR function. Again, we have exact similarity. 
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Inputs Output 
A B Q 
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There is another very common logic gate, which performs the NOT 
function. It is easy to understand. Just ask yourself the question ‘What is 
NOT logic 07”, and the answer is obviously ‘logic 1’. Similarly, logic O is 
NOT logic 1. A NOT gate simply changes the logic state of the input; it is 
also known (because of this behaviour) as an inverter. Its symbol and truth 
table can be found in Fig 5. Note the little circle on the output of the gate 
in Figure 5. In logic circuits, this symbol always implies inversion, or the 
presence of a NOT gate. Keep an eye open for it! 


So far, the logic functions we have discussed have all been words which we 
use in everyday language, which has made the electronic interpretation of 
them relatively easy. Now we must introduce a function for which there is 
no analogy in normal speech — the NAND function. This means a 
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Input —>— Output 


0 
1 


Figure 5 Electronic NOT 
gate ©RSGB DY185 


combination of an AND gate and a NOT gate, and the sharp-eyed reader 
will have spotted the little circle added on to the normal AND gate symbol 
in Figure 6! 


To make things easier to understand, the truth table in Figure 6 has four 
columns, not three as in previous tables. The third column is the standard 
AND output — compare it with the third column in Figure 3. That is the 
output from the AND gate before it encounters the little circle that inverts 
it, so the final output from the NAND gate is the output of the AND gate, 
inverted! The third and fourth columns are the inverse of each other. 


Inputs and | Output 
B Q 


Figure 6 Electronic NAND 
gate 


Figure 7 Electronic NOR 
gate ©RSGB DY187 
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We can add the inverting operation to the output of an OR gate also, 
producing a NOR gate! The symbol and its truth table are shown in Figure 
7. Again, notice that the final output is that of the ordinary OR gate, 
inverted! 


These new functions of NAND and NOR are used more than the AND and 
OR functions because it makes other circuits easier to design using 
combinations of these gates. 


A taste of Boolean algebra 


The design of circuits using combinations of logic gates usually begins with 
a little mathematics, where the functions to be implemented are analysed. 
The mathematics used is surprisingly simple, and is a slightly changed 
version of ordinary algebra called Boolean algebra, which allows manipula- 
tion of logic functions to be made. Normal algebra has operations in it such 
as addition, subtraction and multiplication and division. The mathema- 
tician Boole found that the logical AND operation could be handled by the 
algebraic operation of multiplication (symbols x or ©), and the OR 
operation by the algebraic operation of addition (symbol +). The NOT 
operation involved a new symbol, that of a bar over the input being 
inverted, such as A. 


So, our five basic logic operators can now be written in a mathematical 
form: 


AND O=AxB 
OR O= AB 
NOT O=A 

NAND O=AxB 
NOR O=A+B. 


Using logic operations in a mathematical form enables the most complex 
logic to be designed, simplified and converted into circuit diagram form in 
a very efficient and rapid way. There are more logic operators than the five 
we have considered here but, in general, they can all be broken down into 
combinations of these gates alone! 
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60 A resistive SWR indicator 


Introduction 


When a transmitter produces some output power, we want to make sure 


that as much as possible of this power is radiated by the aerial. This often 
requires the use of an aerial tuning unit (ATU), which matches the aerial 
impedance to that of the transmitter. 


How do you know when this matching has been achieved? The most usual 
way is to use a standing-wave ratio (SWR) indicator. If the impedance of the 
aerial does not match that of the transmitter output, some of your 
transmitter power (also known as the forward power) is reflected back 
along the aerial feeder and back into the transmitter, where it causes excess 
heating. The forward and reflected waves interact along the feeder to 
produce a wave whose position remains constant, and which is therefore 
called a standing wave or a stationary wave. An SWR meter simply indicates 
forward power and reflected power, and adjustments are made to your ATU 
until the reflected power is as small as possible (ideally zero, of course). If 
there is no reflected power then, by a process of elimination, all your 
forward power is reaching the aerial! 


Sampling the RF 


Whatever type of SWR indicator you use, it must use some sort of sampling 
circuit to pick up the forward and reflected waves. The project A standing- 
wave indicator for HE elsewhere in this book, uses a toroidal transformer 
to separate the readings for the forward and reverse waves. This design 
differs in that it measures the voltages across resistors through which the RF 
current is passing. Its advantages are: 


(a) it uses cheap parts — four resistors, two capacitors and a diode, together 
with a rotary switch, a surplus meter, a preset potentiometer and two 
sockets; 

within this SWR indicator, there is always a resistive path for the RF 
current from the transmitter, formed by R1, R2 and R3; this can prevent 
damage to simpler home-made transmitters, which may be damaged 
during adjustment of the ATU when using more conventional SWR 
indicators. 


(b 


xm 
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Figure 1 Resistive SWR 
meter, circuit diagram 


A resistive SWR indicator 


The only disadvantage of this form of indicator is that it must be switched 
out of circuit once the ATU has been adjusted for a particular band. 


Construction 


The SWR indicator is very simple to build, as most of the components can 
be mounted on the back of the 3-way rotary switch. This is shown in Figure 
1. The switch is a 4-pole, 3-way rotary type, of which only two poles are 
used. 


Input Output 
from to 
transmitter antenna 
A 2c = 

Sla 
3 
1 = Set 
2 = Ref 
3 = Out 
2004A 
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Because the other switch contacts are not being used, they can be employed 
as support tags for other components. The ground wires are all soldered on 
to the metal frame of the switch. If your switch frame is of all-plastic 
construction, then a 12 SWG copper wire run around the switch will make 
a good earth connection to the metal case for the leads shown in Figure 1. 
The preset potentiometer used to control the sensitivity of the circuit can be 
mounted directly on the meter tag. 


Resistors R1, R2 and R3 handle the RF power during the tuning-up process. 
If you have them, use 1 watt resistors; otherwise, you can use two 100 ohm 
half-watt resistors in parallel for each of R1, R2 and R3. The meter, M1, can 
be any DC type of sensitivity around 200 pA. 


In use 


First, find a clear frequency, and without the indicator in circuit, check that 
the frequency really is clear by asking and identifying yourself. If it is, 
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connect the indicator between the transmitter and the ATU which, in turn, 
is connected to your aerial. Turn SW1 to the SET position and key the 
transmitter. Adjust VR1 until the meter reads full scale. Switch off the 
transmitter. Turn SW1 to the REF position and key the transmitter again. 
Adjust the ATU until the lowest reading is obtained on the meter. Switch off 
the transmitter. For the chosen frequency, you have adjusted your ATU for 
minimum reflected power and hence the lowest SWR. You will need to 
repeat the process when you change bands, and possibly when you change 
frequency within the same band. Switching SW1 to the OUT position, you 
are ready to transmit. You may have noticed that it is good practice to 
switch the transmitter off when operating SW1. Get into that habit! 


Parts list 


Resistors 
R1,R2,R3 47 ohm (Q) 1 watt (or 2 x 100 Q, / watt, see text) 
R4 1 kilohm (kQ) 0.25-watt 
VR1 10 kilohms (kQ) preset 


Capacitors 
C1 1 nanofarad (nF) 
C2 10 nanofarads (nF) 


Semiconductors 
D1 1N914 or similar 


Additional items 
SW1 4-pole 3-way rotary switch, of which only 2 poles are 
used 
M1 200 pA DC 
Case 
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Figure 1 CW filter, circuit 
diagram 


An audio filter for CW 


An audio filter for CW 


Introduction 


This is a simple passive circuit (it has no power supply) that adds some 


audio selectivity for Morse code reception and also includes a very simple 
noise limiter that gives a visual indication of when noise spikes are being 
removed! 


The circuit 


Figure 1 shows the complete circuit. The tuned circuit of C1 and L1 resonates 
very close to 800 Hz, so initially you will have to tune a signal in carefully 
until it sounds loudest — you will soon be able to do this without thinking. The 
two LEDs connected back to back across the signal path act as a noise limiter, 
reducing the amplitudes of static crashes and noise from car ignition systems, 
etc. The LEDs blink when they conduct — this is not necessary to the operation 
of the circuit, but adds a little colour to your listening! The noise limiter does 
make listening more comfortable, though. 


SW1 DPDT 


D1, D2 LEDs 
©RSGB DY202 


Construction 


The circuit layout is shown in Figure 2. Point-to-point wiring is used, with 
a small tag-strip being the only item used for the extra support of C2 and 
R1. The LEDs and SW1 support the other components. An aluminium box 
(Figure 3) is used to make the circuit tidy and usable. 
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Figure 2 CW filter, 


Aluminium box 11 x 6 x 25cm 
component layout 
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Figure 3 CW filter, front 
panel ~~ Phones 


You must use low-impedance headphones for the circuit to perform 
properly. Plug the completed unit into the headphone socket of your 
receiver and adjust the volume so that the LEDs are just not blinking on 
normal audio. The unit should be switched out of circuit for speech 
listening; this is the purpose of the toggle switch, SW1. 
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Parts list 


Resistor 
R1 10 ohms (Q), 0.25 watt, 10% tolerance 


Capacitors 
C1 470 nanofarads (nF) 
C2 100 microfarads (pF) electrolytic, 16 V WKG 


Inductor 
L1 82 millihenries (mH) 


Semiconductors 
D1, D2 LEDs 


Additional items 
SW1 DPDT 
J1 3.5 mm jack socket 
PL Jack plug to suit receiver 
Aluminium box, approx. 11 by 6 by 2.5 cm 


Source 


Components are available from Maplin. 


62 An electronic die 


Introduction 


Throwing a die is a venerable way of generating a ‘random’ number between 


1 and 6. A die is easy to lose, so here is an electronic die-throwing circuit 
which brings the technique up to date and serves as another application of 
logic circuits. If you need a reminder of the basics of logic, refer to Digital 
logic circuits. 


Warning 


This circuit uses members of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
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Figure 1 Electronic dice, 
circuit diagram 
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magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened - all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains-earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from damage while it is connected to the battery. 


Description 


The circuit is shown in Figure 1. [Cla and IC1b form an astable 
multivibrator, similar to that used in ‘An LED Flasher’ also in this book. It 
runs constantly, and its output is fed to IC2 via a single NAND gate, IC1c. 
The other input of IC1c is held at 0 V by R3 and C3. Whenever one input 
of a NAND gate is logic O (or 0 V), there can be no output from the gate, 
irrespective of what is happening at other inputs. So, despite the fact that the 
oscillator (or clock) is running all the time, its square-wave output never 


: +ve 
+ 12 aut 
Ó 11 
R1 C2 R2 IC] |Y 
a pin 14 
+ En 
24 [Cfa Cl 6” ICib 
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An electronic die 


reaches [C2 until the ‘other’ input of IC1c is brought away from logic 0. 
This happens when SW2 is pressed. Pressing SW2 momentarily, as is 
normally done, charges up C3 to 9 V, putting a logic 1 on the second input 
of IC1c and allowing the clock signal through to IC2. As the switch is 
released, C3 begins to discharge through R3, gradually lowering the voltage 
on pin 8 of IC1c. As this voltage crosses 4.5 V (half the supply voltage), IC1c 
then treats this input as logic 0, which cuts off the clock signal from IC2 
again. Thus, when SW2 is momentarily pressed, the clock signal is fed to 
IC2 for a short interval of time, before being blocked again. 


IC2 is a binary counter, and the outputs that concern us are from pins 14, 
11 and 6. Pin 14 is the most significant bit and pin 6 the least significant bit. 
See the panel for an explanation of what happens here. 


To understand these outputs, you should be able to count in binary, 
using three bits. At the start of the counting process, all the bits have 
zero values, i.e. 000. The left-most bit is called the most significant 
bit, and the right-most bit is called the least significant bit. (When 
we write numbers normally, a number 1 in the left-hand position 
represents one hundred, 1 in the middle column represents ten, while 
the number 1 in the right-hand position means one. One hundred is 
a more significant number than one, hence the nomenclature.) 


The three bits of our binary number have values, from left to right, 
of 4 (=27), 2 (=2') and 1 (=2°). This means that a number 1 in the 
left-hand column signifies the normal number four, in the middle 
column it would represent two, and in the right-hand column, it 
would represent one. This should help you understand the patterns 
of bits which emerge as the clock waveform is counted, as the next 
paragraph explains. 


As each cycle of the clock enters 1C2, it increments its internal 
counter and the values of that counter are shown by the states of 
pins 14, 11 and 6. After the first pulse, these three pins would have 
states corresponding to 001; after the second, 010; after the third, 
011; after the fourth, 100; after the fifth, 101; after the sixth, 110. 
This sequence of 3-bit numbers represents a binary count from 1 to 
6 in ‘normal’ parlance. These six states are used to illuminate the 
conventional pattern of dots on a die, using LEDs. 


As the clock cycles are counted, the LEDs flicker as the die is ‘rolled’. 
Resistors R4 to R7 are used to limit the current through the LEDs. When the 
counter stops, it can be in any of the positions shown in Table 1. Because of 
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Table 1 Dice number relative to counter output 


Step Pins Dice number 


14 11 6 


Ci UI Ba gu N —- 
= 3 - ocoso 
A OGOOGO qu ; 0 
O O = O = 
WwW U0U1= ANA 


the way in which the dots are grouped on the faces of a die, the wiring of 
the LEDs is simpler than it might otherwise be. You can see from Figure 1 
that there are really only three sets of connections to the LEDs — one from 
each bit of the counter output. When pin 14 is at logic 1, four LEDs are lit, 
corresponding to the number four. For the number five, pins 14 and 6 will 
be at logic 1. For the number one, only pin 6 is at logic 1. For three, pins 11 
and 6 are at logic 1, for six, pins 14 and 11 are at logic 1, and for two, only 
pin 11 is at logic 1. These conditions are summarised in Table 1. 


Construction 


Two pieces of Veroboard (of the strip type) are needed — one for the main 
circuit (Figure 2) and the other for the display LEDs (Figure 3). The display 
board is easier to build, so we will do that first. It measures 20 holes by 18 
strips. 


Cut the tracks as shown in Figure 3, using a 3 mm (/inch) twist drill rotated 
between thumb and forefinger. Insert and solder the Veropins, resistors and 
the wire links. Then solder the LEDs in place, making sure their polarities 
are correct. The LEDs are mounted proud of the board (Figure 4, which will 
help when you come to fix the board into a case. 


The main board measures 32 holes by 18 strips. As before, remove the 
tracks in the places shown in Figure 2. Note that track ‘T is not broken 
under the position for IC2. Solder in the IC holders and the links. Solder in 
R1 and R2 vertically, and R3 horizontally. Then solder in C1, C2 and C3; 
these all being electrolytics, check their polarities. Solder in the Veropins 
and prepare the connections to those components not on the main board, 
using stranded, insulated wire. Check the circuit carefully, and read the 
handling precautions given earlier before carefully inserting the two ICs. 


An electronic die 


To batter 
via pl To SW2 Component side of board 
+ 25 30 
A ( 
Blo 
cjo 


O 
O 
(A 
O 
O: 
oO 
o. 
O 
o 


0000000000 


o000 o. o. oo 
0.00 i o. o o o o 
000 . Oo e) oo 
000 | o. O ome 
ooo o O oo 
Floooo bo o o 0.0 
Gjoooo ] o =) oo 
Hlooogs4 Ss Pp o) o oo 
Ilooo | o po o O oo 
JJooo}oooeq — o i 2 Ot to Pin at 
kKlooo fooog | | O e« O Ol (display board) 
i¡ljoooéooo e O o 0.0 
MI SOR eS 00 o O 0.0 To Pin G2 
Nlooooooo o o O O Ol (display board) 
Olooooooo O O E oo 
Plooooooo meme) O oo 
Qlooooooo JO) o 00 
To Rilgoooooo o o oo 
battery 
— To Pin R1 
= (display board) To SW? To Pin F1 
O=Pin (display board) 
e—e = Link 
= Cut in copper track 
Fi 2 Main b d E10, E18, F10, F18, G10, H10, H24, 110, 118, 124 
igure ain board, J10, J18, J24, K10, K18, K24, L18, M18, M24 


component layout N24, 018, 024 ©rses DY208 


AIO O O: O 0 0 
Bjooo: O )00 
Cjo o O O ome) 
Djo oo O 20 O 
EJO o O o 00 
Foo ox O 00 
Gloooe O 00 
Hlo o oe e) 000 
Ilooo: ¡e 000 
Jjooo Ò O ¿000 
Klo o o O © o00 
Llooo cc O O o00 
Milo o o: O 70 0 0 
Nlo.o | O ¿9-00 
Ojo o O 07070 
Plo ola} O 000 
Qjo ol O 000 
RIO oO O. 000 
O =Pin Component side of board 
@—e = Link 
Figure 3 Board for the six | = Cut in copper track 
LEDs B10, G12, M10, N10 ©arses DY206 


219 


Radio and Electronics Cookbook 


Figure 4 D7 lead bending 
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A = Anode 


K = Cathode A K 
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Testing and use 


When the circuit is switched on, it is likely that the centre LED only will be 
lit. Press SW2, the ‘throw’ switch. All the LEDs should flicker, even after the 
switch is released, but only for a second or so. Then a standard pattern 
should show, signifying numbers between one and six. If this does not 
happen, switch off and check your circuit again. Are there any missing 
links? Are there any obvious dry joints (usually dull instead of shiny)? Can 
you see any solder bridges between tracks? Did you choose to ignore the 
handling precautions? If none of these results in a working circuit, try some 
fault-finding. 


e Disconnect the lead to D7 on the main board (marked ‘to pin F1” on 
Figure 2). Touch the lead on to the positive supply rail. D7 should light. 
Now transfer this lead on to pin 4 of IC1. If it flickers, then the oscillator 
is running (which it should). 

e Transfer this lead to pin 10 of IC2. D7 should flicker when SW2 is 
pressed, but should be on permanently when it is released. This means 
that the correct signals are reaching IC2 from IC1. 

e If one of the chains of LEDs (i.e. D1 and D2, D3 and D4, DS and D6) 
does not light, you may have one or both LEDs the wrong way round. 


When the die is working, you may care to experiment with the values of R1 
and R2, but you should keep their values the same, i.e. R1 = R2. The larger 
the values of these, the more slowly the die will appear to ‘roll’. 


Finishing touches 


On completion of the project, you will want to mount it in a smart case; any 
plastic box is suitable for this, with the display board mounted so that the 


An electronic die 


LEDs protrude through the top and are fixed to it using LED clips. The way 
in which you mount both boards to the case is entirely up to you. 


Parts list 


Resistors: all 0.25 watt, 10% tolerance, or better 
R1, R2 5600 ohms (Q) 
R3 15 kilohms (kQ) 
R4-R7 470 ohms (Q) 


Capacitors 
C1, C2 1 microfarad (pF) electrolytic, 16 V WKG 
C3 68 microfarads (uF) electrolytic, 16 V WKG 


Semiconductors 
IC1 4011 
IC2 4029 
D1-D7 LEDs, any size and colour 


Additional items 

SW1 On-off switch SPST toggle 

SW1 Push-to-make, non-latching 
Veroboard, 2 pieces, see text for sizes 
Veropins, 10 
Stranded insulated wire for general wiring 
Single-core insulated wire for links 
PP3 battery clip 
PP3 battery 
Plastic box to suit 
LED mounting clips (7) 
Means of mounting boards to box 


Source 


Components are available from Maplin. 
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63 The absorption wavemeter 


Introduction 


The purpose of the absorption wavemeter is to check that a transmitter is 
radiating within the correct waveband, and to detect any spurious 
harmonic emissions. A harmonic frequency is an integral multiple of the 
carrier frequency — e.g. if the carrier is at a frequency f, the harmonics are 


at frequencies 2f, 3f, 4f ... and so on. 


It can also be employed as a relative field-strength indicator, being used in 
experimentation with aerials. What it cannot do is to measure the 
transmitted frequency accurately; all it can do is to place the signal within 
a particular band, say the 7MHz or the 18MHz band (or their 
harmonics). 


How it works 


You may recognise the circuit of Figure 1 as a crystal set with a meter 
replacing the headphones. It is simply the parallel combination of an 
inductance with a variable capacitance, which constitutes a resonant circuit 
with a variable frequency. A dial on the variable capacitor can be roughly 
calibrated with frequency. The fixed capacitor across the meter helps to 
improve the meter reading by making it read the peak value of the carrier 
wave rather than the average value. 


sly ORSGB DY210 
We 
Y Tuned 
| crei Node 
Meter 


Figure 1 Absorption 
wavemeter circuit 
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The absorption wavemeter 


When the wavemeter is situated in the vicinity of a relatively strong radio- 
frequency (RF) field, the inductor absorbs a small amount of energy from 
that field. If the circuit is resonant at the same frequency as that of the 
transmitter, an RF voltage is produced across the coil and is proportional to 
the strength of the RF field. The RF voltage is rectified, or detected (turned 
from AC into DC) by the diode and the second capacitor, and is displayed 
by the meter. 


The tuned circuit 


The formula for calculating the resonant frequency of a coil and capacitor 
is relatively simple. It is 


1 
Pie We 


where fis the resonant frequency (Hz), 
L is the inductance (H), and 
C is the capacitance (F). 


If this formula puts you off, there is this slightly easier version: 


i 159 
ALC: 


where fis the frequency in MHz, 
L is the inductance in microhenries (uH), and 
C is the capacitance in picofarads (pF). 


When a variable capacitor is specified, it is usual to quote its maximum 
capacitance, i.e. the value when the vanes are fully meshed. When the value 
of the capacitor is small, it is usual to quote its minimum capacitance also, 
the value when the vanes are fully open. If you use a variable capacitor of 
10-100 pF with a 100 pH inductor, you will use the value of 10 pF to 
calculate the maximum resonant frequency, and the value of 100 pF to 
calculate the minimum resonant frequency, giving a tuning range of 
1.6 MHz to 5 MHz. Check it yourself! 
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64 An HF absorption 


Figure 1 HF absorption 
wavemeter, circuit diagram 
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wavemeter 


Introduction 


An absorption wavemeter is basically a simple tunable detector circuit, 


such as would be used in a crystal set, but with the headphones replaced 
by a meter, in order to indicate the strength of the received signal. 


The circuit 


Figure 1 shows the circuit of the wavemeter. It is designed to cover all the 
HF bands from 1.8 MHz to 28 MHz in four switchable ranges. There is no 
built-in method of amplification, so a sensitive meter is needed in order to 
indicate sufficiently using the available absorbed energy. The meter does not 
need calibrating, it serves to produce only an indication of the absorbed 
power, not its absolute value. 


An absorption wavemeter does not have outstanding selectivity, mainly 
because of the loading effect of the meter. This problem is ameliorated here 
(but only slightly) by the inclusion of R1 in series with the meter. It gives 
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An HF absorption wavemeter 


improved selectivity at the expense of a slight loss of sensitivity. The 
appearance of capacitor C1 across the meter is discussed in The Absorption 
Wavemeter, in the previous section. 


Coils 


These can be purchased (see the parts list) or hand-wound on short lengths 
of PVC water pipe or conduit, and the coil-winding details are given in 
Table 1. In theory, the 100 pF tuning capacitor would cover all the HF 
bands with only three coils, omitting the 22 wH coil. Sample calculations are 
explained in the previous article. However, its inclusion avoids the common 
problem of having some bands cramped at the extreme edges of the tuning 
scales. 


Table 1 Close-wound coil values 
L (mH) No of turns Span (mm) SWG 


PVC FORMER OF OUTSIDE DIAMETER 25 mm 


2.2 9 9 20 
10 24 24 20 
22 44 44 20 

100 110 60 26 


PVC FORMER OF OUTSIDE DIAMETER 20 mm 


2:2 10 10 20 
2.2 9 5 26 
10 32 32 20 
10 24 12 26 
22 63 62 20 
22 41 21 26 
100 134 70 26 


PVC FORMER OF OUTSIDE DIAMETER 19 mm 


2.2 11 11 20 
22 9 5 26 
10 35 34 20 
10 25 13 26 
22 68 67 20 
22 44 22 26 
100 157 79 26 
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Construction 


Hand-wound coils, using 19-25mm PVC formers, have single-layer 
windings, with their ends secured by threading the wires through two small 
holes drilled in the formers at each end of each winding. 


You may have wondered about the use of the two-pole switch SW1, as all 
the lower ends of the coils are grounded anyway. The answer lies in the ease 
of construction. Each coil can be mounted on the tags of the switch for 
support. If you are using the commercial coils, they are small enough to be 
accommodated on a miniature rotary switch; a larger rotary switch is 
required for hand-wound coils. The specification of a 6-way switch allows 
for the addition of extra frequency ranges at little extra cost. Rotary 
switches such as the 2-pole, 6-way variety have an adjustable end-stop 
which allows the number of ways to be set anywhere between 2-ways and 
6-ways. Remove the nuts from the switch, and a ‘washer’ will fall out. It is 
not a washer, really, and has a little piece of metal bent over at right angles 
to the washer. This fits into one of 12 holes in the body of the switch, and 
prevents the shaft from turning through 360° and selecting the number of 
ways. 


Calibration 


This process needs a commercial amateur-bands transceiver, if it is to be 
done quickly and accurately. 


@ Connect the transceiver to a dummy load, and connect a piece of flexible 
wire from point A in Figure 1 and wrap two or three turns around the 
cable between the transceiver and the dummy load. 

e Turn the transceiver power level control to minimum, and set the 
frequency at 1.81 MHz and the mode to FM or AM. Switch to 
transmit. 

e With the wavemeter set to its lowest frequency range (i.e. 1.8-3.5 MHz), 
rotate the tuning capacitor until maximum deflection is obtained from 
the meter needle. Write the frequency on the inner ring of the wavemeter 
scale at that point. 

e Switch off and retune the transmitter to 3.5 MHz. Repeat the above 
process. 

e Repeat, using switch range 2 for 3.5, 7 and 10 MHz, range 3 for 7, 10 
and 14 MHz, and range 4 for 14, 18, 21, 24 and 28 MHz. 


An alternative source of calibration signal could be an HF signal generator, 
with a single-turn loop of wire at the remote end of its cable, and the wire 
from the wavemeter brought close to the loop. 


Remember that the marks on the scale represent frequency bands, not 
precise frequencies. 


An HF absorption wavemeter 


Extending the range 


If you would like to experiment with increasing the range to the lower VHF 
band, then 50 MHz should be achievable with an additional self-supporting 
coil (no former). Try three turns of 20 SWG enamelled copper wire of 
25 mm ID (internal diameter). Wind it on some 25 mm PVC pipe, as before, 
then slide out the pipe! The same result could be achieved with four turns 
of 19 or 20 mm ID, or 12 turns of 7.1 mm ID. 


Parts list 


Resistor 
R1 


Capacitors 
C1 
VC1 


Inductors 
L1 
L2 
L3 
L4 


2200 ohms (Q) 0.25 watt, 10% tolerance 


1 nanofarad (nF) min. ceramic 
100 picofarad (pF) variable 


100 microhenries (uH) 
22 microhenries (pH) 
10 microhenries (uH) 
2.2 microhenries (uH) 


Semiconductors 


D1 


Germanium OA91 or 1N4148 


Additional items 


SW1 


Rotary 2-pole, 6-way 

Moving-coil meter, 50 or 100 pA FSD (any meter 
of this sensitivity will do) 

Plastic box, approx. 150 by 80 by 50mm 
Connecting wire, coloured 
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65 A vertical aerial for 70 cm 


Introduction 


If the range of your hand-held transceiver is very limited, what you need is a 
vertical aerial mounted outside. This design is a half-wave dipole fed at the 
end instead of the middle. Because the impedance of the dipole is high at its 


ends (and low in the centre), a matching circuit is needed so that this high 
impedance can be matched to that of the low-impedance coaxial cable. All 
that is needed is a coil, which increases the electrical length of the aerial to 
%-wavelength. (Note that the electrical length (i.e. the length as it appears to 
an RF signal) is not necessarily the same as the actual length.) 


Construction 


The aerial element and the coil are made from a single piece of 1.5 mm 
welding (brazing) rod, and the dimensions are given in Figure 1. Wind the 
coil around a 4 mm rod or the shank of a twist drill. The lower end is filed 
to a point and then soldered into the centre conductor of a 4-hole panel- 
mounting BNC socket. (Try to obtain a good-quality BNC socket with 
PTFE insulation — the insulation of cheaper sockets is easily damaged.) Trim 
the element to 427 mm (top of element to top of coil) after the wire has been 
soldered to the socket. 


The base coil causes the aerial to be rather ‘whippy’, so a piece of 5mm 
plastic knitting needle can be cut to the length of the coil and then forced 
into it. 


The radials are made from four lengths of 3 mm welding rod. These are bent 
and soldered into the four mounting holes of the socket, and then cut to the 
lengths shown in Figure 1. 


Testing 


Using a standing-wave-ratio (SWR) meter connected between your aerial 
and the transceiver, measure the SWR (or obtain some indication of the 
reflected power) on transmit. If it is greater than 1.5, switch off the 
transmitter, trim about 3mm off the end of the element, and try again. 
Repeat the process until the measured SWR (or the reflected power) is as 
low as you can get it. 
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Figure 1 Construction of the 
70 cm antenna 


A vertical aerial for 70 cm 


Insert 
suitable fine ; 


to water proof 


Antenna 
cover tube 


= O 


427mm 


Slots to 
accept radials 


Nee 


Coupler 


5 turns mm Base tube A 


apena 


(all 4 radiais) 


©RSGB RC327 


Installation 


The aerial is made waterproof by enclosing it in a 22mm diameter PVC 
waste water pipe. It is ‘weldable’, and available at plumbers’ merchants, 
usually by the metre. A coupler is slotted to take the radials (Figure 1). File 
the BNC socket as required, so that it slides inside the coupler until the 
radials poke out of the slots. Cut a length of plastic tubing which is 30 mm 
longer than the aerial, and push it into the coupler. You will then need a 
plastic bung or screw-top to waterproof the top end. 


229 


Radio and Electronics Cookbook 


Plastic welding solution is now applied to the joints, sealing the aerial inside 
the tube. The coupler has been weakened as a result of making the slots, so 
it is worthwhile applying PVC tape around this joint until the welding 
solution sets. 


A support for the aerial is made from an off-cut of tube pushed into the 
lower end of the coupler and held with a self-tapping screw. 


Parts list 


4-hole panel-mounting BNC socket 

3 mm brazing rod (may be available from a small garage) 
1.5 mm brazing rod 

22 mm PVC waste water pipe 

22 mm straight coupler 

Plastic welding solution 


66 A UHF corner reflector 
aerial 


Introduction 


The corner reflector is a well-known design and is capable of good 


performance on the VHF and UHF bands. At UHF, the practical 
implementation of the corner reflector is an ideal constructional project. 


Some details 


Expressed quite simply, the aerial consists of a è dipole (where is the 


standard symbol for wavelength, making a ‘ dipole’ a half-wave dipole). 
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Figure 1 70 cm corner 
reflector antenna 


A UHF corner reflector aerial 


Nothing new in that, you might say. However, the interesting feature is the 
reflector, which is not the usual single element, but a 90° metal “corner”, 
acting rather like a parabolic dish as used for satellite signal reception. The 
wind resistance of this type of reflector makes it impractical so, to reduce 
the ‘windage’ quite significantly, we make the ‘corner’ from closely spaced 
rods, as illustrated in Figure 1. 


Reflector mount 


Driven element 


‘a mount 


w Dipole 


driven element 


Reflector mount 
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The reflector consists of a number of 0.6 rods, spaced from each other by 
0.1). The aerial frame can be made of metal or wood, but wood is easier to 
work with, and mounting the elements to the frame is simpler. The 
prototype was made with wood of 20 mm by 15 mm cross-section, as Figure 
2 shows. The wood was varnished for protection. The elements were made 
from 1.5mm diameter copper wire, because a large reel of the wire 
happened to be available. The wire diameter is not critical; tubing could be 
used just as successfully. 14 SWG hard-drawn copper aerial wire would be 
even better than that used in the prototype. 
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Construction 


This project is just as much a woodworking project as a radio project! 
Follow the instructions carefully, and you should have little trouble. 


@ Cut the booms for the reflectors, as shown in Figure 2. A mitre block is 
invaluable here in producing the 45° corners. 

e Using the dimensions given on the diagram, mark the hole positions for 
the reflector elements, and then drill holes of a size which holds the 
elements firmly. 

e Cut the driven element boom according to the diagram, and mark the 
point midway along the longer side, which will assist you later in 
positioning the driven element. 

e Cut the back plate to size (about 120mm by 80mm). You may need to 
alter this size depending on the size of the U-bolt you will be using to 
clamp the aerial to the mast. 
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e If you want to be extra cautious in your construction, use the belt-and- 
braces approach, commonly known as ‘screw-and-glue’ to fix the booms 
to each other and to the back plate. 

@ Fix the reflector booms to the back plate first, then slide in the driven- 
element boom until it will go no further, then apply the wood glue and 
screw the two ends tightly to the reflector booms. Leave for the period 
prescribed by the glue manufacturers for the glue to harden. 

@ Varnish the whole structure. 

e Cut the driven element to the correct size plus a couple of centimetres (the 
reason for this will be evident in the Testing section), and fix it to the 
centre of its boom (at the position you marked earlier) with a ‘chocolate 
block’ connector to which the coaxial feeder cable will eventually be 
connected. 

e Cut and fix the reflector elements in place. If you find that these are a 
loose fit in the holes then, for each element, drill a pilot hole through the 
boom to intersect the hole for the element. File off the point of a 
woodscrew, and screw it gently into the pilot hole until it meets the 
element and grips it in place. You will now see why the point was filed 
off! Alternatively, you can glue the elements in place. 


Testing 


Place the aerial on a mast, clear of obstructions. Connect it to a transceiver 
with a length of coaxial cable, with a standing-wave-ratio (SWR) meter in 
circuit. Find a clear frequency, identify your transmission and ask if the 
frequency really is clear. If so, key the transmitter again and note the SWR. 
Do not stand in front of any aerial when it is radiating! The length of the 
driven element must be adjusted to obtain an SWR of less than 2. If you 
have to shorten the dipole, bend the ends over rather than cut them off. That 
way, if you go too far, your can lengthen them again! The dipole was 
initially cut too long intentionally, to allow for adjustment here! Bending the 
ends over also reduces the risk of physical damage to clothing, skin and 
eyes. You may like to consider applying the same technique to the reflector 
elements for that reason alone. 


Moving on... 


Once you have warmed to the idea of the corner reflector as an aerial, you 
might like to ring the changes regarding the reflector. How about replacing 
the 20 reflector elements with a wire mesh, such as garden centres sell as 
‘chicken wire’? Choose the finest mesh if there is a choice. Some extra 
support may be needed around the edges of the mesh, but you could go on 
to make a comparison of aerial gain between the two types, using the UHF 
Field Strength Meter described elsewhere in this book. 
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Materials 


Stiff wire or thin-walled tubing for dipole and reflector 

Frame — wood, 15 mm by 20 mm cross-section, lengths given in text 
Back plate — stout plywood, dimensions given in text 

U-bolt to suit mast 

Wood screws 

Wood glue 

50 W coaxial cable for feeder 

2-terminal “chocolate block” for dipole connection to feeder 

Varnish 


67 A switched dummy load 


Introduction 


A dummy load is a pure resistor of value 50 ohms which can replace your 
transmitting aerial and enable you to operate the transmitter for test 
purposes without radiating a signal. It sounds simple enough, but there are 
two main problems. Firstly, it is impossible to delve into your junk box and 
emerge with a resistor that will dissipate 100W PEP and still retain its 
marked resistance value. Secondly, a ‘pure resistance’ is very difficult to 
achieve. A pure resistance is a device which has resistance but no reactance. 
All common resistors have significant reactance at radio frequencies, 


particularly the wire-wound varieties, which have a helical (i.e. wound like 
a coil) construction. This is particularly annoying, because wire-wound 
construction is normally used for large-wattage resistors. 


Although all resistors have some reactance, not all are quite as bad as the 
wire-wound type. Carbon film resistors are made by depositing a thin film 
of carbon on the surface of a small, hollow ceramic cylinder, the thickness 
of the film of carbon determining the value of the resistor. Provided the 
lead lengths are kept short, these resistors have a tolerably small reactance, 
and will be used in this project. 


Bearing the load 


A 2 W carbon film resistor is hardly going to withstand our 100 W PEP of 
SSB, so it is obvious that the design of our dummy load must be a little more 
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Figure 1 Basic circuit 
diagram 


A switched dummy load 


complex than a single resistor and a switch, despite what Figure 1 might 
suggest! In fact, it uses 20 resistors, each of value 1000 Q (1k0Q). How does 
this solve our problem? 


Perhaps a little theory is in order here, but no more than is required by the 
Radio Amateurs’ Examination. 


When two equal resistors of value r are combined in parallel (i.e. side by 
side), the total resistance, Ry, is given by: 


+ 


1 1 1 
Rr r r 


Adding 1/r to 1/r gives 2/r, therefore: 


So, by connecting two equal resistors in parallel, we get a combined 
resistance which is þalf the individual resistances. If we combine three in 
parallel, we get a third of the resistance, and so on. 


Here, we are connecting 20 resistors of 1 kQ in parallel, so we will produce 
an overall resistance of one-twentieth of the individual resistance, i.e. 
1000/20 = 50 Q, which is what we set out to achieve! 


J2 
Ji 
R1 
50R 
(20 x 1kR 2W) 
©ASGB DY212 


This is not the only advantage, though. Each resistor is capable of 
dissipating 2 W, so 20 of them will safely dissipate 40 W, for short periods 
at least. This power dissipation is approximately the same as 100 W PEP of 
normal speech, so the design should be capable of use in an ‘average’ 
amateur station. The power-handling ability of any dummy load can be 
improved by providing a ‘heat sink’ which helps to conduct the heat energy 
away from the resistors, thus lowering their temperature. One popular heat 
sink is a can of transformer oil, into which the resistors are immersed. This 
design uses a rather more mundane heat sink, but which is adequate for the 
job in hand. 
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Figure 2 PCB resistor 
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A switched dummy load 


Pouring the heat away 


Two basic PCBs are needed, the details being given in Figure 2. Both 
measure 11 x 35 mm. Each has a set of 20 holes of diameter about 1 mm to 
take the ends of the resistors. Only one of them has two 3 mm holes which 
are used for mounting the completed load. Figure 3 shows how the heat sink 
is assembled. Solder one end of each resistor into the ‘earth’ PCB, and then 
mount this to the box using the two bolts as shown in the diagram. Between 
each rank of resistors is a ‘sandwich’ consisting of an aluminium strip and 
two pieces of ceramic wall tile, to act as a heat sink for the resistors. Heat 
sink compound is used to provide good thermal contact between the 
resistors and the tiles, and between the tiles and the aluminium strip. This 
is shown in the lower part of Figure 3. Thread the loose wires of the resistors 
through the holes in the second PCB, solder into place, and crop the 
protruding wires. 


Switching 


A changeover switch must be used so that the transceiver can be switched 
between the dummy load and the aerial without unscrewing connectors. For 
most purposes, an ordinary 10 A 230 V changeover switch will suffice, as 
found in many electrical shops and DIY stores. 


Wire this into the circuit as shown in Figure 1 and Figure 3. Check your 
wiring. Put $1 in the ‘dummy load’ position. If you have a multimeter which 
includes an ohmmeter, measure the resistance across the socket, J1, before 
connecting it to the transceiver. It should be very near 50 Q. With S1 in the 
‘aerial’ position, there should be an infinite resistance across J1. Move your 
ohmmeter to read the resistance across J2. It should be infinite for both 
positions of S1. If all seems correct, close the box and your dummy load is 
ready for use! 


Parts list 


Resistors 
1000 O (1kQ) 2 W carbon film, 20 required 
Additional items 
10 A 230 V changeover (SPDT) switch 
SO-239 sockets, 2 required 
Aluminium box 120 x 95 x 53 mm or similar 
Ceramic wall tile cut as required 
Aluminium strip, 18 SWG 
Nuts and bolts as required 
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68 A simple Morse oscillator 


Figure 1 Morse oscillator, 
circuit diagram 
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Introduction 


This is an excellent project which uses the ‘junk box’ as its source of 


components. If you have trouble in finding the bits for this one, a good 
source of the components for this and many other similar projects is to be 
found with the parts list at the end of the project. 


The circuit 


This is shown in Figure 1, and uses an “unknown” Plessey chip, which makes 
the overall circuit extremely easy to build. A 0.1 wF capacitor is connected 
between pins 7 and 8, a speaker (in the popular 8 to 25 Q impedance range) 
is connected between pins 8 and 9. If a 9V battery is connected with its 
positive terminal to pin 8 and its negative terminal to pin 1, 3 or 5, a tone 
will be produced in the speaker. 


To make this circuit into a good Morse practice oscillator, it is necessary 
only to insert a Morse key into the supply rail from the battery. 


However, there is another refinement which you may care to build into the 
circuit. The tone from the loudspeaker is different, depending upon which 
of pins 1, 3 or 5 you use. In the prototype, a single-pole changeover switch 
was used to select the tones from pin 1 or pin 3, and the Morse key would 
be connected to the circuit via a small jack socket. There is no need for an 
on/off switch, as the Morse key performs that function. The switch and the 
jack socket can be seen in the photograph. 


+9V 
on PP3 


Speaker 


Key jack 


—9V 
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A simple Morse oscillator 


The case 


Almost any small loudspeaker will do; the higher the impedance the better. 
The ‘impedance’ is the figure usually printed on the rear of the speaker 
magnet. It is a value given in ohms (Q). For simple circuits like this, you will 
usually find that the higher the impedance (within reason), the louder the 
sound it will produce. Speakers from old transistor radios will work, 
although their impedances can be rather low sometimes. 


Any case big enough to house the components and the battery will be 
suitable. The prototype used a ‘Walkman’-type speaker and case, and is 
shown in the photograph. 


To use the circuit, simply attach a 3.5 mm jack plug to your Morse key, and 
insert it into the socket. Nothing should happen until you press the key, 
when a tone should be heard from the loudspeaker. 


Another application 


Try soldering the two wires of a ‘twisted pair’ to the 3.5mm jack plug. 
Touching the wires together produces a tone from the speaker. This simple 
circuit can then be used as a ‘continuity tester”. Touch the two wires to the 
ends of a fuse. If there is no sound, then the fuse is blown. There are many 
other such tests you could perform with this device — to check whether there 
really is a connection between one end of a wire and the other, for example. 
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Warning 


You must never make such tests on any equipment which is connected to the 
mains supply, even if it is switched off. If you want to make any such tests, 
make sure you are supervised by someone who understands what you are 
doing and is competent to advise and supervise you. 


Parts list 


Plessey oscillator chip 

0.1 uF capacitor (disc ceramic) 

Loudspeaker 8 to 25 Q 

3.5 mm jack socket (and 3.5 mm jack plug if needed) 
Single-pole changeover switch 


The Plessey oscillator chip is available from J. Birkett, 25 The Strait, 
Lincoln LN2 1JE tel: 01522 520 767. 


John Birkett may also provide a kit of parts (the chip, capacitor and 
loudspeaker). 


69 A bipolar transistor tester 


Introduction 


This is a circuit which will test normal transistors, i.e. npn or pnp. It has the 


advantage of being able to test devices while they are still connected in 
their original circuits. However, when such tests are made, the circuit 
containing the transistor under test must not be switched on. 


The circuit and how it works 


The circuit runs from a 9 V battery such as a PP3 or six AA-type 1.5 V cells. 
Alkaline cells are to be preferred, as their electrolyte leakage properties are 
better. The circuit shown in Figure 1 uses a single CMOS integrated circuit 
type 4001 or 4011. CMOS circuits require special handling precautions 
which are described in the project Christmas Tree LEDs, elsewhere in this 
book. 


A bipolar transistor tester 
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Figure 1 Transistor tester, circuit diagram 


Inside the IC are four logic gates (see Digital Logic Circuits) which are all 
connected as inverters, which means that the output signal is always the 
logical ‘opposite’ of the input. The first two gates are connected as an 
oscillator; the circuit being the same as that used in An Electronic Die. 


The output of the oscillator, at pin 11, is connected to the input of a buffer 
stage, IC1c, which helps to isolate the oscillator from the circuit that follows 
it. The buffer output appears on pin 3, which we shall label as test point A 
for future use. Another inverter, IC1d, follows this, its output at pin 4 being 
labelled test point B. 


There are two LEDs connected back to back at the circuit output. These are 
D5 and D6, DS being red and D6 being green. Whatever the output of the 
oscillator at any instant, one of the LEDs must be lit and the other unlit. 
With point A positive and point B zero, the red LED is lit, when A is zero 
and B is positive, the green LED is lit. Because the oscillator output is 
repeatedly switching from one polarity to the other, the lit LED is alternately 
red and green. They switch between the two colours much faster than we 
can see, so what we think we see are both LEDs lit together. 


The two 100 ohm resistors, R3 and R4, provide the bias to the base of the 
transistor under test. When A is positive and B is zero, the base-emitter 
junction of the transistor will be forward-biased, and the transistor will 
switch on (if it is a working npn type). When the transistor is on, it 
effectively short-circuits DS (the red LED) and it extinguishes. When point 
A is zero and B is positive, an npn transistor will be switched off and the 
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Figure 2 Transistor tester, 
component layout 
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green LED (D6) will light. Thus, for a working npn transistor, only the green 
LED is lit. 


If the transistor under test is a pnp type, it will switch on when A is zero and 
B positive, thus short-circuiting the red LED (D6). When A is positive and 
B zero, the transistor is off and the red LED (DS) is lit. Thus for a working 
pnp transistor, only the red LED is lit. 


To summarise, the states of the LEDs indicate the following conditions: 


e Both LEDs apparently lit: no transistor connected, or transistor 
permanently open circuit. 

@ Neither LED lit: a collector-emitter short-circuit is almost certain. 

@ Red LED alone: pnp transistor in working order. 

@ Green LED alone: npn transistor in working order. 


Construction 


The prototype tester was built on a piece of Veroboard measuring 15 strips 
by 18 holes. Cut the tracks using a track-cutting tool or a 3mm (% inch) 
twist drill, as shown in Figure 2. Notice that, in this diagram, there is no 
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track T’, so try to avoid miscounting when you translate diagram positions 
to real positions on the board. Hold the board up to a strong light to ensure 
that there is no copper swarf shorting adjacent tracks together, and that you 
have made the cuts in the correct places. 


Having done this, insert and solder Veropins for all the connections to be 
made to components not on the board itself. Then solder in the IC holder 
and the wire links. Then insert the other components in the order resistors, 
capacitors and diodes D1-D4. Some resistors are mounted vertically so that 
their connections are on adjacent tracks. Double check the diode polarities 
— it is easy to make a mistake when wiring diodes in anti-parallel! Next, 
connect up the off—board components, again making sure that the LEDs 
have the correct polarity. The probe leads for the emitter, base and collector 
should be made from different colours of wire and terminated in probe clips 
(small insulated crocodile clips). 


Check carefully for dry joints and errant blobs of solder. Plug the IC into its 
holder, ensuring that it is inserted the right way round, as shown in Figure 2. 


Testing 


Without a transistor in circuit, and the battery connected, both LEDs should 
be lit. Connect a known good npn transistor and verify that the green LED 
lights. Now simulate two transistor faults: disconnect the base lead and 
both LEDs should light; remove the transistor and connect the emitter and 
collector leads together. Neither LED should light. 


Repeat the tests with a known good pnp transistor. The results should be the 
same, except that the correct indication should now be a lit red LED. On 
your computer, make a small label of the bulleted list above, to fit on your 
tester showing the states of the LEDs and what they mean. It will act as a 
useful aide mémoire when you use the tester in future. 


Using 


The circuit will test transistors in isolation or in an existing circuit, i.e. prior 
to use. You can check the lead identifications in component catalogues such 
as the Maplin catalogue. The tester is ideal for going through the large bags 
of unmarked transistors that you can buy for a song at rallies. You can sort 
them into three piles — npn, pnp and dud! 
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Parts list 


Resistors: all 0.25 watt, 10% tolerance or better 
R1, R2 5600 ohms (Q) 
R3, R4, RS 100 ohms (0) 


Capacitors 
CL+CE2 1 microfarad (pF) electrolytic, 16 V WKG 


Semiconductors 
D1-D4 1N4148 general-purpose silicon diodes 
DS Red LED 
D6 Green LED 


Integrated circuit 
IC1 CMOS 4001 or 4011 


Additional items 
Veroboard, 15 strips by 18 holes 
Veropins 
PP3 battery and connector (or 6 x AA cells in PP3 clip holder) 
Switch, SPST 
Connecting wire 
One each of known working npn and pnp transistors for test 
purposes. 


Source 


Components are available from Maplin. 
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70 The ‘Yearling’ 20 m receiver 


Introduction 


Published to celebrate the first anniversary of D-i-Y Radio, this excellent 
receiver design forms a suitable ‘second receiver project’ for those who 
have successfully completed the MW receivers earlier in this series. The 
receiver is powered from a PP3 battery or from a mains adaptor, and can 


be built with the help of an experienced constructor, on a prototype board. 
The circuit diagram and some of the components used are shown in the 
separate diagram. Headphones or a loudspeaker can be used and, once the 
radio is completed, a few simple adjustments will make the Yearling spring 
to life! 


Building the receiver 


Before starting the constructional process, start by identifying all the parts. 
One by one, tick them off against the parts list. Are their values correct? The 
varactor diode is a twin type (see circuit diagram overleaf), and must be cut 
carefully down the middle, producing two devices, D1 and D2, with two 
wires each. 


First, solder the IC sockets, followed by the coils (inductors); L1 is pink 
inside the top, and L2 is yellow inside. Then, solder in the varactors; the 
lettering on D1 should be next to coil L1, and the lettering on D2 should 
face resistor R7. After those, the capacitors, wire links and resistors should 
be soldered to the board. Take care to wire the voltage regulator, IC3, 
correctly. Solder in the crystal X1 as quickly and deftly as you can — crystals 
do not take kindly to having their leads bent and being fried with a soldering 
iron! Make sure that the electrolytic capacitors C2, C12, C15 and C16 are 
fitted the right way round. Most electrolytic capacitors have only the 
negative lead marked. 


Figure 1 shows the rear of the front panel, illustrating the connections from 
the board and antenna socket to the controls. All normal connecting wires 
are 22 SWG or thereabouts, with insulation. Their lengths should be about 
15 cm, except for the battery lead to the switch, which is about 8 cm. It is 
recommended that you use different-coloured wire for each connection to a 
control. Figure 2 shows this. The variable resistor section of VRS, the AF 
gain control, uses single screened cable connected to 0 V (ground) at the 
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Figure 1 Rear view of the variable resistors. Check the connections carefully to make sure the wires fit the correct 
holes 
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Figure 2 It is helpful to use different colour insulated connecting wires. Wires between each variable resistor and the 
board should be twisted together to give a neat wiring outfit. 
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board end. Now fit the ICs into their sockets. Make sure that they are the 
right way round (see circuit diagram) and that each pin lies directly above 
its corresponding socket before applying gentle pressure with the back of 
the board firmly supported. 


Check that all the connections are correct (don’t assume this — check the 
ends of each wire against the circuit diagram) and that all your soldered 
joints are shiny. Lastly, drill the five 10.5 mm diameter holes for the main 
controls. On the side of the case, a 6.3 mm diameter hole is needed for the 
speaker socket, and 8mm holes for the antenna and earth sockets. The 
external power socket requires an 11 mm diameter hole. 


Adjusting it 


Before you can make adjustments, and in order to hear anything on your 
Yearling, you will need to connect an antenna (aerial) to the antenna socket. 
About 8 metres of wire, preferably outdoors and as high as possible, is all 
you need to connect to the socket. Connect the 3.5 mm jack socket for the 
speaker, and a 3.5mm jack to your speaker leads. Connect a battery and 
switch on. 


1. Using a very small screwdriver or, better still, a non-metallic ‘trimming 
tool’, gently screw in the core of L2 as far as it will go, but don’t force 
it. Then unscrew it by three turns anticlockwise. 

2. Set VR1, VR2 and VR4 to mid-position and rotate the core of L1 
anticlockwise until the hissing noise you hear reaches a maximum 
intensity. Then adjust L2 for maximum noise. 

3. If you now tune carefully with the main tuning control, VR4, you should 
hear some amateur Single-Sideband (SSB) speech signals. You may have 
to adjust the bandspread (fine tuning) control, VR3, to make the speech 
sound normal. 

4. Having verified that everything is working, switch off and mount the 
controls on the front panel and the sockets on the side. To do this, it is 
much safer to disconnect all the controls and sockets, mount them in 
their final positions, and then wire them up again. 

5. Fit the front panel knobs, connect your aerial and switch on again, 
checking that everything is working. Then, locate the cluster of CW 
(Morse) signals to be found at the bottom of the 20 metre band, set the 
bandspread control to mid-position and slacken off the main tuning 
knob. Turn the knob (but not the control!) until the pointer lies a little 
clockwise of 14.0 MHz. The SSB signals should now lie roughly between 
the dial centre and 14.35 MHz. Tighten up the knob. 

6. Finally, fix the board to the rear panel, and secure the battery (if you are 
using one). Attach the rear panel to the back of the box, and you are 


finished! 
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Listening! 


Make a habit of keeping the bandspread control in its centre position when 
searching for stations; then you can adjust it either way to make the signals 
readable. Unless you have a very big aerial, it is best to have the ‘RF Gain’ 
control, VR1, at maximum. Use the ‘Antenna Tune’ control, VR2, to give 
the best signal, and control the volume with the ‘OFF/AF Gain’ control. You 
will find some excellent DX stations with your Yearling receiver, and it will 


serve you well. 


Parts list 


Resistors (all 0.25 W, 5%) 


R1, R5, R9 
R2 

R3, R4 
R6, R8 

R7 


100 kilohms (kQ) 
10 kilohms (kQ) 

1.5 kilohms (kQ) 
12 kilohms (kQ) 

200 ohms (0) 


Capacitors (all rated at 16 V or more, tolerance at least 
what is quoted) 


C1, CS 

C2 

C3 

C4 

C6, C7, C8 
C9 

C10 

C11, C14 
C12, C15 
C13 


C16 


180 picofarads (pF) polystyrene 5% 

10 microfarads (F) electrolytic 

47 picofarads (pF) polystyrene 5% 

100 picofarads (pF) polystyrene 5% 

100 nanofarads (nF) or 0.1 microfarad (uF) ceramic 

220 picofarads (pF) polystyrene 2% 

330 picofarads (pF) polystyrene 2% 

10 nanofarads (nF) or 0.01 microfarad (uF) ceramic 

100 microfarads (pF) electrolytic 

47 nanofarads (nF) or 0.047 microfarad (uF) 
polyester, 5% 

1 microfarad (pF) electrolytic 


Variable resistors 


VR1, VR3 
VR2, VR4 
VRS 


Inductors 
L1 
L2 
L3 


1 kilohm (kQ) linear 
47 kilohms (kO) linear 
10 kilohms (kQ) log with switch 


Toko KANK3335R 
Toko KANK3334R 
10 microhenries (uH), 5% 


Adding the 80 metre band to the Yearling receiver 


Semiconductors 
IC1,IC2 Philips/Signetics NE602 or NE602A 
IC3 78L05 5V 100mA regulator 
IC4 TLO72 Dual Op-Amp 
ICS Philips TDA7052 audio amplifier 


Additional items 
D1, D2 Varactor diode Toko KV1236 (cut into two sections — 


see text) 
X1 Crystal 8.86 MHz type (from Maplin, etc.) 
4 off 8-pin DIL sockets for IC1, IC2, IC4 and ICS 
2 off 4mm sockets aerial (red) and earth (black) 
1 off 3.5 mm chassis-mounting speaker jack socket 
1 off DC power socket for external supply (if required) 
4 off Red knobs with pointers 
1 off Tuning knob with pointer (e.g. 37 mm PK3 type) 
1 off Printed-circuit board or prototype board 
1 off Plastic case approx 170 x 110 x 6mm (e.g. Tandy 
number 270-224) 
1 off Speaker 8-32 (2 impedance (or headphones) 


71 Adding the 80 metre band 
to the Yearling receiver 


Background 


You will have noticed that your Yearling receiver has a dial which shows 
coverage of the 80-metre amateur band (3.5-3.8 MHz). This band is used 


for local contacts during the day, and contacts up to about 1600 miles in 
darkness. Longer distances are possible, particularly in the middle of 
winter. 


The modifications 


Only a few extra parts are required, as you may have noticed from the parts 
list. A low-pass filter, FL1 (one which passes low frequencies and rejects 
higher frequencies), is switched into the circuit on 80 m. The circuit of the 
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Figure 1 The circuit 
diagram shows the extra 
components for 80 m 
operation. Note the 
connections to the PCB ‘a’ 
‘b’, C and ‘d’ 


Figure 2 The underside of 
the PCB. Wires are 
connected from the switch 
and filter as shown 
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Adding the 80 metre band to the Yearling receiver 


Figure 3 Internal view of 
the Yearling case. The filter 
FL1 is attached to the base 
with glue 


switch and its connections is shown in Figure 1. Before making the 
modifications, dismantle the receiver so that you have easy (and safe) access 
to the case and the track side of the PCB. 


1. 


2: 


The first thing to do is to drill a 6.5 mm diameter hole in the side of the 
case into which the switch fits. 

Then, using a sharp Stanley knife or scalpel, carefully cut the track on the 
PCB as shown in Figure 2, making a gap about 1 mm wide. 


. Using 10 cm lengths of different-coloured insulated wire, make the four 


connections, a, b, c and d, to the PCB, as shown in Figure 2. 


. Solder the two links on the filter, and then make the connections to the 


switch, capacitors and PCB. You will have to disconnect the existing wire 
between the RF gain control, VR1, and pin 4 of L1 on the PCB. 


. Lastly, check your new connections carefully, then mount the switch in the 


new hole and fix the filter to the bottom of the case with a little glue, as 
shown in Figure 3. Reassemble the circuit, and replace the back of the 
case. 


More testing! 


Firstly, switch your new switch, S1, into the 20 m position, to check that the 
original circuit still works! If you find that the ‘Antenna Tune’ control peaks 
at a slightly different position, don’t worry. 
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Now switch to 80 m, and tune around the anticlockwise end of the dial; you 
should hear some SSB stations, particularly in the evenings and at weekends, 
when may people are on the air. At the other end of the travel of the tuning 
control, you should hear CW (Morse) stations. 


The Radio Society of Great Britain broadcasts amateur radio news every 
Sunday morning on or about 3.65 MHz; the table below has the details. 
Finally, a good antenna is more important than ever for 80 metre reception 
— aim for more height and length, and then consider the project concerned 
with making an Antenna Tuning Unit (ATU)! 


Parts list 


Capacitors (all rated at 16 V or more, tolerance 10% or better) 
Cx, Cy 100 picofarads (pF) polystyrene 


Filter 
FL1 Toko 237LVS1110 low-pass filter 


Additional items 
SW1 2-pole 2-way (changeover) toggle switch 
7 off Short lengths of insulated wire of different colours 


The RSGB news broadcasts, GB2RS — Sunday 
mornings 


Frequency (MHz) Local time Reception area 
3.650 0900 SE England 
3.650 0930 Midlands 
3.650 1000 SW England 
3.650 1100 Yorkshire 
3.640 1130 Aberdeen 
3.660 1130 Glasgow 


The Midlands transmission is repeated at 1800 (6pm) local time on 
3.650 MHz. All frequencies are approximate in order to avoid interference, 
and use lower sideband (LSB). If you also have a 40 metre receiver, there are 
GB2RS news broadcasts on 7.048 MHz at 0900 local time from Northern 
Ireland and from 1100 local time from the north midlands. 


How the Yearling works 


72 How the Yearling works 


Introduction 


The Yearling was designed to provide an introduction to Amateur Radio on 
the 20 m amateur band. Let's look at how the different sections (or ‘stages’) 


of a radio work, and how they fit together to form a complete receiver. 
Figure 1 shows a block diagram which you can follow and compare with 
the circuit diagram of your Yearling receiver. 


The antenna (or aerial) 


Connected to your receiver, it will pick up not only amateur signals, but 
all other signals as well! This means that the receiver has to select the one 
signal that interests you, while rejecting all the others. The following 
stages do just that. 


The RF filter 


This stage (centred around L1) selects the band of radio frequencies (RF) 
containing the signal you want, in this case, those having wavelengths 
around 20m. Signals from the 40m band, for example, would not get 
through. 


The crystal oscillator 


This is an oscillator circuit designed around a quartz crystal (X1), and has 
a very stable frequency. It produces a single, very pure frequency to feed into 
the mixer. A crystal having a frequency between 8.800MHz and 
9.000 MHz is suitable for this circuit. The oscillator and mixer functions are 
both carried out inside IC1. 


The first mixer 


Yes, this stage ‘mixes’ two signals together. In this case, the two signals are 
(1) from the aerial via the RF Filter, and (11) from the crystal oscillator. Two 
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Figure 1 Block diagram of the Yearling, showing how the various stages fit together to make a complete radio 


receiver 
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bands of signals emerge from the mixer. The first is centred upon a 
frequency equal to the incoming signal frequency added to the crystal 
frequency, and the second is centred upon a frequency equal to the incoming 
signal frequency subtracted from the crystal frequency. Look at an example 
— if the signal is at 14 MHz and the oscillator at 9 MHz, then the mixer 
outputs will be 14 + 9 = 23 MHz and 14 - 9 = 5 MHz. 


Intermediate frequency (IF) filter 


It is the purpose of the IF filter (centred around L2) to select only one of 
these two bands of frequencies emerging from the mixer. In this case, it is the 
lower band of frequencies (around 5 MHz) which we select. This is because, 
in general, lower frequencies are easier to handle than higher ones. 


Variable-frequency oscillator (VFO) 


The VFO (part of IC2) enables us to tune into a particular station, and 
operates over a band of frequencies between 5 MHz and 5.35 MHz in this 
receiver. You will notice that IC1 and IC2 are the same type of chip, so that 
you will be expecting another mixer stage to be associated with the VFO. 
You are quite right! 


The second mixer 


This mixer obeys exactly the same rules as those of mixer 1. Sum and 
difference frequencies are produced, like this. Mixing is between the 
incoming IF signals (around 5 MHz) and the VFO signals (around 5 MHz), 
producing output frequency bands centred upon 10 MHz and 0 MHz. The 
use of the words ‘band of frequencies’ throughout this explanation is 
intentional. If all the signals were pure, there would be no bands; the bands 
are produced because of one thing — the modulation imposed on the pure 
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frequencies at the transmitter. So, the “bands” contain the one thing that we 
want to extract from the signal, and that is the speech or Morse code that 
the signal contains. The band of frequencies at 0 MHz is just that — the 
audio frequencies we want in the loudspeaker. Because of this, the audio 
frequency output of the second mixer is selected and passed on for 
amplification. 


The audio preamplifier 


Preliminary amplification of the minute audio signal which emerges from 
the second mixer is provided by IC4a, which will respond only to audio 
signals, automatically rejecting the 10 MHz signal. 


The audio filter 


The bandwidth of normal speech when transmitted by an amateur station is 
around 3kHz, so there is no advantage to be gained in amplifying 
frequencies greater than this. IC4b is known as a low-pass filter, because it 
passes (lets through) lower frequencies and rejects higher ones. 


The power amplifier 


ICS produces the final audio amplification and provides enough power 
(about 350 milliwatts (mW) to drive a small speaker. 


How does it work on 80 m? 


If you have fitted the 80 m modification to your receiver, you are probably 
wondering how the circuit works at this different frequency. Firstly, the 
filter which you fitted selects the 80 m band instead of the 20m band. The 
only other slight difference lies in the way the first mixer stage works. Its job 
is to produce sum and difference frequencies from the incoming signal and 
crystal frequencies. On 20 m, it did this by subtracting the crystal frequency 
(9 MHz) from the incoming frequency (14 MHz) to produce an IF output of 
5 MHz. On 80m, the incoming frequency (3.5 MHz) is subtracted from the 
crystal frequency (9 MHz) to produce an IF output of 5.5 MHz, which is 
still within the tuning range of the VFO in the next stage. 
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Figure 1 Voltage doubler 
circuit 


258 


Introduction 


Having a reliable field strength meter is always useful. There are two basic 
types — the tuned variety (also known as an absorption wavemeter) and the 
broad-band variety. A project centred on the tuned variety can be found in 
this book (An HF absorption wavemeter), and the way it works is also 


presented (The absorption wavemeter). This project describes an untuned or 
broad-band type which is every bit as useful as the tuned type, when it is 
the level of RF in which you are principally interested. 


With the possible exception of the meter, you may have all the parts needed 
in your junk box. The prototype was distinguished by its meter, found at a 
rally, and marked ‘Safe’, ‘Dangerous’ and ‘Explosive’ on its scale. 


How it works 


The basic field strength meter uses the circuit of a crystal set, but with a 
meter replacing the headphones. A better design, which is used here, is that 
of a voltage doubler, giving more sensitivity. Figure 1 illustrates the voltage 
doubler circuit. 


The AC input shown will be our RF input, which will be explained soon. 
Diode D1 will pass the positive half of the signal and use it to charge up C1 
to the peak value of the signal. D2 uses the negative half of the signal to 
charge up C2 to the same value. Because C1 and C2 are in series, the peak 
voltage appearing across both of them (which is the DC output voltage) is 
equal to twice the peak input voltage, hence the name voltage doubler. If 
you’re wondering why DC is present at the output when AC comes in at the 
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Figure 2 Field strength 
meter 
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input, remember that capacitors pass AC (RF) but block DC; thus the RF is 
shorted out through C1 and C2, but the steady voltage (DC) remains across 
the two capacitors. The voltage is thus proportional to the size of the RF 
signal applied at the input. 


The circuit 


The voltage doubler is converted into a field strength meter using the circuit 
of Figure 2. A piece of wire serves as the aerial to provide an RF signal 
across the radio-frequency choke (RFC). A choke is an inductor which is 
large enough to prevent the RF passing through it — it ‘chokes’ the RE. This 
produces the maximum RF signal at the input to the voltage doubler, and 
the DC output from it is measured on the meter. 


Wire 
antenna 
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The parts used are not very critical. The RF choke can have any value 
between about 1mH and 2.5mH. Almost any common diode such as 
the 1N914 or 1N4148 can be used for D1 and D2. The two capacitors 
could be any value between 1 nF and 100nF (0.001 uF and 0.1 pF). The 
meter should be reasonably sensitive, with a full-scale deflection (FSD) 
in the range SOMA to 100uA. Look for VU meters at rallies — these 
are ideal. 


Construction 


The prototype circuit was made on matrix board. If you don’t want to use 
pins with the board, simply push the component leads through the holes 
and make the connections on the underside of the board, either with the 
excess component leads themselves, or with ordinary connecting wire. 
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Figure 3 Board layout and 
interconnections 
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Component side of board shown. 
All connections are under board 


Figure 3 shows how the parts are placed and connected. The matrix board 
can be mounted directly on the meter using its terminal bolts! 


In use 


Needing no power supply other than an RF signal, just connect it all up 
and leave it to work! A short length of insulated wire is enough to pick up 
some RF and display it on the meter. Using a 200 uA meter, about 3 
metres of wire gave a good deflection on the meter. To increase deflection, 
the wire can be wrapped around the aerial lead, provided that the wire is 
PVC covered and doesn’t come into contact with the aerial wire. 


This requires a little experimentation. Try a long piece of wire first and 
adjust its position until the meter needle kicks whenever there is a 
transmission. It is very reassuring to see the meter moving during a 
transmission. Although SWR meters also indicate power, they are usually 
set to read reverse power, and show little or no movement during 
transmission. 


Preselector for a short-wave receiver 


Parts list 


D1, D2 1N914, 1N4148 or similar 
C1, C2 10nF disc ceramic 

RFC Miniature axial choke (1 mH) 
Meter Surplus VU meter or similar 
Matrix board or similar 


Components are available from Maplin. 


74 Preselector for a 
short-wave receiver 


Introduction 


A preselector is a simple RF tuned amplifier which is inserted between the 
aerial and the receiver. It provides some extra gain and may improve the 
overall performance of the receiver. This project uses a Field-Effect 
Transistor (FET) amplifier in grounded-gate mode. 


The design has a tuned circuit at both the input and output which, with 
excessive gain and poor construction, would produce only one thing — 
oscillation! So, to avoid this happening, we will have only a low gain, and 
use a circuit which provides good isolation between input and output. The 
grounded-gate FET amplifier fulfils both these criteria. It will also cover a 
frequency range from about 7 to 30 MHz, which includes most of the HF 
amateur bands. 


The circuit 


This is shown in Figure 1. The signal from the aerial arrives at an RF 
transformer, the secondary of which is tuned with capacitor VCla. The 
output from the tuned circuit is taken from a tap on the secondary to the 
source of the FET. The gate is grounded (earthed) and the amplified signal 
appears at the FET drain, which is then fed to the primary of another RF 
transformer, which is tuned by VC1b. The output to the receiver comes 
from the secondary of the RF transformer. 
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Figure 1 HF preselector, 
circuit diagram 
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Notice that the two RF transformers are identical, but they are used ‘back 
to back’, with the secondary of the first and the primary of the second being 
tuned. They are tuned with identical capacitors, fitted on the same shaft of 
a variable capacitor. We say that the two capacitors are ‘ganged’. Because 
L1 and L2 are the same, and VCla and VC1b are the same, both RF 
transformers should be resonant at the same frequency, no matter what that 
frequency is. 


Construction 


The final layout should look something like that shown in Figure 2. The 
external connectors and controls being two SO-239 sockets for connection 
to your receiver and aerial, a tuning control and its associated scale, and an 
on/off switch. 


The circuit can be put together on a plain matrix board, using pins to 
anchor the components, or simply by pushing the component leads through 
the board and making connections on the underside. The layout of the 
prototype is shown in Figure 3. Mounting the board to the aluminium box 
is accomplished with bolts, solder tags and stand-off insulators. 


Check your construction against the circuit diagram and against the layout 
diagram. Wire in the PP3 battery clip, put the switch in the ‘off’ position, 
and fit the battery. Testing can be carried out without fitting the top of 
the box. 


Figure 2 HF preselector, 
front panel layout 
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Testing 


Don’t fit your preselector yet. Tune your radio to a broadcast station, 
preferably a fairly weak one. Disconnect the aerial and fit your preselector 
between the aerial and receiver. Switch it on and rotate the tuning knob 
slowly. You should find a position where your original station is received 
more clearly than before. If it doesn’t work at all, recheck your wiring. Is 
there a positive voltage on the drain of the FET? If not, work back towards 
the positive battery terminal. Is there a voltage at the junction of L2 and R2? 
Is there a voltage at the junction of L2 and R3? Is there a voltage at the 
junction of R3 and the battery lead? If there isn’t a voltage at that point, 
then you have probably mounted your switch upside down, and it is off, not 
on! Its a common mistake. 


Calibration 


This is not obligatory, surprisingly enough. However, if having a frequency 
scale appeals to you, then using an RF signal generator (or using the services 
of a friend who has one) is the simplest solution. Feed in a weak modulated 
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signal from the generator to the preselector, and rotate VC1 until the signal 
is maximum. Mark this frequency on your dial. Repeat the process for the 
frequencies shown on the dial in Figure 2. 


If you have a commercial transceiver, feed its output into a dummy load (such 
as the type described in A Switched Dummy Load, elsewhere in this book) 
using a distinctive modulating signal such as an idling RTTY signal. Set the 
receiver to the same frequency with the preselector out of circuit. Insert it into 
the aerial lead, and search for the signal with VC1 until it gives the maximum 
deflection on your S-meter, then mark the frequency on your dial. 


Parts list 


Resistors: all 0.25 W carbon film or better 


R1 270 Q 
R2 15 0 
R3 100 Q 
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An audible continuity tester 


Capacitors 
C1, C2 100 nF (0.1 uF) ceramic 
VC1 250/250 pF polyvaricon 


Inductors 
EA; 62 19 turns 26 SWG enamelled copper on T.50.6 toroid 
L1 has a tap 4 turns from ground end 
Lia and L2a — 3 turns wound over previous winding 


Semiconductors 


TR1 MPF102 FET 


Additional items 


Matrix board To fit aluminium box (see Figure 3) 
Aluminium box 12x9x3cm 

Battery and connector PP3 9V 

S1 SPST on/off switch 

Knob As required 

SO239 Sockets — 2 required 


75 An audible continuity 
tester 


Introduction 


This is not the only continuity tester in this book. This alone attests to 
their use, so you may well want to experiment with several designs, then 
come up with one of your own! The very simplest form of continuity 
tester is probably a battery and a bulb in series, with the circuit being 
closed by connecting it to a fuse or other object being tested for 
continuity. The bulb could be replaced by a buzzer to give an audible 


indication. The current taken by the buzzer could damage some 
components, however. An ohmmeter can also be used, and is very 
popular for the purpose, as it indicates whether the circuit is low, 
medium or high resistance. This project has the advantages of indicating 
whether there is no continuity, some resistance or good continuity, and 
making an audible sound, so that you don’t have to move your eyes from 
the circuit while making the test. 
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Figure 1 Continuity tester, 
circuit diagram 
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The circuit 


Using only one integrated circuit, four components and a battery, this is a 
particularly simple circuit, as Figure 1 shows. IC1 is usually used to flash an 
LED from a 1.5 V source, and to have a low current consumption. By 
changing the component values, IC1 is made to oscillate at audio 
frequencies, and we can hear these through the loudspeaker, LS1. Low- 
impedance speakers can be used, but result in an increased current drain, so 
the higher the impedance, the better. 


©RSGB DY259 15V 


Construction 


The layout of the circuit on Veroboard measuring 7 strips by 15 holes is 
shown in Figure 2. Start by making the four track cuts which will lie 
underneath the IC. Use a track cutter or a 3 mm (% inch) twist drill rotated 
between thumb and forefinger for this. Solder the Veropins in place, 
followed by the wire link. Then solder in the IC holder, the resistor and the 
capacitors, making sure that the electrolytic capacitor, C1, is connected the 
correct way round. 


Check, with the board against a bright light, that there are no shorted 
tracks, either by large blobs of solder or by copper swarf from the track- 
cutting process. Then insert IC1 into its holder the right way round. The 
probes can be ordinary connecting wire, the free ends being tinned with 
solder to prevent wire whiskers from touching components other than the 
one you are testing. 


If you are happy that the circuit and the wiring appear to be correct, fit the 
battery into its clip. Nothing should happen until the probes are touched 
together, when you should hear a note from the loudspeaker. If nothing 
happens, all you can do is to recheck your circuit, as there is nothing else to 
go wrong! 


Figure 2 Continuity tester, 
component layout 
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Any box can be used; there is no justification for a metal case, unless you 
want to make use of something, which is to hand, such as a tobacco tin. 
Alternatively, any suitable plastic box will do. 


Use 


The tester will give different pitch notes for resistances of different values. 
The higher the resistance, the higher the pitch from the speaker. Try it with 
small inductors, and you will learn to recognise the different tones produced 
by the IC. 


Safety notice 


Using the continuity tester on components in situ is not advisable, as the 
results could be misleading. It can be dangerous to make measurements in 
situ on equipment, which is operating. If you must make such tests, always 
disconnect the equipment form its power source first. 


Parts list 


Resistor 
R1 1000 O (1kQ), 0.25 W carbon, 10% or better 


Capacitors 
C1 10 uF electrolytic, 16 V 
C2 0.1 uF subminiature polyester or ceramic 
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Integrated circuits 
IC1 LM3909N 


Additional items 
Veroboard 7 strips by 15 holes 
LS1 64 Q miniature loudspeaker 
IC holder 
Veropins 
Connecting wire 
Test leads 
1.5 V AA alkaline battery 


76 An experimental 70 cm 
rhombic aerial 


Introduction 


Most commonly used aerials can be classed as resonant or standing-wave 
aerials. There is another class known as non-resonant or travelling-wave. 
Resonant aerials, such as the dipole, are narrow-band; this occurs because 
resonance occurs only over a narrow band of frequencies. Travelling-wave 
aerials, on the other hand, can operate over a wide band of frequencies. 


The rhombic is an example of a non-resonant or travelling-wave aerial. It is 
often employed for fixed commercial and military short-wave radio links. 
Made with wire, it has a diamond shape when looking down on it from 
above. The four corners are supported on four masts. It is a very effective 
aerial, and has good gain, a quality which can be judged from the polar 
diagram shown in Figure 1. This has been obtained from a computer 
program, and so is the perfect shape for a rhombic aerial. 


Theory (but only a little) 


A polar diagram shows graphically the ability of an aerial to radiate (or 
receive) more effectively in one direction at the expensive of the radiation in 
other directions. Figure 1 shows the polar diagrams of two aerials, a simple 
70cm dipole and the rhombic described in this project. The dipole has the 


Figure 1 The horizontal 
polar diagrams of the small 
rhombic antenna and a 
dipole compared 
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well-known figure-of-eight shape, showing a symmetrical angular behav- 
iour about the direction of the aerial and about a direction perpendicular to 
the aerial. That of the rhombic, on the other hand, is quite irregular by 
comparison, but is still symmetrical about one axis only, not two. It’s this 
asymmetry that gives the rhombic its gain, by virtue of its front-to-back 
ratio. This is the ratio of the power radiated forwards to that being radiated 
backwards. Notice the large Jobe (lump) at the top of the polar diagram; this 
is the direction in which the aerial transmits best. The lobe in the opposite 
direction has been reduced significantly, allowing more power to be directed 
forwards, not backwards 


Problems 


The rhombic is not found in every amateur’s back garden, despite its 
attractions. To work best each edge of the diamond shape should be about 
two wavelengths long. Hence, a rhombic for the 20 metre band could be 
about 80 m from tip to tip! Another disadvantage is that, because of its size, 
it cannot be rotated. 


269 


Radio and Electronics Cookbook 


270 


It will operate well over a range of frequencies. An HF rhombic could work 
on the 7, 10, 14, 18, 21 and 28 MHz bands. One for the lower VHF 
frequencies could operate on the 50, 70 and 144 MHz bands. 


Its large size is less of a problem at UHE A portable rhombic can be made 
for 70 cm which can be used with a hand-held transceiver. The aerial design 
to be described here will give a gain of up to 9 dB relative to a dipole. This 
is written as 9dBd, the second ‘d’ meaning ‘relative to a dipole’. This is 
equivalent to improving your signal by 1.5 S-points at the receiver or (and 
you may be surprised by this) by fitting a linear amplifier to your transceiver 
that would take 5 W input and produce 40 W output to a normal dipole! 
Consider the relative costs of the two approaches to producing the same 
received signal. You will also receive everyone else’s signals 1.5 S-points 
better than before! 


Unlike the popular Yagi aerial, this design has no critical dimensions and 
can be folded up for transport by car or bicycle. It has a fairly high input (or 
feed) impedance, being fed usually by balanced twin feeder. To feed it with 
standard 50 Q coaxial cable, a matching transformer in the form of a balun 
is required. A balun will convert the balanced (symmetrical) aerial 
impedance to the unbalanced and lower impedance of the coaxial cable. The 
details of how to build the balun, which in this case is a half-wave 
transformer, are included in the constructional details. 


Construction 


The aerial frame is made up of 1cm x 2cm strips of wood fixed to a 
plywood centre using 30mm long M4 bolts, as shown in Figure 2a. The 
outer bolts fixing the front and side supports can be removed for folding 
prior to transportation, as shown in Figure 2b. 


The wires are fixed to the front and rear supports using screw connectors, 
sometimes called ‘chocolate block’ connectors. Detail X and Y of Figure 2 
show how this is done. The side supports have holes in the ends through 
which the wire is threaded. 


The aerial must be mounted in the horizontal plane using a small shelf 
bracket attached to the centre plate, using the same bolts that hold the rear 
support. The other half of the bracket may be mounted to a vertical mast 
using screws or jubilee clips (hose clips). 


The balun 


Cut a 23 cm length of coaxial cable; this is to be our half-wave transformer. 
Cut and remove 2cm from each end of the sheath. Make the braid into a 
pigtail at each end. Cut and remove 1 cm of the inner insulator from each 
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Figure 2 Construction of the UHF rhombic antenna 


end, leaving 1cm of the centre conductor exposed. Fasten this piece of cable 
to the chocolate block connector together with the coaxial feeder cable as 
shown in Detail Y of Figure 2. The braids of all three prepared ends are 
soldered together, but are not connected to anything else. The inner 
conductor of the feeder from the transceiver is soldered to one end of the 
centre conductor of the 23cm piece, and is connected to one end of the 
rhombic by one side of the chocolate block. The other end of the half-wave 
transformer also goes to the chocolate block, where it is connected to the 
other side of the rhombic loop. 
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The opposite corner of the rhombic, as shown in Detail X of Figure 2, shows 
that the loop is broken at the chocolate block, and is ‘terminated’ by two 
600 Q resistors in parallel. This makes the aerial a broad-band travelling- 
wave device, and gives it its directivity and gain. There is a rule of thumb, 
which includes a safety factor, which says that the terminating resistor must 
be able to absorb one-half of the maximum transmitter output power. So, if 
you use two 2W 6000) carbon resistors (not wire-wound resistors) in 
parallel, you can use a transmitter with an output of 8 W, which is more 
than adequate for 70cm hand-helds. 


Using the rhombic 


Fit the aerial to a pole or mast in the horizontal plane, if you intend to use 
CW or SSB, but in the vertical plane if you want to concentrate on FM 
work. In the latter case, a wood or fibreglass pole is mandatory. Tune to a 
local repeater, whose signal strength you know. Rotate the aerial to face the 
repeater, and you should see that the signal strength is greatly improved! 
Verify the directional properties of the aerial by rotating it and observing the 
changes in signal strength on your S-meter. 


Water level alarm 


Introduction 


This is a simple device which, when you have built it, you begin to wonder 


how you ever managed without it! It will sound a buzzer when the level of 
water reaches a particular point, which you can set and vary at will. 


Detecting water 


Water is not too difficult to detect electrically, because it is a conductor of 
electricity. Not a good one, but sufficiently so to carry enough current to 
control a warning circuit. 


The circuit is shown in Figure 1. If you imagine a resistor placed between the 
ends marked ‘water detector’, the circuit is then recognisable as a transistor 
used as an electronic switch. Whether the switch is off or on depends on the 
value of this resistor. If the resistance is low, the transistor switches on and 
the buzzer sounds. If the resistance is high, the transistor switches off and 
the buzzer stops. 


Figure 1 Circuit diagram of 
the water level detector 


Figure 2 Layout of the main 
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Construction 


The unit is made in two separate sections — the detector board (Figure 2) 
and the main board (Figure 3). The main board is plain perforated board 
(without copper strips). The components are pushed through holes in the 
main board and connected together on the underside. The battery is held on 
with sticky tape. No on/off switch is used, as the circuit consumes virtually 
no current when it is not sounding the buzzer. 


Unlike some buzzers, this type is polarised, and the red lead must go to the 
supply as shown in Figs 1 and 3. 


The detector board is a piece of standard matrix board — the type with 
copper strips along one side. It measures 9 strips by 15 holes, and is wired 
in such a way that alternate strips are connected together, as Figure 2 shows. 
This gives a greater surface area for the water to touch, thus increasing the 
sensitivity of detection. 
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Figure 3 Water detector 
constructed from stripboard 
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The two boards are connected by ordinary twisted pair, enabling the 
detector to hang over the edge of the water container, with the buzzer circuit 
safely out of the way. When positioning the detector board, the left-hand 
edge (as shown in Figure 2) should face downwards, with the connecting- 
wire edge facing upwards. When the water level rises, the water causes 
current to flow between adjacent strips, and the higher the water, the lower 
the resistance between them. Eventually, the resistance will be low enough 
to turn on the transistor and sound the alarm. 


Parts list 


Resistor 
R1 10 000 Q (10kQ), 0.25 W 


Semiconductor 


TR1 BFYS1 


Additional items 
WD1 6 V miniature buzzer (polarised) 
Battery PP3 
Battery connector 
Strip board 9 strips by 15 holes 
Perforated board 3.5 x 10cm 


A delta loop for 20 metres 


78 A delta loop for 20 metres 


Introduction 


HF aerials take up a lot of room when they are straight. Space can be saved 
by bending them and, at the same time, giving them properties which are 


quite different from their original linear forms. The delta loops shown in 
the accompanying diagrams have the shape of the Greek upper-case letter 
delta (A) upside down. It can be upright, except that it is more practical to 
have the feed point at the bottom than at the top. 


Putting the loop together 


This is the design for a loop to be used on the 20 metre band. It is a very 
popular band and carries most of the amateur radio DX traffic. The aerial 
is light in weight and operates best if the top section is at least 30 ft above 
the ground, with the feeder point being about 6 ft above ground. All you 
need is some good wire, some polypropylene rope, some insulators and a 
method of matching the output of this 75 Q balanced aerial to the 50 Q 
unbalanced coaxial input of your transceiver or receiver. 


Each of the three sides must be 7.2 m long. Using tent pegs or six-inch nails, 
mark out the three corners on the lawn, making sure that each pair of pegs 
or nails is exactly 7.2 m apart. Put the wire around the nails, together with 
two insulators on the wire for the two top corners. These insulators can be 
of the ‘dog bone’ variety, or of the home-made type, using a piece of flat 
plastic with holes in each end. The use of these is shown in Figure 1. Located 
at the positions of two of the tent pegs or nails, they must be secured at 
those points by any convenient means. 


Now attach a support rope to the free end of each of the insulators, ready 
for suspension, as shown in the diagrams, from any convenient supports 
(house, tower, tree, etc.). The top section of the loop could be taped to a 
continuous piece of rope between the two supports. You might like to try 
this if you think it is easier. Then, when you find some dog-bone insulators, 
you can change the design and see if there is any noticeable change of 
performance. 


Connecting to the radio 


If you are the proud possessor of an aerial tuning unit (ATU) with a 
balanced output, all you will need is a length of twin cable soldered to the 
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Figure 1 Multiband version of the delta loop connected to the ASTU using 75 Q twin feeder 


ends of your delta loop and connected to the balanced output terminals on 
the ATU, as Figure 1 shows. 


Another way is to buy a ferrite-cored 1:1 balun, and use it as indicated in 
Figure 2. This produces an aerial which will operate over the whole range 
of amateur and commercial short-wave frequencies, when used with an 


ATU. 


Delta loop 
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Figure 3 Single band 
version of the loop antenna 
using a coaxial balun. The 
direction of maximum signal 
strength is indicated by the 
arrows 


A delta loop for 20 metres 


Support line 
with insulators 


Plastic water pipe 


25 x 4cm 
ae 


50 radio coaxial 
cable to receiver 
Nylon line to tent peg in 


the ground for stability 


po 


(O RSGB DY304 


However, since this aerial is designed to be a single-band type, there is a 
simpler answer to the problem of matching the aerial to your 50 Q coaxial 
cable — Figure 3 shows this. Make a tuned balun with a length of plastic 
water pipe, 25 cm long and 4cm diameter and a piece of good-quality TV 
aerial cable. TV aerial cable has a characteristic impedance of 75 Q, 
compared with the 50 © of the coaxial feeder that we usually use with 
amateur radio equipment. Use the type with a brown sheath and a closely 
knit earth braid, not the type having an earth foil inside the sheath. 


The length we need for the balun is 3.8 m, but always allow between 3 and 
4cm extra for preparing the ends. Drill two small holes diametrically 
opposed in the top of the tube; these will be used to anchor the two ends of 
the delta loop, as shown in Figure 3. Drill another single hole in the bottom 
end of the tube, which will be used to anchor a nylon line going to the 
ground to add stability to the loop. Then, after drilling a pilot hole, drill a 
5 or 6mm hole near the top end of the tube, as shown in Figure 4. Prepare 
both ends of the coaxial cable, then feed one end into the tube, far enough 
for its ends to be soldered to the ends of the loop when the assembly reaches 
that stage. 


Now, close-wrap the cable around the tube until only about 3cm remain. 
Holding the cable tightly, drill another 6 mm hole beside the free end of the 
cable and feed it into this hole. At this point, feed the two ends of the loop 
into the top two holes and twist it back on itself. Figure 4 shows how this 
is done. Then, solder the ends of the coaxial balun to the ends of the loop. 
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The bottom ends of the balun are then soldered to the 50 (2 coax which goes 
to your shack and to the transceiver. 


Hoist the aerial into position carefully, being careful not to pull too hard on 
the support lines. Then, take the nylon line from the bottom of the balun to 
a peg in the ground. This adds stability to the aerial. 


Using the delta loop 


It is a directional aerial, as Figure 3 shows. It produces maximum power 
(and has maximum receive sensitivity) along a direction perpendicular to its 
own plane. Don’t be too concerned with which direction it is pointing at 
first. Give it a try ‘on the air’ and see how it performs. Then you can 
contemplate how to point it in your favourite direction, to the USA, or 
Australia, for example. 
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Experimenting 


You may want to enclose the balun in some sort of weatherproof container. 
Plastic ice cream containers are favourites for this sort of job. Seal all the 
holes where wires enter 1t with silicone sealant or self-amalgamating tape. 


If you have used ordinary single-strand or multi-strand wire for your aerial, 
it will stretch over time under its own weight and that of the balun. Its 
operating frequency will fall slightly as a result. If you notice a significant 
difference, then dismantle it, remeasure and fix the sides and erect it again, 
perhaps facing a different direction. You can buy pre-stretched or hard- 
drawn wire for such purposes, if you feel that periodic tweaking of your 
aerial is a chore. 


You can make a delta loop for different frequencies simply by scaling the 
lengths of wire for the loop and for the balun according to the design 
frequency. If your maths isn’t quite up to this, enlist the help of someone 
well versed either in maths or aerial design! 


A simple desk microphone 


Introduction 


A hand-held transceiver is usually the first type used by most novices. It is 
ideal when used out of doors, in the shack or mobile. However, using one 
in the shack with an outside aerial is not the best of solutions. 


This article describes the design of a desk microphone which can be used 
either for transceivers using a common microphone and push-to-talk (PTT) 
line, or for those using a separate PTT line. 


It is a simple design, using the barrels of two plastic pens, the lid of an old 
coffee jar, and the plastic sheath of a DIN plug. 


Construction 


The end caps and the ink tubes should be removed from two ball-point 
pens, leaving only the two plastic shells. One of them is used for the vertical 
microphone support, while the other is used to hold the microphone 
element. 
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Figure 1 Vertical support 
made from ball-point pen 
shell 


Figure 2 The microphone 
stand base 
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The vertical support should have the pointed end shaped so that it holds the 
microphone support at a convenient angle, as Figure 1 shows. 


The base should be prepared next — see Figure 2. Four holes are required. 
Two, A and B, are small holes for the cable to be fed through. A third, C, 
is slightly larger and is used to take one of the plastic end caps. The fourth 
hole, D, is determined by the type of switch that you want to use for the PTT 
function. 
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A and B C for 
for cable 


All holes ] D for 
appropriate PTT 
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Figure 3 Complete 
microphone stand assembly 


A simple desk microphone 


Some epoxy resin such as Araldite Rapid is used to mount the separate 
parts. Mix only a small amount at a time, and glue each part of the base 
assembly and allow to harden before moving on. Be sure to read and follow 
the instructions for the use of the glue to prevent accidents. 


Firstly, glue the end cap to the base, feeding it underneath and pushing it up 
through hole C. Then, the vertical pen body is placed over the protruding 
end cap and glued into place, making sure that the top (shaped) end is 
pointing in the right direction to hold the other plastic tube carrying the 
microphone. While the glue hardens, place the DIN plug sheath on the 
second pen body. Place and glue this pen body on the shaped top of the 
vertical support, making sure that the whole assembly is supported while 
the glue sets. What you should have now ought to resemble Figure 3, but 
without the microphone and wiring. Leave everything to set for 24 hours. 


Any switch of the press-to-make variety can be used for your PTT switch, 
but choose one which does not apply too much force to operate! If you find 
the whole assembly is too light and slides over your table, some plasticine 
can be pushed into the base when all the wiring has been completed. 


\ d 
Old DIN plug body 
housing microphone 
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to microphone 


PTT switch 
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Figure 4 Wiring diagram for 
hand-held radios 


Figure 5 Wiring diagram for 
radios which use separate 
PTT lines 


282 


The circuit 


A small electret condenser microphone is used, powered by a DC supply. 
Most hand-held radios use a single screened lead for both the PTT line and 
the microphone audio lead. In such cases, the circuit of Figure 4 will operate 
the PTT function. Note that the PTT switch is in series with the audio lead 
from the microphone. If you find that the PTT switch does not switch your 
radio into transmit, reduce R1 from its normal value of 33kQ to 27 kQ. You 
should find that the original value works with most hand-helds. 


©RSGB DY289 


For radios with a separate PTT lead, the circuit of Figure 5 is used. 
However, a power supply is needed for the electret microphone. This can 
be a PP3 battery, or can (in most cases) be derived from the microphone 
socket on the transceiver. You will need to consult the makers’ handbook 
for this information. Figure 5 shows the PTT switch wired in a ‘ground- 
to-transmit’? configuration, which is correct for most base-station trans- 
ceivers. If you’re in any doubt about what your radio needs, consult an 
experienced friend. 


+9V max 


R1 
1k 


C1 PIT 
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The last connections 


The microphone element should be connected with screened cable. Tape 
(masking or insulating) should be wound around the electret insert until it 
is a snug fit inside the DIN plug sheath. Feed the screened cable through the 
barrel of the pen until it emerges from the far end. Poke it through hole B 
and make the connections under the coffee jar lid. The components can all 
be mounted on the PTT switch or on a small piece of Veroboard mounted 
under the top surface. The output lead emerges through hole A and is of 
sufficient length to reach your transceiver. A suitable plug needs to be fitted 
to ıt. 


Parts list 


Resistors: all 0.25 W carbon, 5% tolerance 
R1 (Figure 4) 33 000 Q (33 kQ) 
R1 (Figure 5) 1000 Q (1k0) 


Capacitors 
C1 (Figure 4 and 5) 0.1 microfarads (0.1 uF) disc 
C2 10 microfarads (10 uF) electrolytic 


Additional items 
S1 Push-to-make 
Mic Electret microphone (Maplin type FS34W) 
Screened cable As required 
Plug As required by your radio 
Veroboard If required 
PP3 battery and clip If required 
Two old plastic ball-point pens 
Lid of coffee jar 
Plastic sheath from DIN plug 
Araldite or similar epoxy resin glue 
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30 Morse oscillator 


Figure 1 Circuit diagram of 
the sinewave oscillator and 
amplifier 
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Introduction 


This is not the simplest Morse oscillator to build, but it differs from the 
simple circuits in that it produces a pure note, not a coarse, rasping sound. 
People who have practised Morse using a non-sinusoidal oscillator 


sometimes find that they have trouble copying Morse code with a pure 
tone. As the pure tone is the correct way to receive Morse code, it is 
important that you should learn to listen to the code from a pure oscillator 
— so here's one! 


The twin-T 


There are many oscillator circuits, and there are many variations of the 
twin-T oscillator that we are going to use. Figure 1 shows one version of a 
very useful circuit. All oscillators must have positive feedback in order to 
work. The feedback determines the frequency of the note produced by the 
oscillator. 
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Figure 2 Component layout 
and interconnection diagram 


Morse oscillator 


Here, the feedback circuit looks like two letter Ts. If you look at Figure 1, 
one T is formed by R1, R2 and C3, the other by C1, C2 and R3 — hence the 
name “Iwin-T”. Notice that the two Ts are connected in parallel between the 
collector and base of TR1, so any signal appearing at the collector is fed into 
both Ts. What emerges is then fed back into the base, producing in turn a 
signal at the collector. And so it goes on, producing a sine wave output. 


The oscillator output is fed into an integrated circuit amplifier for output via 
a small loudspeaker. 


Putting it together 


The prototype was constructed on plain matrix board (the type without the 
copper strips), as shown in Figure 2. The components have their leads 
pushed through the holes in the board, and connections are made 
underneath. 


Build the amplifier circuit first, using a socket for IC1. Connect the 9 V 
supply and touch pin 3 with an ordinary piece of wire. If a buzz is heard 
from the speaker, all should be well. If not, check your circuit and make 
changes until it does. 


Build the oscillator circuit, and connect its output to the volume control 
VR1 via C4. Set VR1 half-way along its travel and switch on. A note should 
be heard from the speaker when the Morse key is depressed. The component 
values making up the twin-T determine the frequency of the note. Try 
varying them if you think your note is too high or too low. Whatever 
changes you make, either to the resistors or the capacitors, always ensure 
that R1 = R2 and that C1 = C2. 


Plain perforated To +9V via To #9V — seen Wires under 
board 3-5 x 9cm key socket via S1 board 


6BA Earth wire RV1 RV1 RVI LS 
solder tag 24SWG tinned (top) (wiper) (btm) 
copper wire ©RSGB DY313 
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Parts list 


Resistors: all 0.25 W carbon film 
R1,R2 18 000 ohms (18k0) 
R3 4700 ohms (4.7k0) 
R4 10 000 ohms (10 kQ) 
RS 10 ohms (10 Q) 


Capacitors 
C1,C2 10nF (0.01 pF) 
C3, C8 47 nF (0.047 E) 
C4 100 nF (0.1 pF) 
C5 22 nF (0.022 uF) 
C6 10 pF electrolytic, 16 V WKG 
C7 22 uF electrolytic, 16 V WKG 
C9 220 pF electrolytic, 16 V WKG 


Semiconductor 


TR1 BC109 


Integrated circuit 
IC1 LM386 


Additional items 
VR1 10 kQ log potentiometer with switch 
LS 8 Q loudspeaker 
Matrix board 3.5 x 9cm 
Small jack socket for key input 
Box 
PP3 battery and clip 
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81 A simple 6m beam 


Introduction 


The attraction of building your own aerials is an abiding feature of our 


hobby. You can buy almost any shape or size of aerial, but one you have 
made yourself can often work every bit as well as a commercial device 
costing ten times as much. 


The design 


This aerial, designed for use on the 6 m band, is essentially a two-element 
Yagi, with the elements bent in order to reduce the physical size. It is known 


Total length of reflector 
3m 


Elements fixed to spreaders 
using plastic insulating tape 


Insulator A 


Tail Tail 
(see (see 
text) text) 
Total length of driven element 
2-98m 
PA 
Figure 1 Plan view of the Feed point 
complete 50 MHz VK2ABQ insulator B 
antenna ©RSGB DY310 
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Figure 2 Centre support 
piece 


288 


as the VK2ABQ beam, and was designed originally for the 20, 15 and 10m 
bands, principally because of its space-saving qualities. It is made using a 
wooden frame and wire elements, and is ideal for portable operation. 


Tools ready? 


The beam is shown in Figure 1. The driven element is the one whose centre 
is fed by the coaxial cable, and lies between the two insulators marked A 
and the feedpoint at B. The reflector is also anchored at the points A, and 
lies over the upper half of the frame. 


The wooden centrepiece is used to support the cross-pieces and to mount 
the aerial on the mast, using a common shelf bracket. The cross-pieces, 
known as spreaders, can be wooden canes or dowelling, and are mounted to 
the centrepiece using cable clips and adhesive. Figure 2 shows how this is 
done. 


If the aerial is to be a permanent installation, the spreaders should be 
weatherproofed using a good-quality exterior varnish. The wire elements 
are PVC covered and fed through holes in the spreaders. 


Arms 


Cable 


15cm clips 


Clip and hole 
for coax 
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Figure 3 Details of 
insulators 


A simple 6m beam 


The end insulators are made of drilled perspex, and the wire passed through 
the two holes and twisted, as shown in Figure 3. 


Note: if you have not drilled holes in perspex before, take care! The drill bit 
must be well-lubricated because it generates a lot of heat (enough to melt the 
perspex and jam the drill). Never turn the drill for more than a few seconds 
at a time, and moisten the bit in between. Start with a pilot hole and use bits 
of increasing size until the hole is the size you want. 


Another perspex insulator is used to secure the feeder to the aerial, as shown 
in Figure 3. The feeder then passes directly to the centrepiece, where it is 
fastened with a cable clip and then passes down the mast. 


lem 
Icm = í a 2cm 


Side view showing 
how wire is fixed 


6mm dia 
hole 
Insulator A 


= To transceiver 


4Bcm 


Top view 
icm showing connections 


Insulator B 
©RSGB DY311 


289 


Radio and Electronics Cookbook 


290 


Adjustment 


The driven element (A-B-A) in Figure 1 is fixed to the end insulators in 
such a way as to have ‘pigtails’ which are about 10 cm long. Using an SWR 
meter between the aerial and the transmitter, trim the pigtails equally at 
each end for minimum SWR in that portion of the 6m band in which you 
plan to work. Make sure that the transmitter is off when you trim the ends, 
as high voltages can be present there. Always listen on the frequency before 
you transmit and, when you do, ask if the frequency is in use and identify 
yourself. Use as little power as possible. 


The prototype had an SWR of 1.2 at 50.2 MHz and performed well. If you 
look at Figure 1, which is a view of the aerial from above, you will 
immediately see that when the aerial is horizontal, it radiates with 
horizontal polarisation in a direction from the top of the page to the 
bottom. A metal pole or mast can be used for horizontal polarisation, but 
if you intend to use the aerial for vertical polarisation, it is much better to 
use a wooden or fibreglass pole. 


Portable use 


If you plan to operate portable with this aerial, the only real modifications 
you need are to the centrepiece and how it supports the spreaders. Instead 
of using glue and cable clips, nuts and bolts through the spreaders and 
centrepiece would allow the spreaders to be ‘hinged’ closed for transport. 


Materials 


Centrepiece Hardwood, 15 x 15x25 mm 

4 spreaders 110 cm long (cane or 6 mm dowel) 

Wire 1.5 mm PVC-covered copper 

50 Q coaxial cable RGS8 or similar 

Cable clips 6 mm (12 off) 

Varnish Polyurethane for waterproofing 

Tape Self-amalgamating, to waterproof all soldered joints 
Insulators See text 


An integrated-circuit amplifier 


82 An integrated-circuit 
amplifier 


Introduction 


A simple audio-frequency amplifier is a very useful building-block in many 


more advanced electronic circuits. It is also a very useful piece of test 
equipment. To have one spare in the shack can be a life-saver at times. 


Planning 


Get into the habit of planning your project. How do you want it to look 
when it is finished. Do you want it in a box? Do you want it ‘open-plan’, 
with all the components on view? 


The ‘minimalist’ approach to any project is simply a front panel and a 
baseboard, on to which all the components are fitted. In this case, the front 
panel would accommodate the loudspeaker, the volume control and the 
input and output jack sockets, and the baseboard would support the circuit 
board. Once you have decided these things, and know the size of the board, 
speaker and volume control, you can decided how big the panel and 


baseboard should be. 


The amplifier 


Instead of building the amplifier from discrete components (i.e. transistors), 
as was done in the project An audio-frequency amplifier (which you will 
find elsewhere in this book), we are going to use an integrated-circuit (IC) 
amplifier. External resistors and capacitors are still needed but, compared 
with the number of components inside the chip, these are very few 
indeed! 


The IC we are going to use is the TBA820M. The circuit may look 
complicated, but with the use of a matrix circuit board it becomes quite 
simple. Figure 1 shows the circuit diagram and Figure 2 the layout on the 
board. The external connections to the PCB are shown in Figure 3. 


To avoid having a separate switch to switch off the power supply when 
the amplifier is not being used, a volume control which incorporates a 
switch is used. 
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C5 

Input 041 
from 

volume 

control 


Figure 1 Audio amplifier, 
circuit diagram 
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Figure 2 Audio amplifier, 


component layout ©RSGB DY332 
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Figure 3 Connecting the 
circuit board to the speaker, 
volume control/switch and 
battery 
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A novice ATU 


What power supply? 


If the amplifier is to be used only for short periods, as a test instrument, for 
example, then it can be run from a PP3 battery, which can be mounted on 
the baseboard. If you intend to use it often, then a connection to an external 
power supply is preferable. For this option, you may want to consider fixing 
two terminals to the baseboard for this connection. 
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Introduction 


Having an aerial tuning unit (ATU) is always useful. It is used for adjusting 
the aerial impedance, as ‘seen’ by the transceiver, to be the same as that of 
the transceiver itself, usually 50Q. This process is called matching, and 
ensures that the receiver and the power amplifier (PA) stage of the 
transmitter work efficiently. 


This design is due to the late Doug DeMaw, W1FB, and uses readily available 
components. It will handle up to about 5W, and operates over the 
frequency range 1.8 to 30 MHz. 


Circuit evolution 


The basic circuit of one type of ATU is shown in Figure 1. On transmit, the 
input signal at L1 is coupled into L2, which forms a resonant circuit with 
C1. The signal across the resonant circuit is fed to the aerial by C2. The 
combination of L2 and C1 helps to remove signal harmonics, because they 
are not at the resonant frequency and are shunted to earth. On receive, only 
those signals which are within the pass-band of L2 and C1 will pass into the 
receiver. This improves receiver performance by rejecting many out-of-band 
signals which the simpler receiver doesn’t like. 
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Figure 1 Basic circuit of the 


ATU 


Figure 2 L6 added for 
160 m 
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C2 Output 
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For this design, the all-important resonant frequency is chosen to be in the 
80 metre band. If we want to make the circuit operate on other bands, we 
need to change either L2 or C1. It is easy to change L2 by using a set of 
switched inductors (L3-L5) as shown attached to S1 in Figure 2. Forget 
about S2 and L6 for the moment. 
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When S1 is in position 1, the circuit reverts to that of Figure 1. S2 should be 
brought into circuit only when S1 is in position 1. Looking at the way the 
circuit is drawn, you can see that when S2 is in position 2, we have two coils 
in series, which is equivalent to adding more turns to L2. More turns means 
more inductance, which lowers the resonant frequency still more, and gives 
coverage of the 160m band. 


Rather than having to remember to flick S2 to the correct position and move 
S1 to position 1 when we want to operate on 160m, both functions can 
be combined into one rotary switch with two wafers. This circuit is shown 
in Figure 3. 


Figure 3 Two-pole switch 
for all bands 


Figure 4 L1 is wound over 
L2 as shown 


A novice ATU 


L6 
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In all positions of Sla except position 1, the extra coil, L6, is shorted out. The 
two halves of the switch, Sla and S1b, move together, as the shaft is turned, so 
both halves are in position 1 at the same time, position 2 at the same time, and 
so on. The two switches, $1 and S2, are said to be ganged. 


Construction 


L1 is formed by winding four turns of 22 SWG enamelled copper wire over 
L2, as in Figure 4. L2 already exists on the purchased former. After scraping 
the enamel off the ends of the wire (with a sharp knife or sandpaper), one 
end of L1 must be soldered to one end of L2, as shown in Figure 4. The free 
end of L1 goes to the transceiver aerial socket. 


All components except the capacitors are assembled on the switch. Note 
that the rotor of C1 is earthed, but neither side of C2 is earthed. This means 
that the metal shaft of C2 is not earthed, and touching it will detune the 
ATU. Using a plastic knob for C2 will minimise this effect. If you decide to 
use a metal box, take precautions to ensure that no part of C2 is in electrical 
contact with the box. 


L1 To input 


(4 turns of —— socket' 
225WG wire) 


L2 
(as purchased) 


L1 connected 
to L2 here. 
This is now 

the earth end 

for both coils 


This pin 
to Sib 


@ASGB DY326 


295 


Radio and Electronics Cookbook 


296 


The capacitors are mounted using M2.5 screws. Make sure that the screws 
do not foul the vanes of the capacitor. If your screws are too long, a few 
washers between the box and the capacitor will solve the problem! 


In use 


The best indication of a good match is obtained with a standing-wave meter 
between the ATU and the transceiver. The controls are adjusted alternately 
to ‘feel’ your way to a better and better match. 


For receive-only use, the same alternate adjustments are used, watching for 
the maximum signal strength on the S-meter or, for a very weak signal, 
making the signal from the loudspeaker as large as possible. 


Parts list 


Capacitors 
C1, C2 350 pF variable 


Inductors 
L1 See text 
L2 271. 
L3 10 pH 
L4 2.2 4H 
L5 14H 
L6 65 wH 


Additional items 
$0239 sockets (2 off) 
S1 2-pole 6-way rotary 
Box as required 
Plastic knobs (2 off) 
Stick-on feet (4 off) 
M2.5 screws for capacitors 
Screws, nuts and washers for mounting the input and output 
sockets. 
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34 CW QRP transmitter for 


Figure 1 Block diagram of 
the ceramic resonator 
controlled 80 m CW 
transmitter 


80 metres 


Introduction 


This is a relatively simple transmitter design having an output of 1W. The 


design is not new, having been described before in other amateur radio 
publications. The components are all available new and the total cost 
should not exceed £15. 


The circuit 


Like other simple transmitters (see An 80 Metre Crystal-Controlled CW 
Transmitter and A Breadboard 80m CW Transmitter elsewhere in this 
book) this one is crystal controlled. This assures frequency stability, but 
limits the usefulness of the transmitter. The key to increased frequency 
coverage without a conventional Variable Frequency Oscillator (VFO) is the 
use of a low-cost 3.58 MHz ceramic resonator. The ‘pulling’ range of a 
3.58 MHz ceramic resonator covers the UK novice 80 m sub-band and some 
of the CW segment below 3.525 MHz. 


A ceramic resonator is like a crystal, but not quite as stable in frequency. Its 
main advantage is its large pulling range. 


The block diagram is shown in Figure 1. It is very similar to a crystal- 
controlled transmitter, and includes an oscillator, buffer and final amplifier. 
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: amplifier § 
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This amplifier is keyed, the oscillator remaining running all the time. This 
improves frequency stability because the oscillator is not being continuously 
stopped and started by the key. It is switched off while receiving, though, to 
avoid interference with the received signal. Transmit/receive switching is 
accomplished by a panel-mounted switch controlling both the aerial, 
oscillator and buffer switching. 


Figure 2 shows the transmitter circuit diagram. An unusual aspect of this 
transmitter is the use of a digital CMOS integrated circuit (IC) type 4069 for 
the buffer and oscillator stages. The IC houses six inverters, four of which 
are used in the circuit. One is used as the oscillator, two are used for the 
buffer stage, and the fourth provides an output for a direct-conversion 
receiver, should one be added at a later date. 


The frequency of the oscillator is changed by varying the capacitance in the 
ceramic resonator circuit. This is provided by VC1. 


The power amplifier (PA) is a small MOSFET (metal oxide semiconductor 
field-effect transistor), TR1. This is capable of providing an output power of 
2 W but, in this circuit, it is run conservatively to give 1.5 W. The output can 
be varied by changing the resistance (R5 + R6) in the gate circuit. Attempts 
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CW QRP transmitter for 80 metres 


to raise the output power by decreasing the values of these resistors may 
result in immediate MOSFET failure. 


A pi-network (C8, RFC, C9) provides impedance matching to 50 Q, 
together with harmonic suppression. Like all inductors in this transmitter, 
the pi-network inductor is a pre-wound RF choke. A pi-network is so 
called because the components are arranged in the shape of the Greek letter 


pi (7). 


Keying is carried out by a pnp transistor switch, TR2. Closing the key earths 
the base and supplies 12 V to the collector of TR2 and to the drain of the 
MOSFET, TR1, allowing the PA to operate. 


Construction 


You must house your transmitter in a metal box, to avoid hand-capacity 
effects and the radiation of spurious frequencies. Size is not important, 
provided it is large enough to accommodate the transmitter without 
cramping the components. You may want to allow space for future 
additions such as a direct-conversion receiver, break-in keying, sidetone or 
a small power amplifier. A good size is 5 x 15 x 15cm. You can make your 
own box, buy it, or even use a biscuit tin! 


Front and rear panel connectors can be fitted first. The choice of these is a 
personal matter, but a good working choice would be: 


(a) Power socket — 2.1 mm panel socket — centre pin positive. 
(b) Key socket — Y, inch jack socket. 
(c) Aerial and receiver connectors — panel-mounting SO239 type. 


Particular attention must be paid to the mounting of the variable capacitor, 
VC1. Make sure the hole for the shaft is amply big enough, and if you use 
screws to mount the capacitor on the front panel, then make sure they are 
not too long, otherwise they will touch the vanes of the capacitor! Mounting 


can be by means of glue, sparingly applied and kept well away from the 
shaft. 


A board size of about 6 x 10cm is adequate. Component layout on the 
board is suggested in Figure 3. The prototype used ordinary matrix board, 
which is preferable to stripboard for a design like this; stripboard has undue 
capacitance between adjacent strips. Component leads are fed through holes 
in the board and are connected underneath. Make sure that leads and 
connections are rigid because, if they can move, there is always the danger 
of short-circuiting, and capacitance changes. 


To facilitate construction, servicing and testing, it is advisable to use 
Veropins for connections to the variable capacitor, transmit/receive switch, 
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Figure 3 Component layout of the 80 metre transmitter. The transmit/receive switch is not mounted on the board 
and is not shown in this diagram 


aerial and power sockets. Use screws and spacers to mount the circuit board 
to the box. Mounting the board horizontally assists troubleshooting. 


Use a socket for the IC, and observe the CMOS handling precautions given 
in An Electronic Die, elsewhere in this book. When soldering the leads to 
the ceramic resonator, do it quickly — excessive heat damages the device. The 
earth lead running acoss the bottom of the board must be connected to the 
metal case by a short length of stout wire. 


Testing 


After carefully checking your wiring, both against the circuit diagram and 
the layout diagram, it is time to test your circuit. You will need a multimeter, 
an 80m SSB receiver and a 50 dummy load. A good design of dummy 
load can be found in the project A Switched Dummy Load, also in this 
book. An RF power meter and frequency counter will also be useful, 
although if your receiver has a digital frequency readout and S-meter, the 
latter two items are not really necessary. You will also need a 12V 1A 
power supply unit (PSU) to power the transmitter. 
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Switch the transmitter to receive and switch on the transmitter. No current 
should be consumed. Switch to transmit and check that pin 14 of IC1 is 
6.8 V positive. With the dummy load connected to the aerial socket, press 
the key. The voltage on TR2 collector should now be 12 V, dropping to zero 
when the key is released. 


Now check the operation of the oscillator. In transmit mode, you ought to 
be able to find a strong carrier signal with the receiver, even though the 
dummy load is connected. Adjusting the variable capacitor should change 
the frequency. At the lower end of the frequency range, you may find that 
the oscillator is unreliable in starting, because the circuit is attempting to 
pull the resonator too low in frequency. If this is the case, set the trimmer at 
the back of VC1 to minimum capacitance. If your version of VC1 has two 
trimmers, and you don’t know which one to set, set them both to minimum 
capacitance. If there is still a problem, reduce the value of RFC1 to 6.8 or 
4.7 uH. 


In all probability, the unmodified circuit of Figure 2 will not require any of 
the changes outlined here. A coverage of 3.518 to 3.558 MHz should 
be possible, while preserving good frequency stability and reliable 
oscillation. 


A signal probe (see An RE Signal Probe, elsewhere in this book) is useful for 
checking the operation of the oscillator and PA. Alternatively, an RF power 
meter or the receiver’s S-meter can be used. With the PA running, the unit 
should draw between 200 and 300mA. If TR1 becomes too hot to touch 
after a few seconds of transmitting, increase RS or R6 to limit the 
transistor’s heat dissipation. A small 6.3 V bulb connected across the aerial 
output is a simple way to check that the PA is working. An orange/white 
glow when the key is pressed is indicative of correct operation. 


The final test is to monitor keying ‘quality’. With your dummy load 
connected, press the key and listen to the note on the receiver’s loudspeaker. 
Then operate the key, sending a string of dits, for example. What you hear 
should be free of chirps and clicks, as well as being stable in frequency. This 
test is sometimes better performed with no aerial connected to the receiver, 
thus preventing receiver overload and its associated plops. No problems 
should be encountered here. 


Frequency tuning 


A peculiarity of ceramic resonators is that, every now and again, their 
frequency changes abruptly by 100 Hz or so, then remains stable for some 
time. This is certainly noticeable in the received signal, but does not detract 
from the QSO and no characters are lost as a result. Try to keep the area 
around the ceramic resonator cool, to avoid temperature variations. 
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Parts list 


Resistors: all 0.25 W, 5% tolerance 
R1 10 megohms (MQ) 
R2 2200 ohms (2.2 kQ) 
R3 270 ohms (270 Q) 
R4 1 megohm (1 MQ) 
RS, R6 1.5 megohms (1.5 MQ) 
R7 1000 ohms (1 kQ) 


Capacitors 
100 nF 
100 pF 
47 pF 
1 nF 
C5, C6, C10 10 nF 
C8 560 pF 
C9 820 pF 
VC1 10-160 pF variable 


Inductors 
RFC1 8.2 uH 
RFC2 10 uH 
RFC3 2.2 uH 


Semiconductors 
IC1 4069 
TR1 VN10KM 
TR2 BC640 
D1 6V8 Zener 


Additional items 
Matrix board (see text) 
14-pin DIL socket 
Pointer knob 
Sockets (see text) 
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85 An audio booster for your 


Figure 1 Circuit diagram of 
the audio amplifier. The 
power is derived from the 
cigarette lighter socket and 
the fuse is in-line with the 
lead 


hand-held 


Introduction 


The audio output from many hand-held transceivers and receivers usually 
leaves much to be desired, so this little amplifier was designed to increase 
the output at minimal expense. 


All that is needed is a separate amplifier and bigger loudspeaker. This is 
accomplished using a single integrated circuit (IC), a few components, and 
a loudspeaker from the junk box. This circuit will enable the output from 
your hand-held to be heard easily in a car. 


The circuit 


This is shown in Figure 1. It uses only those components necessary to 
operate the IC amplifier. VR1 is the preset volume control, and varies the 
signal coming from the ‘External speaker’ jack on the hand-held before 
feeding it into the IC for amplification. C1 blocks any constant voltage 
present on the input. 


5 
4 
IS R4 
SU > 470R 
1 Red E” 
Input from LED 
handheld — Y +12 
pado cs +L c6  3amp On/Oft 
= 220n 1004 fuse switch 
C1 25V 
VRI + PAE y 
1kO 5 (0% L + 
lOu — Irpa200 
25V 2] ; 1000p 
RI pa 25 
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Speaker 
C2 | 220n ad ZR (6W) 
470u 
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Figure 2 Layout of the 
components within the box 
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The IC output comes from pin 4 and is fed via the electrolytic capacitor, C4, 
to the loudspeaker. The circuit is provided with an on/off switch, fuse and 
LED to indicate when the circuit is switched on. 


Construction 


The box is made of aluminium. This is necessary to help to dissipate some 
of the heat generated by the IC. Do not build the circuit inside a plastic box 
unless you take special precautions! The IC has a metal mounting tab with 
a hole, specifically designed to be mounted to a metal box or other metal 
heat sink. Apply plenty of heat sink compound between the tab and the box, 
tighten the nut and bolt, and then wipe off any excess compound. The box 
will get slightly warm in operation. 


The size of the box is not specified. You may want to decide on this when 
you find a loudspeaker. Choose one which will be able to handle 6 W 
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output. Drill all the holes in the box first. Holes for the speaker, input phono 
socket and the LED. The amplifier can be constructed on ordinary matrix 
board, which can be mounted inside the box with screws and spacers. 


The layout is shown, for your guidance, in Figure 2. The components are 
mounted by pushing their leads through the holes in the board and making 
connections on the underside. The preset volume control, VR1, is set such 
that the hand-held's volume control is sufficient to control the final output 
over a good volume range. Use a screened lead from the “External speaker” 
jack socket to the phono plug. 


An external power supply is needed for this circuit. The normal dry battery 
which we usually use for small projects in this book will not work here, so 
you will need a proper mains power supply producing a stabilised 12 V. If 
you are going to use the unit principally in a car, then the cigar lighter socket 
can supply this voltage easily. Do make sure that the polarity is correct 
before you switch on! 


When you plug the jack plug from your booster into the “External 
speaker” socket on your hand-held, its internal speaker will be muted, so 
dont think that something dire has gone wrong! Adjust VR1 for a good 
volume range on your booster, when the volume control is turned on the 


hand-held. 


Parts list 


Resistors: all 0.25 W, 5% tolerance, unless otherwise stated 


R1 15 ohms (15 Q) 1W 

R2 220 ohms (220 0) 

R3 2.2 ohms (2.2 Q) 

R4 470 ohms (470 Q) 

VR1 1000 ohms (1k Q) 
Capacitors 

C1 10 wF 25V 

C2 470 uF 25 V 

C3, CS 220 nF (0.22 pF) Mylar 

C4 1000 uF 25 V 

C6 100 uF 25 V 
Semiconductor 

LED 5mm Red 


Integrated circuit 
IC1 TDA2003 
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Additional items 
Heat sink compound 
Nuts and bolts 
Loudspeaker 4 Q 6 W 
3 A fuse 
On/off switch (SPST) 
Matrix board 4 x 6cm 
Solder tags 
Plugs and screened cable for connecting lead 
Aluminium box 


86 A grid dip oscillator 


Introduction 


When an inductor and a capacitor are connected, whether in series or 
parallel, they form a circuit with a natural (or resonant) frequency. The 
circuit stores energy, and this energy is being constantly shifted from the 
inductor to the capacitor and back again. 


The dip oscillator is a simple instrument used to measure the resonant 
frequency of a tuned circuit without having to make any direct connection 
to the circuit. The circuit is more commonly known as the grid dip oscillator 
(GDO), from the days when the active device in the circuit was a valve. The 
FET or Field-Effect Transistor operates in a way which is very similar to that 
of the valve, so it is not quite a misnomer to call this instrument a grid dip 
oscillator, too. 


The circuit 


The GDO uses a calibrated, tunable FET oscillator in the circuit of Figure 
1. It has a frequency range of 1.6 to 35.2 MHz in four ranges using a set of 
plug-in coils, shown in Figure 2. When the oscillator coil, L1, is placed near 
an external resonant circuit, some of its RF energy is coupled into the 
external circuit. A gain in energy of the external circuit must mean a loss of 
energy in the GDO circuit, resulting in a change of current through TR1, 
which is measured by the meter, M1. 


The current through TR1 is of the order of 5 to 8mA, but the change 
of current may be only a few microamps. To measure a very small 


A grid dip oscillator 


22p 1N4148 


C2 Jy D! i RI 


100k i 


* These components only required if you want 
to couple the GDO to a frequency counter (O) RSGB DY380 


Figure 1 Circuit of an FET GDO. The coils are wound on DIN speater plugs, which provide both a plug-in base and a 
coil former 


L1 winding 
( see caption ) 
Figure 2 Details of coil 
construction: 
Range 1: 1.6-4.0 MHz 55 
turns of 30 SWG 


Range 2: 3.3-7.9 MHz 27 | 2-pin ok 
turns of 30 SWG a er 
Range 3: 6.3-4.0 MHz 14 g 


turns of 26 SWG 
Range 4: 11.9-4.0 MHz 7 
turns of 24 SWG. ©RSGB DY390 


change superimposed on a much larger standing current, the method of 
offset can be used. 


One connection to the meter goes to the source of the FET, while the other 
goes to a variable offset voltage set by VR1. M1 has a full-scale deflection 
(FSD) of 100 pA. If the current through TR1 changes, the voltage across R3 
changes. When there is no resonance, the voltage at the wiper of VR1 is set 
to be very slightly greater than that across R3, and there is a 75% FSD meter 
deflection. When the voltage across R3 decreases very slightly, due to 
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external circuit resonance, a significant ‘dip’ in the meter deflection is 
produced, hence the name of the instrument. 


The circuit is not difficult to make on standard matrix board. Provided you 
can follow a circuit and translate it into a good component layout, then this 
project is probably only an evening's work. 


The most important part of the GDO is the tuning capacitor and its 
associated frequency-calibrated dial. New, air-spaced tuning capacitors can 
cost you up to £20, so it is worth delving around in junk boxes, or scouring 
the tables at a local boot sale or rally. The tuning capacitor from an old 
transistor radio should be perfect. It may even have a slow-motion drive and 
a dial which can be remarked for the project. 


Choose a coil plug and socket arrangement that is practical. Think about 
crystal holders or phono plugs and sockets. The prototype shown in Figure 
1 and Figure 2 used 2-pin DIN plugs, with the coil wound on the outside of 
the plastic plug cover. Figure 2 shows the coil construction and the winding 
details. 


If you use a variable capacitor, VC1, with a value different from that shown 
in the parts list, then the frequency ranges will be different. This does not 
matter, as it will be taken into account during calibration. 


Position VC1 so that the dial will be easy to see and to operate, while 
locating the coil socket as close to it as possible. Figure 3 shows the 
traditional layout of the GDO. 


Calibration 


Because the GDO also radiates a very small amount of energy, a general 
coverage receiver can be used to calibrate the dial. Don’t try to aim for great 
accuracy and clutter the dial with marks and figures! If you include C10, R7 
and R8 in your circuit, you can connect a frequency counter directly to the 
GDO and leave it in circuit all the time. 


The GDO in use 


Always try to place the external tuned circuit with its coil coaxial with the 
plug-in coil, as shown in Figs 1 and 3. If the coils are at right angles, the 
GDO may not produce any resonance. Set the offset control to give about 
75% FSD and slowly tune L1 through its whole range. If no dip occurs, you 
may have the wrong coil plugged in. When you eventually find a dip, move 
the external coil further away until only a minute dip is seen. You may have 
to retune the dip meter as you do this, but it gives a much more accurate 
reading of frequency. 


Remember that you cannot ‘dip’ a coil by itself — there must always be a 
capacitor present. 


Figure 3 Layout of a typical 
GDO. The dial, meter and 
the location of the coil to 
the circuit under test can all 


be viewed at the same time. 


It is shown measuring 
resonance of a tuned circuit 
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Figure 4 A wire antenna 
element can be looped into 
a single turn coil for 
increased coupling to the 
GDO 
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Aerial resonance 


Figure 4 shows how to check the resonance of a dipole aerial. Disconnect 
the coax feed at the aerial and place a short piece of wire, terminated with 
crocodile clips, across the centre insulator to short together the two ends of 
the aerial. By placing the GDO close to the shorting link, a dip should be 
seen on the meter while VC1 is turned. Alternatively, a loop in the element 
can be made around the coil, as in Figure 4, or the shorting link can be made 
long enough to loop over the coil. The latter method does not require 
tampering with the mounting and tensioning of the dipole wires. 


Coax Loop in antenna 
disconnected element held 
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* * 
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allow clips to make by wire link 
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Parts list 


Resistors: all 0.25 W, 5% tolerance 
100 000 ohms (100 kQ) 
56 ohms (56 (2) 
1000 ohms (1 kQ) 
5600 ohms (5.6 kQ) 
560 ohms (560 Q) 
4700 ohms (4.7 kQ) 
1000 ohms (1 kQ) 
5600 ohms (5.6 kQ) 
1000 (1 kQ) linear 


Capacitors 
C1, C2 22 pF 
C3, C4 100 pF 
E EACH 100 nF (0.1 uF) 
C6, C8 1 nF (1000 pF) 
C10 6.8 pF 
VC1 2 x 365 pF 


Semiconductors 
TR1 J304 or similar 
D1 1N4148 
LED 


Additional items 
See Figure 2 
1mH 
SPST 
100 pA 


Source 


Components are available from Maplin. 
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87 A CW transmitter for 160 to 
20 metres 


Introduction 


This very small transmitter is designed to work on any band from top band 


(160 m) to 20 m, with an RF output of 1 W. It will work on higher frequencies 
but with a reduced output. 


The circuit 


The three-transistor circuit is shown in Figure 1. It comprises a crystal 
oscillator using a BC182 transistor which drives a 2N3866 power amplifier 
(PA) keyed by a ZTX750 PNP transistor. The oscillator and PA are coupled 
by a capacitor and resistor; this provides a very small amount of positive 
bias to the PA. 


The oscillator can be used as a basic crystal oscillator but, by including a 
variable series capacitor as shown in Figure 1, the crystal frequency can be 
‘pulled’ slightly, making the oscillator a variable crystal oscillator (VXO). 


Construction 


The PCB layout is shown in Figure 2 and in the photograph. Although the 
prototype was built around a PCB, this circuit is equally amenable to 
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i 33k i O +12V in 
To Rx 
100n pH 
pe {> RFC 100n 
a ae EO E 
Xtal Qs antenna 
a X ) 2n3866 
+ 
lol == SS Í ik 47u 
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A CW transmitter for 160 to 20 metres 


Output 


Key 


Figure 2 Component placing on the PCB. The external connections are also shown 


construction on a matrix board. Populating the PCB is very simple, and you 
can expect to be able to do this in about one hour. The radio-frequency 
choke (RFC) is made by winding 10 turns of 33 SWG wire on a ferrite bead. 
The enamel coating of the wire is intended to vaporise when soldered into 
the board, thus obviating the need to remove the enamel manually with a 
knife or sandpaper. However, if you do have problems with the PA either 
not working or keying intermittently, 1t is suggested that you investigate the 
RFC connections immediately! 


If you decide to make the VXO version, you will have to cut the track 
between the crystal and earth, and connect the variable capacitor (250 pF) 
across the break. 


In use 


After performing the usual checks on the accuracy of your circuit building 
and the wiring of the external components, it is time to connect a 12 V 
battery between the points shown in Figure 2. Do not switch on yet. An 
aerial needs to be connected to the output via an ATU and a crystal, of 
frequency matching that of the aerial, fitted. The variable capacitor should 
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give you a tuning range from about 14.058 to 14.064 MHz. ‘Netting’ (the 
process of tuning your transmitter to the same frequency as that of a 
received station) is achieved simply, because the oscillator is always running, 
and the leakage of the signal (despite the fact that the PA is not powered) is 
sufficient to bring the two frequencies to zero beat. 
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Warning 


Note that the transmitter has no filtering; harmonics are not suppressed. It 
is strongly recommended that you use this transmitter in conjunction with 
the excellent low-pass filter described in the project A 7-element low-pass 
filter for transmitters, described elsewhere in this book. 


Matching the end-fed 
random-wire aerial 


Introduction 


Many amateurs who do not have the space (or money) for a multi-band 
beam aerial, make use of the simplest possible alternative — the longest 
piece of wire that they can erect, with its end connected to the transceiver 
or receiver by an aerial tuning unit (ATU). 


The length of the wire is not of major importance. Any length between 10 m 
and 80 m, with bends if necessary, will suffice. A good earth connection to 
the radio is just as important. Bends in the aerial wire can have some 
interesting effects on the directional properties of the aerial; V- or L-bends, 
or even a square shape are permitted. The only thing not permitted is to 
fold the wire back on itself in a tight hairpin bend! 


Longish wire aerials 


The term ‘long wire’ is usually used (incorrectly) to describe an end-fed 
aerial. How long is a piece of string? It depends what you mean by ‘long’. 
In aerial parlance, it means ‘long with respect to one wavelength’. Again, 
this depends on the band you are using. A long wire at 20 m is somewhat 
different from a long wire at 160m. However, if you have sufficient real 
estate for a long wire on the 160m band it must, by definition, be a long 
wire on all the other bands, too! 
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This should put you on your guard when analysing published data about 
feed-point impedance and the directional properties of a long wire aerial. 
Such theoretical data relate to a real, ideal long wire which is straight, 
horizontal, very high above perfect (conducting) ground, and not obstructed 
in any way. So your aerial doesn't quite match these criteria? Join the 


club! 


Don't let this dampen your ardour when it comes to evaluating what the 
longish wire can do for you. The following should explain why. 


Feed-point impedance 


The impedance at the end of a longish-wire aerial can vary from a few tens 
of ohms to several thousand ohms, depending on the frequency in use and 
the wire length. It is also affected by factors such as bends, height above 
ground, proximity to buildings and wire diameter. 


The actual value doesn’t matter, provided we can make the aerial appear to 
have a 50 Q impedance at the aerial socket of the transmitter. This process 
is what we call impedance matching, or simply matching. It maximises the 
power transfer from the transmitter to the aerial, and from the aerial to the 
receiver. 


That is why an aerial tuning unit, or ATU, is almost (but not necessarily) 
obligatory. 


The ATU 


Many commercially produced HF receivers and transceivers have single 
50 Q coaxial sockets as their one and only means for connecting an external 
aerial. This means that an external aerial should have a 500 feed 
impedance if it is to work efficiently, and it rules out most of the aerials 
being used by amateurs on the HF bands. Some means is necessary to 
change the aerial feed impedance to ‘match’ that of the transceiver. Such 
impedance-matching, or Z-matching (because Z is the symbol for imped- 
ance, just as L is the symbol for inductance) is the róle of the ATU. 


These can be bought and will accommodate either an end-fed or a coax-fed 
aerial. They can be bought ready for use or in kit form. Whether you want 
one for receiving only, or for use with a low-power (QRP) or high-power 
(QRO) transmitter, will determine what you need and how much 


you pay. 


Figure 1 Parallel tuned 
circuit as single-band ATU 
for end-fed longish-wire 
antenna 
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A simple single-band ATU 


The simplest form of ATU is shown in Figure 1. It is simply a parallel LC 
(coil and capacitor) circuit, resonant at the chosen frequency, with taps on 
the coil for the aerial and the coaxial feed to the transceiver. If we assume 
the circuit is resonant, a high impedance exists at the top of the coil, and a 
low impedance at the bottom. 


We said earlier that the end-fed longish wire presented an impedance which 
was high (or at least higher than 500). This explains why the aerial is 
tapped to the coil near the top, where the impedance is high, and the 50 Q 
coax is tapped near the bottom, where the impedance is low. 


End-fed 
wire 
antenna 


Tuned to 
required 
wave-band 
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Because the feed-point impedance of the aerial changes with frequency, so 
must the point at which the aerial is tapped to the coil to achieve impedance 
matching. The value of C must be changed also, to ensure that the circuit is 
resonant, and the 50Q, tap will require tweaking also. 


Setting up an ATU is quite simple. Make up an LC parallel-tuned circuit 
consisting of 50 turns of enamelled copper wire on an empty 35 mm film 
plastic container (or similar), tuned with a 500 pF variable capacitor. Make 
sure the enamel is removed from the ends of the wire before soldering. 


Solder the inner wire of the coaxial cable from the radio to the first or 
second turn of the coil from its grounded end. Then solder the braid to the 
grounded end. Connect the aerial about one-third of the way down the coil 
from the top, removing the enamel at the connection point. 


Adjust the variable capacitor for maximum noise or signal strength in the 
receiver. Then, try different tapping points from the aerial, to maximise the 
signal again. This matches the aerial impedance to that of the tuned circuit. 
Repeat the process with the coax tap, thus matching the impedance of the 
radio and the cable to that of the tuned circuit. 
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Figure 2 Simple multi-band 
ATU for end-fed longish-wire 
antennas 
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You will no doubt find that the tapping process on the coil was not easily 
accomplished, especially when the enamel must be removed at each tapping 
point without shorting adjacent turns together. It is therefore logical to 
produce a design where the taps have been prepared during the winding of 
the coil, and are selected with a rotary switch. To this end, the following 
multi-band design is described. 


A multi-band ATU 


The same type of coil design around a 35 mm film container is used (see 
Figure 2). The tapping points can be prepared in advance by a little 
judicious planning. Dismantle your original coil and measure the length of 
wire on it. It will be a little more than a calculation of 50 x TD would 
suggest (where D is the diameter of the film container), due to the lack of 
tension in the coil and the wire diameter itself. You will need aerial tapping 
points at turns 1, 2, 3, 5, 10, 15, 20, 25, 30, 35, 40 and 45, corresponding 
to all the bands from 28 MHz to 1.8 MHz. The coaxial cable tap is fixed at 
turn 2 (an acceptable compromise). All the turns are counted from the 
earthy end. 


Cut another piece of enamelled copper the same length as you used 
originally. Then, with the aid of an ordinary calculator, work out the 
positions of the points where the enamel must be removed for the taps. For 
example, turn 15 will have to be made 3 of the way along the wire, turn 20 
tap made at $% of the way along. So, if the length of wire is, say 4.7 metres, 
the two taps in question will be made at 5 x 4.7 = 1.41 m and 5, x 4.7 = 
1.88 m from one end. This must be repeated for each of the tap positions, 
and the enamel removed ready for the wire to be soldered to it. With a 
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Matching the end-fed random-wire aerial 


soldering iron, tin each tap point while the copper is shiny, thus ensuring a 
good, low-resistance connection. Do not solder on the taps yet. 


The coil can now be wound as before. The taps can be soldered on, taking 
the lead from each one to the wafer of a single-pole 12-way rotary switch, 
the pole being connected to the aerial. 


The tuning of the ATU is carried out by the same 250 pF capacitor, with a 
single-pole 5-way rotary switch used to select the band. Its tapping points 
will need to be chosen manually, using the method described earlier. Don't 
attempt to make new tapping points on the coil for this — use the taps 
available on the wafer of the other rotary switch, and find which is optimum 
for each band. 


Notes 


e For the aerial, use PVC-covered stranded tinned copper, of size 
16/0.2 mm or 24/0.2 mm. 

@ Make the wire as long as possible, but anything over 10m should be 
OK. 

@ Keep the wire as high as you can, in the clear and away from 
obstructions. 

e Don’t worry about bends, but don’t use hairpin bends. 

e Use a good insulator to attach your aerial — anything plastic will do. 

e Anchor the wire near the point of entry to the building, but use a U-bend 
to prevent ingress of water. 

e The wire can be brought in through the corner of a window, the PVC 
acting as an insulator. If you must drill a hole in the brickwork, make sure 
it slopes upwards from outside, so that water is deterred from 
entering. 

@ Use a good RF earth (as opposed to an electrical earth) such as half a 
dozen bare copper wires buried under the lawn in a fan shape. They 
should be joined together at the point of the fan and strapped to the earth 
connector of your ATU. 
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Preface to the Second Edition 


This revised and enhanced edition of Electronics Explained is still written for 
those of you who want to learn about electronics in the shortest amount of time. 
The original goals of the book as outlined in the Preface below are the same, but 
now the book has been expanded and updated to match the latest developments 
in electronics. This revised version also hopes to make you more of a hands-on 
electronic experimenter, hobbyist, DIYer, or maker. The highlights of the new 
edition are as follows: 


All chapters are revised to include any new developments, technologies, and 
products. Some of the new topics covered include 4K high-definition video, 
virtual reality, the latest wireless standards, the Internet of things, and the latest 
4G and 5G cellular technologies. 

Increased number of hands-on projects with electronic components and test 
equipment. Virtual instruments are introduced and a wide range of analog and 
digital projects and experiments are provided. 

A new chapter on soldering, a core skill of any electronic person. Building a 
kit is a recommended project. 

A new chapter on programming and interfacing embedded controllers. 
It is difficult to be an electronics enthusiast today without knowledge of 
microcontrollers and how to program them. Modules like the Arduino are 
described and examples of programming using BASIC and C languages are 
included. 


Happy learning and experimenting 


Lou Frenzel 
2017 
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Preface 


This book is for those of you who want to learn about electronics and comput- 
ers but frankly are put off by all the gory details. If you have a short attention 
span, a nonexistent background in science, math, and technology, and are look- 
ing for near-instant gratification of electronics knowledge, this book is for you. 
Electronics is a complex subject, especially if you want to be an electronics 
engineer. However, 1f you are merely curious or just need a working knowledge 
of electronics for your job, this book will give you a basic education on the fun- 
damentals without boring you to death or loading you down with the excruciat- 
ing details that other books lay on you. What I have attempted to do is write a 
book that tells you the most important concepts and fundamentals but leaves out 
the minutiae that only an engineer will need or appreciate. This book contains 
exactly what you need to know today in the 21st century. 

There are lots of basic electronics books around, and you may already have 
read some. This one is really different. First, it does not go into detailed cir- 
cuit analysis. Why? Simply, all electronic equipment today is made up of inte- 
grated circuits or chips, and we cannot see the circuits, access them, or even 
repair them. If you are an electronic engineer designing integrated circuits, yes, 
you do need to understand their operation. If you just want to learn how elec- 
tronic equipment works, then you can skip this detail. This book treats circuits 
as simple functional building blocks whose purpose and application are easily 
understood. 

Second, this book presents what I call the new electronics. Most basic elec- 
tronic books dwell on the older components and circuits and ignore how elec- 
tronics really is today. These books do a good job teaching you the history of 
electronics but little else. What you will see in this book is a fresh new way 
to look at and understand electronics, especially in the context of the familiar 
applications you use every day made with the most advanced integrated cir- 
cuits. If you complete this book and still want more, one of the more tradi- 
tional basic electronics books would be your next step. See the appendix for my 
recommendations. 

The first three chapters introduce you to the electrical principles that form 
the basis of electronics. You will learn the core concept of electronics, which 
boils down to how to generate current flow and then control it to do something 
useful. Magnetic fields are also covered, since magnetism is just as important in 
electronics as current flow. But do not worry, even if you never took a physics 
course you can easily get through this material. 


xxvii 


Xxvill Preface 


Next, you learn about the basic components of electronics such as resistors, 
capacitors, inductors, transformers, diodes, transistors, and especially integrated 
circuits. Then you will discover all the different types of electronic circuits used 
to make up any electronic device. The functional block diagram approach is 
used here so that you will not have to do the nitty-gritty circuit analysis that has 
you chasing electrons through components and solving simultaneous equations. 

An important part of this book is the coverage of computers, and specifi- 
cally of embedded controllers, that is, those tiny single-chip microcomputers 
or microcontrollers that are built virtually into every electronic device. Digital 
signal processors are also covered since they also appear in most modern elec- 
tronic equipment. You cannot name an electronic product today that does not 
have one of these embedded computers in it. You really need to know what 
these are and how they work, as they are the very heart of electronic devices 
today. Programming and interfacing are included with C and BASIC language 
examples. 

The rest of the book consists of descriptions of how all the major electronic 
products and systems work. The entire range of modern electronics is covered, 
including major things like cell phones (LTE and 5G), video (cable, HDTV, 
4K, DVD, VR, OTT, etc.), audio (stereo, CDs, MP3, streaming, etc.), satellites 
(GPS, TV, radio, etc.), radio (broadcast, marine-aircraft-shortwave, ham, CB, 
family radio, etc.), and everything else you can think of. And it is all explained 
using basic building blocks rather than detailed circuits. 

Finally, if you want involvement as you read the book, get involved with 
the projects that I list in the project sidebars in each chapter. These can lead 
to a deeper understanding of the concepts. Furthermore, these projects could 
encourage you to become a true electronic hobbyist—or is that a geek or nerd? 

When you finish this book you will not be an electronic engineer nor will 
you be able to design or analyze circuits. But you will know about all the dif- 
ferent kinds of circuits, how they work, and how they all fit together to create 
electronic equipment. The benefits to you are the ability to apply, use, select, 
operate, and to some extent troubleshoot most of the common electronics prod- 
ucts with confidence, while appreciating their complexity and the value they 
deliver. Hope you like it. 


Lou Frenzel 
Austin, TX 


Chapter 1 


Learning About Electronics for 
Your Own Good 


A Little Bit of Perspective Before You Get to the 
Details 


In this Chapter: 

e Why it is helpful to know electronics. 

e The 10,000-foot view of the electronics industry and how it works. 
e The systems view of electronics. 


INTRODUCTION 


You do not know how lucky you are. You live in high-tech heaven surrounded by 
lots of useful, entertaining, interesting, necessary, and even addicting electronic 
products, products you cling to and would not want to give up. 

But do you have any idea how many electronic products you own? Do you 
really know how much electronics influences your life every day? Some of you 
do, but most of you probably do not because your electronic gadgets are pretty 
much taken for granted. Yet we spend the better part of our lives working with 
these devices. Most of us sit in front of a computer all day at work, slouch on the 
couch in front of the TV at night, listen to our 1Pods going to and from work, and 
spend a weekend downloading videos off of the Internet or taking photos with a 
digital camera. And let us be clear here, how many text messages did you send 
today or cell calls did you make? The impact on our lives of all this electronic 
equipment is almost overwhelming. In this chapter, I encourage you to think 
about how electronics impacts your life. 

And that brings us to the subject of this book, learning how electronics 
works. If you want a first book in electronics that gives you the big picture about 
how electronic equipment works, this is it. I am not going to beat you to death 
with a lot of complex circuits and theory or math, only what you really need to 
know. Then I will go on to show you how each and every one of the products 
you use every day actually works. 
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IT IS NOT LIKE IT USED TO BE 


It used to be that you learned electronics by playing around with resistors, capaci- 
tors, transistors, and other devices. You wired up simple circuits, built a one- or 
two-transistor radio, or even built a kit. But today electronics 1s so different that 1t 
is hard to do that anymore. Oh yes, you can still build little circuits and radios and 
other gadgets, but that is not how electronic products are made today. Electronic 
equipment today is made with integrated circuits or ICs that we also call chips. 
These chips are tightly packed on printed circuit boards with resistors and capaci- 
tors that you can barely see. It is more difficult than ever to experiment with these 
devices, much less troubleshoot and repair them. We are in that age of electron- 
ics where unless it is a big pricey piece of equipment, you throw a defective 
electronic product away and simply buy a newer and better one at a lower price. 

Despite the complexity of today’s electronic products, there is something 
just fascinating about them. Many of you actually want to know how they work. 
And despite their complexity, these products are actually understandable. It is 
possible to learn how these devices work without a whole lot of trouble. And 
you do not have to learn all the math and physics required by engineers to do 
so. This book takes the basic ideas of electronics and reduces them down to the 
lowest common denominator and shows you how to use those fundamentals and 
apply them to all of the fabulous electronic gadgets you have today. 


WHAT IS IN IT FOR YOU? 


There are some big benefits to being electronic literate. Take a look at some of 
them. 


Satisfy your curiosity—Surrounded by so much electronics, you often 
probably wondered just how all this stuff works. For some of us, not knowing 
how something works nags at us until we satisfy that curiosity. If you have an 
interest in electronics, you tend to know more about it. This book will get you 
started in the right direction. 

Enhance your hobby—If you dabble in a hobby that uses electronics, you 
obviously want and need to know more about it. Lots of hobbies involve 
electronics such as radio-controlled models, electric trains, amateur radio, 
shortwave listening, citizens or family radio, audio systems, or video. Or 
maybe you just like playing around with your home security system, garage 
door opener, or your high-speed Internet connection. A major part of any 
hobby is learning more about it and that is very satisfying. And do not forget, 
electronics itself can be your hobby. You can spend your time learning more 
about it and then digging deeper into those things that you want to know more 
about. Amateur radio is certainly one of those electronic hobbies that will take 
you from one extreme to the next in the radio spectrum. Anything having to do 
with computers is also a great hobby. With everything being controlled by an 
embedded microcomputer, spending more time learning about them is a great 
activity with nearly endless possibilities. 
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You are a maker—A maker is a serious do-it-yourselfer (DIY) who likes to 
build things small and large. Makers are hobbyists who like to create projects 
for home use or just for fun. Projects can be all electronic but more often 
involve wood or metal working and other skills. Most projects use electrical or 
electronic parts. That is why learning electronics is so important. 
Job-related needs—You may actually be working in a job surrounded by 
electronic equipment of some sort, yet you do not know how it works. Often, 
just understanding some of the fundamentals will give you a better grasp of 
how to use that equipment or even troubleshoot and repair it. Understanding 
some of the concepts may actually help you to better select and purchase 
equipment that you may use. 

Boost your school performance—For those of you going to a college or 
university to learn electronic engineering or technology, you regularly have 
your curiosity stimulated by the classes you take. Yet most of the classes 
are heavily involved with theory, physics, math, and circuit analysis. What 
you really do not get in school is the perspective or big picture as to how the 
electronic products actually work. This book will give you the big picture and 
show you how it all comes together so that all those detailed classes in circuits 
and theory will make more sense. 

Just so you will not appear to be so dumb—With electronics everywhere, 
people often talk about it without really knowing what they are talking about. 
The ignorance of people who use the electronics but do not have a clue as to 
what it does or how it does is amazing. For instance, do you really understand 
what an MP3 is, or why 4K UHD TVs are better, or what a 4G or 5G cell 
phone really is? The answers are in this book. If you want to appear a little 
smarter to your coworkers, friends, and relatives, this book can help out. You 
will be able to deal with common questions and misconceptions, such as 
can you get shocked by a car battery, can you really get brain cancer or pop 
popcorn with your cell phone, or will sitting too close to your TV set make you 
sterile? While this book certainly will not make you a genius, it will indeed 
give you the basics so that you will not appear to be an idiot when technical 
questions about electronics come up. 


ELECTRONICS: THE BIG PICTURE 


Before we get into the nitty-gritty of how electronic equipment works, you 
really need to know the entire scope of electronics. It is a huge industry, and 
recent figures seem to show that it is one of the biggest, if not the biggest, mar- 
kets in the entire world. To get a grasp of how big the industry 1s, we normally 
break it down into segments of specializations. There are five major fields of 
electronics: communications, computers, control, instrumentation and measure- 
ment, and components. Any electronic product or device will easily fall into one 
of those categories. In some cases, the product may overlap two or more or all of 
those categories. Take a look at Fig. 1.1, which shows each of these segments of 
electronics and the products and technologies that are part of them. 
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FIGURE 1.1 Major sectors of the electronics industry and common applications. 


Communications 


Communications is the oldest segment of electronics and still the largest. 
Electronics actually started with communications—specifically telegraph, tele- 
phone, and radio—and grew from there. A lot of this book 1s about communica- 
tions because 1t is such a huge segment of the industry and one that we use the 
most. And do not forget, communications comes in both wired and wireless 
forms. Wired systems include the vast telephone network, cable TV systems, 
and computer networks, including the Internet. Wireless systems comprise all 
of the radio, cell phone, television, satellite, radar, and other wireless systems. 


Computers 


Computers have only been around since the late 1940s and early 1950s but what 
an impact they have had on the way we work. Today virtually everyone uses and 
even owns a personal computer. And then there are all the larger and more pow- 
erful computers such as the servers that manage all of our networks, the main- 
frames still used by government and big business to manage huge databases, as 
well as the high-speed supercomputers that still do an amazing amount of scien- 
tific, engineering, and mathematical design and research. But the computer we 
are going to talk about most in this book is the embedded controller. These are 
small single-chip digital computers called microcomputers or microcontrollers 
or just micros that are literally part of every electronic product. These are min- 
1ature digital computers dedicated to a specific function inside the products in 
which they exist. 


Control 


Control is a broad general term for monitoring and control. Monitoring, of 
course, means sensing various physical characteristics such as temperature, 
humidity, physical position, motor shaft speed, or light level. Electronic devices 
called sensors or transducers convert these physical characteristics into elec- 
trical signals, which allow us to monitor them. Control refers to managing 
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and exercising some degree of influence over items such as motors, lights, 
relays, heating elements, and other devices. Most monitoring and control func- 
tions take place in factories, chemical plants, refineries, and food processing 
operations. Control also occurs in the home, an example being your electronic 
thermostat. It also shows up in electromechanical products such as a DVD 
player. Electronic controls appear in appliances, home control systems, secu- 
rity systems, automobiles, and even toys. Robots are another major segment of 
the control industry. 


Instrumentation 


Instrumentation refers to the field involved with testing and measuring elec- 
tronic equipment and other mechanical or electronic items. It refers to the test 
instruments such as voltmeters, oscilloscopes, and spectrum analyzers as well 
as the large automated test systems used for mass testing and measuring of other 
devices. Instrumentation refers to data acquisition systems, medical tests and 
measurements, and a wide range of other products. 


Components 


All of the electronic products that make up each of the four major segments 
of the electronic industry are made up of various electronic components. In 
the past, electronic products were made of the individual discrete compo- 
nents such as resistors, capacitors, diodes, and transistors. Today most elec- 
tronic equipment is made with one or more ICs surrounded by a sprinkling 
of those other so-called discrete components. No longer can we access most 
individual components or circuits since they are sealed within ICs or chips. 
Just keep in mind that there is a whole industry centered on making these 
electronic components that are in turn made available to the manufacturers 
of the end electronic equipment in each of the four major categories just 
described. 


HOW THE ELECTRONICS INDUSTRY WORKS? 


As part of the big picture of learning electronics, you really need to understand 
how the industry itself works. This is summed up by the simplified block dia- 
gram in Fig. 1.2. It all starts with the raw materials that the component manu- 
facturers use to create the individual components. For example, sand is refined 
into silicon, which, in turn, is converted into wafers that are processed into the 
ICs we use. 

The electronic equipment manufacturers design the electronic equipment 
for the marketplace. It may be a TV set, a cell phone, or a military radar. These 
companies buy the electronic components and put them together to create the 
end product. Manufacturers may then sell the end product directly to customers 
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FIGURE 1.2 General block diagram of how the electronics industry works from raw materials 
to end users. 


and end users. In some cases, the end product will go through a sales organiza- 
tion or distributor of some sort. Your LCD large-screen TV set does not come 
directly to you directly from Samsung in Korea or Sony in Japan. It is sold 
to an organization such as Best Buy or Amazon, which is where you buy 1t. 
Sometimes the electronic equipment is sold to so-called systems integrators. 
These are companies that piece together larger systems for an end user (like the 
military) made up of a wide range of different types of equipment. 

Finally, there are the customers or end users of the equipment. These come 
from a wide range of backgrounds. The end users or customers may be busi- 
nesses with offices, industry with factories and process control plants, or the 
government, military, hospitals and other medical organizations, schools, col- 
leges and universities, and you the consumer. There is also a network of service 
companies designed to support customers. They may do installation or repair 
work that the customer 1s not capable of doing. 


Electricity Versus Electronics 


One of the questions that always comes up in the early stages of learning about 
electronics 1s: what is the difference between electricity and electronics? Let 
us get this straight up front. Electricity refers to the basic energy we use for 
power. It generally involves the generation and distribution of electrical energy 
to homes, businesses, and factories. Electricity is energy that is produced by the 
coal-fired or nuclear power plant and then sent to you over long transmission 
lines until it comes into your house where you access it through your AC wall 
outlets. You use that energy for lighting and appliances and also to power most 
of your electronic equipment. 

Electrical power may also be generated for use in other systems. The electri- 
cal system in a car is a great example. It uses a battery plus a generator driven by 
the automobile engine to recharge the battery and to operate all of the electrical 
and electronic devices in a car. Ships, airplanes, and offshore drilling rigs also 
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have their own electrical power—generating systems. The new electric wind gen- 
erators and solar power systems are also electricity-producing systems. 

All of the principles of electricity also apply to electronics. Basic electrical 
components such as resistors, capacitors, inductors, transformers, motors, and 
other similar devices are also used in electronics. 

Electronics is the field of science that uses electrical principles to per- 
form other useful functions. Electronics is the control of electricity to pro- 
duce radio, television, computers, robots, and MRI machines. To control 
the electricity, you need more than just basic electrical components such 
as resistors and capacitors. What makes electronics possible are the unique 
components called transistors. Electronics began, of course, with vacuum 
tubes and then switched over to transistors as the main control devices. 
Transistors are now miniaturized and packaged in devices called integrated 
circuits that perform very specific electronic functions, such as generating 
signals, amplifying signals, or performing some control function. Just keep 
in mind that it is the control devices such as transistors and the circuits that 
they comprise that make electronics what it is. The transistors are used to 
form circuits that in turn perform all of the various functions required to 
produce electronic devices. 


THE PAINFUL TRUTH 


Okay, here comes the hard part. Electricity is moving electrons. An electron 
is a tiny particle that is inside the atoms that make up everything we can feel, 
see, and even not see. If we can get some electrons moving together in a wire, 
electrical or electronic component, or circuit, we can control them to do many 
useful things, such as amplification, for example. Moving electrons make up 
what we call current flow. And current flow is produced by electrical energy 
called voltage. Voltage comes from batteries, the AC wall outlet, and lots of 
other sources including power supplies, solar cells, microphones, and the like. 
If we can control the electrons, we can produce magic results. That is what 
electronics 1s all about. 

We control the electrons with components such as resistors, capacitors, 
inductors, transistors, and all sorts of ICs. We create circuits that actually pro- 
cess the electron flow. We can call the voltages that create current flow and the 
resulting current signals. The circuit processes the signals to produce the end 
effect that we want, be it a radio, a computer, or a DVD player. 

One of the basic models I will use in this book is shown in Fig. 1.3. Think of 
electronic signals as the inputs to a circuit or piece of equipment that processes 
the signals producing new signals that represent the output we want. Think of 
the small voltage that comes from a microphone when you talk into it. It is basi- 
cally too small to be useful. So we apply it to a circuit called an amplifier that 
makes the signal bigger and more useful. That amplifier processes the signal to 
make it large enough to drive a speaker as our desired output. The result is a 
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FIGURE 1.3 Model of how all electronic circuits and equipment work. Input signals are processed 
by circuits and equipment into new output signals. 
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FIGURE 1.4 Model showing how a cell phone communicates with a cell site to make a call. 


public address system. Anyway, you get the picture. Just remember that all elec- 
tronic circuits and equipment are based on this model: input—process—output. 
Think about it. 

Here are a couple of other examples to show how most electronic things 
work. 


Cell Phone 


Take a look at Fig. 1.4. On the left is a cell phone handset. It is made up of two 
major pieces—a transmitter (TX) and a receiver (RX). You talk into a micro- 
phone and generate a small electrical voltage or signal representing your voice. 
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The transmitter takes that and processes it in such a way that the voice controls 
or modulates a high-frequency radio signal. That signal carrying your voice 
is then radiated by the antenna to a cell site or base station. The base station 
receiver picks it up and processes it back into the original voice signal where it 
then undergoes other processing before being sent over the telephone network 
to its destination. The dialing process or text messaging from the keyboard also 
generates input signals that are transmitted to the base station. 

On the return side, the voice from your caller passes through the cell phone 
network to the base station and it is then used to control the transmitter to send 
that voice to you by radio. The transmitter sends the signal to the antenna that 
sends the signal to the receiver in your cell phone. The receiver processes the 
signal by amplifying, demodulating, and otherwise processing the voice that 
eventually is sent to the speaker that is glued to your ear. Another output may be 
a text message on the liquid crystal display (LCD). 


Computers 


The main function of a computer is to store and retrieve data, process data, and 
to provide automatic control. Data consists of information, facts, and figures. It 
may be numbers, letters, symbols, or text of any kind. It might represent names 
and addresses, parts inventory, accounting or banking figures, control signals, 
or a variety of other items. Data may also be graphics and illustrations, or voice 
and video that are converted to data. Such data can be stored electronically in 
computers and rapidly accessed. 

Computers process or manipulate data in many different ways. They can 
perform mathematical operations on it, sort it, edit it, translate it, or otherwise 
operate on it to produce some useful output. Computers also make decisions 
based on the data. 

Computers have so many applications that it is difficult to enumerate 
them. In general, computers are tools that help people organize and perform 
their work in a more efficient manner. Computers also allow people to do 
work that was difficult or impossible to do without computers. Computers 
perform accounting and banking operations; store and process mailing lists 
and employee records; solve complex mathematical problems in business, 
science, and engineering; and create graphics. The thing that makes them so 
valuable is that all of their operations are automatic. Humans need not be a 
part of the actual computation, as is necessary with a calculator. Computers 
carry out preprogrammed assignments to solve various problems or perform 
operations. Most operations are extremely fast. It is this automatic feature that 
makes computers so useful. 

All computers, regardless of their size and features, are made up of the four 
basic sections shown in Fig. 1.5. The memory electronically stores the data to 
be processed, as well as the program that tells how the data is to be manipulated. 


10 Electronics Explained 


Central processing 
unit (CPU) 


Control 
(interprets 
instructions in 
program and 
initiates 
operations) 


Memory 
(stores data 
and programs) 


Arithmetic 
logic unit 
(carries out most 


Input/Output instructions) 


(communicates 
with peripheral 
devices) 


To/from keyboards, LCD, 
sensors, printers, etc. 


FIGURE 1.5 Block diagram representing any digital computer, be it a mainframe, PC, or embed- 
ded controller. 


The program is a sequence of codes or instructions that cause the computer to 
carry out its preprogrammed assignment one step at a time. 

Refer again to Fig. 1.5. The control section examines the program instruc- 
tions one at a time in sequence, interprets them, and then sends control signals 
to all other parts of the computer. The desired operations, such as store, add, 
print, and so on, are carried out. 

The arithmetic logic unit (ALU) is the section that actually carries out most 
of the processing. It performs data transfers, arithmetic operations, and logical 
decision-making. In most computers, the control and ALU sections are integral 
units that work closely together. They are usually referred to as the central pro- 
cessing unit (CPU). A microprocessor in a personal computer is a single chip 
or a CPU. 

The input/output (I/O) section in Fig. 1.5 is the interface between the 
computer and the outside world. It communicates with peripheral devices 
that humans use to input programs and data, and receive the output results of 
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computation. Data and instructions are usually entered via a keyboard, while 
outputs are displayed on a video screen or printed out. Inputs may come from 
sensors, and output may go to a printer or LCD readout. 

There are many sizes and types of computers. Supercomputers are the larg- 
est and fastest computers. They are used primarily for difficult, complex sci- 
entific and math problems. Mainframe computers are also very large, and they 
are used by business and government for financial applications, data storage, 
and other applications. Personal computers are the smallest practical computers 
in use. Millions of them are used for word processing, financial spreadsheets, 
database management, and email and Internet access. 

There are also many dedicated computers, built into other equipment to 
perform single-purpose operations unlike the general-purpose data processors 
described above. Thanks to semiconductor technology, 1t is now possible to 
put an entire computer on a single chip you can hold in your hand. These are 
called embedded computers or microcontrollers. These microcomputers are 
used like components and are built into most other kinds of equipment such 
as TV sets, microwave ovens, gasoline pumps, washing machines, and many 
others. Virtually every other electronic product contains at least one or more 
embedded controllers. And even very large ICs have controllers on the same 
chip called cores. 


Robots 


A great example of a control device 1s a robot. Most robots consist of an elec- 
tromechanical manipulator arm used in manufacturing operations. Robots are 
machines designed to mimic human capabilities. Most robots simulate a human 
arm and hand. As a result, a robot may be able to substitute for a human in cer- 
tain manufacturing jobs. A typical robot manipulator arm is shown in Fig. 1.6. 
Motors operate shoulder, elbow, and wrist joints, while grippers and other tools 
form the hand that does the work. 

Robots help automate the manufacturing process to increase productivity. 
They lower costs, produce more goods in less time, and improve quality. Robots 
also replace humans in many jobs requiring repetitive, tedious, and hazardous 
work. 

Robots perform a variety of tasks in industry. The most common are weld- 
ing, spraying or painting, and “pick-and-place” operations. Various tools on the 
end of the manipulator arm, called end effectors, let the robot perform a remark- 
able variety of tasks. In addition, a programmable controller or computer is used 
to control the robot. A robot may thus be programmed to perform a wide variety 
of jobs and is easily reconfigured when the work changes. 

In subsequent chapters you will see more of these kinds of descriptions. But 
in Chapters 2—4, you will learn a few more basics that make the rest of the book 
more understandable. 
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FIGURE 1.6 The most common form of robot emulates a human arm and hand to perform work 
automatically under the control of a computer. 


Project 1.1 


How Much Electronics Do You Own? 

Just to be sure that you really appreciate the extent to which electronics impacts 
your life, | strongly suggest that you take a few minutes and make an inventory of 
all the electronic devices and equipment that you use at home, at work, and away 
from home. Get a yellow pad and a ballpoint pen and move around your house 


and just write down all the electronic products that you own and use on a regular 
basis. TV sets, computers, and cell phones are the most obvious, but do not forget 
things such as telephones, your wrist watch, appliances, and other entertainment 
products. Make a separate listing of the electrical and electronic products you use 
inside your car and then another one for those electronic products that you use at 
work. Make the list comprehensive. Study it. Be amazed. 
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Project 1.2 


How Much Electronics Do You Use? 

Now take that same pad of paper and pen and make a quick summary of how 
you spend your time during the day. How much time do you spend using each 
of the electronic products that you listed above? Some of them are only momen- 
tarily used, but others you use over longer periods of time, particularly computers, 
smartphones, and TV sets. Just take a quick estimate of the time you use each one 
during a typical day. Again, add up the hours. Be amazed. 


Project 1.3 


Decisions, Decisions 

Make the following decision. If you had to give up all of your electronic products 
but one, which one would you keep? TV, cell phone, remote control, music player? 
Only one. This will say a lot about who you are. 
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Chapter 2 


Electronic Concepts: More 
Interesting Than You Think 


Some Basic Stuff You Really Need to Know 


In this Chapter: 


e Electrons and current flow. 

DC and AC voltage. 

Voltage sources, batteries, the power line, and power supplies. 
Signal sources. 

Magnetism and induction. 


INTRODUCTION 


You do not have to be an engineer, physicist, or mathematical genius to learn 
electronics. But there are a few basic things that you need to know so you can 
understand what is going on in the circuits and equipment. For example, you 
need to know that electrons are what make up current flow, and voltage is what 
makes the current flow. You also need to know about magnetic fields and elec- 
tric fields, where they come from, what they do, and how magnetism and cur- 
rent flow are related. With that background you are ready to learn about the 
various components and circuits. This chapter takes care of those basics. 


ELECTRICITY AND ELECTRONICS 


Electricity is a type of energy produced by a charge that is either fixed (static) 
or moving (dynamic). The main source of electricity is the electron, a subatomic 
particle that has a negative charge. When electrons are stored or moved, electric- 
ity 18 produced. 

Electricity is one of our prime sources of energy. It is used for lighting, heat- 
ing, and operating appliances of all sorts. It powers motors to produce mechani- 
cal energy, and it powers our electronic equipment. The uses of electricity are 
virtually infinite. 
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Electronics is the field of applied science that uses components such as resis- 
tors, capacitors, diodes, transistors, and integrated circuits (ICs) to control and 
process electricity. These components are used to create circuits that convert, 
modify, vary, translate, or otherwise manipulate electrical charges to perform 
useful functions. That is the essence of it. Now for the details. 


Atoms and Electrons 


This section really ought to be called Physics 101, but I do not want to scare 
you away. Just to make you more comfortable, I have to say that it is not all that 
complicated or difficult to understand. So even if you avoided physics in high 
school, just be aware that it is pretty easy. Trust me. 

All matter, whether it is a solid, a liquid, or a gas, 1s made up of tiny enti- 
ties called atoms. An atom is the smallest possible particle of substances called 
elements. An element is a chemical substance that cannot be subdivided into 
smaller, simpler substances. Typical elements are hydrogen, oxygen, gold, sil- 
ver, copper, carbon, helium, silicon, and sodium. All matter is either an element 
or composed of several elements. Atoms of two or more elements often com- 
bine to form new substances called compounds. For example, water is a com- 
pound of hydrogen (H) and oxygen (O) or HO. Salt is a compound of sodium 
(Na) and chlorine (Cl) or NaCl. The smallest possible particle of a compound 
that exhibits all the characteristics of the substance is called a molecule. 

According to the theories of physics, an atom is composed of a nucleus 
consisting of a core of tightly bound subatomic particles, called protons and 
neutrons. Protons have a positive charge. Neutrons are neutral, having neither a 
positive nor a negative charge. 

Rotating around the nucleus are electrons. The electrons arrange themselves 
in multiple orbits in much the same way that the planets orbit around the Sun. 
The orbits are sometimes referred to as rings or shells. Electrons have a negative 
charge. Fig. 2.1 illustrates a copper atom. The number of electrons in orbit equals 
the number of protons in the nucleus. The number of positive charges equals the 
number of negative charges. Therefore, the atom is balanced electrically. 

As far as electronics is concerned, the most important part of an atom is its 
electrons. Since electrons can be manipulated (1.e., stored or moved), they can 
be used to produce electricity. This electricity can then, in turn, be processed 
and controlled to perform a wide range of valuable functions. By applying an 
external force, the electrons in the outer shells can be stripped off to produce 
current flow. 


Charge, Voltage, and Current 


There are two basic types of electricity, static and dynamic. Static electricity 
is the buildup of a charge between two objects. Dynamic electricity supplies a 
continuous charge. 
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FIGURE 2.1 Physics model of what a copper atom looks like. 


Static Electricity 


With static electricity, one object has an excess of electrons and the other has a 
shortage of electrons. The object with an excess of electrons is therefore nega- 
tive, while the object with a shortage of electrons is positive. A basic law of 
electricity states that opposite charges attract and like charges repel. The two 
oppositely charged bodies, one negative and one positive, will have a high 
physical attraction for one another. An invisible force field called an electric 
field will exist between the two charged objects. The object with a shortage of 
electrons attracts the object with excess electrons. 

The two oppositely charged objects will naturally attract one another. 
The closer they are, the greater the attraction. This attraction of the charges 
sets up an electrical force field between the two bodies. This electric field, 
like a magnetic field, contains energy that can be released to perform useful 
work. 

Whenever there are opposite charges on two objects, we say that an electri- 
cal potential or difference of potential exists between them. This difference of 
potential is called voltage. Voltage is an electrical pressure that can cause work 
to be accomplished. 

The charge stored on the two objects is usually called static electricity 
because it is stationary. However, this charge is usually dissipated in some 
way. If the two charged objects get too close, or the charge builds up too high, 
the attractive force becomes so great that the electrons jump the gap between 
them and create a spark. That is how lightning occurs. The clouds and the earth 
become oppositely charged, the earth positive, the clouds negative. The charge 
becomes so great that the electrons leap across the free space gap, ionizing 
the air, and creating a path through which the electrons travel to neutralize the 


18 Electronics Explained 


positive charge on the earth. The result 1s the massive spark or flash that we call 
lightning and the roar we call thunder. 

In general, static electricity 1s not very useful. It represents energy stored as 
a charge, but 1t quickly dissipates as a spark or a brief flow of electrons between 
the negatively and positively charged objects when the two charged objects get 
close enough or when the charge gets too high. We call this an electrostatic dis- 
charge (ESD). Static electricity, or ESD, 1s regarded as more of a disadvantage 
or nuisance than anything else. In fact, it is one of the main causes of damage to 
electronic components such as transistors and ICs. 

Neutralizing a charge between two objects cancels or eliminates the poten- 
tial. However, if we had a constant charge that could constantly be replenished, 
we would have a continual source of potential (voltage) and could therefore 
sustain a flow of electrons. With such a source of electrical energy, useful work 
can be accomplished. 


Dynamic Electricity and Current Flow 


Electricity as we know it, whether in electrical power applications or in elec- 
tronics, is actually the flow of electrons. Electrons flowing from one place to 
another is known as current flow. And it is voltage that causes the current to 
flow. When electrons flow, we have energy that can be put to practical use. 
Electrons flowing in a filament create light. Electrons flowing in a heating coil 
produce heat. Electrons flowing in a motor produce mechanical energy. The 
object is to convert the energy from one form to another. In electronics, we 
precisely control the electrons with special components and circuits to produce 
a variety of effects. 

Fig. 2.2 provides a general block diagram model that shows how all elec- 
trical or electronic circuits work. A voltage source produces the energy that 
causes electrons to flow. This current flow is controlled or processed by a single 
electronic component, or many components that make up an electronic circuit. 
The processed electrons flow through a load that consumes or uses the electri- 
cal energy to produce a useful output. In an electrical application, the load may 
be a light, a heating element, or motor, as described above. In an electronic 
application, the load may be an antenna that radiates the radio signal produced 
by the electronic circuits. Or the load may be the magnetic head that develops 
and records digital data on a hard disk or a laser that records a video signal on 
a DVD. 

A couple of key facts about the circuit in Fig. 2.2 are required here. First, 
there must be a voltage source to cause the current to flow. The electrons flow 
from the negative terminal of the voltage source around the circuit as they are 
attracted by the positive terminal. Second, the circuit must always form a com- 
plete loop from plus to minus. 

Current is so important that we need some way to measure it. We do 
this by standardizing the number of electrons that move past one point in a 
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FIGURE 2.2 Basic electrical circuit used to describe every electronic circuit. 


conductor during a specific period of time. The charge or quantity of elec- 
trons (Q) is measured in coulombs (C). One coulomb of charge is equal to 
6,242,000,000,000,000,000 or 6.242 x 10!8 electrons. If 1 coulomb moves past 
a point in 1s, we say that the current is 1 ampere (A). One coulomb per second 
(1 C/s) equals 1A. 


Direction of Current Flow 


The current flowing in electronic components and circuits consists of electrons 
that are influenced by a charge or voltage source. The early pioneers of electric- 
ity did not know that electricity was the movement of electrons. They knew that 
there was some kind of movement, of a charge or current, but they did not know 
what it was, or in which direction it flowed. To explain electrical phenomena 
and perform analyses of components and circuits, they simply assumed a direc- 
tion of current flow that everyone agreed to and used. Their original assumption 
was that current flowed from positive to negative, the opposite of the actual 
direction. This has become known as conventional current flow. 

Even after the discovery that real current was electrons moving from negative 
to positive, scientists and engineers continued to assume a positive-to-negative 
current flow. And science and engineering professors have continued to teach 
and support the conventional current flow concept. Most science and engineer- 
ing textbooks illustrate and teach conventional current flow. Old traditions die 
hard or maybe never die. 

As it turns out, it does not really matter what direction current flows. Any 
analysis, design, or explanation can be successfully carried out using either 
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electron flow or conventional current. One way is not any better than the other in 
describing or understanding electrical or electronic phenomena. Why academia 
has perpetuated the myth of conventional current flow rather than accepting 
and teaching the truth 1s not known. It no doubt stems from long-time heritage, 
custom, and convention. 


Conductors, Insulators, and Semiconductors 


A conductor is a material that has many electrons easily freed up by an external 
voltage. Current flows through conductors easily. They have what we call low 
resistance. Most good conductors are metals such as copper, silver, or alumi- 
num, with loosely bound electrons that can be freed by an external voltage to 
create current flow. Copper wire is the most commonly used conductor because 
of its low cost and its ability to be formed into many different shapes and sizes. 
Most metals are conductors but so is salt water. 

Insulators are just the opposite of conductors. These are usually compounds 
in which the electrons are tightly bound together with the nuclei of the atoms. 
Even with lots of voltage applied, the electrons are hard to strip away to make 
current. Insulators keep current from flowing. Some common insulator materi- 
als are glass, ceramic, and plastics. 

A third category of material is called semiconductor. It is a material that 
can be changed to make it a good conductor or a good insulator or anything 
in between. Semiconductors are used to make the transistors, diodes, and ICs. 
The most common semiconductor is silicon. Others are germanium and carbon. 
Compounds such as gallium arsenide (GaAs), indium phosphide (InP), and sili- 
con germanium (SiGe) are examples. Most ICs or chips are made of silicon. 


MAGNETISM 


You are probably asking, what does magnetism have to do with anything? As it 
turns out, it has lots to do with electricity and electronics. As you will see, the 
two are tied together significantly, meaning you need to know about both to get 
the big picture. Magnetism is essential to all electrical and electronic phenom- 
ena. Without magnetism, there would be no electricity or electronics. 


Magnetic Fields 


Magnetism is an invisible force that has the power to attract pieces of iron, or 
alloys of iron such as steel. Iron, steel, and the metals, nickel and cobalt, are 
called magnetic materials because they can be magnetized to generate a mag- 
netic field, or they support the development and passage of a magnetic field. 
Magnets are pieces of such materials that exhibit this force. Magnetism has no 
effect on nonmagnetic materials such as other metals (aluminum, brass, etc.) or 
on objects made of wood, plastic, or glass. 
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FIGURE 2.3 Permanent bar magnet illustrating the magnetic lines of flux that surround it. 


You have no doubt experienced the effects of magnetism yourself. You may 
have played with a horseshoe magnet as a kid or used bar magnets like the 
one in Fig. 2.3 in a school lab. And you most likely have used flat magnets to 
hold paper notes on your refrigerator or file cabinet. These are called permanent 
magnets because they retain their magnetic force indefinitely. 

A magnet is surrounded by an invisible magnetic force field made up of 
magnetic lines of force or flux lines. These flux lines flow out of one end of the 
magnet, the north (N) pole, and into the other end, the south (S) pole, as shown 
in Fig. 2.3. The ends of the magnet are the points of the heaviest concentration 
of the magnetic field. 

The basic law of magnetism follows: opposite poles attract, and like poles 
repel. When you get two permanent magnets together, the north and south 
poles will attract one another. On the other hand, two north poles will repel 
one another. Two south poles will also physically push away from one another. 
Permanent magnets are used in a variety of electrical and electronic equipment. 
Their most common use is in motors, where the attraction and repulsion of 
magnets create rotary motion. 


Electromagnetism 


Magnetism is also produced by electricity. Whenever electrons flow in a con- 
ductor, they produce a magnetic field. This effect is called electromagnetism. 
Fig. 2.4A shows how the magnetic lines of force encircle a wire through which 
current is flowing. Note that the direction of the lines of force depends on the 
direction of the current flow. 

The strength of the magnetic field around a wire depends on the magnitude 
of the current flowing. High current (composed of many electrons) produces 
a strong magnetic field. Despite the current amplitude, however, the magnetic 
field weakens because it spreads out quickly, even at a short distance from the 
wire. 
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FIGURE 2.4 (A) Current in a wire produces a magnetic field around it. (B) Coiling the wire 
increases the strength of the magnetic field. 


If you make a coil out of the wire, as shown in Fig. 2.4B, the lines of force 
around each turn are added together. The result is that a more powerful, highly 
concentrated magnetic field is produced. In fact, the coil simulates a bar magnet 
with north and south poles. 

As indicated earlier, the strength of the magnetic field depends on the current 
amplitude in the wire. High current produces a strong field. The magnetic field 
is also increased by coiling the wire, which helps concentrate the lines of force. 
The closer the turns of the wire, the stronger the field. You can also increase 
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FIGURE 2.5 Relative motion between a magnetic field and a conductor such as a wire causes a 
voltage to be induced into the wire making it a voltage source. 


field strength for a given current level by simply adding more turns to the coil. 
Strong electromagnets are made by tightly coiling together many turns of fine 
wire in several layers. 

Another way to increase the strength of the magnetic field is to insert a bar 
or core of magnetic material inside the coil. Because flux lines flow easier in 
iron or steel than in air, an iron or steel bar inside the coil helps concentrate the 
lines of force. Most of the flux lines flow through the core because it represents 
a lower path of resistance than the surrounding air for the lines of force. The 
result is a very strong field. 


Electromagnetic Induction 


Another important principle of magnetism is electromagnetic induction. This 
principle states that whenever there is relative motion between a conductor and 
a magnetic field, a voltage will be induced into the conductor. 

Refer to Fig. 2.5. If the wire is moved up or down so that it cuts through the 
magnetic lines of force between the magnet poles, voltage will be induced in 
the wire and cause current to flow. Voltage will also be induced into the wire 
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if the wire is held in a fixed location and the magnetic field is moved so that 
the flux lines cut across the wire. The wire actually becomes a voltage source. 
That voltage will cause current to flow. The direction of current flow in the wire 
depends on both the direction of the magnetic field and the direction of the rela- 
tive motion between the magnetic field and the wire. 

The amount of the induced voltage depends on the number of flux lines cut 
and the speed of cutting. The greater the number of lines of force, the higher the 
induced voltage and the greater the current flow. The highest induced voltage 
occurs when the conductor cuts across the flux lines at a right angle. If the wire 
moves parallel with the lines of force, no voltage is induced. 

The induced voltage can also be increased by coiling the wire. More turns 
passing through the magnetic field will produce greater induced voltage and 
current flow. The motion in the magnetic field causes a small voltage to be 
induced into each turn of wire. All of the voltages will add together to produce 
a higher voltage. 

In the examples above, we have assumed that the magnetic field comes 
from a permanent magnet. However, it does not really matter where the field 
comes from. An electromagnetic field works just as well. Electromagnetic 
induction is the principal method of generating electricity in the world. Most 
electrical power is produced by giant generators containing large coils of wire 
that rotate in a magnetic field. The generator or alternator in your car works 
the same way. 


VOLTAGE SOURCES 


To make current flow, we must have voltage. That voltage will produce either 
direct current (DC) or alternating current (AC). DC is electron flow in only one 
direction. AC is current that flows in one direction and then reverses and flows 
in the opposite direction. 


Direct Current Voltages 


DC may be a fixed, steady current, one that varies, or one that switches off and 
on periodically. A DC voltage source is one that causes direct current to flow 
one way through the circuit, component, or conductor. It has positively and 
negatively charged terminals of a fixed polarity. It always causes electrons to 
flow from negative to positive. 

Fig. 2.6A shows a fixed, positive DC voltage source, which is usually either 
a battery or an electronic power supply. We call it a positive source because 
the negative terminal of the DC source is connected to a common point called 
the ground. The other terminal is positive with respect to ground. Voltages are 
always looked at or measured between two points with one point (ground) being 
the reference. The polarity of the voltage is the polarity of the terminal not con- 
nected to ground. 
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FIGURE 2.6 DC voltages. (A) DC voltage source such as a battery or power supply. One side 


is usually grounded to serve as a reference. (B) Fixed, continuous positive DC voltage shown over 
time. (C) Negative DC voltage. (D) Varying positive DC voltage. (E) DC voltage pulses. 
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The remainder of Fig. 2.6 shows graphs of DC voltage over time. In elec- 
tronics we normally view DC or AC voltages with respect to time. The positive 
DC voltage is shown in Fig. 2.6B as a horizontal dashed line. 

A negative DC voltage is shown in Fig. 2.6C. The dashed line representing 
the voltage below the zero line indicates that it is negative. The voltage is nega- 
tive with respect to the reference point known as ground. 

Fig. 2.6D shows a varying positive DC voltage. It begins at +5 V, rises 
upward to +11 V, and then drops to 12 V over a period of 5s. The left-hand scale 
indicates the voltage level. 

Fig. 2.6E shows a pulsating DC, that is, one that turns off and on. This volt- 
age switches on to +12 V, stays on for 1 s, and then switches to zero for 1 s. Then 
this on—off cycle repeats. One cycle is the time of one on pulse and one off pulse 
or in this case 2s. Such pulse signals are usually called binary or digital signals. 


Alternating Current Voltages 


As its name implies, AC current flows in two directions in a conductor, compo- 
nent, or circuit, but not at the same time. The electrons move in one direction, 
then reverse and flow in the other direction, both for a short period of time. The 
direction of flow reverses repeatedly. 

The polarity of an AC voltage reverses periodically. During one period, 
the terminals of the voltage source are + and —, but later reverse to — and +. 
This reversal continues to repeat as the voltage amplitude varies. Since it is the 
voltage that causes current to flow, if the polarity of the voltage changes, then 
naturally the direction of the electron flow will also change periodically. The 
electrons just flow back and forth in the circuit. 

An AC voltage source is usually represented by just a circle with a vary- 
ing wave inside as illustrated in Fig. 2.7A. It may be the AC outlet in your 
home, a signal generator, or a type of electronic circuit called an oscillator. AC 
voltages and currents can assume many shapes. The most common electrical 
and electronic AC voltage is a sine wave, as shown in Fig. 2.7B. The voltage 
rises gradually from zero to a positive peak, and then drops to zero. Then it 
reverses polarity, rises to a negative peak, and returns to zero. Each rise and fall 
is called an alternation. One positive and one negative alternation form a cycle. 
The cycles repeat over and over. The number of cycles that occur per second is 
called the frequency. 

The AC power-line voltage that comes into your house and appears at the 
outlets is a sine wave. Its frequency is 60 cycles per second (cps). The term 
hertz (abbreviated Hz) is normally used instead of cps to express frequency. The 
power-line frequency, therefore, is 60 Hz. All radio signals are sine waves, but 
have very high frequencies. 

AC signals can have a variety of other shapes as well. Fig. 2.7C shows a 
square or rectangular wave. It is made up of pulses of alternating polarity volt- 
ages that switch from 16 to 26V. Fig. 2.7D shows a triangular wave, and Fig. 2.7E 
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FIGURE 2.7 AC voltages. (A) AC voltage source drawn as a circle with a wave inside. The output 
polarity changes periodically. (B) Sine wave, the most common AC voltage shape. (C) Rectangular 
wave or AC pulses. (D) Triangular wave. (E) Random AC wave that may represent voice or video. 
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shows a complex waveform that might represent voice or video. Regardless of 
their shape, AC signals have one thing in common: they reverse the polarity and 
direction of current flow periodically. Their frequencies can range from a fraction 
of a cycle per second to billions of cycles per second. 


Alternating Current Frequency 


Frequency 1s measured and expressed in units called cps or Hz. Hertz 1s the 
more common unit. To express higher frequencies, the units kilohertz (kHz), 
megahertz (MHz), and gigahertz (GHz) are used. 


1 kHz= 1000 Hz 
1 MHz=1 million Hz or 1000kHz 
1 GHz=1 billion Hz, 1 million kHz, or 1000 MHz 


Table 2.1 presents a summary of various frequency ranges that you will 
encounter and the types of signals in those ranges. 


Alternating Current Voltage Measurement 


To measure or represent the amount of AC in a circuit, we usually state the peak, 
peak-to-peak, and root mean square (rms) values. The peak value of a wave is 
simply the voltage measured from the zero line to the maximum positive (or 


TABLE 2.1 The Frequency Ranges of the Electromagnetic Spectrum and 
Their Applications 


Frequency Range Types of Signals 

20Hz to 20kHz Audio, sound, voice, and music. 

300 kHz to 3 MHz (LF) Low radio frequencies. AM broadcast. 

3 MHz to 30 MHz (HF) High-frequency radio, shortwaves. 
Broadcasting, amateur radio, CB. 

30 MHz to 300 MHz (VHF) Very high radio frequencies. Two-way 
radio, mobile, marine, aircraft, TV and FM 
broadcast. 

300 MHz to 3 GHz (UHF) (anything Ultrahigh radio frequency. Two-way radio, 

above 1 GHz is called microwave) TV broadcast, cell phones, GPS satellites, 


wireless broadband, wireless networks. 


3 GHz to 30 GHz (EHF) Extremely high radio frequencies. Radar, 
satellites, network radios. 


30 GHz to 300 GHz Superhigh radio frequencies. Radar, 
satellites, network radios, 5G cell phones. 
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negative) value. In Fig. 2.7B, the peak value of the sine wave (V,) is 7V. The 
peak-to-peak value, normally abbreviated V,,,, is the positive peak added to the 
negative peak. Or, since the positive and negative peaks are identical in a sine 
wave, the peak-to-peak value is two times the peak value, or in this case 14 V. 


Vop =2Vp 


Another way to measure AC voltage is to use an average value known as rms 
or effective value. The rms value is computed by multiplying the peak value by 
0.707 or: 

Vims = 0.707V >, 


Thus, the rms value of the sine wave is 0.707 x 7=4.949 V. Most sine wave 
voltages are measured and stated in terms of rms value. The amount of AC volt- 
age available at a standard AC outlet, for example, is 120 Vms- The rms value, 
as discussed above, is applied only to sine waves. The significance of the rms 
value is discussed later when we address power. 


PRACTICAL DIRECT CURRENT AND ALTERNATING CURRENT 
VOLTAGE SOURCES 


Just what is the source of DC and AC? Such voltages originate from a variety 
of sources. 


Direct Current Voltage Sources 


Batteries 


The most common source of DC voltage is a battery. A battery is a collection of 
cells. A cell is the basic unit of voltage generation that creates electricity by chem- 
ical action. A battery is made up of two or more cells connected together. Fig. 2.8 


Electrolyte 
(liquid or paste) 


FIGURE 2.8 Basic concept of any battery. 
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TABLE 2.2 Most Popular Types of Cells/Batteries and Typical Applications 


Materials Voltage Type Applications 

Alkaline 15 Primary AAA, AA, C, D cells; 
flashlights; toys; and 
much more 

Mercuric oxide 185 Primary Watches; calculators 

Silver oxide 1.6 Primary Hearing aids; watches 

Nickel-cadmium 12 Secondary Tools 

Nickel metal hydride 12 Secondary Laptops; cell phones; 
power tools 

Lead acid 2] Secondary Cars; golf carts 

Lithium ion 4.1 Secondary Cell phones; tablets; 


laptops; electric cars 


shows the configuration of a cell. It consists of two metal electrodes immersed 
in a solution called an electrolyte. The chemical interaction between the metal 
electrodes and the electrolyte produces a separation of charges. This separation 
of charges results in an excess of electrons on one electrode (the — terminal of 
the cell) and a shortage of electrons on the other electrode (the + terminal of the 
cell). If a conductor is connected externally between the terminals, electrons will 
flow from — to +. 

The amount of voltage produced by the cell depends on the type of elec- 
trodes and the electrolyte. Various chemical combinations generate different 
voltages. Table 2.2 lists the most commonly used cells and the voltage they 
generate. 

The schematic symbol of a cell is illustrated in Fig. 2.9A. To create a bat- 
tery, two or more cells are connected together. The cells are usually connected 
in series form, that is, end to end and — to +, as shown in Fig. 2.9B. The cell 
voltages add up to produce the total battery voltage. For example, six small 
alkaline cells are connected in series to create a 1.5x6=9-V transistor radio 
battery. A car battery consists of six lead—acid cells connected in series; each 
produces 2.1V for a total battery voltage of 6x2.1=12.6V. If four nickel 
metal hydride cells are connected in series, as in Fig. 2.9B, the total battery 
voltage 1s 4.8 V. 

The simplified schematic symbol for a battery is shown in Fig. 2.9C. 
Instead of drawing all of the individual cells, the simplified battery symbol 
is used. 

The cells listed in Table 2.2 can be separated into two categories, primary 
and secondary. Primary cells cannot be recharged. As the chemical action 
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FIGURE 2.9 Battery and cell symbols used in circuit diagrams. (A) Cell. (B) Four cells in series 
making a battery. Cell voltage add-up. (C) Symbol for battery of any number of cells. (D) Cells in 
parallel to increase current capability. 


produces voltage, the electrodes and electrolyte are actually used up. At some 
point, no further chemical action is produced, and no voltage is generated. The 
cell must be discarded and replaced. 

Secondary cells, on the other hand, can be recharged. In these cells, the 
chemical action can be reversed by connecting an external DC voltage to the 
battery. This is called charging. Charging forces electrons into the battery, 
producing a reverse chemical action that rejuvenates the electrodes and the 
electrolyte. The cell can be discharged and charged repeatedly, giving it a 
very long life. 

The amount of current that can be drawn from a cell depends on its size and 
the quantity of the materials used. Large electrodes and electrolytes can produce 
more current, but the voltage stays the same; the type of material, not its vol- 
ume, determines voltage. 

For example, a large D-size flashlight cell and a tiny AAA penlight cell 
are both made of alkaline material so their output voltages are both 1.5 V. The 
D-cell, however, can produce more current and will have a longer life because 
it is larger. 

A greater current capacity can be obtained by simply connecting two or 
more cells in parallel. In a parallel connection, the cells are wired across one 
another, all + leads connected together, and all — leads connected together, as 
shown in Fig. 2.9D. The output voltage remains the same, but the current output 
can be higher. 


Solar Cells 


A special type of voltage-producing cell is the so-called solar cell. Also 
called a photovoltaic cell, a solar cell converts light into electrical energy. 
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FIGURE 2.10 Panel comprised of solar cells in series and parallel make up DC source that 
charges the battery in a spacecraft. 


When the sun or artificial light shines on the cell surface, a voltage is gener- 
ated. The most commonly used material is silicon, and a typical cell gen- 
erates about 0.5 V. Other materials, such as cadmium sulfide and gallium 
arsenide, are also used. 

You have probably seen solar cells used in handheld calculators. Big 
arrays of solar cells are now being adopted as an energy source for homes 
and businesses. Another important application is spacecraft. Virtually every 
satellite, deep-space probe or other space vehicle, uses solar cells for power. 
Huge panels of solar cells connected in a complex series—parallel array 
produce a powerful battery that can operate all electrical and electronic 
equipment on board. Typically, however, such a solar battery is primarily 
used to recharge the main spacecraft power source, which may be a nickel- 
cadmium secondary battery, as shown in Fig. 2.10. The voltage produced by 
this array is 2 V. 


Fuel Cell 


A fuel cell is a special type of battery that combines oxygen and hydrogen gas 
to produce voltage and electron flow. That means you have to have a supply of 
hydrogen gas, which is usually stored in a bottle or other container. Typically, 
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the oxygen can be extracted from the air, but 1f not you will need a bottle of 
oxygen as well. When you combine the two, charges separate and plus (+) and 
minus (—) terminals are formed. Most fuel cells generate between 0.5V and 
0.9V, so you have to put many of them in series to be useful. Usually they are 
bulky and inconvenient because of the need for the gases. But as long as oxygen 
and hydrogen are supplied, the fuel cell produces the voltage. Heat and water 
are by-products of the chemical process, making them essentially impractical 
for many applications. 


Power Supplies 


Electronic circuits require a source of DC for proper operation. A great many 
electronic products are still powered by batteries because they are small and 
portable, such as cell phones, iPods, and the like. Other electronic equipment 
is designed to operate from the AC power line. Such equipment contains 
an electronic power supply that converts AC into the required DC voltages. 
Computers, TV sets, and other nonportable electronic equipment have an AC 
power supply. 


Alternating Current Voltage Sources 


Generators 


The AC that appears at the outlets of our homes and offices is produced by huge 
electromechanical generators owned and operated by an electrical utility com- 
pany. A source of mechanical power—such as water, or a steam turbine powered 
by oil, coal, or nuclear fuel—operates the generator. The turbine converts steam 
into mechanical energy to turn the generator. The generator rotates coils in a 
strong magnetic field to produce a voltage. The speed of rotation of the coils 
determines the frequency. That voltage is a 60-Hz sine wave. 

The big wind generators popping up across the landscape also produce 
AC sine waves, but because the rotational speed depends on the wind speed, 
the AC frequency will vary, which is unacceptable. Therefore, the AC volt- 
age they produce is converted to DC, and then back into AC of the correct 
frequency (60 Hz) to be used or put on the AC power grid. 

Another example is the alternator in your car. “Alternator” is just another 
word for an AC generator. The alternator, driven by the car engine through a 
belt, produces AC output that is converted to DC by diodes making up a recti- 
fier. The rectifier output is DC to charge the battery. 


Inverters 


Electronic circuits called inverters are used to produce AC from a DC source. 
This is common in solar power systems. The solar cells produce DC, which 
keeps batteries charged. The DC is then converted to AC by the inverter. 
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In electronic equipment, AC signals are generated by circuits called oscilla- 
tors or function generators. The AC signals are sine waves, square (rectangular) 
waves, or triangular waves, among others. 


Analog and Digital Signals 


You have no doubt heard the terms “analog” and “digital.” These terms distin- 
guish between the two main types of voltages or signals in electronic equip- 
ment. Analog signals are voltages that vary smoothly and continuously over 
time. You saw some in previous figures. Analog signals may be either DC or 
AC. A continuous DC voltage is analog, as well as a varying DC signal. A sine 
wave and the random signal in Fig. 2.7E are also analog signals. 

Analog signals come from microphones, video cameras, and sensors that detect 
light level, temperature, and other physical conditions. The most common types 
of analog signals are voice or music from a microphone and video from a camera. 

Digital signals are pulses or on—off signals. The DC pulses in Fig. 2.6E and 
2.7 are digital. Most digital signals are binary in nature, meaning they only have 
two voltage values. In Fig. 2.6E the two values of voltage are 112 and OV. In 
Fig. 2.7C the two voltage levels are 13 and 23 V. 

You will see both analog and digital signals in all sectors of electronics. 
Today, most signals are digital. Special circuits called analog-to-digital con- 
verters (ADCs) and digital-to-analog converters (DACs) are used to translate 
between the two types of signals. 


Fourier Theory and the Frequency Domain 


We normally think of electronic signals as voltages that vary over time. 
Waveforms showing signals are said to be in the time domain. Time is the 
horizontal axis in a graph. But there is another way to look at signals in the 
frequency domain where frequency is on the horizontal axis. For example, 
a sine wave is shown as a single vertical line at its frequency as Fig. 2.11A 
shows. The height of the line is representative of the voltage level, either 
peak or rms. 

The big question is: how do you show a complex signal like a square wave 
in the frequency domain? The only way to do this is to use the Fourier theory 
that says that any complex nonsinusoidal wave is made up of a group of sine 
waves added together. There is a fundamental sine wave that occurs at the signal 
frequency plus harmonic sine waves. A harmonic is a sine wave whose fre- 
quency is an integer (whole number) multiple of the fundamental sine wave. 
The second harmonic of a 50-MHz sine wave is a 100-MHz sine wave. The 
third harmonic is a 150-MHz sine wave and so on. If you add the fundamental 
sine wave to multiple harmonics of differing amplitudes and phases, you can 
create any shape of wave. 
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FIGURE 2.11  Frequency-domain views. (A) 1-MHz sine wave. (B) 1-MHz square wave. 


For instance, a square wave 1s made up of a fundamental sine wave and all the 
odd harmonics. A 1-MHz square wave is made up of a fundamental 1-MHz sine 
wave and harmonics of 3 MHz, 5 MHz, 7 MHz, and so on. According to Fourier 
theory, it takes an infinite number of harmonics but in reality only a few (like up 
to the fifth or seventh) are needed to approximate the square wave. The frequency 
domain plot of a square wave therefore would look like the one in Fig. 2.1 1B. 

When looking at a time domain view of a signal, try to keep a frequency- 
domain picture in mind at the same time. You cannot actually see the third or fifth 
harmonics in the time domain plot but they are buried in there just the same. 


Project 2.1 


Getting Familiar With a Multimeter 

One of the things you are going to need as you work with electronic parts, circuits, 
and equipment is a multimeter. This is a test instrument that measures voltage, 
current, and resistance. Some also measure capacitance and other things. These 


multimeters are usually handheld and battery operated. There are two basic types, 
analog and digital. Analog meters use a dial to show the measured value. Digital 
multimeters (DMMs) have a liquid crystal display (LCD) to show the measurement. 
See Fig. 2.12. The two types work equally well; which one you use is typically a 
matter of preference for meters versus digital displays. | recommend a digital unit. 


Continued 


Project 2.1—cont'd 


FIGURE 2.12 A low cost digital multimeter that measures DC and AC voltages, current, 
and resistance. 


The good news is that multimeters are not expensive. You can get one for as 
little as $10, but a better unit may cost you several times that. The cheaper units are 
kits that you will need to build yourself. | do not recommend a kit if you are just 
starting out. Later in this book, | will discuss kits in more detail. In any case, you 
need to buy a multimeter and learn to use it. Plan to buy one as soon as you can. 

Several good sources of multimeters are as follows: 

Adafruit: www.adafruit.com 

Elenco Electronics: www.elenco.com 

Fry's: www.frys.com 

Jameco: www.jameco.com 

Kelvin Electronics: www.kelvin.com 

SparkFun: www.sparkfun.com 

Velleman: www.velleman.com 

Ask for a printed catalog when you inquire. 
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Hardware Sources 
As an electronic experimenter, you should be familiar with buying parts and 
equipment. RadioShack stores still stock some parts, but today most hobbyists 
and experimenters buy via the mail or online. The most popular sources of parts 
and equipment are All Electronics, Digi-Key, Mouser, and Jameco. And you will 
discover others. You can go to their websites, but you really should get on their 
mailing list and get a catalog. Do that as soon as you can. Links to these sources 
are given below. You can get your multimeter from one of them as well. 

Adafruit: www.adafruit.com 

All Electronics: www.allelectronics.com 

Digi-Key: http://www. digikey.com 

Jameco: http://www.jameco.com 

Mouser: www.mouser.com 

SparkFun: www.sparkfun.com 
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Project 2.3 


Magazines of Interest 

As you are learning electronics, you need to be continuously aware of what is 
going on in the industry and with the technology. Magazines are a good source of 
that information. One that you should read on a regular basis is Nuts & Volts. It is 
available at some newsstands and bookstores, but if you cannot locate it, go to the 
website and subscribe. This magazine has lots of articles and columns, including 
construction projects. It is a great way to stay up to date and learn more. Nuts & 
Volts also publishes Servo magazine, which is aimed at people who like to build 
and play around with robots. 

Another recommended magazine that has an embedded controller emphasis 
is Circuit Cellar. This publication contains great educational articles and projects. 
Get a subscription if you are serious about learning more. 

Another interesting magazine is called Make—it is not strictly electronics but it 
usually contains some good electronic projects. It also features other mechanical 
projects such as robots, among other things. This one is definitely worth a look the 
next time you are at the newsstand. 

Nuts & Volts and Servo: www.nutsvolts.com 

Circuit Cellar: www.circuitcellar.com 

Make: www.makezine.com 


Project 2.4 


Measuring Voltages 

A good first step in using a multimeter is to measure voltages. Batteries are a 
good place to start. Look around the house and locate some batteries that you 
commonly use. Take them out of the equipment before you measure them. You 
will most likely find AA or C cells. Set the multimeter to measure DC according 
to the meter user’s manual and connect the test leads to the battery. The red lead 
is + and the black lead is —. The LCD on the meter should show the voltage. 
It should be 1.5V. You can also check batteries in some cordless phones, cell 
phones, or other devices. You may be able to remove the battery from a laptop. 
In each case, check to determine the battery technology—lithium ion, alkaline, 
and so on. 

Two key points to remember: first, if you get the test leads reversed, the 
red to the — terminal of the battery and the black to the + terminal, the meter 
will read a negative value. That just means that the leads are reversed, noth- 
ing more. Second, you cannot typically judge the condition of the battery by 
measuring its voltage. With no load on the battery, no current is drawn from 
it so you are just measuring the characteristic voltage. If you connect the bat- 
tery to something, current will flow and its voltage will decrease slightly. If it 
decreases a lot, the battery is going bad. If the cell or battery voltage is several 
tenths of a volt lower than the characteristic value given in Table 2.2, the bat- 
tery is probably bad. 


Continued 
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Project 2.4—cont'd 


You could also go out to your car and measure its battery voltage. Be careful. 
You cannot get shocked but you could short something. When the engine is off, 
the battery will probably register about 12V. With the engine running, the battery 
voltage will be a bit higher, as much as 15V or so. The generator is charging the 
battery, making its voltage a bit higher. 

One last thing: You can use the multimeter to measure the AC line voltage at 
an outlet. Only do this if you have probes that will fit into the slots on the outlet. 

And be supercareful as you can kill yourself. Be paranoid, even. 

Set the multimeter for AC voltage at an appropriate level of at least 120V, 
according to the multimeter manual. Place the probe tips into the AC outlet and 
read the voltage. 

Do not touch any metal with the probe tips!! 

Your value will depend on things like how far you are from the power station, 
what appliances and other items are on, and time of day. In any case, the voltage 
range is about 95-130V. It is rarely lower than 110 or higher than 125V. The typi- 
cal value is 120V, or what is called nominal. | measured mine at 117V. 


Project 2.5 


Build a Simple Solar Electrical System 

Most electronic equipment is a system, a collection of parts, components, mod- 
ules, and subassemblies. The system receives electrical or electronic inputs, pro- 
cesses them, and generates useful new outputs. An example is a solar power 
system similar to one that may be used in some homes. 

Refer to Fig. 2.13. A solar panel battery receives energy from the Sun to gener- 
ate a DC voltage. This voltage is used to maintain a charge on a battery. A charge 
controller keeps the battery from overcharging and develops the output voltage to 
the inverter. The battery then powers a DC to AC inverter. The inverter generates a 
60 Hz AC voltage at the common line voltage of 120V. Any standard load such as 
a lamp or radio can be plugged in to operate from the inverter. In this project, you 
will build and operate such a system. 


FIGURE 2.13 A simple solar power system. 
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Project 2.5—cont'd 


e First acquire the parts. These are listed in Appendix B parts list. | got mine from All 

Electronics and the inverter came from a local Best Buy. There are other sources. 
Before you build the system, take the solar panel outside in the sun and mea- 
sure its output voltage with your DMM. In direct sunlight a 12V panel has a 
no-load, open circuit output of between 16 and 20V. When you connect a 
load, the output will drop to its approximate nominal 12 V value. 
Assemble the parts as shown in Fig. 2.13. Follow the wiring directions given 
for the charge controller. This device manages the charging of the battery to 
prevent overcharging and damage and conditions the battery output to the 
inverter. Be sure to observe the polarity of each connection! The inverter usu- 
ally comes with a 12V lighter plug like those used in cars. You may wish to use 
clip leads to make the connections faster and easier. Fig. 2.14 shows a photo 
of a typical system. Clip leads were used on some of the connections. 


FIGURE 2.14 An experimental solar power system. The solar panel feeds the charge con- 
troller below the panel. The charge controller connects to and charges the black battery on the 
right. The other charge controller output connects to the inverter below. The lamp plugs into 
the inverter. Clip leads are used to make the temporary connections. 


e Connect a load to the inverter. | used a small table lamp and plugged it into 
one of the inverter’s normal AC outlets. Be sure the wattage of the lamp does 
not exceed the wattage capacity of the inverter. 


Continued 


40 Electronics Explained 


Project 2.5—cont'd 


The battery should have an initial charge on it, but check it with your DMM to 
see that its output is about 12V or more. 

Take the system outside and let the sun charge the battery. The charge control- 
ler may have an off-on switch so turn it on if it does. Let the battery charge for 
about an hour. 

With all but the load turned on, use the DMM to measure the charge controller 
inputs and outputs to see if all are present. They should all be about 12V or so. 
Test your load. Turn on the lamp. It should work as normal. 

Use your DMM to measure the AC output voltage at the inverter outlet. Set 
your DMM to the AC mode and be very careful as the 120V output can 
severely shock you. You should measure about 120V. 

Turn off everything and disconnect the battery. 


Chapter 3 


The Systems Versus Components 
View of Electronics 


A Fresh New Way to Learn About Electronics 


In this Chapter: 
e Systems defined. 


e Examples of systems. 
e Introduction to basic electronic components. 


INTRODUCTION 


When learning about electronics in the past, you started with basics of physics 
and math, and then went on to learn electrical theories. Next came instruction 
in how electronic components work, and then you combined them into circuits. 
Then you put the circuits together into specific pieces of equipment. Finally, 
knowing the equipment, you could understand the application, such as TV or 
computers, audio or home system control, or whatever. This approach to learn- 
ing is called the bottom-up approach. You learned the details and added them all 
together to get to what you really wanted to know about—the application and 
1ts technology. 

That is still the way you learn electronics in college today, and it is the 
approach taken by most other electronics books you may have seen. This book 
does not take that old legacy path. Instead, it skips most of the early background 
and theory, goes right for details on the circuits, and then builds to the applica- 
tions. It is a much more interesting way to learn electronics. And it is also far 
more relevant to how electronic equipment is implemented today. We call this 
way of learning the “systems view” of electronics. 


WHY SYSTEMS AND NOT CIRCUITS? 


What is the advantage of this approach? First, thanks to modern semiconduc- 
tor technology, most electronic components and circuits are inside chips or 
integrated circuits (ICs). You cannot see them, and you cannot access, test, or 
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replace them. About all you can do is to learn what they do and then work with 
the various input and output signals. Since you do not have access to the com- 
ponents and circuits, there is some argument as to why you need to learn all that 
circuit theory detail. If you are an engineer designing ICs, you definitely need 
to know this. Otherwise, 1t 1s just a waste of time unless you want to know just 
for the heck of it. Some of it is nice to know, of course, but in most cases it 1s 
not necessary. What you really need to know is what the circuit is, what it does, 
what its characteristics are, and what the inputs and outputs should look like. 

A good example is the power supply in a PC. If it goes bad, you just replace 
it with a $30 unit that you can buy online. Troubleshooting the power supply 
would take many hours and require some expensive test equipment and access 
to spare parts. The whole repair could take hours and at a typical rate of, say, 
$50/h, or more, it could cost hundreds of dollars and take weeks to get the new 
parts. A quick replacement with the $30 unit takes only about a half hour at 
most. So for less time and money, you get your PC working faster. Not a bad 
deal at all. 

A cell phone is the same. It takes hours of troubleshooting and very expen- 
sive test equipment to troubleshoot and repair one. A typical repair would cost 
hundreds of dollars. Consequently, it is rarely done. It is sometimes cheaper to 
get a new cell phone, and it will be a better one at that. And it may even be free 
if you renew your service contract. That is electronics today. 

The ability to analyze circuit operation by tracing electron flow through the 
various components used to be necessary. That made it necessary to know about 
all the components in detail and how they all come together to make a circuit. 
But with the systems view, you rarely need this knowledge unless you are an 
engineer designing the circuits or the equipment. In most cases you are not, so 
why invest the time? 

The systems view is a better approach, as you do learn about the circuits 
and the equipment at a higher level. Later, if you want or need to, you can delve 
deeper into the circuit and component details, just for fun or to satisfy your 
curiosity. We will not do that in this book. But you will get the system view and 
big picture that will serve you well in learning electronics. 

The systems view is more important today because ICs have made it 
possible to largely ignore the internal details. The ICs and systems on a chip 
(SoC) have resulted in the throwaway electronics society in which we live. 
It is no longer possible or economical to repair most electronic equipment, 
thanks to ICs. The cost of labor, the cost of test instruments to troubleshoot 
equipment, and the difficulty of replacing ICs have made it more practical 
to just discard a bad piece of electronic equipment rather than repair it. It 
costs less and you get a newer and better replacement product as a result. 
Not a bad deal. 

Yes, it is still possible to repair some equipment. For example, big expen- 
sive equipment such as a magnetic resonance imaging (MRI) machine is usu- 
ally repairable; however, it is not done by replacing bad components, but by 
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FIGURE 3.1 Hierarchy of electronics from systems to components. 


replacing defective modules, subassemblies, or printed circuit boards (PCBs). 
You do not have to know how to analyze circuits to do that. You just trouble- 
shoot by observing signal flow, measuring inputs and outputs, and replacing 
any module or subassembly that does not work. You get the equipment working 
sooner and at lower cost. 

A good way to picture the systems view is shown in Fig. 3.1. It all begins 
with the components that make up the circuits that in turn make up the modules 
and subassemblies, usually on PCBs. Those are put together to form pieces of 
equipment. Finally, multiple pieces of equipment may end up being intercon- 
nected to form some kind of system. A few system examples will show you the 
idea. 

A personal computer (PC) is a great example of a system (see Fig. 3.2). It 
is made up of modules including a motherboard with its processor, memory 
ICs, and input/output (1/0) interfaces. There is a power supply module, a hard 
disk drive, a CD/DVD drive, and perhaps a video card. Then the system is com- 
pleted when it is connected to the video monitor, keyboard, mouse, printer, and 
Internet modem. 

A consumer home entertainment system is made up of a big-screen HDTV 
set, a cable or satellite box, a DVD/Blu-ray player, and an audio amplifier/ 
receiver with speakers. Other equipment may be involved such as an over-the- 
top Internet TV connection with a Wi-Fi unit from Apple TV or Roku. The TV 
itself or any of the other components are systems in their own right. 

An iPod or MP3 player is a simple system. Shown in Fig. 3.3, it consists of a 
memory, either a solid-state flash memory that stores the music, an audio codec 
IC that does the digital music decompression, digital-to-analog conversion and 
analog-to-digital conversion for storing music, a microcontroller that controls 
the whole thing including the selection controls, and the LCD readout. A pair 
of audio amplifiers and a headset complete the system. A power management 
system charges the battery and doles out DC to power the various ICs. 
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FIGURE 3.2 System block diagram of typical personal computer. 
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FIGURE 3.3 System block diagram of iPod or MP3 music player. 
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An MRI machine is a whole system. It is made up of the central bed sur- 
rounded by a superconducting magnet and radio frequency-sensing coils, high- 
power radio frequency (RF) amplifiers and detectors, the video imaging section, 
and a computer that runs the whole thing. 

Anyway, you get the picture. There are big systems, little systems, and lots 
of in-between systems. Their main characteristic today is that you cannot get at 
the individual components and circuits, but there are exceptions. 

In this book we look mainly at the circuits, equipment, and systems, not the 
components. We will give you a quickie introduction to the main components 
but move on to the circuits and systems. 


ELECTRONIC COMPONENTS 


Most systems today are collections of [Cs wired together on PCBs and pack- 
aged in a housing of some sort. The MP3 player/iPod in Fig. 3.3 is a great 
example. Each block in that diagram is an IC. In the past, systems were made 
with PCBs and other assemblies, but the circuits were made with discrete com- 
ponents, individual resistors, capacitors, diodes, transistors, and even some ICs. 
You will still see these here and there in modern equipment; just remember that 
most circuits and equipment are just a batch of ICs. 

Just so you will not be ignorant of components, here is a nutshell introduc- 
tion that should serve you well when learning electronics the system way. If you 
want to dig deeper, you can find many other books that will make your eyes 
glaze over with detail. 


Switches 


There is no simpler electrical component than a switch. It is just two (some- 
times more) metal contacts and a mechanical device to open and close them. 
In one position the switch contacts are open and not touching so that no cur- 
rent will flow through them; the switch is “off.” Moving the switch lever, the 
contacts are made to touch making a path for current to flow; the switch is 
said to be “on.” 

Fig. 3.4 shows a switch in a circuit diagram called a schematic. This shows 
the switch connected to a battery and a light-emitting diode (LED) in a simple 
flashlight. The other component is a resistor to limit the current. 


Resistors 


Resistors are one of the most common components in electronics. These devices 
offer opposition to current flow; they limit or set the level of current in a circuit. 
The opposition to current flow is measured in ohms. The higher the ohms value, 
the more resistance it offers to electron flow. 
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FIGURE 3.4 Switch and how it is used. 


Ohm's Law 


There is one key electrical relationship you should know, called Ohm's law. It is 
simple and easy to understand. It says the current in a circuit (I) is directly propor- 
tional to the voltage (V) and inversely to the resistance (R). It is usually expressed 
as a simple formula: 


| =V/R 


If you increase the voltage in a given resistance, the current increases. That 
makes sense since the voltage charge simply attracts and repels more electrons. 
Increasing the resistance makes the current decrease. Since resistance opposes cur- 
rent flow, more resistance with the same voltage will make the current decrease. 

Keep this simple relationship in mind, as it is the heart of every electrical and 
electronic application. 


Today most resistors are made along with all the other circuitries in an IC. But 
discrete component resistors are also still fairly widely used. The most common 
ones are called chip resistors and look something like the one shown in Fig. 3.5. 
They are small and you can just make them out when looking at a PCB. Older 
but still used resistors are cylindrical like the one shown in Fig. 3.5. The sche- 
matic symbol used to represent a resistor in a schematic diagram is shown in 
Fig. 3.5. Color-coded resistors use a set of color bands with a special code to 
indicate their value (see Fig. 3.6). 

An example of a common resistor circuit is the voltage divider shown in 
Fig. 3.7. It is used to attenuate a voltage or signal or make it lower. The two 
resistors of the voltage divider are connected in series. When current flows, a 
voltage develops across the two resistors. The input voltage is divided between 
the two resistors according to their value. In any case, the output is taken from 
one of the resistors and it is lower in value than the input. 
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FIGURE 3.5 Types of resistors and schematic symbol. 


Capacitors 


A capacitor is a device that stores electrical charge. It is made up of two metallic 
plates separated by an insulator such as plastic or ceramic or even air (see Fig. 3.8). 
The symbol for a capacitor in schematics 1s also shown. 

The basic function of a capacitor is to be charged or discharged. You charge 
the capacitor by applying a voltage to it as shown in Fig. 3.9A. The electrons 
pile up on one plate making it negative and are pulled away from the other plate 
making it positive. It takes a finite amount of time for the capacitor to charge as 
determined by the values of capacitance (C), stated in farads (F), and resistance 
(R). That time is called the time constant (T). In the charged state, the capacitor 
stores the voltage. The capacitor in its charged state is almost like a battery, as it 
can supply DC voltage to a circuit or load. 
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1st digit 
2nd digit 
Multiplier 


Tolerance: Silver + 10% 
Gold +5% 


Red Violet Orange Silver 
| I | | 
2 7 1000 + 10% 


Value: 27,000 Ohms + 10% 
Resistor color code 


Color of band Value Multiplier 


Black 0 1 

Brown 1 10 

Red 2 100 

Orange 3 1000 

Yellow 4 10,000 

Green 5 100,000 

Blue 6 1,000,000 
Violet 7 10,000,000 
Gray 8 100,000,000 
White 9 1,000,000,000 


FIGURE 3.6 Standard resistor color code. 
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FIGURE 3.7 Voltage divider, the most common resistor circuit. 
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FIGURE 3.8 Capacitor construction and schematic symbol. 
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FIGURE 3.9 (A) Charging capacitor, (B) discharging capacitor. 


The energy stored in the capacitor is used by discharging it into a load such 
as a resistor (see Fig. 3.9B). The electrons then flow from the negative plate 
through the resistor to the positive plate. Current flows until the charge is dis- 
sipated. Again, it takes time for the discharge to occur. 

When capacitors are used with AC signals, they offer opposition to current 
flow called capacitive reactance. It is like resistance in that it determines cur- 
rent flow, but it varies with the frequency of the AC and capacitor value. 

Capacitors perform all sorts of functions in electronic circuits. They are used 
for filtering and to pass AC but block DC. Fig. 3.10 shows a low-pass filter 
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FIGURE 3.10 Low-pass filter, a common capacitor use. 


comprised of a resistor and a capacitor. This is a frequency-sensitive circuit that 
passes AC signals below a specific frequency called the cutoff frequency (fro) 
and attenuates the frequencies above the cutoff. Fig. 3.11 shows how a capacitor 
passes AC but blocks DC. 


A Word About Ground 


In schematic diagrams like Fig. 3.10, you will see the triangular-shaped symbol 
called GND. This means ground. Ground is an electronic term that refers to a 
common connecting point. It may be a common wire, a metal chassis, a copper 


area on a PCB, or some other conductive part or area. In this figure, it means that 
the bottom of the AC generator and the bottom of the capacitor are connected 
together. 

Ground is also the common reference point for measuring all voltages. 


Inductors 


Inductors are mainly just coils of wire. When current flows through them, they 
produce a magnetic field and induce a voltage in themselves. This is called self- 
induction. The induced voltage has an opposite polarity of the applied voltage. 
The result is that the induced voltage causes opposition to the current flow. 
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We often use that characteristic to control current flow in AC circuits. Like 


the capacitor, the inductor is an opposition to AC called inductive reactance 
Fig. 3.12 shows the symbol of an inductor as used in schematic diagrams 


Transformers 


A transformer is usually comprised of two coils or windings on a common core 


The schematic symbol is shown in Fig. 3.13. A voltage applied to one winding 
called the primary causes current to flow and a magnetic field to develop. This 
magnetic field spreads out and induces voltage in the other winding called the 
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FIGURE 3.11 How capacitor passes AC sine wave but blocks DC voltage 


FIGURE 3.12 Schematic symbol for inductor 
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FIGURE 3.13 Schematic symbol for transformer. 
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secondary, thereby transferring electrical energy for one coil to another by way of 
the magnetic field. Transformers are used to step up or step down voltage levels of 
AC signals. They are also used for signal isolation as well as impedance matching. 


Diodes 


A diode is a semiconductor component that lets current flow through 1t in one 
direction but blocks current in the other direction depending on the polarity of 
the voltage applied to it. It acts like a polarity-sensitive switch. Fig. 3.14 shows 
a typical diode, the diode schematic symbol, and how it is biased for current or 
no current. 

Diodes are used mainly for rectification, the process of converting AC into 
DC. Fig. 3.15 shows how a diode converts an AC sine wave into DC pulses. If 
you put a capacitor across the load resistor, it will charge up to the peak sine 
voltage and store it. The result is that the output is a near-constant DC value. 
Most electronic power supplies work like this. 

Special diodes are made to emit light (LED), regulate voltage (zener diode), 
act as a variable capacitor (varactor), or perform as a switch (PIN diode). 


Transistors 


A transistor is a three-terminal semiconductor device that uses a small input sig- 
nal to control a much larger output signal. One type of transistor is the bipolar 
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FIGURE 3.14 Diode, its schematic symbol, and how to bias it for conduction or cutoff. 
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FIGURE 3.15 How a diode rectifies AC into DC. 
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FIGURE 3.16 Schematic symbol for bipolar junction transistor (BJT) and its inputs and outputs. 


junction transistor (BJT) shown in Fig. 3.16. A small current applied to the base 
element is used to control a larger current flowing from emitter to collector. 
Another type of transistor is the metal oxide semiconductor field-effect tran- 
sistor (MOSFET). It too has three elements, as shown in Fig. 3.17. A small volt- 
age on the gate controls a larger current flowing from source to drain. 
Transistors have two basic functions: amplification and switching. In ampli- 
fication, the small input variation causes larger output current variation. The 
small input signal is not really made bigger, but the larger output variation has 
the same shape and characteristics, resulting in the same effect. The transistor 
simply varies the larger DC current from the supply and shapes it like the input. 
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FIGURE 3.17 Schematic symbol for MOSFET and its input and outputs. 


FIGURE 3.18 Simple BJT amplifier and how it works. 


Amplifiers 

Fig. 3.18 shows a simple BJT amplifier. The base resistor sets the base cur- 
rent turning the transistor on so that current flows from emitter to collector. Its 
output voltage is a DC value at about half the supply voltage. Now, if a small 
AC signal is applied through the capacitor as shown, the base current will vary. 
This will vary the collector current and the voltage across the collector resistor. 
A small variation in the base current produces a larger variation in the collector 
current. The output voltage is an enlarged version of the input, except that it is 
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reversed in phase. We say that the output is 180° out of phase with the input, 
called phase inversion. The output is a DC signal, but to convert it to AC we 
pass it through a capacitor to the load. All amplifiers generally work like this. 


Switches 


As a switch, the transistor output current is turned off or on by the smaller input 
current or voltage. A small input signal can switch a larger output current off 
and on. Switching transistors can switch very fast (in less than nanoseconds). 
Fig. 3.19 shows a MOSFET switch. If the input voltage on the gate is zero, the 
MOSFET does not conduct. It acts like an open or off switch. The output then 
is just the supply voltage (1 V) as seen through the resistor. 

Now, if we apply voltage to the gate above a certain threshold level, the 
MOSFET will conduct. It acts like a closed or on switch so current flows in the 
resistor. The output is a very small value near zero. Fig. 3.19 also shows what 
the inputs and outputs look like with a square wave applied. 


Integrated Circuits 


An IC is also called a chip. It is a complete circuit made on a single chip of sili- 
con. All the components are made at the same time and interconnected to form 
an amplifier, microcomputer, memory, oscillator, radio transceiver, or whatever 
the function. The IC is then connected to DC power and it works. All you do 
is to apply the inputs, and new outputs are produced according to what the IC 
function is. Most circuits today are ICs. 


FIGURE 3.19 Simple MOSFET switch and how it works. 
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FIGURE 3.20 Typical integrated circuit today. This one is a dual-satellite TV tuner for set-top 
boxes. The size is only 7x 7mm. The pins are soldered to a printed circuit board. Courtesy NXP 
Semiconductor. 


There are all sizes and types of ICs. There are linear circuits for analog 
signals, digital circuits for binary signals, and mixed signal IC for both analog 
and digital signals. There are small ICs that are just an amplifier or logic circuit. 
Then there are even larger circuits like a computer memory or a microprocessor 
that 1s the heart of every computer. Finally, there are complete SoC. Each year, 
it is possible to make the components on a silicon chip smaller so you can put 
more on a chip economically. That is why we have iPods, cell phones, and other 
really small devices that in the past would have been huge pieces of equipment. 
Fig. 3.20 1s representative of ICs today. 

There are lots of other electronic components but these are the main ones. 
A few others are introduced in later chapters. 

While this book attempts to get you thinking about the big picture—the sys- 
tems rather than the individual components—we cannot ignore discrete com- 
ponents completely. Well, actually we can, but you may be curious and want to 
have a bit more involvement with them. If so, the projects to follow will show 
you how individual parts are used. The circuits presented here are trivial com- 
pared with the sophisticated technology you use every day, such as big-screen 
LCD HDTV sets, laptops, cell phones, and your wireless Internet broadband 
router. Feel free to skip these if you wish. 


Project 3.1 


Setting Up a Simple Lab 
If you want to play around with some components just to get the feel for how it 


used to be, you need to set up a simple lab. If you performed the previous projects, 
you already have a multimeter. Now you will need a way to interconnect parts in 
circuits and a power source. Appendix B is a complete parts list for the projects 
in each chapter. 
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Project 3.1—cont'd 


The power source can be four AA cells in a holder. This will provide DC voltage 
of 6V to power the circuits. Or you can use a common 9-V battery. A battery clip 
with leads will allow you to connect the 9-V battery to the circuit. 

Next you will need a breadboard. This is a connector socket with multiple holes 
in it like that shown in Fig. 3.21. You plug the wire leads of the components into 
the holes to connect them to one another without soldering them. 

Then you will need some components such as resistors, capacitors, and transis- 
tors. In this project, the goal is to get the battery and the breadboarding socket. 
The remaining projects for this chapter are circuit experiments. See Appendix B. 

You can get the breadboard from a local RadioShack or from a mail order house 
such as Jameco. There are usually two sizes, large and small. The larger one is rec- 
ommended. Fig. 3.21 shows a larger one. 

Get a battery holder that will take four AA batteries. All Electronics or Jameco 
are good sources. Some battery holders also have an on/off switch that is useful. The 
battery holder may have two leads for connecting the battery to the circuit. The 9-V 
battery clip is shown in Fig. 3.21. You will need to solder some #22 solid copper 
wires to the battery clip leads as these leads use stranded wire that does not plug 
into breadboarding socket. Fig. 3.22 shows how. You may need to do the same thing 
with the AA battery holder wires. See Chapter 14 on how to solder if you need to. 

Once you get the parts, put the AA cells into the holder so that you connect the 
negative end (—) of one battery to the positive end (+) of the next so that the cells 
will be in series. That way their voltages will add together. This wiring may already 
be present in the battery holder. The circuit should look like that in Fig. 3.23. 


FIGURE 3.21 Common breadboarding socket for building prototypes or just experimenting. 
Courtesy Global Specialties. 
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Project 3.1—cont'd 


9V BATTERY 
CLIP 


422 SOLID 
INSULATED == ABOUT 2-4 
HOOKUP WIRE INCHES LONG 


THESE PLUG INTO 
THE BREADBOARDING 
SOCKET 


FIGURE 3.22 Soldering wires on the battery clip so they will plug into the breadboarding 
socket. 


Multimeter 


FIGURE 3.23 Measuring battery voltage with multimeter. 
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Project 3.1—cont'd 


Next, test the battery. Using your multimeter on the DC ranges, measure the 
voltage across the battery holder wires. What do you get? You should read 6V or a 
bit more. The 9-V battery should, of course, measure 9V. 

Now you are ready for a few additional component projects. 


Project 3.2 

Light-Emitting Diode 

When you are buying your parts, get an LED and a set of resistors. Any old com- 
mon red or green LED will work. The resistor set will be a package of all the most 
common values of resistors. 

Now, wire up the circuit in Fig. 3.24. A pictorial is shown in the figure as well. 
Be sure to get the LED leads connected correctly, for if not, you will zap it. See the 
wiring details in the figure. 

The resistor is needed to control or limit the current so that you do not blow 
out the LED. A value of 2200 is a good one if you use the 6-V battery. The color 
code for that resistor is red-red-brown-gold. If you are using the 9-V battery, use 
a 330-0 resistor (orange—orange-brown-gold). 

Wire the circuit and connect the battery. The LED should light. Now you are an 
electronic circuit genius. 
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FIGURE 3.24 This is the circuit used to light an LED and how to wire it on the breadboard. 
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Project 3.3 


Capacitors 

Capacitors store a charge and then release it. The charge is stored energy. You 
charge the capacitor by applying a voltage to it. Then you discharge the capacitor 
by connecting it to a load such as a resistor. This brief project will illustrate that 
idea. 

You will need the following parts from a parts source. Get a 100K-Q resis- 
tor (color code brown-—black-yellow-gold) and a 100-uF (microfarad) electrolytic 
capacitor. This capacitor is polarized, meaning that you have to observe the polar- 
ity of the voltage applied to it. The wire leads are usually marked with either a + 
sign, or sometimes with a — sign. 

Wire the circuit shown in Fig. 3.25 on the breadboarding socket. Check the 
capacitor lead polarity. Do not initially connect the positive lead of the battery to 
the resistor. Connect your multimeter across the capacitor. Now connect the 6 V 
(or 9V) from the battery supply as indicated when you are ready to start charging 
the capacitor. You should see the voltage begin to rise slowly. It should take about 
50s for the capacitor to fully charge to 6 (or 9) volts. 
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FIGURE 3.25 Circuits for charging and discharging capacitor and respective wiring. 


Project 3.3—cont'd 


Now disconnect the battery’s positive lead. The capacitor retains the charge, as 
you should see on the meter. It will probably begin to drop slowly as it discharges 
into the meter. 

Now use the capacitor as a voltage source. Connect the capacitor to the resis- 
tor and LED you used earlier as shown in Fig. 3.25. The capacitor will discharge 
quickly, and you should only see the LED blink briefly. To see it again, recharge the 
capacitor and repeat. 


Project 3.4 

Transistor Switch 

A transistor makes a good switch, especially a MOSFET. And it is easy to use. This 

project demonstrates how the MOSFET can be used to turn the LED off and on. 
Acquire a MOSFET, such as the IRF510, or an equivalent such as the 2N 7000, 

etc. Then build the circuit shown in Fig. 3.26. Be sure to follow the guidelines for 

wiring the transistor. Use the LED and 220 (or 330)-Q resistor that you used before. 
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FIGURE 3.26 Circuit that turns an LED off and on with MOSFET and wiring. 


Now, connect the battery. Touch the wire from the gate on the MOSFET to the 
+6V or +9 V connection like on the resistor lead. This will turn the transistor on, 
and it will act as a switch to turn on the LED. Disconnect the gate from +6 V and 
the transistor switch goes off, turning off the LED. 
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Project 3.5 


Measuring Resistance and Continuity 

In some instances, you may need to measure a resistance. Your multimeter can do 
this. Here is a short project to give you some practice in measuring a resistor value. 
In addition, you will see how to use your multimeter to check for continuity, that 
is, to verify that there is a direct connection between two different points. 

Get some of the resistors you used in the previous projects and check their 
color code. For example, one resistor may have the color code yellow—purple— 
red-gold. The color code says that this is a 4700-Q 5% resistor. The 5% means 
that the actual value of the resistor will be between +5% and -5% of the color- 
coded value. 5% of 4700 is 2350. So the resistor value will be between 4700 — 
235=4465 and 4700 +235 =4935Q. 

Now, choose a resistor and calculate the possible range. Then, use your multi- 
meter to measure the actual value. Set the multimeter to the resistance (R) range. 
Try the different ranges to get the right reading. The resistor value should be within 
the range. You may want to repeat this process with another resistor to be sure you 
know how to do it. 

Now check the continuity of something. This is the process of measuring the 
resistance between two points that should be connected together with a wire, 
connector, or other conductor. The resistance should be zero or very low. A good 
test is to measure the resistance of piece of wire. Wire does have resistance but it 
is very low and your meter may not record it. 

If you have a roll of #22 hookup wire, measure its resistance. Set the multimeter 
to its lowest resistance range. The meter digital readout should initially be 1 mean- 
ing infinite resistance or an open circuit. Now touch the meter probes to the two 
ends of the wire. You should read OQ or close to it. This means that the wire has 
continuity. 

Note: Just remember that when you are measuring resistance or checking for 
continuity, there should be no current flowing or voltage applied. Remove the 
resistor completely from any circuit and disconnect any wire or cable from power 
before you use a multimeter on it. Otherwise, you will damage your meter. 


Chapter 4 


Electronic Circuits: 
Linear/Analog 


The Building Blocks of Electronic Equipment 


In this Chapter: 


e Linear circuits defined. 

e Types of linear circuits. 

@ Operation of the most common linear circuits such as amplifiers and power 
supplies. 


INTRODUCTION 


The basic building blocks of electronic equipment are individual circuits made 
up of transistors, resistors, capacitors, and sometimes transformers, inductors, 
or other components. It used to be that circuits were made up of individual dis- 
crete components that were wired together on a printed circuit board (PCB). But 
today, most electronic circuits are in integrated circuit (IC) form, or more likely 
multiple circuits are already combined on a single silicon chip to create a larger 
circuit, subsystem, or system on a chip. 

While most circuits are ICs there are still some cases where discrete compo- 
nents are necessary or desirable. The most common examples are high voltage 
or high power circuits that would burn up a tiny silicon chip. Discrete compo- 
nents have not gone away entirely, and you will find some of them external to 
an IC such as larger capacitors or inductors that just cannot be easily integrated 
onto a chip or transistors that can handle higher voltage or power. As mentioned 
before, we are not going to talk about the makeup or operation of individual cir- 
cuits. Instead, this book treats circuits as just building blocks with an input and 
an output that process the input in some way to create a new, different output. 


LINEAR CIRCUITS 


There are two basic types of circuits, linear and digital. Digital circuits are cov- 
ered in the next chapter. Linear circuits are those circuits that process analog 
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signals. Recall that analog signals are those that vary smoothly and continu- 
ously over time in contrast to pulse and digital signals that are voltages that 
switch off and on very fast. Analog signals are like sine waves, voice signals, 
video signals, radio waves, and voltages from sensors like a temperature trans- 
ducer. DC, either a constant value of voltage or one that is varying, is also an 
analog signal. 

A linear circuit is one whose output is proportional to its input. See Fig. 4.1. 
Its so-called response is a straight line or what a mathematician would call a 
linear function. The best example of this is the amplifier where its output is pro- 
portional to its input so that it accurately reproduces the input faithfully but at a 
higher voltage or power level. In the figure, with 0.4-V input you get 4-V output. 
That means the amplifier has a gain of 10. Linear circuits do not distort the sig- 
nal. This chapter covers linear circuits with most of the emphasis on amplifiers 
since that is the largest category of linear circuits. And as it turns out, most other 
types of linear circuits are just amplifiers connected in different ways to give 
different processing results. 


Amplifiers 


The basic block diagram symbol for an amplifier is a triangle. See Fig. 4.2. It 
has an input and an output. Amplifiers also have one or more DC inputs as well. 
This DC from a battery or other power supply is what powers the circuit, and it 
is this DC that is ultimately converted into the new, larger output signal. In most 
cases the DC inputs are not shown in a block diagram. The amplifier processes 
the input to create an output of the same shape but at a larger amplitude. 

The primary characteristic of any amplifier 1s its gain. The gain (usually rep- 
resented by A) is simply a number equal to the ratio of the output to the input. 


Output voltage ——> 


0 01 02 03 04 05 0.6 
Input voltage ——> 


FIGURE 4.1 Linear circuit has a straight-line response. As input varies, output varies by factor of 
10 larger, producing straight-line output. 
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FIGURE 4.2 Block symbol for amplifier. Gain, A, is often given. DC power inputs are not usu- 
ally shown. 


If the output is 4V and the input is 0.4 V, the gain is simply: 


4 
=—==10 
0.4 


The amplifier multiplies the input by 10 to get the output. 
Output = 10 x Input 


Classifying Amplifiers 


The amplifier is the most common linear circuit. There are so many different 
types of amplifiers that we divide them up into different types to distinguish 
one from another. And there are multiple ways of doing this. Here are the most 
common. 


Small Signal Versus Large Signal 


Small signal amplifiers are those that, as the name implies, only amplify small 
signals that are those roughly below about | V. Small signal amplifiers amplify 
millivolt, microvolt, or nanovolt signals. Large signal amplifiers amplify larger 
signals and typically amplify the power of a signal rather than the voltage. These 
are called power amplifiers (PAs). 


Frequency Classification 


Amplifiers are also categorized by the frequency of the signals they amplify. 
Some examples are DC amplifiers, audio frequency amplifiers, intermediate 
frequency (IF) amplifiers, video amplifiers, radio frequency (RF) amplifiers, 
and microwave amplifiers. 


Configuration Classification 


The two main configurations are single ended and differential. A single-ended 
amplifier is one in which the input and output are referenced to a common 
ground. These amplifiers have two inputs, one is the signal and the other is 
ground. See Fig. 4.3A. Normally only the input is shown as the ground is just 
assumed to be there. 
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FIGURE 4.3  Single-ended (A) and differential input (B) amplifiers. Inputs and outputs are refer- 
enced to ground. 


A differential amplifier has two inputs as Fig. 4.3B shows. These are usu- 
ally called the inverting (2) and the noninverting (1) inputs. Both inputs are 
referenced to ground. The amplifier is called a differential amplifier because it 
actually takes the mathematical difference between the two inputs and amplifies 
the result. One input is subtracted from another, then the difference is amplified 
by the gain A. The formula for this operation is: 


Output = (Input 2 — Input 1) x A 


Differential amplifiers have one neat feature in that any signal common to 
both inputs like noise is automatically canceled out. This feature is widely taken 
advantage of in very small signal amplifiers used in memory chips and high 
gain amplifiers that amplify small signals from sensors. Noise that is picked up 
simultaneously on both inputs simply subtracts itself out without bothering the 
desired small difference signal. 


Classification by Class of Operation 


One way to categorize amplifiers is to designate the conduction of the transis- 
tors in the amplifiers. The primary classes are A, B, AB, C, D, E, and F. There 
are a few others but these are the most common. Class A amplifiers conduct 
continuously. We say that the amplification occurs over the full 360 degrees of 
a sine wave cycle. See Fig. 4.4. Note: The “t” on the waveforms means time as 
the voltage is varying over time. 

Class B amplifier transistors only conduct for half a cycle or 180 degrees of 
a sine wave. See Fig. 4.5. Such an amplifier seems useless since it distorts the 
signal. But if you combine two transistors, one to amplify positive cycles and 
the other to amplify negative cycles, then combine the two, the complete wave is 
amplified. Such an amplifier is called a push—pull amplifier. The benefit of this 
arrangement is that the circuit is more efficient. 

Class AB amplifiers are a variation of the class B. Class B amplifiers do 
add a little distortion to the signal around the point where the sine wave crosses 
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FIGURE 4.4 Class A amplifier conducts continuously. 


Amplifier positive 


half cycles Í \ | 
Input 


Input 
SS A 


Combine 


Amplifier negative | ) | ) 


half cycles 


Final output 


Cross-over 
distortion 


FIGURE 4.5 Class B amplifier conducts half the time, making it more efficient. 


zero. This is caused by the transistors not turning on and off precisely at the zero 
point. This glitch shown in Fig. 4.5 is called crossover distortion. To get rid of 
that, class AB amplifiers allow some small current to flow continuously. The 
result is less distortion but a little less efficiency. 

Class C amplifiers are for RF signals and are usually PAs. They only allow 
the transistor to conduct for less than 180 degrees of a sine wave input, usually 
90-150 degrees. It produces massive distortion. However, the amplifier output 
is made up of an inductor and capacitor (LC) tuned circuit that oscillates at 
the operating frequency and removes the distortion. These amplifiers are very 
efficient. 

In a class C amplifier the MOSFET acts like a switch that is turned off and 
on by the input signal, usually a sine wave. See Fig. 4.6. When the MOSFET is 
on, the capacitor charges up to the DC supply voltage and current flows in the 


68 Electronics Explained 


+ DC 


Z Tank circuit oscillates 
at desired frequency 


L 


Output 


MOSFET 


Input 
P Transistor gee 


aa nF === current 


FIGURE 4.6 Class C amplifier only conducts for part of a half cycle, but the current pulse stimu- 
lates resonant tank circuit that oscillates at desired frequency. 


t 


inductor creating a surrounding magnetic field. When the transistor turns off, 
the inductor and capacitor begin to exchange energy and set up an oscillation at 
the resonant frequency of the LC circuit. This 1s called a tank circuit. The result 
1s that the energy stored in the tank circuit produces the amplified sine wave 
output. 

Another way of looking at this is that the transistor switch distorts the input 
creating a pulse waveform that contains lots of harmonics. The tank circuit acts 
like a selective band-pass filter that lets the fundamental sine wave pass while 
the harmonics are filtered out. 

Don’t forget the Fourier theory and harmonics. Remember that a harmonic 
is an integer multiple of a fundamental sine wave. If the fundamental sine wave 
is 20 MHz, the second harmonic is 40 MHz, the third harmonic is 60 MHz, the 
fourth harmonic is 80 MHz, and so on. Any nonsine wave signal, such as a half 
sine wave, square wave, or pulse is said to be made up of the fundamental sine 
wave added to multiple harmonics. A distorted sine wave has the fundamental 
sine wave in it but also harmonics. This concept is called the Fourier theory after 
the French mathematician. 

Class D amplifiers are a special class called a switching amplifier. It is made 
up of transistor switches rather than a real linear amplifier. This amplifier chops 
the input analog signal into high-frequency pulses with a varying width. See Fig. 
4.7. This process is called pulse width modulation (PWM). The sine wave audio 
signal to be amplified 1s sent to one input of a special amplifier called a comparator 
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FIGURE 4.7 Class D amplifier uses pulse width modulation (PWM) at higher frequency to switch 
higher voltages for greater output. Class D amplifiers are more efficient than any other type, and 
thus do not produce as much heat. 


along with a higher-frequency triangle wave. The comparator output switches 
when the triangle wave and sine wave values are equal. The resulting PWM signal 
is then fed to MOSFET switches to make the signal bigger. The higher amplitude 
output it then filtered back into an analog signal by a low-pass filter (LPF) made 
up of a capacitor and inductor. Most class D amplifiers are audio PAs whose load 
is a speaker or headphone. For low power less than a few watts, all the circuitry is 
in a single IC. For higher power, the MOSFETs are larger external devices. 

The big benefit of switching amplifiers is that for a given output power they 
are very efficient. Whereas a class AB amplifier may only be 20%-30% effi- 
cient, the class D is over 90% efficient. This means that the amplifier can be 
smaller and use less power and dissipates less heat. Class D amplifiers are great 
for portable battery-operated devices such as MP3 players and cell phones. 

Classes E and F are special switching amplifier variations used at RE fre- 
quencies only. Like the class C amplifier, they use LC circuits to filter out the 
harmonics they produce. They are very efficient. 
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Operational Amplifiers 


There are many special types of amplifiers. The most widely used is the opera- 
tional amplifier, or op amp. This is a versatile high-gain DC differential ampli- 
fier that can be configured with external resistors, capacitors, diodes, etc., to 
perform a wide variety of amplification functions. The op amp may be the most 
widely used type of amplifier because of its versatility. 

Fig. 4.8 shows the most common op amp configurations. In most cases, the 
resistors are external to the IC amplifier. Note that the gain is determined by the 
values of the external resistors. Note formulas for gain (A). 

A variation of the op amp is the instrumentation amplifier. See Fig. 4.9. 
It is a combination of multiple op amps that make it very useful in industrial 
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FIGURE 4.8 Most commonly used operational amplifier circuit configurations. (A) Inverting 
amplifier, (B) noninverting amplifier, (C) follower, and (D) differential amplifier. 
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FIGURE 4.9 Instrumentation amplifier widely used to amplify small sensor signals in industrial 
applications. 


applications such as amplifying small signals from sensors. Again the gain is 
determined by the resistor values. You can make this amplifier from individual 
op amps but usually you just buy it as a single IC. The external resistor sets the 
gain. 

A variable or programmable gain amplifier is one whose gain can be con- 
trolled from an external DC input. 


Amplifier Specifications 


While you really do not need to know much about what the circuitry in an 
amplifier IC is, you do need to understand the specifications. Here are the most 
common specifications to look for. 

As mentioned before, gain is the primary amplifier characteristic. It is usu- 
ally a voltage or power ratio, depending on the type of amplifier. 


y 
Voltage gain is output voltage over input voltage : Ay = r 


i 


Power gain is output power over input power : Ap = = 


Many amplifiers have their gain expressed in decibels (dBs). A dB is a gain 
measurement based on a logarithmic scale rather than a linear scale. This has 
the advantage of being able to express large and small gains in smaller numbers. 
And gains of multiple stages can be added rather than multiplied. To calculate 
dB gains you used these formulas: 


Voltage gain : dB = 20 log (Ay) 
Power gain : dB = 10 log (Ap) 
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In these formulas, log means the common (base 10) logarithm of the voltage 
or power gain. The logarithm (log) 1s easy to find using a scientific calculator. 
For example, a voltage gain of 50 expressed in dB is: 


dB = 20 log 50 = 20 (1.7) =34 dB 
A power gain 300 expressed in dB 1s: 
dB = 10 log 300 = 10 (2.5) =25 dB 


Input Impedance 


Input impedance is the load seen by the signal source to the amplifier. It is usu- 
ally resistive but typically also has some capacitance across it. Fig. 4.10A shows 
an equivalent circuit of an amplifier. Note the input resistance. That is the input 
impedance. It may be as high as several megohms or could be as low as, say, 
500. Usually the higher the better for voltage amplifiers but not for PAs. 


Impedance 


The term impedance means opposition to current flow. It is actually the com- 


bined opposition offered by resistance plus any capacitive or inductive reactance. 
If there is no reactance, the impedance is just the resistance so the two terms can 
be used interchangeably. Impedance is represented by the letter Z. 
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FIGURE 4.10 Amplifier input impedance (A) and output impedance (B). 
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Output Impedance 


Amplifiers act as signal generating sources because they essentially just create 
a new higher voltage or higher power signal with the same shape as the input. 
They appear as a signal generator to the next circuit or load. Fig. 4.10B shows 
the amplifier as a generator shaped as a diamond. It has an internal impedance 
or series resistance called the output impedance. It is not a real resistor but it is 
there and it appears in series with whatever load is connected, which may be 
another amplifier or something else. 

Fig. 4.11 shows the amplifier connected to another amplifier. Note that the 
output impedance for amplifier A, and the load form a voltage divider so some 
of the amplification is lost to the voltage divider effect. The input impedance of 
A; is the load for the output impedance of Aj. 


Cascading Amplifiers 


If an amplifier does not have enough gain, then multiple amplifiers can be cas- 
caded one after the other to give the needed gain. One amplifier amplifies the 
output of the next and so on. See Fig. 4.12. To calculate the overall gain of an 
amplifier you just multiply the gains as shown in the figure. This procedure 
assumes that one amplifier does not load the next. That is, the output impedance 


Zo 


Input Output 


Z, and Z; form a voltage divider that 
lowers or cancels gain 


FIGURE 4.11 When one amplifier feeds another, input and output impedances form a voltage 
divider that attenuates the signal and offsets some of the gain. 
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FIGURE 4.12 Cascading amplifier provides more gain. Total gain is product of individual gains 
or sum of decibel (dB) gains. 
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of each amplifier is assumed to be zero and the input impedance of the next 
amplifier is assumed to be infinite. That way, there is no voltage divider effect 
that lowers the gain. 

If the amplifier gains are given in dB, you just add the dB figures to get the 
total gain. 


Efficiency 


Efficiency is the ratio of the output power to the input power expressed as a 
percentage. 


P 
% Eff= 2 x 100 


1 


An amplifier takes the DC supply voltage and converts it into the AC out- 
put. The efficiency expresses how well the amplifier does this. Any lost power 
usually gets converted to heat which is not good. Nevertheless, some heat will 
always be generated just because electronic circuits are not perfect. High effi- 
ciency is a good thing of course, but often efficiency is traded off for better 
linearity, fidelity, and lower distortion of the signal. 

Class A amplifiers have the poorest efficiency commonly in the 10%-30% 
range. Classes B and AB are more efficient in the range of 50%-—70%. Class C 
amplifiers have an efficiency of 70%-85%. Class D amplifiers are the best with 
efficiencies in the 80%-93% range. 


Frequency Response 


This is a measure of the range of frequencies that amplifiers cover. DC ampli- 
fiers may only cover DC up to about a few hundred Hertz. Audio amplifiers 
may cover voice frequencies from 300 to 3000 Hz or stereo amplifiers that cover 
20Hz-20kHz. IF amplifiers may only cover a specific band, say, 455 kHz, 
9 MHz, 45 MHz, 70MHz, or some other popular IF value. Op amps amplify 
signals from DC up to some very high frequency as high as several hundred 
MHz in some cases. 

RF amplifiers cover high radio frequencies from a few MHz up to micro- 
waves from | to 100 GHz. Their frequency and range of coverage is usually set 
by a filter or LC tuned circuit. 

Fig. 4.13A shows the response curve for an op amp with an output down to 
DC and up to the cutoff frequency (f,,) or 5 MHz. Fig. 4.13B is the response 
curve of a stereo amplifier with a range of 20 Hz—20 kHz. 


Output Capability 

This specification indicates the range of output signals the amplifier is capable 
of. It is usually stated as a maximum voltage swing or as a maximum amount 
of output power. In both cases, the maximum output is usually given for a given 
value of load resistance. For example, an op amp may be capable of producing 
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FIGURE 4.13 Frequency-response curves show output versus input frequency. Curve in (A) is 
response of operational amplifier that extends from DC to 5-MHz cutoff frequency. Curve in (B) is 
response of common stereo audio amplifier. 


an output of +12 V across a 2-k load. A PA may produce a maximum output of 
10 W across an 8-Q speaker load or, say, 50 W across a 50-Q antenna load. 


Filters 


A filter is a frequency sensitive circuit that is designed to pass some frequencies, 
but reject others. There are various ways of making filter circuits that will accept 
some frequencies, but greatly attenuate others. There are literally thousands of 
applications for such circuits. But the main use of filters is to retain a desired 
signal, but eliminate interference and noise. 

There are four basic types of filters: LPF, high-pass filter (HPF), band-pass 
filter (BPF), and band-reject filter. The names, of course, tell their function. 

A LPF is a circuit that passes all frequencies between DC and some upper 
cutoff frequency (f,,). All frequencies above the cutoff frequency are rejected. 
Fig. 4.14A shows the response curve of an LPF. This is a plot of the filter output 
amplitude versus frequency. Note the gradual slope as signals above the cutoff 
frequency (f,) are reduced in amplitude. The block symbol is how LPF is repre- 
sented in some diagrams. 

A high-pass filter passes frequencies above the cutoff and greatly attenuates 
those below the cutoff. Fig. 4.14B shows the ideal response curve of an HPF. 
Note the HPF symbol. 

BPF pass a certain range of frequencies, but reject all those above and below 
that range. Fig. 4.14C shows the practical response curve of a BPF. Note that 
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FIGURE 4.14 Four common filter types and their response curves and symbols. (A) Low-pass, 
(B) high-pass, (C) band-pass, and (D) band-reject or notch. 
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there are two cutoff frequencies, one above and one below the center frequency 
fe- The difference between the upper and lower cutoffs is called the filter band- 
width (BW): 

BW=1f>-f; 


This 1s the range of frequencies passed. Again note the schematic symbol 
for a BPF. 

Fig. 4.14D illustrates the curve for a band-reject or notch filter. It is used to 
eliminate one single frequency and those close around it. 

Note in the block symbols in Fig. 4.14 that each has three waves represent- 
ing high, middle, and low frequencies. The wave with the slash through 1t means 
that these frequencies are cut out or greatly attenuated. 

Filters can be implemented in many ways. Resistor and capacitor (RC) fil- 
ters are common as are LC filters. You can make filters with op amps called 
active filters. Other filters are made with mechanical vibrating elements, a 
ceramic or quartz crystal, or a special surface acoustic wave filter. Many fil- 
ters today are made with digital signal processing. These will be discussed in 
Chapter 6. 


Oscillators 


An oscillator is a circuit that generates a signal. It is usually a sine wave or a 
rectangular wave. The electronic symbols used to represent an oscillator are 
given in Fig. 4.15. 

The main specification of an oscillator is its output frequency. Most oscil- 
lators have a fixed frequency but there are oscillators whose frequency can be 
varied. A tunable frequency oscillator is called a variable frequency oscillator. 


Sine wave Rectangular wave 
output output 


—- SUU. 


(A) = (B) 2 
Variable Precise, stable 
frequency XTAL frequency 
output | output 
Varies P 
frequency = 
(C) = (D) = 


FIGURE 4.15 Types of oscillators and their symbols. (A) Sine wave, (B) rectangular pulse, (C) 
voltage-controlled oscillator, and (D) crystal clock oscillator. 
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You can often tune 1t by turning a knob that varies a capacitor or inductor to 
change the frequency. Some oscillators are tuned by an external voltage. These 
are called voltage-controlled oscillators (VCOs). By varying the value of a DC 
input voltage, the frequency is changed. 

The frequency of an oscillator is set by some frequency determining ele- 
ment or circuit. That circuit may be made up of RC, LC, or a crystal. A crystal 
1s a thin piece of quartz that can be made to vibrate at a very precise frequency. 
It maintains its frequency very closely unlike RC or LC networks that can drift 
with temperature or change from vibration or other conditions. Crystals come 
in a small metal package and are used to set the frequency in most oscillators 
today. 

A special type of oscillator is called a clock oscillator. It is used as an accu- 
rate time and frequency source. The frequency determining element is usually a 
quartz crystal that vibrates at a precise frequency and is very stable. The clock 
signal is used to operate all the circuits in synchronism. An example is the clock 
oscillator in a PC that sets the speed of calculations. Sometimes you will see 
a quartz crystal (XTAL) symbol drawn with the oscillator symbol to illustrate 
this. See Fig. 4.14D. 


Mixers 


A mixer is a circuit that takes two input signals and mixes them in a special 
way to produce new output signals. There are two types of mixers, linear and 
nonlinear. 

A linear mixer is one that takes the input signals and just adds them together. 
You can do this with some resistors as shown in Fig. 4.16A. The sum of both 
input signals appears across the output resistor. 

You can also make a linear mixer with an op amp as shown in Fig. 4.16B. 
This op amp circuit is called a summer. Setting the resistor values allows you to 
mix and add gain at the same time. A good example of a linear mixer is those 
used by musicians so they can mix the outputs from microphones and musical 
instruments so they can all be amplified as one by the PAs that drive the speak- 
ers. Note the variable resistors called pots that are used as amplitude or volume 
controls. 

A nonlinear mixer takes two input signals and effectively multiplies them 
together. The result is that the mixer produces four output signals. Fig. 4.17 
shows the symbol for a mixer. The inputs are frequencies 1 and 2, or f} and fp. 
The mixer outputs are f,, £,, and (f; +£,) or the sum, and (f,—f,) or the differ- 
ence. The sum and difference frequencies are the ones of most interest. Usually 
a filter 1s used at the output of the mixer to select the desired frequency and 
eliminate the others. If the lower difference frequency 1s selected, the mixer 
is often called a down converter. If the sum frequency is selected, the mixer is 
called an up converter. The mixer 1s a way to translate a frequency to another 
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FIGURE 4.16 Linear mixing with resistors (A) or an operational amplifier summer (B). 
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FIGURE 4.17 Nonlinear mixer used to generate higher and low frequencies. 


higher or lower frequency that is better for processing. Any signal amplitude 
or frequency variations on the inputs are accurately carried through to the new 
output frequency. 


Phase Detector 


A phase detector is a mixer-like circuit that puts out a signal that is proportional 
to the phase difference between two input signals of the same frequency. See 
Fig. 4.18. A phase shift is a time difference between two signals of the same 
frequency. We sometimes need to know how much phase shift is present. The 
phase detector produces a series of output pulses whose width is proportional 
to the phase difference. Passing the pulses through a LPF smoothes them into a 
proportional DC voltage. 
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Filtering Pulses Into DC 


A common occurrence in electronic circuits is the filtering of pulses into a DC 
voltage. You saw this back in Fig. 3.15 where positive pulses from a sine wave rec- 
tifier are smoothed into a near constant DC voltage. It is the capacitor that charges 
up and stores the pulse voltage. Then between pulses the capacitor discharges 
into the load maintaining a near constant DC voltage. The LPF usually includes 
a Capacitor so performs the same function in the phase detector of Fig. 4.18. The 
output is a proportional average DC output. 


Outputs 
/ LPF 
i 
7 2 


FIGURE 4.18 Phase detector converts phase shift into proportional DC average. 


Phase-Locked Loops 


The phase-locked loop (PLL) is a frequency- and phase-sensitive feedback con- 
trol circuit. It consists of three major parts: a mixer or phase detector, a LPF, 
and a VCO, as shown in Fig. 4.19. The signal from the VCO is compared to the 
input signal. If there is a frequency (or phase) difference between the two, an 
error signal is generated. This error signal is filtered by the LPF into a varying 
DC level and is used to control the VCO frequency. This is the feedback signal. 

If the VCO frequency, f,, differs from the input reference signal frequency, 
the phase detector sees this as a phase shift. This causes the phase detector to 
produce an error signal. This error signal is filtered into a varying DC signal that 
is used to control the VCO. 

The VCO can be either a sine wave oscillator or a rectangular wave oscilla- 
tor depending upon the desired waveshape of the output. In either case, the VCO 
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FIGURE 4.19 Phase-locked loop. 


output frequency is made directly proportional to the DC control voltage. There 
is a linear voltage-to-frequency relationship in the VCO. This means that chang- 
ing the control voltage produces a proportional change in output frequency. If 
the voltage goes up, so does the frequency. 

Now if an input reference signal whose frequency is near that of the VCO 
is applied to the PLL, the phase detector will produce an output voltage pro- 
portional to the frequency difference. This signal 1s filtered and the resulting 
DC control voltage is applied to the VCO. The control voltage is such that 
it forces the VCO frequency to move in a direction that reduces the error 
signal. This means that the VCO frequency will change until it is equal to 
the input reference signal frequency. When this happens, the two signals are 
synchronized or “locked.” The phase difference causes the phase detector 
to produce the DC voltage at the VCO input to keep the PLL locked to the 
input signal. 

If the input reference signal changes, then the phase detector will recognize 
a frequency (or phase) difference between the input and the VCO output. As 
a result, the LPF will produce a different DC control signal that will force the 
VCO to change such that it is equal to the new input frequency. As you can see 
then, the PLL will “track” an input signal frequency as it changes. 

The range of frequencies over which the PLL will track an input signal and 
remain locked is known as the lock range. This is a range of frequencies above 
and below the VCO free running frequency. The PLL can track and “lock” to 
any input frequency in this range. If an input signal out of the lock range is 
applied, the PLL will not synchronize. 

If the input signal is initially outside of the lock range, the PLL will not lock. 
But, the PLL will jump into a locked condition as soon as the input frequency 
gets close to the VCO frequency. In other words, the PLL will “capture” the 
incoming signal if it is close enough to the VCO frequency. Once the input 
signal is captured, the PLL is locked and will track further changes in the input 
signal frequency. 

The range of frequencies over which a PLL can capture a signal is known 
as the capture range. Like the lock range, it too is centered on the free running 
frequency. But the capture range is narrower than the lock range. The PLL acts 
as a frequency sensitive circuit over a narrow range of frequencies. 
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Since the PLL will only capture and lock on to input signals within a certain 
narrow band, the PLL acts like a band-pass filter. For that reason, the PLL is an 
excellent signal conditioner. You can take a noisy input signal or one with unde- 
sirable interference on it and filter it with a PLL. The PLL will lock on to only 
the desired frequency component of the input. The VCO reproduces the input 
signal at the same frequency but with the noise and interference removed. The 
PLL not only cleans up a signal but also can track it if its frequency changes. 

The PLL is widely used for a variety of purposes. It is used to recover the 
clock signal in some wireless applications. It is used to recover the original sig- 
nal in frequency modulation radio. It is used to multiply a frequency by a fixed 
factor. It can be used for motor speed control. Almost all electronic products of 
some kind contain a PLL. 


Frequency Synthesizers 


One of the most popular uses of the PLL 1s in frequency synthesizers. A fre- 
quency synthesizer is a very stable signal source that can be varied over a 
specific range of frequencies in finite increments or steps. Frequency synthe- 
sizers are used as precision signal generators for test and measurement pur- 
poses and replace more conventional oscillator circuits as the primary signal 
sources in radio transmitters or receivers. 

The big advantage of a PLL synthesizer is its ability to generate a wide range 
of frequencies with great accuracy and stability by using only a single stable 
signal source. For example, a PLL synthesizer with a single crystal controlled 
reference input can readily generate hundreds or even thousands of discrete fre- 
quencies that are as stable as the crystal reference. By using a synthesizer as the 
initial signal source in a transmitter, a wide range of channels can be obtained 
with a single crystal. When many channels must be used, a synthesizer greatly 
reduces the cost since crystals are expensive. 

The synthesizer circuit in Fig. 4.20 shows that it is a PLL with a frequency 
divider connected between the VCO output and the phase detector. The fre- 
quency divider is a circuit that divides its input frequency by some whole num- 
ber. For example, the output of a divider with a division factor of 12 and an input 
of 48 MHz 1s 48/12=4 MHz. 

The frequency synthesizer PLL also uses a stable, crystal oscillator input to 
the phase detector. This is usually derived from a crystal oscillator. When the 
PLL is locked, the stability and accuracy of the VCO output will be the same 
as that of the reference input. The frequency divider is usually made so that its 
divide ratio can be changed by setting a switch or changing the control inputs. 
Changing the division ratio changes the output frequency at which the loop will 
lock. 

The reason for this 1s that the two inputs to the phase detector must always 
be equal in frequency if a locked condition is to be achieved. The reference fre- 
quency is fixed so the only thing that can change is the VCO output if the divider 
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FIGURE 4.20 Frequency synthesizer using phase-locked loop. Changing the divider ratio changes 
the frequency. LPF, Low-pass filter; VCO, Voltage-controlled oscillator. 


ratio is altered. If the loop 1s locked, the output of the divider will be 24 MHz 
no matter what the divide ratio is. Therefore, with an output of 4 MHz, a divide 
by six circuits must have a 24 MHz input. Since the VCO output is the divider 
input, the VCO and synthesizer output will be 24 MHz too. 

As you can see, changing the divide ratio changes the output frequency. In 
this circuit, if the divide ratio is changed in integer values between 6 and 12, the 
output frequencies will be as shown in Table 4.1. With this setup, the output is 
switched in 4-MHz increments. 

If the input reference is made 1 MHz, then when the divide ratio is changed, 
the output frequency will step in 1-MHz increments. By carefully selecting the 
reference frequency and the divide ratio, it is possible to synthesize practically 
any range of frequencies in many increments from subaudio to microwave. 

Note one final fact about the PLL circuit in Fig. 4.20. If the reference is 
considered the input, and the VCO is considered the output, then the PLL 
is acting as a frequency multiplier. Here the output is 12 times the input. 
You will occasionally see the PLL used as a frequency multiplier in some 
applications. 

The PLL synthesizer is a very versatile circuit. It is commonly available in 
IC form. PLL frequency synthesizers are used in TV channel selectors, stereo 
receivers, CB radios, cellular telephones, and other two-way radios. In such 
equipment the divider ratio is supplied by an input keyboard or a built-in micro- 
computer programmed to supply the desired divide factor for a selected output 
frequency. 

A newer method of frequency synthesis is called direct digital synthesis 
(DDS). It uses digital circuits such as registers, adders, an accurate clock, a 
memory, a digital-to-analog converter to produce highly accurate sine waves 
and other waves whose frequency can be changed in small increments. The 
DDS is covered at the end of Chapter 5. 
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TABLE 4.1 Phase-Locked Loop Divide Ratio and 
Voltage-Controlled Oscillator (VCO) Output 


Divide Ratio VCO Output (MHz) 
6 24 
7 28 
8 32 
9 36 
10 40 
11 44 
1% 48 


Power Supplies 


A power supply is, as its name implies, a source of power to an electronic circuit. 
Most electronic circuits operate from DC as they process AC or DC signals. The 
most common power supply is the one that gets its input from the standard AC 
wall outlet that supplies 120V at 60 Hz. This common voltage 1s then converted 
by the power supply into one or more DC voltages that go to operate the TV set, 
computer, or other equipment. This section discusses the main components and 
circuits of a power supply. 


Batteries 


One of the most widely used power supplies is a battery. A battery is a great source 
of DC by itself and no AC source is needed. Batteries were the very first form of 
voltage sources for electrical circuits, and they are still widely used today. What 
would we do without the batteries for our cell phones, iPods, cordless telephones, 
laptop computers, and remote controls? Just remember that a special form of 
power supply is the battery charger that normally uses AC to recharge lead—acid, 
nickel cadmium, nickel metal hydride, and lithium-ion batteries. 


Standard Power Supply 


A very common AC to DC power supply is shown in Fig. 4.21. It normally con- 
sists of a transformer that translates the 120-V AC line voltage into a higher or 
lower voltage as needed by its step up or step down characteristics. Today, since 
most equipment uses ICs, a lower AC voltage is needed. The lower AC voltage 
is then converted into a pulsating DC voltage by a rectifier. A rectifier is one or 
more diodes that act like polarity sensitive switches to change the positive and/ 
or negative sine half cycles into pulses of DC. A filter is then used to smooth the 
pulses into a more constant DC voltage. The filter is usually a large capacitor 
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FIGURE 4.21 Typical power supply configuration using bus architecture, regulators, and DC-DC 
converters to get desired number of outputs. reg, Regulator. 


that charges up to the peak of the DC pulses then only discharges very slowly 
into the load. 


Regulators 


A regulator is a circuit that maintains a fixed DC output voltage of a desired 
value. The DC produced by the power supply at the filter output will vary over 
a wide range as the AC input line voltage changes. Any changes in the load 
meaning variations in current taken from the supply will also cause the output 
voltage to vary. A regulator absorbs those variations and creates a constant DC 
output suitable for powering [Cs and other electronic circuits. Common DC 
output voltages are 3.3, 5, 12, 15, and 24V. Other typical DC supply voltages 
are 1.2, 1.8, 6, and 48 V. 

There are two types of regulators, linear and switching. A linear regulator 
inserts a transistor in series between the power supply output and the load. If 
the load varies, circuitry in the regulator adjusts the conduction of the transis- 
tor so that a constant voltage is maintained. It is as if a resistor in series with 
the load forms an adjustable voltage divider. If the output voltage drops, the 
series transistor conducts more to keep the output voltage the same. If the output 
increases, the transistor conducts less to decrease the voltage and maintain the 
same value. 

The other type of regulator is the switching regulator. It puts a transistor in 
series with the load as well but the internal circuitry turns the transistor off and 
on at a high rate of speed. By varying the duty cycle (ratio of on to time for one 
period) of the on—off pulses, the average DC output may be varied. Then if any 
output voltage changes are sensed, the duty cycle is adjusted to ensure that the 
average output stays the same. 
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Duty Cycle and Pulse Width Modulation 


The duty cycle is the ratio of the pulse width to the period of a rectangular wave 
as shown in Fig. 4.22. The period is the reciprocal of the frequency of the signal or 
T=1A. It is constant. The on-time is the duration of the pulse voltage (t). The pulse 
duration can vary depending upon what the application is. If the period is 50ms 
and the pulse on-time is 10 ms, the duty cycle (D.C.) is: 


D.C. = 10/50 =0.2 x 100 = 20% 


Circuits can be made to change the on-time so that the duty cycle can be varied 
from a few percent to nearly 100%. This is called PWM. It was introduced earlier 
in the class D amplifier discussion. PWM is widely used in switching power sup- 
plies such as regulators and DC-DC converters. 

Keep in mind that if you filter the pulses into an average proportional DC with a 
capacitor or LPF, you can vary the DC from some low value with a low duty cycle 
or some higher value with a higher duty cycle. 


on-time 


D.C. = E 100 
T 


__ High avg, 
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FIGURE 4.22 Concept of duty cycle and how varying pulse widths can be filtered into a propor- 
tional DC average voltage. avg, Average. 


Linear regulators work very well but are not very efficient as they waste 
power in the series transistor. Typical efficiency is 10%-40%. A switching regu- 
lator is far more efficient as it is off for a large part of the time. Efficiencies in 
the 70%-95% range are common. 
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DC-DC Converters 


A DC-DC converter is a circuit that does what its name implies. It translates one 
DC voltage to another. It can take the voltage from a 12-V battery and generate 
several hundred or thousand volts. Or it can take a 4.2-V battery and produce 
voltages of 3.3 or 2.5V and 15V. By building one DC power supply, several 
other output voltages can be obtained by using different DC-DC converters. 


Bus-Oriented Architecture 


Many power supplies have what we call a bus architecture. See Fig. 4.21. The 
DC power supply produces one main output voltage. That voltage is applied to a 
common DC bus. A bus is just the name for the two + and — DC lines that carry 
the voltage. Then, regulators and DC-DC converters are used to generate the 
voltages needed by the equipment. Again see Fig. 4.21. 


Power Management 


Many power supplies today include a circuit that manages the power supply volt- 
ages. It is usually a single IC that does things like turn on the various DC voltages 
in a power supply in a specific sequence. Some [Cs require multiple DC voltages 
and they must be turned on one at a time in a specific sequence. In addition, the 
power management chip does things like monitor current usage. If one power 
supply is not being used, meaning current not being drawn from it, that part of the 
power supply is shut down to conserve power. A good example of this is the power 
management in a laptop computer or cell phone that monitors and controls all DC 
power to preserve the battery charge for longer life. Some other functions per- 
formed by power management chips are voltage monitoring with voltage alarm 
if a voltage fails, temperature monitoring, fault detection, over voltage or under 
voltage detection, and power control. Some power management chips also have 
the battery charging circuits built in. Every cell phone and laptop has one of these. 


Inverters 


An inverter is a power supply that converts DC into AC. A common unit con- 
verts 12 V from a car battery into standard 120 V 60 Hz AC. With an inverter you 
can operate common household lights and appliances from a battery. 

A special variation of an inverter is the uninterruptible power supply 
(UPS). These are widely used with computers and networks to provide power 
even during loss of AC input from the power line. A battery operates an 
inverter that is used to power the computers and other equipment. If the AC 
power fails, the equipment continues to operate. The battery is continuously 
charged by a built-in battery charger that operates from the AC power line. 


Solar Power System 


Any home or business solar power system is similar to a large UPS (see Fig. 4.23). 
It uses the solar panels to charge a bank of batteries that store the energy for use later 
when the sun goes down. The inverters convert the DC into standard 120/240 V AC 
to power the house. In some cases, unused power is sent back to the power grid. 
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FIGURE 4.23 Common DC-to-AC solar power system. 


Project 4.1 


Build a Kit 

If you are really serious about electronics, then one of the first things you should 
do is build a kit. A kit, in case you really do not know, is a complete package 
of electronic parts to make a specific product. You build it yourself by placing 
components on a printed circuit board and soldering them in place. There is no 
better way to see how electronic products get put together than to handle the wide 
variety of parts. It is a great learning experience. 

There are two main questions to answer about this project. First, what kind of 
kit do you want? Second, can you learn to solder? You will have to answer the first 
question, but as for the second, yes, you can learn to solder. It’s not that hard. You 
can learn in Chapter 14. 


One way to get an overview of the kits available is to obtain print catalogs 
(if available) from the sources listed below. You can order a print copy online 
and see the whole range of kits available. Go to: 

Adafruit: www.adafruit.com 


All Electronics: www.allelectronics.com 

Digi-Key: www.digikey.com 

Jameco: www.jameco.com 

Mouser: www.mouser.com 

SparkFun: www.sparkfun.com 

Velleman: www.velleman.com 

What | recommend is to get a kit related to one of the topics in this chapter. 
A power supply is a great choice, and it will give you a variable DC voltage source 
that you can use in future projects. | recommend the Jameco dual variable supply 
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Project 4.1—cont'd 


kit 20626. Most of the companies have lots of radio- and wireless-related kits, but 
save these for the later chapters on wireless products. 

Don’t forget to get a small soldering iron (25 W or so) with a small tip and some 
solder. You will also need a few hand tools such as a wire stripper, needle-nose 
pliers, side cutters, and a small screwdriver, if you do not already own these. See 
Chapter 14. 


Project 4.2 


Getting Familiar With Virtual Instruments and the Oscilloscope 

To really appreciate how electronic circuits work, you need a way to look at the 
voltages inside and outside circuits. To do that, you need an oscilloscope (scope). 
This is a test instrument that displays signal voltages, analog or digital, versus time 
on a screen. It allows you to measure voltage, frequency and time on the display. 
Using the probes supplied you can observe input and output signals and unique 
waveforms going on inside the circuit. Scopes are ideal for design and testing or 
for troubleshooting and repair. 

Oscilloscopes are relatively expensive bench instruments. However, today you 
can have an oscilloscope for a few hundreds of dollars. It is part of a product 
known as a virtual instrument (VI). AVI is a small package of hardware that con- 
nects to the signals to be observed plus a PC or laptop computer. The laptop runs 
software that implements the oscilloscope functions and the LCD video monitor 
is the display. 

Some VI products are just an oscilloscope such as the one shown in Fig. 4.24. 
Another version of this product also contains a signal generator that produces 


FIGURE 4.24 The Velleman PCSU1000 oscilloscope. It has dual channels for observing 
two signals at once and a bandwidth of 60 MHz. Photo courtesy of Velleman. 


Continued 
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Project 4.2—cont'd 


variable frequency sine, square, and other waves you can use as inputs to test 
circuits and equipment. 

Another type of VI is more of a complete instrument package. In addition to 
the scope and generator, these units also contain DC power supplies and other 
instruments such as a digital multimeter (DMM). Software implements the instru- 
ments, and the laptop displays the output and controls. Two such units are shown 
in Fig. 4.25. On the left (A) is National Instruments’ myDAQ. On the right (B) is 
the Digilent Analog Discovery 2. Both contain a scope, generators and power sup- 
plies. For more details on these and the Velleman units, go to the manufacturers’ 
websites. Other similar products are available. 

Digilent: www.diligent.com 

National Instruments; www.ni.com 
PicoScope: www.picotech.com 

Velleman: www.velleman.com 

If you are going to be a serious hobbyist or DIY maker, it is strongly recom- 
mended that you acquire one of these units. The projects that follow assume that 
you have one of these units or the equivalent. 

To wrap up this project, do the following: 

Buy one of the units suggested above or an equivalent. 

Install the unit and software. 

Read the instruction manual. 

Demonstrate the scope function by observing the sine output of the internal 
signal generator. 


FIGURE 4.25 Virtual instrument units. Left: National Instruments’ myDAQ, Right: Digilent 
Analog Discovery 2. Photos courtesy of National Instruments and Digilent. 
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Project 4.3 


Build a Power Supply 
You will need two power supplies for the projects that follow in this and later 
chapters. If you built a power supply kit as recommended in Project 4.1, you are 
all set. Or you can use batteries. The four AA cell source you built earlier is excel- 
lent but you will need a second one for some projects. You can also use the 9-V 
battery. Get a second 9-V battery and clip for some projects. Another choice is to 
get one of the wall adapter supplies. Choose the AC to DC type with 5- or 9-V out- 
put. The regulated versions are best and have a cleaner output. The current rating 
should be 0.2 A or more. See the parts list in Appendix B. 

If you acquired one of the VI products such as the myDAQ or Analog Discovery 
2, you can probably use the internal supplies. The circuits to be demonstrated will 
indicate the voltage options to use. 

For this project, do the following: 
1. Acquire what you need. 
2. Test the supplies with your DMM (measure output voltages). 


Project 4.4 


Build a Signal Source 
For some projects you will need a signal source to use as an input signal. A sine 


wave is best. Some projects such as the digital circuits in Chapter 5 need a rectan- 
gular/square wave signal. If you bought one of the VI units with a signal generator, 
you are ready to go. If not, here are a couple of options. 

An easy choice is to use the 60-Hz or 50-Hz power line AC as a signal. Use a 
transformer to step the voltage down to a safe lower level then use a potentiometer 
to adjust the output to a suitable value. A safe choice is to use an AC to AC wall 
adapter transformer with a 5-V output. Cut off the connector on the cable then 
strip the wires and tin them with solder so they plug into the breadboard. (Note: 
You may need to solder the transformer wires to solid #22 hookup wire if they 
do not plug into the breadboarding socket holes.) Connect the wires to a 1-kQ 
potentiometer as a voltage divider. See Fig. 4.26. See the parts list in Appendix B. 

A more complex generator is the one shown in Fig. 4.27. It uses the 555 timer 
IC. This popular chip generates rectangular pulses at a frequency set by resistors R; 
and R, and C;. You can build this circuit on your breadboarding socket. The parts 
list in Appendix B. 

Before you tackle this project, look at Fig. 4.28 which is a review of breadboard 
specifics. Look this over carefully before you build the circuit. Keep in mind that 
there is no specific layout for a circuit. You build it up as you go along. For this 
circuit, build it on one end of the breadboarding socket so that you will have room 
for other circuits to be built later. Here are some other guidelines: 

e Use #22 solid insulated hookup wire for direct point to point connections. 
e Integrated circuits are to be mounted so that they straddle the center area 

between the two groups of holes. See Fig. 4.28. 


Continued 
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Project 4.4—cont'd 


AC-AC 
Wall adapter 
transformer 


adjustable output 


O to 5-7V ohms 
5 Volts ohms (or 14-16V 


GND peak-to-peak) 


FIGURE 4.26 An AC-AC wall adapter transformer and a pot form a variable 
60 (50) Hz signal source. 


+5V 
+6V or +9V 


TOP VIEW 


FIGURE 4.27 A555 timer IC circuit that generates rectangular waves. 


Be sure to pay attention to the IC orientation and pin numbers. See Fig. 4.27 
for details. 

Some capacitors such as the electrolytics and tantalums are polarity sensitive. 
Make sure the + or — leads are wired as the schematic shows or damage will result. 
If you are still unsure about how to build the circuit on the breadboard, do an 
internet search on “how to use a breadboard.” You will find YouTube videos 
and many other tutorials to help you. However, the best way to do this is just 
dive in and give it a try correcting as you go along. 

Once you have built one or more of the circuits, you will test them in Project 4.5. 
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Project 4.4—cont'd 


Each square These five 
is a hole for a holes connected 
component lead together 


Adjacent 
groups not 
connected 


All holes in B column 
connected together 
All holes in A column 
connected together 
These common connection points 
are called buses or rails. 
They are used for power and ground. 


FIGURE 4.28 One type of breadboarding socket. Not all sockets have the A and B power 
and ground buses in which case you can designate any one group of 3 pins to power and 
another for ground. 


94 Electronics Explained 


Project 4.5 


Testing Circuits With an Oscilloscope 

Before you test the circuits you built in the previous project, you need to famil- 
larize yourself with the oscilloscope itself. Read the manual first. Then power up 
the scope and be sure the screen is displayed on the video monitor. The scope 
screen should look something like that shown in Fig. 4.29. The screen is a grid of 
horizontal and vertical lines. The horizontal scale is time and the vertical scale is 
volts. Each of the grid's major segments represents a calibrated value. Horizontal 
grid increments are usually in milliseconds or microseconds per division such 
as 5 milliseconds (ms) per division. The vertical grid is calibrated in millivolts or 
volts. For example, one setting may be 5V per division. See Fig. 4.29 for clari- 
fication. The scope lets you change these settings so you can adjust it to view a 
wide range of signals. Check the scope instructions to be sure you know how to 
do this. Because the grid is calibrated you can measure the time period (t) of a 
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FIGURE 4.29 A 60-Hz sine wave displayed on an oscilloscope. 
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Project 4.5—cont'd 


signal and its voltage amplitude. Remember if you know the period of a signal (t), 
you can Calculate the frequency (f) with the formula f=1/t. Now on to the testing. 
If you built the simple signal source as shown in Fig. 4.26, get it ready and turn 
on your oscilloscope, and set the horizontal and vertical scales to those shown in 

Fig. 4.29. Follow these steps: 

e Plug the wall adapter transformer into an AC outlet. 

e Connect short hookup wires (2 or 3 inches) to the pot on the breadboarding 
socket. One wire is connected to ground, and the other to the slider arm of the 
pot (usually the center pin). These wires will let you connect the scope probe 
inputs to the circuit. See Fig. 4.26. Some VIs may have other arrangements so 
follow the guidelines in the VI manual. 

Rotate the pot knob to the maximum clockwise (CW) position. 

Connect the scope to the pot output. You should see a sine wave as shown in 
Fig. 4.29. Make adjustments as needed to see all of the signal. 

If you do not see a signal, rotate the pot to the maximum counter clockwise 
position (CCW). 

Now measure the period of the sine wave between two successive peaks. Each 
major division is 5ms so each smaller increment is 1 ms. For a 60-Hz sine wave 
the period is 16.67 ms. You should be able to estimate that from the display. 
Next measure the peak-to-peak amplitude of the signal. This is the voltage 
between the maximum positive peak and maximum negative peak. If you 
bought a 5-V transformer, the peak should be 14-16V. The 5-V rating is an rms 
value and the peak-to-peak value 2.828 or more times the rms value. 

Now vary the pot knob from maximum CW to CCW positions and note how 
the sine wave amplitude varies from zero to its maximum value. This lets you 
set the voltage as you need. 

Unplug the transformer. 

If you built the circuit in Fig. 4.27, check your wiring and get ready for the test. 

Do this: 

Apply DC power. The circuit is flexible so you can use what DC voltage you 
have from about 4.5-15V. Your 5-, 6-, or 9-V supplies will work ok. 

Set up the scope. Some recommended settings are 0.5 or 1V per division verti- 
cally and 200 or 500 ms per division horizontally. 

Connect the scope input to the top of the 10-k resistor R3 and ground. You 
should see a signal like that in Fig. 4.30. This figure assumes a power sup- 
ply voltage of 6V. Adjust the scope setting to display the signal as in the 
figure. 

Measure the period and peak-to-peak values. The p—p value should be a bit 
less than the DC supply voltage. With resistor and capacitor values shown, the 
frequency computes to 962 Hz. That is close to 1000 Hz or 1 kHz. The period 
should be little bit more than 1ms between consecutive positive or negative 
going edges of the pulses. 

Disconnect the power. 


Continued 
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Project 4.5—cont'd 
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FIGURE 4.30 The output of the 555 timer circuit displayed on an oscilloscope. 


A Word About Troubleshooting 


If your circuit does not work, you will need to troubleshoot it. Here are a few 

suggestions. 

e The problem is most likely a wiring error. Check all of your connections care- 
fully. Rewire as needed. A common mistake is plugging a component leads 
into the wrong adjacent hole. Refer back to Fig. 4.28 for a review. 

Be sure that the right part is in the right position. Double check resistor color 
code values. If polarized capacitors are used, be sure the + and — leads are in 
the designated position. 

Use your DMM to see that the circuit is getting DC power. Measure between 
pins 1 and 8. 

Ifthe 555 timer circuit of Fig. 4.27 does not work again, check the wiring. Try 
rewiring according to that in Fig. 4.28 and try testing again. 

If available, a knowledgeable friend or acquaintance may be able to help. 
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Project 4.6 


Experimenting With the 555 Timer 

The 555 timer IC is a very versatile device. Here are several different uses to try. 

e Remove the 10-kQ resistor R3 from the circuit in Fig. 4.27 and replace it with 
an 8-Q speaker and 100-Q resistor. See Fig. 4.31. 
Apply DC power. You will hear the 962-Hz audio tone in the speaker. 
Turn off the power. 
Rewire the circuit so that it is like that shown in Fig. 4.32. You will replace 
the 0.05-uF capacitor with the 47-uF capacitor. Be sure to observe the correct 
polarity. Then connect the 220-Q resistor and LED as shown to replace the 
speaker. Again be sure to orient the LED correctly as shown. 
Apply power. The LED should blink at an approximate rate on once per second. 
Turn off the power. 
Turn off the power but do not disassemble the 555 circuit as you will use it in 
Chapter 5. 


+6V or +9V 


TOP VIEW 


speaker 


FIGURE 4.31 The 555 IC connected as an audio tone generator with speaker. 


+6V or +9V 


TOP VIEW 


FIGURE 4.32 The 555 IC connected to flash an LED off and on. 
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Project 4.7 


Building a Half Wave Rectifier and Power Supply 

A rectifier is a diode that converts AC into pulsating DC. Rectifiers are a part of 
most power supplies. Here you will demonstrate how a diode produces half sine 
pulses that can then be filtered into a steady DC. By adding an IC voltage regulator 
you will create a useful power supply you can use in later projects. 


Remove the 1-k pot from the wall adapter transformer in Fig. 4.26 and wire the 
circuit in Fig. 4.33. Add only the 1N4001 diode and 1-k-Q resistor at this time. 
Plug the transformer into an AC outlet. Connect the oscilloscope to the 1-k 
resistor output. You should see half sine pulses like that in Fig. 4.34. The peak 
pulse value should be about 7-9V with a 5V transformer. 

Measure the voltage across the 1-k resistor with your DMM. It is the DC aver- 
age voltage of about 2-4V with the 5V transformer. 

Now connect a 1000 pF capacitor across the 1 k resistor as shown in Fig. 4.33. 
Be sure to get the polarity right as shown. 

Measure the voltage across the capacitor with your DMM. This is the DC aver- 
age voltage with peaks of about 7-9V with the 5-V transformer. The capacitor 
filters out the pulses into a steady DC. 

When you connected the 1000 nF, you noticed that the pulses went away on 
the scope screen. There will still be some minor variations on the output called 
ripple. It will be only a few millivolts or less. You can see it on the scope if you 
change the vertical sensitivity. 


AC-AC 
Wall adapter 
transformer IN4001 


5V DC 


FIGURE 4.33 A half wave rectifier and regulated 5-V power supply. 
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Project 4.7—cont'd 


5V/div 


5 ms/div 


FIGURE 4.34 The half sine pulses as seen on the oscilloscope. 


Next, connect a 7805 IC regulator to the output as shown in Fig. 4.33. This IC 
converts the voltage across the 1000-uF capacitor into a stable and accurate 5V. 
Measure the output across the 1-k-Q resistor with your DMM. 

Unplug the transformer. 


Project 4.8 


Experimenting With Operational Amplifiers 

An op amp is an all-purpose amplifier that can be connected in a variety of 
ways to meet many amplification needs. Most op amps require two power sup- 
plies, one positive and the other negative. With two supplies the output voltage 
swing can be positive and negative. Fig. 4.35 shows the most common op amp 
configuration. This is an inverting amplifier. See Fig. 4.8 and the related text 
for a review. Note how the power supplies are connected to pins 7 and 4. You 
can use two 5-volt supplies, the 6-V AA cell supplies, or two 9-V batteries or 
the supplies in your VI device. The junction of the two supplies is the circuit 
ground. 

Wire the circuit of Fig. 4.35 on the breadboard. The 1-k pot is connected to 
the positive supply to provide a variable DC voltage to use as an amplifier input. 
Double check your wiring before you go to the procedure below. 

e Apply voltage to the circuit. Use your DMM to check for voltages on pins 7 
and 4 on the IC. 

Measure the pot output voltage and vary the pot to set its output to 1V. Connect 

the +1V to the op amp as shown in the figure. 


Continued 
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Project 4.8—cont'd 


POWER 


SUPPLY |? 89V 


FIGURE 4.35 Operational amplifier inverter circuit showing power supply detail. 


Using the resistor values given in the figure, calculate the circuit gain. 
Calculate the value of the output voltage given the 1-V input. 

Now measure the op amp output at pin 6 with your DMM. You should get 
-3.2V. The circuit gain is 15k/4.7k=3.2 so with 1V in you will get -3.2V out. 
The voltage is negative because the op amp inverts the + input. Op amps can 
amplify DC and well as AC signals. 

Turn off the power and rewire the circuit as shown in Fig. 4.36. This is a non- 
inverting amplifier. 

Use the formula in Fig. 4.8 to calculate the gain using the resistor values given 
(see Fig. 4.8). 

Connect an input signal to the op amp at pin 3. Use the 60-Hz output from 
the circuit in Fig. 4.26. Disconnect the wall transformer from the power supply 
you built in Project 4.7 and connected to the 1-k ohm pot as shown in Figs. 
4.26 and 4.36. 

Using the scope, set the output of the 1-k pot to 1V peak-to-peak. Connect the 
pot output to pin 3 of the op amp. Now look at the output at pin 6 of the op 
amp with the scope. Since the calculated gain is 6.8k/1k+1=7.8, the output 
should be 7.8V peak-to-peak. 

While observing the output on pin 6 of the op amp, rotate the 1-k pot to 
increase the input voltage. At some point, you will see the output sine wave 
increase until the output saturates and clips creating a square wave. The output 
voltage cannot be greater than the power supply voltages. 

Disconnect power. 
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Project 4.8—cont'd 
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FIGURE 4.36 Operational amplifier noninverting amplifier circuit. 


Project 4.9 


Try Out a Circuit Simulator 

A circuit simulator is a software program that lets you build an electronic circuit 
and test it on your computer. A schematic capture program helps you construct 
the circuit on screen using built-in component symbols and wiring. The software 
then converts that circuit into a sequence of operations that simulate the various 
components and the operation of the circuit. Built-in waveform viewers and read 
out capability lets you see how the circuit works and performs. Electronic engi- 
neers regularly use simulators to help design circuits and evaluate them before 
constructing physical prototypes and before committing to an expensive IC design. 
Some simulators are accompanied a PCB layout program that helps you design a 
PCB for your circuit. 

Circuit simulators require some learning time but they are worth the effort. You 
can also substitute a circuit simulator for the actual hands-on projects in this book, 
although that is not recommended. Use the simulators to complement the real lab 
work projects. 

Listed below are several circuit simulators to try. Some are free while others 
require payment to access. 

https://circuits.io/ 

https://www.circuitlab.com/editor/#?id=7pqs5wm 


Continued 
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Project 4.9—cont'd 


http://dcaclab.com/en/home 

http://www.docircuits.com/circuit-editor 

http://everycircuit.com/ 

http://www.partsim.com/simulator 

http://www.schematics.com/ 

Recommended action: 

Try out one or more circuit simulators listed. Build and test at least one circuit. 
Implement one or more of the hardware projects you experimented within 
this chapter. The 555 timer, half wave rectifier and op amp projects are 
suggested. 

Compare your hands-on results with the simulated results. 


Chapter 5 


Electronic Circuits: Digital 
Practically Everything Is Digital These Days 


In this Chapter: 


Binary number system. 

Logic gates and flip-flops. 

Common combinational and sequential circuits. 
Semiconductor memory. 

Programmable logic devices. 

Analog-to-digital and digital-to-analog conversion. 


INTRODUCTION 


Recall that there are two basic types of electronic signals—analog and digital. A 
digital signal 1s one that varies in discrete steps. Unlike an analog signal, which 
varies continuously, a digital signal has two levels or states. The signal switches 
or changes abruptly from one state to the other. 

Fig. 5.1 shows a DC digital signal that switches between two known levels 
such as OV and close to it (0.1 V) or O and 3.3V. The positive voltage can be 
anything between about 1 and 12 V with 3.3 and 5V being the most common. 

Digital signals with two discrete levels are also referred to as binary signals. 
Binary means two—two states or two discrete levels of voltage. 

Humans use the decimal number system that represents quantities with dig- 
its 0 through 9. However, digital equipment and computers do not. Internally, 
digital equipment processes binary data. 


BINARY NUMBERS 


The binary number system is a set of rules and procedures for representing and 
processing numerical quantities in digital equipment. Because the base of the 
binary number system is 2, only two symbols (0 and 1) are used to represent any 
quantity. The symbols 0 and 1 are called binary digits or bits. For example, the 
6-bit number 101101 represents the decimal number 45. Your understanding of 
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FIGURE 5.1 Binary signal that represents 0 and 1 as voltage levels. 


how digital circuits, microprocessors, and related equipment process data 1s tied 
directly to an understanding of the binary number system. 

The reason for using binary numbers in digital equipment is the ease with 
which they can be implemented. The electronic components and circuits used 
to represent and process binary data must be capable of assuming two discrete 
states to represent O and 1. Examples of two-state components are switches and 
transistors. When a switch 1s closed or on, 1t can represent a binary 1. When the 
switch is open or off, it can represent a binary 0. A conducting transistor may 
represent a 1, whereas a cutoff transistor may represent a 0. The representation 
may also be voltage levels. For example, a binary 1 may be represented by 
+3.3V and a binary 0 by OV as previously shown in Fig. 5.1. 


Binary-to-Decimal Conversions 


The binary system is similar to the decimal system in that the position of a digit 
in anumber determines its weight. Recall that in the decimal system the weights 
are powers of 10. The rightmost digit is units or 1s and then 10s, 100s, 1000s, 
and so on, moving from right to left from one digit to the next. The position 
weights of a binary number are powers of 2: 


re 
252 
2724 
258 
24=16 
2D 
2° = 64 
27=128 
2° = 256 


The position weights of an 8-bit binary number are as follows: 


Bit 2” ze 23 a 2? ze 21 29 
position 
Weight 128 (MSB) 64 32 16 8 4 2 1 (LSB) 


The most significant digit or bit (MSB) and the least significant bit (LSB) 
are identified. 
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Now let us evaluate the decimal quantity associated with a given binary 
number, 101101. You simply multiply each bit by its position weight and add 
the values to get the decimal equivalent, 45. 


Position weight 32 16 8 4 2 1 
Binary number 1 O 1 1 0O 1 


1x1 = 1 
0x2 = 0 
1x4 = 4 
1x8 = 8 
Ox 16 = 0 
1 x 32 = 32 
Decimal equivalent 45 


You can see that positions with a O bit have no effect on the value. Therefore, 
they can be ignored. To quickly determine the decimal equivalent of a binary 
number, simply sum the weights of the positions containing a | bit. For exam- 
ple, in the number 11101, the weights of those positions with a 1 bit from right 
to left are 1 +4 +8 + 16 = 29. 


Using Hardware to Represent Binary Quantities 


Switches are widely used to enter binary data into computers and digital 
equipment. If the switch 1s set to the up position, a binary 1 1s represented. 
If the switch is down, a binary O is represented. The switch contacts can be 
opened or closed depending on the circuit in which the switch 1s connected. 
Fig. 5.2 shows a group of slide switches set to represent a binary number, 
11000101 or 197. 

Indicator lights such as light-emitting diodes (LEDs) are sometimes used to read 
out binary data in digital equipment. An “on” light is a binary 1 and an “off” light is 
a binary 0. See Fig. 5.3. The decimal value being represented by the display is 178. 


Decimal-to-Binary Conversions 


You may find it necessary to convert decimal numbers into their binary equiva- 
lents. This can be done by dividing the decimal number by 2, dividing the quo- 
tient by 2, dividing that quotient by 2, and so on, recording the remainders until 
the quotient is zero. The remainders form the binary equivalent. 


“ARE ERAGE 


FIGURE 5.2 Off/on switches are used to enter binary data into digital circuits. 
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Binary lights 


On (1) Off (0) 


128 64 32 16 8 4 2 1 
eo@eeeed 8 @ 
FIGURE 5.3 How lights or LEDs are used to represent binary data. 


In the following example, we convert the decimal number 57 to its binary 
equivalent. 


Quotient Remainder 
57+2=28 1 (LSB) 


28+2=14 0 
14+2=7 0 
7+2=3 1 
3+2=1 1 
1+2=0 1 (MSB) 


You can always check your work by reconverting the binary number back 
to decimal using the procedure described earlier. Also, keep in mind that 
some scientific calculators can do binary-to-decimal and decimal-to-binary 
conversions. 

Another name for a binary number is binary word. The term word is more 
general. It refers to a fixed group of bits that can mean numbers, letters, or spe- 
cial characters and codes. We say that digital equipment processes binary data 
words. 

All digital circuits and microcomputers work with a fixed-length binary 
word. A common binary word length in microcomputers and other digital 
equipment is 8 bits. All data storage, processing, manipulation, and transmis- 
sion are carried out in 8-bit groups. Word lengths of 4, 8, 12, 16, 32, and 64 bits 
are common in digital equipment. 

An 8-bit word is usually called a byte. In data communication applications, 
an 8-bit word is sometimes called an octet. A 4-bit word is sometimes referred 
to as a nibble. 


Maximum Decimal Value for N Bits 


The number of bits in a binary word determines the maximum decimal value 
that can be represented by that word. This maximum value is determined with 
the formula: 


M=2 -1 


where M is the maximum decimal value and N is the number of bits in the word. 
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TABLE 5.1 Number of Bits in Binary Number and 
Maximum Number of States 


Number of Bits Maximum States 
8 256 

12 4096 (4K) 

16 65,536 (64 K) 

20 1,048,576 (1 M) 

24 16,777,216 (16M) 
32 4,294,967,296 (4G) 


G, gigabits=1,0737,41,824; K, kilobits=1024; M, megabits = 1,048,576. 


For example, what 1s the largest decimal number that can be represented by 
4 bits? 


M=2 -1=16-1=15 


With 4 bits, the maximum possible number is binary 1111 or decimal 15. 

The maximum decimal number that can be represented with | byte is 255 
or 11111111. An 8-bit word greatly restricts the range of numbers that can be 
accommodated. But this is usually overcome by using larger words. 

There is one important point to know before you leave this subject. The 
formula M = 2N — 1 determines the maximum decimal quantity (M) that can be 
represented with a binary word of N bits. This value is 1 less than the maximum 
number of values that can be represented. The maximum number of values that 
can be represented (Q) is determined with the formula: 


Q=2 


With 8 bits, the maximum number of values is 256 or O through 255. 
Table 5.1 gives the number of bits in a binary number and the maximum 
number of states that can be represented. 


BCD and ASCII 


The binary numbers we have been discussing are usually referred to as pure 
binary codes. But there are other types of binary codes. For example, the binary- 
coded decimal (BCD) system is popular. BCD is a hybrid code between the 
binary and decimal systems. It was developed in an attempt to simplify the 
conversion processes between the two systems and to improve human—machine 
communication. 
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TABLE 5.2 Binary-Coded Decimal 


Decimal Value BCD Code 
0 0000 
1 0001 
2 0010 
3 0011 
4 0100 
5 0101 
6 0110 
7 0111 
8 1000 
9 1001 


To represent a decimal number in the BCD system, each digit is replaced by 
its 4-bit binary equivalent. Thus, the number 729 in BCD 1s: 


729 
0111 0010 1001 


The BCD code is given in Table 5.2. 

It is important to note that the 4-bit binary numbers 1010 through 1111 that 
represent the decimal values 10 through 15 are invalid in BCD. 

To convert a BCD number to decimal, simply substitute the decimal equiva- 
lent of each 4-bit group. The BCD number 1001 0100 0110 in decimal is 946. 

A special form of BCD code is used in computers and data communica- 
tions systems. It is a 7- or 8-bit code that is used to represent not only numbers 
but also letters (both uppercase and lowercase), special symbols, and control 
functions. This code is called the American Standard Code for Information 
Interchange, or ASCII (pronounced “ask-key”). 

The following are examples of ASCII: 


Number, letter, or symbol ASCII 

F 01000110 
8 00111000 
J 01101010 
+ 00101011 


The complete ASCII is given in Table 5.3. It provides the decimal and hexa- 
decimal (hex) values of the codes. The code contains both uppercase and low- 
ercase letters, the digits 0 through 9, punctuation marks, common mathematical 


TABLE 5.3 The ASCII Character Code 


Char 
(nul) 
(soh) 
(stx) 
(etx) 
(eot) 
(enq) 
(ack) 
(bel) 
(bs) 
(ht) 
(nl) 
(vt) 
(np) 
(cr) 
(so) 
(si) 
(dle) 
(dc1) 
(de2) 
(dc3) 


Dec 


Oct 

0000 
0001 
0002 
0003 
0004 
0005 
0006 
0007 
0010 
0011 
0012 
0013 
0014 
0015 
0016 
0017 
0020 
0021 
0022 
0023 


Hex 

0300 
0301 
0302 
0303 
0304 
0305 
0306 
0307 
0308 
0309 
030a 
030b 
030c 
030d 
030e 
030f 
0310 
0311 
O32 
0313 


Char 


(Sp) 
! 


dl 


Dec 


Oct 

0040 
0041 
0042 
0043 
0044 
0045 
0046 
0047 
0050 
0051 
0052 
0053 
0054 
0055 
0056 
0057 
0060 
0061 
0062 
0063 


Hex 

0320 
0321 
0322 
0323 
0324 
0325 
0326 
0327 
0328 
0329 
032a 
032b 
032c 
032d 
032e 
032f 
0330 
0331 
0332 
0333 


EAS S ESO SA hezán e 


Dec 
64 
65 
66 
67 
68 
69 
70 
71 
y2 
73 
74 
75 
76 
Td. 
78 
79 
80 
81 
82 
83 


Oct 

0100 
0101 
0102 
0103 
0104 
0105 
0106 
0107 
0110 
0111 
0112 
0113 
0114 
0115 
0116 
0117 
0120 
0121 
0122 
0123 


Hex 

0340 
0341 
0342 
0343 
0344 
0345 
0346 
0347 
0348 
0349 
034a 
034b 
034c 
034d 
034e 
034f 
0350 
0351 
0352 
0353 


Char 


Dec 
96 
97 
98 
99 
100 
101 
102 
103 
104 
105 
106 
107 
108 
109 
110 
111 
112 
113 
114 
115 


Oct 

0140 
0141 
0142 
0143 
0144 
0145 
0146 
0147 
0150 
0151 
0152 
0153 
0154 
0155 
0156 
0157 
0160 
0161 
0162 
0163 


Hex 

0360 
0361 
0362 
0363 
0364 
0365 
0366 
0367 
0368 
0369 
036a 
036b 
036c 
036d 
036e 
036f 
0370 
0371 
Wa 
0373 


Continued 


TABLE 5.3 The ASCII Character Code —cont'd 


Char 
(dc4) 
(nak) 
(syn) 
(etb) 
(can) 
(em) 
(sub) 
(esc) 
(fs) 
(gs) 
(rs) 


(us) 


Char, character; Dec, Decimal; Hex, Hexadecimal (4-bit groups); Oct, Octal (3-bit groups). 
Characters in parentheses are control codes for specific operations. 


Dec 
20 
21 
22 
23 
24 
25 
26 
27. 


Oct 

0024 
0025 
0026 
0027 
0030 
0031 
0032 
0033 
0034 
0035 
0036 
0037 


X, “Don't care” character 


Example: ASCII capital letter A 


Decimal 65 


Binary 0000000001000001 

0/000/000/001/000/001 
0 
Hex 0000/0000/0100/0001 


Octal 


D 0O 1 


D x 


1 


1 


Hex 

0314 
0315 
0316 
O7 
0318 
0319 
031a 
031b 
031c 
031d 
031e 
031f 


Char 
4 
5 
6 


? 


Dec 
52 
53 
54 
55 
56 
57 
58 
59 
60 
61 
62 
63 


Oct 

0064 
0065 
0066 
0067 
0070 
0071 
0072 
0073 
0074 
0075 
0076 
0077 


Hex 

0334 
0335 
0336 
0337 
0338 
0339 
033a 
033b 
033c 
033d 
033e 
033f 


Dec 
84 
85 
86 
87 
88 
89 
90 
91 
92 
93 
94 


95 


Oct 

0124 
0125 
0126 
0127 
0130 
0131 
0132 
0133 
0134 
0135 
0136 
0137 


Char 


(del) 


Oct 

0164 
0165 
0166 
0167 
0170 
0171 
0172 
0173 
0174 
0175 
0176 


0177 


Hex 

0374 
0375 
0376 
0377 
0378 
0379 
037a 
037b 
037c 
037d 
037e 
037f 
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symbols, and many special two- and three-letter codes. The special codes are 
known as control codes. They are used to indicate the start and end of a string 
of characters or to initiate special operations. Some examples are as follows: 


STX—Start of text sequence 

EOT—End of transmission of a string of characters 
BEL—Ring a bell 

DEL—Delete 

LF—Line feed 

CR—Carriage return 


These codes not only represent alphanumeric data but can also make things 
happen in a printer or computer. 

The main use of ASCII is in data communication. Computers use ASCII 
to “talk” to their peripheral units, such as printers, or to one another. A com- 
mon example is a personal computer that receives data via a modem from the 
Internet. Another example is the data sent from a computer to a laser printer. 
ASCII is the communication code for text. 


Hexadecimal Notation 


Hexadecimal notation is a way to represent binary values with numbers and letters 
in an effort to make data easier to remember and to reduce the errors normally 
associated with writing or reading long strings of 1s and Os. The hex code is just an 
extension of the BCD code, with the decimal values from 11 to 15 represented by 
the letters A through F. See the following table. 


Decimal Value Hex Code 
0000 
0001 
0010 
0011 
0100 
0101 
0110 
0111 
1000 
1001 
1010 
1011 
1100 
1101 
1110 
1111 


TAM OO) W|>|0|D| [DO] A | | O 


As an example to convert the binary number 101000110101100 to hex, you 
divide the word into 4-bit groups starting on the right and then replacing each with 
the hex codes. In this case, the hex code is A35C. 
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Parallel and Serial Data 


It is frequently necessary for digital devices to communicate. Someone using a 
computer may have to send data to a printer. Or two people using personal com- 
puters may have to communicate over a local area network (LAN). To accomplish 
either of these objectives, one must transmit binary data from one circuit to another. 
This is done in one of two ways: parallel transmission or serial transmission. 


Parallel Data 


When the parallel method is used, all bits of a binary word or number are trans- 
mitted simultaneously. Fig. 5.4 shows an 8-bit word being transferred from 
logic circuit 1 to logic circuit 2. 

A bus 1s a set of parallel data lines over which digital data 1s transferred. 
A data bus can have any number of data lines as required by the application. 
However, the main characteristic of a bus 1s parallel data transfer. In physical 
form, a bus 1s usually implemented on a connector, with lines of copper on a 
printed circuit board or with a ribbon cable with one wire per bit. 

Because all bits are transmitted at the same time over a parallel bus, data 
movement is extremely fast. The main benefit of parallel data transmission 
1s 1ts high speed. With high-speed logic circuits, a binary word can be trans- 
ferred from one point to another in as little as several nanoseconds. Parallel 
data transmission over buses in computers takes place at rates up to several hun- 
dred megahertz. It is not uncommon to see a rate of 100 million bits per second 
(Mbps) on a personal computer data bus. On long buses, data rates are slower 
because the stray inductance and capacitance of the cable typically distorts the 
data and slows the transmission speed. 

Although parallel transmission 1s fast, it is expensive, because there must be 
circuitry for each bit on both the sending and receiving ends. There must be one 
wire per bit in a cable plus a separate ground wire. This increases the complex- 
ity and thereby the cost of the circuitry. 


Logic 


circuit 1 circuit 2 


Parallel binary word 


FIGURE 5.4 Parallel binary data transfer over bus. 
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Serial Data 


The other method of moving binary data from one point to another is serial 
transmission. In the serial method, the bits of a word are transmitted one at 
a time, or sequentially. Fig. 5.5 shows the waveform of an 8-bit serial binary 
word. This is the voltage that you would monitor at the single output of the 
circuit generating the word. It is the waveform that an oscilloscope would dis- 
play. Each bit occurs for a fixed time interval such as 1.5ms. Thus, it takes 
1.5 x 8 = 12 ms to transmit an 8-bit word. 

The speed of data transmission is measured in bits per second (bps). That 
figure can be calculated from the expression: 


1 
bps = — 
t 


Here, t is the time for 1 bit. In Fig. 5.5, 1 bit takes 1.5 us. The speed of the 
data, then, is 


bps=1= (1.5x10~°) = 666, 666.7 bps or 666.7 kbps 


If you know the speed in bps, you can calculate the bit time (t) by rearrang- 
ing the formula: 

1 
Tan. 
bps 

Assume a data rate of 14,400 bps. The bit time is 69.4 us. 

As seen in Fig. 5.5, the MSB is transmitted first. Depending on the system 
used, however, the LSB can be sent first. In any case, the speed of transmission 
depends on the number of bits in the word and the duration of each bit. It is this 
longer transmission time that is the primary disadvantage of the serial method. 
However, although serial transmission is slower than parallel transmission, it 
is perfectly suitable for many applications. Common data rates are in excess of 
millions of bits per second. Data rates of up to 100 Gbps are common. 

The main benefits of the serial method are its simplicity and low cost. 
Only a single line rather than multiple lines is needed to interconnect the 


MSB LSB : 


—-» Time 


FIGURE 5.5 Serial data transfer where | bit occurs after another in time. 
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equipment. In addition, only one set of sending and receiving circuits is 
needed. All data transmissions by copper cable or fiber optical cable exceed- 
ing about 100 Mbps are made by the serial method. All wireless data trans- 
missions are serial. 


DIGITAL LOGIC ELEMENTS 


Digital logic elements are the basic circuits that are used to process the 
binary data. The logic element has one or more binary data inputs to be pro- 
cessed. The logic element processes or manipulates the binary input signals 
in a fixed way and generates an appropriate output signal. The output is a 
function of the binary states of the inputs and the unique processing capabil- 
ity of the logic element. The logic element “looks” at the binary input sig- 
nals and then makes a decision and generates an appropriate output. There 
are five elementary logic circuits: inverter or NOT, AND, OR, NAND, and 
NOR. These functions are performed by logic elements known as inverters 
and gates. 

You need not be concerned with the inner workings of these logic elements. 
Instead, your primary concern is with the basic logic functions. Needless to say, 
the gates and inverters are inside every microcomputer and digital integrated 
circuit (IC). 


Inverter 


The inverter has a single input and a single output. The logic function performed 
by an inverter is inversion. The output of the inverter 1s simply the inverse, or 
opposite, of the input. Because binary signals can assume only one of two dif- 
ferent states, either O or 1, the inverter generates a O when the input is a 1 anda 
1 when the input is a 0. 

Two common symbols used to represent an inverter are shown in Fig. 5.6. 
The input and output are given names, which are usually letters of the alphabet. 

There are a variety of ways to express the operation of various logic func- 
tions. One way is to use Boolean algebraic expressions. A Boolean expression 


FIGURE 5.6 Logic symbols for inverter and truth table. 
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is a simple mathematical or algebraic formula that expresses the output in terms 
of the input. The Boolean expression for the inverter is: 


B=A' 


This equation is read, “B equals not A.” The asterisk means NOT or inver- 
sion. What this expression is telling you is that if the input is A, the output, B, 
is not A. 

Another method of expressing the function of a logic element is a truth table. 
This is simply a table listing all possible combinations of the inputs and outputs 
of a logic element. Fig. 5.6 also shows the truth table for an inverter. There are 
only two possible inputs, O and 1, and the corresponding outputs. A truth table 
completely defines the operation of a logic element. 


AND Gate 


A gate is a circuit that has two or more inputs and a single output. The gate gen- 
erates a binary output that is a function of the states of the inputs and the nature 
of the gate itself. 

The type of gate determines how the binary inputs are processed. The two 
basic logic gates are the AND gate and the OR gate. An AND gate is a logic cir- 
cuit that generates a binary 1 output if all of its inputs are binary 1s. Otherwise, 
the circuit generates a binary 0. All of the inputs have to be binary 1 for the 
AND gated to produce a binary 1 output. If any one of the inputs is a binary 0, 
the output is binary 0. 

Fig. 5.7 shows the logic symbols used to represent an AND gate. Letters of 
the alphabet are used to represent inputs and outputs. There may be more than 
two inputs, but there is only one output. 

As with the inverter, the output of the AND gate can be expressed in terms 
of the inputs with a Boolean expression. The Boolean expression for an AND 
gate 1s: 


C=AB 


{J > 
C 
B 


=a > O OGO > 


B 
0 
1 
0 
1 


2000/00 


FIGURE 5.7 Logic symbols for AND gate and truth table. 
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This equation is read, “C equals A and B.” Parentheses also can be used to 
separate the inputs; for example, C=(A) (B). 

The truth table for a simple two-input AND gate is also shown in Fig. 5.7. 
Note that the output C is a binary 1 when both inputs are binary 1s. At all other 
times, the output is binary 0. With two inputs, there are a total of four dif- 
ferent input combinations (27=4). With three inputs, there are 2%=8 possible 
input combinations for an AND gate. These inputs are the binary numbers 000 
through 111. 

One of the most common applications of an AND gate in digital circuits 1s 
gating. Gating simply refers to the use of one binary signal to control another. 
A two-input AND gate is most often used as a control gate. One input signal is 
the control that either keeps the other input signal from passing through to the 
output or allows it to pass. 

Fig. 5.8 shows the inputs and output of a typical control gate. Note that mul- 
tiletter names called mnemonics are used instead of single letters to designate 
the input and output signals. The ENB or enable input represents the control 
signal. As long as the ENB input is a binary 0, the output is a binary 0. The gate 
is said to be inhibited because nothing more than a binary O output occurs. 

When the ENB control input is a binary 1, the gate is enabled. At this time, 
the main input signal, CLK for clock, is allowed to pass through to the out- 
put BST. CLK is a periodic clock signal that switches repetitively between the 
binary 0 and the binary 1 levels at a fixed frequency. The output of the AND gate 
follows the CLK input as long as the ENB control input is a binary 1. 


CLK 
ENB 


(A) Gate symbol 


ENB E 


BST TLL LLY 


(B) Waveforms 


FIGURE 5.8 How AND gate is used to turn signal off or on. (A) The AND gate showing the 
input and output names. (B) The waveforms of the inputs and output. 
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FIGURE 5.9 Logic symbols for OR gate and truth table. 


OR Gate 


Another commonly used logic gate 1s the OR circuit. Like the AND gate, the OR 
gate has two or more inputs and a single output. The OR gate generates a binary 
l if any one or more of its inputs are binary 1. The only time the output of an 
OR gate is binary 0 is when all its inputs are binary 0. 

The symbols used to represent an OR gate are shown in Fig. 5.9. Letters of 
the alphabet are used to designate the inputs and outputs. Using these designa- 
tions, the Boolean output expression for the OR gate is: 


D=E+F 


This equation is read, “D equals E or F.” In this Boolean expression, the plus 
sign designates the OR function. In a Boolean logic expression, the plus sign does 
not mean addition. In Fig. 5.9, the mathematical symbol (greater than or equal to) 
is used to designate the OR logic function. The truth table for an OR gate further 
defines its operation. The output D is a binary | when input E or input F or both 
are a binary 1. Like an AND gate, an OR gate can have any number of inputs. 


NAND and NOR Gates 


The AND and OR logical functions are basic to all digital systems. Although 
these functions are implemented with AND and OR gates, a variation of these 
gates is even more widely used. These are NAND and NOR gates, which are a 
combination of either an AND gate or an OR gate and an inverter. These gates 
are more flexible in their application when they are used together. 

A NAND gate can be made with an AND gate followed by an inverter. 
Fig. 5.10 shows this circuit configuration. Note the two special symbols in 
Fig. 5.10 used to represent the logical NAND function. The truth table is 
also given. 

A NAND gate can perform all of the gating and detection functions men- 
tioned earlier for an AND gate. The only difference is that the output is inverted. 
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FIGURE 5.10 Logic symbols for NAND gate and truth table. 


Š F = (D+E) 
A Fs 


FIGURE 5.11 Logic symbols for NOR gate and truth table. 


The other widely used digital logic element is a NOR gate. A NOR gate 1s a 
combination of an OR gate followed by an inverter (see Fig. 5.11). The symbols 
used to represent the NOR logic function are also shown. The output of a NOR 
gate is simply the complement of the output of an OR gate, as shown by the 
truth table. An XOR actually is a 1-bit binary adder. 


Exclusive OR Gate 


A variation of the OR gate is the exclusive OR, usually designated XOR. Its 
symbols are given in Fig. 5.12. The truth table is also shown. Note that the cir- 
cuit only produces a 1 output if the two inputs are opposite. The output is O if the 
two inputs are the same. An XOR gate is used to make an adder. 

An inverted XOR or XNOR has the symbols and truth table shown in Fig. 5.12. 
It is useful as a 1-bit comparator since the output is 1 if both inputs are the same. 
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FIGURE 5.12 Logic symbols for XOR and XNOR gates and truth tables. 


“) S Q 
niin 
(B) 
aa Q 
TOO 
Q 
E 
m 
K 


FIGURE 5.13 Logic symbols for flip-flops. (A) RS. (B) D type. (C) JK. 


Flip-Flops 


A flip-flop (FF) is another basic building block of electronics. It is essentially a 
circuit that stores 1 bit of data. The circuit has two states—set and reset. If the 
FF is storing a binary 1, it is set. If it is storing a binary 0, it is reset. Fig. 5.13A 
shows the basic block diagram of a reset-set (R-S) FF. The inputs are set (S) 
and reset (R). The two outputs Q and Q* are complementary. You apply an input 
to the appropriate input to set or reset the FF. 
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Clock (T) 


Q output 


FIGURE 5.14  Toggling T input on JK flip-flop causes it to change states, producing frequency 
division by 2. 


800 kHz 400 kHz 200 kHz 100 kHz 


FIGURE 5.15 Cascading JK flip-flops produce higher-frequency division ratios, which is also a 
binary counter that counts from 0000 to 1111. 


A D-type FF is shown in Fig. 5.13B. It has a D or data input and a clock (T) 
input. When the clock occurs, the FF is either set or reset depending on the value 
of the D input. The D FF is used to store 1 bit of data. 

Another type of FF is the JK, shown in Fig. 5.13C. It has J and K inputs that 
correspond to S and R inputs, respectively. It also has a clock or T input that per- 
forms the set or reset operations. To store a binary 1, you make J=1 and K=0. 
When a clock input occurs, the FF is then set or reset. 

The T input also causes the state of the FF to toggle or change state 
when a clock transition occurs (see Fig. 5.14). This feature is used to pro- 
duce frequency division by 2 as shown. The output is a square wave half 
the frequency of the T input. Additional JK FFs can be cascaded to produce 
frequency division by the power of 2 or 2, 4, 8, 16, 32, 64, and so on, as 
shown in Fig. 5.15. 


Storage Registers 


A storage register is a place to store a binary word or number. It is made up 
of 1 FF per bit. An 8-bit register stores bytes and has 8 FFs. Fig. 5.16 shows 
a register with eight inputs and eight outputs. Most registers also have a clock 
input also called LOAD or STORE that determines when the input data is 
stored. Some also have a CLEAR or RESET input that puts all the FFs in the 
binary O state. 
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Each block is one FF 


Inputs Outputs 


Clock, Reset 
load, or or 
store clear 


FIGURE 5.16 Storage register from one word consists of FFs. It also has clock/load and clear/ 
reset inputs. 


Shift Registers 


A shift register (SR) 1s like a storage register, but the bits stored there may be 
shifted from one FF to the next as each clock pulse occurs. Fig. 5.17A shows 
how serial binary data is shifted into the SR for storage. As new data is shifted 
in, the existing data will be shifted out and sent to another circuit. Fig. 5.17B 
shows data being shifted out as binary Os are shifted in. 

SRs are often used for parallel-to-serial and serial-to-parallel conversions. A 
serial-to-parallel conversion is shown in Fig. 5.18A. The SR initially contains all 
binary Os. Then serial data is shifted in, and the output is taken in parallel from the 
FF outputs. For parallel-to-serial conversion, a binary word is initially stored in the 
register. Then the word is shifted out as the clock pulses occur (see Fig. 5.18B). 


Counters 


As its name implies, a counter is a circuit that counts input pulses. Counters 
are made of multiple cascaded FFs, and they are sometimes accompanied by 
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(A) 1011 ojojo] o] 


Initial content 


"EPEE. 


After 1st clock pulse 


E ET. 


After 2nd clock pulse 


E He 


After 3rd clock pulse 


Cp hH 
After 4th clock pulse 
A B C D 
e OE 
Original state 


am 5 | ET i 


After 1st clock pulse 
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After 2nd clock pulse 


p e pe 


After 3rd clock pulse 


p e [p jH 


After 4th clock pulse 


(B) 


FIGURE 5.17 (A) Shifting serial data into shift register. (B) Shifting serial data out of shift 
register. 


logic gates. As the input pulses occur, the binary number stored in the counter 
FFs tells how many pulses have occurred. The frequency divider shown in Fig. 
5.15 is also a 4-bit counter. It can count from 0 (0000) to 15 (1111). If all FFs 
are initially reset to 0, then 10 pulses occur, and the FFs from A to D would be 
storing 0101 from left to right. The rightmost FF (D) is the MSB, so you read 
the counter as 1010 or the binary equivalent of decimal 10. 
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(A) 0 0 0 0 0 0 0 0 
Serial input 
wore A aja ale [+1919] 
Initial state 


Parallel output 0 1 0 0 1 1 0 1 


After 8 clock pulses 


(B) Initial state 


1 1 0 0 1 0 1 1 


After 8 clock pulses 


PEED EEEH w 


1 1 0 0 1 0 1 1 


FIGURE 5.18 Shift registers used for (A) serial-to-parallel data conversion and (B) parallel-to- 
serial data conversion. 


Each block 
is an FF 


Input pulses 


FIGURE 5.19 Counter storing binary value equal to number of input pulses that occurred. 


Binary counters can store numbers up to 2N— 1, where N is the number of 
FFs. For example, an 8-bit counter would count from 00000000 to 11111111 or 
28-1=256-1=255. 

Fig. 5.19 shows a counter where 178 pulses have occurred, so the counter 
stores the number 10101011 that is the binary equivalent of 179. 

Another popular form of counter is the BCD version that counts from 0000 
to 1001 or 0 through 9. BCD counters are used to keep track of decimal quanti- 
ties in binary form. BCD counters can serve as frequency dividers as well. Each 
divides by 10. 
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COMMON LOGIC CIRCUITS 


There are several types of logic circuits that occur again and again in digital 
equipment. The counters and registers just described are good examples. A few 
others that you may encounter are described in this section. Remember that 
these circuits can be made from individual gates and FFs in IC form. You can 
also buy them in IC form already wired for their specific function. But mostly 
these circuits appear as a collection of circuits inside some larger IC. 


Multiplexer 


A multiplexer or mux or mpx 1s a circuit with two or more inputs and one output 
(see Fig. 5.20). Here there are four inputs and one output. Two other inputs are 
used to select one of the inputs to appear as the output. The four selected inputs 
are 00, 01, 10, and 11. In the figure, note which input is routed to the output with 
each input select code. Multiplexers can have as many inputs as needed. 


Demultiplexer 


A demultiplexer or demux is the opposite of a mux. It has one input and multiple 
outputs. Like the mux, select inputs specify which of the output lines the input 
is connected to. 


Decoder 


A decoder is a circuit that can detect a specific binary code. In its simplest form, 
it is just an AND gate, as shown in Fig. 5.21A. If the input 0110 appears at 
the inputs, the AND gate will have all its inputs at binary 1, so the output will 


Output 


U O WwW > 


Select 


Select | Input at output 


FIGURE 5.20 Digital multiplexer (mux) that selects one of four inputs to appear at the single output. 
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FIGURE 5.21 Decoders. (A) 1-AND gate decoder that identifies input 0110. (B) 4-to-16 
decoder that identifies 1 of 16 different 4-bit input values. 


be binary 1 indicating that it is detecting the desired input. For any other 4-bit 
input, the output will be binary 0. 

Decoders can also be made to detect all states of a given binary input. For 
example, a 4-bit decoder like that in Fig. 5.21B looks at the 4-bit inputs and 
decodes all states from 0000 to 1111. If the input is 1000, the 8 output is binary 
1, and all other outputs are 0. 


Comparators 


A comparator takes two binary words as inputs and compares them. If the two 
inputs are equal, a binary | output occurs. Otherwise, if the two inputs are dif- 
ferent, the output is 0. Some comparators have outputs that can tell if one input 
is larger than or smaller than the other. 


Arithmetic Circuits 


Digital logic does a good job of basic arithmetic functions such as add and sub- 
tract. The basic computing element is called an arithmetic logic unit (ALU). It 
does binary addition and subtraction. It can also perform basic logic operations 
such as AND, OR, or XOR on two binary input words. Circuits for multiplica- 
tion and division are more complex, but are common in digital computers. 
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DIGITAL MEMORIES 


Digital memories are semiconductor circuits that store binary data. You have 
probably heard of the terms RAM and ROM as they apply to personal comput- 
ers. These are the two main types of memory, random access memory (RAM) 
and read-only memory (ROM). 


Random Access Memory 


The RAM is one in which you can access hundreds, thousands, or millions of 
binary storage locations. You can store one binary number or word in each loca- 
tion or read the data out of the location. Each location is referred to by a unique 
binary number called the address. You send the memory an address and activate 
the selected location. Then you can read data from the location or write data into 
that location. RAMs therefore are what we call read-write memories. 

Fig. 5.22 shows the concept of a RAM. It has eight locations for 4-bit words. 
To address eight locations you need a 3-bit address (2?=8). When you apply 
the address to the address decoder, the decoder activates the desired location. In 
the figure you see that the binary number 1001 stored in location 011 1s being 
accessed and read out. 

Most memories are large today. We talk about megabytes (MB) or millions 
of bytes of data or gigabytes (GB) or billions of bytes of data in a modern PC. 
Embedded controllers will have fewer locations, usually in the thousands of 
bytes (KB) or perhaps more in the larger systems. Storage word sizes are usu- 
ally 8 (bytes), 16, 32, or 64 bits. 

There are two ways to make a RAM. The first way 1s just to build one FF 
for each bit to be stored. The basic set—reset FF described earlier is the basic 
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FIGURE 5.22 Basic concept for random access memory (RAM). Address selects one of eight 
storage locations. Then data may be read from that location or data stored in it. 
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storage circuit (see Fig. 5.23A). Memories using this type of circuit are called 
static RAM or SRAM. They are called static because once you store the bit in 
the FF, 1t stays there as long as power 1s applied to the circuit. 

The other form of RAM is called dynamic RAM or DRAM. The basic stor- 
age circuit is a capacitor as shown in Fig. 5.23B. If you charge the capacitor, it 
is storing a binary 1. If the capacitor is discharged, a binary 0 is being stored. A 
MOSFET is used as a switch to access the capacitor. If the MOSFET is turned 
on by an input address on the gate, it connects the capacitor to the data line, 
where it may be read out or where a new bit may be stored. When the MOSFET 
is turned off, the capacitor is isolated and just stores the bit. 

The reason why the term dynamic is used for this type of RAM is that the 
charge on the capacitor will leak off very quickly. The capacitor is very small, 
and millions of them are made on a tiny chip of silicon. For this reason, the 
capacitor has to be recharged every so often so that the data is retained. This is 
called a refresh operation, and it usually occurs every 2 ms or so. 

Comparing SRAM and DRAM, you should know that SRAM 1s the faster 
of the two in that you can store data or read data out faster than you can with a 
DRAM. The downside is that the SRAM is more complex and takes up more 
space on the chip, and thus costs more. The DRAM is slower but not much. 
Its advantage is that you can put more storage cells on a chip, making them 
cheaper. The need to refresh is a downside but easy to live with, as all the refresh 
circuitry is on the chip, and the process is transparent to the user. 

Just keep in mind a key fact. RAM is fast and reliable, but it loses all data if 
the DC power to the memory circuit is removed. All data is erased. RAMs are 
therefore said to be volatile. 
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FIGURE 5.23 RAM storage cells. (A) RS FF for SRAM. (B) Capacitor cell for DRAM. 
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A newer memory type 1s the ferroelectric RAM or FRAM. Its basic structure 
is similar to that of the capacitive DRAM cell of Fig. 5.23B. The difference is that 
the dielectric material in the capacitor has magnetic capabilities. When data is 
written into or data is extracted from the cell, electric field state is stored magneti- 
cally. That means that the cell remembers its state after an operation even 1f power 
is removed. This makes FRAM nonvolatile like ROM. FRAM is fast and uses 
very low power. This type of memory is used in some newer microcontrollers. 


Read-Only Memory 


ROMs are nonvolatile memories. Once you store data in them, they retain the 
data when power is removed. In some ROMs, you can change the data stored 
there. Incidentally, all ROMs are random access in that you can go to any desired 
location to read or maybe write data. 

There are several categories of ROM. The older types are called masked ROM, 
where the mask refers to the actual wiring of the ROM to permanently fix the data 
in the circuitry when it is made. The storage cells are essentially a MOSFET 
matrix where each MOSFET is permanently turned on or off to store 1 or 0. No 
changes are possible. Later a programmable ROM or PROM was developed. It 
used a special MOSFET that could be programmed on or off. You could then erase 
the programming by shining ultraviolet (UV) light on the chip for a short time. 
Then the PROM could be reprogrammed. These are no longer used. 

Most ROMs today are what we call electrically erasable programmable 
ROMs or EEPROMs or E?PROMs. The storage element is a MOSFET that 
you turn off or on with a programmable voltage (see Fig. 5.24). The MOSFET 
retains that state until it is electrically changed. 
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FIGURE 5.24 Storage cell used in EEPROM and flash memories is MOSFET with a special 
floating gate that keeps transistor off or on. 


Electronic Circuits: Digital Chapter | 5 129 


The main problem with EEPROMs is that they are slow to erase and repro- 
gram. But today we have a special version of EEPROMs called flash memories. 
These are also EEPROMs, but they actually are almost as fast as RAMs for 
reading and writing data. Yet they are nonvolatile. 

You will hear of two types of flash memory—NOR and NAND. NOR flash 
1s used to store programs for microcontrollers. It can only be erased on large 
block sizes and not individual cells. NAND flash is faster, and you can erase 
individual memory locations. The NAND flash is gradually replacing the NOR 
flash in many applications. 

Flash memory has become so popular that it is used in almost every elec- 
tronic product today. MP3 players and iPods store music in flash memory. Cell 
phones store phone numbers, digital cameras store photos, and in embedded 
controllers, the flash usually stores the program that tells the processor what to 
do. And, let us not forget the flash drive or “thumb” drive as it is called. These 
devices with a USB connector can store many gigabytes of data and are very 
inexpensive. Flash memory is also used to make solid-state drives (SSDs) that 
are the equivalent of the hard disk drives used in PCs and laptops. They are still 
expensive, but as prices continue to decline, you will see more SSDs replacing 
conventional mechanical/magnetic hard drives. 


PROGRAMMABLE LOGIC DEVICES 


There are two ways that digital devices are built today. The most common is to 
use an embedded controller or microcomputer. This is a single-chip computer 
that you can program to do whatever digital function you want. Most electronic 
products have at least one embedded controller at the heart of their design. 

In some cases, the embedded controller is not fast enough to do the job. One 
way to make the circuitry is to use individual logic circuits such as gates, FFs, 
counters, and so on. That is the way it used to be done. Now, if you need fast 
custom digital logic, you build the circuit with a programmable logic device 
(PLD). A PLD is an IC that contains a mix of gates, FFs, and other circuits that 
can be programmed to implement any digital function. The programming is 
usually done on a computer, and a file is created. The file is then downloaded 
to the PLD, where it is stored ina RAM or ROM. The file in the memory deter- 
mines how the unique circuit is formed. 

There are three basic types of PLDs: simple PLDs (SPLDs), complex PLDs, and 
field programmable gate arrays (FPGAs). The SPLDs are small devices for simpler 
digital circuits. The most common types are called programmable array logic (PAL), 
programmable logic arrays (PLAs), and generic array logic (GAL). PROMS are also 
used as SPLDs. For example, the address input to a ROM is some binary number 
or a collection of binary inputs. These form an address to locate a specific binary 
word stored in that location. When that particular selection of input bits occurs, it 
forms the address that identifies the memory location where the desired set of output 
responses is stored. This form of SPLD is also called a lookup table or LUT. 
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The other SPLDs are essentially a set of AND and OR gates that can be 
programmed. They all take the form shown in Fig. 5.25. You can select which 
inputs go to the AND gates, and/or select which AND outputs go to which OR 
gate inputs. A PROM has the AND array fixed, and you can program the OR 
gates. A PAL is an SPLD in which you can program the AND inputs, but the 
OR connections are fixed. A PLA is a PLD that lets you program both the AND 
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FIGURE 5.25 PLD concept. (A) Block concept of programmable AND and OR gate arrays. (B) 
Simple circuit of PLD showing programming by dots on AND and OR gate arrays. 
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inputs and the OR connections. In both PLAs and PALs, the programming 1s 
usually permanent. 

A GAL is a variation of the PAL with its AND inputs programmable. The 
difference is that the programming can be changed. The program you develop is 
actually stored in flash memory. The flash memory cells send the programming 
bits to the various AND and OR gates telling them what logic to implement. You 
can then erase it and reprogram if you want or need to. GALs also have one or 
more FFs associated with the logic gates, so you can store bits or actually build 
counters and registers by programming. 

CPLDs are complex PLDs similar to SPLDs, only larger. They contain 
more gates and FFs so that very large logic projects can be built on a single 
chip. A typical CPLD is really just a large collection of PALs or GALs that can 
be individually programmed and then connected together with a large inter- 
connect matrix. Input/output (I/O) circuits also provide inversion if needed or 
extra power to drive external circuits. Again, flash memory is used to store the 
programming. 

The largest and most flexible PLD is the field programmable logic array or 
FPGA. It has become the most popular and common way to implement digi- 
tal equipment other than a microcontroller. FPGAs are large chips that contain 
thousands of logic circuits. The largest devices have millions of gates and other 
circuits. Most FPGAs are programmed by storing a bit pattern in the SRAM 
cells inside. These cells tell the logic circuits what configuration to take and 
what functions to perform. If you turn the power off, the programming goes 
away, and all you have is a dumb FPGA with no logic interconnections or func- 
tions. When you power up an FPGA, the desired program, usually from a flash 
memory, or a computer loads the RAM cells with the program, thereby enabling 
the FPGA to perform its desired function. 

The logic inside an FPGA 1s essentially thousands of LUTs that can be indi- 
vidually programmed. Each LUT has its own program memory block as well 
as one or more FFs and I/O circuits. The LUTs may also be interconnected to 
one another by programming. With this arrangement virtually any digital logic 
operation can be programmed. Some of the newer FPGAs also include micro- 
processor cores and common I/O interfaces. 

There are about a half-dozen companies that make PLDs. The two oldest and 
largest are Xilinx and Altera (Intel). Both have extensive lines of CPLDs and FPGAs. 


DATA CONVERSION 


The term data conversion refers to the translation of analog signals into digital 
form and vice versa. While it used to be an all-analog electronics world, today 
it is virtually all digital. We still have analog signals such as voice, video, radio 
waves, and sensor voltages, but mostly we process, store, and transmit data 
by digital means. For that reason, circuits that perform these conversions are 
critical to virtually all electronic applications. All cell phone voice is digital, all 
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FIGURE 5.26 Analog-to-digital conversion is performed by sampling analog signal at equal 
intervals and generating proportional binary value. 


modern TV is digital, and sensor outputs are captured and processed in digital 
form. It is difficult to name a product today that does not use some form of data 
conversion. 


Analog-to-Digital Conversion 


The process of converting an analog signal into a digital one is called analog-to- 
digital conversion, and it is performed by an analog-to-digital converter (ADC). 
The process, also referred to as sampling, 1s illustrated in Fig. 5.26. The ADC 
looks at the analog input and periodically takes a sample of the voltage at that 
instant, captures it, and then converts it into a proportional binary number. We 
say that we are digitizing the signal. The sample points are shown by the dots 
on the analog curve. The binary value of the sample is shown to the right of the 
curve. The conversion process actually results in a sequence of binary numbers 
that represent the analog waveform. These values are usually stored in a RAM 
or transmitted to other circuits as shown in Fig. 5.27. Note the symbol for 
an ADC. 


Digital-to-Analog Conversion 


To recover the original signal, we put the data sequence previously captured by 
the ADC into a digital-to-analog-converter (DAC) (see Fig. 5.28). The output 
is a version of the analog signal. The DAC output is not a perfect reproduc- 
tion, but just an approximation. This is shown in more detail in Fig. 5.29. Each 


Electronic Circuits: Digital Chapter | 5 133 


RAM 


Analog input 


LA A E Parallel output 


10010001 
10101110 
10010010 
01111001 
01010111 
01000111 
00101000 


Parallel output 


Analog input 


Lo o Serial binary output > 0|1|0|1|1|0[0|1|0 


FIGURE 5.27 Symbol for ADC with both parallel and serial output examples. 
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FIGURE 5.28 Converting binary data back into analog signal with DAC. 


binary input results in a constant voltage output from the DAC during the sam- 
ple period. The result is a stepped approximation to the original signal. The rate 
at which the binary data is sent to the DAC must be the same as the sampling 
interval to recover the original frequency information in the signal. 


Resolution and Sampling Interval 


The key to good data conversion is to use greater resolution and faster sampling 
rates. Resolution refers to the number of bits used in the data conversion. In Fig. 
5.27, only 4bits are used, so the resolution is poor. The voltage range is only 
divided into 16 intervals, meaning that amplitude variations at less than 0.625 V 
are missed. This problem can be corrected by using more bits. ADCs are avail- 
able in many bit sizes. The most common are 8, 10, and 12 bits, but 14 and 
16 bits are available. Some methods of ADC produce resolutions of 20-26 bits. 
The result is a finer conversion of amplitude detail. As an example, if the 0- to 
10-V range in Fig. 5.27 was sampled with a 12-bit ADC, the individual smallest 
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FIGURE 5.29 DAC output is stepped approximation to original analog signal. 


voltage increment that can be detected is 10/2!? = 10/4096 = 2.44 mV instead of 
the 0.625V in the figure. 

Another critical specification is sampling rate. To retain all the frequency 
detail in a signal, the sampling rate must be at least twice the highest frequency 
in the signal. This is called the Nyquist criterion. For example, when digitizing 
music with a frequency range of 20 Hz—20kHz, the sampling rate must be at 
least double the 20-kHz frequency. In most systems, a rate of 44.1 or 48 kHz is 
used. 

ADCs with sampling rates to tens of gigahertz are commonly available, 
meaning that even radio signals can be digitized. 


Direct Digital Synthesis 


In Chapter 4 you learned how a phase-locked loop (PLL) synthesizer works to 
generate a variable frequency output. A newer way to generate an output sig- 
nal is direct digital synthesis (DDS). It uses the sampling principles described 
here along with a DAC to produce a variable frequency output of any desired 
waveshape. 

Fig. 5.30 shows a basic DDS. Stored in the memory are samples of a 
sine wave as they may have been produced by an ADC. A memory address 
register sends sequential addresses to the memory, and the samples are read 
out and sent to a DAC where a stepped approximation of the sine wave is 
produced. A low-pass filter (LPF) smoothes the output into a near perfect 
sine wave. 
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FIGURE 5.30 A generic block diagram of a direct digital synthesizer (DDS). 


Changing frequency is a bit tricky since the clock 1s a fixed frequency. To change 
frequency, the circuit selects the specific samples to be used for the output. This is 
done by adding a phase increment constant value to the memory address register 
value in an adder. The effect is to use more or less of the samples in the output. 
Increasing the phase increment value increases the output frequency and vice versa. 

The DDS has become quite popular because it is available as a completely 
easy-to-use IC. Furthermore, almost any unique waveform pattern can be stored 
in the memory making the DDS an arbitrary waveform generator (AWG). DDS 
chips are available to produce outputs up to about 100 MHz. 


Project 5.1 


Building a 5V Power Supply 
The digital projects to follow use CMOS logic circuits that operate from +5 V. If you 
apply more than 5V, you will destroy the IC. Any of the following power sources 
is suitable: 

the power supply kit you may have built in Project 4.1 set to 5 V; 

a regulated AC to DC 5 V wall adapter; 

the power supply you may have built in Project 4.7 (Fig. 4.33); 

the 6 or 9V battery supply plus the 7805 regulator circuit in Fig. 4.33. 


Project 5.2 


Examining a NAND Gate 

A NAND gate is a logic gate that implements the NOT AND function (Fig. 5.10). 
In this project you will demonstrate the operation of a NAND gate and a common 
application. 


Continued 
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Project 5.2—cont'd 


The IC you will use is the 74HC00, a quad two-input NAND. Four NAND gates 
in a 14-pin dual inline package (DIP). Fig. 5.31 shows the logic diagram and pin 
connections. Do the following: 

Plug the 74HCOO into your breadboard. 

Connect pin 14 to +5V and pin 7 to ground or minus. 

Connect two short 422 wires into pins 1 and 2. These are the inputs. You will 
connect the wires to +5 V for a binary 1 and to ground for binary 0. 

Connect the 330-Q resistor and LED as shown in the figure. 

Apply power to the circuit. 

Apply the inputs shown in the truth table of Fig. 5.31, and for each pair on 
inputs, note the output and record a O or 1 in the truth table. Your truth table 
should be like that in Fig. 5.10. 

One common application of the NAND gate is to gate another signal. That is 
the circuit serves as an open or shut gate. Gating a clock signal is one widely used 
case. You will use the 555 timer circuit you built earlier as the clock. Do this: 

e The 555 timer circuit should already be built but if not, assemble it as shown 
in Fig. 5.32. Use 5V for the supply. 
Connect the 555 timer output from pin 3 to pin 1 of the NAND gate. The wire 
input to pin 2 of the gate is the enable or disable signal. 
Connect the wire from pin 2 to ground or binary 0. Does the LED flash? 
Now connect the wire from pin 2 to +5 V or binary 1. Does the LED flash? It 
should indicate that the gate is allowing the signal through. The voltage on pin 
2 is the enable or gating signal. 
Turn off the power. 


TRUTH TABLE 
3 


WIRES TO 
+5V OR GND 


FIGURE 5.31 Pin out details of the 74HC00 quad NAND logic IC, a NAND test circuit 
with LED output, and a truth table. 


Electronic Circuits: Digital Chapter | 5 137 


Project 5.2—cont'd 
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FIGURE 5.32 The output of a 555 timer is the input to a NAND gate. 


Project 5.3 


Demonstrating a Binary Counter 

A binary counter is made up of FFs connected in a sequential arrangement. When 
an input is applied to the counter, it will toggle the FFs in a binary manner. The 
counter actually counts the number of input pulses and stores a binary value equal 
to the number of pulses received. As an example, a 4-bit counter counts from zero 
0000 binary to 15 or 1111 binary. If the counter is initially reset or set to 0000 
and 6 input pulses occur, the binary number stored in the counter will be 0110 or 
decimal 6. The binary state of each FF can be observed at each FF output. 

The binary counter is also a frequency divider. Since each FF divides 
its input frequency by 2, an input of 50kHz will produce a 25kHz output. 
Cascading FF causes each FF to divide by 2. With a 4-bit binary counter a 
50 kHz input will be divided down by a factor of 24 or 16-3.125 kHz observed 
at the fourth FF output. 

In this project you will build a binary counter and observe its outputs as it 
counts. You will also demonstrate the counter as a frequency divider by looking at 
the FF outputs on an oscilloscope. 

e Construct the circuit shown in Fig. 5.33. The 555 timer circuit of Fig. 5.32 that 
should still be working will be used as the clock signal to drive the counter. 

e The counter is a 74HC161 4-bit counter IC. Its four outputs operate the four 
LED outputs. Be sure to connect pin 16 to +5 V and pin 8 to ground. Pins 1, 7, 

9, and 10 are not used but need to be at +5 V and are connected by the 1k-Q 

resistors. Double check the wiring of the circuit before you apply power. 


Continued 
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Project 5.3—cont'd 


e Apply 5V. You should immediately see the LEDs flashing. The clock fre- 
quency is about 1 Hz. Observe for a while until you can identify the binary 
code sequence. It should correspond to the binary sequence shown in Box 
Hexadecimal Notation. Note in Fig. 5.33 which LED represents the LSB and 
the MSB. The pattern will repeat after each 16 input pulses. 

Turn off the power. 

Replace the 47-uF capacitor in the 555 circuit to a 0.01 uF ceramic. This will 
increase the clock frequency to about 4.8 kHz with a period of just over 200 us. 
Turn on the power. The LEDs are flashing too fast for you to follow so they all 
just glow dimly. 

Use your oscilloscope to view the FF outputs. If you have a dual trace scope, 
you can look at two waveforms at the same time. Look at the 555 timer output 
at pin 3 or at pin 2 of the 74HC161. Then look at each FF output at pins 14, 13, 
12, and 11 and note how each output frequency is half the previous output. 
The output at the fourth FF (pin 11) should be about 300Hz with a period of 
about 3.33 ms. 

Turn off the power. 


Observe 
these outputs 
on the scope 


+ 5V 


FIGURE 5.33 A 74HC161 IC binary counter clocked by a 555 timer to demonstrate the 
binary count sequence on LEDs. 
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How Microcomputers Work 


The Brains of Every Electronic Product Today 


In this Chapter: 


Microprocessors, microcomputers, and embedded controllers defined. 
The stored program concept. 

Central processors and how they work. 

Types of microcomputers. 

Modern examples of embedded controllers. 

Digital signal processing. 


INTRODUCTION 


Whenever you hear or see the word microcomputer, you probably think of a per- 
sonal computer. A personal computer is, of course, one type of microcomputer. 
But you may not be aware of other forms of microcomputers. For example, 
do you know that almost every piece of electronic equipment you own or use 
has a microcomputer in it? This type of microcomputer is called an embedded 
controller, microcontroller, or microcontroller unit (MCU). It 1s usually a single 
integrated circuit that performs all of the basic functions of a computer but is 
dedicated to a specific task. Such micros (micro 1s short for microcomputer) are 
in TV sets, stereo receivers, microwave ovens, CD players, DVD players, cell 
phones, blenders, copiers, and most other types of electronic devices. You will 
find them in your car (many of them), your iPod, your bathroom scale, gaso- 
line pumps, and dozens of other things you use every day. Microcomputers do 
indeed make your day—you cannot live without them. 


CONCEPTS AND DEFINITIONS 


A microcomputer is a small digital computer that can take several different 
forms. It can be a single integrated circuit, or it can be a module made up of 
several integrated circuits on a printed-circuit board. 

The two most common types of microcomputers are the embedded micro- 
controller and the personal computer. One special type of microcomputer is the 
programmable logic controller (PLC) used for industrial control (Chapter 12). 
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The larger microcomputers, such as personal computers and laptops, are 
made with a microprocessor. A microprocessor is a large-scale integrated cir- 
cuit that contains most of the digital logic circuitry usually associated with a 
digital computer. This logic circuitry 1s referred to as the central processing unit 
(CPU). A microprocessor is a single-chip CPU. 

Another common micro is called a core. A core is a microprocessor or 
microcomputer integrated with some other circuits. Today multicore micros are 
common. Two or more cores are used to get more processing power. Each core 
can run its own programs in parallel giving faster processing. 

Embedded microcontrollers are complete micros on a single chip, including 
the CPU, memory, and input/output circuits. They are also called microcon- 
trollers or MCUs. But in all cases, a microcomputer is an assembly of digital 
logic circuits, such as gates and flip-flops, that is used to process data. It is 
sometimes referred to as a data processor or simply processor. 

Data, of course, refers to the binary numbers and words the processor works 
with. Processing refers to the way the data is manipulated or handled. Types of 
processing include arithmetic, logic, sorting, translating, editing, counting, and 
searching. Any action taken on the data is called processing. Processing nor- 
mally implies that the data is changed in some way or is used to create new data. 
Data that 1s not processed as suggested above is dealt with in other ways. Four 
common ways are storing, retrieving, input, or output. The data 1s not changed 
by any of these techniques. 

Storing data means putting it in a safe place, like a semiconductor memory 
or disk drive, where it can be accessed later. Retrieving, of course, is the oppo- 
site of storing, or going to get the data for reuse. 

Input means taking data into the computer to be stored or processed. Output 
means sending the data from the computer to some external device. Input and 
output (I/O) are ways to transmit data from one place to another. 

Another feature of a microcomputer is its decision-making capability. 
During processing, the computer can make decisions and alter its sequence of 
operation. In other words, the computer can “make up its mind” based on the 
state of the data or outside conditions. 

For example, the computer can tell if a number is less than, greater than, or 
equal to another. It can choose among alternative courses of actions or say yes 
or no, true or false, if given enough input facts. 

Another major application of computers is control. Computers can be 
used to actuate relays and solenoids or turn lights and motors off and on (see 
Fig. 6.1). In control applications, the computer actually determines when 
external devices are turned on or off. The computer serves as an electronic 
clock to time various operations. One example is the embedded single-chip 
microcontroller inside a microwave oven or a washing machine. Another 
example is a PLC, a special type of microcomputer used in industrial appli- 
cations, that is commonly used to sense, sequence, and do time operations 
in a factory. 
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FIGURE 6.1 How a microcomputer controls external devices. 
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FIGURE 6.2 How a microcomputer monitors external devices. 


The most important thing to remember is that the control is automatic. The 
micro knows when to perform the various operations that it has been assigned, 
because it has been programmed to do so. 

To implement certain control applications, the micro must also perform a 
monitoring function. The micro “looks at” the process or devices being con- 
trolled to see what is happening. For example, the computer can monitor switch 
closures to determine physical state or position, pressure, and many other 
parameters. Transducers (sensors) convert the monitored physical characteris- 
tics, such as temperature or light level, into electrical signals that the computer 
can understand and respond to (see Fig. 6.2). In most microcontrollers or PLCs, 
the controlled output change takes place only 1f a specific input condition is 
sensed or not sensed. For example, if a temperature sensor indicates that the 
temperature has risen to a specific level, the computer will turn on a cooling fan. 
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FIGURE 6.3 Controlling liquid level in a tank automatically with a microcomputer. 


Micros sometimes change the control function in response to one or more of 
the inputs they are monitoring. For example, 1f the micro senses that the liquid 
in a tank exceeds a given level, it can automatically turn off the pump that is 
filling the tank. If the liquid level goes below a predetermined level, the micro 
detects this and automatically starts the pump (see Fig. 6.3). The key point here 
is that the computer makes its own decisions based on the input data that it 
receives. The result is full automation of some process or device. 

The micro’s ability to monitor and control operation may be used to auto- 
mate simple processes in a toy or to operate entire factories. 


COMPUTER ORGANIZATION AND OPERATION 


All microcomputers are made up of four basic sections: memory, control unit, 
arithmetic logic unit (ALU), and I/O unit. A general block diagram of a micro- 
computer showing these four sections is given in Fig. 6.4. These four sections 
communicate with one another over multiple parallel electrical conductor data 
paths called a bus, as shown, to process the data or perform a control function. 

Note that the control and ALU are shown together in a common structure. 
This is the CPU. The CPU is, of course, usually a microprocessor. 

The memory is that part of the computer where data and programs are stored. 
The memory in any computer may contain thousands, millions, or even billions 
of locations used for storing numbers, words, or other forms of information. 

Two primary types of information are stored in computer memory. The first 
type 1s the data to be processed. These are the codes, numbers, letters, and other 
forms of data to be manipulated. 

The other type of data stored in memory is an instruction. Instructions are 
special binary numbers or codes that tell the computer what to do. Instructions 
specify the ways in which the data 1s to be processed. For instance, there are 
instructions that cause arithmetic operations to take place or data to be trans- 
ferred from one place to another. 

The instructions listed in a special sequence form a program. A program is a 
list of instructions that causes data to be processed in a unique way. A program 
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FIGURE 6.4 General block diagram of any digital computer or microcontroller. 


1s a step-by-step procedure that solves a problem, performs a control operation, 
or otherwise manipulates data according to some recipe. Programs are stored in 
memory along with the data that they process. In some micros there are sepa- 
rate memories for data and instructions. The programs that a computer uses are 
called software. 

Data and instructions can be stored in or retrieved from memory during pro- 
cessing. When data is stored, we say that it is written into memory. When data is 
retrieved, we say that it is read from memory. A typical write operation transfers 
data from an analog-to-digital converter and stores it in memory. A common 
read operation accesses data in memory to be transferred to a liquid crystal 
display (LCD) screen. 

Now let us look at the operation of the CPU. The control unit is that portion 
of the digital computer responsible for the automatic operation. The control unit 
sequentially examines the instructions in a program and issues signals to the 
other sections of the computer that carry out designated operations. 

Each instruction is fetched (read) from memory by the control unit, inter- 
preted, and then executed one at a time until the program is completed. This 
is called the fetch-execute cycle, which is repeated on each instruction until 
the program runs to completion. The execution of each instruction may call 
for accessing one or more data words in the memory or storing a data word in 
memory. 

The ALU is the section of the computer that carries out many of the functions 
that are specified by the instructions. In other words, the ALU actually processes 
the data. Specifically, the ALU carries out two main types of processing: arithme- 
tic operations (such as addition, subtraction, multiplication, and division) or logic 
operations (such as AND, OR, complement, or exclusive OR). For example, if an 
add instruction is stored in memory, the control section will fetch it, interpret it, 
and send signals to the ALU that cause two numbers to be added. 

The ALU also performs data movement operations. It can move data or 
instruction words from one place to another inside the CPU, or it can carry out 
memory read/write or input/output operations. These are called load and store 
instructions. 
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A key part of the CPU associated with the ALU is the registers. Most ALUs 
have two or more registers. High-powered CPUs may have a group of 16 or 
more registers, called general purpose registers (GPRs). The registers are used 
to temporarily store the data being processed by the ALU and the results of 
the computations. Other registers in the CPU store a number called an address 
where the data or instructions are stored, store the instruction being executed, or 
act as a stop-off place for data into or out of the CPU. 

The control section, ALU, and the registers in all micros are very closely 
related. They operate together and are always considered as a single unit. As 
indicated earlier, the combination of the control and the ALU sections is called 
the CPU (see Fig. 6.4). In addition, microprocessors are single-chip CPUs. 
Besides being called CPUs, microprocessors are sometimes called MPUs or 
microprocessing units. You will also see the expression uP used to refer to a 
microprocessor. The u is the Greek letter mu, which means micro; the P means 
processor. 

A microcomputer consists of a microprocessor (the CPU) plus external 
memory and I/O circuits. Or it could be an embedded controller with everything 
on one chip. The memory is either SRAM or DRAM for data and programs, and 
EEPROM or flash for the program. 

The I/O unit of the computer is the set of logic circuits that permits the 
CPU and memory to communicate with the outside world. The I/O circuits are 
referred to as interfaces. All data transfers into and out of the computer pass 
through the I/O interfaces. 

The external peripheral devices, or peripherals, connected to the I/O unit are 
electronic or electromechanical units that are used for data entry or data display. 
Data is most commonly entered into the computer through an input keyboard 
or a disk drive. 

The output data is usually displayed on a video monitor or small LCD 
screen. “Hard copy” on paper is created by a printer. There are a wide variety 
of other external input/output devices such as scanners, voice synthesizers, and 
barcode readers. 

In an embedded microcontroller, the peripheral devices include keyboard, 
ADC, DAC, sensors, magnetic stripe readers, barcode scanner, and so on. 
Outputs go to relays, motors, lights, and LCDs. 

There are two basic ways that microcomputers are organized. One is 
called the Von Neumann architecture, and the other is called the Harvard 
architecture. The Von Neumann architecture is the older basic design we 
have discussed so far. Its main characteristic is that both the program 
instructions and the data to be processed are stored in a common memory. 
The Harvard architecture features separate memories for data and programs. 
Older micros use the original Von Neumann architecture, but the newer 
microcontroller chips use the Harvard architecture. Data memory is usually 
volatile RAM while the program or instruction memory 1s larger and usually 
nonvolatile EEPROM or flash. 
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OPERATIONAL DETAILS 
Registers and the Arithmetic Logic Unit 


The main circuit element in a CPU 1s the register. Usually the data to be processed 
by the CPU is taken from memory and stored temporarily in a register. Like a 
memory location, a register usually has a fixed length such as 8, 16, or 32 bits. But 
unlike a memory location, registers are often used to manipulate data as well as 
store it. That is, the register can alter or process the data in some way. 

Examples of how a register can process data are shown in Fig. 6.5. A binary 
word in a register can be shifted one or more bit positions to the right or left, 
or the register may be connected as an up/down counter, so that it can be incre- 
mented (add one to the content) or decremented (subtract one from the content). 
A register can also be reset or cleared, thereby erasing any data in it and leaving 
the content zero. 

Data transfers and manipulations performed on a register are initiated by indi- 
vidual computer instructions. For example, one instruction may cause the register 
to be loaded from a memory location. Another instruction may cause the word in 
the register to be transferred to a memory location. All data transfers are parallel, 
meaning that all bits are moved simultaneously from the source to the destination. 

The main working register in most digital computers is called the 
accumulator. It may also be called the A register, W register, or something 
else. The accumulator can hold one word whose bit length is equal to that of 
a memory location. An 8-bit microprocessor has an 8-bit accumulator. The 
accumulator is part of the ALU. 
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FIGURE 6.5 How data is manipulated in a register. Examples of shifting data, incrementing and 
decrementing a register, and clearing (resetting) a register to 0. 
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The accumulator can be loaded from memory or the accumulator content 
can be stored in any memory location. I/O operations with peripheral units 
sometimes also take place through the accumulator. 

Data to be processed by the arithmetic/logic section is usually held in the 
accumulator. This data is fed to the ALU. The ALU 1s a digital logic circuit that 
can add, subtract, and perform a wide variety of logic operations. 

The ALU is capable of processing two inputs, one from the accumulator 
and one from the memory of another register (see Fig. 6.6). Let us assume that 
you wish to add two binary numbers. To do this, you first load one of the num- 
bers (the augend) into the accumulator. This is done with a load accumulator 
instruction that takes the number from a memory location and puts it into the 
accumulator. Next, an ADD instruction is executed. This causes another word 
(the addend) to be taken from memory and placed in register B. It is then added 
to the content of the accumulator. The sum is usually stored back in the accumu- 
lator, replacing the augend originally there. 

Some microprocessors have two or more accumulator registers that share 
a single ALU. Two accumulators provide greater flexibility in the manipu- 
lation of data than a single accumulator. Such multiple registers simplify, 
speed up, and shorten a program to perform a given operation. Some sophis- 
ticated CPUs have 4, 8, 16, or even more accumulators. Usually they are 
referred to as GPRs or a register file. These registers can each use the ALU 
and act as temporary storage locations for data and the intermediate results 
of calculations. Instructions are provided to move data from one register to 
another. 

In most micros, the GPRs share a single ALU. The ALU accepts only two 
input words and generates a single output word. The two words to be processed 
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FIGURE 6.6 How ALU adds or otherwise processes two data values. 
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by the ALU usually come from any two GPRs or any GPR and a designated 
memory location. The destination of the ALU output can also be one of the 
GPRs in some CPUs. 


Control Unit 


CPUs also have several other registers, including the instruction register (IR); 
the program counter (PC), also called the instruction counter; and the memory 
address register (MAR), also called the address buffer. 

The IR is used to store the instruction word. When the CPU fetches an 
instruction from memory, it is temporarily stored in the IR. The instruction is 
a binary word or code that defines a specific operation to be performed. The 
instruction word is also called the op code or operation code. The CPU decodes 
the instruction, and then executes it. 

The PC is really a counter and a register. It stores a binary word that is used 
as the address for accessing the instructions in a program. If a program begins 
with an instruction stored in memory location 43, the PC is first loaded with 
the address 43. The address in the PC is applied to the memory, causing the 
instruction in location 43 to be fetched and executed. After the instruction is 
executed, the PC is incremented (add 1) to the next address in sequence, or 44. 
The instructions in a program are stored in sequential memory locations. 

The MAR or address buffer also stores the address that references memory. 
This register directly drives the address bus and the memory address decoder 
in RAM or ROM. The MAR gets input from the PC when an instruction is to 
be accessed (see Fig. 6.7). The MAR can also be loaded with an address that 
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FIGURE 6.7 Program counter identifies the address in memory to be accessed. 
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1s used to access data words stored in memory. To retrieve a data word used in 
an arithmetic operation, the MAR is loaded with the binary word that points to 
the location of that word in RAM. This address is often a part of the instruction. 

It is important to note that the PC and the MAR (address buffer) have a 
fixed length of so many bits. And that limits the amount of memory that can be 
accessed. For example, with a 16-bit address register, the address bus has 16 bits 
to address RAM and ROM. With 16 bits, a maximum of 2!©=65,536 words can 
be addressed. 

There are usually two other registers, the flag and stack pointer registers. 
The flag or F register is an 8-bit register whose individual flip-flops are set and 
reset by the ALU as the various arithmetic and logic operations are carried out. 
Each flip-flop is called a flag. As an example, there are zero (Z) and carry (C) 
flags. If the accumulator content is zero after an operation is performed, the Z 
flag is set indicating this condition. If an arithmetic operation (addition) results 
in a carry from the most significant bit (MSB) of the accumulator, the C flag 
is set indicating this condition. These flags can be monitored or tested by the 
control circuitry to change the sequence of processing. 

The stack register is a 16-bit or larger register used to address a selected area 
of RAM known as the stack. This memory is used to store register contents and 
status information when subroutines and interrupts are used. 


Instruction-Word Formats 


There are three types of instruction formats used in typical 8-bit microproces- 
sors, illustrated in Fig. 6.8. In the single-word format, the instruction is a single 
8-bit word. This word is called the op code. The op code tells the ALU, the reg- 
isters, and other elements of the system what to do. In this format, no address is 
used. The focus of the instruction is implied in the instruction. That is, the data 
to be processed is already in a location designated by the instruction. Usually 
the data is in a register. Typical instructions using this format are register-to- 
register transfer, shift data left (or right), or clear to zero. 

The two-word instruction format in Fig. 6.8 requires two 8-bit words to 
define the operation. These two words are stored in sequential memory loca- 
tions. The first word is the op code. The second word is usually an address that 
specifies a memory location where the data word to be processed is stored. For 
example, if the op code calls for an add operation, the address word designates 
the location in RAM of the number to be added to the contents of the accumula- 
tor. The 256 bytes of RAM can be addressed with 1 byte of address. 

In some 2-byte instructions, the second byte is not the address. Instead, it is 
the data itself. This is called an immediate instruction since it is not necessary 
to address the data that is available immediately within the instruction itself. 

The three-word instruction format in Fig. 6.8 is comprised of an 8-bit op 
code and two 8-bit address words stored in sequential memory locations. The 
second and third bytes together form a 16-bit address word that designates the 
location in RAM of the data to be processed. In the 3-byte instruction format, 
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FIGURE 6.8 Three common instruction-word formats with addresses or data. Op code, operation 
code. 


the first byte is the op code, the second byte is the least significant half of the 
address, while the third byte is the most significant part of the address. Different 
formats are used by other micros. 

To access a word in RAM, the instruction address word must be stored in the 
MAR. This happens during the instruction fetch operation. When an instruction is 
fetched from memory, the op code is stored in the IR while the address is stored in 
the MAR. The instruction is then executed. The MAR usually gets its input from 
the PC. Once an instruction is fetched and executed, the PC is incremented. 

The PC may be incremented once, twice, or three times, depending on the length 
of the instruction just executed. If a 2-byte instruction is executed, the PC is incre- 
mented twice so that the PC points to the address of the next instruction op code. 


Program Execution Example 


Now let us illustrate how a typical CPU executes a simple program. Here are a 
few common instructions similar to those found in any micro. 


Move A to B (MOV B,A): This is a 1-byte instruction that causes the content of 
the accumulator (A) to be moved to register B. The content of the accumulator 
is not erased. 

Load Accumulator (LDA): This is a 3-byte instruction that takes the content 
of the address specified by the second and third bytes and loads it into the 
accumulator. 

Add Immediate (ADI): This is a 2-byte instruction that takes the content of the 
second byte of the instruction and adds it to the content of the accumulator. The 
sum is stored in the accumulator, replacing the number that was there previously. 
Halt (HLT): Halt is a 1-byte instruction that stops processing. 


Note that we refer to each instruction by a three-letter abbreviation called a 
mnemonic. 
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FIGURE 6.9 Example of program stored in RAM for execution using various CPU registers. 


Fig. 6.9 shows a complete CPU and the RAM containing a simple program. 
The first instruction in the program is the LDA stored in location 0000. 

To begin the execution, the address of the first instruction is loaded into the 
PC that points to the location of the instructions in RAM. 

Next, the content of the PC is transferred to the MAR that addresses RAM. 
The LDA instruction op code is fetched and stored in the IR. The address bytes 
of the LDA instruction in locations 0001 and 0002 are then transferred to the 
MAR. The address of the data to be loaded into the accumulator in bytes 2 and 3 
is 0008. The desired data word in location 0008 is retrieved and loaded into the 
accumulator. This is the augend (23). 

After the LDA instruction is executed, the number 23 is stored in the accu- 
mulator. Next, the PC is incremented three times. The ADI instruction is then 
fetched and stored in the IR. The number to be added is stored in location 0004. 

This is an Add Immediate instruction where the second byte contains the 
data, in this case the addend (56). The number in location 0004H is 56, which is 
added to 23 in the accumulator, creating the sum 79. The mnemonic of the next 
instruction to be executed is MOV B,A in location 0005. 

The sum in the accumulator is then moved to the B register by the MOV 
B,A instruction. The content of the accumulator is not changed when data is 
transferred to the B register. 

The PC is incremented once since the HLT is a 1-byte instruction. 

As you can see by this step-by-step analysis of the execution of a com- 
puter program, there is nothing mysterious about its operation. The CPU simply 
fetches and then executes the sequentially stored instructions at very high speed 
until the operation is complete. This process is sometimes referred to as the 
stored program concept. 
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Microcomputer Buses 


Data transfers inside a microprocessor take place in parallel. This means that 
all bits in a word are transferred simultaneously from one place to another. It 
takes only a few nanoseconds (one billionth of a second) for all data bits in one 
register to be moved to another register. 

The parallel data transfers take place over a data bus. A bus is simply mul- 
tiple parallel electrical connections from a source to a destination. A number 
of these buses are contained within the CPU and are known as internal buses. 

Microprocessors usually have three major buses—a data bus, an address 
bus, and a control bus. These are made available to external circuits in some 
micros. A typical 8-bit CPU has an 8-bit data bus and a 16-bit address bus. The 
data bus sends data to and from the CPU, RAM, ROM, and I/O sections. All 
data transfers between the CPU and memory or I/O sections take place over the 
data bus. The address bus drives all of the memory and I/O devices. 

When an instruction is fetched from RAM or ROM, it is transferred over the 
data bus from the memory into the IR. Any data word retrieved from memory 
or a peripheral device via the input section also passes over the data bus into the 
accumulator or GPR. 

When a store instruction is executed, the word in the accumulator is trans- 
mitted over the data bus into RAM. Data can also be transferred from the accu- 
mulator over the data bus to an external device such as an LCD. Or, data from an 
input device such as a keyboard passes over the data bus and is placed into the 
accumulator. The important point here is that data can move in either direction 
over the data bus. We say that it is a bidirectional bus. 

Another key point is that the data bus can be connected to only one data 
source at a time. Data can originate only at a single source, but it can be sent to 
one or more destinations. To accomplish this, circuits called bus multiplexers, 
or three-state line-driver circuits, are used to connect or disconnect the various 
data sources to or from the bus. Fig. 6.10 illustrates this concept. 

The address bus is a unidirectional bus. It transfers an address from the CPU to 
all external circuits (memory and I/O). Address words are produced in the CPU. 
The PC generates the address that points to the instruction to be fetched. The con- 
tent of the PC is transferred over a parallel 16-bit internal address bus to the MAR 
or address buffer. The output of the MAR or address buffer is the address bus. 

The control bus consists of numerous signals generated by the micropro- 
cessor and used to initiate various memory or I/O operations. The control bus 
also contains input lines from external circuits that tell the CPU what to do and 
when. The number of control signals varies from CPU to CPU. 


POPULAR MICROCOMPUTERS 


The first practical microprocessors and microcomputers became available in 
the mid-1970s. Over the years lots of different models have been developed. As 
semiconductor processing technology has improved during the past 40 years, it 
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FIGURE 6.10 Only one source may transmit at a time on a bus. Others are disconnected. All 
destinations can receive the transmitted data. Dest, destination. 


has become easier and cheaper to put more circuits on a chip plus the memory 
that earlier was always external. And processing speeds have multiplied many 
times over. Today’s embedded controllers are indeed complete computers on a 
chip and they run at very high clock rates. And their cost is low. In high-volume 
manufacturing, an embedded controller can cost less than $1. 

Most of the initial processors were 8-bit devices. These are still popular 
today. Larger, faster processors are available for not much additional cost. 16- 
and 32-bit processors are commonplace. Even 64-bit devices are available if 
needed. Many are individual chips, while others are available only as cores on 
a larger systems chip. Following is a summary of a few of the most widely used 
processors. 


8- and 16-Bit Microcontrollers 


8051 


The 8051 is one of the oldest but still widely used. It was originally developed 
by Intel in the late 1970s and 1980s. It is still around and available from a half 
dozen or more companies. The more recent versions are faster and have more 
memory and I/O features than the original. Original clock speeds were only 
8—12 MHz, but today you can get models with a clock rate up to 100 MHz. 

A general block diagram of the 8051 is given in Fig. 6.11. The 8051 
features an internal RAM of 128 or 256bytes but can handle 64 or 128 KB 
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FIGURE 6.11 General block diagram of 8051 microcontroller. It is very similar to most other controllers in terms of major circuits and their interconnections. 
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of RAM externally. The internal ROM can be had from 512 bytes to 128 KB. 
Some models also feature flash memory. As for I/O ports, the figure shows 
four 8-bit parallel I/O ports. You can get a standard serial port called a UART, 
and more specialized I/O ports such as SPI and IC. See the Interfaces side- 
bar in this chapter. Many models also come with an internal 10- or 12-bit 
ADC. 

A few other items in this diagram that were not previously discussed are the 
clock, interrupts, and timers. The clock is an oscillator that controls all opera- 
tions in the micro. Its frequency is usually set by an external crystal that main- 
tains a precise and stable frequency. The higher the frequency, the faster the 
operations. Fast is good. 

An interrupt is, as its name implies, an external signal that can interrupt 
the CPU when an important event occurs. It can signal the CPU of the event 
and even cause the CPU to stop executing the current program and jump off to 
another program to deal with the interrupt. 

Timers are usually just one or more up/down counters that can be pro- 
grammed with various count values. These are used to implement count func- 
tions in programs and to provide timing operations for I/O operations. Most 
controllers have one or more timers. 


PIC Processors 


Microchip Technology makes one of the most widely used 8-bit controllers. 
Called PIC processors, they are extremely simple and cheap. There are hun- 
dreds of versions with different memory sizes and configurations and various 
mixes of interfaces. One of the simpler versions is the 16C54. It has a single 
working register, W, that is the accumulator. It uses a bank of 24—73 registers 
for RAM. ROM for program storage ranges from 512 bytes to 2 KB. I/O occurs 
via 4- or 8-bit parallel ports. Larger versions have more RAM and more ROM, 
higher clock speeds, a built-in ADC, and special network interfaces like CAN. 
Several 16-bit versions are also available. 


MPS430 


The MPS430 is a line of 16-bit microcontrollers from Texas Instruments. 
It has 16 GPRs and a maximum clock speed of 25 MHz. There are multiple 
versions each with a different mix of memory types including up to 512 KB 
of flash and 64K of SRAM. Some models include a new type of nonvolatile 
memory called ferroelectric random access memory (FRAM). FRAM uses 
a cell similar to a standard DRAM cell that stores bits in a capacitor. Using 
a ferroelectric dielectric in the capacitor allows data to be retained when 
power is removed. The MPS430 has an ADC on board, a DAC, timers, PWM 
outputs and all the common serial interfaces. It is a popular chip because 
its ultra low power consumption makes it ideal for portable and battery- 
powered devices. 
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32- and 64-Bit Processors 


As it turns out, it is almost as cheap and easy to make a 32-bit processor as it 
is to make an 8-bit device. For that reason, for a few cents more, designers can 
make their products faster and more powerful by selecting a 32-bit device. With 
this many bits being processed at the same time, it 1s possible to move more 
data faster, compute with increased resolution, and to perform much more com- 
plex operations faster and easier. 32-bit processors can also address much more 
memory. A few years ago, 32-bit processors were reserved for only the largest 
or most critical of needs. Today, the 32-bit processor is almost as widely used 
as the 8-bit processor. 

Three devices account for most applications. They are made by ARM 
Holdings, NXP, and MIPS. ARM is the name of a British company that invented 
a supersimple, fast, and flexible 32-bit processor that does everything well at very 
low cost. It is referred to as a reduced instruction set computer (RISC) processor. 
It has a few simple instructions but is extremely fast. ARM does not actually make 
chips, but instead licenses the design to others. There are several vendors of ARM 
processors but most of them are actually cores that are integrated on chip with 
other circuits to form a system on a chip. With over 75% of the market share, you 
are sure to encounter an ARM device sooner or later. Chances are you own at least 
one inside a product such as a cell phone, which is where most are used. 

NXP’s PowerPC is another popular 32-bit processor. Many embedded ver- 
sions have since been made. Its primary usage is in communications, network- 
ing, automotive, and industrial applications. 

For really super processing power, the MIPS processors are a popular choice 
for certain embedded applications. These devices come in 32-bit as well as 64-bit 
models, in case you really have a hot application for which nothing else will do. 
The MIPS processors are great at advanced math and have excellent resolution. 


Microcontroller Interfaces 


An interface is the circuitry that connects an embedded controller to the outside 
world. Initially, all 1/O in early micros was just the parallel data and address buses 
extended to accommodate additional I/O circuitry. Today, much of the I/O inter- 
face circuits are put right on the same chip with the rest of the micro. Following are 
the most widely used interfaces you are likely to encounter. All of these are serial 
interfaces. Parallel I/O is still used, but today the preference is serial I/O because 


of fewer interconnecting lines. 
RS-232/UART—This universal asynchronous receiver—transmitter is actually 
the physical circuitry implementing a popular serial interface standard referred 
to as RS-232. It was originally developed for connecting computers to teletype 
machines and early video terminals. It is still used today, especially for con- 
necting to industrial equipment for monitoring or control. You will hear this 
interface called a serial port. 


Continued 
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Microcontroller Interfaces—cont'd 


The RS-232 interface sends and receives data in bytes (8 bits) plus two extra 
bits, called Start and Stop bits, that tell the receiving device when the data 
begins and ends (see Fig. 6.12). The logic levels are -3 to -25 V for a binary 
1 and +3 to +25 V for a binary 0. Typical voltage levels are in the 5- to 12-V 
range. The data rate is slow, typically from 300bps to 115.2 kbps. Standard 
data rates are used, so no clock signal is needed. Common speeds are 2400, 
9600, and 19,200bps. The physical communications medium is a two-wire 
(signal plus ground) cable that can be up to 50 ft long. Special 9- and 24-pin 
connectors are part of the standard. Many PCs and laptops still have a 9-pin 
RS-232 port. 

12C—=Shorthand for interintegrated circuit or | squared C, this is a low-speed 
serial bus that is used for sending data from one chip to another on the same 
PC board or over short cables between two pieces of equipment. The data 
rate is typically in the 10-400 kbps range, but a faster version (3.4 Mbps) is 
available. Speeds rarely exceed 100 kbps. Only three wires are needed, data, 
a clock signal that controls the data transfer, and a ground. 

SPI—This is the serial peripheral interface. It uses four wires, data in, data out, 
clock, and a select signal that determines whether a device is a master or slave 
and either sending or receiving data. A fifth connection is ground. It is much 
faster than the I7C interface, with speeds up to 20 Mbps. 

CAN—This is controller area network serial bus in an interface used to link 
micros together in small networks. It is used in automotive and industrial 


applications. The usual cable is twisted pair and a ground. Speeds range from 
10 kbps to 1 Mbps with 20 kbps being typical. The data is sent in specifically 
formatted frames as determined by a standard protocol. It uses start and stop 
bits like the RS-232 and some similar control codes defined in ASCII. It also 
includes error detection and correction capability, so it is very reliable. 


Start 
bit 


Binary 0 = +12 V 
Binary 1 = —12 V 


FIGURE 6.12 ASCII letter “j” being sent over an RS-232 interface using a UART. 


Continued 
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Microcontroller Interfaces—cont'd 


USB—The universal serial bus is the most common PC interface for peripher- 
als including keyboard, mouse, printer, flash drive, external disk, and so on. 
It is also used in some embedded micros. The interface uses two wires but 
also includes 15V DC and ground. Version 2.0 provides speeds to 480 Mbps 
over cables no longer than 16ft. A new higher-speed version 3.0 is also avail- 


able with speeds up to 5 Gbps. Data is sent in bytes in packets according to a 
unique protocol. 

RS-485—This is an interface widely used in industrial applications. It uses 
twisted pair cable that can be up to 4000ft long. The cable is actually a bus 
to which many devices can be attached. Data rates can be up to 10 Mbps for 
shorter lengths. Various protocols may be used. 


DIGITAL SIGNAL PROCESSING 


Digital signal processing (DSP) is the technique of programming a micro- 
computer to perform operations normally carried out by analog or linear cir- 
cuits. The method is illustrated in Fig. 6.13. Assume you want to process an 
analog signal by filtering. You could use a hardware filter made up of induc- 
tors and capacitors or resistors and capacitors. Another way to do it is with 
DSP. The analog signal to be filtered is first digitized with an ADC and the 
resulting data stored in an RAM. This data is then acted upon by a processor 
programmed to perform a filter function. Special mathematical algorithms 
have been developed to do this. The resulting calculations generate new data 
that is also stored in the RAM. This new data is then sent to a DAC where it 
is converted back to an analog signal. The result is that the signal is filtered 
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FIGURE 6.13 Basic makeup of digital signal processor and its ADC and DAC I/O. 
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as if were processed by an electronic circuit of capacitors and inductors. The 
processing was mathematical. 

There are many other operations that can be performed by DSP. Filtering is the 
main application, but you can also do things like modulation and demodulation as 
needed in wireless applications. It will perform other things such as data compres- 
sion, equalization, tone control, and even frequency analysis. Using a program 
called the fast Fourier transform, the DSP can analyze a signal and tell you exactly 
what frequency components are in it. It identifies the harmonic frequencies and 
their various amplitudes and phases just as in a frequency—domain plot. 

The big question is why use a complicated technique such as DSP when 
you can do it with simple analog/linear hardware? Probably the best answer 
is “just because we can.” With cheap single-chip processors, DSP is often no 
more expensive than an equivalent analog circuit. Since everything else is digi- 
tal these days, it makes some sense to do as many analog functions digitally 
as well. But the best reason is that DSP provides superior results over analog 
methods. Filtering is substantially improved with better selectivity that was not 
possible with analog filters. 

While DSP can be programmed on any processor or controller, it is best 
done on special DSP chips designed for the purpose. They use special archi- 
tectures and processing schemes to speed up and improve the processing over 
standard conventional processors. A good example is that DSP chips implement 
a multiply and add or accumulate function, called MAC, that is common to 
most DSP processes. The MAC has to be programmed in a standard processor, 
but in a DSP chip it is implemented with special hardware that speeds up the 
process and simplifies programming. Some more conventional processors also 
incorporate DSP instructions to facilitate DSP operations. It is also common to 
implement DSP in an FPGA or in custom digital logic inside a larger IC. 

Today, DSP is found in most electronic products today, such as TV sets, cell 
phones, MP3 players, cable modems, and many other common products. 


Chapter 7 


Radio/Wireless 


The Invisible Cables of Modern Electronics 


In this Chapter: 


The oldest electronic application. 

What are radio waves? 

The electromagnetic frequency spectrum. 

The hardware of radio: transmitters, receivers, and antennas. 
Two-way radio applications. 

Satellites. 

Radio telescopes. 


INTRODUCTION 


First they called 1t wireless. Then they called 1t radio. Today, the term wireless 
is trendy again. Whatever you call it, radio is communication over a distance 
without any physical connection. Radio is cool because it is completely silent 
and invisible. It can occur over a distance of only a few feet, all the way around 
the world, or between planets and spacecraft. Radio, despite the fact that it has 
been around for over a century, and the fact that we take it for granted on a grand 
scale, is truly black magic. When you finish reading this chapter, you will know 
how this magic works. 


RADIO COMMUNICATION SYSTEMS 


Radio is an electronic communications system. All electronic communications 
systems have the basic form shown in Fig. 7.1, whether it is a wired or wireless 
system. The information to be communicated, usually voice, is first converted 
into an electrical signal by a microphone. That signal is then processed by the 
circuits in a transmitter (TX) and then sent via a communications medium to 
a receiver (RX) that processes the signal and converts it back into voice by a 
speaker or headphones. In the telephone system, the communications medium 
is a cable made of copper wire. In a cable TV system, the medium is a coaxial 
cable, twisted-pair cable, or fiber optic cable. But in radio, the communications 
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FIGURE 7.1 Model of electronic communications system. 


channel is free space. The radio signal travels from one place to another almost 
instantaneously, and it passes right through most obstructions such as walls, 
buildings, smog, trees, and even people. Note that noise is added to the signal as 
it passes through the channel or medium. 


Noise 


Noise is any random electrical voltage that interferes with the weak radio signal. 
Noise comes from the atmosphere, space, human-made objects, and electronic 
components. Atmospheric noise is lightning. Soace noise comprises random sig- 
nals from the Sun and remote stars. Human-made noise comes from electrical 
power generation, distribution, and switching. It also comes from fluorescent 
lights, motors, auto ignitions, and many other sources. The worst noise comes from 


the electronic components that actually process the weak radio signal. Resistors, 
transistors, and integrated circuits generate random noise because of thermal agi- 
tation. Heat produces random movement of the electrons in the components, and 
that produces a noise voltage which is added to the radio signal. Even though 
noise voltages are very small (microvolts or nanovolts), they are still large enough 
to interfere with and in some cases obliterate the very small received radio signal. 
In most radio systems, it is noise that limits intelligibility, transmitted data speed, 
and transmitted distances. 


THREE BASIC WAYS OF COMMUNICATIONS 


Radio communications systems work in one of three basic ways: simplex, half 


duplex, and full duplex (see Fig. 7.2). 
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FIGURE 7.2 Ways of communicating. (A) Simplex—one way and (B) duplex—two way: half— 
alternating send/receive and full—simultaneous send/receive. 


Simplex 


Simplex is one-way communications. Examples are radio broadcasting, paging, 
and remote control. A radio telescope is also one-way: there is a transmitter at 
one end and a receiver at the other. 


Half Duplex 


Duplex means two-way, and most radio communications are really two-way 
affairs. There is a transmitter and a receiver at both ends of the communications 
system. Both parties can send and receive. And there are two types of duplex 
systems: half duplex and full duplex. 

In half-duplex systems, only one party can transmit at a time. Those com- 
municating with one another take turns talking. This 1s the kind of radio where 
you have to say “over” or “come back” after you finish speaking to let the other 
party know that it is time for her or him to talk. Citizens band (CB) radio is like 
this. Most two-way communications services (police, fire, taxi, aircraft, marine, 
etc.) use this method because it is cheap and simple. Fax machines are half 
duplex. Most computer modems are half duplex. 


Full Duplex 


Full duplex is more complex and expensive. This 1s two-way radio where 
both parties can both send and receive simultaneously. Probably the best 
example of this is a cordless or cellular telephone. It is great to be able to 
talk and listen at the same time. 
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WHAT IS A RADIO WAVE ANYWAY? 


Any discussion of radio always gets around to this basic question. How do you 
describe something that you cannot see, feel, or hear? You imagine it. 


Electric and Magnetic Fields 


A radio wave is an invisible force field that is made up of both a magnetic field 
and an electric field. In combination, we call them an electromagnetic field. 
We cannot see or feel them, but we can experience their effects. In Chapter 2, 
electric and magnetic fields are described briefly. To review, a magnetic field 
is a force generated by a magnet, either a permanent magnet or electromagnet. 
Current flow in a wire or other conductor produces the magnetic field. Invisible 
magnetic flux lines emanate from the magnet and may influence objects in or 
near them. 

An electric field derives from a voltage, or what we call a potential, across 
two conductors. The attraction of the positive and negative charges across an 
open space introduces another kind of invisible field that can also influence 
external objects. 

Now if you combine these two types of fields into a self-supporting entity, 
you would have an electromagnetic field or radio wave. We create a radio sig- 
nal with the circuits in a transmitter, but it is the magic of a device called an 
antenna that produces the combined electric and magnetic field that we refer to 
as a radio wave. 

In the 19th century, a British scientist named James Clerk Maxwell figured 
out that if you generate a changing electric field, it would, in turn, generate a 
magnetic field. If the magnetic field is changing and moving forward, it will 
generate an electric field. The two fields support or regenerate one another as 
they change and move outward from the antenna that produces them. Maxwell 
expressed his theories in his famous mathematical equations that form the foun- 
dation of radio and light transmission. 

Trying to draw a picture of a radio wave is somewhat like trying to draw 
a picture of the wind. Nevertheless, Fig. 7.3A is an attempt. Try to think 
in three dimensions. Current flow in the antenna wire creates the magnetic 
field lines. The voltage across the two segments of the antenna produces the 
electric field lines. The picture is somewhat simplified if we just show the 
field lines as in Fig. 7.3B. The electric and magnetic field lines are always 
at right angles (90 degrees) to one another. The radio wave moves in a direc- 
tion at a right angle to both field lines, in this case either into or out of the 
page. As it gets some distance from the antenna, it becomes self-supporting. 
That is, the magnetic field sustains the generation of the electric field and 
vice versa. 
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FIGURE 7.3 How an antenna creates a radio wave. (A) Antenna produces both electric and 
magnetic fields. (B) The electric and magnetic field lines are at a right angle to one another and to 
the direction of radiation. 


Polarization 


Polarization of a radio wave means how it is oriented with respect to the surface 
of the Earth. If the electric field is vertical to the surface of the Earth, the wave 
is vertically polarized. If the electric field is horizontal to the Earth, the wave is 
horizontally polarized. It is the orientation of the antenna generating the radio 
signal that determines the polarization. A vertical antenna produces vertical 


polarization, and a horizontal antenna produces horizontal polarization. For the 
best reception, the transmitting and receiving antennas should both be either 
vertical or horizontal. 

There is also circular polarization. Some antennas make the signal rotate 
clockwise or counterclockwise as the signal travels from transmitter to receiver. 
Clockwise rotation, as viewed from the transmitter, is called right-hand circular 
polarization. Counterclockwise rotation is called left-hand circular polarization. 
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Signal Speed 


Radio waves travel at the speed of light in space. That is 300,000,000 m/s or 
186,410 miles/s. So while radio transmission is not instantaneous, it is pretty 


fast. Just as an example, to transmit a signal to the moon that 1s 250,000 miles 
away takes 250,000/186,400= 1.34s. 


Signal Strength 


As the radio wave gets farther and farther from the antenna, it gets weaker and 
weaker. The power in a radio wave, in fact, decreases by the square of the dis- 
tance from the antenna. For example, doubling the distance decreases the received 
power by two squared (27) or four. Even when the transmitter puts many hundreds 
or thousands of watts of power into the antenna, the signal received at a distance 
is many times smaller. Typical radio signals are usually expressed in terms of 
microwatts (1-millionth of a watt) or nanowatts (1-billionth of a watt). 

As the radio wave encounters a receiving antenna, the magnetic and electric 
fields induce a voltage into the antenna. This tiny voltage is then amplified and 
translated back into the original information signal by the receiver. 


ELECTROMAGNETIC FREQUENCY SPECTRUM 


The radio signal applied to the antenna by the transmitter 1s a sine wave. Remember 
that all sine waves have both an amplitude and a frequency. Frequency is stated in 
terms of cycles per second or hertz (Hz). Radio transmissions can take place over 
a very wide frequency range. We call this range the electromagnetic frequency 
spectrum. It extends from approximately 10kHz—300 MHz. Fig. 7.4 shows a dia- 
gram designating the major divisions of the electromagnetic spectrum. 

The electromagnetic spectrum is in free space, not only here on Earth but 
also throughout the universe. The spectrum space may be used by anyone and, 
in fact, on Earth we all share it. The spectrum is divided up and used for many 
different radio services. It is also partitioned such that various frequency ranges 
are assigned to or used by different countries for their various radio services. In 
many cases, portions of the frequency spectrum are shared concurrently among 
several countries. This allocation of the frequency spectrum is necessary to pre- 
vent radio stations from interfering with one another. 

In the United States, the frequency spectrum is regulated by the Federal 
Communications Commission (FCC). Congress established the Communications 
Act of 1934, which has subsequently been amended to permit the FCC to 
regulate all forms of radio and wired (telephone, cable TV, etc.) communica- 
tions services. The National Telecommunications Information Administration 
(NTIA) manages the spectrum for the government and the military. Throughout 
the world, the frequency spectrum is allocated and managed by a worldwide 
organization known as the International Telecommunications Union (ITU). 

The various areas of the frequency spectrum are assigned to different types of 
communications services. For example, in the LF range, most communications 
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FIGURE 7.4 Electromagnetic frequency spectrum. 
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Major Segments of the Frequency Spectrum 


30-300 kHz—Low frequencies (LFs) 

300 kHz—3 MHz—Medium frequencies (MFs) 

3-30 MHz—High frequencies (HFs) or shortwaves (SWs) 

30-300 MHz—Very-high frequencies (VHFs) 

300 MHz-3 GHz—Ultrahigh frequencies (UHFs) 

3-30 GHz—Superhigh frequencies (SHFs) 

30-300 GHz—Extremely high frequencies (EHFs) 

300 GHz to IR—Tremendously high frequencies (THFs) or the terahertz (THz) 
region 

Note: One terahertz is 1000 GHz. 


services are navigational systems used by the Coast Guard and military. The 
AM broadcast band (530-1710kHz) is in the MF range. SW radio broadcasts, 
CB radio, amateur radio, and a variety of other communications services are in 
the 3-30 MHz or HF range. 

One of the most widely used areas of the spectrum is the VHF range from 30 
to 300 MHz. Virtually all two-way radio communications for marine, aircraft, 
mobile, and other services are in this range. FM broadcasting (88-108 MHz) 
and TV channels 2 through 7 are also in this region. 

The UHF frequency range, from 300 to 3000 MHz (3 GHz), also contains a 
wide variety of communications services. It includes two-way mobile radio, TV, 
and cellular telephone. 

Frequencies above 1 GHz are designated as microwaves. In the microwave 
region between 1 and 3 GHz are satellite and navigational systems. For exam- 
ple, the widely used global positioning system (GPS) operates in this range. 
This area is also occupied by the newer cellular telephone service and wireless 
networks such as Wi-Fi and Bluetooth. 

The frequencies from 30 to 300 GHz are called millimeter waves because their 
wavelength is in millimeters. These frequencies are typically used only by satellite 
and radar systems. Other services are point-to-point wireless data services and cel- 
lular backhaul. The forthcoming fifth generation (5G) cell phone system will the use 
millimeter wave bands. Some short-range wireless devices have also been defined 
for the 60-GHz range. These are used in consumer applications as well as in faster 
wireless networks. Automotive radars use frequencies in the 76-81 GHz range. 


Critical Issue: Spectrum Space 


There is only so much radio spectrum space and we must all share it. It is a true 
natural resource. That is why spectrum space is regulated by governments. But we 
have just about used it all up. Virtually every hertz of space is spoken for. Diverse 
radio services compete for space. In some cases, an old service must die before a 
new one can begin. Sometimes space is stolen from one service to give to another, 


Radio/Wireless Chapter | 7 167 


Critical Issue: Spectrum Space—cont'd 


such as in the mid-1980s when the upper UHF TV channels were sacrificed to 
make room for cellular telephones. Lately, the US government has been selling 
space to the highest bidders for new cell phone and other wireless services. During 
the recent switchover to digital TV in the United States, a huge chunk of the spec- 
trum was freed up (108 MHz, from 698 to 806MHz) as TV stations abandoned 
this region. Known as the 700-MHz band, it was auctioned off by the government 
for billions for more cell phone spectrum as well as broadband wireless services. 

The trend has been to push higher and higher in the frequency range to find 
more space. During the past several decades, the microwave region (above 1 GHZ) 
has been developed. This region, in the UHF, SHF, and EHF ranges, was previously 
used only for radar and satellites. But now it is being used and developed for digi- 
tal cell phones, navigation, high-speed networking, broadband (Internet) wireless, 
and digital TV. 

Beyond the millimeter wave range above 300 MHz is the terahertz region, 
infrared (IR) and optical spectrum. That is, above 300 GHz, the electromagnetic 
radiation becomes light, namely IR, visible light, and ultraviolet light. But that ‘is 
another story altogether. IR is widely used for wireless connectivity as most TV and 
other remote controls use it. 


Wavelength 


While we normally use frequency to refer to location of a radio signal in the 
spectrum, sometimes you will hear about frequencies or ranges of frequencies 
designated by wavelength. 

Wavelength is the actual physical length of a radio wave. It is the amount of 
space the wave occupies. Specifically, wavelength is the length of one cycle of the 
sinusoidal variation of the electromagnetic fields. If we could see the electric and 
magnetic fields, we could measure the distance between the maximum intensity 
points in meters (1 m=3.28ft or 39.37 in.). This is the wavelength. Wavelength is 
also the distance that the radio wave travels in the time of one cycle. 

You can determine the wavelength of a radio signal with the following simple 
formula: 


a% = 300, 000, 000/f 


Wavelength is represented by the Greek letter lambda (A), and frequency in 
hertz is designated by the letter “f.” The value 300,000,000 is the speed of light 
of a radio wave in meters per second in free space. (This translates to a speed of 
186,410 miles/s.) 

A radio signal with a frequency of 150MHz is expressed in hertz as 
150,000,000 Hz. Therefore, 


A = 300, 000, 000/150, 000, 000 =2 m 


If we give the frequency in megahertz, the formula can be shortened to: 


A= 300/f 


Continued 
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Wavelength—cont'd 


For example, we can calculate the wavelength of the SW or HF part of the 
spectrum (3-30 MHz) as follows: 


à = 300/3 =100 m 
à= 300/30 =10 m 


If you rearrange the formula, you can also find the frequency if you know the 
wavelength: 


f = 300/A 


What is the frequency of the 25-m band? 
f = 300/25 =12 MHz 


RADIO WAVE PROPAGATION 


Propagation refers to the way in which a radio signal travels from the transmit- 
ting antenna to the receiving antenna. The way the signal behaves is directly 
related to its frequency. 


Low and Medium Frequencies 


For example, in the low-frequency and medium-frequency ranges, the radio 
signals tend to hug the Earth as they move from transmitter to receiver. 
These ground wave signals can only travel relatively short distances because 
they are absorbed and attenuated by the Earth, trees, buildings, and other 
obstructions. Depending on the frequency of operation, transmitter power, 
and the nature of the terrain, distances are limited to several hundred miles. 
Distances can be extended with greater power or if the signal travels over 
water. 


High Frequencies 


In the HF or SW frequency range, the ground waves are extremely weak and 
travel only short distances, usually several miles. Instead, propagation is by 
way of refraction of the ionosphere. The ionosphere is an electrified area above 
the Earth located from approximately 30-250 miles above the Earth. The Sun 
1onizes the gases in the air, thereby giving them electrical characteristics. The 
closer the ionosphere to the Sun, the greater the degree the ionization. The iono- 
sphere is actually several different layers or ionization levels as shown in Fig. 
7.5. The upper layers have greater ionization than the lower layers. Obviously, 
the degree of ionization is determined by whether it is day or night. During the 
daylight hours, the ionosphere is highly charged electrically. At night, the ion 
layers essentially disappear. 
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FIGURE 7.5 Radio propagation of shortwaves. 


A radio wave in the 3- to 30-MHz range is transmitted up to the ionosphere 
where it is refracted or bent by ionization. The degree of bending depends on the 
frequency of operation and how high in the ionosphere the radio wave penetrates. 
In most cases, the radio wave is bent so much that it actually returns to Earth. The 
effect appears to be similar to that of a light beam being reflected from a mirror. 

As you can see, the radio wave actually returns to the Earth at some distance 
from the transmitter. Receiving stations in the area of the refracted signal can 
receive it. In some cases, if the signal is strong enough and the characteristics of 
the Earth are right, the radio signal may actually be reflected by the Earth back 
up to the ionosphere where it is again bent and returned to Earth. Under the right 
conditions, the radio signals can make several hops, thereby greatly extending 
the distance of communications. With the optimum frequency, power level, and 
time of day, communications halfway around the world can easily be achieved. 
That is why it is easy for you to listen to worldwide radio broadcasts that occur 
in the SW frequency bands. 


VHF, UHF, Microwaves and Millimeter Waves 


Radio wave propagation in the frequency range above 30 MHz occurs essentially 
by direct antenna-to-antenna space waves. This is usually called line-of-sigh (LOS) 
communications. Further, the higher the frequency of the radio wave, the less it 1s 
affected by the ionosphere. UHF and microwave signals penetrate the ionosphere, 
making satellite and long-distance spacecraft communication possible. 


170 Electronics Explained 


If H, = 200 ft and H, = 40 ft, 


D= 2H, + \2H, D =V2(200) + V2(40) = 400 + 80 
D = Line-of-sight distance (miles) Ete passers ene 

H, = Height of transmitting antenna 

H, = Height of receiving antenna 


Straight-line or line-of- 
sight transmission of radio wave 


- 
=.- 


Transmitter 


FIGURE 7.6  Line-of-sight (LOS) communications at VHF, UHF, and microwave. 


LOS communications means that the transmitting antenna must be able to 
“see” the receiving antenna. If the distance of the receiving antenna is beyond 
the curvature of the Earth, the transmitted signal will simply pass over the 
antenna. To receive the signal, the receiving antenna or transmitting antenna 
can be increased in height, thereby extending the total range of communica- 
tions. Fig. 7.6 shows this idea. The simple formula along with 1t allows you 
to calculate the maximum LOS communications if you know the height of the 
receiving and transmitting antennas. That ‘is why at VHF, UHF, and microwave 
frequencies, the height of the antenna is the most critical determining factor in 
overall communications distance. 


MODULATION 


A radio wave 1s a sine wave of voltage that has been converted into electric and 
magnetic fields by the antenna. The transmitter generates the sine wave and 
amplifies it to a high power level. The question is: how does the information to 
be transmitted fit into this? 

The information or intelligence to be conveyed is usually a voice sig- 
nal produced by a microphone. Other forms of intelligence signals include 
pictures or video and digital (binary) data from a computer. The purpose 
of the HF sine wave radio signal is to give the intelligence signal a ride. 
That ‘is why the radio signal generated by the transmitter is called the car- 
rier. Modulation is the process by which the information is impressed on or 
embedded in the carrier. Modulation causes the carrier to be modified by the 
information signal. 

There are three basic forms of modulation used to put information on a 
carrier: amplitude modulation (AM), frequency modulation (FM), and phase 
modulation (PM). 
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Amplitude Modulation 


In AM, the voltage or power level of the information signal changes the ampli- 
tude of the carrier in proportion (see Fig. 7.7). With no modulation, the AM 
carrier is transmitted by itself. When the modulating information signal (a sine 
wave) is applied, the carrier amplitude rises and falls in accordance. The carrier 
frequency remains constant during AM. 

AM is widely used in radio. AM broadcast stations are, of course, amplitude 
modulated. So are CB radios, aircraft radios, and the video modulation of a TV 
broadcast transmitter. A special form of AM, known as quadrature amplitude 
modulation (QAM), is also widely used in modems to transmit digital data over 
cable or wireless. 


Sidebands 


The modulation process causes new signals to be generated. These new sine 
wave signals are called sidebands. Their frequencies are the sum and difference 


Sine wave 
info signal 


Constant- 
amplitude, constant- 
frequency carrier Ab + +4 4-/- q Jeli Aaa 4-|- dle 


Envelope is formed by the 
carrier peaks and is identical 
to the shape of 
the intelligence 


AM 
signal 


FIGURE 7.7 Amplitude modulation. 
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FIGURE 7.8 Sidebands and bandwidth. 


of the carrier and modulating signal frequencies. For example, in an AM radio 
station, audio frequencies as high as 5kHz can be transmitted. If a 5-kHz sine 
wave tone is to be transmitted, the modulation process causes sidebands 5 kHz 
below and 5 kHz above the carrier to be produced. This is illustrated in Fig. 7.8. 
For an AM radio station with a carrier frequency of 860 kHz, the lower sideband 
(LSB) would occur at 860 — 5 = 855kHz, while the upper sideband (USB) 
occurs at 860 + 5 = 865 kHz. The carrier and the sidebands combined produce 
the composite waveform shown at the bottom of Fig. 7.7. 


Bandwidth 


This brings up the very important concept of bandwidth. Bandwidth refers to a 
range of frequencies over which a radio signal operates. This is also referred to 
as a radio channel. As you can see from Fig. 7.8, the AM signal consists of the 
carrier and the sidebands. Together these signals occupy a bandwidth of 10 kHz. 
You can figure out the bandwidth of any signal by simply subtracting the LSB 
frequency from the USB frequency. 


BW = USB — LSB = 865 — 855 = 10 kHz 


All of the receiver circuits must be set to pass signals in this 10-kHz range to 
avoid distortion of the signal or lost information. 
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Single Sideband Modulation 


Single sideband (SSB) modulation is a special form of AM in which the car- 
rier and one sideband are suppressed. All of the information to be transmitted 
such as voice is fully contained in one sideband. This does two things. First, it 
reduces the required spectrum to one half of that of a normal AM signal thereby 
saving spectrum space. Second it eliminates the wasteful carrier power and 
allows more power to be put into the sideband providing more reliable com- 
munications. SSB is used in some military applications and is widely used in 
amateur radio and citizen’s band (CB) radios. 


Frequency Modulation 


In frequency modulation, the carrier amplitude remains constant, but its fre- 
quency is changed in accordance with the modulating signal. Specifically, 
the higher the amplitude of the information signal, the greater the frequency 
change. The actual carrier frequency deviates above and below the center carrier 
frequency as the information signal amplitude varies. Fig. 7.9 shows frequency 
modulation with a sine wave information signal. Note that the carrier frequency 
gets higher on the positive peaks and lower on the negative peaks of the infor- 
mation signal. 

Like AM, FM also produces sidebands. But unlike AM, which produces a 
single pair of sidebands for each frequency in the modulating signal, the FM 
process produces an infinite number of pairs of sidebands for each frequency 
in the information signal. As a result, the bandwidth occupied by an FM signal 
is enormous. Luckily, the number of sidebands produced can be controlled by 
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FIGURE 7.9 Frequency modulation. 
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properly selecting the amount of deviation permitted in the carrier. Small devia- 
tions result in fewer sidebands. Further, some of the higher-order sidebands are 
extremely low in amplitude and, therefore, contribute little to the FM signal. 
But while the bandwidth of an FM signal can be controlled and established to 
fit a desired frequency range, it does nevertheless usually take more room in the 
spectrum than an AM signal. 

The primary benefit of FM is that it is less sensitive to noise, which con- 
sists of undesirable amplitude variations that get involuntarily added to a signal. 
Noise is easily eliminated in an FM system where a constant carrier amplitude 
is used. Some of the most common applications of FM include FM radio broad- 
casting, and two-way mobile and marine radios. 


Phase Modulation 


The third type of modulation is PM. Remember that phase shift is a time shift 
between two sine waves of the same frequency. We can use the information 
signal to shift the phase of the carrier with respect to the carrier reference. The 
result of this, however, is a signal that looks virtually the same as an FM signal 
(Fig. 7.9). PM is usually a little easier to implement electronically than FM, 
so most so-called FM systems typically use PM instead. Both FM and PM are 
often referred as types of angle modulation. 


Digital Modulation 


All of the three basic types of modulation, AM, FM, and PM, can also be used to 
transmit digital or binary data. However, they are usually given different names. 
AM of a carrier by a binary signal is usually referred to as amplitude shift key- 
ing (ASK). This is illustrated in Fig. 7.10A. The binary signal simply shifts the 
carrier amplitude between two specific levels. A special form of ASK is called 
on-off keying (OOK). This is illustrated in Fig. 7.10B. Here the binary signal 
simply turns the carrier on for a binary 1 and off for a binary 0. 

Frequency modulation of a carrier by a binary signal is called frequency 
shift keying (FSK). Here the binary signal shifts the carrier between two dis- 
crete frequencies (see Fig. 7.10C). 

PM of a carrier by a binary signal is referred to as phase shift keying (PSK). 
The term binary PSK (BPSK) is also used. The phase of the carrier is changed 
as the binary signal switches from 0 to | or 1 to O (see Fig. 7.10D). Phase shift 
is 180 degrees, which is easily detected at the receiver. 

One of the most widely used forms of digital modulation is QAM, which is 
really a composite of both AM and PSK. The binary signal is converted into a 
multilevel digital signal that simultaneously modifies both the amplitude and 
the phase of the signal. QAM is used in digital data transmission in satellites 
and in modems sending digital data in audio form over telephone lines or cable 
TV systems. It 1s also widely used in the newer digital wireless networks. See 
Chapter 8 for more detail. 
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FIGURE 7.10 Types of digital modulation. (A) ASK. (B) OOK. (C) FSK. (D) BPSK. 


Because binary signals contain many higher-frequency harmonics, the 
resulting signals produced by modulation have an enormous bandwidth. Many 
schemes have been developed to limit the spectrum of the modulating signal 
and, as a result, to reduce the amount of bandwidth occupied by a binary modu- 
lated radio signal. 


Spread Spectrum 


Spread spectrum (SS) is unusual in that it is not only a form of modulation but 
also a system for encrypting the information signal for security purposes and for 
multiplexing multiple signals over a range of frequencies. 

SS was originally developed during World War II as a way to prevent the 
enemy from interpreting radio transmissions. For years the government and 
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military protected the concepts of SS modulation. However, today it is widely 
used in radio and telephone communications. Most of the newer cellular tele- 
phones are based on this concept, specifically code division multiple access 
(CDMA) cell phones. 

When using SS, the analog information signal is converted into a digital 
signal before transmission. The digital voice signal is then used to modify the 
Carrier in a special way. The two most common ways of modifying the car- 
rier are referred to as direct-sequence (DS) and frequency-hopping (FH) spread 
spectrum. In DSSS, the serial digital signal representing the voice is chopped 
up into random sequences and then used to PSK the carrier. In FHSS, the carrier 
is rapidly switched from one frequency to another for a short dwell time. The 
result of SS modulation is that the signal itself is broken up at random, and spec- 
tral energy is spread over a very wide frequency range. Because of the random 
sequences of the coding and FH, such a radio signal is nearly impossible to put 
back together at a receiver without knowing the code. SS receivers designed to 
pick up the SS signal know the code and can unscramble the signal and reas- 
semble it into the original modulating information signal. 


Orthogonal Frequency Division Multiplex 


Orthogonal frequency division multiplex (OFDM) is another widely used mod- 
ulation technique. OFDM and its usual companion modulation QAM are cov- 
ered in detail in Chapter 8 on cell phones. 


RADIO HARDWARE 


All radio communications systems consist of three basic pieces of hardware: 
transmitter, receiver, and antenna. In some systems, the transmitter and receiver 
are packaged and used separately, while in others they are combined into a 
single package and called a transceiver. 


Transmitters 


The radio signal is produced by the transmitter. A general block diagram that 
applies to virtually every transmitter is shown in Fig. 7.11. The radio signal is 
generated at a low power level by a frequency synthesizer. This uses a phase- 
locked loop (PLL) with a crystal (XTAL) oscillator reference. A variable-fre- 
quency divider is used to set the frequency of operation. The FCC is really fussy 
about the frequency at which transmitters work and, therefore, the frequency 
must be precisely set and extremely stable. A quartz crystal reference oscillator 
is normally used to achieve this objective. 

The low-level signal produced by the voltage-controlled oscillator (VCO) 
is then amplified by one or more driver amplifiers to boost the power level. 
Next, the microphone signal is fed to the modulator. The modulator changes the 
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FIGURE 7.11 Radio transmitter. 


frequency or phase of the RF signal in accordance with the voice, digital data, 
or other information to be transmitted. That signal is applied to the PLL VCO. 

The modulated signal is sent to additional RF power amplifiers, usually 
referred to as drivers. Each succeeding stage boosts the signal power by a spe- 
cific amount. A final RF power amplifier produces the desired amount of output 
power. From there, impedance (Z) matching circuits are used to match the high- 
power amplifier (HPA) to the antenna for maximum power radiation. 

The physical realization of the transmitter can vary all the way from a single 
integrated circuit chip, the size of a postage stamp to something that can fill 
up a moderately large building. The size depends on the operating frequency 
and the amount of output power desired. Very-low-power, HF radio transmit- 
ters for garage door openers and remote keyless entry systems on cars are fully 
self-contained within a single integrated circuit. High-power radio broadcast 
transmitters at LFs may fill a small room. The higher the power and the lower 
the frequency, the larger the transmitter. 


Receivers 


The job of the receiver is to translate the weak radio signal picked up by the antenna 
into an output that fully recovers the originally transmitted information. By the 
time the radio signal reaches the receiving antenna, it is extremely weak and, 
therefore, the primary job of the receiver is to boost the signal level. Therefore, 
the receiver consists mainly of a series of amplifiers that increase the level of the 
small signal to a point where the original information can be recovered. 

The amount of amplification provided by a receiver determines its sensitiv- 
ity. Another job of the receiver is to provide selectivity so that the desired signal 
can be picked out of the thousands of signals being transmitted simultaneously 
by other transmitters. The receiver’s job is to select just the desired one and to 
reject all of the others. This is what we refer to as the selectivity of the receiver. 
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FIGURE 7.12 Superheterodyne receiver. LO, local oscillator. 


A third function of the receiver is to recover the original information. A circuit 
called a demodulator removes the voice, video, or digital data from the carrier. 
Finally, output amplifiers reproduce the signal as desired, such as a voice signal 
in a speaker. 

Fig. 7.12 is a block diagram of a superheterodyne receiver. The incom- 
ing signal is usually amplified by an RF input amplifier often called a low- 
noise amplifier (LNA) and then fed to a circuit called a mixer. The mixer is 
a frequency-translation circuit that converts the incoming signal, regardless 
of its frequency, along with its modulation to a lower intermediate frequency 
(IF). This allows the receiver to use a fixed-frequency amplifier system where 
most of the gain and selectivity of the receiver is achieved. The mixer takes the 
input signal and mixes it with a HF sine wave signal generated internally in the 
receiver by what is called a local oscillator (LO). The LO is usually a frequency 
synthesizer. The result of the mixing is output signals that are the sum and dif- 
ference frequencies of the input and oscillator signals. The IF amplifier 1s nor- 
mally tuned to select only the difference frequency. Tuning is accomplished by 
changing the LO frequency. The LO in most channelized receivers is some type 
of PLL frequency synthesizer. 

The IF amplifier boosts the signal level considerably. Its selectivity ensures 
that signals whose frequencies are above or below the desired signal are effec- 
tively eliminated. The IF amplifier also has a built-in feedback control circuit 
that automatically adjusts its gain to the level of the incoming signal. This 
feature is called automatic gain control (AGC). AGC permits the receiver to 
pick up both strong local signals and very weak distant signals. When very 
strong signals are received, the AGC automatically reduces the gain of the IF 
amplifier to minimize circuit overload and signal distortion. When very weak 
signals are received, the AGC adjusts the gain of the IF amplifier for higher 
amplification. 
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The demodulator circuit, sometimes called the detector, follows the IF 
amplifier. It removes the carrier and recovers the desired information signal. 
From there, additional processing takes place to either boost the signal level or 
to shape it before 1t appears at the output. 

Most receivers that we are familiar with have a speaker as the primary out- 
put. But there are exceptions, such as the picture tube in a TV set or the motor 
in a garage door opener. The receiver may also put out digital data that goes 
straight to a computer. 


Transceivers 


Most communications systems use both a transmitter and a receiver. In two-way 
radio, both send and receive capability is needed at both ends of the communica- 
tions channel. Therefore, the receiver and transmitter are packaged together in 
the same housing to create a transceiver. Small portable transceivers are called 
handhelds, walkie-talkies, or cellular telephones. 

The transmitters and receivers are typically the same as those described ear- 
lier. However, in some cases, the transmitter and receiver may share circuits. 
They virtually always share the antenna and a common power supply like a 
battery. In some cases, a single-frequency synthesizer may generate both the 
receiver LO signal as well as the transmitter carrier. 


ISM Band Transceiver 


The ISM band refers to specific frequencies set aside for wireless industrial, 
scientific, and medical (ISM) applications. The most common frequencies in 
the United States are 315, 433, and 915 MHz. The frequency 868 MHz is widely 
used in Europe. These unlicensed frequencies are used for simple monitor and 
control applications using low-speed digital data over short ranges. Some com- 
mon examples are garage door openers, remote keyless entry on cars, remote 
thermometers, tire pressure gauges, security and fire alarms, home automation, 
and any telemetry or remote control application. The radios used for this are 
typically single ICs to which an antenna, a battery, a housing, and the input data 
are added. The devices are available as a receiver, a transmitter, or a complete 
transceiver. Fig. 7.13 is a block diagram of a typical transceiver. 

The transmitter section uses an external crystal to serve as the reference to 
an internal PLL frequency synthesizer to set the frequency. The PLL actually 
multiplies the crystal frequency by some N value to get the desired output. If 
the crystal frequency is 6.77 MHz and the divide ratio is 64, the output would be 
433.28 MHz. The serial digital data input coming from a sensor, an analog-to- 
digital converter (ADC), or a computer frequency modulates the crystal oscil- 
lator to create the FSK signal. A power amplifier after the transmit VCO boosts 
the power up into the 1- to 100-mW range. The output goes to the antenna. A 
transmit/receive switch allows the antenna to be shared in a half-duplex system. 
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The receiver is a special version of a superheterodyne. The input signal 
from the antenna is boosted in amplitude by the LNA and applied to the 
mixers. The LO is set to the incoming signal frequency (also the transmit 
frequency), so the mixers generate a difference of zero. This is called direct 
conversion or zero IF. Two mixers are used and the LO is shifted 90 degrees 
in phase between the two. This gives two zero IF outputs that are filtered. 
Zero IF does not mean a nonexistent output signal. It just means that the FSK 
signal is recovered directly at its data rate. The I and Q signals are 90 degrees 
out of phase, and this allows the digital data to be more easily demodulated. 
A data slicer, a circuit like a comparator, is used to shape the signal into a 
clean binary bitstream. With this kind of radio, the range is limited. It may be 
only a few feet or up to a mile or so depending on the antenna, environment, 
or application. 


ANTENNAS 


The antenna takes the voltage and current produced by the transmitter and con- 
verts it into the electromagnetic wave we know as a radio wave. At the receiver, 
the antenna converts the electromagnetic field back into a voltage we know as 
the radio signal. The radio waves pass over the receiving antenna, inducing a 
voltage that causes current to flow in the receiver. 

Antennas can have an amazing variety of shapes. Essentially an antenna 
or aerial is some arrangement of electrical conductors whose size and length 
are critical. For optimum operation, the antenna length must be related to the 
wavelength (A) of the signal. Common antenna sizes are one-quarter (A/4) and 
one-half (1/2) wavelength at the operating frequency. The higher the frequency, 
the shorter the wavelength and thus the smaller the antenna. For example, one 
wavelength at 150 MHz, a popular two-way radio frequency range measures 
2m. A half wavelength is 1m and a quarter wavelength is 0.5m. Since 1m is 
39.37 in., a half wavelength is 19.68 in. At 900 MHz, the frequency range of cell 
phones, one wavelength is 0.3333 m. A quarter wavelength antenna would be 
0.3333/4=0.08333 m or 3.28 in. 


Ground-Plane Antenna 


Antennas can be anywhere from a long horizontal copper wire to a vertical 
steel or aluminum tower several hundred feet tall. Or it may be an array 
of short conductors like those in a TV antenna. One of the most common 
antennas is a short quarter wavelength vertical that is widely used in mobile 
radios, cell phones, and other handheld units (see Fig. 7.14). The quarter- 
wave or ground-plane antenna, as it is sometimes called, radiates equally 
well in all directions, making it omnidirectional. We say that its radiation or 
reception pattern is a circle. 
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FIGURE 7.14 Quarter-wave ground-plane antenna. 


Dipole 


Another common antenna type 1s the dipole, which is one-half wavelength long 
and usually mounted horizontally. Fig. 7.154 shows an example. Its radiation or 
reception pattern in Fig. 7.15B is a figure eight. The greatest radiation or stron- 
gest reception occurs at a right angle to the dipole element itself. 


Yagi 


A variation of the dipole is the Yagi, a multielement antenna based on the 
dipole shown in Fig. 7.16. To the dipole is added a reflector element that is 
slightly longer than one-half wavelength, and one or more director elements 
that are progressively shorter than the dipole. The directors and reflec- 
tor make the Yagi highly directional. The extra elements, called parasitic 
elements, concentrate and aim the beam of radiation over a narrow range. 
At the transmitter, this has the effect of increasing the transmitted power, 
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making the signal stronger at the receiver as if the transmitter power had 
been increased. A similar gain effect occurs at the receiver. 


Other Antennas 


There are many other antenna variations. Antennas formed with copper patterns 
on a printed circuit board (PCB) are widely used. One example is the patch 
antenna (see Fig. 7.17). It is simply a square area of copper about one-half 
wavelength on a side made on a PCB. Another is the loop antenna that is just 
a loop of copper on the PCB. A popular cell phone antenna is the inverted F, 
which is an F-shaped pattern on the PCB. Antennas also come as components. 
For microwave frequencies, there are special antennas made on a ceramic base 
that are small and can be soldered to a PCB. 


Transmission Lines 


The antenna is usually connected to the transmitter or receiver by way of a 
coaxial cable (see Fig. 7.18). It consists of a copper center conductor sur- 
rounded by an insulator, such as Teflon. Around that is a shielded copper 
braid or foil. The whole thing is covered with a plastic insulator. Coaxial 
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FIGURE 7.16 Yagi antenna. (A) Yagi and (B) radiation pattern. 
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cable is the most commonly used transmission line to connect the equipment 
to the antenna. It provides an efficient method of transferring the voltages and 
currents to and from the antenna while providing a certain amount of shield- 
ing from noise. For PCB antennas, the transmission line is just a short pair 
of copper lines from the transceiver IC to the antenna. The transmission line 
impedance most commonly used in RF systems is 50 Q. Some systems such 
as cable TV use 75-Q cable. 


Microwave Antennas and Waveguides 


Antennas used at microwave frequencies are quite different from those used at 
the lower frequencies. Perhaps the most common is the horn antenna. It looks 
like the flared end of a musical horn, only most of them have an opening or 
aperture that 1s rectangular rather than round. 

As seen in Fig. 7.19, the horn is directional and has gain. The microwave 
energy is fed to the horn by a transmission line. Coax can be used for the lower 
microwave frequencies, but at the higher microwave frequencies, coaxial cable 
loss is too high for long runs. A high percentage of the signal power is lost in the 
coax cable itself. This problem is overcome by using a waveguide. A waveguide 
is nothing more than a hollow copper pipe, usually with a rectangular cross sec- 
tion through which the microwave energy passes from transmitter to antenna or 
from antenna to receiver. 
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FIGURE 7.18 Coaxial cable transmission line. 
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FIGURE 7.19 Microwave horn antenna fed by waveguide transmission line. 
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The most effective and widely used microwave antenna is the parabolic dish 
(see Fig. 7.20). This is usually a horn antenna combined with a reflector shaped 
like a dish. Its shape is a mathematical parabola. Signals transmitted by the horn 
are reflected forward by the parabolic dish shaping the radio waves into a very 
narrow beam. Received energy is reflected by the dish into the horn antenna. 
The highly directional nature of the dish gives it a very narrow beamwidth and 
enormous gain. These are widely used in satellite TV and radar. 


TWO-WAY RADIO 


Two-way radio communications between individuals are by far the most wide- 
spread use of radio. And there are many forms of it. You have seen such radio 
communications as they take place and you have no doubt engaged in some 
form of it yourself. In any case, this section takes a look at some of the diverse 
uses of such two-way communications. 

Most two-way radios operate in the VHF and UHF bands. The simplest 
two-way radios operate on multiple frequencies usually selected by a frequency 
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synthesizer. Virtually all two-way radio communications are half duplex, mean- 
ing that one party transmits while the other receives. Transmit and receive oper- 
ations are controlled with a push-to-talk switch on the side of the microphone 
or handheld unit. 


Aircraft 


All airplanes from the smallest single-prop planes to the largest jumbo superjets 
use two-way radio to communicate with airport towers and the major air traffic 
management centers across the country. Two-way radio is absolutely essential 
to the safety of any flight. 

Most aircraft radios are transmitters installed in front of the pilot or copi- 
lot. They usually operate in the 108- to 135-MHz band and use AM. Specific 
channels are assigned for different regions and for different communications 
functions. The pilot or copilot uses front panel switches to select the desired 
communications frequency. Handheld microphones with a push-to-talk switch 
are the most commonly used input devices, but other forms of microphones 
such as throat mikes or microphones attached to headsets are also widely used. 
Most transceivers operate at very low power, and transmission distances are 
considerable. The height of the airplane gives the radio transceiver an enormous 
transmission range even with low power at VHF frequencies. 


Citizens Band 


You have no doubt heard of CB radio and perhaps even used one yourself. 
Anyone can buy and use a CB radio for two-way communications. The FCC 
has allocated 40 frequencies or channels in the 27-MHz frequency range for 
CB operation. The maximum transmission power is restricted to 5 W, although 
some handheld units use less. Modulation is AM but SSB is used in some 
units. 

Citizens band radio has enjoyed wide popularity with individuals and sports- 
men as well as truckers. While the advent of the cellular telephone has reduced 
the number of individuals using CB radio, it is still widely used. The primary 
limitation of most CB radios is the antenna. Since CB radios operate in the 
27-MHz range, the required minimum antenna length is approximately 9 ft. 
This can be shrunk somewhat by the use of coils attached to the antenna, but 
effectiveness is reduced. A CB radio antenna of 5 or 6ft is common and cer- 
tainly manageable on a car, truck, or boat. In handheld transceivers, any antenna 
longer than about 18 in. is a nuisance. 

A 27-MHz frequency allocation of CB radio also gives it some peculiar trans- 
mission characteristics. While communications is reliable over short distances of up 
to several miles, at certain times of the day or evening, worldwide communication 
is also possible. This is probably more a disadvantage than an advantage, primarily 
because interference can be received from stations literally anywhere in the world. 
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Amateur Radio 


Amateur or ham radio 1s a hobby. Technically knowledgeable individuals are 
licensed by the FCC to use selected frequency bands across the spectrum for 
personal communications. Hams use FM or SSB voice as well as CW (con- 
tinuous wave) or Morse code transmissions. Hams are also beginning to use 
digital modes such as PSK. Hams talk to one another about their equipment, the 
weather, and other common matters. Communication is worldwide and helps to 
promote good international relationships. Hams have proven their worth with 
emergency communications during hurricanes and other natural disasters. Hams 
frequently design, build, and experiment with their own equipment, although 
many hams prefer commercially manufactured radios. Hams also experiment 
with digital radios, satellites, and TV. 


Family Radio 


Family radio is another radio service recently instituted by the FCC for the 
purpose of short-range personal communications. It supplements CB radio in 
a wide range of personal communications needs. Because of a different fre- 
quency allocation, family radios are smaller, more portable, and have more reli- 
able communications over distances of several miles. 

All family radios are handhelds using FM and operating in the 462 and 467 
MHz range. Only several frequencies in the 462/467 MHz band are allocated to 
the Family Radio Service (FRS). While many users will share these frequen- 
cies, the short communication distances minimize interference between stations 
using the same frequency. The transceivers are restricted to 0.5 W in power. At 
a frequency of 462 MHz, a quarter-wave whip antenna is only about 6 in. long. 
Communications are extremely reliable up to 1 mile and even farther if trans- 
mission takes place outdoors. 

You can use family radios in a variety of ways. They are particularly handy 
when you are camping, hiking, or doing other outdoor activities. Many families 
use them in shopping malls and even around the house to keep in touch. They are 
great on farms and ranches and for communications between two nearby cars. 


Marine 


The very first application of two-way radio in the world was on ships at sea. 
Ships were always in danger without any form of communication. If a ship 
was disabled or began sinking, no one would know for a long period of time 
or maybe never. With a two-way radio or even a one-way radio on a ship, the 
operator could communicate with a shore-based radio station to signal danger 
with the familiar SOS. 

Today, a radio is a necessity on virtually every boat and ship. While small 
boats are not required to carry radios, most larger boats are. And what seaman 
would be without a radio for safety reasons? 
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Marine radios have operated on a wide range of frequencies over the years. 
Ocean-going liners have operated on SW frequencies so that long-distance com- 
munications are possible. Ships also operate on lower frequencies for exchang- 
ing messages and at the higher frequency for reliable communications near land 
and in port. 

The typical marine radio for communicating near ports is a transceiver of 
25—40W of power operating with frequency modulation in the 150- to 170- 
MHz range. Most of these units transmit on multiple frequencies, making it 
always possible to find a clear channel. Channel 16, operating on a frequency of 
156.8 MHz, is used for emergency calls. This frequency is typically monitored 
by other boaters and always by the Coast Guard. 


Land Mobile Radio 


Land mobile radio refers to two-way radios mounted in cars and trucks. These 
are widely used by police, fire, and other public safety and civil services. They 
are also widely used by taxis, buses, trains, and by companies using fleets of 
cars or trucks for convenient communications. The typical unit is mounted in 
the vehicle and provides relatively high power in the 25- to 50-W range. Most 
communications take place in the 150- to 170-MHz range. Other mobile radio 
frequency ranges are 450-470MHz. Many of the radios today are handheld 
types. 


SATELLITES 


A Satellite is a space station that is designed to orbit the Earth and provide 
a remote radio signal relaying station for the purpose of extending the range 
of communications worldwide. See Fig. 7.21. Such communications satellites 
contain both a receiver and transmitter that operate simultaneously. The receiver 
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FIGURE 7.21 Concept of communications satellite. 
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FIGURE 7.22 Satellite transponder. LO, local oscillator. 
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picks up signals from the Earth on one frequency and retransmits them simul- 
taneously on another frequency. In this way, the transmitter and receiver in the 
satellite do not interfere with one another. 

Most communications satellites are geosynchronous. These are satel- 
lites positioned to orbit directly around the Earth’s equator at a distance of 
22,300 miles from Earth. When located in this position, the satellite rotates in 
exact synchronization with the Earth’s rotation; thus, the term geosynchronous. 
Because the satellite and the Earth are rotating together, it appears as though 
the satellite is stationary overhead to an observer on Earth. With the satellite in 
a fixed position with respect to the Earth, the satellite becomes a near-perfect 
radio repeater station. 

Fig. 7.22 shows a general block diagram of a satellite. The communica- 
tions part of a satellite consists of a combined receiver and transmitter called 
a transponder. Satellites operate in the microwave region. The C band from 4 
to 6GHz and the K, band from 11 to 18GHz are the most popular operating 
ranges. A LNA picks up the very small 6GHz uplink signal from Earth. It is 
mixed with a 2-GHz LO signal and downconverted to a 4-GHz downlink signal, 
which is then amplified by an HPA and retransmitted back to Earth. Most satel- 
lites contain many transponders with wide bandwidth capable of handling many 
signals simultaneously. 

The satellite power source is batteries combined with a system of solar cells. 
The solar cells convert light from the Sun into electrical energy that is used to 
recharge the batteries. This system gives the satellite long life in space. 

Communications satellites are used primarily in long-distance telephone 
communications and for distribution of TV signals. Some satellites are used 
for navigation, a good example being the GPS widely used by the military and 
commercial organizations. It is also widely used by individuals as they find 
their way with personal navigation devices like those from Garmin and Tom 
Tom. Many of the newer cars and trucks have built-in GPS navigation systems 
with maps using an LCD screen. The GPS system uses 26-31 satellites about 
10,800 miles above the Earth orbiting in overlapping patterns so that at least 
three of four are “visible” by wireless at any point on the Earth. 
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Other satellites are used for surveillance. Spy satellites only 102 miles high 
pick up radio signals as well as IR images and photographs. Weather satellites 
monitor cloud formations and movements. There are also several satellite tele- 
phone networks with low-Earth-orbit satellites to permit communications to/ 
from any point on the planet. 


RADIO TELESCOPES 


Observation of the planets and stars is usually done with an optical telescope. 
However, in 1932, researchers discovered that distant stars or suns emitted radio 
waves. All stars, like our Sun, emit radio frequencies. Most of this energy occurs 
in the microwave region at 1.4218 GHz. This is the frequency of ionized hydro- 
gen. By building a highly sensitive radio receiver and coupling it to a large 
highly directional radio antenna, it is possible to plot the position of distant stars 
just as effectively as an optical telescope. Radio telescopes are, in fact, even 
more effective in that they can more easily detect distant stars that cannot be 
seen even by the best optical telescopes. 

Radio astronomy observatories consist of an enormous parabolic dish 
antenna usually 60—250 ft in diameter, which can be rotated and tilted so that 
it scans the skies. An array of multiple smaller dishes can also be used as in 
the SETI (search for extraterrestrial intelligence) project in New Mexico. The 
antennas are coupled to one or more very sensitive radio receivers. These receiv- 
ers have very high gain so that they can sufficiently amplify very small signals 
received from stars that are many light years away. Often special cooling sys- 
tems are used to reduce the temperature of the receiver front end to minimize 
noise, thereby permitting even weaker signals to be received. One of the largest 
radio telescopes is a curved dish reflector built of screen mesh 1000 ft in diam- 
eter. The dish is built into the valley between adjacent mountains near Arecibo, 
Puerto Rico. The horn antenna is moveable on a long cable so it can be posi- 
tioned to see any part of the sky. The world’s largest radio telescope is in China. 


Wireless Everything 


It seems like everything is going wireless these days, such as cordless telephones, 
wireless local area networks, and your TV remote control. But wireless has always 
been around just not by that name. Most radio applications are old and well 
known. A few examples you may have encountered follow. 
Garage door opener. A tiny transmitter in your car transmits a binary coded 
message to the receiver in your garage hooked up to the door motor. 
Remote keyless entry. A miniature transmitter on your key ring transmits a sig- 
nal to a receiver in your car that opens the door locks. Some even turn on lights 
and start your car from 10 to 30ft away. 
Wireless data acquisition. Remote transmitters are set up with solar batteries 
at remote sites to gather data from sensors and transmit it back to a collection 
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Wireless Everything—cont'd 


center. A good example is electric, gas, and water utilities that use such systems 
to monitor critical conditions at remote sites and transmit the data back to a 
central monitoring facility where decisions can be made. Home wireless ther- 
mometers are very common. 

Radio control of models. This is very common in toy cars, model airplanes, 
and boats. 

Drones. Military, commercial, and recreational drones or unmanned aerial 
vehicles are all wirelessly controlled and that includes a wireless link for the 
video usually deployed. 

RFID. Ultraminiature radios are being embedded in shipping labels, cars, and 
other objects for identification purposes. The units transmit their unique ID 
code when scanned by a nearby receiver. 

HD radio. This is digital radio broadcasting in the United States. Most US AM and 
FM stations now transmit a digital version of their signals on the same frequen- 
cies as their analog transmissions. They use a form of digital modulation called 
OFDM (see Chapter 8). It produces greater frequency response than the regular 
analog broadcasts, making AM sound more like FM and FM sound more like a 
CD. A special radio is needed to receive it. The digital technology makes noise 
and fading less of a problem. And it permits each station to add several additional 
channels thanks to the multiplexing capabilities of the HD technology. 

Security tags. The plastic tags clipped on new clothes to prevent their being 
stolen contain a tiny antenna and electronic circuit that make their presence 
known at a nearby transmitter/receiver unit. 

Surveillance and bugging, or secret monitoring or electronic spying. This is not 
just something you see in the movies or on TV. It is more widely used in private 
investigation, police work, and industrial espionage than you may think. Scary! 
Face it, wireless is truly everywhere. 


Project 7.1 


Investigate HD Radio 

HD radio is digital radio in the United States that shares the same frequencies 
as the regular AM and FM bands. You can buy stand-alone HD receivers, and 
some stereo receivers include it. HD radio is also available in some cars. To 
learn more about this technology, go to the website of the developer iBiquity or 
www.ibiquity.com. Also try a Google/Bing/Yahoo search on HD radio. 


Project 7.2 


Become Familiar With ISM Radio 

ISM radio is the term used to refer to short-range data radios used in the FCC’s 
unlicensed spectrum designated for industrial-scientific-medical (ISM) applica- 
tions. Got to the FCC website www.fcc.gov and find the most commonly used 
ISM frequencies of operation in Parts 15 and 18 of the rules and regulations. Do a 
general search of ISM to determine some common applications. 
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Project 7.3 


Radar 

Radar (radio detection and ranging) is a type of wireless. It has many uses, mainly 
military but also commercial and civilian. Marine and aircraft navigation are key 
applications. Police radar is widely used. Radar is also showing up in automobiles 
as detectors of distance between vehicles for automatic braking. Radar plays a 
major role in advanced driver assistance systems (ADAS) now being included in 
most new vehicles and in the forthcoming self-driving cars and trucks. You may 
wish to learn more about this technology. Do a search on radar. 


Project 7.4 


Shortwave Radio 
Buy a low-cost SW radio and experience listening to international broadcasts and 
amateur radio operation. 


Project 7.5 


Experience Citizens Band or Family Radio Service 

Go to your local electronic store and buy a pair of FRS walkie-talkies. Then test 
them to determine maximum range. As an alternative, buy a CB radio and listen to 
what is going on with the truckers or other locals. 


Project 7.6 


Experiment with a Short-Range Radio 
This project lets you build a short-range radio system using ISM band transmitter 
(TX) and receiver (RX) modules. The modules are from Radiometrix and available 
from distributor Lemos. The US modules operate in the ISM band on a frequency 
of 914.5 MHz and the European modules operate on 869.85 MHz. The modulation 
is FSK, and data rates to 64 kbps are possible. The project will show how a digital 
signal can remotely flash an LED or control a relay. Use the following procedure. 
e Go to the Radiometrix website and print out the data sheets and any application 
notes for the TX3A transmitter and the RX3A receiver: www.radiometrix.com. 
The modules are designed for PCB mounting but also plug easily into a stan- 
dard breadboarding socket. Read the data sheets. 
Mount the transmitter and receiver on separate breadboarding sockets so that 
you Can space them from one another. 
Provide power to each module separately. The modules will operate from any 
DC supply in the 2.2-16V range. Use battery power for portability. You can 
use your 6V AA supply or a 9V battery. 
Wire the modules according to the circuit in Fig. 7.23. The 555 timer oscillator 
will supply the repeating square wave of data to the TX3A. The RX3A receiver 
output will drive a transistor switch to turn the LED on and off. 
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Project 7.6—cont'd 
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FIGURE 7.23 Wiring details for the ISM band short-range radio experiment. 


For antennas use a 3 in. piece of #22 hook up wire. Just plug one end of the 
antenna wire into the transmitter RF OUT output on pin 2. The receiver wire 
antenna should be connected to the RF IN connection on pin 1. Orient the 
antenna wires vertically. 

Double-check your wiring before applying power to both units. 

Apply power. You should immediately see the LED flashing. This confirms that 
the wireless link has been established. 

Experiment with transmission range. Move the units as far apart as possible and 
determine where the connection fails. 

Disconnect power. 

Examine the circuit in Fig. 7.23. You could replace the 555 timer with a push- 
button and the LED with a relay to perform some remote control function. 
Other scenarios are possible. 


Chapter 8 


Cell Phones 


It Is Now Possible to Do Anything Wirelessly: Talk, 
Text, Email, Web Browse, Games, Whatever 


In this Chapter: 


e How the cellular system works. 

Cell phone radio technologies. 

Digital modulation and access schemes. 

Cell phone data capabilities. 

Smartphones, 4G, LTE, 5G, MIMO, and location technology. 


INTRODUCTION 


The cell phone is one of the coolest, most useful, and convenient electronic 
devices of all time. It also happens to be one of the most complex technically, 
not only internally but also because it is part of the largest communications 
network in the universe, the telephone system. The reason for a separate chapter 
on this topic 1s not only because of the advanced wireless technology involved, 
but also its importance to all of us personally and to the national economy. Since 
practically everyone has a cell phone today, it plays a huge role in our lives. And 
for you techies out there, it is worthwhile knowing a bit of the details of how 
phone calls work, how text messages get sent, and how you can now access the 
Internet via your cell phone. 


CAN YOU HEAR ME NOW? 


We have all said that before. Why? For one simple reason: cell phones are two- 
way radios with all the usual faults. The cell phone industry usually refers to 
itself as the wireless industry, but it is all the same thing—radio. Your cell phone 
contains a transmitter and a receiver that collectively are called a transceiver. 
You will also hear them called handsets. People in the industry also call them 
mobile terminals. The most common designation of a cell phone is smartphone. 
It is much more than just a two-way radio. In fact the smartphones of today 
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contain another three to five radios. In addition, smartphones have been charac- 
terized as powerful handheld computers with multiple input/output radios. This 
later designation may be the most accurate. 

Because cell phones have to be so small to be practical, they are limited in 
the amount of power they can transmit and the type of antenna that 1s practical. 
Battery drain is a major factor in cell phone design, as you want to get as much 
talk time as you can on a battery charge. But by limiting the transmit power, 
you automatically minimize the distance over which the unit will transmit. In 
any case, communications range is related to power as well as antenna type and 
orientation. And the typical range of a cell phone is a mile or so, depending on 
conditions. Take a look at the sidebar to review some of the facts about wireless 
and radio covered in Chapter 7. 


Factors Affecting Range and Reliability to Radio Transmission 


Range—The greater the distance between any transmitter and receiver, the smaller 
the signal. Signal strength varies inversely by the square of the distance between 
transmitter and receiver. Range is also affected by the frequency of operation. The 
higher the frequency, the shorter the range for a given transmitter power output. 
Power—The higher the power, the greater the transmission range. More power 
translates into increased communications distance up to a point. For portable 
units, higher power means shorter battery life or faster discharge. 

Antenna gain—Some antennas focus the signal in a specific direction. Doing so 
gives the antenna gain, meaning it multiplies the power of the transmitter and the 
signal strength at the receiver. 

Environment—Cell phones and any other microwave wireless device always 
transmit farther in clear open space. The ideal is direct line of sight (LOS), mean- 
ing that the two antennas can “see” one another. While cell phones don't have to 
have such a clear path to work, they always work better if they do. Environment 
also means transmitting from inside a building. Yes, radio waves do pass through 
walls and other obstructions but as they do they lose considerable strength as they 
encounter obstacles. Walls, ceilings, floors, and any other obstructions greatly 
attenuate (make it smaller) the radio signal. So if you are inside a car, shopping 
mall, office, or airplane, your signal loses over half its strength and that severely 
restricts your range. 

Height—Getting your cell phone to the highest possible point will greatly increase 
transmission distance. This helps the LOS effect so important to reliable transmis- 
sion. Getting higher typically is not practical, but almost nothing helps more than 
height, especially outside. 

Receiver sensitivity —This means how much gain the receiver has. High sensitivity 
translates into greater range. 

Multipath—Whenever you are transmitting in an environment with lots of obstruc- 
tions, your signal will bounce off many objects and be reflected. Some reflected 
signals will get lost and never get to the receiver. Others will bounce off objects 
that will ultimately direct them to their intended destination. These reflected 
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Factors Affecting Range and Reliability to Radio Transmission—cont'd 


signals will be delayed in time. Depending on factors such as operating frequency 
and distance traveled, these signals could arrive in phase and actually boost recep- 
tion level. Or they could arrive out of phase and literally cancel the more direct 
signal that arrived earlier. 

Noise—Do not forget that noise also affects communications distance and 
reliability. See discussion in Chapter 7. 


THE CELLULAR CONCEPT 


The original designers of the cell phone created a system that helps overcome 
the range and power problem described in the sidebar. If distances are kept 
short, then other limitations in power and environment are offset. The working 
word here is “cell.” A cell or cell site is one of many transmit/receive stations 
set up to communicate with individual cell phones. Also known as base sta- 
tions, these facilities are easily recognized by their tall antenna towers. Modern 
fourth-generation (4G) cell sites are referred to as eNodeB. The small building 
at the base of the tower houses racks of transceivers that share the big anten- 
nas at the top of the tower. Long coax cables carry the signals to and from the 
antenna. They actually look like pipes going up the side of the tower. 

Cell phone systems have dozens to hundreds of cell sites. The overall net- 
work is called the radio access network (RAN). An ideal design is shown in 
Fig. 8.1A. Each cell represents an area covered by the base station antennas. 
Cell range and overall coverage are deliberately restricted by antenna height 
and radiation pattern as well as transmitting power. The hexagon-shaped cells 
are only theoretical. In reality, the shape of the cell is more circular or rather 
an irregular circular shape because of antenna characteristics and environmen- 
tal characteristics that affect the cell shape (nearby trees, buildings, etc.) (see 
Fig. 8.1B). 

While equal-size cells are desirable and operation is more predictable, in the 
real world, the coverage of each cell depends a great deal on the number of cell 
phone subscribers as well as the terrain and environment. In large cities with 
lots of people and buildings, smaller cell sizes are used to increase subscriber 
capacity and provide the most reliable coverage possible in a given area. Many 
cities have what are called microcells that may only cover one block or picocells 
that cover one area of a building. On the other hand, in rural areas and along 
major highways, the cell sizes are larger and cover fewer users. The cell cover- 
age may look more like that in Fig. 8.2. 

A key feature of the cellular concept is that by keeping the cell sizes small, 
the frequency channels assigned to cellular service can be reused. One fre- 
quency may carry different calls if the cell sites are far enough apart and do not 
interfere with one another. This frequency reuse concept multiplies the overall 
number of channels available to handle calls. 
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FIGURE 8.1 (A) Cell coverage of a given area. (B) Cell area covered depends on antenna pattern 
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FIGURE 8.2 How small and large cells cover an area. 


One other factor to keep in mind is that in most cities, there are two or more 
cellular companies vying for your business. Each company has its own cel- 
lular system with base stations with coverage that overlays the cell coverage 
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of other companies. The competing systems do not interfere with one another 
because they usually operate on different frequencies with and sometimes dif- 
ferent radio technology, and the cell phones they support know which base sta- 
tions to talk to. 

One other thing: when you are talking on your cell phone, you are talking to 
only one base station—typically the one closest to you since both the power and 
range of your handset and that of the base station are limited. If you are moving 
(such as in a car), you will eventually leave the coverage area of one cell and 
enter the coverage area of an adjacent cell. You never really know when this 
happens, but it is a pretty neat technical trick to make this happen. The process 
of having your call transferred from one cell site to another automatically is 
called the handoff. 

All of the base stations are tied to a central office known as the mobile tele- 
phone switching office (MTSO) or mobile switching center (MSC). Many com- 
panies simply refer to it as the switch, as its main job is switching between 
base stations as well as linking to the main telephone system. The connection 
between the base stations and the switching station can be by copper cable or 
fiber optic cable or in many cases by a separate microwave wireless link. This is 
known as backhaul. If a cell site tower has one or more small “dish” antennas on 
it, you can bet that your signal eventually is communicated back to the switch 
via another wireless link. 

The big job of the MSC is to control and keep track of everything. It vali- 
dates you as a subscriber when you turn on your phone and make a call. It keeps 
track of how many minutes of time you use. And it will get messages from 
remote switches when you are in the roam mode outside of your usual home 
subscriber area. The cell phone companies have the ability to use other systems 
in most major cities and in many foreign countries, so you can use the phone 
virtually anywhere. Fig. 8.3 shows just what goes on when you turn on your 
phone and make or receive a call. 


WHAT IS INSIDE A CELL PHONE? 


A cell phone can legitimately be called the world’s most complicated two- 
way radio. Sure, it 1s just a transceiver, but it uses practically every radio 
trick in the book to ensure that you can make your calls reliably anytime with 
minimal hassle. It is a two-way radio that is used just like any other phone 
you are familiar with. In other words, you do not have to say “over,” “come 
back,” or any other phrase when you are finished talking and want to listen, 
as with some two-way radios (citizens band, family radio, ham radio, aircraft, 
marine, etc.). 

Simultaneous send and receive is referred to as full duplex. All telephones 
are full duplex. It is easy to do in the wired telephone system but complex and 
costly to do by radio. Yet, full duplex is what makes cell phones so comfortable 
to use. There is none of this “roger and over” stuff. What this means is that your 
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FIGURE 8.3 Cell phone basic operations. 


transmitter and receiver are working at the same time. There is more about how 
duplexing works later. 

Fig. 8.4 shows a very simplified general block diagram of what is in a cell 
phone. The receiver and transmitter making up the transceiver are obvious, and 
they share the single antenna. The transceiver is usually a single chip. What is 
not so obvious is what we call the baseband part of the cell phone. Baseband 
refers to the voice and data to be transmitted or received. In most modern digital 
cell phones, this is a very complex integrated circuit that handles the translation 
of voice between analog and digital, modulation and demodulation, and voice 
compression. All these functions are done digitally by a digital signal proces- 
sor (DSP) or special DSP circuits in combination with a powerful embedded 
processor. This processor or a separate processor handles all the transparent 
housekeeping jobs of managing the touch keyboard and the LCD screen as well 
as the basic control features of the cell system, which also include automatic 
operating frequency selection and automatic power control under the direction 
of the cell site. The DSP also implements the messaging functions. 


What Type of Cell Phone Technology Do You Have? 


The cell phone radio and networking technologies have changed over the years. 
Each technology is known by its generation. We are currently in the fourth 
generation, and most new phones use a 4G technology known as Long-Term 
Evolution (LTE). But some older generation are still around. 
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FIGURE 8.4 Block diagram of basic cell phone. 


The first characteristic of a cell phone is the frequencies it uses. Most cell 
phones operate in the 800- to 900-MHz band where there are hundreds of chan- 
nels for cell phone calls. Some 700-MHz spectrum is also now in use. Another 
range of frequencies is the so-called personal communications system (PCS) 
band from 1850 to 1990 MHz (1.85-1.99 GHz), which has hundreds of more 
channels. Some of the newer phones use the advanced wireless services (AWS), 
1700- and 2100-MHz spectrum assignments. Some cellular companies also use 
spectrum in the 2300-2300 MHz range. Because of the higher frequency, PCS 
and AWS systems have a shorter range, and thus use smaller area cells, which 
means many more cell sites to cover a given area. Most cell phones actually 
operate on two or more bands that are assigned to your carrier. 

Next, a cell phone is known by the technology and access methods it uses. 
The early original analog phones used first-generation (1G) technology, or FM, 
but have now been phased out. Most second-generation (2G) digital phones 
have also been phased out although there probably are some still in use in third 
world countries. Some third-generation (3G) cell phones are still with us to 
some degree; however, most phones today are of the 4G variety and fifth-gener- 
ation (5G) is almost with us. A summary of these technologies follows. 


GSM—tThe Global System for Mobile Communications (originally called 
Groupe Spécial Mobile) is the 2G digital system developed in Europe. 
It uses time division multiple access (TDMA), a digital system using digital 
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modulation and a method of multiplying the number of channels in a given 
amount of frequency spectrum. Your voice is converted to binary 1”s and 0’s 
before being transmitted. This allows the carrier to put eight subscribers in one 
200-kHz-wide frequency channel, thereby greatly multiplying their subscriber 
capacity and income. GSM uses a form of FSK called Gaussian minimum shift 
keying (GMSK). GSM uses several enhancements that facilitate high-speed data 
transmissions such as the General Packet Radio System (GPRS) and Enhanced 
Data Rate for GSM Evolution (EDGE). These are no longer widely used. 


CDMA—Code division multiple access is another 2G digital cell phone tech- 
nology developed by San Diego—based Qualcomm Inc. The basic technology 
is known as spread spectrum where many signals are transmitted simultane- 
ously over a very wide 1.25-MHz frequency band without interfering with one 
another. The original standard is called IS-95, and CDMA signals coexist in the 
same spectrum with TDMA systems in many areas. 


cdma2000—This is the 2.5G/3G version of CDMA. It adds high-speed packet 
data transmission called 1xRTT with a data rate up to 144kbps. A more recent 
upgrade called 1IxRTT EV-DO has even higher data rates up to 2 Mbps, making 
Internet access a cinch. Many cdma2000 systems are still in operation around 
the United States and other countries. 


WCDMA—This is wideband CDMA, which is a 3G technology. The access 
technology is CDMA, but it uses wider 5-MHz bands to provide greater user 
capacity and very high potential data rates from 384kbps to 2Mbps. WCDMA 
offers greater data speeds and services with higher subscriber capacity. 


HSDPA/HSUPA—High-speed downlink packet access (HSDPA) and high- 
speed uplink packet access (HSUPA) are upgrades from the WCDMA system. 
Both use QAM to boost data speeds in the same 5-MHz channels. Data rates as 
high as 14Mbps downlink and 5 Mbps uplink are possible. Most cellular com- 
panies have now implemented this technology. More advanced versions called 
HSPA or HSPA+ can give even higher data rates. Such systems are no longer 
widely used as it has been replaced by 4G technology. 


cdma2000 Rev A and Rev B—These are more advanced CDMA versions that 
are used to boost data speeds in cdma2000 handsets. Rev A boosts download 
data rates to 3.1 Mbps using QPSK and 16-QAM in the standard 1.25-MHz 
channel. Rev B 1s not widely implemented, but can use three 1.25-MHz channels 
and boost download speeds to 14.7 Mbps and higher. Like the HPSA 3G tech- 
nology these systems have been mostly replaced by 4G systems. 


Long-Term Evolution—_LTE is the current 4G cell phone technology. It uses 
an entirely different radio technology called orthogonal frequency division mul- 
tiplexing (OFDM) to give even higher data rates. More on that later. 

Today most phones are 4G LTE and will fall back to 3G 1f no LTE service 
is available. As this is written the 5G standards are still being developed and 
finalized. 
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DIGITAL MODULATION AND WIRELESS TRANSMISSION 
METHODS 


In Chapter 7, basic digital modulation methods ASK/OOK and FSK were cov- 
ered. These are not used except for an advanced FSK as used in GSM. Instead, 
all cellular systems used advanced digital modulation methods. This section 
provides a look at these techniques. 


Quadrature Amplitude Modulation 


Quadrature amplitude modulation (QAM) is a technique that mixes both ampli- 
tude and phase variations in a carrier at the same time. What this technique 
does is to allow higher data rates within the same bandwidth. See the sidebar 
on spectral efficiency. The technique consists of transmitting multiple bits for 
each time interval of the carrier symbol. The term “symbol” means some unique 
combination of phase and amplitude. The term M as in M-QAM indicates how 
many bits are transmitted per time interval or symbol for each unique ampli- 
tude/phase combination. 

The simplest form of QAM is 2-QAM, more commonly called QPSK or 
quadrature phase shift keying. It is produced by the circuit shown in Fig. 8.5. It 
takes the serial bitstream and passes 1t through a 2-bit shift register producing two 
parallel bitstreams at half the rate. One is called the in-phase (I) bitstream and the 
other the quadrature (Q) bitstream. The I and Q signals are each applied to a mixer 
along with a local oscillator (LO) signal. The mixer output becomes part of the RF 
carrier. Note that the LO signal is applied directly to one mixer, but is shifted by 
90 degrees and applied to the other mixer. The term “quadrature” means shifted 
by 90 degrees. The two mixer outputs are AM signals but at different phases. But 
when they are added together, the QPSK signal is generated. With this arrange- 
ment, you can transmit data at twice the rate of BPSK in the same bandwidth. 

Fig. 8.6 shows how we illustrate this with what we call the phasor and con- 
stellation diagrams. Fig. 8.6A shows the amplitude and phase of each possible 
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FIGURE 8.5 How QPSK is generated using mixers and a local oscillator shifted 90 degrees to 
produce in-phase (1) and quadrature (Q) signals that are summed. 
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FIGURE 8.6 QPSK diagrams. (A) Phasor. (B) Constellation. 


combination of 2 bits. The length of the arrow called a phasor is the amplitude, 
and its direction or angle is the phase. If the receiver gets a signal that is at a 
phase angle of 135 degrees, it means that the 2-bit combination 01 is being 
transmitted. The constellation diagram in Fig. 8.6B is usually shown without 
the arrows or phasors. 

This technique can be modified to produce 16-QAM, which transmits 4 bits 
per time interval or symbol causing the data rate to quadruple in the same band- 
width. The circuit for producing 16-QAM is shown in Fig. 8.7. The 4-bit shift 
register produces two groups of I and Q bits. These are converted into four lev- 
els by a two- to four-level converter that works like a digital-to-analog converter 
(DAC). The resulting constellation diagram for 16-QAM is shown in Fig. 8.6 
as well. Other common versions are 64-QAM and 256-QAM, which transmit 6 
and 8 bits per symbol, respectively, in the same bandwidth. A 1024QAM is also 
an option in some systems. 

QPSK and QAM modulation methods are common in cable TV for digital TV 
as well as high-speed Internet service. They are also used with satellites and any 
broadband wireless application. All modern cell phones and most other digital 
wireless schemes use this type of modulation because of its spectral efficiency. 


Orthogonal Frequency Division Multiplexing 


OFDM is a broadband modulation method like spread spectrum/CDMA. It takes 
a high-speed serial binary signal and spreads it over a wide bandwidth. The 
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FIGURE 8.7 How 16-QAM is generated and resulting constellation diagram. 
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FIGURE 8.8 OFDM divides a channel into many subchannels or subcarriers, each of which is 
modulated by part of digital data to be transmitted. 


serial data is passed through a circuit that maps out the constellation diagram 
for the modulation to be used. It then divides it into many slower-speed serial 
bitstreams. Each bitstream modulates a carrier on one of many adjacent carriers 
in the available bandwidth. This technique effectively divides a wide bandwidth 
into many narrower subchannels or subcarriers as shown in Fig. 8.8. Sometimes 
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dozens of channels are used, and in other cases hundreds or even thousands of 
carriers are used. The carrier frequencies are selected so they are orthogonal 
and as a result they will not interfere with one another even though they are 
directly adjacent. All the modulated channels are then added together and the 
combination transmitted in the available bandwidth. The type of modulation 
varies with the application but it is usually BPSK, QPSK, 16-QAM, 64-QAM, 
or 256-QAM. 

The basic technique is shown in Fig. 8.9. The only practical way to create 
an OFDM signal is by using DSP. The DSP executes an algorithm called the 
inverse fast Fourier transform (IFFT) that creates the multiple adjacent modu- 
lated carriers. The DSP data is applied to DACs to create I and Q analog signals 
that are sent to mixers for creation of the final signal. That signal is then ampli- 
fied by a broadband linear amplifier before being transmitted. At the receiver, 
the data is recovered by another DSP executing the FFT. The output is the origi- 
nal fast serial data. 

OFDM seems impossibly complex while seemingly hogging spectrum 
space. Yet, it can transmit higher speeds in smaller bandwidths than most other 
types of digital modulation. It is very spectrally efficient. Furthermore, it is 
more resistant to multipath interference that can cause microwave links to lose 
data due to a reflected signal interfering with another or a direct signal caus- 
ing cancellation and fading. Most of the new wireless technologies today use 
OFDM, including the LTE cellular systems. Some examples of other OFDM 
uses include wireless local area networks (WLANs) such as Wi-Fi, wireless 
digital subscriber line (DSL) Internet access, some (European) digital TV, and 
AC power line networking. 


Multiple Input Multiple Output 


Another technique for boosting speed within a given bandwidth is multiple 
input multiple output (MIMO). Also known as spatial multiplexing, it is the 
use of multiple transmitters transmitting to multiple receivers, each send- 
ing different bitstreams on the same channel. The high-speed serial data is 
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FIGURE 8.9 Generating OFDM is done by DSP and I/Q modulation. 
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divided into two, three, four, or even more bitstreams, and each is used to 
modulate a different transmitter but operating on the same frequency. The 
signals from each transmitter reach the antennas of each receiver along with 
any reflected signals. See Fig. 8.10, which shows four transmitters (Tx) and 
four receivers (Rx) or 4x 4 MIMO. What allows the receivers to sort out each 
bitstream is the fact that each signal travels a different path and will have 
different characteristics or spatial signature that can be sorted out by DSP in 
the receiver. 

There are several things that make MIMO practical. First, MIMO is used at 
very high frequencies, especially microwave (0.1 GHz). This means that anten- 
nas are short, and interantenna space may be one wavelength or more, which is 
required for MIMO to work. The distance between the antennas ensures differ- 
ent spatial paths with different characteristics that let the receivers recover each 
bitstream. Second, thanks to semiconductor technology, it is possible to make 
the multiple transmitters and receivers very inexpensively, typically all on a 
single silicon chip. 

MIMO has several benefits. First, it allows a higher data rate in the 
same channel bandwidth. Using a 4x4 MIMO, for example, would boost 
speed by a factor of 4. Configurations of MIMO can be any combination 
of transmitters and receivers. The 2x2 mode is popular but 4x4 is also 
used. Second, MIMO provides a more reliable link. It actually takes advan- 
tage of the multipath problems that usually plague microwave wireless and 
makes it better. Finally, MIMO is usually combined with OFDM, which 
provides the ultimate data rate boost, reliability, and spatial efficiency. 
MIMO is already used in WLANs such as Wi-Fi. MIMO is also used with 
LTE Handsets typically have only two antennas, but the base stations have 
four or more. 
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FIGURE 8.10 MIMO in a 4x4 configuration quadruples the data rate in an existing channel, 
while reducing the ill effects of multipath fading. 
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FIGURE 8.11 The concept of MU-MIMO using beamsteering with a patch-type phased array 
antenna. 


An advanced version of MIMO called multiuser or MU-MIMO 1s also being 
widely adopted. Also called massive MIMO because it uses a large (64-1024) 
number of antennas combined to form what is called a phased array. Each 
antenna has a transmitter and receiver associated with it. By controlling the 
phase and amplitude of the signals sent to the antennas, the signal can be focused 
into a narrow beam creating gain in the antenna. Fig. 8.11 shows the concept 
with a 16-patch antenna array. In addition to beam forming, the signal beam 
can also be steered in different directions horizontally or vertically. Another 
feature is that separate multiple beams can be formed so that several different 
independent signals can be sent or received at the same time. By using massive 
MIMO, multiple users may be served by a single base station and higher data 
rates can be achieved. 


Spectral Efficiency 


Spectral efficiency refers to how much data you can transmit in a given band- 
width. It is usually measured in bits per second per hertz (bps/Hz). ASK/OOK 
and FSK have efficiencies of <1. Special forms of FSK, such as GMSK used 
with older GSM cell phones, are a bit better. BPSK has a spectral efficiency of 1. 
Table 8.1 gives the efficiencies of most of the popular digital wireless modula- 
tion schemes. 

One last thing: the type of modulation is not the only thing that affects spec- 
tral efficiency. The level of noise in a channel also determines the number of bit 
errors that occur in transmission. The higher levels of QAM have more errors, 
so this limits their efficiency to some extent. Plain FSK, BPSK, and QPSK are 
very resistant to noise, so are more suitable in applications where noise is a 
problem. Noise and bit rates have to be traded off for good reliable transmission. 
And by the way, the spectral efficiency issue applies to wired as well as wireless 
communications channels. 
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TABLE 8.1 Spectral Efficiency of Selected Digital Wireless Modulation 
Schemes 


Modulation Method Spectral Efficiency (bps/Hz) 

FSK 1 

GMSK 135 

BPSK 1 

QPSK 2 

16-QAM 4 

64-QAM 6 

256-QAM 8 

OFDM Depends on modulation of subcarrier and 


number of subcarriers 


MIMO Depends on configuration 


ACCESS METHODS AND DUPLEXING 


Access methods are wireless techniques that allow multiple users to share 
a given part of the frequency spectrum. Access methods are also called 
multiplexing. Multiplexing means allowing two or more signals to be trans- 
mitted concurrently over the same communications medium such as a cable 
or within a given frequency band. Access methods allow many subscribers to 
share precious spectrum space. And they provide the means to implement full- 
duplex simultaneous transmit/receive that most phone users expect. There are 
four types: frequency division multiple access (FDMA), TDMA, CDMA, and 
orthogonal frequency division multiplex access (OFDMA). For full-duplex 
operation, there are two methods—frequency division duplexing (FDD) and 
time division duplexing (TDD). 

FDMA—A given bandwidth is divided into many narrower channels as 
shown in Fig. 8.12. A given radio will cover all of the bands but has the ability 
to select a specific operating frequency. GSM divides the band into 200-kHz 
channels. cdma2000 uses 1.25-MHz channels and WCDMA uses 5-MHz 
channels. The newer OFDM uses 5-, 10-, 15-, or 20-MHz channels. 

FDD—Simultaneous transmit and receive is accomplished by using two dif- 
ferent bands where half are used for transmit and the other half for receive. The 
transmitter and receiver operate at the same time but on different frequencies so 
they do not interfere with one another (see Fig. 8.12). 

TDMA—With this method, a single-frequency channel is used, but the 
signal is divided into fixed-duration time slots into which digitized segments 
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FIGURE 8.12 Frequency division multiple access and frequency duplexing use two separate 
bands of frequencies divided into individual channels. 
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FIGURE 8.13 TDMA multiplexing divides a channel into sequential time slots for the 
digital data. 


of voice or data are transmitted. In digital voice transmission, the analog voice 
signal is periodically sampled and digitized into a stream of binary numbers. 
These binary values are then compressed into a smaller number of bits by a 
vocoder circuit. The resulting bits are then transmitted to the receiver. With 
TDMA, binary values from two or more voice sources can be interleaved and 
sequenced, and then sent over the single channel. For example, in GSM sys- 
tems, there are eight time slots, as shown in Fig. 8.13. The data is transmit- 
ted at a 270-kbps rate in a 200-kHz-wide channel. Each time slot contains 1 
byte of the voice data for one phone call. The frame of eight signals is then 
repeated. 

TDD—TDD facilitates concurrent send and receive by assigning transmit- 
ted signals in one time slot and received signals in another time slot. They share 
the same frequency channel. Because all this is happening at a high rate of 
speed, you cannot determine that transmit and receive are not simultaneous, 
although in reality they are not. 
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FIGURE 8.14 How CDMA is generated. 


CDMA— This method uses spread spectrum technology. It takes the digi- 
tized voice and further processes it to give it special coding, and then spreads 
it over a wide bandwidth. In cdma2000 phones, the channel bandwidth is 
1.25 MHz wide, and all cell phone signals are coded and spread over this 
bandwidth. The process goes like this: the analog voice signal produced by 
the microphone is digitized in an ADC, and then compressed by a special 
digital circuit called a vocoder or voice coder. This reduces the total number 
of bits and the speed of the digital signal. This vocoded signal is then mixed 
with a high-speed serial code signal, making it unique so that the receiver 
will recognize it. This is done with an XOR gate as shown in Fig. 8.14. 
The higher-frequency signal, at 1.23 Mbps, is called the chipping data. The 
resulting signal fills the 1.25-MHz channel. In WCDMA systems, the pro- 
cess is the same, but the chipping signal is 3.84 Mbps and the channel width 
is 5 MHz. 

Using CDMA many cell phone calls can be transmitted on the same 
channel. They actually all mix together, but because they occur randomly 
with one another, they do not interfere with one another. Typically, up to 
about 64 users can share the same bandwidth. One signal simply appears as 
a low-level noise to another. The desired signal is picked up at the receiver 
by recognizing the unique code given to the transmitted signal. The two most 
common types of spread spectrum are direct sequence and frequency hop- 
ping. Direct-sequence spread spectrum is used in cell phones as illustrated 
in Fig. 8.14. Frequency hopping is used in Bluetooth wireless systems (see 
Chapter 9). Most duplexing is by FDD, but some of the newer versions of 
LTE also use TDD. 

OFDMA—Access with OFDM is done by just assigning one or more of 
the subchannels to each transaction. With each subchannel 15kHz wide, each 
is capable of carrying a compressed (vocoded) voice signal so that many calls 
or data transactions can be handled. In practice, more than one channel may be 
used, depending on the specific frequency assignments, bandwidths, and other 
features of the LTE system being used. 


212 Electronics Explained 


Antennas 


LCD 
Includes 


keyboard 
touch 
screen 


K Speakers(2) 
Q Microphone 


( ) Stereo headphones 


Camera Cmos 
circuits imager 
as 


Bluetooth 


XCVR 


(9) 
® 
© 
E 
0) 
+ 
= 
< 
pp 
= 
0) 
pas 
O 
(p) 
ip) 
® 
O 
O 
pa 
a 
0) 
a 
O 
= 
= 
O 
0) 
Cc 
O 


V 
— S 
GPS Power ens 
RX management, 
regulators 
NU Battery 
charger 
Wi-Fi 
XCVR | | 
Battery 
N (Lithium—ion) 
NFC 
XCVR 


FIGURE 8.15 A block diagram of 4G cell phone with multiple radios and functions. 


A LOOK INSIDE A 4G CELL PHONE 


Fig. 8.15 shows the insides of a modern 4G smartphone. This one uses the LTE 
4G technology, but is also backward compatible with 3G. There are separate 
radio transceivers (XCVR) for each. All of the baseband functions such as mod- 
ulation and demodulation and handset management are handled by one or more 
processors. Dual core or quad core processors are used. One processor imple- 
ments DSP. This handset also has a Bluetooth radio for the headset (not shown) 
and a Wi-Fi transceiver for Internet access via a WLAN access point or hot spot. 
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Most of the newer smartphones also contain a near-field communications trans- 
ceiver for payment and access applications. These technologies will be covered 
in the next chapter. A global positioning system (GPS) radio provides naviga- 
tion as well as fulfills the E911 location requirement. Note that most radios have 
separate antennas. In some cases if the frequency range is the same, an antenna 
can be shared. A camera for digital stills and video is included. The CMOS 
imager is the device that converts the light and color variations in the scene 
into electrical signals. Other light sensor types are used. The stereo headphones 
are for the music player. A recent addition to many smartphones is wireless 
charging using inductive coils. Finally, all smartphones have a massive amount 
of memory, both DRAM and flash. The power supply is a lithium-ion battery 
along with the charging circuits, regulators, and power management circuits. 


THE LATEST CELL PHONE TECHNOLOGY 


The cell phone industry is one of the fastest changing in electronics. New prod- 
ucts come out almost daily. And new features and capabilities are invented regu- 
larly to keep the technology fresh and the sales continuous. Here is a snapshot 
in time of the latest cell phone developments. 


Long-Term Evolution 


LTE is the current 4G cell phone technology. Most modern smartphones use 
LTE with a fallback to 3G systems where LTE is not available. LTE uses 
OFDM with QAM modulation in 10 or 20MHz channels along with MIMO 
to provide downlink data rates of up to 150 Mb/s. More recent versions such as 
LTE-Advanced and LTE-Advanced Pro use carrier aggregation (CA) to widen 
the bandwidth by combining up to 32 channels to achieve 100 MHz or more of 
bandwidth to get even higher speeds. With the right combination of CA, 256- 
QAM and 4x4 MIMO, LTE can achieve data rates up to 1 Gb/s. 

The advanced versions of LTE-A also use unlicensed spectrum to fur- 
ther increase bandwidth. Features such as Licensed Assisted Access (LAA), 
LTE-WLAN (LWA), and LTE-U for unlicensed combine LTE spectrum and the 
unlicensed 5 GHz spectrum used by Wi-Fi 802.1 lac/ax to boost downlink speed. 

LTE-A Pro adds IoT/M2M connectivity (see Chapter 9). LTE-M uses only 
1.4MHz of bandwidth to achieve speeds up to 1 Mb/s. An ever more frugal 
version called NB-IoT uses 180kHz to achieve a data rate to 250 kb/s. These 
new versions use less power and will find applications in IoT and in vehicle-to- 
everything (V2X) applications such as the advanced driver assistance systems 
(ADAS) and self-driving cars. 

LTE Advanced also provides for a feature called device-to-device (D2D) 
communications. It lets LTE handset users talk directly to one another rather 
than through a cell site. Public safety officials are expected to adopt this version 
of LTE in lieu of more traditional two-way radio technologies. 
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LTE is the dominant worldwide cell phone technology. Many cellular opera- 
tors are still up grading to the advanced versions. LTE works well and satisfies 
most of the demands of subscribers. However, the future is expected to require 
even faster networks. For that reason, the 5G technology is under development. 


Fifth-Generation Wireless Overview 


Several key trends are driving the development of a newer and better cellular 
system. One trend is the increased use of mobile video and the need to be able 
to handle 4K resolution video and virtual reality. Higher data rates (>1 Gb/s) are 
needed for some applications. 

Another trend is the increase in connected devices using IoT or M2M tech- 
nologies. Billions of devices may be connected, and many will use the cellular 
system that must be able to handle the increased number of subscribers. 

In addition to a higher data rate, another major need is lower latency as it is 
critical to driving safety as well as many IoT/M2M uses in factory automation. 
Latency is the delay time between the initial triggering of some action and the 
instant the action occurs. Many robotic and other machine operations demand 
millisecond (ms) range latency. 4G radios can usually have a latency of 25 ms or 
more. 5G is expected to provide for a latency of 5 ms or less. 

The 5G standards are being developed by the Third Generation Partnership 
Project (3GPP). The new standard is called New Radio (NR). Here is a sum- 
mary of 5G NR features. 


e Maximum data rates should be in the 1 to 10Gb/s range depending on the 
bandwidth allotted and signal path environment. Typical mobile data rates 
should be hundreds of megabits per second. 

e To achieve these data rates, more bandwidth is needed and in many instances 
new spectrum will be needed. Some systems will use available spectrum below 
6 GHz. However, most 5G systems will use the millimeter wave (mmwave) 
bands. In the United States the 27-28 and 37-40GHz bands have been 
allocated to 5G with most operators are building systems in the 28 GHz band. 

e CA (carrier aggregation) will be used to further increase bandwidth to support 
the desired higher data rate. Contiguous or noncontiguous bands as well as 
unlicensed spectrum can be aggregated to achieve the desired bandwidth. 

e Modulation will be some variation of OFDM. Multiple schemes have been 
considered. The final standard has not been announced. QAM up to 256-QAM 
will be incorporated. 

e TDD and traditional FDD will be used. By using TDD only half the spectrum 
is needed. 

e The 5G network is expected to be made up of small cells instead of the 
larger macrocells common today. Small cells including their antennas, the 
size of a loaf of bread, can be attached to light poles and the sides of 
buildings rather than require separate towers. Indoor units will also be 
common. Multiple small cells are needed to cover a given area because of 
the short range of mmwave signals. 
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e Massive MIMO is key feature of 5G. Using more than 64 antenna systems, the new 
cell sites can handle higher data rates and multiple users can be accommodated 
with beamforming. Beamforming implements spatial multiplexing that enables 
frequency reuse. Beamforming also increases signal power and permits small 
cells to avoid interference and establish more reliable links. 

e A key feature of the 5G network is the use of software-defined network 
(SDN) and network function virtualization (NFV) software. These software 
technologies will help the carriers to manage a large number of small cells as 
well as to rapidly reconfigure the network and provide faster easier addition of 
new cells or subscribers. 


Some 5G pilot evaluation systems are being tested as this is written and 
some prestandard networks could be in limited use in 2018. Final standards are 
not expected until 2019. Full build-out may not occur until 2020. 

Most cell phones today are smartphones with advanced features that expand 
1ts use. There are about a dozen smartphone manufacturers, but the market 
leaders are Apple’s iPhone and Samsung”s Galaxy series. Over a billion smart- 
phones are sold annually. There are too numerous to mention here, and they go 
out of date monthly or yearly. Here is a general summary of their capability. 


High-speed data capability. Most smartphones use 4G LTE technology, so 
they can deliver as fast a data rate as your home Internet connections, usually 
10-20 Mbps or better on average. Peak rates are over 100 Mbps under some 
favorable conditions. 

Internet access. A built-in browser lets you access the Internet. The main 
limitation is the small screen size, which prevents you from doing as much as 
you would like, but you can still do it. 

Email. Email is one of the key features of a smartphone. It lets you stay in 
touch without a PC or laptop. 

Messaging. It goes without saying that text messaging is a main data feature. 
Digital camera. Most smartphones have an excellent high-resolution camera 
built in. The camera does have about 12 megapixels of resolution or more. All 
high-end smartphones contain both front and back cameras. 

Camcorder. All of the digital cameras have video capability as well. The main 
limitation 1s the amount of memory available to store videos. 

MP3/Pod. A music player is a standard feature of many smartphones. The key 
here 1s to have sufficient flash memory to store the songs you want. 

WLAN access. You will learn more about this in the next chapter, but a 
smartphone has a built-in separate transceiver to connect to a Wi-Fi hot spot 
or other access point in airports, hotels, coffee shops, and other locations just 
like a laptop. You can access the Internet or email as an alternative to doing it 
through the cellular network. 

Bluetooth. Bluetooth is another short-range wireless technology covered in 
Chapter 9. It is used in smartphones for wireless headsets. A headset contains 
a headphone and a microphone that fits in the ear. It talks to the cell phone 
wirelessly via a Bluetooth wireless link. 
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Near Field Communications. NFC 1s a short-range wireless technology used 
for automatic payment, transportation, or facility access. 

GPS and maps. The GPS is the worldwide satellite navigation system. All 
phones have a built-in GPS receiver so that you can find your way. All phones 
include full navigation software, display, and maps such as those in personal 
navigation devices (PNDs) like those from Garmin and Tom Tom. 

Apps. Apps or applications are software programs that implement special 
functions or services. Games are a popular type but others include banking, 
investment, special calculators, and social media such as Facebook, Twitter, 
LinkedIn, Instagram, and others. Millions of apps are available and convert 
your smartphone into a useful computer. 


Location Technology 


Location technology refers to systems and circuits that are designed to pin- 
point the location of a cell phone in use. This can be done now to a certain 
extent, as a carrier can always determine which cell site a phone is currently 
using. That only locates the phone within an area of a few miles. The Federal 
Communications Commission (FCC) has mandated that all cell phones can be 
located within 50—100 ft in case of an emergency. This is part of the E911 sys- 
tem for all cell phones. E911 means that your cell phone company has a system 
that will send your physical location to emergency services if you call 911 from 
your cell phone. Most systems use GPS, but others may have another type of 
location technology. The whole thing is transparent to a user, and most users 
actually do not know that their phone has this capability. 

The location capability has many concerned for privacy reasons. But if you 
do not want to be located, turn off your phone. Otherwise, learn to live with it, 
as it may save your life 1 day. Location technology is also supposed to lead to 
services that are based on location, such as advertisements for restaurants and 
other businesses near you. 

When GPS is used, the GPS receiver computes your coordinates from the sat- 
ellite signals and sends them to the carrier for use if called for. Most systems can 
usually pinpoint you within 50 ft or so depending on terrain and environment. 


Project 8.1 


Examine a Base Station 
Go look at a cell site. The wireless phone company will not let you inside, but 
you can drive close to many and examine what you can see. Especially note the 


antenna arrangement at the top of the tower. Most have a triangular arrangement 
of three antenna arrays that divide the coverage into three 120-degree wide areas. 
You will see multiple coax cables going up the tower to carry the received and 
transmitted signals. Check for one or more backhaul dish antennas that connect 
the site to the main cellular system. 


Chapter 9 


Networking: Wired and Wireless 


All Devices Talking to One Another 


In this Chapter: 


e Types of networks defined: WAN, MAN, LAN, and PAN. 

e Ethernet, Sonet, and other wired networking technologies. 

e Internet transmission fundamentals. 

e Wireless networking technologies, including Wi-Fi, Bluetooth, ZigBee, and others. 
e Broadband technologies. 

e Introduction to the Internet of Things. 

INTRODUCTION 


You already know from reading this book that virtually every electronic product 
has a digital computer built into it in the form of an embedded controller or 
microcomputer. But one other fact about electronic equipment that you may not 
know is that a large percentage of these devices are now being interconnected to 
one another to form networks. This is particularly true of computers. After all, 
what computer today is not connected to some form of network? And while we 
may be nearing the point where all computers are networked, the trend contin- 
ues toward networking many other noncomputer devices. This chapter takes a 
look at networking concepts and the most popular forms of networks being used 
today, both wired and wireless. 


IS EVERYTHING NETWORKED? 


A network is just a system of people or things that are connected to one another. If 
someone was to ask you to give an example of a network, you probably would use 
the computer network definition. But there are all sorts of other networks in which 
we all participate in some form or another. One of the biggest networks is our 
interconnecting road system. Our highways and byways interconnect cities with 
one another and provide transportation routes for people and goods. The railroad 1s 
a massive network. You could also call the airline system a massive network of cit- 
1es connected by airplane flights. Our whole electrical grid is a massive network. 
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And one of the largest networks in the world is the telephone system, both wired 
and wireless. And then again, let us not forget the Internet itself that connects us 
all to everything else. For our purposes here, our network definition is a system 
designed for communications via computers talking to one another or individuals 
talking to one another over cell phones. In all cases, a network is involved. 


TYPES OF NETWORKS 


There are lots of different ways to interconnect individual computers or other 
electronic products. You can do it by electrical cable or fiber optic cable, or you 
can do 1t in a wireless manner. In any case, each computer or user in the network 
is called a node. The goal of a network is to connect each node to all other nodes 
in some way so that they can communicate. Over the years, several different 
levels of networks have evolved. 


Wide Area Networks 


A wide area network (WAN) is the largest network of all, and we could consider 
the entire telephone network or the Internet as a large WAN. Sometimes WANS 
are smaller and may be localized to a country, a state, a city, or other large geo- 
graphical area. The Internet is certainly a WAN. Most WANs are made up of 
fiber optic cable so that they can carry lots of data at very high speeds. 


Metropolitan Area Networks 


A metropolitan area network (MAN) is a network that covers a smaller geo- 
graphical area such as a city or a large college campus system. Good examples 
of MANS are the local telephone company and your local cable TV company. 
MANSs are also widely used in large companies and in governments to intercon- 
nect their computers. Most MANs are also implemented with fiber optic cable 
to maintain speed and data capacity. 


Local Area Networks 


A local area network (LAN) covers a small group of computers, typically a 
thousand computers or less. LANs are implemented in companies, small busi- 
nesses, and even in homes. A LAN may only have a couple of users but could 
have several hundred, depending on the circumstances. Even two connected 
PCs at home comprise a LAN. In most cases, LANs are connected externally to 
a MAN or a WAN for external communications. 


Personal Area Networks 


Most personal area networks (PANS) are short-range wireless networks. A per- 
sonal area network (PAN) is formed when two or more computers or cell phones 
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interconnect to one another wirelessly over a short range, typically less than 
about 30 feet. Most PANs are what we call ad hoc networks that are only set up 
temporarily for a specific purpose. The Bluetooth headset option on a cell phone 
is an example of a PAN. 


Home Area Networks 


A home area network (HAN) is a network inside the home used to provide mon- 
itoring and control over energy usage. It connects to the utility’s electric meter 
and monitors energy usage so the home owner can see what energy is being 
used and where. It is also used to give the utility a way to control the heating and 
air conditioning to save energy. The HAN also provides a way to conveniently 
turn appliances off and on. The HAN may use wireless or communications over 
the AC power line. The HAN is the home portion of the national Smart Grid 
effort to conserve energy. 


Storage Area Networks 


A storage area network (SAN), as its name implies, is a network that intercon- 
nects large data storage devices to computers and to one another. Large arrays 
of hard disks are usually set up to store massive amounts of data needed by 
business, the government, and other organizations. The SAN provides a way to 
access all this information in a fast and easy way. 


Network Relationships 


As it turns out, the different types of networks are connected to one another, the 
result being one massive network. Fig. 9.1 is an example. For example, local 
LANs are connected to MANs, while the MANs themselves are connected to 
WANs, and so on. In this figure, the circles represent PCs while the squares 
represent network connecting points. These include servers, the computers that 
manage LANs and MANs; routers that determine connections in the network; 
and add/drop multiplexers that put data on the network and take it off. All the 
interconnecting links are fiber optic cable except for the copper cable in the 
LANs. This complex hierarchy essentially lets any computer talk to any other 
computer under the right conditions. The Internet implements such a hierarchy 
of networks. 


NETWORK INTERCONNECTION METHODS 


As you can imagine, there are lots of different ways to connect computers or 
other electronic devices to one another. For example, you could run a cable 
between each of the computers you want to interconnect. The result would be 
a large, complex, and very messy and expensive interconnection system. It is 
called a mesh. Except for a few computers, such systems are not used. Instead, 
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FIGURE 9.1 How LANs, MANs, and WANs connect to form a huge worldwide network of 
computers and other devices. 


over the years, several different interconnection methods called network topolo- 
gies have emerged. These are the star, the ring, and the bus, all simply illustrated 
in Fig. 9.2. 

In the star method, each node is connected to a central control computer or 
server that manages the interconnections from any PC to any other. In the ring 
interconnection, the computers are simply connected into a single closed loop. 
Then data is transferred from one computer to the next by sending it around the 
ring. The computer destined for the information will recognize it and grab it off 
the ring as it comes by. The bus method of interconnection is one of the most 
popular, as it is simply a common cable or connecting point to which all comput- 
ers are attached. The problem with the bus 1s that there can only be one sender 
or transmitting party of the information on the bus at a time. This requires some 
method of managing who transmits to whom and when. All nodes can receive. 

The mesh network mentioned earlier is a messy thing to implement with 
cables. However, it can be implemented wirelessly. In a mesh, all nodes can 
talk to all other nodes within their range. This is advantageous in that there are 
multiple paths for data to take if one path should be blocked for some reason. 
More on that later. 


WIRED NETWORKING TECHNOLOGIES 


Wired networks use three types of cable: twisted pair, coax, or fiber optic. The 
telephone system has used twisted-pair cable from the very beginning, and it is 
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FIGURE 9.2 Three main networking topologies—star, ring, and bus. Bus is the most widely used. 


still in use today. It is also the predominant way that LANs are interconnected. 
Coax cable was once popular but is not widely used today except in cable TV 
systems. Fiber optic cables were not practical until the 1970s, but since then 
have been developed into the best way to wire computer networks because of 
their high speed and low loss. 


Types of Cables 


Coax cable was the original networking medium (see Fig. 9.3). It has a copper 
wire center conductor surrounded by an insulator such as Teflon or another type 
of plastic that in turn is usually covered with a wire mesh braid. A plastic outer 
jacket covers the whole thing. The center wire and the mesh are the two connec- 
tion points. Coax can handle frequencies up to many gigahertz. But it has high 
losses over long distances. Coax is mainly used in cable TV networks. 

Twisted pair is the widely used cable for telephones and LANS. It consists of 
two solid insulated wires twisted together as shown in Fig. 9.4. Most telephone 
or LAN cables contain multiple pairs. Typical LAN cables have four pairs 
in a single cable. These cables are standardized and categorized as shown in 
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FIGURE 9.3 Coax cable. It is now mainly used in cable TV networks. The most common 
is RG-6/U and uses F-type or BNC connectors. 
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FIGURE 9.4 Twisted-pair cable. Initially used for telephones and is still used. Computer network 
cables use four twisted pairs. A shielded version is available where noise is a problem. 


Table 9.1. CATS and CATSe are the most common. The eight wires are usually 
terminated in a connector called an RJ-45. 

Fiber optic cable consists of a thin glass or plastic center piece surrounded 
by a plastic outer cover. Then that is further wrapped by an outer plastic cover- 
ing (see Fig. 9.5). Light waves are passed down the center glass or plastic cable. 
Most light comes from an infrared (IR) light laser. You cannot see IR but it is 
light nonetheless. IR light is what your TV remote control uses. The IR light 
is pulsed off and on to create binary signals. These are picked up at the receiv- 
ing end by a light detector and converted back into binary 0 and 1 voltages 
(see Fig. 9.6). 

Over the years, dozens of different wired networks have been developed. But 
in the past 2 decades, only two types of wired networks are dominant: Ethernet 
and synchronous optical network (Sonet). 
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TABLE 9.1 Types of Twisted-Pair Cable 


Category Maximum Data Rate Application/Comment 
CAT5 100 Mbps Ethernet LAN, telephones 
CAT5e 1 Gbps Ethernet LAN 
CAT6 10 Gbps Ethernet LAN, video 
CAT7 10 Gbps LAN, point to point 
Outer plastic Plastic or glass center 
sheath carries the IR light 


+ 


Plastic 
cladding 


FIGURE 9.5 Fiber optic cable. It is nonconductive because it is made of plastic and glass, and is 
used to transmit data as infrared (IR) light pulses. 


Ethernet 


Ethernet was originally developed as a LAN in the 1970s. It used coax cable in 
a bus topology to interconnect multiple computers. Ethernet is also known by 
its Institute of Electrical and Electronic Engineers (IEEE) standard designation 
802.3. Today, Ethernet is the dominant networking technology for LANs and is 
often used in MANs and WANS. 

There are many variations of this technology, but the most common one 
uses unshielded twisted-pair cable. The bus topology is generally implemented 
inside a piece of equipment called a hub or switch (see Fig. 9.7). The cable from 
each computer or other device is connected to one of the jacks on the hub or 
switch. The hub or switch connects to a master computer called a server that 
manages the network. Generally speaking, connections to the hub or switch are 
limited in length to about 100m or 300 feet. 

The initial Ethernet LAN had a maximum data rate of 2.93 Mbps over coax. 
When Ethernet was standardized, the basic data rate was 10 Mbps. Over the years, 
Ethernet has been improved and developed to create versions with data speeds over 
twisted-pair cable of 10 Mbps, 100 Mbps, 1 Gbps, and 10 Gbps. Two new versions 
operate at 2 Mbps or 5 Mbps. While 10 Mbps can be implemented over a single 
twisted pair, to achieve speeds of 100 Mbps, 1 Gbps, and 10Gbps, all four twisted 
pairs in the CAT5/6 cable are used. The data is divided between and transmitted in 
parallel at the same time using special multilevel encoding that permits such higher 
data rates to be achieved. 
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FIGURE 9.6 How binary data is transmitted over fiber optic cable. 
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FIGURE 9.7 Ethernet hub or switch implements a bus that is accessed by RJ-45 connectors and 
twisted-pair cable. 
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FIGURE 9.8 Ethernet frame or packet. 


To server 


There are also versions of Ethernet that use fiber optic cable. Fiber optic 
cable is normally used on the 1-Gbps and 10-Gbps versions. The latest versions 
of Ethernet provide 40-Gbps, 100-Gbps, and 400 Gbps data rates. A one terabit 
per second (1 Tbps) version is being developed. 


How Is Ethernet Used? 


Ethernet uses a bus topology connection where only one node can transmit at 
a time. This requires the use of an access method that permits the nodes on the 
bus to share 1t. Ethernet uses a technique known as carrier sense multiple access 
with collision detection (CSMA/CD). This 1s part of the IEEE 802.3 standard. 
Essentially what happens is that if a computer wants to transmit, it monitors the 
bus, and if no one is transmitting, it will begin transmitting its signal. If someone 
else tries to transmit at the same time, a collision occurs and both computers stop 
transmitting. Each will wait a random period of time and then try again. Whoever 
captures the bus first will be allowed to transmit. The data is transmitted over 
the bus, and any computer connected to it can receive it. However, typically the 
transmission is only intended for one other computer. To identify that computer, 
each is given an Ethernet address that is transmitted along with the data to be sent. 

The data to be transmitted are packaged together in a group of bits called a 
packet. Fig. 9.8 shows what a typical Ethernet packet looks like. The preamble 
consists of 7bytes of alternating 1”s and 0”s that help the receiving computer 
establish clock synchronization with the transmitting computer. The start frame 
delimiter presents a unique 1-byte code indicating that a frame of Ethernet data 
is to be transmitted. Next, a 6-byte destination address identifies the desired 
receiving node. The next 6bytes identify the sending node. This is followed by 
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another 2 bytes of data that indicate how long the data message is. The block 
of data is then transmitted. It can be any length from about 46 to 1500 bytes. 
The packet ends with a frame check sequence that is essentially a unique code 
designed for error detection and correction. If bit errors occur during transmis- 
sion, the receiving computer can perform specific logic functions that allow the 
error to be detected and then corrected. 

While Ethernet started out as a LAN, it has morphed into other larger forms 
of networks. Because of its high-speed capability with fiber optic cable, it is 
also used to form MANSs and even WANS. A special version for MANs and 
WANS is called Carrier Ethernet. There is also a version of Ethernet used in 
SANs, called Internet Small Systems Computer Interface or iSCSI. 

More recently Ethernet is now the networking technology of choice in 
industry. Factories and plants now use Ethernet to connect computers, machine 
tools, robots, motor drives, and other manufacturing equipment. Ethernet is also 
being adopted for use in cars and trucks. It interconnects all of the many embed- 
ded controllers that operate the various subsystems such as emissions control, 
braking and stability, and safety. Another automotive use of Ethernet is in con- 
necting infotainment equipment such as the radio, audio, video, and navigation. 


Synchronous Optical Network 


Sonet means synchronous optical network. Also known by its international 
standard name, synchronous digital hierarchy, this fiber optic network system 
was designed specifically for high-speed data transmission in telephone net- 
works and computer systems. Basically, Sonet defines how data is transmit- 
ted over the fiber optic cables. This includes the data format as well as data 
speeds. Table 9.2 shows the various standardized transmission speeds from 
51.84 to 39.812 Gbps. The bulk of Sonet installations, which are used primar- 
ily in the telephone networks and the Internet, use 2.488 Gbps (also generally 
called 2.5 Gbps) and 9.953 Gbps (generally referred to as 10-Gbps Sonet). More 


TABLE 9.2 Sonet/SDH Designations and Data Rates 


Sonet Level Data Rate 
OC-1 51.84 Mbps 
OC-3 155.52 Mbps 
OC-12 622.08 Mbps 
OC-48 2.488 Gbps 
OC-192 9.953 Gbps 


OC-768 39.812 Gbps 
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recently, new 39.812 (40) Gbps networks are being built for the Internet. Data 1s 
transmitted in fixed-length frames made up of 810 bytes, most of which is data. 
The network topology is either point to point or in a ring. 

Most big WANs and MANSs use the Sonet system. However, Sonet is often 
used to transmit other data, including the telephone company T1 and T3 line 
data, asynchronous transfer mode (ATM), frame relay, and other telephone 
company formats. It is also widely used to carry Ethernet packets as well as the 
unique packets that are part of the Internet protocol. Today, Sonet equipment 
is gradually being phased out in favor of the optical transport network (OTN). 


Telephone Data Systems 


When the wired telephone system converted to digital many years ago, several key 
data transmission standards were developed. The most common are the T carrier 
systems, as well as frame relay and ATM. The most widely used digital telephone 
networking standard is the T-1 system. It was developed to transmit 24 digitized 
telephone lines over a single cable. The voice signals were digitized into 8-bit 
chunks and then transmitted sequentially over a T-1 line from one central office 
to another. The basic T-1 frame format is shown in Fig. 9.9. It consists of 192 data 
bits made up of 24bytes representing individual chunks of telephone calls. An 
additional synchronizing bit is added. The result is a T-1 signal that transmits at a 
rate of 1.544 Mbps. And while T-1 is still widely used for digital telephone calls, it 
is also used for broadband computer data connections and cell phone backhaul. 

There are other T carrier systems that are used to multiplex T-1 lines onto larger 
cables. The most common is the T-3, which allows dozens of T-1 lines to be multi- 
plexed on a single cable at a 44.736-Mbps data rate. 

Frame relay transmits data mostly in telephone systems. Both the T carrier and 
frame relay are synchronous systems, meaning that they are synchronized to a 
master clock signal. 

Asynchronous transfer mode, as its name implies, is an asynchronous system 
that transmits data in packets. Each packet is made up of 53 bytes—5 bytes for a 
header that designates the destination and a 48-byte payload segment. Packets 
may be digital voice or computer data. 

All these systems still exist to some degree but they are gradually being replaced 
by Ethernet and the OTN. 
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FIGURE 9.9 A T-1 data frame commonly used in digital telephone systems as well as data 
interconnections in networks. 
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Optical Transport Network 


The OTN is a technology used to implement the Internet backbone network. 
This is the core long haul fiber optical network that connects the world together. 
OTN uses special polarization and modulation techniques to transmit data rates 
of 40, 100, and 400 Gbps. 


HOW THE INTERNET WORKS 


The Internet is an enormous WAN covering the entire world. It consists of many 
superfast, fiber optic cable links that are generally referred to as the backbone of 
the network. These high-speed links are owned by companies and governments 
and provide connection points for companies, governments, WANs, Internet 
service providers, and hosts for websites. These connection points are known 
as network access points (NAPs). See Fig. 9.10. There are dozens of NAPs in 
the United States, and they provide the link to the backbone connections. These 
backbone connections are worldwide. Because they are complex and inter- 
linked, they are often referred to as the Internet cloud. Since data being trans- 
mitted from one point to the other can go by multiple paths in the backbone, 
there is no way to know the exact path, so the cloud designation is appropriate. 
You put the data transmission into one NAP entry point to the cloud, and it 
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FIGURE 9.10 Internet illustrated as cloud of fiber backbone connections through network access 
points (NAPs) that attach to WANs, MANs, and LANs. 
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comes out in another. From there it goes to other MANs and LANs for connec- 
tions to other networks and to individual users. 

Data 1s transmitted over the Internet using a standardized method referred to 
as TCP/IP. This means transmission control protocol/Internet protocol. Both are 
protocols for building packets that are transmitted over the Internet. 

Assume that a LAN and MAN using Ethernet want to transmit informa- 
tion over the Internet. The Ethernet packets are then sent to a NAP where they 
are assembled into the packets that actually get transmitted over the fiber optic 
cable. The TCP assembles the data to be transmitted into unique packets and 
attaches a header to 1t, giving the source and destination addresses, a sequence 
number, and some error detection and correction information. The general for- 
mat is shown in Fig. 9.114. 

The TCP packets then become the data that 1s assembled further into Internet 
packets (see Fig. 9.11B). The Internet protocol attaches a header giving source 
and destination addresses as well as other information about where and how the 
data 1s to be sent. 

The IP header contains a 32-bit destination address identifying the loca- 
tion of the computer receiving the data. This 32-bit address is divided into four 
8-bit segments. Each 8-bit segment is usually referred to by its binary equiva- 
lent. The result is the IP address. Every computer and most other devices have 
an IP address assigned by an organization set up for assigning and managing 
Internet addresses. You may have seen the address referred to in the format 
51.78.23.189. This is called the dotted decimal format. 

With a 32-bit address, over 4billion individual computers and other 
devices can be assigned a unique address. However, we are already begin- 
ning to run out of addresses, and a new updated form of Internet protocol 
called IPv6 (Internet Protocol version 6) is gradually replacing it. It has a 
128-bit address that provides billions and trillions of additional addresses 
so that even the smallest inconsequential device can have its own Internet 
address. 

As the data is transmitted over the Internet, it passes through many devices 
referred to as routers. The router is the basic transmission control device of the 
Internet. What the router does is to examine all of the packets transmitted to it 
and to specifically look at their IP destination addresses. The router temporarily 
will store data being transmitted and then decide which part of the network it 
should be connected next to reach its desired destination. Routers store sets of 
information called routing tables that help the router decide the best transmis- 
sion path through the Internet. 

The data being transmitted ultimately reaches the NAP connected to the net- 
work where the destination exists. This may be a company, MAN, or LAN, or 
it could be an Internet service provider, such as the telephone company or cable 
TV company that will ultimately connect to the source computer. The source 
computer then strips away the TCP/IP headers to recover the original Sonet or 
Ethernet data. 


230 Electronics Explained 


(A) 32 bits, 4 octets 


Header 
20 octets 


Acknowledgment number 


Data Reserved| Flags Window 
offset 


Checksum Urgent pointer 


Options (+padding) 


Ethernet frame Data (variable) 
in here 


(B) 0 8 16 24 32 


ee Wee Total length 
service 
Header Time to live Protocol Header checksum 
32 octets 


Source address 


Destination address 


Options and padding 


TCP frame 
in here 


FIGURE 9.11 Protocols used in Internet. (A) Transmission control protocol (TCP). (B) Internet 
protocol (IP). The data in each frame are transmitted from left to right and top to bottom. 


WIRELESS NETWORKS 


Wireless networks are usually LANs or PANs, but may also be MANSs. Most 
wireless networks are short-range wireless connections that bring greater mobil- 
ity as well as freedom from interconnecting cables to networking. Fig. 9.12 
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FIGURE 9.12 Summary of short-range wireless networking technologies shown as data rate 
versus range. See Fig. 9.12. 


shows a graph designating the various types of wireless networking schemes in 
use today. In this graph, each networking technology is defined in terms of its 
data rate as well as 1ts range. In this section, we take a look at all of these tech- 
nologies, most of which you have heard of or already in use on a regular basis. 
The concepts of the Internet of Things (IoT) and machine-to-machine (M2M) 
communications are also introduced here. 


Wi-Fi 


Wi-Fi is one of the most widely used wireless networking technologies. Its trade 
name Wi-Fi, means wireless fidelity. This the name given to the IEEE’s wire- 
less Ethernet standard designated as 802.11. Wi-Fi was originally developed as 
a wireless extension to normal Ethernet LANs. It allowed laptops and personal 
computers and even cell phones to connect to a company or organizational LAN 
wirelessly instead of the normal CATS connection. This not only simplified and 
in many case eliminated new wiring but also gave employees greater freedom 
and mobility, particularly since most employees use laptop computers rather 
than fixed PCs. Today, Wi-Fi is the primary wireless link for tablets and smart- 
phones to connect to the Internet. 

Fig. 9.13 shows how Wi-Fi works. Each PC, laptop, or smartphone has a 
built-in data transceiver and antenna that communicate with a wireless access 
point (AP). This wireless AP is a transceiver that connects directly to an 
Ethernet switch, which, in turn, connects to the LAN wiring and its server. APs 
are placed at strategic locations within buildings to allow as many people as 
possible to connect wirelessly. 

There are also public APs known as hot spots. These are present in coffee 
shops, airports, hotels, and in many other locations, allowing anyone with a 
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FIGURE 9.13 How a Wi-Fi access point or hot spot works. 


laptop or cell phone to connect. These hot spots talk back to a central point by a 
backhaul method, such as a T1 telephone line or microwave relay link that con- 
nects to an Internet service provider that, in turn, is connected to the Internet. 

The 802.11 standard exists in several basic forms. The original version of 
this standard is 802.11b. It operates in the 2.4- to 2.483-GHz unlicensed band. 
It uses the direct-sequence spread spectrum (DSSS) and is capable of data rates 
up to 11 Mbps in a range of up to 100m. This frequency band is divided into 11 
channels, each 22 MHz wide. The computer and AP decide on which channel to 
use to minimize interference with other transmissions. If you are close enough 
to the AP, you can actually get the 11-Mbps data rate, but if you are not, the sys- 
tem automatically ratchets down to 5.5, 2, or even 1 bps depending on the range, 
interference, and noise or other environmental conditions. 

Another popular version of the standard is 802.11g. It is a faster version of 
Wi-Fi that also operates in the 2.4-GHz band. It can achieve data rates as high 
as 54 Mbps up to 100 m. It uses OFDM with 52 subcarriers. 

Another variant of the standard is 802.11n, which uses OFDM and MIMO 
to achieve even higher data rates up to approximately 600 Mbps. Another less 
popular version is 802.11a, which uses the 5-GHz unlicensed band. It too uses 
OFDM and can achieve data rates to 54 Mbps. Even newer and faster versions 
are available. 802.1 lac uses the 5GHz band and can produce data speeds up 
to several Gbps under the most favorable conditions. It uses wider 80 and 
160 MHz bands and higher-level 256-QAM modulation as well as increased 
MIMO configurations. 

The 802.1 1ax version works in the 2.4 and 5 GHz bands and is even faster. 
It uses the wider bands of 802.1 lac and 1024-QAM to produce even high rates 
to 7Gbps. 802.1lax also uses multiuser MIMO to boost coverage range and 
data rate. 

Faster data speed but over a shorter distance can be achieved with the 
802.1 lad, also known as WiGig. It operates in the unlicensed millimeter wave 
band from 57 to 64GHz. The range is limited to about 10m but a data rate to 
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7 Gbps is possible. Its most common use is video transport in consumer elec- 
tronics gear. 

Wi-Fi is also built into most of the new smartphones. While a smartphone 
has data capability because of its 4G LTE digital technology, Wi-Fi gives you 
one more way to access the Internet and email. 

Wi-Fi is widely used throughout business and industry. It is also the most 
popular home networking technology. With no wires to install, it 1s easy to set 
up and use with a broadband DSL connection or cable TV access. Chances are 
you already have Wi-Fi in multiple forms. 


Bluetooth 


Bluetooth was developed as a PAN for connecting computers, cell phones, and 
other devices up to a range of about 30 feet. It is a low-speed data transmission 
method. Bluetooth operates in the same 2.4- to 2.483-GHz unlicensed spec- 
trum as Wi-Fi. It uses a technique known as frequency-hopping spread spectrum 
(FHSS), where the data is divided into chunks and transmitted via a carrier that 
hops from one random frequency to another. Data is transmitted at a 1-Mbps 
rate using FSK. An enhanced data rate form of Bluetooth is also available to 
transmit at higher speeds up to 3 Mbps. The range is 10-50 m depending on the 
environment. The standard is managed by the Bluetooth Special Interest Group. 

More recent versions of Bluetooth use a different form of FHSS and are 
designed to operate on less power. Called Bluetooth Low Energy (BLE) it is 
available in several forms for data rates of 1 or 2Mbps. BLE nodes can oper- 
ate for years from a single button cell because of the very low current drain. A 
newer version of BLE called Bluetooth 5 uses different modulation and coding 
schemes to achieve data rates to 2 Mbps over a longer range up to 50m or more. 

One of the basic features of Bluetooth is that it is capable of forming small 
networks called piconets. It does this by linking two Bluetooth devices together. 
One serves as a master controller, and it can connect to seven other Bluetooth 
slave devices. Once the PAN has been set up, the various connected devices can 
exchange information with one another through the master. 

By far the most common application for Bluetooth is cordless headsets for 
smartphones. Other common uses are Bluetooth speakers for smartphones or 
tablets as well as hands-free systems in automobiles. But you will also encoun- 
ter it in some wireless connections between a PC and a mouse or keyboard. 
Bluetooth may be the most widely used wireless standard in the world because 
it is used in so many smartphones, laptops, and other consumer equipment. 
Billions of Bluetooth chips have been sold. 


ZigBee 


ZigBee is another short-range PAN network technology with the IEEE des- 
ignation 802.15.4. It uses low power, so the range is typically 100m or less, 
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basically depending on the antennas and the physical environment where it is 
used. ZigBee also operates in that unlicensed spectrum from 2.4 to 2.483 GHz. 

The IEEE 802.15.4 standard defines the basic radio technology. It usesDSSS 
and a version of QPSK that gives a data rate of 250 Kbps. The frequency spec- 
trum is divided into 16 1-MHz channels. 

The basic function for ZigBee is monitoring and control. Monitoring refers 
to telemetry that allows sensors to collect information, which is then transmitted 
by radio to some central collection point. It also allows for remote control of the 
devices such as lights, motors, and other items. The ZigBee Alliance, the orga- 
nization that promotes and enhances this wireless technology, has developed a 
series of applications for industrial monitoring and control, home monitoring 
and control, energy monitoring (automatic meter reading) and control, and sev- 
eral others. 

A major feature of the ZigBee technology is its ability to perform mesh 
networks. While a typical ZigBee radio node may only have a range of 30m or 
less, the range can be extended by simply transmitting data from one node to 
another in a mesh network that may cover hundreds of meters, or in some cases 
even miles. A mesh is shown in Fig. 9.14. Each circuit is a ZigBee transceiver 
node, and each line is a wireless path. Mesh networks have many different paths 
for data and, therefore, are extremely reliable. If one path is blocked or disabled, 
data can usually find its way to the desired destination by way of another path. 
For example, in Fig. 9.14, a direct path may be from A-D-F-I-K, but if the 
D-to-F link is blocked or the I node is disabled, the mesh would automatically 
reroute the data through another path such as A-D-G-J-K. 

Another application of the 802.15.4 standard is the replacement of the some 
IR TV remote controls. A radio frequency (RF) version called RF4CE is gradu- 
ally replacing IR remotes in consumer electronic equipment providing longer 
range and no line of sight limitations. 


Data out 


O ZigBee transceiver mode 


FIGURE 9.14 A mesh network can extend the overall range of a node and provide greater reli- 
ability through multiple possible paths. Most wireless mesh networks are ZigBee, but other wireless 
technologies may be used (e.g., Wi-Fi). 
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ISM-Band Radios 


The industrial-scientific-medical (ISM) band has been mentioned before. This 
comprises a group of frequencies or bands set aside for unlicensed data trans- 
mission over short ranges. The main application 1s telemetry monitoring and 
remote control. The US frequencies are 13.56, 315, 433, and 902-928 MHz, 
with 915 MHz the most common. In Europe, 868 MHz is an unlicensed fre- 
quency. Transmitters and receivers are tiny single ICs or modules with power 
levels from about 1 mW to 1 W. Modulation is usually ASK/OOK or FSK. Data 
rates are low from a few kbps to usually no more than 100 kbps. 

Some typical applications are garage door openers, remote keyless entry for 
vehicles, remote thermometers, medical telemetry, remote-controlled toy cars 
and boats, and sensor reading in industrial applications. Range 1s no more than 
a hundred feet or so, but longer ranges to several miles can be achieved with 
higher antennas. 


Radio Frequency Identification and Near-Field Communications 


Radio frequency identification (RFID) is a very short-range technology that 
is intended to substitute for standard bar codes. Practically everything has a 
printed bar code on it today so that with optical scanners the device can be rec- 
ognized by a particular part number or other information that identifies it. The 
bar code readers are normally attached to a computer and, in turn, a network. 

RFID devices are small thin plastic tags containing a radio chip that can 
be read by a wireless reader. The RFID chip contains an EEPROM memory 
in which is stored the device’s unique identification number and other related 
information. A key characteristic of the RFID tag is that it contains no power 
source such as a battery. Yet it is designed to transmit its digital code to some 
external reading device whenever it is interrogated. Fig. 9.15 shows how it 
works. 

The interrogation takes place when an external reader made up of a trans- 
mitter (TX) sends an RF signal to the nearby tag. The RF energy received by 
the tag’s antenna is then rectified and filtered into a DC voltage that is used 
to power up the memory and the modulator circuit that sends data back to the 
reader. The reader also contains a receiver (RX) that picks up the small signal 
from the tag and sends it on to a computer where identification takes place. 

RFID tags are generally used for what is known as asset tracking. RFID 
tags are attached to any relatively expensive item whose position is to be moni- 
tored, tracked, or otherwise controlled. It is good for keeping track of capital 
equipment, baggage, manufacturing tools, and other items. It is also used for 
personnel security on badges that employees wear and is good for animal track- 
ing. One of the most widely used applications is automatic toll collection on 
highways. 

RFID tags come in a variety of sizes, shapes, and technologies. Some of the 
older tags work at a frequency of 125 kHz or 13.56 MHz. The newer tags work 
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FIGURE 9.15 How RFID works. The tag has no power of its own but gets power from the trans- 
mitter in the reader. 


at UHF frequencies in the 902- to 928-MHz range. All of these tags are passive 
devices with no power other than that received from the reader. Some longer- 
range RFID tags with small batteries have also been developed. 

The unique code stored in the EEPROM is stored during the tag’s manufac- 
ture. It is then clocked out at a relatively slow rate of speed around 70kbps. The 
serial binary data 1s used in a form of amplitude modulation called backscatter 
modulation that produces minor variations in the reader’s signal amplitude that 
can be converted back into a binary code. 

Another similar RFID-like technology is known as near-field communica- 
tions (NFC). It has an even shorter range of only about 1 foot. It operates on 
13.56 MHz. It is mainly designed to be used in credit cards and in smartphones 
to produce automatic transactions such as credit card purchases, payment for 
transportation (e.g., train, subway, bus), or access to some facility. 


BROADBAND TECHNOLOGY 


Whenever you hear the term “broadband,” it generally refers to a high-speed 
interconnection or Internet access. Most broadband systems provide data rates 
from roughly | to 100Mbps, depending on the level of service purchased. 
Such broadband services are usually provided by cable TV companies or tele- 
phone carriers. Other organizations also offer various other types of Internet 
connectivity. 
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Cable TV Connectivity 


Most cable TV companies offer high-speed Internet connectivity services. What 
they do is allocate one or more of the 6-MHz wide channels on the cable to this 
service (see Chapter 11 on TV). By using QPSK, 16-QAM, or 64-QAM, a wide 
range of customers can be offered multiple levels of Internet connectivity ser- 
vice. The customer gets a cable TV modem that connects to the cable along with 
the TV set. This modem provides the connectivity to a computer via Ethernet. 
A W1-Fi AP is often connected to the cable modem to provide wireless connec- 
tions to the Internet for PCs and laptops. 


Digital Subscriber Lines 


Digital subscriber lines (DSLs) are high-speed Internet connections that use 
standard telephone lines. DSL uses the standard twisted-pair telephone lines 
that come into every home for normal telephone service. These lines, because 
they were developed only for voice signals, are restricted in bandwidth and 
data rate. However, special techniques have been developed to allow very high- 
speed data transmissions on them. DSLs, also referred to as asymmetric digital 
subscriber lines (ADSLs), use a variation of OFDM called discrete multitone. 
What it does is to divide the restricted bandwidth of the twisted-pair cable into 
multiple OFDM channels, each 4kHz wide. Then the data to be transmitted is 
divided into parallel paths and modulated using some form of QAM. All of this 
is handled by a DSL modem connected to subscribers’ computers and the home 
telephone lines. 

The speed potential of an ADSL line depends on how far away the sub- 
scriber is from the central office. The greater the distance, the lower the data 
rate. For even the longest runs from 12,000 to 18,000 feet, data rates of up to 
about 2 Mbps are possible. 

Newer versions of ADSL have also been developed to permit data rates of 
up to about 12 Mbps at a range of 8000 feet and 20 Mbps at a range of about 
4000 feet. Another version referred to as video digital subscriber lines or VDSLs 
extends the bandwidth further and uses higher-level versions of QAM to get 
data rates of up to 52 Mbps. A later version called VDSL2 can achieve up to 
200 Mb/s over less than 2000 feet. The overall deliverable rate depends on the 
distance from the subscriber’s modem to the neighborhood AP called a digi- 
tal subscriber line access multiplexer (DSLAM). The Internet service provider 
(ISP) usually runs a fiber optic cable to the DSLAM and then connects via the 
existing telephone cable to the homes. 

The newest form of DSL is called G.fast. Its main feature is that it can 
deliver combined download/upload speeds of up to 1 Gb/s over existing tele- 
phone wiring. G.fast achieves higher speeds by locating the distribution point 
unit closer to the home. The 1 Gb/s rate is usually achieved at a range less than 
about 70m. Cable length is generally restricted to a maximum of 250m. G.fast 
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uses time division duplexing rather than frequency division duplexing of most 
DSL versions. For that reason, the total data rate of 1 Gbps is the combined 
rates of download and upload speeds. An example is a mix of 800 Mb/s down 
and 200 Mb/s up. 


Wireless Broadband 


Wireless broadband services provide Internet connectivity via some wireless 
technology. Such services are provided by operating companies that service 
small towns and rural areas not served by standard telecom or cable TV compa- 
nies. Such services usually provide fixed wireless data services with data rates 
in the 1-5 Mbps range. Wireless modems are connected to consumer computers 
that access nearby base stations within several miles. 

The beauty of wireless broadband is that no cables or other hard connectivity 
1s required. These are easy to set up, although at microwave frequencies, range 
is a problem as are multipath problems with buildings, trees, and other obstruc- 
tions. However, with high enough antennas and sufficient power, wireless 
broadband has proved to be practical. Wireless broadband is growing rapidly, 
particularly in those areas where DSL and cable TV services are not currently 
available. An early application of the forthcoming fifth-generation (5G) cellular 
service is expected to be broadband access. Do not forget that wireless Internet 
connectivity can also be achieved by using the regular cell phone networks. You 
can purchase a data modem that plugs into your laptop or PC USB connector. 
This modem connects you just as it would a cell phone to your cellular network. 
You can also use your smartphone as a Wi-Fi hot spot. From there you can use 
your normal 4G LTE service to connect to the Internet, access email, or perform 
other networking operations. One of the first applications of the 5G NR technology 
is fast wireless broadband service. 


THE INTERNET OF THINGS 


The IoT is a movement that proposes to interconnect electrical or mechani- 
cal “things” to the Internet for the purpose of monitoring and/or controlling 
them. IoT, sometimes called the Internet of Everything, indicates how devices, 
machines, appliances, and other apparatus can communicate with humans or with 
one another to achieve some benefit or convenience. The IoT movement is well 
under way with billions of things already connected. Some sources predict that as 
many as 50 billion or more devices will be connected in the coming years. 

There are two major segments of IoT, industrial and consumer. Industrial 
applications are particularly useful as it provides a way to monitor machines in 
a factory or systems in a process control plant. Sensors are used to keep track of 
environmental and physical conditions. Sensor data such as temperature, light 
level, pressure, mechanical position, and other factors are collected and sent 
via the Internet to a server that collects the data. Software then analyzes the 
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data to extract meaningful knowledge so that sound decisions can be made 
about machine maintenance or production efficiency. In addition to monitoring 
conditions, the IoT can be used to control things such as motors, lighting, or 
machine tools. 

Other uses of industrial loT include the smart grid that monitors home and 
business electrical usage by way of wireless electric meters. Monitoring and 
control of city street lighting 1s another. An older variation of loT called M2M 
(machine-to-machine) uses wireless nodes to monitor fleet trucks or cars and 
their location by Wi-Fi or cellular. 

Consumer applications of IoT also implement monitoring and control func- 
tions but in the home or automobile. Today, applications are everywhere. Smart 
fitness watches monitor things such as heart rate, steps taken, or other physical 
attributes of the wearer. These are usually transmitted by Bluetooth to a smart- 
phone and perhaps then on to the Internet for storage and analysis by some com- 
puter. The result is a record of a person’s training and physical conditioning. 

Another consumer application is a video camera monitoring a home for 
security purposes. The camera transmits its observations by Wi-Fi to the 
Internet and then to a server that connects to a smartphone with the appropriate 
app where the video is viewed. Other examples are the monitoring and set- 
ting of a home thermostat, lighting, or security system over the Internet via a 
smartphone app. Voice control of products is one more use. Voice recognition 
software packages such as Apple’s Siri, Amazon’s Alexa, Google’s Assistant, 
or Microsoft’s Cortana are being incorporated into a wide range of Internet- 
connected products that seek information, answer questions, play music, or ini- 
tiate some action. The possibilities are endless, it seems, and there are many 
more to come. 


How Internet of Things Works 


Fig. 9.16 shows the basic IoT system. In industry, sensors are used to monitor 
all manner of physical conditions. The sensor is part of a wireless network node 
that wirelessly transmits its data to a nearby gateway. ZigBee is one widely 
used wireless technology in industry. The gateway receives the ZigBee data and 
translates into packets suitable for transmission over the Internet. The gateway 
connects to the Internet cloud by way of an ISP. The collected data goes to a 
remote server where it is then routed to a storage system and/or a computer 
where it is analyzed and consumed by some user. 

The approach in consumer IoT is similar. [tems to be monitored or con- 
trolled contain a wireless sensor or actuator node. Wi-Fi is often used although 
Bluetooth is also popular. The nodes connect to a consumer gateway that inter- 
faces to the Internet by way of acable, DSL, or fiber ISP. In many homes the ISP 
Wi-Fi router serves as the gateway. As with industrial IoT, the data eventually 
goes to a server where it is the routed to some appropriate destination where 
data storage or analysis takes place. 
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FIGURE 9.16 How the Internet of Things systems works. 


In an M2M application, the sensor or actuator node uses cellular wireless to 
connect to the Internet and then the storage and analysis center by way of the 
existing cellular network. Smartphones are also widely used at both ends of IoT 
or M2M connection. 


Wireless Technologies of Internet of Things and Machine 2 
Machine 


Wi-Fi and Bluetooth are by far the most often used short-range wireless links 
for IoT. However, many others are also used. Table 9.3 summarizes the most 
popular of these standards. The IEEE 802.15.4 standard is the base for ZigBee 
and Thread and several others not listed. ZigBee is used in both consumer 
and industrial spaces. Z-Wave and Thread are typically consumer-only tech- 
nologies. Sigfox and LoRa are mainly industrial standards. A growing trend 
is the increased use of cellular for IoT connectivity especially in business and 
industrial applications. Standard 2G and 3G systems have been used, but the 
movement is to use simpler, less expensive, and more constrained versions of 
LTE such as LTE M1 and NB-IoT. Most of these standards use the unlicensed 
2.4 GHz band. Others use the below 1 GHz bands, either cellular or ISM bands. 
There are lots of choices and no interoperability or compatibility between them. 
That may be a problem as it creates the need for multitechnology gateways if 
nodes are to exchange information. 


The Issues of Internet of Things 


The lack of a single wireless standard may be a challenge in both consumer and 
industrial applications. If possible, users should select one desired standard and 


TABLE 9.3 A Summary of the Most Commonly Used loT Short-Range Wireless Technologies 


Standard 
IEEE 802.15.4 


Wi-Fi 802.11a/b/g/n/ac/ax 


Bluetooth 4.x, 5 
ZigBee 

Z-Wave 

Sigfox 

LoRa 

LTE-M1 

NB-loT 


Frequency 
(GHz) 


2.4 


2.4 and 5.8 


2.4 

2.4 

Sub-1 
Sub-1 
Sub-1 
Sub-1 
Sub-1 


Maximum 
Rate 


250 kbps 
11 Mbps—7 Gbps 


2 Mbps 
250 kbps 
100 kbps 
600 bps 
50 kbps 
1 Mbps 
250 kbps 


Modulation 
DSSS, O-QPSK 
DSSS, OFDM 


FHSS, GFSK 
DSSS, O-QPSK 
FSK 

GFSK, DBPSK 
SS chirp 
OFDM 

OFDM 


Maximum 
Range 


100m 


200m 


50m 
100m 
30m 
1 km+ 
1 km+ 
1 km+ 


1km+ 


Application 
Consumer, industrial 


Consumer. Commercial, 
industrial 


Consumer 
Consumer, industrial 
Consumer 

Industrial 

Industrial 

Industrial 


Consumer, industrial 
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use 1t for everything. Next, be aware of privacy and security problems. Hackers 
can disrupt a network or steal data or do other more nefarious mischief. While 
most standards now include encryption and authentication capability, be aware 
that more advanced methods may be necessary to prevent hacking. Finally, real- 
ize that billions of sensors will generate a massive amount of data that has to 
be stored somewhere. Furthermore, the data is of little use until it is processed, 
analyzed, and presented. This will require significant storage and computing 
capability if IoT is to be useful. 


Project 9.1 


Become More Familiar With Wireless Data Protocols 
You may want to find more information on the most popular short-range wireless 
data methods. The following websites are recommended. And you may want to do 


a general Internet search with Bing, Google, or Yahoo! 
Wi-Fi: www.wi-fi.org 
Bluetooth: www.bluetooth.com and www.bluetooth.org 
ZigBee: www.zigbee.org 
The Wikipedia entries are also quite good. 
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Audio Electronics 


Digital Voice and Music Dominate 


In this Chapter: 


Sound and the electronics that deliver it. 
Digital audio. 

The compact disc (CD). 

Voice and music electronics. 

Wireless audio 

Streaming audio 


INTRODUCTION 


While the telephone, telegraph, and radio are generally considered the first real 
electronic applications, audio was certainly next. By “audio,” I mean sound: 
voice and music, things we can hear. Audio signals have frequencies within 
the range of the human ear. Over the years many electronic devices have been 
developed to amplify, capture, and reproduce sounds of all types. Today, like 
everything else in electronics, audio electronics is predominantly digital, 
although many analog devices and systems are still in use. This chapter is a 
summary of audio devices you know and use every day including stereo sys- 
tems, iPods, wireless speakers, and streaming audio. 


THE NATURE OF SOUND 


Sound is just pressure waves in the air that your ear can hear. Anything 
that produces a noise or other disturbance produces pressure waves that 
travel to your ears where the sound waves are converted into signals that 
your brain recognizes as sound. The frequency range of these air vibrations 
is 20 Hz-20 kHz. Our ears do not respond to lower or higher frequencies 
even though they may be present. Human hearing also varies widely due to 
age and health status. Age brings on hearing loss, especially of the higher 
frequencies. 
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There are four key things needed in audio electronics: 


The ability to convert sound waves into electrical signals. 
The means to convert the electrical signals into sound. 

A way to amplify and reproduce the signals. 

Media to store or record the signals. 


This is what audio electronics is all about. 


Microphones 


The microphone is the transducer that converts sound waves into an analog sig- 
nal. The sound waves impinge on the microphone, and it causes vibrations that 
are translated into a signal by either capacitive element or an inductive coil. A 
technical discussion about microphones is way beyond the scope of this book. In 
any case, the resulting signal is usually very small, in the millivolt range or even 
microvolt range. Therefore, it must usually be amplified before it is useful. This 
is the function of a small-signal amplifier usually called a preamplifier. What 
you do with the signal after that is up to you. Typically it will be amplified further 
for use in a public address or other sound system. Or alternately, the voice may 
be recorded. Many voice signals will be used in a telephone, cordless, or cellular. 


Speakers 


A speaker is a transducer that converts the audio signal into sound waves that 
you can hear. You have obviously seen a speaker, so little explanation is needed. 
Its main element is a paper or plastic cone that vibrates at the audio frequencies 
applied to it. Then it produces the sound pressure waves that our ears will hear. 

Fig. 10.1 shows how a speaker works. The cone is attached to a form around 
which a coil of wire is wound. This is the so-called voice coil. That voice coil is 
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FIGURE 10.1 Cross section of speaker showing major components and how it works. 
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positioned inside a strong permanent magnet with north and south poles. Now 
when you apply the audio signal to the coil, current flows and causes the coil 
to become an electromagnet. The electromagnet generates alternating north and 
south poles as the voice or music signal occurs. These magnetic fields interact 
with the permanent magnet, causing attraction and repulsion of the voice coil, 
and the cone moves. The motion of the cone accurately reproduces the original 
sound waves. 

Speakers come in a wide range of sizes and types. Cone speakers are usually 
called midrange speakers in which they can reproduce most of the frequency 
range except for the very low and very high frequencies. Special speakers are 
used for those frequencies. A woofer or subwoofer is a larger speaker designed 
for frequencies of about 600 Hz and below. A tweeter is a special speaker opti- 
mized for the higher frequencies above 10 kHz. Special filters called crossover 
networks separate the signal into low, mid, and high frequencies as shown in 
Fig. 10.2. 

The remainder of this chapter addresses the amplification and recording or 
storage of audio signals. Along the way, most analog audio signals are digitized. 
And many are also compressed to save storage space or reduce the binary data 
rate for transmission. 


DIGITAL AUDIO 


The sounds we hear and the sounds we generate are analog signals. A micro- 
phone picks up the voice and music and produces an analog signal to be ampli- 
fied or stored. We have amplifiers and speakers that will accurately reproduce 
the sounds. But the real challenge with audio is capturing, storing, or recording 
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FIGURE 10.2 Cross over networks keep signals of different frequencies separate for appropriate 
speakers. 
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the sounds for later reproduction. With today’s digital techniques, we can store 
not only voice and music more accurately than before, but we can also transmit 
1t more easily by radio, T'V, or the Internet. 


Past Recording Media 


Edison invented the phonograph in 1877. This was the first device ever con- 
ceived to record voice. A microphone converted the sound into vibrations that 
moved a sharp needle in direct accordance with the sound. The needle cut a 
varying groove in the wax coating on a rotating cylinder. Later, a needle placed 
in the groove moved the diaphragm in a horn speaker that translated the move- 
ment into sound. The quality was poor but it worked, and the concept was soon 
translated into what we know as a phonograph record. The record disc 1s rotated 
while a needle cuts a spiral groove into the plastic that accurately captures the 
sound. To reproduce the sound the disc is rotated at the same speed and a needle 
is placed in the groove to reproduce the sound in a speaker. A transducer con- 
verts the movement of the needle in the groove into an analog signal that is 
amplified. 

Early records spun at a speed of 78rpm and could only hold a few minutes 
of sound. Later a smaller 45-rpm record was invented to play minutes of music 
at a lower cost. Then a larger long-playing record spinning at only 331/¿rpm was 
produced that could hold an hour or so of sound. Stereo or two channel sound 
was also effectively recorded into a V-shaped groove in the record. 

Records were soon upstaged by magnetic tape. A plastic such as Mylar was 
coated with a powdered iron or ferrite magnetic material. The music or sound 
was then applied to a magnetic coil that put a magnetic pattern on the tape rep- 
resenting the sound. A coil passed near the tape would convert the magnetic pat- 
tern variations into a small voltage to recover the sound. Reel-to-reel tape was 
popular for a while, but magnetic tape became the recording media of choice for 
years when the Philips cassette tape was invented. Other formats like the ever- 
popular 8-track unit were also used. 

All of these formats worked well but had their limitations. Record grooves 
wore out with usage causing the high-frequency response to be eroded. Scratches 
and dirt on the record also produced noise. As for tape, it had good frequency 
response but had its own noise that could not be reduced below a certain level. 
The dynamic range of both was poor. 

Digital technology has solved all these problems. Now the most popular 
medium is the compact disc (CD), which records sound in full digital format. 
It has very low, practically undetectable noise, wide frequency response, and a 
very long life. The cost is also low. 

Digital sound is also routinely stored in computer memories like flash 
EEPROMs and transmitted over the Internet. With digital techniques, sound can 
also be processed with digital signal processing (DSP) such as compression, 
filtering, and equalization. 
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Dynamic Range 


Dynamic range refers to the difference between the highest and lowest volumes of 
sound that a system can handle. It is a measure of how wide an amplitude range 
a particular storage media can record or an audio system can accommodate. It is 
also a way to state the maximum sound pressures that our ears can withstand and 
the lowest levels that we can hear. 

The upper level of amplitude is set by our ears and the level at which distortion 
occurs. The lowest levels of the dynamic range are determined by the noise in the 
system. Noise is the random voltage variation caused by thermal agitation of elec- 
tronics in electronic components and random variations in the magnetism on a 
magnetic tape or disc. As the volume of a sound gets lower at some point, it will be 
smaller than any noise present and not distinguishable from the noise background. 

In general, the wider the dynamic range the better. It usually means lower noise 
and greater volume (loudness) to better match the range of human hearing. 

Dynamic range can be stated in terms of power or voltage. It is usually a very 
wide range, so we resort to a unique mathematical method to express it. The term 
decibel (dB) refers to how dynamic range is presented. In math form you take 
the ratio of the maximum and minimum voltage, take the logarithm of that, and 
multiply by 20: 

dB = 20 log (Vmax/V min) 

For power, 


The dynamic range of a typical phonograph record is probably about 50dB, 
and magnetic tape, about 55 dB. But a CD is approximately 90dB, the best we 
have. 

Dynamic range can be improved by lowering the noise in a system. This can 
be done with special signal-processing techniques. The most notable are methods 
produced by Dolby. 


Digitizing Sound 


Most digital sound and music is digitized with a sampling rate of 44.1 or 
48kHz. Recall the Nyquist requirement that to capture and retain the fre- 
quency content accurately, the analog signal has to be sampled at least twice 
the highest frequency of the sound. Since most music and the human ear cutoff 
at about 20 kHz, then any sampling rate greater than 2 kHz x 20 kHz = 40kHz 
will satisfy that requirement. The rate of 44.1 kHz was standardized for CDs 
and 48 kHz for professional recordings. At 44.1 kHz, a sample is taken every 
1/44,100 = 22.676 us. 

Fig. 10.3 shows the sampling of an analog signal. The smooth curve is the 
analog music or voice. At each vertical interval a sample is taken. In this exam- 
ple, a 4-bit ADC is used so there are 2+ = 16 possible levels. Note the 4-bit 
code associated with each sample amplitude. The binary samples are stored 
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Sampling interval 
(22.676us @ 44.1 kHz) 


FIGURE 10.3 How audio signal is digitized. In this example, each sample is assigned a 4-bit 
code. The stepped approximation shown is what a DAC would deliver to the speakers. 


for later playback. When sent to a DAC, the samples will reproduce the audio 
in a stepped approximation shown overlaid with the analog signal. Some low- 
pass filtering of that signal will produce a sound which almost duplicates the 
original. 

Digitizing audio usually results in each sample producing a 16-bit word. 
With 16bits you can represent 210 = 65,536 levels. That produces a dynamic 
range from the highest to lowest amplitude levels of 65,536 to 1. On the decibel 
(dB) scale, that is a range of 96 dB—far greater than any dynamic range of pre- 
vious analog recording methods. And noise is virtually nonexistent. It is so low 
no one can hear it. The overall result is a highly accurate way to capture sound 
and music. The 16-bit words can then be conveniently stored in a memory or 
captured on a compact disc. 


Digital Compression 


Digital compression is a mathematical technique that greatly reduces the size of a 
digital word or bitstream so that it may be transmitted faster or stored in a smaller 
memory. Digitizing sound creates a huge number of bits. Assume stereo music 
that sampled at a rate of 44.1 kHz to create 16-bit words for each sample. One 
second of stereo music, then, produces 41,000 x 16 x2 = 1,411,200 bits. A 3-min 
song is 60 x 3=180s long. The result is 1,411,200 x 180 = 254,016,000 bits. 
Since there are 8 bits per byte, the result is 31,742,000 bytes or nearly 32 MB 
or megabytes. That is an enormous amount of memory for just one song. With 
a recording medium like the CD with a storage capacity of about 700 MB, that 
is Okay. But for computers or portable music devices, it is impractical, not to 
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FIGURE 10.4 Voice signals up to 4kHz for the telephone are sampled at an 8-kHz rate, produc- 
ing an 8-bit sample, each 125 us. Stringing the samples together in a serial data stream produces a 
digital signal at a 64-kHz rate. 


mention expensive. And to transmit that over the Internet would take about 
4 min at a 1 Mb/s rate. Pretty slow by today’s standards. 

The solution to this storage and transmission problem is to compress the 
bitstream into fewer bits. This is done by a variety of mathematical algorithms 
that greatly reduce the number of bits without materially affecting the quality of 
the sound. The process is called digital compression. The music is compressed 
before it is stored or transmitted. Then it has to be decompressed to hear the 
original sound. 

The two most commonly used music compression algorithms are MP3 and 
AAC. MP3 is short for MPEG-1 Audio Layer 3, the algorithm developed by 
the Motion Picture Experts Group as part of a system that compressed video 
as well as audio. AAC means advanced audio coding. MP3 is by far the most 
widely used for storing music in MP3 music players and sending music over 
the Internet. AAC is used in the Apple iPod and ¡Phone and used on the ¡Tunes 
site to send music. It is also part of later MPEG-2 and MPEG-4 video compres- 
sion formats. Both methods significantly reduce the number of bits to roughly a 
10th of their original size, greatly speeding up transmission and easing storage 
requirements. There are many more compression standards out there, but these 
are by far the most used and the ones you will most likely encounter. 

To perform the compression process you actually need a special CPU or 
processor. It is typically a special DSP device programmed with the algorithm 
for either compressing or decompressing the audio. 

There are also a number of compression methods used just for voice. Voice 
compression was created to produce signals for telephony. Most phone systems 
assume a maximum voice frequency of 4kHz. The most common digitizing 
rate is twice that or 8kHz. 8-bit samples are typical. If you digitize voice cre- 
ating a stream of samples in serial format, the signal would look like that in 
Fig. 10.4. Each sample produces an 8-bit word where each bit is 125/8 = 15.625 
us long. That translates to a serial data rate of 1/15.625 us = 64 kbps. This takes 
up too much bandwidth in a telephone system, so compression is used. The 
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International Telecommunications Union (ITU), an international standards 
organization, has created a whole family of compression standards. These are 
designated as G.711, G.723, G.729, and others. These mathematical algorithms 
reduce the bit rate for transmission to about 8kbps. You will see them used in 
voice over Internet phone (VoIP) digital phones, which are gradually replacing 
regular old-style analog phones. 

There are many other forms of audio compression. Another common one 
is Dolby Digital or AC-3 that is used in digital movie theater presentations and 
some DVD players. 


How an MP3 Player Works 


MP3 players such as the Apple iPod are amazing electronic systems in a hand- 
held package. They all take the general form shown in Fig. 10.5. At the heart 
of the player is a processor. It may be a general processor or a DSP. In some 
cases, two processors are used, one to control the player buttons, controls, and 
display, and other general housekeeping functions; a separate DSP handles the 
compression/decompression. A ROM holds the general control program for the 
device. A large flash EEPROM is used to store the music in compressed form. 
Some devices also provide for an external flash memory plug-in device to hold 
more music. A USB port is the main I/O interface to connect to a PC for the 
music downloads. 


Program ROM 


LCD 
display 


Flash memory 
(music files) 


Processor 


USB 
to/from 
PC 
Class D 
Voltages to ICs powst 
amps 
Battery Headphones 
and/or 
speakers 


Power supply and power management 


FIGURE 10.5 General block diagram of a digital music player like Zune MP3 or Apple iPod. 
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The codec in the device is the coder—decoder. This chip holds the ADC to 
digitize music from an external source such as a microphone (coder) and the 
DACs that decode or translate the decompressed audio back into the original 
analog music for amplification. Class-D switching power amplifiers are used 
for the headphones to reduce power consumption. One or more internal speak- 
ers may also be used. Other circuits include the LCD display and its drivers and 
LED backlights if used. A power management chip is normally used to provide 
multiple DC voltages to the different circuits and to manage power to conserve 
it. This section also contains the battery charger. 


The Compact Disc 


CD is by far the most popular digital audio medium in use today. It has been 
around since the 1980s and is still going strong. It has virtually totally replaced 
the Philips cassette magnetic tape cartridges and vinyl phonograph discs. About 
the only competition the CD has is from flash EEPROM devices such as those 
used to store MP3/AAC music for portable music players. 

You have probably seen a CD. Let us add a little background so you will 
appreciate the CD. It is a 4.72-in. (120-mm) diameter disc made of plastic. It 
is about 0.05-in. (1.2-mm) thick and has a hole in the center for mounting on 
the motor that spins the disc. It is actually a sandwich of clear plastic and a thin 
metal layer for reflecting light. 

The music is recorded on the disc in digital format. A laser actually burns 
pits into the plastic representing the 1”s and 0’s of the digital data (see Fig. 10.6). 
These pits are extremely small, about 0.5-um wide (a micron designated um 
is 1-millionth of a meter). The flat areas between the pits are called lands. A 
binary 1 occurs at a transition from a pit to a land or vice versa while the land 
is a string of binary 0”s. The binary data is recorded as a continuous spiral track 
about 1.6-um wide, starting at the center and working outward. That is a very 
efficient way to store the data, but it means that the motor speed must vary to 
ensure a steady bit rate when the music is played back. The pickup mechanism 
will experience higher speeds at the center of the disc and lower speeds at the 
outer edges of the disc, so that a speed control mechanism keeps the recovered 
data rate constant. 

The music on a CD is derived from two stereo channels of music with a 
frequency response from 20 Hz to 20kHz. Digitization occurs at the standard 
44.1-kHz rate. Each sample is 16-bits long. The 16-bit words from the left and 
right channels are alternated and formatted into a serial data stream that occurs 
at a rate of 44.1 kHz x 16 x 2 = 1.4112 MHz. The 16-bit words are then encoded 
in a special way. First, they undergo an error detection and correction encod- 
ing scheme using what is called cross-interleaved Reed—Solomon code (CIRC). 
This coding helps detect errors in reading the disc caused by dirt, scratches, or 
other distortion. The CIRC adds extra bits that are used to find the errors and fix 
them prior to playback. 
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FIGURE 10.6 Digital music on a CD is encoded as pits and lands on the CD surface. These are 
burned in by a laser. A laser light shined on the pits and lands produces a reflection that a photo- 
detector picks up to create the original digital data. 


Next, the serial data string is then processed using what is called eight-to- 
fourteen modulation (EFM). Each 8-bit piece of data is translated into a 14-bit 
word by a lookup table. EFM formats the data for the pit-and-land encoding 
scheme. Finally, the completed data is formatted into frames 588-bits long and 
occurring at a rate of 4.32 Mbps. That is the speed of the serial data coming from 
the pickup assembly in a CD player before processing. 

To recover the audio from the CD, the disc is put into the player and a motor 
rotates it. Refer to Fig. 10.7. A laser beam is shined on the disc as indicated in 
Fig. 10.6. The reflections from the pits and lands produce an optical light pat- 
tern that is picked up by a photodetector that converts the light variations into 
the 4.32-Mbps bitstream. A motor control system varies the speed of the motor 
to keep the data rate steady. The data stream goes to a batch of processing cir- 
cuits. First, the EFM is removed, and then a CIRC decoder identifies and repairs 
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FIGURE 10.7 Block diagram of CD player. 
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any errors and recovers the original 1.41-Mbps data stream. A demultiplexer 
separates the left- and right-channel 16-bit words and sends them to the DACs, 
where the original analog music is recovered and sent to the power amplifiers 
and speakers. 

The CD can store lots of data. Its capacity is in the 650- to 700-MB range. 
That translates into a maximum of about 74min of audio. And this is not 
compressed. 


AUDIO-VIDEO RECEIVER 


An HDTV receiver is usually at the heart of most consumer electronics home 
entertainment systems. A secondary piece is the audio—video (AV) receiver, 
which provides the audio component of the entertainment. The systems usu- 
ally include the CD player, several radio options, and all the audio power 
amplifiers that operate the multiple speakers. The AV receiver also accepts 
inputs from the TV set, DVD player, and other external devices to provide 
higher quality sound. This section provides a look at this piece of equipment 
and how it works. 

Fig. 10.8 shows a general block diagram of the AV receiver. Note the mul- 
tiple power amplifiers on the right. These drive the speakers that are part of a 
surround-sound system. Most of these are class AB linear amplifiers that deliver 
power levels from about 20W per channel to over 100 W in the larger units. 
The frequency response is 20Hz—20kHz or more with a distortion level of 
0.5%-—0.9% or less. 

The power amplifiers get their inputs from multiple sources. These sources 
include audio from the internal radio receivers and the CD player as well as 
many other external sources. These sources include the TV receiver, DVD 
player, VCR, and a cable or satellite box, as well as audio from older devices 
such as tape players and phonographs. Many receivers also accept inputs from 
an 1Pod or other MP3 music player. A large switching matrix is used to select 
the desired input. That selection can be made from the front panel controls or 
via the remote control. 


Radio Choices 


All AV receivers contain the traditional AM and FM analog radios. These are 
still popular sources of music. But more and more the most recent receivers 
contain one or more digital radio sources such as HD radio or satellite radio. 
HD radio is becoming more popular each year. This is a digital radio broad- 
cast option available at most US radio stations today. The AM and FM sources 
are digitized and broadcast on the same frequencies but with digital modulation 
techniques like orthogonal frequency division multiplex a wide separate chan- 
nel is needed. The result is an improvement in the signal. Digital signals offer 
slightly better frequency response on both AM and FM. AM signals will sound 
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FIGURE 10.8 Block diagram of typical audio-video receiver, the heart of the audio reproduction 
part of a consumer home entertainment center. 


more like FM, and FM signals will be nearly CD quality. Furthermore, the 
digital signals are more noise and fade free than the standard AM and FM sig- 
nals. While HD radio was first made available in automobiles, it is now widely 
available for home use. Separate HD radios can be purchased at most consumer 
electronics stores. And more HD radios are being built into AV receivers. 

Satellite radio was also first made popular in automobiles. Yet separate 
home receivers are available. Some AV receivers now include satellite radio 
capability. Satellite radio is available from one source, SirtusXM Radio. This 
is a subscription service with hundreds of radio, music, news, sports, and other 
channels. The signals are digital, delivering near CD-quality sound. The satel- 
lites use the 2.3-GHz microwave band. The main difficulty when using satellite 
radio at home is that an outside antenna is needed. Some radios supply a small 
antenna for window mounting so that the antenna can “see” the satellites in the 
sky. Otherwise, poor or no reception may occur. 


256 Electronics Explained 


Surround Sound 


Virtually all audio sound today is stereo. That is, the music comes from at least 
two speakers, one on the left and one on the right. The sound is recorded as two 
separate channels with different microphones to provide a stereophonic experi- 
ence to the listener. A minimal system uses two speakers but some add a sub- 
woofer for good bass reproduction. This is sometimes referred to as a 2.1 stereo 
system, that is, two speakers and one subwoofer. 

New audio systems offer surround sound. These systems feature six, seven, 
or eight speakers. The idea is to totally envelop the listener with sound as it 
might be heard in a concert hall or theater. There are speakers in front and 
at the rear. The first surround-sound implementations were analog but today 
most surround sound is fully digital. The most common surround-sound method 
is Dolby Digital 5.1, which uses five speakers and a subwoofer as shown in 
Fig. 10.9. These are left front (LF), right front (RF), center (C), left rear (LR), 
and right rear (RR). Then there is one subwoofer. The woofer can be positioned 
anywhere but is usually at the front. Each speaker is driven by its own amplifier 
in the AV receiver. 

The big question that you may have is where do the six channels of sound 
come from? Not from the radio or a CD for sure, both of which are stereo only. 
In most cases, the sound signals will come from a DVD player. Right now it is 
about the only common source of 5.1 surround sound, although some HDTV 
programs support it. During recording of the original material, one microphone 
is used for each channel. The digitized audio for each of the channels is stored 
on the DVD. 

Incidentally, there are more elaborate versions of surround sound. For 
example, 7.1 adds two more speakers on the left and right. As of now there are 
few, if any, 7.1 music sources available. 
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FIGURE 10.9 How 5.1 surround-sound system is set up. 
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When you play the DVD, the digital signals from each chamnel are sent to a 
special chip that decodes them and otherwise performs necessary noise reduc- 
tion, equalization, and other operations. The recovered signals are then sent to 
DACs for conversion to their original analog format for amplification. 


SPECIAL SOUND APPLICATIONS 


When you think of audio or sound, you think mainly of voice or music repro- 
duction. Yet, electronic sound is used in lots of additional places. Some inter- 
esting examples are in wireless audio, streaming music, musical instruments, 
sonar, ultrasound, and hearing aids. 


Wireless Speakers and Headphones 


A popular audio feature today is wireless speakers. Such speakers are powered 
by batteries or may be plugged into the AC mains. The audio connection is 
wireless commonly using the Bluetooth radio technology. Some newer systems 
use Wi-Fi for the wireless connection. Such speakers help to minimize the wir- 
ing mess in a home entertainment system. They also are popular for providing 
louder and better quality audio for smartphones and tablet/laptop computers. 
Bluetooth headphones are also a popular accessory for smartphones. 


Downloading and Streaming Audio 


While CDs are still as popular music medium, even more popular today is 
downloading music. Songs are selected from a music source such as Apple’s 
iTunes and the compressed digital music file is downloaded via the Internet to 
an MP3 player or a smartphone. Music is usually purchased one song at a time 
and once downloaded it can be played. 

Streaming audio is the term given to receiving audio mostly music over the 
Internet. The compressed music files are delivered in real time to a computer 
or smartphone and played directly. The streaming requires specific software 
that performs the transfer, memory buffering, decompression, and playing. 
The computer or smartphone and its software takes the music file into a buffer 
memory then parses it out continuously to the player. A wide range of stream- 
ing services are available such as ¡Tunes Radio, Pandora, Spotify, Google Play, 
Beats, and others. 


Musical Instruments 


Musical instruments produce their own sounds, of course. Each has its own 
unique signature made up of the basic notes or tones to which are added the mix 
of harmonics or overtones unique to the physical structure of the instrument. 
Some instruments like horns and drums rarely need amplification. Other instru- 
ments like guitars and violins commonly need some amplification, especially 
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in large venues such as on stage addressing hundreds or thousands of people. 
Special microphone-like devices called pickups are used with string instru- 
ments. The pickup 1s usually one that converts the string vibrations into a small 
signal that is then amplified. 

One of the most popular electronic instruments is the synthesizer. It has a 
keyboard like a piano. The keys are equivalent to those on a piano. Each key 
then triggers the electronics to generate a tone of the desired frequency. That 
tone is especially modified by DSP circuits to sound like that note played on a 
piano, an organ, or any other musical instrument. The DSP synthesizes or con- 
structs the tones digitally and sends them to a DAC that converts them into the 
analog sound to be amplified. 


Are Vacuum-Tube Amplifiers the Best Audio Amplifiers? 


Vacuum tubes? I’m kidding, right? Actually, no. There are many audio experts, 
especially guitar players and some recording studio engineers, who still believe 
that vacuum-tube amplifiers are superior to solid-state amplifiers. And as it turns 
out, the largest market for general vacuum tubes today is guitar, high-end stereo, 
and recording studio amplifiers. 

Contrary to popular belief, vacuum tubes did not really go away when transis- 
tors and integrated circuits came along. They are still widely used in China, Russia, 
and a few other countries. And that is where most tubes are made these days. 
Vacuum tubes are still widely used. Cathode ray tubes or picture tubes are still at 
the heart of many TV sets and computer video monitors. Magnetrons are vacuum 
tubes that are in every microwave oven. And microwave vacuum tubes, such as 
traveling-wave tubes and klystrons, are still used in high-power microwave trans- 
mitters. And vacuum-tube audio amplifiers. 

Why are vacuum-tube amplifiers so popular still? It is the unique sound they 
produce. It is a sound that musicians appreciate and want in their sound mix. And 
the sound is difficult and expensive to reproduce in a solid-state amplifier. The 
sound is smoother and less harsh. The sound is “warmer,” and the compression 
that such amplifiers produce when overloaded is exactly what makes rock and 
country music sound like it does. It looks like vacuum tubes will be around much 
longer, but prices are sky high and some tube models are hard to find. 


Noise-Canceling Earphones 


You have probably heard of these or maybe seen or used them. They make 
clever use of analog signal processing to greatly minimize surrounding noise 
when you are trying to listen to music with headphones. 

First, most of these headphones try to isolate the actual headphone from the 
surroundings with a tight-fitting ear bud or soft foam pads around the earphone 
that limit the amount of external noise getting to your eardrum. This is called 
passive noise control. 
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Second, each earphone contains a built-in microphone that picks up the sur- 
rounding noise. It amplifies it then inverts it in phase. The original noise from 
the microphone is then added to the inverted noise. Being the same but exactly 
out of phase with one another, the two noise signals cancel one another. The 
cancellation is not perfect, but the noise reduction is significant. It can greatly 
minimize noise on a plane or in a car or other types of noisy environments. 


Sonar 


Sonar means sound navigation and ranging. It is basically the underwater equiv- 
alent of radar. It is used on ships and submarines for making depth measure- 
ments, detecting underwater objects, and for warfare. The two types of sonar 
are passive and active. 

Passive sonar is simply the idea of putting underwater microphones called 
hydrophones on a long wire or arrays of such microphones in the water to lis- 
ten for any sounds that occur. Amplifiers boost the signal levels and various 
filters help sift through all the complex signals that can be heard. In military 
applications, the sounds are digitized and various DSP programs help filter and 
identify specific sounds. Many ships create unique sounds called signatures that 
can be digitized and stored for comparison to any sounds picked up for positive 
identification. The sounds include fish and other sea life, boat and ship engines, 
motion through the water by a ship or boat, or any noise that occurs inside a 
submarine. Sound travels very easily through water so is easy to pick up. With 
practice and experience, a sonar operator can identify almost everything occur- 
ring over a wide range around the microphone array. 

The other form of sonar is active. This is like radar where a high-frequency 
pulse of sound is applied to a transducer to convert the pulse into sound waves 
for transmission through the water. The frequency of the pulse is usually ultra- 
sonic, that is, above most human hearing. Frequencies from about 15kHz to 
1 MHz are used, depending on the application. The pulse of sound travels out 
from the transducer and is then reflected off distant objects. The reflections go 
back to the source where they are picked up by a microphone. Then, knowing 
the speed of sound transmission in water, the distance to the object can be com- 
puted. Sonar depth sounders point the transducer downward to get a measure 
of the distance to the bottom. Sonars can easily pick up reflections from ships 
miles away for navigation safety purposes or for military actions. 


Hearing Aids 


Electronic hearing aids have been around a long time. The older analog types 
were large and cumbersome but worked fine. Integrated circuits made them 
much smaller and more acceptable to the hearing impaired. Today, the newer 
hearing aids use digital technology. The microphone picks up the sound and 
amplifies it, then digitizes the sound in an ADC. A DAC can then translate the 
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sound back into audio for amplification and application to the earphone. Most 
digital hearing aids now incorporate DSP filters. These filters may be custom- 
ized to the frequency response of the ear, correcting for different frequencies. 
Mostly the high-frequency response is lost due to aging. Using an external com- 
puter, each hearing aid can be adjusted from volume and frequency response to 
fit the exact deficiency. 
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Experience Digital Radio 

Digital radio in the United States is available from satellites and via the existing 
AM and FM analog stations through HD radio. Both offer commercial free music 
and other content in multiple channels. HD radio is free but satellite radio is a 
pay-for-listen service. 

In the United States, two satellite radio services were established in the early 
2000s, XM Radio and Sirius Radio. The two services merged to form Sirius XM 
Satellite Radio. Both offer subscription services to music, news, sports, and other 
information. Both services operate in the 2.3-GHz band, and get their signals from 
satellites. Special receivers and antennas are required. 

Satellite radio is a digital service and both systems used compressed audio for 
signal transmission. HD radio is simultaneously broadcast with existing AM and 
FM analog signals. A special receiver is needed to receive it. The digital techniques 
greatly improve sound quality. 

A good project if you are a music lover is to try one or both of these services. 
You can get an HD or satellite radio for your vehicle or you can buy a home unit. 
Some high-end AV receivers have one or the other in addition to the traditional 
AM and FM radios. You can purchase home desktop units from Best Buy and other 
electronics dealers for a reasonable price. 

HD radio is free and you will find that some stations transmit additional digital 
channels not available in analog form. These give you more music genres. No 
special antenna is needed. 

To learn more about HD radio, do a Bing, Google, or Yahoo! search. Also go 
directly to the website of the company that invented HD radio, iBiquity (www. 
ibiquity.com), for more details. 

You can also buy a satellite radio from several local sources. But you will need 
to subscribe. Go to www.siriusxm.com. 
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Test Your Hearing Response 

Tocheckthe frequency response of your ears, goto www. audiocheck.net/audiotests_ 
frequencycheckhigh.php. There are a few online audio tests for your hearing. 
This website has a whole batch of other audio response tests that you may be 
interested in. 
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Video Technology 


TV and Video Is All Digital Now 


In this Chapter: 


How scanning works to create video. 
Basic color TV principles. 

US and other standards for digital and high-definition TV. 
How a digital TV set works. 

TV screen technologies. 

Cable TV. 

Satellite TV. 

Over-the-Top TV 

Cell phone TV. 

DVD players. 

Virtual reality. 


INTRODUCTION 


Nothing in electronics has affected us more than the development of televi- 
sion. Okay, I have not forgotten the PC and the Internet, which have also 
seriously impacted our lives. But TV came first and has been working its 
magic on us for far longer. The impact of television or video on our lives is 
significant in that we spend more than half of our waking hours in front of a 
video screen, either watching TV or working with a video monitor on a com- 
puter. And, of course, you also interact with the liquid crystal display (LCD) 
screens on smartphones, laptops, smart watches, and personal navigation 
devices. The social and political impact has been enormous. For this reason 
it helps to understand a little bit about how video works. Video is perhaps 
one of the most complex segments of electronics, but this chapter helps make 
those fundamentals easy to understand. 


VIDEO FUNDAMENTALS FOR THE IMPATIENT 


The main feature of any video device is the screen. The first video or TV screens 
were cathode ray tubes (CRTs), and those are still around in some older TV sets 
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and computer monitors. The most commonly used TV and video screen today is 
the LCD. LCD screens are used in the newer TV sets and in most personal com- 
puters. They are also used in laptops, smartphones, personal navigation devices, 
and anything else that has a screen on it. Some older TV sets also use plasma, 
digital light processing (DLP) projection technology, and other methods to dis- 
play very large pictures. Now newer screens use light-emitting diodes (LEDs). 
There is more detail on TV screens later in this chapter, but for now, the most 
important part of understanding video 1s to learn the methodology used to create 
and present video regardless of the screen type. 

A video system 1s a method for converting a picture or scene into an elec- 
tronic signal that can be transmitted by radio or cable or stored electronically. 
Some type of device 1s needed to take in the light and color information from a 
picture or scene and convert it into an electrical signal. Once in electrical form, 
the video can be modulated onto a radio carrier for transmission or electroni- 
cally stored. The process of converting the scene or picture into an electrical 
signal is known as scanning. 


Scanning Fundamentals 


A video signal is usually generated by a video camera. The camera takes the 
scene and scans it electronically, dividing it into hundreds or even thousands of 
very thin horizontal lines (see Fig. 11.1). 

The horizontal scan lines comprise a sequence of light and color variations. 
The camera produces an analog signal whose frequency and amplitude vary 
with the brightness and color changes along the scan line. The whole idea in 
video is to transmit the video signal one scan line at a time at very high speeds. 
If you are not transmitting the signal by radio or cable, you can store it, such as 
recording it on a computer hard drive or magnetic tape. In any case, the received 
signals are then converted back into scan lines and applied to the screen by 
scanning the lines across the receiving screen very fast from left to right and 
top to bottom. 

The secret to producing a high-quality video picture is to use enough scan 
lines with enough detail in each, so that the color, brightness, and fine detail in 
the picture are retained. Note in Fig. 11.1 that the analog signal for one scanned 
line is such that the higher-amplitude voltages are closer to black, while the 
lower-amplitude signals are closer to the white level. This is what a scan line 
from a monochrome or black-and-white (B&W) video system produces. It is 
called the brightness or Y signal. Color will be covered later. 


Aspect Ratio 


When talking about TV screens, the key factors are size and aspect ratio. The 
size is usually the diagonal measure of the screen in inches. The aspect ratio is 
the ratio of the picture width to the picture height. Standard TV sets and video 
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FIGURE 11.1 How scanning converts a scene of light and color into an electronic signal. 


monitors previously used an aspect ratio of 4:3 as shown in Fig. 11.2. Most of 
the newer TV screens and video monitors have an aspect ratio of 16:9. This wider 
format was chosen because it is a better fit with the wide-screen movie formats. 


Persistence of Vision 


When you think about it, it just does not seem possible that a complete picture 
or scene can be reproduced in electronic format by scanning. The scanning pro- 
cess just breaks the picture or scene down into hundreds or perhaps thousands of 
scan line signals, and the only way that a picture can be created is for those scan 
lines to occur at a very high rate of speed. Luckily, this technique works because 
we all have a visual characteristic known as persistence of vision. Persistence 
is that characteristic of the eye that prevents it from following very high-speed 
changes in light variations. In other words, if the scan lines are traced across the 
screen at a very high rate of speed, your eye simply cannot follow them one at a 
time but instead puts the whole thing together and sees a single steady picture. 
If you scan at too low rate, you will actually begin to see the scan lines, and your 
eye will interpret this as a kind of flicker. 
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FIGURE 11.2 TV screen size and aspect ratio. 


The concept of persistence of vision has been known for decades. Motion 
picture films take advantage of this characteristic of our eyes as well. Remember 
that movies are just a high-speed sequence of individual still pictures recorded 
on film. If you can get the frame rate up to a level of approximately 24 frames 
per second or faster, your eye will translate the changes from one still frame to 
the next as motion. 


Analog TV 


As you may know, the Federal Communications Commission eliminated analog 
TV broadcasts in the United States as of June 12, 2009. But while analog TV 
has been replaced by digital TV (DTV), that does not mean that 1t 1s not still 
around. You will still find analog TV in many other countries of the world, and 
it is also still used in closed-circuit television. In any case, it is such a widely 
used standard that understanding it is useful. 

Back in the late 1940s and early 1950s, the United States created what is called 
the National Television Standards Committee (NTSC) TV standard. It basically 
specifies that a picture is made up of 525 horizontal scan lines, known as a video 
frame. As it turns out, one frame is actually made up of two fields of 262.5 scan 
lines. The scene or picture is first scanned 262.5 times from top to bottom, creat- 
ing one field. This field is then transmitted at a rate of 60 fields per second. Then 
the scene is scanned again with another 262.5 lines, and these are transmitted 
next. The second field is interlaced with the first field to form the complete 525- 
line picture. See Fig. 11.3. The result is that you will see 30 complete 525-line 
frames per second. This is fast enough for persistence of vision to work nicely. 
The interlacing helps significantly in reducing any perceived flicker. 
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FIGURE 11.3 Interlaced scanning helps reduce flicker. Sync pulses help keep the receiver and 
transmitter in step with one another. 


One thing that you may be wondering is how do you keep the TV receiver 
screen in step with the video camera or other video source? This is solved by 
creating synchronizing pulses that are transmitted before and after each scan 
line (see Fig. 11.3). After one field is scanned, a larger group of synchronizing 
pulses occurs between fields to cause the receiver to start the scanning back at 
the top again. The synchronizing pulses are transmitted or stored along with the 
analog video signal for each line. These synchronizing pulses are then used to 
trigger the receiver’s circuitry to make sure that the scene is sequenced properly 
on the screen. 
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Other World TV Systems 


The US NTSC analog system is used in Canada, Mexico, and Japan. But other 
analog systems are used throughout the world. In Europe, specifically the UK, 
Germany, Italy, and Spain, the PAL (phase alternation line) standard is used. It 
uses 625 scan lines with a frame rate of 25frames per second. In France and in 
some other countries, a system called SECAM for Sequenteil Couleur a Memorie 


(or sequential chrominance and memory) is used. It too uses 625 scan lines and a 
25-frame-per-second rate. PAL and SECAM systems have a better vertical resolu- 
tion for picture detail because of the greater number of scan lines, giving a percep- 
tibly improved picture over the NTSC system. Most of the other countries of the 
world have adopted one of these three systems. However, now the United States 
and most of Europe have digital systems. 


Digital TV 


Most TV and video now is transmitted and stored in digital or binary for- 
mat. Scanning is still the process used to convert the scene into an electrical 
signal, in this case a stream of binary numbers representing the brightness 
and color detail. Each scan line is still essentially an analog signal but that 
is converted into a sequence of binary numbers by an analog-to-digital con- 
verter (ADC). The basic process is illustrated in Fig. 11.4. The ADC samples 
are measures of the analog signal at a constant rate, as shown by the dots 
along the curve in Fig. 11.4. Remember that to retain the information in an 
analog signal when it is converted into digital, the signal must be sampled at 
a rate at least twice as fast as the highest-frequency signal contained in the 
analog signal. Since video signals contain extremely high frequencies, the 
sampling rate is very fast. Most video contains scene details with frequen- 
cies beyond 4 MHz. That means a sampling rate of at least 8 MHz to capture 
the detail. In any case, each sample results in an 8-bit binary number. These 
bytes, one representing each of the sequential samples, are sent one after 
another in a serial binary data stream as shown. The video data can then be 
transmitted or stored. 

Each of the binary numbers produced by sampling produces what we call a 
pixel or picture element. This particular binary number will ultimately translate 
to a specific analog voltage value and produce a specific brightness level along 
the scan line. 

One way to visualize a digital video display is to think of it as an array, or 
horizontal scan lines, each made up of a sequence of pixels (see Fig. 11.5). 
Each pixel is a dot of light or, in this case, a square. That pixel is derived from 
a specific binary number developed during the scanning and sampling process. 
Each of those pixels represents a specific brightness level from white to black. 
A digital-to-analog converter (DAC) converts the binary brightness value back 
into a specific shade of gray. 
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FIGURE 11.4 Digital TV is created by digitizing the analog video signals with an ADC, and then 
converting it into a serial bitstream of video data words. 
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FIGURE 11.5 TV screens can be thought of as thousands of rows and columns of pixels, each 
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DTV uses the interlaced scanning principles described earlier to help mini- 
mize flicker. But it also uses a faster progressive scan. This is where each scan 
line making up the screen is scanned sequentially one after the other from top to 
bottom. To minimize flicker, progressive scanning must be done at a higher rate 
of speed than interlace scanning. Progressive scanning is used simply because 
it creates a sequence of digital numbers that is more conveniently stored and 
processed one after the other than in a two-step interlaced process. 

DTV uses a variety of different formats. In the basic format, it produces 480 
scan lines with 640 pixels per line. This is roughly the equivalent of what you 
would see with an analog TV signal. This is what we call the DTV standard 
resolution format. Both interlaced and progressive scanning formats can be used 
with rates of 24, 30, and 60 frames per second. 


Picture Resolution 


One thing that you should understand about video is the concept of resolution. 
This refers to how much fine detail you can see on the screen. In analog TV, bright- 
ness and color detail results in very-high-frequency analog signals. The older 
original analog TV was limited to frequencies of approximately 4.2 MHz. Modern 
HDTV uses much higher-frequency responses up to about 10 MHz. To see that pic- 
ture detail, you must transmit the analog signal over a channel that has sufficient 


bandwidth. Most radio channels and cable systems have bandwidth limitations 
and essentially act as a low-pass filter that will remove some of the higher frequen- 
cies. While you will still see a picture, it will lack some of the fine detail that your 
eye may or may not notice. 

Resolution as it relates to DTV is a combination of how many scan lines plus 
how many pixels per line are used. Obviously, the greater the number of scan lines 
and the greater the number of pixels, the more detail you are going to be able to 
transmit and ultimately see. 


A higher-resolution format to produce what we call high-definition (HD) TV 
uses 720 scan lines with 1280 pixels per line. The HD format uses 1080 hori- 
zontal lines with 1920 pixels per line. Both of those HD formats can use either 
interlace or progressive scanning at rates of 30, 60, 120, and 240 frames per 
second. Just remember that the frame rate simply refers to the number of times 
per second that each frame is presented on the screen. The earlier slow frame 
rates of 30 and 60frames per second often produce a kind of picture smearing 
when the scenes are changing at a high rate of speed. This is noticeable in action 
movies or in sports events. The newer 120- and 240-frames-per-second scan 
rates essentially eliminate this problem. 

The newest form of DTV is called ultrahigh definition (UHD). Other desig- 
nations are UHD-1, Quad TV, or 4K. The 4K is derived from the pixel format of 
3840 x 2160 where there are almost 4000 (4K) lines with 2160 pixels each. The 
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resolution is four times the standard HD resolution. The scan is progressive at 
50 or 60 frames per second. The resolution is astonishing and fine detail can eas- 
ily be seen. 4K TV sets have been available for a few years, but prices are still 
very high. 4K resolution content is not yet widely available but there is some 4K 
over-the-air (OTA) broadcasts and some 4K movies on DVD. 

Another term you will hear associated with 4K is HDR or high dynamic 
range. HDR is a feature that offers better picture contrast meaning whiter 
whites, darker blacks, and a wider range of colors. Not all 4K TV sets have 
HDR but those that do deliver amazing picture quality. 

Also now available are 8K screens with a resolution of 7680 lines with 
4320 pixels per line. It is meant primarily for the very large screens (>85in.). 
Frame rate is 60 Hz and 8K is usually accompanied by HDR. 


Color Video Principles 


Thus far, the signals we have described are what we call monochrome or B&W 
video. In monochrome video, all we capture and transmit and reproduce is the 
brightness variations along a scan line that range from black to white and an 
infinite number of shades of gray in between. But, of course, today most video 
is color. Capturing, transmitting, processing, and displaying color is a far more 
complex process than monochrome. 

One physics principle that makes color video possible is the concept that 
any color of light can be reproduced by simply mixing the right combination of 
red, green, and blue light. Take a look at Fig. 11.6. Mixing red and green creates 
yellow. Mixing red and blue produces violet (magenta), while mixing green 
and blue produces the color cyan. In any case, as it turns out virtually, any color 
can be created using just the right mix and intensities of red, green, and blue. 
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FIGURE 11.6 Any color of light can be reproduced by mixing red, green, and blue light in the 
right proportion. 
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Strangely enough, there is one unique combination of the three colors that cre- 
ates white. Black is produced, of course, by just turning off all the light sources. 
The color TV problem is how do you capture the individual colors and then how 
do you reproduce them? 

Video cameras use a light-sensitive imaging chip called a CMOS imager or 
charge-coupled device (CCD). An optical lens focuses the scene on the chip. 
The chip itself is made up of millions of tiny light-sensitive elements that are 
charged like a capacitor with a voltage depending on the brightness level reach- 
ing them. The analog video signal for a scan line is then created by sampling 
those light-sensitive elements one at a time horizontally. The result is an analog 
signal whose amplitude is proportional to the light level. The result is a B& W 
brightness or Y signal. 

Fig. 11.7 shows how the color signals are produced. The scene is actually 
passed through a lens and a beam splitter that divides the scene into three 
identical segments. Each is passed through individual red, green, and blue 
filters. Three light-sensitive imaging chips then produce three separate analog 
signals for the red, green, and blue elements in a scene. The red, green, and 
blue analog signals are then individually amplified and sampled by an ADC to 
translate them into a binary sequence. The three binary streams are then trans- 
mitted serially as a sequence of red, green, and blue for each picture element 
on the imaging chip. Each of these RGB colors will then later form a pixel on 
the viewing screen. 
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FIGURE 11.7 Red, green, and blue digital color signals are generated by filtering the scene into 
its red, green, and blue components, and then digitizing the resulting analog signals. 
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Video Compression 


Generating a color video signal produces a serial bitstream that varies at a rate 
of hundreds of millions of bits per second. Consider these calculations: 


e For each pixel, there are three color signals of 8 bits each making a total of 
8 x 3 = 24 bits per pixel. 

e For a standard DTV screen, there are 480 lines of 640pixels for a total of 
307,200 pixels per frame or screen. 

e For one full screen or frame, there are 307,200 x 24 = 7,372,800 bits. 

e If we want to display 60frames per second, then the transmission rate 1s 
7,372,800 x 60 = 442,368,000 bits per second, or 442.368 Mbps. That is 
extremely high frequency. 

e ‘To store one frame of video of this format, you would need a memory with 
55,296,000 bytes or 55.296 MB. And that is just one frame. 

e To store 1 min of video you would need a memory of 3,317,760,000 bytes or 
just over 3.3 gigabytes (GB). And that is just 1 min. Multiply by 60 to get the 
amount of memory for an hour. 


Imagine the speeds and memory requirements for 1080p or a 120 frames- 
per-second format. And we have not even factored in the stereo audio digital 
signals that go along with this. Anyway, you are probably getting the picture 
here. First, data rates of 442.368 Mbps are not impossible, but they are impracti- 
cal as they require too much bandwidth over the air and on a cable. And they 
are expensive. Furthermore, while memory devices such as CDs and DVDs are 
available to store huge amounts of data, they are still not capable of those fig- 
ures. Therefore, when 1t comes to transmitting and storing digital video infor- 
mation, some technique must be used to reduce the speed of that digital signal 
and the amount of data that 1t produces. 

This problem is handled by a digital technique known as compression. 
Digital compression is essentially a mathematical algorithm that takes the indi- 
vidual color pixel binary numbers and processes them in such a way as to reduce 
the total number of bits representing the color information. The whole compres- 
sion process is way beyond the scope of this book, but suffice it to say that it is 
a technique that works well and produces a bitstream at a much lower rate. And, 
the compressed video will take up less storage in a computer memory chip. 

The digital compression technique used in DTV is known as MPEG-2. 
MPEG refers to the Motion Picture Experts Group, an organization that devel- 
ops video compression and other video standards. Another standard is MPEG-4 
AVC. For 4K and 8K a compression method called high efficiency video coding 
is used. 

What you have to think about when you consider the transmission of digital 
video from one place to another is that it is typically accompanied by audio. 
The audio is also in serial digital format. Those digital words will be transmitted 
along with the video digital words to create a complete TV signal. 
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FIGURE 11.9 General block diagram of TV transmitter. 


TV Transmission 


The compressed audio and video of a TV signal are assembled into packets or 
frames that look like that in Fig. 11.8. The 4bytes up front provide synchronizing 
bits for the receiver. The ID header tells the packet number, sequence, and video 
format used. The remaining bits are the serial compressed video and audio. 

Fig. 11.9 shows a simplified TV transmitter. The serial digital video is put 
through the MPEG-2 compression process. This is followed by additional bit 
manipulation and coding for error correction and improved signal recovery by 
the receiver. This serial data is then multiplexed with the serial compressed audio 
data. Then the packets are formed. This is what will modulate the transmitter. 

The modulation begins by translating the fast serial bitstream into an eight- 
level signal with a DAC. Each 3-bit segment of the serial data is assigned a 
specific voltage level as shown in Fig. 11.10. Since each level represents 3 bits, 
you can transmit more bits per second in the same time period. It is this eight- 
level signal that modulates the transmitter carrier. The modulation is AM, where 
all of the upper sidebands are transmitted but only part of the lower sidebands. 
This saves spectrum. The modulation is referred to as 8VSB for vestigial side- 
band, where vestigial refers to part of the lower sideband. The signal is then 
upconverted to the final frequency by a mixer. A high-power amplifier in the 
transmitter sends the signal via coax cable to the antenna. Typical TV station 
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FIGURE 11.10 US ATSC system translates the digital bitstream into an eight-level signal to 
transmit multiple bits per level, making higher data rates in a given bandwidth possible. 


range 1s about 70 miles maximum, and that is determined by tower height 
and terrain. The standard for OTA DTV in the United States was developed 
by the Advanced Television Standards Committee (ATSC). A new standard for 
4K UHD TV called ATSC 3.0 using orthogonal frequency division multiplex 
(OFDM) instead of 8VSB is forthcoming. 

In the United States, each TV channel is 6 MHz wide. There are 50 channels 
starting at channel 2 from 54 to 60 MHz. Channels 3 through 6 range from 60 to 
88 MHz. Channels 7 through 13 run from 174 to 216 MHz. Channels 14 through 
51 run from 470 MHz and ending with channel 51 from 692 to 698 MHz. In the 
United States the 600-700 MHz channels are no longer used for TV and are 
being repurposed for cell phone use and wireless broadband services. 


World Digital TV Standards 


The US DTV standard from ATSC has also been adopted by Canada, Mexico, 
South Korea, and a few others. However, the rest of the world uses different digital 
formats. The UK, Europe, Australia, and New Zealand use a standard called Digital 
Video Broadcasting (DVB). Another is the Integrated Services Digital Broadcasting 


(ISDB) standard used in Japan, South America, and some African countries. The 
Digital Terrestrial Multimedia Broadcasting (DTMB) standard is used in China. 
What all these non-US standards have in common is the use of OFDM modulation 
that has proven superior in OTA transmissions. The United States plans to adopt 
OFDM in its forthcoming ATSC 3.0 standard for 4K. 
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TV Receiver 


Fig. 11.11 shows a general block diagram of a modern DTV receiver. The signal 
from the antenna or cable TV box is sent to the tuner where the signal 1s ampli- 
fied and sent to a mixer along with a local oscillator signal to downconvert the 
signal to a lower frequency called the intermediate frequency (1F). This 1s com- 
monly 44 MHz. The local oscillator is a frequency synthesizer that selects the 
desired channel, usually with a remote control. The IF signal is filtered to select 
only the desired 6-MHz channel. 

The IF is then sent to an ADC for digitizing. The 8VSB signal is then recov- 
ered in the demodulator. It is then translated into the original bitstream, and any 
coding or error correction is removed. The signal is then demultiplexed into the 
video and audio streams. The video goes to an MPEG-2 decompression circuit 
for recovery of the original video. The individual RGB components are sent to 
DACs to recover the picture detail. The RGB signals are then amplified and sent 
to the screen for display. The audio is also decompressed and sent to the DACs 
and amplifiers and speakers. 

The whole TV set looks something like Fig. 11.12. Note all the possible 
inputs. The set gets its RF inputs from the antenna or cable box. The cable box 
may also have a digital signal output, meaning the cable box does all the decod- 
ing, demultiplexing, and decompression. The output comprises a serial data 
stream of the video and audio. A special high-speed digital interface called the 
high-definition media interface (HDMI) is used. It uses a special cable no more 
than 15 ft long and with a special 19-pin connector. The HDMI carries video and 
audio from the TV to cable box or DVD player or vice versa. 

Some TV sets also accept analog video inputs from other sources such as 
VCRs, video cameras, and digital cameras. A special fiber optic cable input 
called TOSLINK serves as the interface for TV sets, cable boxes, and DVD 
players. 

Finally, some TV sets include standard computer interfaces such as USB 
or Ethernet ports. The so-called Smart TV sets are configured for Internet 
access from a modem by way of the Ethernet port or a built-in Wi-Fi wire- 
less capability. 

TV set outputs, of course, are sent to the screen and the speakers. A remote 
control sends infrared (IR) or RF wireless signals to an embedded controller 
that tells the set what to do. 


TV Screen Technology 


As indicated earlier, there are several ways that the video signal is translated 
back into a viewable picture. The CRT used in older sets is gone. LCD screens 
are by far the most popular and most widely used today. Plasma screens and 
DLP projection screens have mostly disappeared. There are other emerging 
technologies that we may see in the future. In any case, what we need 1s a light 
source to reproduce the varying intensities of red, green, and blue light. 
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FIGURE 11.11 Simplified block diagram of digital TV set. 
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FIGURE 11.12 Inputs and outputs of modern digital TV set. 


Color video screens are made up of a very large number of tiny red, green, 
and blue light sources. These are used to make up the pixels or dots of light that 
recreate the picture. These pixels are very small, so that your eye cannot actually 
see them even when you are relatively close to the screen. 

Fig. 11.13 shows one example of a screen pixel format in use today. LCD 
and LED screens use a pixel format somewhat like that shown in Fig. 11.13. 
These are usually rectangular red, green, and blue areas. They are LEDs that 
produce their own light or are LCDs backlighted with the appropriate degree 
of intensity. 

One pixel as displayed on the screen might actually be made up of a collec- 
tion of these three color groups. The actual pixel size may be something like 
Fig. 11.13, made up of multiple groupings of red, blue, and green elements as 
shown. 

The actual format displayed on the screen is determined by the TV display 
standards. As indicated earlier, a sandard DTV screen uses 480 horizontal lines 
with 640 pixels per line. That creates a screen with a total of 307,200 pixels. The 
720x 1280 screen puts 1280 pixels on 720 lines for a total of 921,600 pixels. HD 
screens use 1080 lines with 1920 pixels per line for a total of 2,073,600 pixels. 
Just remember that the pixels are turned on one at a time from left to right and 
top to bottom on the screen at a very high rate of speed. 
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FIGURE 11.13 How color pixels are formed on a TV screen. Pixel format typical of LCD or 
LED screens. 


Summary of Screen Technologies 


The actual technical details of each of the different types of screens are way 
beyond the scope of this book, but a summary might be useful. A quickie review 
of each of these screen types follows. 

CRT—No longer used in modern TV sets. 

LCD—Liquid crystals are, as their name implies, a liquid made up of 
molecules whose physical orientation can be changed by the application 
of an electric signal. Different voltages change the polarization of the light 
through the liquid. By applying one level of voltage to the liquid crystal, it 
can be made almost totally transparent where maximum light passes through 
1t. Another level of voltage will twist the molecules and practically block all 
light from being passed. In this way, the liquid crystal acts almost like a cam- 
era shutter but in this case with varying degrees of transparency being possi- 
ble. The liquid crystal material is contained within glass plates. A bright light 
source, such as a fluorescent lamp or high-brightness LEDs, is placed behind 
the liquid crystal. In front of the liquid crystal is another transparent sheet 
containing the red, blue, and green pixels described earlier. The whole thing is 
sandwiched together in a very thin screen. The electrical signals applied to a 
matrix of wires cause the liquid crystals to be properly oriented for each pixel 
and to allow the correct proportion of light through to each of the red, blue, 
and green light filters. 

Plasma—Plasma screens are no longer popular. 

DLP—DLP TV sets are no longer available. 

OLED—The newest TV screens are made of tiny organic red, green, and 
blue LEDs arranged in a pixel matrix as described earlier. The base 1s an elec- 
troluminescent layer of film made of an organic compound. The organic or 
OLEDs omit their own light so no backlight is needed. They typically have 
a wider contrast for an improved picture. A newer enhanced version is called 
quantum dot technology. QLEDs as they are called give brighter colors. The 
OLED screens are the brightest available and respond fast to action scenes. 
However, they are the most expensive screens. 
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3D TV 


Yes, you actually can buy a 3D TV set that gives you that same 3D “coming- 
at-you” feeling of theater 3D. These sets are very expensive, and there 1s 
very little 3D material to see. Right now it is only available on DVD. And, 
yes, you still have to wear the special glasses. These glasses are not the red 
and green lens type but a special electronic version. The lenses use electri- 
cal polarization like a shutter that turns the left and right lenses off and on 
in synchronization with the two alternating sets of frames on the screen. A 
wireless signal (IR or radio) signals the glasses when to switch. The switch- 
ing occurs at very high speed so the effect is to see the 3D scene. 3D TV 
has not been widely accepted and for now will remain a gimmick or niche 
TV product. 


Which Screen Type Is Best? 


LCD screens are available in a wide range of sizes, but the minimum today for a 
TV set is about 19 in. Remember that these dimensions are the diagonal dimension 
from an upper corner of the screen to the lower diagonal corner. A popular LCD 
screen size is 32 in., but they are available in a wide range of sizes such as 42, 55, 
65, 85, and 105 in. 

The ability of a screen to produce high-speed motion is generally good on LCD 
screens. However, some early LCDs did produce some smearing. Recently the 
higher scan rates of 120 and 240 frames per second have essentially eliminated 
this problem. 

LCD screens dominate TV today as their price continues to drop with better 
manufacturing methods. LED and organic LED (OLED) screens are growing in popu- 
larity and will become more widely used as prices come down in the future. Even 
curved screens are now available but expensive and not popular as they offer no 
improvement in picture quality and suffer from a narrower angle of view. 


CABLE TELEVISION 


It is estimated that about 15% of all US citizens get their TV over the air with an 
antenna. But over 80% get TV via some pay TV service. Roughly 60% get TV 
from cable. While the remaining 20% get satellite TV. Why? Mainly because 
generally cable offers not only better, more reliable signals than by antenna, 
but also offers hundreds of channels of programming. But that is not all. Most 
of those who have cable also use the cable connection for high-speed Internet 
access service. Of course, you pay for all that, and it has become like a monthly 
utility bill. With the cable industry being so big, it pays to know a little more 
about it. 

It all starts with a facility called the cable head end. Another name you 
might hear is cable modem termination system, which specifically is the 
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FIGURE 11.14 Coax cable bandwidth up to 1 GHz can contain about 130 6-MHz channels. 


equipment at the head end. This is a place where the company collects video 
and programming from many different sources. It snatches signals off the air, it 
receives premium programming such as HBO, ESPN, Showtime, and Fox via 
satellites, stores movies on its large computers called video servers, and may 
even do some of its own local programming. The result is a hundred channels 
or more. 

Now each of those TV signals—video plus audio—is modulated onto carri- 
ers that are spaced 6 MHz apart just like the regular OTA TV channels. Then all 
of those modulated carriers are added together to form a very complex signal. 
That signal is then amplified and put on the outgoing cable. Fig. 11.14 shows 
what the spectrum looks like. Most cables have a bandwidth from about 50 MHz 
up to about 860 MHz-1 GHz, which will accommodate up to about 130 6-MHz 
channels. We call this process frequency-division multiplexing, where a single 
cable can carry many separate channels of data, each on a different frequency 
and bandwidth. And since the cable is shielded, it does not radiate, so it, in 
effect, duplicates the free-space electromagnetic spectrum. 

Since TV today is digital, digital modulation methods are used to put multiple 
TV signals within each 6-MHz channel. Using 16-QAM or 64-QAM, a cable 
company can squeeze several channels of video/audio into each 6-MHz chunk of 
spectrum, providing hundreds of additional slots for programming. That is why 
cable companies can advertise up to 500 channels of entertainment, news, and 
so on. 

All of the digital video/audio signals are then remodulated onto different 
channel assignments. All of these 6-MHz channels are added together or lin- 
early mixed in a multiplexer (MUX) to create a massively complex composite 
signal. This is what goes out on the cable (see Fig. 11.15). 

The signal distribution network is called a hybrid fiber cable system. This 
multiplexed signal is applied to a fiber optic cable, called a trunk cable. It is 
routed around the city, and it terminates at selected points where the signal is 
divided into multiple paths of coax cable. These so-called feeder cables are 


Cable head end (CMTS) 
r|- S n llite = Distribution 
y a ale y amplifiers 

g | 


Local > 
NS 
$ NJ 


Feeds cables (coaxial) 


r—— 


Neighborhood 
Video amplifiers 


servers 


(Fiber-optic 
cable) 


se eh eh ee el Home _ ___ 
HDMI 
Cable y TV 
box set 


FIGURE 11.15 General block diagram of modern cable TV system. 
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connected to amplifiers along the way to overcome the large attenuation of the 
cables. At some point, the feeder cables come into your neighborhood and are 
further amplified and split into multiple signals. These signals are then sent to 
your house by a coax drop cable. The most common type is 75-Q RG-6/U coax 
with F connectors. The cable comes into your home and is usually split two or 
more times and sent to wall connectors in the various rooms. These connectors 
connect the signal to a cable box and/or a cable modem for Internet access to a 
PC or a Wi-Fi router. 

The cable box is like a tuner in that its main job is to select one of the many 
channels and send it to your TV set. Fig. 11.16 shows a simplified block diagram 
of a typical cable box, usually called a set-top box (STB). The input is a TV 
tuner with channel selection via a frequency synthesizer local oscillator by way 
of your remote control. New STBs feature two or more tuners so that you can 
watch one channel and record another. The selected signal is then demodulated 
and decompressed by a digital media processor chip and then sent to the TV set 
via one of the many possible interfaces, usually the HDMI or high-definition 
multimedia interface. This is a very fast digital interface with special cable and 
connector. Most TV sets have this as the most common input. Other video for- 
mat interfaces, such as RGB, PrPbPy, or S-video, are usually provided to accom- 
modate older analog TV accessories. An additional feature of many of the newer 
STBs is a built-in digital video recorder (DVR). This is essentially a computer 
hard disc drive that records the program you want to save for viewing later. 


Other Wired TV Distribution Systems 


There are a couple of other ways that digital video is distributed to homes. One is 
a fully fiber optic system. The fiber cables go all the way from the head end to the 
homes. This was once too expensive, but today, thanks to improved fiber and other 
technologies, it is cost effective. Such systems are generally referred to as passive opti- 
cal networks (PONSs). “Passive” simply means that the signals are strong enough and 
the cable runs short enough so that no amplification is needed along the way. The 
digital video and audio are modulated onto IR light beams and sent down the cable. 
Because fiber has such wide bandwidth, data rates are extremely high, over 1 GB/s 
in the newer systems. This allows not only digital video to be transmitted but also 
very-high-speed Internet service. Such systems use standards such as Ethernet PON 
or GPON for gigabit PON. Typical US systems are Google Fiber and Verizon Fios. 
TV is also distributed over digital subscriber lines (DSLs) (Chapter 9). The signals 
travel via fiber to the neighborhoods. From there they are split off, and the signals 
travel via in-place twisted-pair telephone lines. New forms of modems using a form 
of OFDM called discrete multitone transmit the signal over the twisted pair at high 
speeds. These lines are now used just for high-speed Internet service and are referred 
to as asynchronous digital subscriber lines (ADSLs or just DSLs). Newer versions 
called ADSL2 and ADSL2+ or VDSL for video DSL provide data rates from 26 to 
52 Mbps on standard phone lines. Newer systems use an advanced form of DSL 
called G-fast that can achieve an aggregate of 1 Gbps on standard installed lines. 
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FIGURE 11.16 Simplified block diagram of modern cable box with DVR. 
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For Internet access, you connect a cable modem to the coax cable, and it 
automatically selects the channel where the data services are assigned. The 
modem goes to your computer or a Wi-Fi router via an Ethernet cable. 


SATELLITE TV 


Satellite TV technically is also OTA TV or radio, but instead of the signals 
coming from one or more local TV stations over broadcast towers, the signals 
emanate from a geosynchronous satellite 22,300 miles away orbiting around the 
equator (see Fig. 11.17). The satellite transponders operate in the Ku band with 
frequencies of 10.95—14.5 GHz. This system is referred to as direct broadcast 
satellite. 

The satellite TV company gets its TV like the cable companies and brings it 
all together at a single Earth station head end where it is all collected and trans- 
mitted on an uplink to the satellite in the 14-14.5 GHz range (see Fig. 11.18). 
The signals are then amplified in the satellite and rebroadcast on the downlink 
frequencies at 10.95-12.75 GHz. A high-gain antenna focuses the signals on the 
United States or other country of interest. 

Down on Earth, satellite TV subscribers have a special receiver and antenna. 
These are illustrated in Fig. 11.19. The antenna is usually a small dish or para- 
bolic reflector antenna about 18 in. in diameter. The antenna is usually a small 
horn. Also inside the antenna assembly is a low-noise amplifier (LNA) to boost 
the small signal from the satellite. This is then sent to a mixer along with a local 
oscillator signal to downconvert the signals into the 950—2100 MHz range. This 
signal is then routed by coax to the satellite receiver. The LNA/mixer assembly 
at the antenna is called a low-noise block converter. This receiver signal pro- 
cessing at the antenna is necessary because the Ku band frequencies of 10.95— 
12.75 GHz are so high they would be far too greatly attenuated by the antenna 
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FIGURE 11.17 TV distribution satellites in geosynchronous orbits act as wireless relay stations. 
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FIGURE 11.18 Video from all sources is transmitted uplink to satellite that rebroadcasts it back 
to Earth over downlink to home receivers. 
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FIGURE 11.19 Satellite TV home system consists of antenna with low-noise block converter, 
receiver, and TV set. 


coax cable to the receiver. So downconverting to the lower frequency allows 
coax to be used to the receiver. 

The satellite receiver is like the cable box in that it is used to select the 
desired channel and demodulate it for the TV set. The satellite signals are all 
digital and transmitted in packets 147bytes long. A satellite receiver is shown 
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FIGURE 11.20 Simplified block diagram of satellite TV receiver. 


in Fig. 11.20. MPEG-2 video decompression is used. The recovered signals are 
then sent to a DTV receiver, typically via an HDMI port. 


OVER-THE-TOP TV 


Over-the-top (OTT) TV is a video that streams the DTV signal to you over the 
Internet. In the United States some of the popular sources are Amazon, Hulu, 
and Netflix. The signal comes to you by your cable or DSL service usually to 
a Wi-Fi router. The router delivers the signal wirelessly to an OTT box or con- 
verter. Some common boxes are from Apple TV, Roku, or Amazon. The box is 
then connected to your TV set by and HDMI cable. Smart TVs have the Wi-Fi 
built in. 

Streaming means that the compressed video comes to you in real time 
assuming your Internet service is fast enough. Streaming is video as it is occur- 
ring in contrast to downloading a video and storing it for play later. Your OTT 
box usually buffers or stores the video stream and feeds it continuously to the 
display. 

Movies are the most common content but also available are older TV series, 
documentaries, and travel videos. Audio can also be streamed this way from 
services such as Spotify. 


CELL PHONE TV 


You can watch T'V on your smartphone and you probably already do. Short 
video clips come via text or email. With Internet access you can also see TV 
from a mix of sources such as YouTube. If you have an OTT service such as 
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Amazon, Hulu, or Netflix, you can watch TV series and movies by way of a 
Wi-Fi connection to your home router and OTT provider box (Roku, Apple TV, 
etc.) The picture is small but of high quality. 


CLOSED-CIRCUIT TV 


Closed-circuit TV (CCTV) is used primarily for surveillance. You have seen 
the small wall- or ceiling-mounted TV cameras in stores, airports, companies, 
and today on the streets. The video signals are routed to a central point where 
multiple TV sets or monitors are set up for observation. 

In many installations, the video is transmitted directly over coax cable to 
the monitors. There is no modulation involved. However, in some cases, when 
remote cameras are used, a wireless link via 2.4 GHz is typical. Of course, mod- 
ulation is then used in the transmission so that a receiver is needed at the view- 
ing end to recover the video. 

Many installations also have video recorders (VHS tape or DVD) to capture 
several minutes or hours of video. In the past, most cameras were black and 
white, but today more and more use color and high definition. 


DIGITAL VIDEO DISCS 


The formal meaning of DVD 1s digital versatile disc. Its main use is video but 
it can also store computer data or audio. It is the storage medium of choice for 
movies, music videos, and other video programming. It has virtually replaced 
the VCR. 

The basic DVD storage medium is a disc that is almost identical to the CD 
discussed in Chapter 10. The disc is the same size (120-mm diameter), but it 
is formatted differently to store many more bits and bytes of data. While the 
CD can store up to about 700 MB, the DVD can store about 4.7 GB, that is, 
gigabytes or billions of bytes. And that is just the basic one-sided disc. There 
are also single-side/double-layer discs, double-sided/single-layer, and double- 
sided/double-layer versions that can store even more, up to 15.9GB. 

The storage method is the same. A laser beam burns pits into a spiral track. 
The data is represented as pits and lands as described earlier in the CD discus- 
sion (see Figure 10.6). The big difference is that the size of the pits 1s signifi- 
cantly smaller and the track spacing is less than half the CD spacing, that is, 
1.6um (1600nm) versus 740nm. A nanometer is 1-billionth of a meter. With 
smaller pits and tighter spacing, the disc can hold significantly more data. 

But that is not the whole story. The video is also compressed. Unlike the 
audio on a CD, which is not compressed, digital video is compressed with the 
MPEG-2 standard described earlier. This gives roughly a 40-to-1 compression. 
In that way, a full 2h of video can be stored. 

As for audio, the format is as described in Chapter 10 for CDs, but DVD 
audio is Digital Dolby Surround Sound 5.1 using six channels of 16-bit, 
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44.1-kHz digital sound. Audio DVDs are also available with 192-kHz sam- 
pling of the audio with 24-bit ADCs, giving even greater fidelity and low-noise 
performance. 


How a DVD Player Works 


Fig. 11.21 depicts the block diagram of a typical DVD player. First, note the 
motor that drives the disc. It is a variable-speed device that changes speeds as 
the pickup mechanism moves from inside to outside as it reads the spiral track. 
The pickup head uses a laser that shines on the disc to read the pits and lands. 
Because of the closer spacing, a higher-frequency (shorter wavelength) laser is 
used. CD players use a 780-nm laser, while DVD players use a 640-nm laser 
that has a smaller focused beam. 

The photodetector in the head picks up the laser reflections and sends the 
10Mb/s data stream to the processing chips. In some players, a single-chip 
application-specific device handles all of the digital processing from demulti- 
plexing, to error detection and correction, decoding, and MPEG-2 decompres- 
sion. All this may be in separate chips in some players. 

In any case, the MPEG-2 data goes to a video decoder and to multiple DACs 
that recreate the original analog RGB signals. Various video formats are used, 
such as RGB, YCrCb, and YPrPb, each of which needs three DACs each. Most 
DVD players also decode regular composite video and S-video. 

The separated audio signals go to an audio codec that contains the DACs 
that recover the audio content either in basic stereo or 5.1 surround sound. As 
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FIGURE 11.21 Block diagram of standard DVD player. 
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for interfaces, an HDMI output is provided. Most players also have an Ethernet 
port and USB connections. 

Do not forget that some of the later models are also DVD recorders. They 
play DVDs but also burn new ones with video from the TV set, cable box, satel- 
lite box, or a built-in tuner. 


Blu-ray DVD 


Blu-ray is the most recent generation of DVD medium and players. The discs 
are the same size but thanks to even smaller pits, lands, and track spacing, even 
greater storage capacity is available. With 320-nm track spacing and a 405-nm 
(blue light wavelength) laser, the single-sided disc can hold up to 25 GB of data. 
That 1s enough to store two full-length HD movies or 13h of standard-definition 
video. A double-layer version is also available that doubles those storage fig- 
ures. Blu-ray uses MPEG-2 compression but also supports other video com- 
pression standards such as MPEG-4/H.264 and VC-1. 


Virtual and Augmented Reality 


Virtual reality (VR) is an emerging video specialty that is used to reproduce or 
simulate an alternative reality. Using computer generated images and related 
sound, the user can experience an almost real or even an imaginary environ- 
ment. 3D images can be produced. 

VR is experienced by way of special goggles called a VR headset. This bin- 
ocular head-mounted display completely covers the eyes and is often used with 
speakers or headphones in addition to motion sensors attached to the hands to 
duplicate motion and generate interaction and other involvement in the scenes 
presented. The computer generated scenes and situations that make the viewer 
feel as though they actually exist in this artificial setting. Various scenarios are 
produced, presented, and interacted with by the user. 

Commercial VR products are now available from several sources. A power- 
ful PC is required to meet the software requirements. Most of the software is 
related to computer games although a developing application is simulating real 
environments for training and education. Other applications are being explored. 

VR produces a very real, immersive, and sometime intense experience. Any 
simulated motion has produced nausea in some users. 

Augmented reality (AR) is a variation of VR that also uses goggles to 
enhance an existing scene or environment. The user views a current setting 
directly or by way of a video camera and that scene is overlaid with a computer- 
generated augmentation for some application. A heads-up display in a car wind- 
shield is a type of example. A current scene or situation 1s artificially modified 
by the computer overlay in real time. 

AR applications are still developing, but current uses include games, mili- 
tary, training and education, manufacturing, and medical. Microsoft HoloLens 
is an AR product. 
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Project 11.1 


Look at a Pixel 
Get a magnifying glass and hold it up to your TV screen to see the individual color 
pixels or subpixels. What is their shape? 


Project 11.2 


Try Over-the-Air TV 

If you get your TV by cable or satellite, try receiving local channels on an antenna. 
Use an indoor antenna for simplicity. You can buy a set of “rabbit ears” or other 
indoor antenna from a local electronic store such as Best Buy, Fry’s, or Walmart. 
Or try an outdoor antenna. You can get some channels on a simple loop of wire 
1 yard long. 
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Chapter 12 


Industrial Control 


How to Automate: Monitor, Process, and Control 


In this Chapter: 


Control defined. 

Open and closed control systems. 

Sensors and transducers. 

Actuators like relays, solenoids, and motors. 
Thyristors. 

Programmable logic controllers. 

Data acquisition systems. 


INTRODUCTION 


Industrial control is one of the four major applications of electronics. In indus- 
trial control, electronic components, circuits, and equipment are used to operate 
various types of machines in manufacturing plants. Most industrial machines 
such as robots are mechanical in nature but electrically operated. Most are pow- 
ered by electric motors or other actuators. To operate the machine, electrical 
power must be properly controlled. Industrial control electronics is used to turn 
machines off and on at the appropriate time, control their speed of operation, 
and otherwise produce the desired manipulations. 

Electronic control is not confined to industry. There are lots going on in the 
home and car as well. The principles given here apply to those applications as well. 


OPEN- AND CLOSED-LOOP CONTROL 


The basic industrial control process is illustrated in Fig. 12.1. Electrical inputs, 
such as switches, sensors, or other devices, are used to initiate an electronic 
control process. The signal-processing circuits generate control output signals 
that are used to operate the industrial machines. This basic process is known as 
open-loop control. The typical device being controlled by the output signals is 
an electric motor that operates a machine. Other outputs could operate lights, 
relays, solenoids, or a variety of other devices. 
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FIGURE 12.1 General block diagram of industrial control process. 
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FIGURE 12.2 Open-loop control system for filling vat with liquid via a pump. 


Open-Loop Control 


A simple example of an open-loop control system is shown in Fig. 12.2. The 
input is a switch that applies electrical power to a motor. The motor, in turn, 
operates a pump that causes liquid to be put into a vat or tank. As soon as the vat 
is full, the operator turns the switch off. The basic control process in this system 
is simply turning power off and on to control the pump. The operator visually 
monitors the level in the vat until the correct level 1s reached. 


Closed-Loop Control 


An improved form of industrial control system is illustrated in Fig. 12.3. It is 
known as a closed-loop control system. The system is given an initial input 
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FIGURE 12.3 Generic diagram of any closed-loop control system with feedback. 


reference called the set point. The set point 1s usually a voltage that represents 
some physical value that 1s to be achieved. It is applied to an error detector that 
compares this input to a signal from the controlled devices. If the two signals 
are different, an error output is produced. This error signal is processed (usually 
amplified), and an output control signal is derived from it. It is this output signal 
that operates the controlled device. A transducer monitors the controlled device 
to see that the desired outcome is obtained. The signal from this transducer is 
called feedback. The feedback signal is compared to the input to produce the 
error signal. The control signal operates the controlled device until the error is 
reduced to zero. At that time, the desired output condition, where the feedback 
equals the set point, is obtained. 

The key to closed-loop control is the feedback. Feedback signals tell the sys- 
tem whether the machine is performing correctly. The feedback signal allows 
the system to adjust itself in such a way that the desired output is continuously 
accomplished. Control is automatic. 

A closed-loop version of our system to fill a vat with liquid is shown in 
Fig. 12.4. An initial input signal is applied to start the process. If the vat is not 
full, the transducer will sense it and send a signal to the error detector that says 
the liquid level is low. The error detector generates an output signal that is pro- 
cessed and used to start the pump motor. The motor rotates the pump, which puts 
liquid in the tank. When the vat is full, the sensor will generate a signal that is 
sent to the error detector. The error is now zero, so the pump motor is turned off. 

The primary benefit of a closed-loop control system is that its operation is 
automatic. In the open-loop system, an operator has to turn the system off and 
on manually to fill the tank. In the closed-loop control system, the operator 
gives an initial input, called the set point, to which the error detector will com- 
pare the feedback signal from the sensor. He or she turns the system on. From 
that point on, operation is automatic. The pump turns itself off when the vat is 
full. If the liquid level drops below the desired level due to usage, the sensor 
indicates a low level and automatically turns on the motor so that the pump will 
again fill the tank. When the tank is full, the unit shuts off by itself. 

Most industrial control systems are closed loop to make them automatic. And 
your home has some as well. Your toilet flusher is a closed loop as is your heating 
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FIGURE 12.4 Filling vat with liquid automatically with closed-loop control system. 


and air conditioning (HVAC) thermostat. Appliances such as your washer, dryer, 
and dishwasher are other examples of closed-loop control. All of them contain a 
microcontroller with sensors, timers, and feedback to make them totally automatic. 


Controllers 


While many industrial control applications are implemented with simple control 
circuits, most industrial control is carried out by specialized instruments called 
controllers. These units accept inputs from sensors, condition them, process 
them, and then generate output control signals. 

A good example of an analog controller is one used to control the tempera- 
ture in a system. A resistive temperature sensor is used to monitor the tempera- 
ture of the liquid in a pipe. If the temperature goes up, the sensor output goes 
up. This is sensed by the controller circuitry. Inside the controller, a comparator 
is set to a desired temperature threshold. Should the temperature exceed a speci- 
fied set point, the controller will turn off the device heating the pipe and liquid. 
Should the temperature drop below another set point temperature, the controller 
will turn on the heating device in an effort to maintain the set point temperature. 
While the heating element will be turning off and on, it will produce the desired 
average overall temperature. 
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FIGURE 12.5 Closed-loop control system for motor speed control and regulation. 


A continuous analog controller will provide proportional control rather than 
an on/off response. For instance, suppose that you want to control the speed of a 
motor. The system depicted in Fig. 12.5 does this. You want the motor to stay set 
to the speed you want, say 1200rpm. A pot connected to a voltage represents that 
speed value. The voltage is applied to an error detector along with the feedback 
input from a tachometer. A tachometer is a device that senses rotational speed 
and develops a proportional DC voltage. That voltage is sent to the error detector 
and compared to the set point. If they are different, an error voltage is developed. 
This voltage is then amplified and applied to the motor. The speed of a DC motor 
is proportional to the voltage applied to it. So 1f the motor slows down, the error 
voltage is increased and that is amplified and applied to the motor speeding it up 
to compensate for the speed drop. A speed up in the motor produces an increased 
tachometer output. The resulting error signal causes the motor speed to drop 
until the error is zero. With such a circuit, the motor speed remains constant. 

An analog controller is a product made up of the set point pot, error detector, 
and a selection of amplifiers whose gain can be varied and an output ampli- 
fier that can drive the motor or other device. Many different types of commer- 
cial electronic controllers have been developed to monitor and control physical 
characteristics such as pressure, physical strain, weight, liquid flow rate, physi- 
cal position, or liquid level in a tank. Digital controllers that contain a micro- 
computer are also available. 


SENSORS 


An essential element of most control systems is the inputs from sensors. Sensors 
are the components that detect physical changes or events and convert them 
into electrical signals to be processed. Sometimes the term transducer is used to 
refer to the sensor. A transducer is a device that converts one type of energy into 
another such as mechanical energy to electrical. There are literally hundreds of 
different types of sensors. A few examples of the most common types follow. 
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Temperature Sensors 


Temperature 1s probably the most often sensed physical characteristic. Temperature 
sensors convert temperature to a resistance change or voltage change. The most 
commonly used temperature sensors are RTDs, thermistors, and thermocouples. 

RTD—An RTD is a resistive temperature device. It is essentially just a plati- 
num wire whose resistance varies with temperature. Most of them have a resis- 
tance of 1000 at zero degrees Celsius (0°C). As the temperature changes, the 
resistance changes to reflect the change. RTDs have what we call a linear posi- 
tive temperature coefficient. That is, as the temperature goes up, the resistance 
goes up and vice versa. 

To convert the resistance variation into a voltage, the RTD is usually put into 
a bridge circuit as shown in Fig. 12.6. The bridge is initially balanced with the 
variable calibrate control (CAL) to produce zero output at a given temperature. 
Then if the temperature varies, the bridge becomes unbalanced and a voltage is 
produced. This is then amplified into a larger voltage that is a measure of the 
temperature. The output can be measured with a meter or it can be digitized for 
use as input to a digital system for display or control. 

Thermistor—A thermistor is a resistor whose resistance has a negative 
temperature coefficient. As temperature goes up, the resistance goes down and 
vice versa (see Fig. 12.7A). The resistance change is much greater than that of 
an RTD. The thermistor can be used in a simple voltage divider to develop an 
output voltage or in a bridge circuit like the RTD (see Fig. 12.7B). 

Thermocouple—A thermocouple is a unique type of temperature sensor, 
as it develops a voltage rather than a resistance change. It is formed with two 
dissimilar metals. If the junction of the metals is heated, a voltage is developed. 
The voltage is usually in the millivolt range so that it usually has to be amplified 
before it becomes useful. The thermocouple’s main advantage is its accuracy at 
very high temperatures. 
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FIGURE 12.6 Most resistive sensors such as an RTD or thermistor are placed in a bridge circuit 
to condition them to provide amplified output voltage. 
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FIGURE 12.7 Characteristic curve of thermistor and simple voltage divider circuit producing 
output voltage. 


Solid state—Diodes and transistors make good temperature sensors. A 
silicon diode has a very linear voltage drop variation that decreases with an 
increase in temperature. This is true of the emitter—base junction of a bipolar 
transistor as well. Zener regulator diodes exhibit a similar response. The sen- 
sor 1s usually packaged into a complete integrated circuit with an amplifier that 
produces a voltage output proportional to the temperature variation. 


Pressure Sensors 


A pressure sensor responds to force or pressure. There are many different types. 
A widely used kind is called a strain gauge. A strain gauge is essentially a thin 
pattern of metal deposited on a plastic base like that shown in Fig. 12.8. It has 
a specific value of resistance. A value of 120Q is common. The strain gauge is 
then glued or cemented with an adhesive to the object to which the pressure is to 
be applied. An example is a steel beam. When pressure is applied to the beam, it 
will bend. As it bends, it stretches or compresses the strain gauge resistance ele- 
ment. If the resistive element is stretched, its resistance increases. If it is com- 
pressed, the resistance decreases. Knowing the specific characteristics of the 
resistance change per pound of pressure, an exact measure of the pressure can 
be determined. Mostly strain gauges are used in a bridge circuit like that shown 
in Fig. 12.6. Since the resistance variation is small and the resulting bridge cir- 
cuit output is small, a special amplifier called an instrumentation amplifier is 
used. It has differential inputs and very high gain. 
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FIGURE 12.8 Strain gauge is a resistive element whose value changes with stress or pressure. 


A special pressure sensor called a load cell is typically made up of strain 
gauges. It is fully calibrated to provide a specific voltage output with a spe- 
cific pressure. Load cells are widely used for weight measurement. An example 
application is the use of load cells in truck weighing scales. 

There are other forms of pressure transducers. Many are solid-state devices 
with an output voltage proportional to pressure. Piezoelectric pressure trans- 
ducers use the voltage produced by certain types of crystals or ceramics when 
pressure is applied to them. 


Switches 


Switches are widely used as sensors. Switches are mechanical devices with 
electrical contacts that open or close with a particular physical movement. 
Switches are used to detect mechanical movement and specifically to determine 
when the limit of some physical device has been reached. Called limit switches, 
these devices have various arms and mechanisms that permit ease of use in a 
variety of situations. Examples of such switches are those that can detect when a 
cabinet door is open or closed or a switch that senses when a mechanical device 
reaches a specific point where motion must be stopped. And of course, a human- 
operated switch may be the most common. It is usually a button that is pushed 
to initiate or stop some action. 


Potentiometers 


A potentiometer is a variable resistor or variable voltage divider. While most 
electronic pots are rotary devices, they also come in a linear variety. The vari- 
able arm of the pot is controlled by some external mechanical device. Then by 
using the resistance value of the pot or the voltage it produces as a variable volt- 
age divider, it can be used to sense mechanical position. 
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Photoelectric Sensors 


One of the most widely used industrial transducers is a photoelectric sensor. 
A photoelectric sensor is a component that responds to light and produces an 
electrical signal that can initiate some operation. 

There are three basic types of photoelectric sensors. These are the photore- 
sistive or photoconductive cell, the photovoltaic cell, and the phototransistor. 
The photoconductive sensor is a light-sensitive resistor. Its schematic symbol 
is Shown in Fig. 12.9A. The resistance of the device varies with the amount of 
light falling on it. With no light falling on the sensor, its resistance will be very 
high, 100,000Q or more. When bright light shines on the sensor, however, its 
resistance will drop to a very low value, usually several hundred ohms or less. 
Of course, at a light level between bright and dark, the resistance of the device 
will be somewhere between 100Q and several hundred thousand ohms. The 
resistance 1s inversely proportional to the light level. 

Another type of photoelectric device is the photovoltaic cell, whose sche- 
matic symbol is illustrated in Fig. 12.9B. This is the solar cell described in an 
earlier chapter. Whenever bright light falls on the cell, it will generate a small 
DC voltage. The maximum output of a typical photovoltaic cell is approximately 
0.45-0.5V. At lower light levels, the output voltage will be less. Photovoltaic 
cells are used primarily in power generation systems for producing charging 
voltage for batteries in satellites and other remote systems. Multiple cells are 
connected in various series and parallel combinations to get the desired voltage 
level and current capacity. In some applications, the photovoltaic cell can be 
used for industrial control. These are also found in portable calculators. Two AA 
cells at 1.5 V each produce 3 V in series. To generate 3 V with 0.5-V solar cells, 
you would need to connect six in series (6x0.5=3V). 
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FIGURE 12.9 Schematic symbols for photo cells. (A) Photoconductive or photoresistive, (B) 
photovoltaic or solar cell, and (C) photo transistor. 
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FIGURE 12.10 Photodiode and its simple output circuit. 


A silicon diode can also be used as a light detector. Special diodes in 
clear housings are often used to detect light. These are called photodiodes. 
Photodiodes are operated in the reverse-biased direction, as shown in Fig. 12.10. 
With no light falling on the diode, it is cut off, so there is no voltage across R4. 
When light strikes the diode, its reverse leakage current increases dramatically, 
causing a voltage drop to occur across R4. 

A phototransistor is a light-sensitive transistor. Its symbol is given in 
Fig. 12.9C. It only has two terminals, the emitter and the collector. The device 
has a base, but typically it has no lead. Instead, the device is built so that when 
the base is exposed to light, it will cause the emitter—base junction to conduct. 
When light strikes the base, it causes ionization, which simulates base current 
flow. Therefore, the transistor conducts between emitter and collector. The pri- 
mary advantage of a phototransistor is its very high sensitivity over a photodi- 
ode. It will conduct even with a small amount of light applied to the base. The 
transistor essentially provides amplification so that small light levels can control 
a large current. 

A typical closed-loop control circuit using a photoelectric cell is illustrated 
in Fig. 12.11. This circuit will automatically turn a light on when it gets dark 
and turn the light off when it is light again. Note that a photoresistive cell is 
connected as part of a voltage divider with resistor R,. The DC voltage from 
this voltage divider is applied to one input of an op amp comparator. The DC 
reference input to the comparator comes from a voltage divider made up of R, 
and R3. The potentiometer can be used to adjust the DC reference voltage or set 
point. The output of the comparator drives a switching transistor Q,, which will 
turn the relay K, off or on. This, in turn, operates the light. 

When the photoresistive cell is exposed to light, its resistance will be very 
low. Therefore, the voltage from the voltage divider will be low. It will be less 
than the DC set point voltage and the comparator will not be triggered. The 
output of the comparator will be a negative voltage, which will reverse bias the 
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FIGURE 12.11 Simple off/on photo control circuit. Light turns on automatically at dark and off 
when light is present. 


emitter—base junction of the transistor and keep it turned off. As soon as it gets 
dark outside, the resistance of the photocell will increase. This will cause the 
voltage divider output to increase. At some point, the voltage will be higher than 
the set point voltage, causing the comparator to switch. This applies a positive 
voltage to the transistor base, turning it on, and then turning on the relay and the 
light. The light will remain on as long as the photoconductive cell is in the dark. 
But as soon as light shines on the photocell, the voltage divider output voltage 
will drop, thereby triggering the comparator and turning off the transistor, the 
relay, and the light bulb. By adjusting the reference or set point voltage with 
potentiometer Rz, the triggering point can be varied, so that the light will be 
turned off or on at the desired level of ambient lighting. 

This same basic concept can be used to produce a variety of industrial con- 
trol operations. For example, you could use the circuit as an entry or intru- 
sion detector. Shine a light on the photocell. If someone or something comes 
between the light and photocell, the circuit will trigger and the relay could then 
be used to operate a bell or buzzer or light. 

Another example of a photoelectric controller is a tachometer circuit used 
for measuring the speed of a rotating shaft. Fig. 12.12 shows a small, plastic 
wheel connected to the shaft of a motor. There are alternate clear and opaque 
areas on the disk. The disk is positioned so that it is between the light-emit- 
ting diode (LED) and the phototransistor. As the disk rotates, the dark opaque 
areas will block the light, while the clear areas pass the light from the LED to 
the phototransistor. When a clear area on the disk passes, the LED light will 
shine through it, hitting the phototransistor, and turning it on. When a dark area 
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FIGURE 12.12 Simple tachometer circuit using phototransistor to create pulses that are averaged 
into a DC voltage proportional to speed. 


passes, the light will be blocked and the phototransistor will turn off. The rap- 
idly rotating disk will cause the transistors to turn off and on very rapidly. This 
rapid conduction and nonconduction of the phototransistor causes a series of 
pulses to occur at the output of Q,. These pulses are used to trigger the one-shot 
multivibrator. 

The one-shot multivibrator produces a series of fixed, amplitude-width 
pulses. These are applied to an RC low-pass filter made up of C, and R,. This 
filter will average the pulses into a DC voltage. This output voltage is propor- 
tional to the motor speed. If the speed of the motor should increase, the pulses 
occur at a more rapid rate. This means that the pulses occur closer together, and 
thus the average voltage across C, goes up. A DC voltmeter connected to the 
output can be used to indicate the speed. At low speeds, the meter indication 
will be low, while at high speeds it will be high. The meter dial itself can be 
calibrated in terms of revolutions per minute (rpm), thereby giving an accurate 
speed indication. 


Flow Sensors 


These devices have liquid or gas pass through them and measure the amount of 
flow in gallons per minute or other measure. They develop an output voltage 
proportional to flow rate. 

There are too many other sensors to catalog here but in most cases there is a 
sensor to convert any physical variable into a voltage to be measured. 
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OUTPUT DEVICES 


An output device or an actuator is the thing that is most often controlled in a 
control system. The two most common types of actuators are relays and motors. 
There are many types of both. 


Relays 


A relay is an electromagnetically operated switch. A typical relay, and its sche- 
matic symbol, is illustrated in Fig. 12.13. Its main components are a magnetic 
coil and a set of switching contacts. With no current applied to the coil, the spring 
keeps the armature pulled down, so that the contact arm makes connection with 
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FIGURE 12.13 Cross-sectional view of typical relay showing major components and schematic 
diagram. 
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the upper, normally closed (NC) contact. When current is applied to the coil, 
a magnetic field is produced. This magnetic field attracts the steel armature, 
opening the upper contact, and closing the lower, normally open (NO) contact. 
The contacts form a single-pole, double-throw (SPDT) switch. When power is 
disconnected from the coil, the magnetic field ceases, and the contacts return to 
their initial state because of the spring. 

Relay coils are designed to be operated from either AC or DC. The con- 
tacts are small circular disks of silver or tungsten. These materials are chosen 
because they will handle a large amount of current with minimum burning, arc- 
ing, and pitting. 

The various kinds of switching contacts used in relays are illustrated in 
Fig. 12.14. NO contacts are referred to as form A. Applying power to the coil 
closes the contacts. NC contacts are referred to as form B. When power is applied 
to the relay coil, the contacts open. SPDT switching contacts are referred to as 
form C. When power is applied to the relay coil, the contact arm moves from 
contact A to contact B. Form C contacts are usually of the break-before-make 
variety. That is, contact A opens before the arm touches or “makes” contact B. 

Sometimes you will hear the expression that a relay has been “picked” or 
“picked up.” This means that power has been applied to the relay coil, and its 
contacts have been moved according to their function, and switching of a circuit 
has occurred. 

Most relays usually have more than one set of contacts, so that multiple 
switching operations can be performed simultaneously. The various contact 
arms are ganged together so that they operate together when power is applied 
to the coil. A common configuration is two form-A contacts ganged to form a 
double-pole, single-throw (DPST) relay. Putting two form-C contacts together 
on the same relay produces a double-pole, double-throw (DPDT) relay. 
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FIGURE 12.14 Common relay contacts. (A) Form A, (B) form B, and (C) form C. 
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FIGURE 12.15 Reed relay. 


Another widely used type of relay is the reed relay, illustrated in Fig. 12.15. 
The heart of the reed relay 1s a reed switch that consists of two thin, metallic, 
reed contacts sealed in a glass tube. The reed contacts are made of a magnetic 
material, so that they will be magnetized when a magnetic field is applied to 
them. A coil consisting of many turns of fine wire is wound on a form and 
placed over the reed switch. When power 1s applied to the coil, a magnetic field 
1s produced. This magnetic field magnetizes the two reeds as 1f they were bar 
magnets. One end of each reed will have a north pole and a south pole. The 
reeds are positioned so that the north pole of one will attract the south pole of 
the other. Remember, magnetic theory says that unlike poles attract, whereas 
like poles repel. The result is that the contacts will move toward one another 
and touch, making a good electrical connection. When power 1s removed from 
the coil, the contacts become demagnetized and spring apart. The reed relay will 
also operate by moving a permanent magnet near it. When the magnet is near, 
the contacts will close. This is a common way to sense open windows or doors 
in a home security system. 

The contacts on reed relays cannot handle as much power as the contacts on 
conventional relays because they are smaller. As a result, they are used only in 
lower current power applications. However, the contacts on a reed relay open 
and close faster than those of a larger standard relay. Reed relay contacts can 
open and close in a few hundred microseconds, while standard relays require 
many milliseconds to open or close because of the larger contacts and the related 
structures that must be moved. 

Relays are used in two basic ways in industrial control: 


1. To control a larger current with a smaller current. 
2. For remote control. 


Let us examine the use of a relay for controlling a larger current with a 
smaller current. A good example of this is the starting system in your car. A 
large, heavy-duty DC motor is used to spin the flywheel on the car’s engine to 
start it. This motor draws a current of hundreds of amperes. To turn the engine 
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and start the car, the battery must be connected to the starter motor. This could 
be done directly by having the ignition switch connect the battery to the motor. 
However, this switch would have to have very large contacts to handle the high 
current. Such a switch would be large and expensive to build. The large heavy 
wires from the battery to the motor would have to be lengthened and brought 
up into the car. 

A better solution is to use a smaller ignition switch to control the current 
applied to a relay coil (see Fig. 12.16). The relay coil draws considerably less 
current than the motor; therefore, the switch contacts need not be large or 
expensive. The switching contacts on the relay are much larger and will carry 
the high motor current. When the ignition switch 1s turned on, 1ts contacts 
close, applying current to the relay coil. The form-A relay contacts close, 
connecting the battery to the starting motor. When the car starts, the ignition 
switch 1s released, the relay drops out, and the starter motor shuts off. 

Another application of a relay is remote control. Again, the starting system 
of a car is a good example. The load to be controlled, in this case the starter 
motor, is located remotely from the ignition switch. If the ignition switch were 
used to apply current to the motor, long wires would be required to connect the 
battery, the motor, and the switch. Heavy wire conductors would have to be 
used to carry the high current. The longer the interconnecting wires, the higher 
the resistance of the circuit. While large conductors have minimum resistance, 
when high current flows through them, voltage drops still occur. The voltage 
dropped across the interconnecting lines subtract from the battery voltage avail- 
able for the motor. The voltage drops might be excessive, unless very large, 
expensive, and inconvenient conductors are used. 
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FIGURE 12.16 Controlling a large current with a smaller current with a relay. 
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To eliminate this problem, a remote relay is used. The relay itself 1s located 
near the starter motor and the battery. In this way, the interconnecting leads can 
be kept short, thereby minimizing voltage drops. Since the relay operates from 
very low current, longer interconnecting wires can be used to attach it to the 
ignition switch without noticeable voltage drops. 

In some industrial control applications, the load to be operated is located 
at extreme distances from the switch used to control it. The current controlling 
the device does not have to be passed through very long conductors if a relay is 
used. Small conductors running to the switch remotely from the load control the 
relay while the relay turns the load off and on. 

Relay contacts stay closed (or open) as long as power is applied to the coil. 
This means that the switch operating the relay coil must be kept closed if the 
relay is to remain actuated. There are applications, however, where it is desir- 
able to use a momentary contact switch to operate the relay. An example is a 
pushbutton that, when depressed, causes contacts to be closed and power to be 
applied to the relay. When the button is released, a spring causes the contacts 
to open. With such an arrangement, the relay will close momentarily while the 
button is depressed, but will drop out when the button is released. The objective 
is to cause the relay to latch into its actuated position when the coil is momen- 
tarily pulsed. Such a relay is called a latching relay. Some latching relays use 
a mechanical arrangement on the armature to cause the contacts to latch closed 
when the coil is momentarily pulsed. 

A relay can be made to latch electrically if it has an extra set of contacts. 
A typical latching circuit is shown in Fig. 12.17. This relay has two sets of 
form-C contacts that operate simultaneously. The lower set of contacts is used 
to operate the load. The upper set of contacts is used to automatically latch the 
relay once it is pulsed. Switch Sı is a NO momentary contact pushbutton that 
is used to apply power to the relay coil. Depressing the button causes the relay 
coil to operate, closing the contacts. The lower set of contacts operates the load 
as desired. The upper set of contacts applies the power to the coil. Thus, when 
pushbutton S4 is released, the circuit to the relay coil remains closed through 
the upper-latching contacts. To turn off the circuit, NC pushbutton S, must be 
depressed. This breaks the relay coil circuit, removing power. The relay drops 
out, opening the load contacts and the latching contacts. 

While many relay coils are operated by mechanical switches, others are 
operated by a transistor. A typical transistor-controlled relay circuit is shown 
in Fig. 12.18. The transistor is operated as a switch. When the base is grounded 
through contact B on S}, the transistor is cut off and acts as an open switch. 
Therefore, no current flows in the relay coil. When a voltage is applied to the 
base resistor, through contact A on S4, the transistor saturates, acting like a very- 
low-resistance or “on” switch. Current flows through the relay coil, operating 
the contacts. Removing the base current from the transistor turns the transistor 
off, terminating current in the relay. With this arrangement, an even smaller 
current can be used to control the already small relay current. A base current, of 
only microamperes, is sufficient to cause the transistor to operate. 
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FIGURE 12.17 Latching a relay with its own contacts. 
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FIGURE 12.18 Operating a relay with a transistor is a common application. The diode protects 
the transistor when power is removed from the relay coil. 
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In the circuit of Fig. 12.18, when base current is removed from the transistor, 
the transistor will cut off. When current through the relay coil ceases, the mag- 
netic field around it collapses. In doing so, the magnetic field induces a very high 
voltage in the relay coil. This very high voltage will be applied to the collector of 
the transistor. This voltage could be as high as several hundred, or even thousands, 
of volts, depending on the relay coil. Such a high voltage will damage the transis- 
tor. To protect the transistor against such occurrences, some kind of voltage spike 
eliminator or surge suppressor must be used across the relay coil. A commonly 
used protection device is a silicon diode D,, as shown in Fig. 12.18. When cur- 
rent is applied to the relay coil through the transistor, the diode is reverse biased 
and has absolutely no effect on the circuit. When the transistor turns off, the high 
voltage will be inducted into the coil with the polarity reversed from the supply 
voltage V... This causes the diode to become forward biased and conduct. Thus, 
the diode effectively shorts out the high voltage spike, protecting the transistor. 


Solenoids 


A solenoid is a device that produces linear motion with an electromagnetic coil 
(see Fig. 12.19). A magnetized steel rod called a plunger is inserted into a coil of 
wire. When a voltage is applied to the coil, a magnetic field is produced. It inter- 
acts with the magnetic rod producing attraction and/or repulsion that causes the 
rod to move into or out of the coil. The rod is usually physically constrained in 
one or both directions, and is often spring loaded so that it always returns to the 
same place when power is removed. 

Solenoids produce linear motion. They are usually connected to a lever or 
ratchet mechanism that produces other forms of motion including rotation. 
Solenoids are also used in valves to turn off the flow of a liquid or gas. By con- 
tinuously controlling the current in the coil, the rod may also be precisely set to 
some position other than off or on. This effect is used in valves to continuously 
control the opening. 
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FIGURE 12.19 A solenoid produces linear motion using magnetic principles. 
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Motors 


A motor 1s a device that converts electrical energy to mechanical energy. The 
mechanical output is typically the rotation of a shaft. That rotation can then be 
used directly or converted into other mechanical forms with levers, gears, ratch- 
ets, or cams. There are dozens of different motor types but most are categorized 
as either DC or AC. 


Motors: Billions and Billions Sold and Used 


Motors are one of those devices we take for granted. We use them every day but 
do not realize it. Most motors are hidden but do an enormous amount of physical 
manipulation. In industry, motors drive machine tools, conveyer belts, pumps, and 
other mechanical systems. Elevators use big motors. 

At home, motors are everywhere. Just think a minute and try to identify all 
the motors you have in your home and in your car. All of your appliances have 
motors, such as the washer, dryer, dishwasher, and HVAC units. There are motors 
in your mixers, blenders, and can openers. Shavers and hair dryers have motors. 
An analog clock is a motor. Then there are the motors in your electronics. In a PC 
or laptop, there are the fan motor and the ones in your hard disk and CD drives. 
Your printer, scanner, and copier and fax machine have motors. Your DVD player 
and CD player have multiple motors. 

Then in your car is the starter motor, as well as the motors for windows, seats, 
mirrors, and windshield wipers. 

Can you name some others? 


DC Motors 


A DC motor operates from a DC voltage source like a battery or power supply. 
It is made up of a magnet and a rotating coil. When a current is applied to the 
coil, it forms an electromagnet. The magnetism of the coil interacts with the 
magnet field, producing rotary motion. The magnet is commonly a permanent 
magnet in smaller DC motors but an electromagnet in larger motors. In the 
larger motors, a special field coil is energized with DC voltage as well to create 
the magnetic field. 

The main specifications of a motor are its horsepower rating, speed, and 
torque. Speed and torque are controlled by the amount of current flowing in the 
coil and/or the strength of the magnetic field. Increasing the voltage applied to 
the motor usually causes speed and torque to increase. Some kind of electronic 
control circuit is usually involved to set the speed to the desired value. A vari- 
able resistor in series with the motor will control its speed, but usually more 
complex electronic circuits are involved. 

Incidentally, the direction of rotation is determined by the polarity of the DC 
voltage. Reversing the polarity reverses the magnetic field, thus changing the direc- 
tion of rotation. Fig. 12.20 shows a neat circuit used to change the direction of 
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FIGURE 12.20 Using an H-bridge circuit to reverse the current flow and direction of rotation in 
a DC motor. 


rotation of a DC motor. This is called an H-bridge and is made up of MOSFET 
switches. Q, and Q; are turned on by a positive input voltage IN. Q; inverts this volt- 
age to zero, which keeps Q, and Q, off. Therefore, current (electrons) flows from 
ground through Q through the motor (M) from left to right through Q,. Setting 
the input to zero turns off Q, and Q; and turns on Q, and Q,. Now current flows 
from ground through Q, and the motor from right to left and then through Q,. This 
changes the direction of the motor with just a simple on/off input control voltage. 

Most DC motors rotate too fast for many applications. A typical speed range 
is 1000-10,000rpm. To achieve lower speeds, the motor is used in conjunction 
with a gear box or pulleys. 

A special type of DC motor is the stepper motor. This is a DC motor driven 
by two DC pulse signals. The pulses operate coils or windings that produce 
a rotating magnetic field. A permanent magnet rotor interacts with the rotat- 
ing magnetic field to produce motion. The interesting characteristic is that the 
rotation occurs in increments or steps instead of a continuous rotation as with 
a standard DC motor. Depending on the number of windings and coils and ele- 
ments on the rotor, the increments usually vary in increments of 22.5, 18, 15, 
7.5, or 3degrees or smaller. The stepper motor therefore permits very precise 
positioning. Yet it can be rotated at several thousand rpm if needed. 


AC Motors 


AC motors usually operate from a 50- or 60-Hz power line. Again the rotation is 
produced by interacting magnetic fields. The speed of rotation is fixed by the num- 
ber of coils and magnet poles inside the motor. That speed is also often higher than 
needed, so gears and/or pulleys are used to drop the speed to the desired value. 
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To change the speed of an AC motor, you must vary the frequency of the AC 
voltage applied to 1t. This means that you cannot operate the motor directly from 
the AC power line 1f the speed must be changed. Instead, you must use a so- 
called AC drive. This is a box of electronics that generates a variable frequency 
AC voltage to apply to the motor. An AC drive takes the AC line input and uses 
semiconductor switches to produce an AC signal at a different frequency. 


Other Actuators 


Besides motors, solenoids, and relays, there are a variety of different controlled 
devices. Valves are common device. Valves are used to turn the flow of a liquid 
or gas on or off. Proportional valves very carefully regulate the amount of flow. 

Other devices are hydraulic or pneumatic devices. Hydraulic devices use oil 
in cylinders to provide mechanical force where needed or position something 
mechanically. Pneumatic cylinders work with compressed air to apply force or 
control the position of a device. 


THYRISTORS 


Many industrial switching circuits are implemented with MOSFETs designed 
for high voltage and high power. You will sometimes hear these devices called 
insulated gate field-effect transistors (IGFETs). 

Other power-switching devices are also widely used, especially thyristors. 
A thyristor is a semiconductor device used for switching purposes in indus- 
trial control. Like the relay, it is used to apply and control electrical power to 
motors, heating elements, lights, and other loads in industrial applications. In 
many applications, thyristors replace relays. A thyristor acts as a switch, but 
because of its solid-state nature, is far faster in switching than a relay. There 
are three basic types of thyristors: silicon-controlled rectifiers (SCRs), triacs, 
and diacs. 


Silicon-Controlled Rectifier 


The SCR is a three-terminal thyristor that acts like a silicon rectifier diode 
whose conductor is controlled by an input current. The schematic symbol for 
an SCR is shown in Fig. 12.21. The symbol is similar to that of a diode with a 
cathode and an anode. Note that the third element of the SCR is known as the 
gate. The SCR will conduct current between cathode and anode, but only if the 
proper control current is applied to the gate. The gate must be made positive 
with respect to the cathode for the SCR to conduct. When conducting, the SCR 
acts like a closed switch. The voltage drop across the cathode and anode will 
be approximately 0.7—1.8 V, depending on the size of the SCR and how much 
current is flowing through it. When the cathode and anode are reverse biased, 
current will not flow through the device. 
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FIGURE 12.21 Schematic symbol of an SCR. 
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FIGURE 12.22 Circuit that shows how an SCR is turned on and off. 


Thyristors, like relays, are generally used to control a larger current with a 
smaller current. Fig. 12.22 shows how an SCR is used as a switch to apply DC 
power to a light bulb. The load could also be a motor or heating element. The 
DC voltage is connected so that the cathode and anode of the SCR are forward 
biased, but no current will flow through the device until a current is applied to 
the gate. This is done with the switch S,. With the switch open, no current flows 
in the gate. Closing the switch, however, applies a positive voltage to the gate 
through resistor R4. This causes the SCR to turn on. When it conducts, it acts as 
a low-resistance “on” switch and the light bulb goes on. At this point, switch S, 
may be opened. It is not necessary to maintain current in the gate for the device 
to continue to conduct. The gate current only needs to be momentary, for it is 
only required to turn the device on. The device remains on like a latching relay 
that has been pulsed. 

The gate element is only used to turn the SCR on. Removing gate cur- 
rent will not turn the device off. To cause the SCR to stop conducting, the 
circuit must be broken. This can be done with a momentary contact, NC 
pushbutton, in series with the circuit, like S, in Fig. 12.22. Depressing this 
pushbutton will break the circuit, stopping the current in the SCR, and the 
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light bulb will go off. To turn the bulb back on, S; must again be depressed 
to apply gate current momentarily. 

Another way to stop conduction is to momentarily short around the SCR, as 
shown in Fig. 12.15. When switch S} is closed momentarily, current will flow 
through it and the bulb, bypassing the SCR. The current in the SCR will drop to 
zero. When switch Sy is opened, the circuit will be off. 

While SCRs are sometimes used to control DC power, in most applications 
they are used to control AC. Fig. 12.23A shows the SCR used to apply AC to 
a light bulb. If switch S, 1s closed, gate current will be applied to the device. 
The device, however, will only conduct when the anode is made positive with 
respect to the cathode. This, of course, occurs when the applied AC voltage 
has the correct polarity. Since the SCR operates as a rectifier diode, current 
will only flow through the device on the positive half-cycles of the sine wave. 
The current through the light bulb will be a pulsating DC, as illustrated in 
Fig. 12.23B. The brightness of the lamp will depend on the average amount 
of current flowing. 
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FIGURE 12.23 Using an SCR to control power to a load using AC. The SCR rectifies the AC. 
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The average amount of current through the light bulb, or other load, can 
be controlled by using the gate element. Various electronic circuits are used to 
adjust the time when the SCR turns on. By turning on the SCR at the appropriate 
time in the positive half-cycle, the duration of the current flow can be controlled. 
The longer the current is allowed to flow, the higher the average current in the 
load. By changing the control point, the brightness of the bulb can be varied. 


Diac 


A diac is a two-terminal semiconductor device that conducts in either direction 
when a voltage of a specific level is exceeded. This voltage is called the 
triggering voltage. Typical diac triggering voltages are in the 20- to 45-V range. 
The diac is used as a triggering device for SCR and triacs as it determines when 
the device will conduct or cut off. 


Triac 


A triac is another three-terminal thyristor. Its operation is similar to that of an SCR, 
but the triac will conduct in either direction. The schematic symbol for the triac is 
shown in Fig. 12.24. Current will flow from main terminal 1 (MT1) to main termi- 
nal 2 (MT2), or from main terminal 2 (MT2) to main terminal 1 (MT1), depending 
on the polarity of the voltage applied, and 1f the gate triggers the device on. 

An approximate, equivalent circuit of the triac is shown in Fig. 12.25. Here, 
two SCRs are connected back to back with their gates connected together. 
Current can flow in either direction, depending on whether D, or D, conducts. 
Of course, SCR conduction depends on whether a gate-triggering current is 
applied. Triacs, like SCRs, are used primarily to switch AC voltage to a load. If 
gate current 1s applied continuously, the triac will conduct in both forward and 
backward directions, causing both positive and negative half-cycles of the AC 
to be applied to a load. 

Fig. 12.26 shows a circuit used for light-dimming purposes. The load is a 
light bulb. An RC phase shifter and diac-triggering device are used on the gate 
of the triac. Assume that the diac has a triggering voltage of 30V. If the voltage 
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FIGURE 12.24 Schematic symbol for triac. 
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FIGURE 12.25 Equivalent circuit of triac shown with SCRs. 
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FIGURE 12.26 Lamp dimmer circuit using RC phase shifter and diac to control current in the 
load. 


across the diac is less than 30V, 1t will not conduct. As soon as the 30-V point 
1s reached or exceeded, the diac rapidly conducts and fires the SCR. Keep in 
mind that the diac is a bidirectional device and that current will flow through it 
in either direction if the bias voltage in either direction exceeds the triggering 
voltage level. 

The triac will conduct on both positive and negative half-cycles of the 
applied AC. The phase shifter made up of R4 and C will set the triggering delay. 
It will determine at what point in the AC cycle the diac will fire and apply gate 
current to the triac. Fig. 12.27 shows the waveforms at two different phase- 
shift points in the circuit. Note that current flows through the load in both the 
positive and negative half-cycles, but the duration of current flow depends on 
the point where the gate triggers. In Fig. 12.27, the average current through 
the load will be relatively high at a 60-degree phase shift, and the bulb will be 
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FIGURE 12.27 AC waveforms in a lamp load controlled by a triac. (A) Waveforms with trigger- 
ing at 60 degrees, (B) waveforms with triggering at 120 degrees. The longer pulses produce higher 
average current in the load. 


bright. At 120 degrees, the triggering point is late in each half-cycle, allowing 
only a small amount of current to flow through the bulb. The bulb, therefore, 
will glow dimly. Adjusting R, will allow the brightness of the bulb to be varied 
from nearly full on to full off. This is the circuit normally used in household and 
industrial light dimmers. 

This same circuit can be used to control the speed of AC motors. In con- 
necting a hand drill as the load, for example, R, will vary the speed of rotation. 

Triacs are also widely used as solid-state relays. 
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PROGRAMMABLE LOGIC CONTROLLERS 


A very popular type of controller used in industry and process control is a spe- 
cialized computer called a programmable logic controller (PLC), or program- 
mable controller. It uses sensors to monitor physical variables and generates 
output control signals to operate heating elements, motors, pumps, solenoids, 
and other devices. The PLC, however, contains a microprocessor that can be 
programmed in a special language that permits the PLC to be customized to 
the particular control function. In this way, a standard PLC can be programmed 
and configured for virtually any application. The PLC is by far one of the most 
popular and versatile control devices in use in industry. 

The main function of a PLC is factory automation. It is a versatile special- 
purpose computer that can be quickly and easily reconfigured to meet changes 
and additions in factories, plants, and other operations that routinely need to 
control and sequence various machines and processes. While an embedded con- 
troller or personal computer could be used in some operations, they are harder 
to program and apply and are less flexible when rapid changes are needed. 
Furthermore, these common microcomputers are not designed for the factory 
environment. But PLCs are rugged and hardened against the harsh environment 
of most factories and plants. They can withstand the temperature ranges, vibra- 
tion, and dirty conditions usually existing in a manufacturing or process control 
setting. 


Organization 


A general block diagram of a PLC is shown in Fig. 12.28. It is like most other 
microcomputer diagrams but there are some differences. A microprocessor is at 
the heart of the design. This CPU is coupled to a ROM where a special control 
program is stored. This program implements the basic scan operational mode of 
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FIGURE 12.28 General block diagram of PLC. 
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the PLC. RAM 1s also available to store the application program. Flash memory 
may also be used in place of RAM. 

The key to the PLC’s versatility is its extensive I/O section. It has a variety 
of input and output modules. These are fixed in small, single-function PLCs, but 
in the larger more flexible units, the PLC is designed to accept a wide variety of 
separate I/O modules. These usually plug into a rack containing the main PLC 
unit and power supply. The different I/O modules let the user customize the 
PLC to the specific application. 

Some examples of I/O modules are digital inputs and outputs with common 
logic levels or conditioned levels, analog input modules that accept analog signals 
from sensors, and analog output modules that generate analog outputs for control- 
ling actuators of almost any kind. A huge variety is available. A communications 
interface is also available so that the PLC can talk to external devices such as a 
PC or other PLCs that are connected to form a larger control system. RS-232 and 
RS-485 serial interfaces are common as is USB. The program describing the oper- 
ations to be implemented 1s developed on an external PC, and then downloaded to 
the PLC RAM or flash memory via the USB or RS-232 interfaces. 


Operation 


The general operation of a PLC is shown in Fig. 12.29. When the PLC is 
started, the internal operational program looks at the application program and 
interprets what is to be done. The sequence of operations is to first scan the 
inputs. The PLC looks at what the various sensors are doing. It gets a status 
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FIGURE 12.29 PLC operational scan cycle. 
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update from the application itself. The program then interprets what to do next 
based on the application program. It processes the input to determine what the 
outputs should be. Then it updates the outputs to carry out the application. 
Then the cycle repeats itself at a high rate of speed. The inputs are scanned 
and outputs are updated every I ms or so, slower or faster as the application 
requires. 

A simple example is using a switch to turn on a motor. The switch contacts 
are connected to an input module by wires. Output wires connect to a relay 
that in turn is used to operate the motor. As the PLC is scanning, it sees that 
the switch is off, so it does nothing. But as soon as the switch is turned on, the 
next scan detects this new condition. The program then tells the CPU that if the 
switch is on, turn on the relay. An output signal is sent to the output module, 
which then actuates an external relay. The relay contacts then turn the motor on. 
If the switch is then turned off, the next scan detects this condition and causes 
the output to turn off the relay and motor. 


Programming 


As for programming, PLCs can be programmed in various ways. Most PLC 
vendors have special languages to do the programming. In some cases, standard 
BASIC or C languages may be used. One widely used approach is a graphi- 
cal language called ladder logic. Ladder logic is the technology that the PLC 
replaced decades ago. Control systems were made with relays, and they were 
wired so the diagram looked like a ladder (see Fig. 12.30). The two vertical 
lines represent a DC or AC voltage source. Circuits are then connected between 
these two “rails,” forming rungs on the ladder. The circuits are connections of 
switches, relays, and other components. The software allows the user to build 
the ladder logic program on the screen, while a translation program in the PC 
converts it into the binary code that the PLC can execute. 

This particular circuit in Fig. 12.30 does the following: when the ON push- 
button is pressed, current is applied to relay coil 1CR through NC contacts of 
SW1.SW1 is a thermal switch whose contacts stay closed as long as the tem- 
perature is less than 300 degrees Fahrenheit (300°F). If the temperature rises 
above that level, the contacts open, thereby breaking the circuits. Relay contacts 
ICR around the ON pushbutton latch the circuit on when the ON pushbutton is 
released. 

In the next “rung” of the ladder contacts 1CR are on the relay. They close 
when the relay turns on. This applies voltage to a heating element. This current 
flows through the NC contacts of thermal switch SW2. A green light in parallel 
with the heating elements turns on to indicate the heater is on. 

When the heater temperature reaches 200°F, SW2 opens, turning off the 
heater and the green light. As the heater cools, SW2 will then close again, 
applying voltage to the heater. The heater will then cycle off and on keeping its 
temperature near the 200°F value. 
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FIGURE 12.30 Sample ladder diagram and PLC application program. 


If the temperature should rise above 300°F due to a failure of SW2 F, then 
SW 1 opens. Relay 1CR is turned off, and its contacts open, releasing the latch 
on rung | and opening the circuit on rung 2. Thermal switch SW3 closes at 
300°F, turning on a red light and ringing an alarm bell. 

This example could be programmed with a graphical ladder logic program 
or with special commands and syntax of a traditional programming language. 

In addition to being able do simple on/off tasks common to industrial con- 
trol, special hardware in the PLC can also implement counters and timers so that 
external events can be counted and the sequencing of events can be programmed. 


Data Acquisition Systems 


A data acquisition system, often abbreviated DAQ, is a collection of circuits and 
equipment used for capturing data from multiple sensors when testing or moni- 
toring conditions in a specific product or system. While testing automobiles or 
aircraft, it is common practice to measure multiple points in the target product 
to see how it performs to specifications or to detect problems. Common physical 
factors monitored include temperature, stress, pressure, humidity, mechanical 
position, liquid flow rate, and others related to the system. Industrial factories 
and process control plants such as refineries use DAQ to keep an eye on the state 
of the systems and its performance. 


322 Electronics Explained 


Ņ SIGNAL 
CONDITIONING PC 
SIGNAL 
SENSORS > CONDITIONING MEMORY 
MUX 
E SIGNAL ANALYSIS 
CONDITIONING SOFTWARE 
iV. V 
Ml 
Sensor Wireless DISPLAY 
$ SIGNAL 
CONDITIONING 


FIGURE 12.31 The key components and organization of a typical data acquisition system. 


The main components of a DAQ are shown in Fig. 12.31. The inputs are 
from sensors that are usually connected by cables to signal conditioning circuits 
to prepare their outputs to be digitized. Signal conditioning includes amplifica- 
tion, filtering for noise, level shifting, or other corrections. In some applications 
the sensor may be far from the DAQ system in which case a wireless link can be 
established using Wi-Fi or other wireless technology. 

The processed sensor signals then go to a multiplexer (MUX) that selects 
the sensor to be digitized and passes the signal along to an analog-to-digital 
converter (ADC) that samples the analog signal from the sensor and converts it 
to a stream of binary values, usually 8 to 16 bits long. Sampling rates are usually 
low, from several samples per hour to 1 MS/s. The resulting data words are then 
sent to a PC and stored in a file. The data can then be analyzed by software, used 
in analysis or converted into appropriate displays or graphs. 


Project 12.1 


Build a Robot 
Robots are great examples of basic industrial control. While most industrial robots 
are usually manipulator arms, you can actually buy a mobile robot with wheels 
that can be programmed for motion and other functions. A wide range of kits are 
available. It is a great way to get familiar with sensors, a microcomputer controller, 
and various actuators. Typical inputs are switches, photo cells, temperature sen- 
sors, and common outputs are relays, lights, and motors. 

Some recommended kits are those supplied by Lego and Parallax. Suggested 


websites to learn more follow: 


Jameco: www.jameco.com 

Lego Mindstorms NXT: www.mindstorms.lego.com 

Parallax: www.parallax.com 

Two magazines regularly cover robots from a hobbyist/experimenter view- 
point. These are Nuts & Volts and Servo. You may be able to find these at a news- 
stand; otherwise, go to their websites: 

Nuts & Volts Magazine: www .nutsvolts.com 

Servo Magazine: www.servomagazine.com 
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Project 12.2 


Build a Feedback Control System 

Feedback control systems as described in this chapter are very common in indus- 
trial electronics. This project lets you build one and demonstrate its operation. 
The basic circuit is shown in Fig. 12.32. A heating element, the 504 resistor, is 
monitored by a thermistor. If the resistor gets too hot, the thermistor value will 
decrease and change the input voltage to a comparator. Voltage divider R,-R3 pro- 
vides a 3.75 V set point to the comparator. The comparator will switch its output 
high turning on the MOSFET that, in turn, turns on a fan. The fan then cools the 
heating element. This causes the temperature to decrease and the thermistor value 
to go back up. The comparator switches again. Its output goes low turning off the 
MOSFET and the fan. The process then repeats automatically. 

Build the circuit on your breadboarding socket. The parts list is given in 
Appendix B. You will need a 12 V supply for this project. An electronic supply is 
preferred but you can use two of your AA cell 6 V supplies in series. Use the long 
leads of the 50-Q resistor to keep the body of the resistor away from the bread- 
boarding socket as the resistor will get very hot and melt the plastic. Be careful 
as the resistor will burn badly. Physically place the fan several inches away from 
the resistor. The resistor should also be positioned within inches of the thermistor. 
Check your wiring to be sure there are no errors. 

Apply power to the circuit. The 504 resistor will draw 240 mA of current that 
will quickly deplete the charge on the batteries. Check the supply voltage with 
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FIGURE 12.32 A simple feedback control circuit for temperature control. 


Continued 
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Project 12.2—cont'd 


your multimeter to be sure it is 12 V. Within a minute or so, the fan should come 
on. If it does not, reduce the distance between the resistor and the thermistor. Once 


the fan turns on, it will cool the resistor within a minute or so. The fan will then turn 
off. Experiment with the distances between the resistor and the fan and thermistor 
until the circuit works as described. Again, be careful as the resistor gets seriously 
hot. Turn off the power. 


Chapter 13 


Software, Programming 
and Electronics 


Today, Most Electronics Is a Combination 
of Hardware and Software 


In this Chapter: 


Micros in every electronic product. 

What is software? 

Types of software. 

Programming languages for embedded controllers. 
Learning to program. 

Micro projects. 


INTRODUCTION 


Electronics equipment used to be strictly hardware. However, over the years, 
vacuum tube circuits on a metal chassis gave way to transistors on printed cir- 
cuit boards (PCBs) that, in turn, gave way to large-scale integrated circuits on 
smaller multilayer PCBs today. And that brings us to the key point of this chap- 
ter. That is, virtually all modern electronic products contain at least one micro- 
controller also known as an embedded controller. 

The secret to making that microcontroller implement the product’s functions is 
software. Those microcontrollers are simply pieces of hardware that have no specific 
application until they are given a program that dedicates the chip to the product’s 
characteristics. This chapter picks up where Chapter 6 ends and then expands on 
the subject of software and introduces programming languages of interest. Projects 
using available microcontroller hardware and software are included. 


SOFTWARE FUNDAMENTALS 


Software is the general term that describes any program that tells a computer or 
microcontroller chip what to do. A program is a sequence of binary codes stored 
in memory that represent instructions that define specific operations that the 
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computer 1s capable of performing. The computer or microcontroller unit (MCU) 
is the visible hardware while the programs are the invisible magic ingredient bur- 
ied in memory. The combination defines a specific product. In addition to the 
microcontroller and its programs are the external components and devices that 
serve input and output operations specific to the product. Our discussion here 
focuses on microcontrollers rather than general-purpose computers. Refresh your 
knowledge of microcontroller organization and operation in Chapter 6. 

The microcontroller can perform almost any digital function from the sim- 
plest logic operation to a complex mathematical calculation. For many prod- 
ucts, dozens of digital logic chips can be replaced by a single microcontroller. 
The only problem is that you have to tell the MCU to do what you want. And 
you do that by programming. A program is the sequence of instructions that 
detail the order in which you do the various processing steps that lead to your 
application. The microcontroller chip itself is a dumb piece of hardware waiting 
for its program. What this means is that today, designing an electronic product 
is as much about writing programs as it is building electronic hardware. 

Software is the name given to all the programs that a processor uses for 
developing and executing a program. The program that implements your prod- 
uct’s functions is the applications program. Other types of software used with 
the MCU are as follows: 


Language—A programming language is a set of rules or syntax that defines 
how you tell the processor what to do. A language is the tool that you actually 
use to create your application program. It is a kind of shorthand code that lets 
you express the operations in simple terms. 

Machine code—tThis is the binary words that represent the instructions of a 
program. It is what tells the MCU hardware what to do and when. Hex characters 
are commonly used instead of binary for programming clarity and simplicity. 
Assembler—An assembler is a programming language based on the 
instruction set native to the MCU. It is a collection of terms called mnemonics 
that define specific hardware functions. A programmer uses the instruction 
terms to create a step-by-step program. It is the assembler that translates the 
assembler code into machine code. 

Compiler—A compiler is the program that translates your program code 
into binary code that can be stored in the memory and used by the processor. 
Processors only understand binary code, but humans are not good with such 
code. So, you write your program in a language you can understand, and the 
compiler converts it to the code that the processor understands. The compiler 
is not used to execute the program. 

Interpreter—An interpreter is a program that resides along with the 
application program in memory and executes the application program one line 
of code at a time. The interpreter translates the instructions of the language 
into machine code to be executed by the MCU. 

Operating system—For large complex programs or for applications that require 
the processor to execute multiple programs at different times, you need a piece 
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of software that manages the multiple programs and operations. The operating 
system (OS) oversees things such as memory usage and access, timing, and I/O 
operations. Not all embedded controllers need an OS, just the more powerful 
ones with multiple functions. For example, most cell phones have an OS. 
Editor—An editor is like a word processing program that lets you type in 
your program using the language syntax. You then save it as a file that the 
compiler or assembler uses to create machine code. 

Integrated development environment (IDE)—This is a complete package 
of software tools that facilitates software development. It consists of an 
editor, languages, and compilers, as well as programs for testing and 
debugging your code. 

Debugger— This is a feature of most IDEs that makes it easy to find problems 
in a program such as syntax errors, misused instructions, address conflicts, 
timing problems, and others. 

Subroutines—These are short sections of code that perform a specific 
operation. It may be a math operation, some type of I/O process, or other 
function that is performed multiple times. You only write the subroutine once, 
and then access it when you need to do that operation. 

Libraries—Many IDEs have libraries of subroutines that you can tap so you 
do not have to program common functions yourself. Subroutines shorten your 
development time and speed execution. 

Source code—This is the program that you write with the editor and store in 
a file. It is then given to the compiler or interpreter. 

Object code—This is the machine code that is the output of the compiler. 


Programming Languages 


There are dozens of languages used for programming embedded controllers. 
The more popular ones are assembly language and C. An older language BASIC 
is not widely used in industry, but it is popular for learning programming for 
microcontrollers. Here is an overview of each. 


Assembly Language 


Assembly language uses shorthand mnemonics such as three- or four-letter des- 
ignations for the instructions that the processor can execute. Instead of program- 
ming with binary code, you use the mnemonics. In addition, you use names that 
you make up to identify variables, constants, memory locations, I/O ports, and 
other things normally referenced by a binary code. Following is what a simple 
assembly program looks like: 

ORG $0000 

LDAA FIRST 

MUL SECOND 

STA PRODUCT 

OUT PORT 1 

END 
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This program loads one number from a memory location given the name 
FIRST, multiplies it by another number in memory location named SECOND. It 
then stores the result in another memory location called PRODUCT. It next out- 
puts the value to an I/O port called PORT 1. The ORG $0000 simply says to start 
the program whose first instruction is in memory location 0000, a hex address. 

The software that converts the assembly language program to binary code 
is the assembler. The assembler gives actual binary assignments to the memory 
locations named as well as the instruction op codes. 


BASIC Language 


Some embedded controllers use a simplified version of BASIC. BASIC was 
invented before personal computers but then initially became the main language 
of personal computer programming. Microsoft still sells its Visual BASIC soft- 
ware for program development. BASIC is a very simple higher-level language 
that is easy to learn and use. The program created is then translated into binary 
code by a compiler. Alternately, the microcontroller runs a program called an 
interpreter that resides in memory and executes the program, a command at a 
time. 

The following program is written in PBASIC, a simple version of BASIC 
used with an embedded controller called the BASIC Stamp made by Parallax. It 
uses a PIC microprocessor and stores a program in flash memory. The program 
causes an LED to flash off and on. 

Do 

High 7 
Pause 500 
Low 7 
Pause 500 

Loop 

The first line tells the controller to make the output pin 7 on the microcon- 
troller high or binary 1. The next command says pause for 500ms or one half 
second. Next, pin 7 is made to go low or to binary O via the Low command. 
Pause makes it stay there for another 500 ms. Finally, the Loop command causes 
the program to loop back and repeat itself again and again. This is what is called 
a Do...Loop for repeating a program over and over again. The result is an LED 
that turns off and on at a 1000-ms (1-s) rate. 


C Language 

The C language is referred to as a higher-level language in that the various 
syntax and terminology of the language usually translates into multiple binary 
machine instructions. The C language lets you write the program in a more 
conversational or casual format using English instead of cryptic mnemonics and 
other terms. The language is a bit of a challenge to learn, but after that program- 
ming goes much faster. A compiler converts the C language program code into 
binary code. 
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A simple C program may appear like this: 


include <stdio.h> 
include “stdio_setup.h” 


int main (void) 


{ 

UartInitO; 

Int X, y, Z; 

Xx=:30: 

y=57; 

Z=yY-X; 

printf(“The difference is 9d”, z); 
} 


The #include statements tell the compiler to include instructions to accom- 
plish some of the actions specified by the program. The int main(void) is some- 
thing that must be included in all C programs. The UartInit() tells the compiler 
to set up an output port for the result of the program. An open bracket symbol 
indicates the beginning of the program. The next line identifies three integer 
values x, y, and z; 38 is assigned to x, and 57 to y. Then the difference between 
the two is designated z. Finally, the printf line accesses a subroutine that causes 
the expression “The difference to be printed is 19.” The z value is substituted for 
%d indicator. Note that all lines of the program end with a semicolon. The end 
of the program is indicated by the close bracket. 


PROGRAMMING 


Programming is the process of solving a problem with a computer. Sometimes 
called coding, programming is a multistep process that involves identifying and 
defining the problem, developing a solution to it, and then preparing a sequence 
of instructions that solve the problem. 

There are five steps in the programming process. These are as follows: 


Problem definition 

Solution development 
Program coding 

Program testing and debugging 
Documentation 


EA ad a 


In problem definition, you state as clearly as possible what you want to 
accomplish. Typically it is best to make a written statement of the problem. 
By actually writing out what is to be accomplished, you will think through the 
problem more thoroughly. Making charts, tables, graphs, drawings, or the like 
is also useful. Define your inputs, define the desired outputs, and then outline 
the processing steps required. Thorough problem definition produces a solution 
faster and easier. This is the most important step in programming. 
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Once the problem has been defined, you are ready to develop a solution. It is virtu- 
ally impossible to give you guidelines on how to do this. Developing the solution is 
really the creative part of programming. The best way to learn it is by actually doing 
some programming. The more problems you solve, the more creative and proficient 
you will become. In any case, developing the solution 1s best done when the problem 
has been clearly defined and when you have a good working knowledge of the MCU, 
its instruction set, and the programming language you are going to use. 

The solution you develop is typically a step-by-step procedure. Each step in 
the solution will cause some part of the problem to be solved. A step-by-step 
sequence of procedures for solving a specific problem 1s called an algorithm. 
An algorithm may be a mathematical formula or just a recipe-like list of steps. 

A useful tool in developing a solution to your programming problem and 
in preparing your algorithm is the flowchart. A flowchart is widely used by 
programmers to provide a visual or graphical presentation of the solution. 
Sometimes the solution is more easily seen or understood by blocking out a 
problem in graphical or visual form. 

Flowcharts are made up of a number of simple symbols that depict typical 
computer operations. Fig. 13.1 shows the most commonly used symbols. The 
two most important symbols are the rectangle and the diamond. The rectangle 
simply specifies some particular operation. The diamond is a decision block. It 
usually asks a question that can be answered with a yes/no or true/false deci- 
sion. This is the way most computers “think” or make decisions. 
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COMPUTATION 
OPERATION 
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END 
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DECISION 
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DIVIDED INTO PARTS ON 

DIFFERENT PAGES YES/TRUE 


FIGURE 13.1 Flowchart symbols. 


Software, Programming and Electronics Chapter | 13 331 


An example of a flowchart is given in Fig. 13.2. This flowchart represents 
the solution to a typical MCU problem. The problem in this example is to 
determine which of two numbers, A or B, is the larger. The algorithm is to 
subtract B from A. If the difference is positive, A is obviously greater than 
B. On the other hand, if the subtraction results in a negative difference, A is 
less than B, which means B is the larger. The flowchart illustrates the entire 
problem and solution. 

One of the best approaches to programming a solution is to use structured 
programming. Also known as top-down design, structured programming is the 
process of taking the problem and partitioning it into modules that perform the 
major functions of the solution. In structured programming, you break down a 


ENTER 
A 
PROBLEM: 
DETERMINE WHICH 
ka 


NUMBER IS GREATER, 
AORB 


SUBTRACT 
B FROM A 
(A-B) 


IS THE 
DIFFERENCEN (THEN A > B) 
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(THEN B > A) 
STORE STORE 
B A 
END 


FIGURE 13.2 A flowchart illustrating a computer program. 
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problem into smaller and smaller logical pieces. Each piece, or module, per- 
forms some distinct segment of the solution. 

All of the modules are then linked by a hierarchical structure that shows their 
relationship. This structure looks like an organization chart for a company. An 
example is given in Fig. 13.3. The main solution is divided up into three major 
modules. These modules are then divided into submodules that implement the 
primary module with smaller stand-alone programs. These submodules may 
then be further subdivided into even smaller logical segments. Some modules 
may be subroutines that may be used several times or called by any of the other 
modules or submodules. 

Another feature of structured programming is to minimize or, if possible, 
completely eliminate unconditional branch operations. An unconditional branch 
or jump 18 a command or instruction that changes the order of a program from 
its normal, logical step-by-step sequence to something that might not be obvi- 
ous. A common unconditional branch is the GOTO instruction. The tendency is 
to end one module with a GOTO so that the program branches to a submodule 
or some other logical segment of code. If too many GOTOs are used, the result 
is what is normally called spaghetti code. The result is a tangle sequence that is 
hard to follow in debugging or in maintaining the program. 

The benefit of structured programming is that by dividing the program into 
smaller logical segments, it is easier to code, test, debug, and maintain. Also, 


Solution 
Solution subdivided into logical 


smaller independent segments. 


Module 1 Module 2 Module 3 


Modules further 
subdivided into shorter 
segments that implement 
the module functions. 


Submodule Submodule Submodule 
Submodule Submodule Submodule 


Submodules carry out the details of 
the module. Each submodule is a short 
program that is easy to write, test and debug. 


FIGURE 13.3 Structured programming divides a problem into smaller and smaller submodules. 
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1t 1s easier to work with a smaller program when devising a solution. So if you 
take the time to do the partitioning up front when designing the program, the 
actual development time will be shorter, and chances are that the program will 
work right the first time. 

The next step in the programming process 1s coding. This 1s the process of 
converting your solution, algorithm, or flowchart into an actual computer pro- 
gram. Here you take the instructions, expressions, or statements of the language 
you are using and write them in a sequence that implements your algorithm. 

A common procedure with many programmers is to first code the solution 
in pseudocode. Pseudocode is a hypothetical or made-up language that is some 
hybrid of an English language statement of the operation and the actual instruc- 
tion, statement, or command of the programming language. It enables the pro- 
grammer to write the sequence of operations on paper first before actually using 
the language itself. Often the pseudocode can be written from the flowchart. 
This procedure helps you better see the logic of the procedure before commit- 
ting to the final program code. 

Programming involves much more than just the coding process, which most 
people associate with the term. Actually, coding usually takes roughly 20% or 
less of the total time involved in programming. Studies have shown that 40% of 
a programmer’s time is usually devoted to problem definition, structure design, 
and the development or identification of an algorithm. 

Most programmers agree that coding 1s actually the easiest part of program- 
ming. Once you become familiar with the characteristics and syntax of the lan- 
guage of use, and some basic programming tricks, coding becomes fast and 
easy. The use of subroutines greatly shortens and simplifies the coding process. 
On the other hand, defining the problem and developing a workable solution is 
much more difficult. 

Once the coding is complete, you will enter the program into the MCU and 
test it. You enter the program with the editor to create your source code. The 
computer will then assemble or compile your program into machine code. In 
either case, the result is the binary object code stored in memory. At this point 
you are ready for the next programming step, testing and debugging. 

Testing involves verifying that your program works. You will want to 
thoroughly test it to be sure that it does what it is supposed to do. Invariably, 
most programs do not work properly the first time. You may have made logi- 
cal errors in sequencing, or perhaps you made errors in entering the code. If 
you used structured programming, you can test each submodule or subrou- 
tine by itself before linking together all of the various modules to perform 
the total operation. 

Whatever the problems are, testing leads to debugging. Debugging is the 
process of working with the computer program and attempting to find errors and 
glitches. Most languages and program development software have built-in fea- 
tures that facilitate the debugging process. Once all the errors have been found 
and corrected, the program is ready to use. 
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The final step in the programming process is called documentation. This 
is an often-neglected but extremely important part of programming. Once the 
program is written and debugged, it is ready to use. The temptation then is to put 
the program into use and drop the project. However, it is extremely important 
that you document the program. Your problem definitions and solution work 
should be written up and filed away. Any charts, graphs, drawings, flowcharts, 
and other materials that you developed should be saved. All program listings 
should also be retained. In fact, it is desirable to prepare a detailed, written state- 
ment explaining the algorithm and the procedures involved. This is important 
for program maintenance, because it may be necessary to change the program at 
a later date. You may wish to add a feature or correct some part of the program 
to accommodate new conditions. It is easy to forget what you did months or 
years earlier. Also the original programmer may no longer be involved with the 
program. If a new programmer becomes responsible for changing a program, 
complete documentation is invaluable. Changing a program written by some- 
one else is extremely difficult and, in some cases, virtually impossible without 
documentation. 

The major investment in any programming project is programmer’s time. A 
significant amount of time is usually required to develop a useful piece of soft- 
ware, which is why software is so expensive. In fact, the hardware is the least 
expensive part of the system in most embedded controllers. 

One final word: Some programs may have to be changed over time. As the 
problem evolves, grows, or changes, the solution will have to be altered to meet 
current needs. New issues must be faced, or features may need to be improved 
to save time. In the case of a software product, improvements may have to be 
made to fix user-discovered bugs, improve performance, or keep the software 
competitive in the marketplace. It may be necessary to port the software to 
another MCU or OS. 

All of these conditions fall into the category of maintenance. In fact, more 
time is spent on maintenance than in creating the original software. And, as indi- 
cated earlier, the better the documentation the faster and easier the maintenance 
can be carried out. 


Developing Software for Embedded Controllers 


The programming process just described applies to any microcomputer, be it a 
general-purpose personal computer or an embedded microcontroller. However, 
the procedure is somewhat different if you are developing programs for MCUs 
that are to be built into other equipment. Fig. 13.4 shows a block diagram of the 
complete microcontroller software development process. 

A typical arrangement is to install the appropriate IDE on a PC. The PC then 
connects via a USB port to a development or evaluation board containing the 
target MCU. Next, once you have written your program in the programming 
language with the text editor, the assembler or compiler is called on to translate 
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FIGURE 13.4 Block diagram of the complete microcontroller software development process. 


that program into the machine code for the target microprocessor. All this is 
done on the PC. 

Once the program has been written and the machine code generated, you 
test the program. The personal computer 1s not capable of executing the micro- 
processor instruction codes directly. However, an emulator program is usually 
available in the IDE that will allow the personal computer to test the program. 
An emulator program 1s a system-level program that duplicates the execution 
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of the MCU instructions on the personal computer. The emulator mimics the 
microprocessor so that the object code developed under the assembler or com- 
piler can be tested. This allows the programmer to do any initial debugging. The 
problem with this procedure, however, 1s that the emulator sometimes does not 
operate in real time. It will not precisely duplicate the machine-cycle instruc- 
tion execution rates of the microprocessor. The program will not be executed in 
exactly the same time frame as with the microprocessor. If time-related func- 
tions are important, the program should be thoroughly tested on a prototype of 
the MCU before being finalized. 

Most development software includes a debugger, a program that helps to 
identify and isolate coding errors, logical errors, and other problems. The next 
step 1s to download the program to the MCU. This is usually done by way of 
a USB cable that connects the PC to the MCU development board or a proto- 
type of the product being developed. Functional testing can then take place. 
The program is downloaded to the development board and stored in a ROM 
or flash memory. Thus the microprocessor becomes dedicated to a specific 
application. Then additional testing can be performed. The program in a ROM 
is typically referred to as firmware, that is, software that exists in an electronic 
component. 


Microcontroller Unit Interfacing 


In addition to programming an MCU for a specific task, you also need to inter- 
face the MCU to the external devices that make up the device you are designing. 
Such peripherals are sensors such as light or temperature sensors or controlled 
devices such as LEDs, relays, or motors. Usually some form of circuit or device 
is needed between the MCU input/output lines and the peripheral devices. 
Outputs. The I/O lines of the MCU input or output standard binary volt- 
age levels. These are typically in the 1.8-5V range for a binary 1 and O to a 
few tenths of a volt for a binary 0. Depending on the MCU and supply voltage, 
the output lines can usually sink or source current in the 15-40mA range. As 
a result, the output line can operate low-power devices such as LEDs directly 
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FIGURE 13.5 Driving an LED directly from the MCU output. 
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FIGURE 13.6 An NPN driver transistor for higher loads. 


without an interface. Fig. 13.5 is a simple example. The resistor limits and sets 
the current level. 

For higher current/voltage devices an interface transistor is usually needed. 
Fig. 13.6 shows an NPN transistor driving a relay coil. The coil may be operated 
by the same power supply as the MCU or a higher voltage. The diode protects 
the transistor from the inductive spike caused by the inductive coil being deen- 
ergized. This simple interface can also control a solenoid. 

Fig. 13.7 shows a MOSFET operating a motor. A protective diode is usu- 
ally built into the transistor. If bidirectional control of the motor is needed, the 
H-bridge circuit discussed in Chapter 12 (Figure 12.20) can be used. 

A useful output is pulse width modulation (PWM). A PWM output from an 
MCU is a continuous DC rectangular wave whose duty cycle can be varied by 
the program. Some devices or circuits take this signal and average it into a con- 
tinuous DC voltage. Varying the duty cycle causes the DC average to vary. (See 
Duty Cycle and PWM and Figure 4.22 in Chapter 4). The duty cycle is selected 
in the program usually by setting a numerical value. The duty cycle can also be 
changed by the program. Two example applications are varying the brightness 
of an LED and controlling the speed of a DC motor. 

Inputs. A common input is a switch or pushbutton. The idea is to connect 
the switch into a circuit that generates a binary 0 or 1. A typical circuit is shown 
in Fig. 13.8A. The single-pole single-throw (SPST) switch is normally open. 
The pull-up resistor keeps the MCU input at +5 V. When the button is pressed, 
the switch contacts close grounding the resistor and producing a zero input. 
Instructions in the program read the status of the input line. Some action is initi- 
ated if the input goes low. 

An alternate arrangement is shown in Fig. 13.8B. The resistor keeps the 
MCU input low or ground and binary O level. When the pushbutton is depressed, 
+5V is applied to the input. Again the MCU tests the input with an instruction 
to see 1f it is binary 1. If it is, some other action will occur. 
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FIGURE 13.7 An N-channel enhancement mode MOSFET driving a DC motor. 
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FIGURE 13.8 Using a pushbutton switch to generate an input logic level. 


FIGURE 13.9 A comparator and thermistor used for temperature sensing. 


A comparator can also be used for an interface. Fig. 13.9 shows a therm- 
istor temperature sensor as the input to the comparator. Voltage divider R4- 
R, sets the temperature level. As the temperature increases, the thermistor 
resistance decreases when the voltage from the thermistor divider changes 
the comparator input and switching the output from a O to 1 or vice versa. 
This signal is applied to an MCU input that is read by the program to deter- 
mine if the temperature is above or below the level set by the pot. Other 
resistive sensors such as a photoresistive light sensor can be used for a simi- 
lar function. 

Some devices may require the use of an analog-to-digital converter 
(ADC). Some sensors or sensor circuits such as a voltage divider or bridge 
output a DC voltage proportional to the analog quantity being sensed. The 
ADC translates this voltage into an equivalent binary value that 1s sent to the 
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MCU. As it turns out, most MCUs have one or more internal ADCs so no 
interfacing 1s needed other than conditioning the analog signal for applica- 
tion to the MCU input. 


PLATFORMS FOR LEARNING PROGRAMMING 


The best way to learn programming is to start doing 1t. You will probably 
need to read some books, participate in online tutorials, or take a formal 
course. Whatever your approach to teach yourself programming, you will 
need a platform for learning. The platform, for lack of a better term, is a 
mix of hardware and software that is organized for learning. Many of these 
platforms are available for different languages and MCUs. I have reviewed 
several of these, and described here are the four that I can recommend. They 
teach either BASIC or C. For complete beginners I recommend those teach- 
ing BASIC. If you plan to use C in your work or just want to challenge 
yourself, select a C platform. 


Parallax BASIC Stamp 2 


The BASIC Stamp 2 is a complete microcontroller module that uses a Microchip 
Technology PIC MCU with RAM and flash memory on-chip in addition to 
inputs and outputs including a USB port for connecting to a PC for program- 
ming. It is designed to be built into other equipment or projects. The Stamp 2 is 
programmed in the PBASIC language. The Parallax Stamp has been around for 
about 17 years, so it is highly developed and widely used in education to teach 
programming. 

The Stamp 2 is available in a wide range of forms from simple plug-in mod- 
ules to complete learning kits that include a breadboarding socket, multiple 
components, and comprehensive project manuals. A free IDE is available for 
download from the Parallax site. I reviewed the BASIC Stamp Activity Kit that 
comes with the breadboard and parts. See Fig. 13.10. The manual is a self- 
teaching guide that instructs you in the BASIC language and electronic interfac- 
ing. The kit is a complete package of all the things you need to start learning 
programming. I recommend it. 


PICAXE 


PICAXE is another platform that uses a Microchip Technology PIC MCU and 
is programmed in BASIC. The package is essentially a version of the PIC MCU 
family in a DIP IC that can be plugged into a breadboarding socket. It has 
been preprogrammed with firmware that allows the MCU to be programmed by 
way of IDE software on a PC. Connection is by way of a USB port on the PC. 
You can then add other interfaces such as sensors or controlled devices as your 
project dictates. The BASIC language is easy to learn and use. The IDE is a 
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FIGURE 13.10 The Parallax BASIC Stamp Activity Kit experimental board is designed to be 
operated from a 9-V battery. The PIC MCU is the IC above the reset button in the center. 


free download, and there is plenty of support, help, and instruction on the com- 
panion website. This is a low cost way to build projects with a microcontroller. 


Arduino 


The Arduino is a wildly popular microcontroller module that uses an Atmel 
(now part of Microchip Technology) MCU. The module provides a USB port 
for connection to a host PC for programming and access to multiple input and 
output lines. It is programmed in a version of the C language. A free IDE is 
available for download. 

The Arduino has been around for several years now, and multiple versions 
are available. Dozens of different products are offered by multiple companies. 
You choose the MCU type depending on your need for memory sizes, inter- 
faces, and I/O ports. My recommendation is to select the simplest form called 
the Arduino Uno R3. It uses an 8-bit MCU called the Atmel ATmega328P. The 
Uno is powered by the USB port or an external 5V supply. A free online IDE is 
available. Using the C language variant provided, you write code to develop a 
program called a “sketch.” 

The C language is more daunting to learn than BASIC, but it offers far more 
power and capability than BASIC. If you want to create more complex projects 
as a maker or begin to use C in your career, then C is the better choice. The 
Arduino is probably the best learning platform as there is a large quantity of 
information available to help you including books, tutorials, and products. One 
popular type of accessory is the “shield,” a small PCB that plugs into the con- 
nectors on the Arduino board. The shields are various forms of interfaces and 
I/O devices such as wireless, motor control, GPS, and many others. 
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FIGURE 13.11 The Arduino Uno R3 is one of the most widely used microcontroller learning 
platforms. 


I evaluated the Arduino by using supplier SparkFun’s Inventors’s Kit. See 
Fig. 13.11. It contains the Uno, a breadboarding socket and a batch of parts to 
use in interfacing and building external circuits. An instruction manual leads 
you through projects that demonstrate interfacing and C coding, a good choice 
for the beginning programmer. 


LaunchPad 


The LaunchPad is one of the Texas Instruments’ development kits for the 
MPS430 series of MCUs. It comes as a PCB module with the MPS430FR6989 
16-bit MCU that features 128KB of FRAM. Refer to Fig. 13.12. The board 
also includes some LEDs, pushbuttons, an LCD readout, and other components 
to use in demonstration projects. A USB port connects the LaunchPad to the 
PC. Free IDEs are available for download. This is a very serious professional 
platform for those committed to learning C. No companion instructions are 
provided but many manuals and tutorials are available online. I acquired the 
LaunchPad as part of an online college course from Udemy that teaches C with 
lab projects. 


Advanced Alternatives 


If you are really adventuresome, you may want to select a more advanced plat- 
form. One of the most popular is the Raspberry Pi 2 or the newer more powerful 
Raspberry Pi 3. Both use a version of the popular ARM type processor, a powerful 
32-bit microprocessor. It comes in the form of a development board with memory, 
I/O, and other resources. The Raspberry Pi uses variations of the Linux OS. IDEs 
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FIGURE 13.12 The Texas Instruments’ LaunchPad development board uses an MPS430 
microcontroller. 


supporting different programming languages are available. Prices are very reason- 
able. I do not recommend these for beginners, but they can be the next step up 
after you have mastered programming. 

Another interesting advanced option is Parallax”s Propeller. This platform 
uses Parallax’s own MCU chip called the P8X32A. It features eight (yes, eight) 
MPU cores along with memory and I/O. You program it in C, assembler, or 
a companion language called Spin. Once you have mastered BASIC on your 
Stamp platform and need more compute power, this may be a good next step 
for you. 


LEARNING PROGRAMMING 


There is not enough space in this book to teach a programming language. But 
you can learn it on your own. If you are not sure about self-learning, you could 
find a local college or university that offers continuing education courses for 
adults. Otherwise, give the self-learning idea a try. Here are some suggestions. 


Books 


There are literally dozens of books covering C programming. Not so many on 
BASIC. Some books are more specific to teaching the Arduino version of C. I 
reviewed several, but I can recommend two that may be helpful to you. 


e C Programming With Arduino, by Warwick A. Smith, Elektor, 2016. 
e Arduino for Dummies, by John Nussey, John Wiley & Sons, 2013. 


I suggest that you go to your bookstore and see what is on hand. Your 
local library may have some. Alternately, do an Internet search on the Amazon 
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and Barnes & Noble websites to see what is available. I recommend that you 
invest in at least two or three books as when one is not clear and helpful the 
others may be. 


Learn by Example 


Most of the books provide example programs. Kits such as the SparkFun 
(Arduino) Inventor’s Kit and the Parallax BASIC Stamp Activity Kit provide 
hands-on experiments and projects with typical programs. Initially no program- 
ming is necessary. You simply enter the programs and run them. By implement- 
ing enough of the programs and analyzing them in detail, you can learn how 
to program on your own. In fact, with enough examples, you can put together 
several programs and modify them to fit your needs. If you are just learning 
programming, I highly recommend one of the experimenter’s kits as a great 
starting point. 


Online Tutorials 


If you do an Internet search for programming tutorials, you will be surprised at 
how many there are for both BASIC and C. Some are free and others have a fee 
associated with them. Some are video based (such as YouTube), others are PDF 
documents, and some have presentations. Take your pick. Take one to start and 
then do another just to firm up your knowledge. 


Online College Courses 


Many colleges and universities now offer online college-level courses in a wide 
range of subjects. Such programs are referred to a Massive Open Online Courses 
or MOOCs. Programming is one popular topic. Many are free and others have 
small fees. If you are interested in a more formal course at the college level, from 
major institutions, take a look. Go to the websites of Coursera, edX, and Udemy, 
and search for a C or BASIC course. I selected a course called Microcontrollers 
and the C Programming Language from Udemy. It is taught online by Professor 
Mark Budnik of Valparaiso University in Indiana. It includes lab programming 
and interfacing projects using the Texas Instruments’ LaunchPad described ear- 
lier. The course was offered at very low cost, but the LanuchPad was a minor 
added expense. A very challenging and time-consuming course but it does the 
job. There are others you can identify online. 


Apply What You Learn 


Reading relevant books and taking courses are good ways to get started, but 
they will not make you a programmer. To learn programming, you must do pro- 
gramming. You must write code, screw up, and retry. You must test the process 
yourself, failing along the way, and adjusting. This is still the best way to learn 
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programming. Start with small programs and then progress to more complex 
applications as you improve your knowledge and skill. The projects outlined 
next will get you started. 


Project 13.1 


Select a Learning Platform and Language 
If you have not already done so, choose your language and acquire one of the 
platforms or its equivalent described earlier. The complete kits cost a bit more but 
will get you started faster and easier than just investing in a development board. 
See Appendix B for sources. You should be able to get started for about $100. It is 
a good investment. 

An interesting exercise is to investigate the programming languages to find out 
which ones are the most widely used. As a challenge in this project, perform an 
Internet search to discover the top three most popular programming languages. 


A Word About the Following Projects 

The projects that follow are intended as demonstrations that show what is possible 
and how to do it. If you invest in a microcontroller, you can try out these projects. 
You can just copy the programs into the IDE editor and test them out. The programs 
are instructive in showing you the programming process. However, you will need 
further learning before you become a programmer. Your goal should be further 
study as outlined earlier. Practice makes you more knowledgeable as you try, fail, 
and then try again and succeed. 


Project 13.2 


Blink an LED 
One of the simplest applications is to flash an LED off and on. You first connect a 
resistor and LED to one of the output pins on your development board as shown 
in Fig. 13.5. Some boards such as the Arduino Uno R3 and the TI LaunchPad have 
this LED already connected on the PCB. As for the code, it is simple. Earlier in this 
chapter you saw the BASIC code to do this. Here is the code for the BASIC Stamp 
2. Wire the LED as shown in Fig. 13.5 using a 470-Q resistor on pin 7. 
‘{$STAMP BS2} 
‘{$PBASIC 2.5) 
DO 
HIGH 7 
PAUSE 500 
LOW 7 
PAUSE 500 
LOOP 
The first two lines of code that begin with an apostrophe set up the program- 
ming software in the Stamp IDE. The remaining code flashes the LED as explained 
earlier in the chapter. 
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Project 13.2—cont'd 


Below is a listing for the C code to flash the LED. Wire the LED as in Fig. 13.5 to 
pin 9. Use a 470-Q resistor. If you are using the Arduino Uno, you can use the onboard 
LED already connected to output pin 13. Just substitute 13 for 9 in the code below. 

int ledPin = 9; 

void setup) { 

pinMode(ledPin, OUTPUT); } 

void loop) { 

digitalwrite(ledPin, HIGH); 
delay(500); 
digitalwrite(ledPin, LOW); 
delay(500); 

i 

The first line tells the Arduino to assign the variable ledPin to the integer value 
of 9. The LED and resistor would be connected to pin 9. Next the void setup() 
command tells the processor to execute the code between the two following curly 
brackets. The pinMode command tells the processor that pin 9 is an output port. 
Now the void loop() tells the processor to set up a loop to run the code between 
the following curly brackets. The digitalwrite command tells the processor to set 
pin 9 to the high or binary 1 state turning on the LED. The delay command then 
causes a pause of 500 ms or one half second. Next the digitalwrite command tells 
the processor to set pin 9 to low or binary O turning off the LED. Another delay or 
pause of 500 ms occurs. Note all command lines have to end in a semicolon. The 
program then loops back to repeat. 


Project 13.3 


Use a Pushbutton Switch for Control 

This project will illustrate how to apply an input to the microcontroller. The push- 
button is a common input device. The basic interface is like that shown in Fig. 
13.8. The micro looks at the input pin and senses the state. If it reads the right 
condition, it will cause something to happen. In the example to follow, the goal 
is to flash the LED five times when the pushbutton in depressed. The code in both 
BASIC and C are outlined below. 

Here is the code for BASIC Stamp 2. It uses the same flash code in the previous 
BASIC example but is modified by to flash five times and then stop. The pushbutton 
should be wired like that in Fig. 13.8B on pin 5. 

‘{$STAMP BS2} 

‘{$PBASIC 2.5} 

counter VAR Byte 

FOR counter = 1 TO 5 

DO 

IF (IN5 = 1) THEN 
HIGH 7 


Continued 
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Project 13.3—cont'd 


PAUSE 500 
LOW 7 
PAUSE 500 

NEXT 

LOOP 

The first two lines beginning with the apostrophe sets up the programming 
software and must be included. The next line sets up a variable called counter that 
can be up to a byte long. The DO instruction sets up loop to repeat the program. 
The IF... THEN line sets up another inside loop that reads input pin 5 to determine 
its state. It will look at the pin ten times per second. If input pin 5 goes high or 1, it 
signals the program to execute the code flashing the LED. The program then flashes 
the LED five times as the loop NEXT command counts the number of flashes and 
then stops. The LOOP instruction sets up the loop again as the program waits until 
the button is pressed again. The program is a loop within a loop where the inner 
loop is conditioned by the number of repeated flashes. The outer loop is condi- 
tioned by the state of the pushbutton. 

The C code for the Arduino to initiate the five LED flashes is shown below. The 
pushbutton should be wired as shown in Fig. 13.8A using a 10k-Q resistor. The 
code is set up to use pin 2 as the input. Pin 9 is used as an output for the LED as 
in the previous code. 


int ledPin = 9; 

Int inputP = 2; 

int val = 0; 

void setup() { 

pinMode(ledPin, OUTPUT); 

pinMode(inputPin, INPUT); 

} 

void loop) { 

val= digitalRead(inputPin); 

if (val == HIGH) { 
digitalwrite(ledPin, LOW); 

} else {for (int i = 0; i < 5; 1++) } 
digitalwrite(ledPin, HIGH); 
delay(500); 

digitalwrite(ledPin, LOW); 
delay(500); 

} 

The program sets up pin 9 as the output for the LED and pin 2 as the input. The 
void loop() sets up a loop to repeat the flashing five times. The program reads the 
state of the input pin with the digitalRead statement. If it is HIGH, the button has 
not been pressed to close the circuit. The “if” statement evaluates the input, and if 
it is HIGH, it turns off the LED with a digitalwrite command. However, if the input 
goes LOW, the “else” statement initiates the flash sequence. The “for” statement 
counts the number or flashes and then terminates the program. 


Chapter 14 


Soldering 


An Essential Skill for Electronics 


In this Chapter: 


The importance of soldering. 
What is solder? 

Soldering tools. 

How to solder. 

How to desolder. 

Projects. 


INTRODUCTION 


Soldering is the process of melting a metal alloy called solder for the purpose of 
joining together two or more other metals. The solder, when melted, becomes 
a liquid and flows over the other metals to be joined. When the solder cools, 
it hardens and adheres to the other metals creating a strong mechanical bond 
as well as a highly conductive connection. Most interconnections of electronic 
parts and printed circuit boards (PCBs) are made with solder. For that reason, 
soldering is an important skill for any electronic engineer, technician, hobbyist, 
experimenter, maker, or other do-it-yourselfer. This chapter shows fundamen- 
tals of soldering and some projects to practice with and learn from. 


What is Solder? 


Solder is a soft metal alloy made up of tin and lead. The usual mix is 60% tin and 
40% lead. Other mixes are available, but the 60/40 category is the most common 
in electronics work. Solder has a low melting point of about 360—370°F or in 
the 180—190°C range. It is usually melted with a handheld tool called a solder- 
ing iron. The solder is usually made in the form of a thin flexible wire. When 
melted, the solder becomes a liquid and easily flows over the other metals to be 
joined. The solder cools and hardens and adheres to the other metals making a 
solid joint. 
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Most wire solder contains a continuous core of a material called rosin flux. 
When heated, the flux melts with the solder and is used as a cleaning agent. The 
metals to be joined often oxidize and resist the solder. The flux clears away the 
oxidation and other surface obstacles to allow the solder to adhere to the metals. 
Some types of solder used in mechanical work use an acid core flux. This is 
deadly to electronic parts. Never use it. Use rosin core solder only. 

Solder containing lead has been ruled undesirable in some applications. Yet 
it is still the best solder. It will not harm you. You can also get solder without 
lead. Such solder is mostly tin with a small amount of silver or copper or both. 
The melting point is typically 5%—10% higher so extreme care should be taken 
when soldering delicate temperature-sensitive electronic parts. 


Soldering Tools 


The main tool of soldering is the soldering iron. See Fig. 14.1. It has an insu- 
lated handle, a heating element with an AC power line cord and plug. The heat- 
ing element heats a metal tip that actually does the soldering. The tips come in 
many sizes but a small tip is best for use on modern components. 

Soldering irons are rated by the power they consume and heat they dispense. 
Ratings run from about 15 W to over 100 W. For electronics work an iron with 
a rating of 25-35 W is best. It is hot enough to do the soldering but will not 
do heat damage to sensitive electronic components. Be sure that the soldering 
iron has a small narrow or pointed tip to accommodate most small electronic 
component leads. 

A helpful accessory is a soldering iron stand or holder to keep the iron from 
burning the bench or table you are using. Also useful is a wet sponge. It is used 
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FIGURE 14.1 A common soldering iron used in electronic work. 
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FIGURE 14.2 Tools used in soldering. On the left is a wire stripper. Next is a pair of needle-nose 
pliers. On the right is a side cutter for wire. 


to keep the soldering tip clean. A sponge holder is often part of the soldering 
stand. 

Other useful soldering tools are illustrated in Fig. 14.2. The wire stripper 
helps remove the insulating cover from wires to be soldered. It cleanly cuts 
off the insulation without damaging the copper wire. This is a must tool and 
a mandatory substitution for a knife that can nick the wire while stripping the 
insulation. 

A pair of needle-nose pliers is sometimes helpful in bending or holding com- 
ponent leads or wires. The side cutters are used to cut wires or trim away com- 
ponent leads or wires after soldering. All of these tools speed up and simplify 
your soldering work and are a good investment. 

If you are going to work with tiny surface mount parts, you should have a 
pair of tweezers to handle them or to hold them in place as you solder. A mag- 
nifying glass is also a useful accessory when using tiny parts. 


Soldering Procedures 


The most common soldering scenarios are soldering wires together or soldering 
electronic parts to a PCB. Fig. 14.3 shows the first case. When connecting two 
wires, you first remove any insulation first. You will need an inch or more of 
bare wire to make the connection. Then make a good physical connection by 
wrapping one wire around the other as shown. Then touch the clean tip of the 
iron to the connection. Let the connection heat for a few seconds, then apply the 
solder. The secret to a good connection is to apply the solder to the heated wires 
and not to the iron tip. Let the solder flow over the wires until coated. Do not use 


350 Electronics Explained 


Solder 


ae 


Insulation 


| 


Soldering iron 


Insulation 


f 


Wires 


FIGURE 14.3 Soldering two wires together. Apply solder to the heated wires not to the iron tip. 
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FIGURE 14.4 Soldering components to a printed circuit board. 


too much solder. Once the solder flows over the wires, remove the iron and let 
the connection cool. It should look shiny and bright, not dull gray. 

Another common soldering situation is connecting components to a PCB. 
See Fig. 14.4. This shows a resistor lead being soldered to a copper pad on the 
PCB. The resistor lead is usually inserted into a hole on the board and is then 
soldered to a copper pad or area on the bottom of the board. 

The procedure is to bend the lead and insert it into the hole. The resistor 
will lay flat on the board as shown. Bend the lead over to hold it in place, then 
solder. As with soldering wires, or anything for that matter, apply the heat to 
the copper pad and resistor lead for a few seconds. Then flow the solder over 
the connection. Do not apply the solder to the iron tip. And do not let the lead 
or the board move as you solder. Use minimum amount of solder to cover the 
connection and not more. 

Remove the iron and let the connection cool. No movement should occur 
during the cooling process, or it will produce what is called a “cold” solder 
joint. Instead of looking bright and shiny the connection will look crumbly 
and dull gray. Movement during cooling is the most common cause of cold 
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FIGURE 14.5 Soldering a surface mount part to a PCB. 


joints. A cold joint does not make a good electrical connection. If this occurs, 
simply reheat the joint and then let it cool without movement. Do not add 
more solder. 

Fig. 14.5 shows another soldering situation. Here a surface mount part is 
placed on the top of the PCB and is soldered to a copper pad. No hole is used 
or needed. Surface-mount parts are tiny and hard to work with. Hold the part 
carefully in place, then heat the junction of the part and the copper pad. Use a 
small iron tip to avoid accidentally touching adjacent pads or parts. Then flow 
the solder over the joint. Use as little solder as possible. Be very careful not to 
move anything as the solder cools. 

There are a couple of precautions to observe. First, use as little heat as pos- 
sible. Most PCBs are sensitive to heat and with too much heat you can cause 
the copper pad on the PCB to peel free and possibly break off. This is a serious 
problem that is often catastrophic for an expensive electronic PCB. Too much 
heat can sometimes damage a component such as an integrated circuit or resis- 
tor. The correct balance is to use just enough heat to melt the solder but not 
enough to damage anything. A few seconds is all you usually need. 

Second, be careful of cold solder joints. Do not move anything as the solder 
cools. A cold joint will also result with not enough heat. The giveaway is a dull 
or rough-looking joint rather one that is smooth and shiny. Cold solder joints 
usually do not create a conductive path between the copper pad and the compo- 
nent. An open circuit is the result. 

Third, most connections on a PCB are very close together. Spacings between 
components and IC pins of 0.1in. (2.54mm) or less are common. While you 
are soldering one connection, be careful not to disturb an adjacent connection. 
A common problem is using too much solder on a connection that slops over to 
a nearby connection causing a short or solder “bridge.” To fix this, remove any 
excess solder from the connections to remove the bridge. 


Desoldering 


A related skill is desoldering. Desoldering is the process of disconnecting things 
that were previously soldered. It involves removing the solder first, then physi- 
cally breaking the parts from one another. Desoldering is usually common when 
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FIGURE 14.6 Tools for desoldering, a solder sucker and solder wick. 


repairing electronic equipment by replacing a defective part or when making 
and correcting a mistake. 

The tools of desoldering are shown in Fig. 14.6. The first is a solder sucker. It 
is a Simple vacuum pump that literally sucks the molten solder from a joint. You 
heat the joint to be disconnected, then simultaneously apply the solder sucker to 
remove the solder. You usually have to repeat the procedure several times to get 
the solder off. Once you remove as much solder as possible, you physically pry 
the parts apart with the tip of a knife or a pair of needle-nose pliers. Be careful 
not to pull the copper foil pad off the PCB. 

An alternative or a companion to the solder sucker is solder braid or wick. 
This is a narrow flat braid of fine copper wires coated with flux or other chemi- 
cal that attracts solder. You place the braid on the connection to be desoldered, 
then heat the braid with the iron. Once the solder melts, it wicks up into the 
braid. The braid absorbs the solder. As with the solder sucker, you usually have 
to apply it several times. Be sure to cut off the braid that has absorbed the solder. 
Always use fresh piece of braid. Again, do not use too much heat and damage 
the PCB or part. 


Projects 


The best way to learn soldering is to solder. It is a manual skill that takes a bit of 


practice. It is not difficult but you do need to try it out first, then practice it several 
times. The following projects will help. 
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Project 14.1 


Acquire the Tools 

If you are planning to do serious electronic work, you need the right tools. The first 
step is to go get the tools described above. You may be able to get them individu- 
ally at a DIY store such as Lowe's or Home Depot. RadioShack or Fry's should 
have them. Online catalog sources, such as All Electronics, Jameco, or others, 
have them. Some vendors offer complete packages of all the tools in one kit. This 
complete kit is the best approach if you have no tools now. 


Project 14.2 


Solder Two Wires 
A common need is to connect two wires. An example you may have experienced 
is the problem of not being able to plug stranded wire into a breadboarding socket. 
The 9-V battery connector you may have used has stranded wires that are not stiff 
enough to plug into the breadboard. One way to fix this problem is to attach some 
short solid hookup wire leads to the battery clip wires. The hookup wires will plug 
right into the socket. 

Here is the procedure: 

e Cut two lengths of #22 gauge hookup wire several inches long. 

e Use the wire strippers to remove about one half inch (1.25 cm) of insulation 

from each end of the wires. 

e Also strip about one half inch of insulation from each battery clip wire. 

e Then wrap the stranded battery clip wire around the solid hookup wire as 

previously shown in Fig. 14.3. 

e Solder the connection by heating the wires first, then flowing solder over 

them. Do not apply the solder to the soldering iron tip. Also use a minimal 

amount of solder. Let the connection cool. 

e Repeat the procedure for the other battery clip wire. 


Project 14.3 


Build a Kit 
The best way to practice soldering is to build a kit. This was recommended earlier 
in Project 4.1. If you have not built a kit yet, now is a good time to do so. | recom- 
mend the solder practice kit (SP-1A) where you build a siren with flashing LEDs. 
The kit also provides an area on the PCB to practice soldering skills. You can get 
this kit from Elenco (www.elenco.com) or Jameco (www.jameco.com). 

Any other small low-cost kit such as a power supply will also provide plenty of 
soldering experience. Refer back to Project 4.1. 
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Appendix A 


Book References 


Here is a list of books for those who wish to dig deeper. You will find lots of 
basic electronics books out there, but these are my favorites as well as some of 
my own. 

American Radio Relay League. The ARRL Handbook for Radio 
Communications; 2017. The focus is on wireless but the book also has excellent 
coverage of electronic fundamentals. 

Ashby D. Electrical engineering 101. Newnes/Elsevier; 2008. A good basic 
book that delves more into the circuits than this book. A good next step from here. 

Frenzel LE. Crash course in electronics technology. 2nd ed. Newnes/ 
Elsevier; 1996. Out of print now but still available in the used market. A pro- 
grammed introduction to electronics. 

Frenzel LE. Crash course in digital technology. 2nd ed. Newnes/Elsevier; 
1998. Out of print now but still available in the used market. A programmed 
introduction to digital circuits. Getting a bit dated now but still valid. 

Frenzel LE. Crash course in PC and microcontroller technology. Newnes/ 
Elsevier; 1999. Out of print now but still available in the used market. A pro- 
grammed introduction to micros. Getting dated but the fundamentals are still good. 

Frenzel LE. Principles of electronic communications systems. 4th ed. 
McGraw-Hill; 2016. Recently updated and it takes the systems approach to the 
subject. A college text but very readable. 

Frenzel LE. Contemporary Electronics: Fundamentals, Devices and 
Circuits, and Systems, McGraw Hill, 2014. A college textbook covering DC, 
AC, semiconductors, and linear circuits with a systems emphasis. 

Horowitz P, Hill W. The art of electronics. 3rd ed. Cambridge University 
Press; 2015. Recently updated, a good example of how to present electronics. 
A great reference. A lab manual is also available. 

Kuphaldt, TR. Lessons in electric circuits. Self-published; 2000-2009. 
A complete electronics book online and free for download. It covers DC and 
AC circuits, semiconductors and basic circuits, and digital. A lab manual is 
available. Go to www.openbookproject.new/electricCircuits. 

Maxfield C. Bebop to the Boolean Boogie. 3rd ed. Newnes/Elsevier; 2009. First 
published in 1995, it was a hit. A great introduction to digital practice and circuits. 
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Appendix B 


Projects Parts List 


PARTS SOURCES 


These are recommended but there are others. 


Adafruit: www.adafruit.com 

All Electronics: www.allelectronics.com 
Digi-Key: www.digikey.com 

Jameco: www.jameco.com 

Marlin P. Jones & Associates: www.mpja.com 
Mouser: www.mouser.com 

SparkFun: www.sparkfun.com 


CHAPTER 2 


Digital multimeter (DMM). Must measure DC and AC voltages, DC current, 
and resistance. More expensive models may measure capacitance and test tran- 
sistors, but these are not necessary for the projects in this book. 


CHAPTER 3 


Batteries, four AA cells or a 9V battery 

Battery holder for AA cells (Get one with preconnected cells and an off/on 
switch. Jameco 216187 is recommended. In fact, buy two as you will need 
another supply for later projects.) 

Battery clip for 9-V battery (Buy two as you will need another supply later.) 
Breadboarding socket (Buy the larger one for more complex circuits. Two is 
recommended.) 

#22 solid copper hook up wire, insulated (At least several feet for future uses.) 
LED, any generic type or color 

220-Q 4-W resistor 

330-0 %4-W resistor 

100k-Q 4-W resistor 

100-uF electrolytic capacitor, voltage rating >10V 
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e MOSFET transistor IRF510, 2N7000, or equivalent 

e ‘Tools: soldering iron (25-35 W), rosin core solder, side cutters, wire strippers 
Note: If you plan to do the projects in this book, you will need multiple val- 

ues of resistors. Most parts vendors offer assortments of the most common value 

resistors with 5 or 10 of each value. This is a highly recommended purchase as 

it will save time and be more convenient. 


CHAPTER 4 


Project 4.1 


Recommended kit is the dual adjustable regulated power supply from Jameco: 
Model JE215 (20626). 


Project 4.2 


Recommended VI packages: 
Digilent Analog Discovery or Analog Discovery 2 with Waveforms software 
National Instruments’ my DAQ with LabVIEW software 
Velleman PCSU1000 oscilloscope or PCSGU250 oscilloscope with signal 
generator 


Project 4.3 


Possible power supply choices: 


Dual adjustable regulated power supply kit from Jameco: Model JE215 (20626) 
Batteries: Two each 4-AA cells in a holder (6V) or two 9-V batteries with clips 
Power supplies in VI units 

Wall adapter AC to DC power supplies, regulated preferred, 5V 


Project 4.4 


Parts for Fig. 4.26: 
AC to AC wall adapter transformer: 5V (Cut the connector off the cable and tin 
the wires with solder to plug into the breadboarding socket.) 
1k-Q potentiometer (Get the kind that plugs into the breadboarding socket.) 
Parts for Fig. 4.27: 
555 timer IC 8 pin dual inline package (DIP) 
10k-Q %4-W resistors (3) 
0.05-uF ceramic capacitor 
0.1-uF ceramic capacitor 
47-uF electrolytic or tantalum capacitor, voltage > 10V 
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Project 4.5 


Parts for Fig. 4.31: 

Same as for Fig. 4.27 but add: 
e 100-0 %4-W resistor 
e 2-in., 8-Q speaker 

Parts for Fig. 4.32: 

Same as for Fig. 4.27 but add: 
e 220-0 %4-W resistor 
e LED 


Project 4.7 


Parts for Fig. 4.33: 
Same as for Fig. 4.26 plus: 
1N4001 silicon diode 
1000-pF electrolytic capacitor, 16V or higher 
0.33-uF capacitor 


0.1-uF capacitor 
1k-Q, %4-W resistor 
7805 linear regulator, TO-220 package 


Project 4.8 


Parts for Fig. 4.35: 
TLO81 op amp or equivalent (741, etc.) 
15k-Q, %4-W resistor 
4.7k-Q, Va-W resistor 
1k-Q pot 
Parts for Fig. 4.36: 
TLO81 op amp or equivalent (741, etc.) 
6.8k-Q, %4-W resistor 
1k-Q, %4-W resistor 
1k-Q pot 
Wall transformer 


CHAPTER 5 


Project 5.2 
Parts for Fig. 5.31: 


e 5V power supply as suggested in Project 5.11 
e 74HCOO quad NAND gate IC 
e 220-0, %4-W resistor 


Continued 
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Project 5.2—cont'd 
e LED 
Parts for Fig. 5.32: 
e Same as parts for Fig. 4.32. 
e Same as parts for Fig. 5.31. 


Project 5.3 


Parts for Fig. 5.33: 
Same as parts for Fig. 4.32, plus: 
74HC161 binary counter IC 
LEDs (4) 
330-0, V4-W resistors (4) 
1k-Q Y4-W resistors (4) 
0.01-uF capacitor 


CHAPTER 7 


Project 7.6 


Parts for Fig. 7.23: 

Two 6 or 9V supplies 

Part for 555 timer circuit same as for Fig. 4.32 
Radiometrix TX3A transmitter 

Radiometrix RX3A receiver 

2N3904 NPN transistor 

470-Q, 1⁄4-W resistor 

10k-Q, %4-W resistor (2) 

27k-Q, V4-W resistor 

LED 


CHAPTER 12 


Project 12.2 


Parts for Fig. 12.31: 
LM393 quad comparator IC 
IRF510 MOSFET or equivalent 


10k-Q thermistor 

12-V DC fan, 2 or 3 in. in diameter 
10k-Q, %4-W resistors (2) 

22k-Q, 14-W resistors (2) 

50-0, 5-W resistor 
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CHAPTER 13 


Project 13.1 


Sources of microcontrollers: 
Adafruit: www.adafruit.com 
Arduino: www.arduino.c 


Jameco: www.jameco.com 

Marlin P. Jones & Associates, www.mpja.com 
Mouser: www.mouser.com 

Parallax: www.parallax.com 

PICAXE: www.pickaxe.com 

SparkFun: www.sparkfun.com 


Project 13.2 


Parts to flash an LED: 
e Standard LED 
e 470-0, %4-W resistor 


Project 13.3 


Parts for pushbutton control of an LED: 

e Standard LED 

e Pushbutton switch with leads to plug into a breadboarding socket 
e 470-0, %4-W resistor 

e 10k-Q, %4-W resistor 


CHAPTER 14 


Project 14.1 


Acquire a soldering iron and some solder. A model with a 20-30W rating with a 
narrow tip is best. The solder should be 60/40 rosin core. A desoldering tool or 
braid is an option. Also get basic tools such as wire strippers, needle nose pliers, 
and side cutters. A knife is also handy. 


Project 14.2 


e 9-V battery clip and/or four AA cell holder 
e #22 solid insulated hook up wire 


Project 14.3 


Acquire the solder practice kit (SP-1A) or some other kit to practice with. 
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Appendix C 


Learning Resources 


This book provides a good introduction to electronics. But as you will find out, 
the more you learn the more you realize what you do not know. Most people 
want to learn more. 


Today, most people learn from the Internet. With searches you can find infor- 


mation on almost anything you want to learn. Wikipedia is an example. Listed 
here are some additional sources that I recommend for your continued learning. 


All About Circuits is an online resource for electronic engineers and enthusiasts 
that offers a wide range of materials including design calculators, articles, 
textbooks, and projects (http://www.allaboutcircuits.com/tools/). 

MOOCs or Massive Open Online Courses are online college-level courses 
covering an extensive array of topics. Many are free; others are low cost. The 
offerings are extensive so you need to do a search on each website to find what 
you want. The following are leading providers of MOOCs: 

Coursera: www.coursera.com 

EdX: www.edx.com 

Udemy: www.udemy.com 

MOOCs listing: www.mooc-list.com 

MOOCs directory: www.moocs.co 

The Great Courses is a source of excellent video courses on DVD, CD, or 
online. They offer a general electronics course called Understanding Modern 
Electronics by Professor Richard Wolfson of Middlebury College. Its price 
varies with discounts offered. Other courses of potential interest are those on 
science and math (www.thegreatcourses.com). 

EEWeb is a website offering a variety of free electronic tools and calculators. 
The tools include schematic capture, PCB design and calculations, RF design 
tools, and passive components calculators. Other features are an online 
scientific calculator, graph paper and math tools for algebra, trig and calculus 
(https://www.eeweb.com/toolbox). 

Radio Electronics is a website with an extensive collection of articles and 
tutorials about all aspects of electronics (www.radio-electronics.com). 

Kahn Academy is a free online learning site offering courses in math, electrical 
engineering, and programming (www.kahnacademy.com). 
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4 

3D TV, 278 

AG, 3, 197, 212-213 

AK, 268-269 

5G, 3, 166, 201, 214, 238 

555 Timer, 91b-92b, 92f, 96f, 97b, 
137f-138f 

8K, 269 


A 


AC. See Alternating current 
Accumulator 
in ALU, 146 
register, 145-147 
Actuator, 303-312. See also Motor; Relay; 
Solenoid 
ADC. See Analog-to-digital converter 
Address buffer, 147-148, 147f 
Address bus, 151 
Address register, memory, 147-148, 147f 
Addressing, in RAM, 126f 
Aircraft, radio in, 187 
Alkaline battery, 30t 
Alternating current (AC), 26-29, 27f 
capacitors’ passing of, 51f 
frequency of, 28 
generators for, 33 
inverters for, 33-34 
motor, 311-312 
oscillator in, 26, 34 
polarity of, 26 
signal shapes of, 26-28, 27f 
in solar power system, 88f 
sources for, 33-34 
voltage measurement for, 28-29 
Alternator, 33 
ALU. See Arithmetic logic unit 
AM. See Amplitude modulation 
American Standard Code for Information 
Interchange (ASCII), 107-112 
character code of, 109t—110t 
control codes of, 108-111 


Ampere, 18-19 
Amplifier, 7-8, 54-35, 64-65, 71-75 


audio frequency, 65 

BJT, 54f 

cascading, 73-74, 73f 
class A, 66, 67f 

class AB, 66-67 

class B, 66, 67f 

class C, 67-68, 68f 

class D, 68-69, 69f 

class E, 69 

class F, 69 

classification of, 65—71 
configuration of, 65—66 
DC, 64 

differential, 66, 66f, 70f 
efficiency of, 74 

follower, 70f 

frequency response of, 74, 75f 
gain of, 64, 73f 
impedance in, 72—73, 72f 
instrumentation, 70-71, 71f, 297 
intermediate frequency, 65 
inverting and noninverting, 70f 
as linear circuit, 65 
microwave, 65 
operational, 70-71, 70f 
output capability of, 74-75 
power, 65 

pre-, 244 

radio frequency, 65 

in radio receiver, 177 
signal size of, 65 
single-ended, 65, 66f 
switching, 68-69, 69f 
symbol for, 65f 
vacuum-tube, 258b 


Amplitude modulation (AM), 170, 171f. See 


also Quadrature amplitude modulation 


Amplitude shift key (ASK), 174, 175f 
Analog-to-digital converter (ADC) 


for data conversion, 132 
for digital TV, 267f 
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Analog-to-digital converter (ADC) (Continued) 
parallel output of, 133f 
serial output of, 133f 
Antenna, 162, 181-186 
dipole, 182, 183f 
electromagnetic fields from, 163f 
ground-plane, 181, 182f 
horn, 185 
loop, 183 
microwave, 185-186, 185f 
patch, 183, 184f 
transmission lines to, 183-185, 185f 
Yagi, 182-183, 184f 
Arduino, 340-341, 341f, 343 
Arithmetic circuit, 125 
Arithmetic logic unit (ALU), 10, 10f 
accumulator in, 146 
in computer, 10, 10f, 142 
data processing by, 146f 
as logic circuit, 125 
operation of, 145-147 
ASCII. See American Standard Code for 
Information Interchange 
ASK. See Amplitude shift key 
Aspect ratio, 262-263, 264f 
Assembly (programming language), 327-328 
Astronomy, radio, 191 
Asynchronous transfer mode (ATM), 227, 227b 
ATM. See Asynchronous transfer mode 
Atom, 16, 17f 
Audio 
amplifier, 65 
digital, 245-254 
dynamic range of, 247b 
past recording media, 246-247 
electronics, 243 
Audio-video receiver (AV receiver), 254-257 
diagram of, 255f 
radio in, 254-255 
Augmented reality (AR), 288 
Automatic gain control, 178 
AV receiver. See Audio-video receiver 


B 
Band-pass filter (BPF) 
bandwidth of, 75—77 
response curve of, 76f 
symbol for, 76f 
Band-reject filter (BRF), 76f 
Bandwidth 
of BPE, 75-77 
modulation and, 172f 
of radio, 172, 172f 


BASIC (programming language), 328 
BASIC Stamp 2, 339 
Battery, 29f 
cell voltages in, 30t 
charging of, 31 
as DC source, 29-31 
diagram of, 31f 
multimeter measurement of, 58f 
as power supply, 84 
primary cells in, 30-31 
secondary cells in, 31 
types of, 30t 
BCD. See Binary-coded decimal 
Binary data word, 106 
Binary digits, 103-104 
Binary numbers, 103-114 
decimal conversion from and to, 104-105 
hardware representation of, 105 
maximum number of states in, 107t 
Binary phase shift keying (BPSK), 174, 175f 
spectral efficiency of, 209t 
Binary-coded decimal (BCD), 107-112 
code of, 108t 
hexadecimal notation in, 111b 
Bipolar junction transistor (BJT), 52-53, 53f-54f 
Bits. See also Microcontroller; Microprocessor 
binary numbers as, 103-114 
maximum decimal value calculation for, 
106-107 
significant, most and least, 104 
BJT. See Bipolar junction transistor 
Bluetooth, 233 
Blu-ray DVD, 288 
Boat, radio on, 188 
Boolean algebraic expressions, 114-115 
BPF. See Band-pass filter 
BPSK. See Binary phase shift keying 
Breadboard 
in home lab, 56b—59b 
LED wired on, 59b 
socket, 58f 
BRF. See Band-reject filter 
Broadband technology 
network with, 237-238 
wireless, 238 
Bus, 112. See also Universal serial bus 
address, 151 
bidirectional, 151 
computer, 151 
control, 151 
data, 151, 152f 
multiplexer, 151 
network topology, 220, 221f 
parallel data transfer over, 112f 


power supply and, 87 

sources connected to, 152f 
Bus-oriented architecture, 87 
Byte, 106 


C 
C (programming language), 328-329 
Cable, 221-222 
coax, 221, 222f, 234f 
fiber optic, 222, 223f-224f 
twisted pair, 221-222, 222f 
Cable TV, 278-283 
diagram of, 280f, 282f 
Internet connectivity with, 237 
CAN. See Controller area network 
Capacitive resistance, 49 
Capacitors, 47-50 
AC vs. DC with, 51f 
charging of, 49f, 60b—61b 
construction of, 49f 
discharging from, 49f 
in LPF, 50f 
symbol for, 49f 
Carbon, as semiconductor, 20 
Cascading amplifier, 73-74, 73f 
Cathode ray tube (CRT), 258b 
CB. See Citizens band 
CCD. See Charge-coupled device 
CD. See Compact disc 
CDMA. See Code division multiple 
access 
Cell. See also Battery; Solar cells 
fuel, 32-33 
load of, 298 
photo, 299-302, 299f 
symbols for, 299f 
Cell phone, 195 
AG, 212-213, 212f 
CDMA, 202, 211 
cellular concept of, 197-199, 198f 
communication model of, 8—9, 8f 
components of, 199-202 
diagram of, 201f 
digital modulation in, 203-208 
duplex capability of, 199-200 
EDGE, 201-202 
GPRS, 201-202 
GPS in, 216 
Cell phone (Continued) 
GSM, 201-202 
hand-off of, 199 
HSPA, 202 
location technology in, 216 


Index 367 


LTE, 202 
operation of, 200f 
as radio, 195-196 
range and reliability of, 196b-197b 
smartphone as, 213 
spread spectrum in, 175-176 
transmission frequency of, 28t 
TV on, 285-286 
types of, 200-202 
Central processing unit (CPU) 
components of, 142 
control unit of, 142, 147-148 
instruction-word formats in, 148-149 
program execution in, 149-150 
registers in, 144-145 
Charge, 16-18 
Charge-coupled device (CCD), 270 
Chip. See Integrated circuit 
Circuit, 63. See also Digital circuit; Linear 
circuit; Logic circuit 
arithmetic, 125 
filter as, 75—77 
mixer as, 78—79 
model of, 7, 8f, 19f 
photo control, 300, 301f 
theory of, 41-45 
three-state line-driver, 151 
Citizens band (CB), 187, 193b 
Clock 
crystal, 77, 77f 
in microprocessor, 154 
Coax cable, 221, 222f, 279f 
Code. See also American Standard Code for 
Information Interchange; Binary-coded 
decimal; Decoder 
operation, 147-149 
for resistors, 48f 
Code division multiple access (CDMA) 
cell phone use of, 202, 211 
generation of, 211f 
Codec, 251 
Communication. See also Duplex 
communication 
cell phone model of, 8—9, 8f 
as industry sector, 4, 4f 
LOS, 170, 170f 
radio system for, 159-160, 160f 
with satellite, 189-191, 189f 
simplex, 161, 161f 
Compact disc (CD), 251-254 
dynamic range of, 247b 
encoding on, 252f 
past recording media vs., 246-247 
player, diagram of, 253f 
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Comparator, 125 
Compiler, 326 
Components 
capacitors as, 47-50 
of cell phone, 199-202 
of CPU, 142 
diodes as, 52 
in electronics hierarchy, 43f 
IC as, 55-56 
inductors as, 50-51 
as industry sector, 4f, 5 
of microprocessor, 142 
resistors as, 45-46 
switches as, 45, 55, 104 
transformers as, 51-52 
transistors as, 7, 52-55, 104 
types of, 45-56 
Compounds, atomic elements in, 16 
Compression 
of sound, 248-249 
of video, 271 
Computer, 139-142, 143f. See also 
Central processing unit; Memory; 
Microprocessor 
ALU in, 10, 10f, 142 
applications of, 9 
bus, 151 
control with, 140 
diagram of, 44f 
embedded, 11 
external devices with, 141f 
FFs in, 140 
function of, 9-11 
gates in, 140 
as industry sector, 4, 4f 
input-output system of, 10-11, 10f, 140, 142 
memory of, 142 
as microcontroller, 140 
monitoring by, 141f 
personal, 140 
repairing, 42 
RISC, 155 
sections of, 9-10, 10f 
as system, 43 
types of, 139 
Conductor, 20. See also Semiconductor 
Control. See also Industrial control; 
Microcontroller; Programmable logic 
controller; Relay 
of actuator, 303-312 
bus, 151 
closed-loop, 291-295, 293f-294f 


computers for, 140 
gain, 178 
as industry sector, 4-5, 4f 
open-loop, 291-295, 292f 
of output device, 303-312 
photo, 300, 301f 
robots as device for, 11 
with thyristor, 312-317 
Controller, 294-295. See also Microcontroller; 
Programmable logic controller 
Controller area network (CAN), 155b-157b 
Copper, atomic composition of, 17f 
Core, 140 
Coulomb, 18-19 
Counter, 121-123 
data conversion with, 123f 
FFs in, 121-122 
program, 147, 147f 
CPU. See Central processing unit 
Crossover, 245, 245f 
CRT. See Cathode ray tube 
Current flow, 7, 16-20. See also Alternating 
current; Direct current 
conventional, 19-20 
direction of, 19-20 
electrons in, 15 
in magnetic fields, 21, 22f 
measurement of, 18-19 
voltage in, 15 
Cut-off frequency, 49-30 


D 


DAC. See Digital-to-analog converter 
Data 
ALU’s processing of, 146f 
bus, 151, 152f 
on fiber optic cable, 224f 
Internet’s protocols for, 230f 
LED representation of, 106f 
parallel transmission of, 112-114, 
112f 
register’s manipulation of, 145f 
retrieval of, 140 
serial transmission of, 112—114 
storage of, 140 
word, binary, 106 
Data acquisition system, 321-323 
Data conversion, 131-135 
ADC for, 34, 132 
with counter, 123f 
DAC for, 34, 132-133, 134f 


resolution in, 133-134 
sampling in, 132-134, 132f, 134f 
Data processor. See Processor 
dB. See Decibels 
DC. See Direct current 
Decibels (dB), 71 
Decimal number system. See also Binary- 
coded decimal; Hexadecimal notation 
binary conversion from and to, 104-106 
bits’ maximum value calculation in, 106-107 
Decoder, 124-125, 125f 
Demodulator, 179 
Demultiplexer, 124 
Demux. See Demultiplexer 
Desoldering, 351-3532 
Detector. See Demodulator 
Integrated Development environment (IDE), 
327 
Diac, 315 
Differential amplifier, 66, 66f, 70f 
Digital audio, 245-254 
Digital circuit, 103-104. See also Binary 
numbers; Data conversion; Gate; Logic 
circuit; Memory; Programmable logic 
device 
logic elements in, 114-123 
Digital compression, 248-250 
Digital light processing (DLP), 261-262, 274, 
271 
Digital modulation 
advanced, 203 
basic, 174-175, 175f 
in cell phone, 203-208 
MIMO in, 206-208, 207f 
OFDM in, 204-206, 205f—206f, 211 
QAM, 203-204, 203f-205f 
spectral efficiency of, 208, 209t 
Digital radio, 192b, 260b 
Digital signal processing (DSP), 157-158, 157f 
Digital subscriber line (DSL), 237-238 
Digital video disc (DVD), 286-288 
Blu-ray, 288 
player, 287-288, 287f 
Digital video recorder (DVR), 282f 
Digital-to-analog converter (DAC), 34, 
132-133, 134f 
Diode. See also Light emitting diode 
bias of, 52f 
as component, 52 
photo, 300f 
rectification by, 53f 
silicon, 300 
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symbol for, 52f 
temperature sensing with, 297 
zener, 52 
Dipole antenna, 182, 183f 
Direct current (DC), 24-26, 25f, 29-32 
amplifier, 65 
from batteries, 29-31 
capacitors’ blocking of, 51f 
conversion of, 87, 88f 
ground in, 24 
motor, 310-311 
negative, 26 
positive, 24 
power supplies for, 33 
pulsating, 26 
pulse filtering to, 80b 
from solar cells, 31-32 
in solar power system, 88f 
Direct digital synthesis (DDS), 134-135 
DIY, do it yourselfer, 3, 89b-90b 
Dish, parabolic, 186, 186f 
DLP. See Digital light processing 
Driver 
radio amplification with, 177 
three-state line, 151 
DSL. See Digital subscriber line 
DSP. See Digital signal processing 
Duplex communication, 161, 161f 
access methods and, 209-211 
of cell phone, 199-200 
FDD, 209 
TDD, 210 
Duplexing, 209-211 
Duty cycle, 86f, 86b 
DVD. See Digital video disc 
DVR. See Digital video recorder 
Dynamic range, audio’s, 247b 


E 
Earphones. See Headphones, noise-cancelling 
EDGE, 201-202 
Editor, 327 
Effector, end, 11 
Efficiency, 74 
of amplifiers, 74 
spectral, 208, 209t 
8051 microcontroller (Intel), 152-154, 153f 
Electricity 
dynamic, 18-19 
electronics vs., 6—7 
electrons in, 7, 15—20 
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Electricity (Continued) 
as energy source, 15 
production of, 15 
static, 16-18 
Electromagnetic induction, 23-24, 23f 
Electromagnetism, 21-23. See also Magnetic 
field; Magnetism 
from antenna, 163f 
frequency spectrum of, 28t, 164-168, 165f 
in radio, 162-164 
spectrum space in, 166b-167b 
wavelength in, 167b-168b 
Electronics 
as applied science, 16 
audio, 243 
concepts in, 15 
in daily life, 1 
electricity vs., 6-7 
hierarchy of, 43f 
input-process-output model of, 7-8, 8f 
learning about, 2-3 
Electronics industry 
communications as sector of, 4, 4f 
components as sector of, 4f, 5 
computers as sector of, 4, 4f 
control as sector of, 4-5, 4f 
instrumentation as sector of, 4f, 5 
manufacturing in, 5-6, 6f 
raw materials in, 5, 6f 
workings of, 5—7, 6f 
Electrons 
in atoms, 16 
in current flow, 15 
in electricity, 7, 15-20 
Electrostatic discharge (ESD), 18 
Elements, atomic, 16 
End effector, 11 
ESD. See Electrostatic discharge 
Ethernet 
frame of, 225f 
hub, 225f 
networking with, 223-225 
operation of, 225-226 


F 

Fast Fourier transform (FFT), 158 

FCC. See Federal Communications 
Commission 

FDD. See Frequency-division duplexing 


FDMA. See Frequency division multiple access 


Federal Communications Commission (FCC), 
164 


Feedback, in closed-loop control, 293f 
FF. See Flip-flop 
FFT. See Fast Fourier transform 
Fiber optic cable, 222, 223f 
data transmission over, 224f 
TV over, 281b 
Filter. See also Band-pass filter; Band-reject 
filter; High-pass filter; Low-pass filter 
as circuit, 75—77 
pulse to DC, 80b 
surface acoustic wave, 77 
Flag, 148 
Flag register, 148 
Flip-flop (FF), 119-120 
cascading, 120f 
in computer, 140 
in counters, 121-122 
in storage register, 121f 
symbols for, 119f 
FM. See Frequency modulation 
Fourier theory, 34-35. See also Fast Fourier 
transform 
harmonics and, 68 
Frequency. See also Amplifier 
of AC, 28 
of cell phone transmission, 28t 
cut-off, 49-50 
domain, 34-35, 35f 
of electromagnetic spectrum, 28t, 164-168, 
165f 
Fourier theory and, 34-35 
intermediate, 274 
of oscillators, 77—78 
of radar transmission, 28t 
of satellite transmission, 28t 
synthesizers, 82-83, 83f 
of TV transmission, 28t 
Frequency division multiple access (FDMA), 209 
Frequency modulation (FM), 173-174, 173f 
sidebands on, 173-174 
Frequency shift keying (FSK), 174, 175f 
spectral efficiency of, 209t 
Frequency-division duplexing (FDD), 209 
FSK. See Frequency shift keying 
Fuel cell, 32-33 
Function generators, 34 


G 

Gain 
of amplifier, 65, 73f 
control, 178 
dB for measurement of, 71 


power, 71 
voltage, 71 
GAL. See Generic array logic 
Gate 
AND, 115-116, 115f-116f 
OR, 117, 117f 
in computer, 140 
NAND, 117-118, 118f 
NOR, 117-118, 118f 
XNOR, 119f 
XOR, 118, 119f 
Gateway, 239-240 
Gauge, strain, 297, 298f 
Gaussian minimum shift keying, 201-202 
General Packet Radio System (GPRS), 
201-202 
General-purpose register (GPR), 144 
Generator 
AC, 33 
function, 34 
Generic array logic (GAL), 129 
Germanium, 20 
Global positioning system (GPS), 190 
in cell phones, 216 
Global System for Mobile Communications 
(GSM), 201-202 
GPR. See General-purpose register 
GPRS. See General Packet Radio System 
GPS. See Global positioning system 
Ground, 50b 
in DC, 24 
symbol for, 51f 
Ground-plane antenna, 181, 182f 
Groupe Spécial Mobile. See Global System for 
Mobile Communications 
GSM. See Global System for Mobile 
Communications 


H 
Ham radio, 188 
HAN. See Home area network 
Hard copy, 144 
Hardware 
binary numbers represented by, 105 
purchasing, 36b 
of radio, 176-181 
Harmonics, 68 
HDMI. See High-definition media interface 
Headphones, noise-cancelling, 258-259 
Hearing 
aids, 259-260 
testing of, 260b 
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Hertz (Hz), 26 
Hexadecimal notation, 111b 
High frequency radio, 169 
High-definition media interface (HDMI), 274 
High-definition TV (HDTV), 43, 254 
packet in, 272f 
resolution of, 268 
High-pass filter (HPF), 76f 
High-speed packet access (HSPA), 202 
Home area network, 219 
Home entertainment system 
satellite TV in, 284f 
as system, 43 
Horn antenna, 185 
HPF. See High-pass filter 
HSPA. See High-speed packet access 
Hydraulic device, 312 
Hydrophone, 259 
Hz. See Hertz 


IC. See Integrated circuit 
IDE. See Integrated Development Environment 
Impedance, 72b 
in amplifier, 72f, 73-74 
input, 72—73 
output, 73 
Induction 
electromagnetic, 23-24, 23f 
self-, 50-51 
Inductive reactance, 50-51 
Inductors, 50-51, 51f 
Industrial, scientific, and medical band 
(ISM band) 
applications of, 235 
project on, 192b 
transceiver, 179-181 
Industrial control, 291 
actuator in, 303312 
closed-loop, 291-295, 293f-294f 
controllers in, 294-295 
diagram of, 292f 
motor in, 310 
open-loop, 291-295, 292f 
output device in, 303-312 
relay in, 305 
sensors in, 295-302 
solenoid in, 309, 309f 
with thyristor, 312-317 
Instruction register (IR), 147 
Instruction-word formats, 148-149, 149f 
Instrumentation, as industry sector, 4f, 5 
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Instrumentation amplifier, 70-71, 71f, 297 
Instruments, musical, 257-258 
Insulators, 20 
Integrated circuit (IC), 2, 55-56 
transistors 1n, 7 
Integrated Development Environment 
Interface, 144 
high-definition media, 274 
to microcontroller, 155b-157b 
serial peripheral, 155b-157b 
International Telecommunications Union 
(ITU), 164 
Internet, 228-229 
on cable TV, 237 
diagram of, 228f 
protocols used on, 230f 
Internet of Things (IoT), 230-231, 238-242, 240f 
Interrupt, 154 
Inversion, 114 
in amplifiers, 70f 
phase, 54-55 
Inverters 
in AC, 33-34 
logic of, 114-115 
as power supply, 87 
symbols for, 114f 
IPTV. See Internet protocol TV 
IR. See Instruction register 
ISM band. See Industrial, scientific, and 
medical band 
ITU. See International Telecommunications 
Union 


K 
Kit building, 88b-89b 


L 

Lab, set up of, 56b—59b 

LAN. See Local area network 

Language. See Programming language 

LaunchPad, 341, 342f, 343 

LCD. See Liquid crystal display 

Lead acid battery, 30t 

LED. See Light emitting diode 

Light 
photo control circuit for, 300, 301f 
speed of, 164 

Light emitting diode (LED), 52 
binary data represented by, 106f 
on breadboard, 59b 
MOSFET switching of, 61b 
OLED, 277, 278b 


Lightning, 17-18 
Linear circuit, 63-100 
amplifier as, 65 
filter as, 75—77 
mixer as, 78 
phase detector as, 79 
straight-line response of, 64f 
Line-of-sight communication (LOS 
communication), 170, 170f 
Liquid crystal display (LCD) 
operation of, 143 
TVs made with, 261-262 
Lithium ion battery, 30t 
Local area network (LAN), 218 
Logic. See also Gate; Programmable logic 
controller 
Boolean, 114-115 
digital, 114-123 
generic array, 129 
of inverter, 114-115 
ladder, 320, 321f 
in PAL, 129 
in PLA, 129 
in PLD, 129-131, 130f 
Logic circuit, 124-125 
ALU as, 125 
comparator as, 125 
decoder as, 124-125, 125f 
demultiplexer as, 124 
multiplexer as, 124, 124f 
Logic gate. See Gate 
Long-Term Evolution (LTE), 202 
Loop antenna, 183 
LOS communication. See Line-of-sight 
communication 
Low frequency radio, 168 
Low-pass filter (LPF) 
capacitors in, SOf 
function of, 75 
in PLL, 80 
response curve of, 76f 
symbol for, 76f 
LPF. See Low-pass filter 
LTE. See Long-Term Evolution 


M 


Machine-to-Machine (M2M), 214, 230-231, 


239-240 
Magazines, 37b 
Magnetic field, 20-21, 21f 
current flow in, 21, 22f 
voltage induction with, 23f 


Magnetic tape, 246 
Magnetism, 20-24 
attraction and repulsion in, 21 
flux lines in, 21f 
magnetic fields in, 20-21, 21f 
materials exhibiting, 20 
Maker, 3, 347 
MAN. See Metropolitan area network 
Manipulator arm, robot’s, 11, 12f 
Manufacturing, electronics industry, 5—7, 6f 
Marine radio, 188-189 
Memory. See also Random access memory; 
Read-only memory 
in computer, 142 
Memory address register, 147-148, 147f 
Mercuric oxide battery, 30t 
Mesh network topology, 219-220, 234f 
Metal oxide semiconductor-field-effect 
transistor (MOSFET), 53, 54f 
in class C amplifier, 67-68 
LED switching by, 61b 
switch, 55f 
Metropolitan area network (MAN), 218 
Microcomputer. See Computer 
Microcontroller, 11 
8-bit, 152-154 
16-bit, 152-154 
32-bit, 155-157 
64-bit, 155-157 
computer as, 140 
8051 (Intel), 152-154, 153f 
interfaces to, 155b-157b 
MPS430 (Texas Instruments), 154 
Microphone, 244 
Microprocessing unit. See Central processing 
unit; Microprocessor 
Microprocessor, 140. See also Central 
processing unit 
8-bit, 152-154 
16-bit, 152-154 
32-bit, 155-157 
64-bit, 155-157 
clock in, 154 
components of, 142 
instruction-word formats in, 148-149 
popular, 151-157 
RISC, 155 
Microwave 
amplifier, 65 
antenna, 185-186, 185f 
propagation of, 169 
radio, 169-170 
MIMO. See Multiple input multiple output 


Index 373 


Mixer, 78—79 
as circuit, 78 
linear, 78, 79f 
nonlinear, 78—79, 79f 
outputs, 78-79 
in radio receiver, 178 
Mobile telephone switching office, 199 
Modulation, 170-176. See also Amplitude 
modulation; Digital modulation; 
Frequency modulation; Quadrature 
amplitude modulation 
angle, 174 
ASK in, 174 
bandwidth and, 172f 
demodulator and, 178 
OOK in, 174 
phase, 174 
pulse width, 68-69, 86b 
sidebands from, 171-172 
MOSFET. See Metal oxide semiconductor- 
field-effect transistor 
Motor 
AC, 311-312 
applications of, 310 
DC, 310-311 
industrial control with, 310b 
speed regulation of, 295f 
stepper, 311 
MP3 player 
diagram of, 44f, 250f 
operation of, 250-251 
as system, 43 
MPS430 microcontroller (Texas Instruments), 
154 
Multimeter, 35b—36b 
battery measurement with, 58f 
Multiple input multiple output (MIMO) 
in digital modulation, 206-208, 207f 
spectral efficiency of, 209t 
Multiplexer. See also Demultiplexer 
bus, 151 
as logic circuit, 124, 124f 
Multiplexing, 209-211. See also Orthogonal 
frequency division multiplexing 
Musical instruments, 257—258 
Mux. See Multiplexer 


N 

Network, 217-218 
Bluetooth, 233 
with broadband technology, 236-238 
CAN as, 155b-157b 
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DSL for, 237-238 

with Ethernet, 223-225 

HAN as, 219 

interconnection methods for, 219-220, 

220f 

LAN as, 218 

MAN as, 218 

near-field, 235-236 

PAN as, 218-219 

relationships of, 219 

RFID as, 235-236, 236f 

SAN as, 219 

with Sonet, 226-228, 226t 

topologies of, 219-220, 220f, 

234f 

types of, 218-219 

WAN as, 218 

Wi-Fi, 231-233 

wired, 220-228 

wireless, 230-236, 231f 

ZigBee, 233-234 
Nibble, 106 
Nickel metal hydride battery, 30t 
Nickel-cadmium battery, 30t 
Noise, in radio, 160b 
Noise-cancelling headphones, 258-259 


O 
Octet, 106 
OFDM. See Orthogonal frequency division 
multiplexing 
Ohm's law, 46b 
On-off keying (OOK), 174, 175f 
OOK. See On-off keying 
Operating system (OS), 326-327 
Operation code, 147, 149f 
Orthogonal frequency division multiplexing 
(OFDM) 
digital modulation with, 204—206, 
205f-206f, 211 
spectral efficiency of, 209t 
OS. See Operating system 
Oscillator, 77-78. See also Clock; Voltage- 
controlled oscillator 
in AC, 26, 34 
frequency of, 77—78 
types of, 77f 
OTN. See Optical transport network 
OTT. See Over the Top TV 
Optical transport network, 228 
Over the Top TV (OTT), 285 


P 


PAL. See Programmable array logic 
PAN. See Personal area network 
Parabolic dish, 186, 186f 
Patch antenna, 183, 184f 
PCB. See Printed circuit board 
Peripherals, 144. See also Serial peripheral 
interface 
Personal area network (PAN), 218-219 
Phase detector, 79-80, 80f 
as circuit, 79-80 
Phase inversion, 54-55 
Phase modulation, 174 
Phase shift keying (PSK), 174, 175f 
Phase-locked loop (PLL), 80-82 
divide ratio of, 84t 
in frequency synthesizers, 82-83, 83f 
LPF in, 80 
VCO in, 80-82 
Phonograph record, 246, 247b 
Photo cell, 299-302, 299f 
Photodiode, 300f 
Photoelectric sensor, 299-302 
Phototransistor, 299f, 300, 302f 
Photovoltaic (PV), 31-32, 299 
PIC processor (Microchip Technology), 154 
PICAXE, 339-340 
Piezoelectric pressure transducer, 298 
Pixel, 266, 2671, 277f, 289b 
PLA. See Programmable logic array 
Plasma screen 
operation of, 143 
TVs made with, 261-262 
PLC. See Programmable logic controller 
PLD. See Programmable logic device 
PLL. See Phase-locked loop 
Pneumatic device, 312 
Polarization, radio, 163b 
Potential, 162 
Potentiometer, 298 
Power amplifier, 65 
Power gain, 71 
Power supply, 84-100 
battery as, 84 
bus-oriented architecture in, 87 
for DC, 33 
DC-DC converters in, 87 
inverters as, 87 
power management in, 87 
regulators in, 85-86 
solar, DC-to-AC, 88f 
standard, 84-85, 85f 


PowerPC (Freescale), 155 
Preamplifier, 244 
Printed circuit board (PCB) 
in kit, 88b-89b 
patch antenna on, 184f 
soldering, 347, 351, 351f 
Processor, 140. See also Central processing 
unit; Microprocessor 
Program 
counter, 147, 147f 
CPU's execution of, 149-150 
in RAM, 150f 
storage concept for, 150 
Programmable array logic (PAL), 129 
Programmable logic array (PLA), 129 
Programmable logic controller (PLC), 318-323 
diagram of, 318f 
operation of, 319-320 
organization of, 318-319 
programming of, 320-321 
scan cycle of, 319f 
Programmable logic device (PLD), 129-131, 130f 
Programming language, 326-329 
assembly, 327-328 
BASIC, 328 
C, 328-329 
with PLC, 320-321 
PSK. See Phase shift keying 
Pulse filter into DC, 80b 
Pulse width modulation (PWM), 68—69 
duty cycle and, 85 
PV. See Photovoltaic 
PWM. See Pulse width modulation 


R 
Radar 
project, 193b 
transmission frequency of, 28t 
Radio, 162. See also Duplex communication; 
Modulation; Sidebands 
in aircraft, 187 
AM, 171, 171f 
AV receiver with, 254 
bandwidth of, 172, 172f 
CB, 187, 193b 
cell phone as, 196 
communication system, 159-160, 160f 
digital, 192b, 260b 
driver for, 177 
electromagnetic field as, 162-164 
family, 188 
frequency amplifier, 65 
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frequency types, 28t, 168-170 
GPRS, 201-202 
ham, 188 
hardware of, 176-181 
LOS communication with, 170, 170f 
marine, 188-189 
microwave, 169-170 
mobile, 189 
modes of, 160-161 
multipath transmission of, 196b-197b 
noise in, 160b 
polarization of, 163b 
propagation of, 168-170 
range and reliability of, 196b-197b 
receiver, 177-179, 178f 
shortwave, 169f 
signal speed and strength of, 164 
simplex, 161, 161f 
spread spectrum in, 175-176 
transceiver, 179 
transmission lines in, 183-185, 185f 
transmitter, 176-177, 177f 
two-way, 186-189 
Radio astronomy, 191 
Radio frequency identification (RFID), 
235-236, 236f 
Radio telescope, 191 
RAM. See Random access memory 
Random access memory (RAM), 126-128 
addressing in, 126f 
dynamic, 127, 127f 
program stored in, 150f 
static, 126-127, 127f 
Raspberry Pi, 341-342 
Reactance, inductive, 50-51 
Read-only memory (ROM), 128-129 
Receiver. See also Audio-video receiver 
radio, 177-179, 178f 
satellite TV, 285f 
superheterodyne, 178f 
TV, 274 
Recommended Standard 232 (RS-232), 
155b-157b, 156f 
Recommended Standard 485 (RS-485), 
155b-157b 
Record, phonograph, 246, 247b 
Reduced instruction set computer (RISC), 155 
Reed relay, 305, 305f 
Register 
accumulator, 145 
in CPU, 143, 145 
data manipulation in, 145f 
flag, 148 
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Register (Continued) 
general-purpose, 144 
instruction, 147 
memory address, 147-148, 147f 
operation of, 145-151 
shift, 121, 122f 
stack pointer, 148 
storage, 120, 121f 

Regulator 
linear, 85 
in power supplies, 86b 
switching, 85 

Relay, 303-309 
common contacts of, 304f 
current control with, 305-306 
diagram of, 303f 
industrial control with, 305 
latching of, 307, 308f 
reed, 305, 305f 
remote control with, 306 
as switch, 303-304 
transistor with, 308f 

Resistance, capacitive, 49 

Resistive sensor, 296f 


Resistive temperature device (RTD), 296, 296f 


Resistors, 45-46 

color codes for, 48f 

symbol for, 47f 

types of, 47f 

in voltage divider, 48f 
Resolution 

in data conversion, 133-134 

of HDTV, 268 

of video, 269 
RFID. See Radio frequency identification 
Ring network topology, 220, 221f 
RISC. See Reduced instruction set computer 
Robots, 11 

building of, 322b 

as control device, 11 

end effectors of, 11 

manipulator arm of, 11, 12f 
ROM. See Read-only memory 
Routers, 229 
RS-232. See Recommended Standard 232 
RS-485. See Recommended Standard 485 
RTD. See Resistive temperature device 


S 

Sampling 
in data conversion, 132-134, 132f, 134f 
sound, 249f 


SAN. See Storage area network 
Satellite 
communication, 189f, 190 
geosynchronous orbit of, 190 
transmission frequency of, 28t 
transponder of, 190f 
Satellite TV, 283-285 
distribution system for, 283f 
in home entertainment system, 284f 
receiver diagram with, 285f 
SAW. See Surface acoustic wave 
Scanning, 262, 263f 
interlaced, 265f 
progressive, 268 
SCR. See Silicon-controlled rectifier 
Self-induction, 50-51 
Semiconductor, 20. See also Metal oxide 
semiconductor-field-effect transistor; 
Thyristor 
carbon as, 20 
germanium as, 20 
silicon as, 20 
Sensor 
of flow, 302 
in industrial control, 295—302 
photoelectric, 299-302 
potentiometer as, 298 
pressure, 297-298 
resistive, 296f 
switch as, 298 
of temperature, 296-297 
Serial peripheral interface (SPD, 155b-157b 
Shift key, 174, 175f. See also Quadrature 
amplitude modulation 
with ASK, 174, 175f 
with BPSK, 174, 175f, 209t 
with FSK, 174, 175f, 209t 
with Gaussian minimum, 201-202 
with OOK, 174, 175f 
with PSK, 174, 175f 
Shift register, 121, 122f 
Sidebands 
on FM, 173-174 
from modulation, 171-172 
vestigial, 272-273 
Signal, 7. See also Digital signal processing 
in AC, 26, 27f 
from amplifier, 65 
analog, 34, 63-64 
binary, 26, 103, 104f 
digital, 26, 34 
distortion of, 66-67 
radio, 164 


Silicon 
diode made of, 300 
as semiconductor, 20 
Silicon-controlled rectifier (SCR), 312-315, 
313f-314f 
Silver oxide battery, 30t 
Simplex communication, 161, 161f 
Smartphone, 195-196, 211-213, 215-216 
SoC. See System on a chip 
Software, 325-329 
Solar cells 
as DC source, 31-32 
in panel, 32f 
symbol for, 299f 
Solar power system, DC-to-AC, 88f 
Solder, 347-348, 353b 
Soldering, 347, 349-351, 350£-351f, 352b 
Soldering iron, 347-348, 348f 
Solenoid, 309, 309f 
Sonar, 259 
Sonet. See Synchronous optical network 
Sound, 243-245 
compression of, 248-249 
digitization of, 247—248, 248f 
frequency of, 28t 
sampling of, 249f 
in special applications, 257—260 
surround, 256—257, 256f 
Speakers, 244-245 
diagram of, 244f 
surround sound with, 256—257, 256f 
as transducer, 244 
types of, 245 
Spectral efficiency, 208, 209t 
Spectrum 
electromagnetic frequency, 28t, 164-168, 165f 
space, 166b-167b 
spread, 175-176 
SPI. See Serial peripheral interface 
Spread spectrum, 175-176 
Stack, 148 
Stack pointer register, 148 
Star network topology, 17, 19f 
Static electricity, 16-18 
Stepper motor, 311 
Storage area network (SAN), 219 
Storage register, 120 
FFs in, 121f 
Stored program concept, 150 
Strain gauge, 297, 298f 
Streaming audio, 257 
Subroutines, 327 
Surface acoustic wave (SAW), 77 
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Surround sound, 256—257, 256f 
Switch, 45 

as component, 42—43, 45, 55 

limit, 298 

MOSFET, 55f 

relay as, 303-309 

schematic of, 45 

as sensor, 298 
Switching 

amplifier, 68-69, 68f 

of LED, 61b 

mobile telephone, 199 

regulator, 85-86 

transistor, 55 
Synchronous digital hierarchy. See 

Synchronous optical network 

Synchronous optical network (Sonet), 226-228 
Synthesizer, frequency, 82-83, 83f 
System on a chip (SoC), 63 
Systems approach, 1, 41-45 


T 


Tachometer, phototransistor in, 302f 
TDD. See Time-division duplexing 
TDMA. See Time division multiple access 
Telephone, mobile switching of, 199 
Telephone data system, 227b 

ATM in, 227b 
Television (TV). See also Cable TV; 

High-definition TV; Internet protocol 
TV; Satellite TV 

ADC for, 267f 

analog, 264-266 

aspect ratio of, 262-263, 264f 

on cell phone, 285-286 

diagram of, set, 119f 

digital, 266-269 

frequency of, 28t 

inputs and outputs of, set, 119f 

international systems for, 266b 

over fiber optic cable, 281b 

with plasma screen, 274 

receiver, 274 

screen technology of, 274-276, 277f 

transmission of, 272—274, 273f 
Temperature sensor, 296—297 
Thermistor, 296 
Thermocouple, 296 
Thyristor 

control with, 312-317 

diac, 315 

SCR, 312-315, 313f-314f 

triac, 315-317, 315f 
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Time division multiple access (TDMA), 
209-210, 210f 
Time-division duplexing (TDD), 210 
Timer, 154 
Transceiver 
ISM band, 179-181 
radio, 179 
single-chip, 180f 
Transducer 
piezoelectric pressure, 298 
speaker as, 244—245 
Transformer, 51-52, 51f 
Transistor, 52-55. See also Metal oxide 
semiconductor-field-effect transistor 
bipolar junction, 52-53, 53f-54f 
as component, 7, 52-55, 104 
IC in, 7 
photo-, 299f, 300, 302f 
relay with, 308f 
switching, 55 
symbols for, 53f 
temperature sensing with, 297 
types of, 52-53 
Transmitter 
radio, 176-177, 177f 
TV, 272f 
UART as, 155b—157b, 156f 
Transponder, satellite, 190f 
Triac, 315-317, 317f 
Truth table, 115 
for AND gate, 115f 
for OR gate, 117f 
inverter for, 114f 
for NAND gate, 118f 
for NOR gate, 118f 
for XNOR gate, 119f 
for XOR gate, 119f 
TV. See Television 
Twisted pair cable, 221-222, 222f 


U 


UART. See Universal asynchronous 
receiver-transmitter 

Ultra high frequency radio, 169-170 

Universal asynchronous receiver-transmitter 
(UART), 155b-157b, 156f 

Universal serial bus (USB), 155b-157b 

USB. See Universal serial bus 


V 

Vacuum tubes, 258b 
Valve, 312 

Varactor, 52 


VCO. See Voltage-controlled oscillator 
Very high frequency radio, 169—170 
Video, 261-277 
aspect ratio of, 262-263, 264f 
CCD for, 270 
color, 269-270, 269f-270f 
compression of, 271 
monochrome, 269 
persistence of vision in, 263-264 
resolution of, 268b 
scanning in, 262, 2631, 265f, 266, 268 
Virtual reality (VR), 288 
Vision, persistence of, 263-264 
Voice 
coil, 244-245 
sampling of, 249f 
Voltage, 3-5, 7 
of AC, 28-29 
of battery cell, 30t 
in current flow, 15 
divider, 48f 
as electrical potential difference, 17 
gain, 71 
induction of, 23f 
measurement of, 37b-38b 
sources of, 24-29 


Voltage-controlled oscillator (VCO), 77—78, 77f 


in PLL, 80-82 


W 
WAN. See Wide area networks 
Wave. See also Microwave 
short, 169f 
surface acoustic, 77 
Waveguide, 185-186 
Wavelength, in electromagnetism, 
167b-168b 
Wide area networks (WAN), 218 
Wi-Fi, 231-233 
Wireless, 147. See also Radio 
broadband, 238 
networks, 230-236, 231f 
trend in, 227b 
Word 
binary data, 106 
instruction, 148-149, 149f 
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Yagi antenna, 182-183, 184f 


Z 


ZigBee, 233-234 
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FOREWORD 


There’s something special about bringing a project to life that you read about in a book or that started 
as an idea in your head. And sometimes the simplest things are the most satisfying. 


One of my favorite childhood projects was a mischievous little device made of a single resistor 
connected between the tip and ring of a telephone line. I used a piece of one-sided copper circuit 
board with rub-off symbols to lay out the design, and then I etched the unprotected copper away using 
ferric chloride in my basement. You could still use the phone normally to make outgoing calls, but 
anyone calling the house would receive a busy signal. This was the perfect way to make sure my 
parents didn’t receive any phone calls from my teachers during dinner! 


A few years later, I modified a garage door opener to open any door of the same brand. In normal 
operation, the passwords on the transmitter and receiver were manually set with a series of 10 DIP 
switches. If the transmission signal matched what the receiver was expecting, then the garage door 
would open. I replaced the switches on my transmitter with a common 555 timer IC, to generate a 
clock signal, and a 10-stage binary counter, a type of digital logic device, to automatically try every 
single possible combination (that’s 2*% or 1,024 attempts). Within a few minutes of holding down the 
button, the correct password would be transmitted and the garage door would open! I never used my 
universal “brute-force” garage door opener for malicious purposes, but it reinforced my hacker 
mindset—solving problems with unconventional solutions, pushing the limits of technology, harming 
no one, and learning through constant questioning and experimentation. I also thought it was pretty 
cool to be able to modify an off-the-shelf device and make it do something the original designers 
probably never anticipated. 


When I was much younger, I somehow ended up with a 6 V lantern battery and a spring from an 
adjustable lamp. I wondered, “What would happen 1f I connected the spring between the battery 
terminals?” So of course, I tried it. The spring got hotter and hotter until I freaked out, plucked it off 
the terminals, and threw 1t into the bathroom sink. I had created a short circuit by connecting the 
positive and negative terminals of the battery together, causing current to flow between them. I never 
looked at batteries and springs the same way again. 


I remember trying to build my own alarm system for my bedroom door, sort of a low-tech version 
of the one you’ ll build in Chapter 1. I hung an old AM/FM radio from a hook on the back of my door, 
tuned it to static, turned the volume up to maximum, and “armed” it by connecting the sliding power 
switch to a wire I had attached to my wall. In theory, when the door opened, the wire would pull the 
switch and turn on the radio, blasting white noise at the intruder. That didn’t happen. Instead, when 
my dad opened the door, the radio slid off the hook and crashed onto the floor. Back to the drawing 
board on that one! 


These stories are meant to do one thing: inspire you to explore the wonderful, wild world of 
electrons—and this book is the perfect launch pad! Øyvind breaks down complex electronics 
fundamentals in an enjoyable, fun way. His passion for electronics and his love for teaching shine on 
every page. Starting with the basics and building up from there, you”11 end up with the power to 
create bigger, better, faster, and more intelligent projects on your own. There’s no better way to learn 
than by doing. So go ahead, turn the page and begin your adventure into all that electronics has to 
offer! 


Joe Grand 
Product Designer, Hardware Hacker, and Daddy 
Portland, Oregon 
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INTRODUCTION 


Welcome to Electronics for Kids! This book will teach you how to make cool things by putting 
together the same parts that are inside televisions, electronic toys, radios, and all the other gadgets in 
the world. You'll build fun experiments, like a light powered by lemons, as well as useful (but still 
fun) projects, like an intruder alarm and a musical instrument. 


You'll do more than just follow directions, however: you’ ll also learn how every component in each 
project works. 


My hope is that when you know how those components work, yow’ ll see how to create your own 
inventions by combining the components in different ways. Blinking a light is one of the first things I 
learned how to do with electronics. When I saw how that worked, a whole new world suddenly 
opened up to me. Since then, I’ve built robots, music players, miniature computers, and even a device 
that lets you see through a wall! With practice, you can build those things, too—and this book will 
teach you the basic skills you need to start the journey. 


ABOUT THIS BOOK 


When I was about 14 years old, I thought computers were cool, but I had no idea how they worked. 
They seemed magical, and I thought I’ d never understand them or be able to build one. Luckily, my 
dad was an engineer, and he had a very good way of explaining things. When I asked questions, he 
showed me not only how things worked but also how I could build something similar myself. 


I wrote this as the book I would have loved to have had as a kid, and I hope you enjoy it! 


Who Should Read This Book 


If you’ve ever looked at an electronic gadget and thought, “How does that work?” or “How can I 
make that?” as I did, then you're in the right place. Whether you're 8 or 100 years old, as long as 
you’re curious and have a playful spirit, this book is for you. 


How to Read This Book 


I recommend you read this book in order, because every chapter builds upon concepts and skills 
covered in previous chapters. 


Each chapter has at least one hands-on project. Build these projects! Electronics 1s a very 
practical skill, and reading about how a component works or what a project should do is different 
from experiencing it yourself. Just be sure to read a project in full before you dive into 1t so you 
understand the steps involved. 


If you encounter problems as you build a project, don’t worry: that happens to everyone at some 
point when working with electronics—even me. Just keep at it, study your circuit, and rewire the 
whole project if needed to get it working. When you've been battling to get a circuit working for a 
couple of hours, then suddenly find the error and your circuit works, you’ ll feel amazing! If you get 


stuck, grab a friend or family member and ask them to help out. 


If there are parts of the book you don’t understand right away, I recommend you keep on reading. 
Don’t let details stop you. Come back to that particular topic later when you have some more projects 
under your belt. 


What’s in This Book’? 


As you work through this book, you”11 build your knowledge of electronics gradually, starting with 
basic—but essential—information and simple circuits. After the basics, you’ ll build more complex 
circuits and meet components like resistors, capacitors, transistors, and integrated circuits. To see 
how the components work and to understand electronics in a practical way, you”11 build fun projects 
in every chapter. 


At the end of the book, you”11 build one final, epic project: a game to play with your friends. By 
then, you’ Il have enough experience and knowledge to modify the game or even build a totally new 
game you invent yourself! 


This book is divided into three parts. Part 1: Playing with Electricity 1s the foundation for the 
rest of the book. It’s all about fundamental knowledge and how electricity actually works. 


» Chapter 1: What Is Electricity? introduces the science behind electricity and describes the basic 
requirements for a circuit to turn something on. 


» Chapter 2: Making Things Move with Electricity and Magnets shows you how you can move 
objects with electricity. In this chapter, you’ ll build a motor from scratch. 


» Chapter 3: How to Generate Electricity describes how batteries and power plugs in the wall 
provide electricity. Of course, you’ ll build your own electricity sources, too! 


Part 2: Building Circuits is where you'll really get your hands dirty. You’ ll meet some of the most 
important components in electronics, and you’ ll learn how to build both permanent and temporary 
circuits. 


» In Chapter 4: Creating Light with LEDs, yov’ ll build circuits on a breadboard for the first time to 
create a prototype, which is just a temporary circuit. You'll learn about resistors, light-emitting 
diodes (LEDs), and how to use those parts together. 


» Chapter 5: Blinking a Light for the First Time shows how two new components, capacitors and 
relays, work. You’ll even combine these with an LED to create a circuit that blinks a light. 


» Chapter 6: Let’s Solder! teaches you how to solder. With soldering, you can transform a circuit 
from a prototype to a proper device that will last for years to come. 


» Chapter 7: Controlling Things with Electricity introduces the transistor, a component that lets a 
circuit control other circuits. Yov’ ll learn how transistors work and how to use them to build a 
touch sensor and a simple alarm clock. 


» In Chapter 8: Building a Musical Instrument, you”11 learn what an integrated circuit is and how 
circuits can make sound. You”11 combine this knowledge to build a musical instrument. 


Part 3: The Digital World introduces digital electronics, which almost all modern technology 1s 


based upon. 


» In Chapter 9: How Circuits Understand Ones and Zeros, you”11 learn about 1s and Os, bits and 
bytes, and how to use them to communicate. 


» Chapter 10: Circuits That Make Choices teaches you how to build smart circuits that use logic to 
make decisions. You”11 build a secret code checker and learn how you can combine it with your 
intruder alarm. 


» Chapter 11: Circuits That Remember Information shows how you can use logic gates to create 
circuits that remember information in a way similar to a computer. Then, you’! use this to create an 
electronic coin tosser. 


» Chapter 12: Let’s Make a Game! is dedicated to one large project. You'll get to show off your 
new skills by combining all the knowledge from the book to make a reaction speed game. 


Finally, you’ ll find a Handy Resources appendix at the back of the book, which includes cheat 
sheets for figuring out component values, doing some essential electronics calculations, and so on. 
You Il learn about those concepts in detail throughout the book, but even electronics experts need a 
quick reference every now and then! 


YOUR ELECTRONICS LAB 


The wonderful thing about electronics projects is that your “lab” can be anywhere you want—it 
doesn’t have to be a garage or workshop. All you need is a flat surface to work on, with enough room 
for your tools and components. Just gather the supplies to build your latest invention, and you're set. 


Each project in this book includes a convenient list of the electronic components and tools needed 
to build it. Before you dig into a project, check its Shopping List to make sure you have all the 
materials. P ve also created a complete list of all the components and tools you’ ll need for all the 
projects in this book, which you can find linked from the book’s web page at 
https://www.nostarch.com/electronicsforkids/. This list should always have the most up-to-date part 
numbers and links to kits you can buy that contain all the necessary components. 


Useful Supplies 


Whether you’re building the projects 1n this book or other projects on your own, there are a few 
supplies that will always come in handy: 


» A digital multimeter (Jameco #2206061, Bitsbox #TL057, Rapid Electronics #55-6662) for 
testing connections and making sure a project is working correctly. 


» A pair of wire cutters (Jameco #35482, Bitsbox #TL008) 

» A big spool of insulated wire (Jameco #36792, Bitsbox FW106BK) 
» Electrical tape to protect bare wires or fasten stuff. 

» 9 V batteries—nearly every project in the book uses one! 


» A bunch of LEDs (Jameco #18041, Bitsbox #K033) 


» A bunch of resistors (Jameco #2217511, Bitsbox #K017) 


» Safety glasses to wear when snipping component leads, stripping wires, or soldering. 


You can buy most of these from your local hardware store or from any online electronics retailer, 
like Jameco (http://www.jameco.com/), SparkFun (http://www.sparkfun.com/), or Bitsbox 
(http://www. bitsbox.co.uk/). Check out “Online Electronics Shops” on page 286 for more options. 


You might also want to have a pair of scissors, some scrap paper, and pencils to take notes. 


Safety First! 


All the circuits in this book use a low voltage, and they’re not dangerous to build and play with. That 
said, there are a few safety tips to keep in mind when using electronic components and tools: 


» Wear safety glasses when trimming components or soldering. 


» Use tools only for their intended purpose. Soldering irons are hot, and wire cutters are sharp—if 
used improperly, they can hurt you. If you’re confused about how to use a tool, ask an adult for 
help. 


» An adult should supervise younger children when they’ re working with small components, solder, 
tools, and so on to teach them how to use everything safely. 


» Keep electronic parts out of reach of babies and very young children. 


» Most projects in this book use batteries, but some do use power froma wall outlet. Follow the 
instructions for those circuits carefully. Never plug components directly into a power outlet, or you 
will get hurt. 


Some projects do have steps you should take special care with, and I will clearly state that in the 
instructions with a warning, like this: 


WARNING 


When you see this type of note, be careful with the step it talks about. 


Electronics is a safe hobby, though, so you won’t see very many of these warnings. When you do 
see one, don’t let it stop you from having fun. If you use common sense and follow the directions, 
you Il have nothing to worry about. 


Now let’s get started! 


PART 1 
PLAYING WITH ELECTRICITY 
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1 
WHAT IS ELECTRICITY? 


Push a button on a music player, and a song suddenly comes out of the speakers. Push a button on a 
TV’s remote control, and your favorite shows come to life instantly. These wonders happen thanks to 
the magic of electricity, a type of energy that powers all the technology in your home. By the time you 
finish this book, you’ ll be an electronics wizard, and then you can try using your powers to build any 
invention you can imagine! 


This book is all about understanding electricity and using it to make amazing things. In this 
chapter, we’ll explore how electricity works, and then you”11 build a complete electronics project: a 
burglar alarm that warns you 1f intruders have entered a room. Once you get the hang of using 
electricity, you can build all sorts of fun contraptions, like a musical instrument or a light-up game to 
play with your friends. In fact, you”11 build these in this book. 


When you flip the light switch in a room, the bulb brightens right away. Let’s look at how electricity 
makes that bulb shine, starting with a little experiment. 


Shopping List 
For this project, you’ ll need the following parts: 


» A standard 9 V battery to power the circuit. 


>» A small, incandescent light bulb rated for 9 to 12 V (DigiKey #CM394-ND, Bitsbox #OP037, or a 
similar light bulb from a hardware store). 


Step 1: Inspect the Light Bulb 


Look closely at your light bulb; you should see a thin metal wire filament inside the glass. One end of 
this filament is connected to the metal side of the base, and the other end is connected to the metal 
contact on the bottom. 


Step 2: Connect the Light Bulb to the Battery 


Place your 9 V battery upright on a table. Take the light bulb and gently place 1t so that the bottom 
point touches one battery terminal and the metal side touches the other battery terminal. When both the 
bottom and the side are touching the battery, the bulb should light up. 

Congratulations: you just generated light with electricity! The bulb lights because when you touch 
it to the battery contacts, electricity runs through the wire filament inside. The filament then heats and 
starts to glow, creating light. 


HOW DOES ELECTRICITY LIGHT A BULB? 


But how does electricity cause the wire to heat up, and why does the light turn on instantly? There are 
four concepts that combine to make that happen: 


» Electrons 
» Current 

» Voltage 

» Resistance 


These fundamental concepts of electricity all depend on each other, and we’ ll explore them in this 
section. 


What Is an Electron? 


Everything you see around you is made of atoms, which are particles so small you can’t see them 
without a special type of microscope. But atoms are made of even smaller particles, called protons, 
neutrons, and electrons. 


Protons and neutrons form an atom’s nucleus (its center), and electrons orbit the nucleus like 
planets orbiting the sun. Protons and electrons are both electrically charged: protons have a positive 
charge, and electrons have a negative charge. That’s why the electrons stick with an atom in the first 
place. The positive and negative charges act like opposite sides of a magnet and attract each other. 
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Certain materials are conductive, which means that if you apply energy to them (like the energy 
stored in a battery), the electrons will start moving from one atom to the next! 


The filament inside your light bulb 1s made of a conductive metal, meaning it’s full of electrons 
Just waiting for a push to move them. 


Voltage Pushes Electrons 
When you attach a battery to the light bulb, you’re applying a voltage across the filament inside. 


Voltage pushes electrons through the wire and is measured in volts (V). The higher the voltage, the 
more electrons will flow through the wire. 

Think of a wire like a tube filled with marbles: when you put a marble in on one side, a marble 
pops out on the other side at the exact same time, with no delay. 
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The more marbles you push in one side, the more pop out of the other. That’s how electrons 
behave inside a wire, when a voltage is applied to them. 


Current Flows 


Current 1s the amount of electrons flowing through a wire, and it’s measured in amperes (A), which 
we usually shorten to amps. You might have also heard the word current used to describe a river, as 
in “This river has a strong current.” That means there’s a lot of water moving down the river. 

Electrical current is similar: a strong current means there are a lot of electrons flowing through a 
wire. When you increase the voltage in a circuit, the current also increases. 


Just as water flows downhill due to gravity, electric current flows from the positive battery 


terminal toward the negative battery terminal. Actually, the electrons themselves flow in the opposite 
direction, from the negative side of your battery to the positive side.* But when we talk about 
electrical current, we say that it flows from positive (+) to negative (—). 


current mp 


d— electroneg 
positive negative 


Resistance Reduces Current 


Voltage pushes electrons to form a current, and resistance restricts the current. It’s like playing with a 
garden hose: if you squeeze the hose, you add resistance to the flow of water so that less water comes 
out. But if you turn the tap more (like increasing the voltage), the pressure increases, and more water 
flows even though you're still squeezing the hose in the same way. Resistance in electricity works 
just like this, and it’s measured in ohms (Q). 
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Now that you know about electrons, current, voltage, and resistance, P1 explain how they work 
together to turn on your light bulb. 


Lighting the Bulb 


The two ends of the wire filament inside your light bulb are connected to the outside of the bulb: one 
end 1s connected to the metal side of the base, and the other end 1s connected to the metal contact on 
the bottom. When you connect a battery to the light bulb, you create what’s called a circuit. A circuit 
is just a closed path that allows current to flow from the positive terminal of your voltage source to 
the negative terminal. 


The voltage on the battery pushes electrons through the circuit, including the filament inside your 
light bulb. The filament has resistance and restricts the current 1n your circuit. As the electrons 
struggle to make their way through the resistance of the filament, the filament becomes so hot that it 
starts to glow and generate light. For the battery to be able to push the electrons, there must be a 
closed loop going from the positive terminal on the battery to the negative terminal. 


Electricity always needs a closed circuit to work. If you disconnect even one of the sides, the light 
bulb turns off right away! Let's look at circuits in a little more detail. 
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HOW IS A CIRCUIT LIKE A PIPE SYSTEM? 


Let’s continue to think about electricity by comparing it to water. Imagine a pipe system in a loop 
with a pump, and imagine the pipe is always totally filled with water. At one point, the pipe is 
narrower. 

The pump 1s like a battery that gives power to a circuit. The narrow part of the pipe reduces the 
flow of water. This narrow pipe 1s the resistance. The amount of water that flows through the pipes is 
the current. 


water flow current 
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Now imagine that you could insert a measuring device somewhere 1n the pipe system that tells you 
how much water 1s flowing through 1t per second. Note that I’m talking only about how much water 
flows through one randomly selected point in the pipes, not the total amount of water 1n the pipes. 
This is how we’ I talk about current in an electric circuit, too: 1t’s the amount of electrons flowing 
through a certain point per second. 


MEET THE SWITCH 


When you look around your home, you probably see switches everywhere. You use them all the time 
to turn lights on and off! When the light in a room is turned on, it must be part of a closed loop 
because the bulb has current running through it. But what happens when you flip the switch off? 
Flipping the switch off is the same as disconnecting a wire in the loop: it stops current from flowing 
and turns the light off, just like the disconnected circuit we saw earlier. 


What other switches can you find around you? You might find a switch that turns a computer on 
and off, a switch to ring a doorbell, a switch to determine whether a refrigerator door is open, and 
more. 

Switches control electricity, and they’re very simple devices. They connect two wires to close a 
loop or disconnect two wires to open a loop. Inside, a switch is just some pieces of metal that 
connect or disconnect. 

When the switch 1s open, the light is off. When the switch is closed, the light turns on! It’s very 
simple, but very useful. With only this knowledge, you can create some nifty circuits, and that’s what 
we”re going to do next. 


closed 


open 

witch, ewitch, 
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circuit circuit 


In this chapter, we learned that electricity needs a closed circuit to make a circuit do anything 
interesting, and we’ve looked at how a switch works. Let’s build a circuit with a switch! 


You can build a switch out of a lot of different things—even a door. In this project, you’ Il turn a 
door into a gigantic switch and use it to build an intruder alarm that tells you when someone tries to 
enter the room. 


To create the alarm, we’ll attach some wires and aluminum foil to your door so that when the door 
is closed, your circuit is open and nothing happens. But when the door opens, the loop closes and a 
buzzer sounds to set off a red alert. 


We’ll hang an exposed wire down from above the door, place a strip of aluminum foil on top of 
the door, and connect each of these parts to a different side of the circuit. Then, when the door opens, 


the exposed hanging wire will touch the aluminum foil and close the loop so that the buzzer will 
sound. 


Shopping List 


exposed wire 


,9V battery 


y 


buzzer 


electrical 


tape SS 


- battery clip 


» A buzzer (Jameco #2173870, Bitsbox #ST016) that beeps. Buzzers come in both passive and 
active versions. Passive buzzers need an audio frequency input, while active buzzers need only a 
voltage. For this project, you need an active buzzer that works with 9 V. 


» A standard 9 V battery to power the circuit. 
» A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 
>» Aluminum foil 


» Exposed wire (Jameco #2098478, Rapidonline.com #05-0320), like some soft electrical wires, an 
old steel guitar string, or something similar. 


» Tape to fasten everything. You can use masking tape, electrical tape, or whatever you have. 


Tools 


, Wire cuHer 


soiggore 


» A wire cutter (Jameco #35482, Bitsbox #TLOO8) to cut or remove the insulation from wire. 


» A pair of scissors (optional) is useful for cutting the aluminum foil nicely. 


TIP 


If you want to make stripping wires even easier, you could buy a pair of actual wire strippers, 
like Jameco #78992, which are slotted so that you won't cut through the wire by accident. 


Step 1: Does the Buzzer Beep’ 


First, test the buzzer to see that it beeps. Hold the red wire from the buzzer to the positive terminal on 
your battery (marked +) and touch the black wire to the negative terminal on your battery (marked —). 


buzzer 


The buzzer should now make a loud, clear buzz or beep. If you disconnect one of the wires from 
the battery, the buzzer should stop making a sound because the circuit won’t have a closed loop 
anymore. 


NOTE 


If your buzzer just made a click or didn’t make any sound at all, you might have a passive 
buzzer. A passive buzzer can't create sound by itself, so you need an active buzzer for this 


| project. The buzzer recommended in this project’s Shopping List (page 12) should do the trick. | 


Step 2: Prepare the Aluminum 


Use a pair of scissors to cut a b1g, shiny strip of aluminum foil to go on the top of the door. Cut a 
straight piece of foil, about 1 inch wide and as long as the roll of aluminum foil is wide. 


Step 3: Foil Your Door 


Fasten the strip of aluminum foil on the top of the door by using a piece of tape on each side of the 
strip. The foil will act as a contact for the battery and buzzer wire. 


Step 4: Prepare a Trigger Wire 


Get a piece of exposed soft wire about 10 inches long. An exposed wire is a wire that doesn’t have 
any plastic around it, as opposed to insulated wire, which is metal enclosed in plastic. Just find some 
wire that 1s already exposed, such as a steel string froma guitar, or use your wire cutters to snip a 
piece from the spool in the Shopping List (page 12). This is going to be your trigger wire. 


NOTE 


You could also use a wire cutter to remove, or strip, the plastic from insulated wires. If you 
want to do that, ask an adult for help! 


Step 5: Connect the Buzzer and Trigger Wire 


Connect one side of the exposed trigger wire to the exposed metal end of the battery clip’s black wire 
with some tape. Connecting two wires is easy. Here’s how you do it: Pick up the two wires you want 
to connect and twist their ends together. Make sure the two pieces of metal are touching! Then wrap 
them inside the tape together. 
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Following the same process, connect the red wire from the battery clip to the red wire on your 
buzzer. 


Step 6: Mount the Buzzer and Trigger Wire 


Now, let’s place the trigger wire and the buzzer above the door. First, tape the trigger wire onto the 
door frame above the door so that it’s hanging in front of the door when the door is closed and lying 
on top of the door and the aluminum strip when the door is open. 

Next, tape the buzzer to the door frame in such a way that the black wire can touch the aluminum 


foil on top of the door. Tape the black wire onto the foil so that the exposed part of the wire touches 
the foul. 


Step 7: Add a Power Source 


Place the battery on top of the door frame, close to the battery clip. Use some tape to hold it in place 
if necessary. Then connect the battery clip to the battery. 


Once the battery 1s connected, your finished intruder alarm should look something like this: 


Step 8: Stage an Intruder Alert! 


Test the alarm by opening and closing the door. As the door opens, the exposed wire should hit the 
foil, causing the buzzer to sound a loud alarm. For a more realistic test, invite someone else to open 


the door instead! 


Step 9: What If the Intruder Alarm Doesn’t Work” 


If the buzzer doesn’t go off, you might need to adjust the position of the trigger wire a bit, just to make 
sure the wire touches the strip of aluminum foil when the door opens. If the trigger wire touches the 
foil just fine, try a different battery. If that doesn’t work, you might need to retape your battery leads 
to their wires. 


WHAT'S NEXT? 


Now you know the basics of electricity—a current of electrons flows through wires and makes 
something happen, like lighting a light bulb or sounding an alarm. And you also know that to make 
the electrons flow through the circuit, you need a voltage source, such as a battery, and a closed 
loop. That’s all you need to start tinkering with electronics! 


What else can you think of to make with what you’ ve learned? There are many other things that 
can be made into switches. For example, try making an alarm for your closet to keep nosy siblings 
or friends away from your personal stuff. Or how about making a silent alarm? Just replace the 
buzzer with a light bulb! 


In the next two chapters, we’ ll look at how electricity is generated and how we can use 
electricity to make things move. 
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2 
MAKING THINGS MOVE WITH 
ELECTRICITY AND MAGNETS 


Big magnets attract small metal objects; small magnets stick to large metal objects. For example, 
refrigerator doors are usually big pieces of metal, so it’s easy cover them with tiny, decorative 
magnets. You’ve probably seen magnets in cartoons, too: characters like to use giant horseshoe- 
shaped magnets to cause mischief. You can find magnets in nature or create them with electricity. A 
magnet created with electricity is called an electromagnet. 


You can use an electromagnet to make things move, and you don’t even have to be a superhero to 
do it! In fact, many things you see every day—like motors, loudspeakers, and the automatic doors in 
shops—work because electromagnets make something in them move. 

An electromagnet is very easy to make, and in this chapter, yow’ ll build an electromagnet that you 
can turn on and off with a switch. Then, yow’ ll use an electromagnet to build your very own motor! 


HOW MAGNETS WORK 


Magnets have two poles, the north pole (N) and south pole (S), and they’re surrounded by a magnetic 
field. 


If you place two magnets side by side, the north pole of one magnet attracts the other magnet’s 
south pole and repels that magnet’s north pole. Try pushing two magnets together. If you don’t force 
them, they should naturally attach to each other at their opposite poles. Now, try to force two of the 
same poles toward each other. That’s harder, isn’t it? Opposite poles are attracted to each other, and 
identical poles repel each other. 


Unlike poles attract. 
oof 


Like poles repel. 
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NOTE 


Thin, flexible refrigerator magnets don’t have two distinct poles. Instead they have many poles 
of opposite polarity next to each other, so it’s harder to feel the magnets attract and repel. 


But magnets don’t attract all materials. For example, plastic is unaffected by magnets. Try testing 
some metal objects around you! 


TRY IT OUT: FIND SOME MAGNETIC OBJECTS! 


Take any magnet and place it over objects made out of different materials, such as: 


> Aluminum foil 

» A stainless steel spoon 
> A soda can 

> An iron nail 

> A piece of metal jewelry 


P A few different coins 


Which objects does the magnet attract or stick to? You should find that the magnet attracts 
some metals, but not all metals. What happens with aluminum foil? 


It turns out that some metals can turn into magnets 1f you apply a little electricity. That’s where 
electromagnets come 1n. 


MEET THE ELECTROMAGNET 


When current flows through a wire, something strange happens: the current creates a magnetic field 
around the wire. 


magnetic field 


current 


The magnetic field of one wire, however, 1s very weak. To make a stronger magnetic field, you 
need to run current through lots of wires placed next to each other. But you still need only a single 
wire: you can just wind that wire into many loops to make a coil, and then send a current through it. 
The magnetic fields from each loop in the coil overlap and combine to create a stronger magnetic 
field. If you wind your wire around a piece of iron—like a nail, a bolt, or a screw—you'll get an 
even stronger magnetic field. 


All you have to do to create an electromagnet is connect a battery to the ends of the coiled wire, 
making a closed circuit. When current flows through the wire, the piece of iron it’s wrapped around 
starts to behave like a magnet, with the south pole at one end and the north pole at the other end. 
Which pole is which depends on the direction of the current, as well as the direction of the coil 
windings. When you disconnect the battery, the current stops and the magnetic field disappears. 

Building an electromagnet will help you start to understand how you can use electricity to make 
things like a loudspeaker in the real world, so let’s make one! With enough current, enough wire, and 
the right circuit, you could build a supermagnet straight out of your favorite cartoon, but for now, 
we'll start with a small one. 


a gimple 
electromagnet 


You know the theory behind how to build your own electromagnet. But reading the theory isn’t the 
same as making something in real life, so it’s time to have some fun! 

You're going to build your own electromagnet with wire and a bolt. All you need to do is to wrap 
the wire around the bolt several times and connect the battery to the wire. To make it easy to turn the 
electromagnet on and off, you’ ll also add a switch to the circuit so that you can control whether or not 
current flows through the wires. 


electromagnet 
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» A 1.5 V alkaline (C) battery (Jameco #2112428, Bitsbox #BAT040), like the big round ones used 
in older flashlights. Don’t use a rechargeable battery or plug-in power supply. 


» Insulated solid-core wire (Jameco #36792, Bitsbox #W106BK), about 7 feet. Standard hookup 
wire works fine. 


» Tape to fasten everything. You can use masking tape, electrical tape, or whatever you have. 
» Washers or paper clips, or other small metal objects that your electromagnet can lift. 


» A bolt to wind the wire around. Choose a big one to make room for many turns with the wire. The 
bolt I used was 0.3 inches thick and 4 inches long. 


» A switch (Jameco #581685, Bitsbox #S W018) to turn the electromagnet on and off. 


Tools 


» A wire cutter (Jameco #35482, Bitsbox #TLOO08) to cut or remove the insulation from wire. 


>» A standard magnet 


Step 1: Check Your Bolt 


Your bolt is going to be the core of your electromagnet, making it stronger. But not all materials will 
work as an electromagnet’s core! Most metal bolts should work, but if you’re unlucky and find one 
that is made of nonmagnetic material, your electromagnet won't be very effective. 


To check whether a bolt is okay to use in this project, just hold it close to any standard magnet. If 
the magnet attracts the bolt, then the bolt 1s a good one. 


Step 2: Remove Insulation from One End of the Coil Wire 


To connect the coil wire to the battery and the switch, you need to expose the metal of the wire at both 
ends. You'll use a wire cutter to strip away about 0.5 inches of insulation from the beginning of your 
wire. After you’ ve wound the coil, you’ll do the same with the end of your wire. Stripping wires can 


be a bit difficult if you’ ve never done it before, so ask a parent or teacher for help to get started. 
First, gently grasp the end of the wire with the cutters. 


Apply just enough pressure with the wire cutter to cut the plastic around the wire, but not the wire 
itself. When you’ ve cut through the insulation, your wire should look something like this: 


Then, place the wire cutter in the cut you made. Squeeze the wire cutter enough to grip the loose 
plastic with the blades. Use the wire cutter to gently pull off the plastic without cutting into the metal 
of the wire. 


Now, you should have a wire with some exposed metal at the end, like this: 
eS 


If stripping wires seems tricky in the beginning, don’t worry: it becomes much easier with 
practice. 


Step 3: Wind the Wire 


Take the wire and wrap it around your bolt 50 to 100 times. Leave about 3 inches of each end of the 
wire hanging loose. Make sure you don’t use all the wire; you”11 need a piece of wire about 4 inches 
long in a later step. 
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Wrap the wire as tight as possible and tape the end to make sure the turns stay in place. We call 
this wound wire the coil of the electromagnet. 


Repeat Step 2 to strip the insulation off the other end of your coil. 


Step 4: Connect the Negative Battery Terminal to the Coil 


Connect one end of the coil —1t doesn’t matter which—to the negative terminal of the battery. Fasten 
1t to the battery with tape. 


WARNING 


Be sure you 're using the recommended 1.5 V battery! Anything more powerful could send too 


much current through your coil, which could make both the battery and the coil hot enough to 
burn you. 
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Step 5: Connect the Switch 


In Chapter 1, I showed you how to build your own switch and described how you can use one to turn 
something on and off. Now, you're going to connect a prebuilt switch to your electromagnet to turn it 
on and off. A switch often has three pins that you can connect to. 


On the switch in this project’s Shopping List (page 24), pin 2 is the common pin, which is 
connected to either pin 1 or pin 3, depending on the position of the button. If the button 1s pushed 
toward pin 1, then pins 2 and 1 are connected. If the button is pushed toward pin 3, then pins 2 and 3 
are connected. 

Some switches have only two pins. In that case, the two pins are connected when the button is in 
one position, and not connected in the other—3ust like the switch you built in “Project #2: Intruder 
Alarm” on page 11. 

Fasten the other end of the coil wire to pin 1 of the switch and make sure the button of the switch 
is pushed toward pin 3. Then, cut a brand-new piece of wire from your spool, about 4 inches long, 


and strip some insulation from both ends to expose the metal. Connect one end of the new wire to the 
positive battery terminal and one end to the middle pin of the switch. Use tape to make sure the wires 
are properly connected and stay in place. 


Step 6: Test Your Super Electromagnet 


That’s it for building the circuit! Now, let’s test it. If you’ ve connected everything correctly, your 
electromagnet should be off now. 

First, find a good piece of metal to attract with your electromagnet. A small metal paper clip 
should do the trick, though I used a little pile of steel washers. Magnets won’t attract all metals—for 
example, aluminum foil is not magnetic—so hold a regular magnet next to the metal you want to 
attract first to make sure it’s magnetic. 

Then, flip your switch and place your electromagnet close to your paper clip or whatever other 
metal object you’re using. If you’ve found the on position, the bolt should pull the metal object 
toward it. 
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If nothing happens, press your switch into the other position; the bolt should start to pull the metal 
object now. 

The electromagnet consumes a lot of power, so if you keep the switch flipped on for too long, your 
battery will drain quickly. You might also notice that the battery and the coil become hot. Try to limit 
the time your electromagnet is on to only a few seconds, and always disconnect the battery before you 
leave your circuit. 


Step 7: What If the Electromagnet Isn’t Working? 


Make sure you used insulated wire to make the loops around the bolt. The wire must have some kind 
of insulating layer on the outside of the metal; otherwise, 1t won’t work. The reason for this is that 
without the insulating layer, the current won’t follow the wire loops around the bolt. Instead, they’ Il 
go through the bolt if the bolt 1s conductive or through to the neighboring wire if the loops of wire are 
touching. In either case, the current will function as 1f you had one thick wire. 

Another possible problem is that your battery is dead. Try switching to a different battery that 
you re sure 1s working. 

If you’re sure you’re using insulated wire and that the battery has power, check that the 
connections on the switch and battery are connected, as I described in Steps 4 and 5. If you’re unsure, 
it might be a good idea to redo the connections. 


MEET THE MOTOR 


A wire with flowing current creates a magnetic field, as I described in “Meet the Electromagnet” on 
page 22. When powered, the coil from Project #3 will have a magnetic field with south and north 
poles, just like any other magnet. Like poles repel each other and opposite poles attract each other. 
So, 1f you put a magnetized coil of wire over a regular magnet with the same poles close to each 
other, the coil will try to twist itself around. 


Coil will try to twiet 
because like poles 
repel each other, 
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| Like poles repel. 
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If you placed the wire coil on some kind of stand so that it could rotate freely over the magnet, it 
would flip back and forth without making a full spin. This is because when the coil has made a half 
spin, the opposite poles face and attract each other, which will force the coil in the opposite 


direction. 


How can you make the coil continue to spin in one direction? You just need to find a way to 
disconnect the battery halfway around and turn the battery back on when the coil 1s back in its starting 
position. Then, here’s what happens. The coil starts moving when it’s powered and pushes the wire 
coil halfway through one round. Because you disconnect the battery halfway through, the existing 
motion keeps the coil moving forward. When it comes back to its original position, the battery gets 
reconnected and gives the coil another push forward, and it continues the same way. 


Electric motors are based on this basic principle of magnetic poles attracting and repelling each 
other. 


In this chapter, you’ve built your own electromagnet, and you’ve learned how motors work. Now, it’s 
time to combine these two concepts. In this project, you’ ll build your very own motor from scratch! 


You'll use a magnet together with a coil of wire. The coil will spin, and this spinning coil is 
called the rotor of the motor. You’re going to build the motor so that the rotor coil has current through 
it for only half of the spin. The magnet should push the electromagnet for half of the spin, and the rotor 
coil should continue around the second half of its spin with the energy it gets from the first push. 


Shopping List 
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» A 1.5 V alkaline (C) battery (Jameco #2112428, Bitsbox #BAT040), like the big round ones used 
in older flashlights. 


» Insulated solid-core wire (Jameco #36792, Bitsbox #W106BK), about 13 feet. The stiff insulated 
wire will be used both for the coil and to support the coil. 


» Tape to fasten everything. You can use masking tape, electrical tape, or whatever you have. 
» A paper or plastic cup to hold everything in place. 
» Two disc magnets (Jameco #2181319, Bitsbox #HW145), the stronger the better. 


WARNING 


Always keep small supermagnets like these away from babies and young children. These 
magnets are very dangerous if swallowed. 


Tools 


_ wire cutter 


» A wire cutter (Jameco #35482, Bitsbox #TLOO08) to cut or remove the insulation from wire. 


Step 1: Create the Rotor 


First, we’ll create a new coil of wire; this coil will be the rotor, or spinning part, of your motor. To 
create the rotor, first take your spool of wire and strip the insulation from about 1.5 inches of the free 
end. Then, wind the wire around the battery. 


If you buy the wire I recommend in this project’s Shopping List (page 34), try making around 30 
windings; if you use thinner wire, wind it more. The point is to make the coil as magnetic as possible, 
without making 1t too heavy. More windings make the rotor more magnetic, but also heavier. 


Carefully slide your coiled wire off the battery. Gather the windings into a loop and wrap the ends 
of the wire around your loop a few times on each side so that the coils stay together. Cut your loop 
from the spool of wire, leaving the other end about 1.5 inches long. Then, remove the insulation from 
this end, too, so that the metal inside is exposed. If you’re using wires with plastic insulation, you can 
use a wire cutter, as described in Step 2 of Project #3 (page 26). 


rotor 
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Step 2: Build the Motor’s Structure 


Set your coil aside for now and take out your paper cup. Punch a hole in one side of the cup about 0.4 
inches from the top and another one about 0.4 inches from the bottom. Pull a piece of the stiff wire 
around 8 inches long through these two holes. Then, do the same on the other side of the cup. Turn the 
cup upside down, remove the insulation from the ends of both wires, and tape the wires to the cup to 
ensure they stay in place. 


| rotor connector 


rotor a 


- connector magnet 


battery Sa 


connector 


The ends that are now on the bottom will connect to the battery, and the top ends are going to make 
up the connection to the rotor and support it. Bend the top ends of the two wires into two U-shapes 
that can hold the rotor. Make sure the bottom part of each U has exposed metal so that it will touch the 
exposed wires of the rotor. This U-structure will be the battery’s connection to the rotor. 


Step 3: Place the Magnets 


Place one magnet on top of the cup. Then place one magnet inside the cup so that the two magnets 
stick to each other through the cup. Place your rotor into the U-structure and adjust the position of the 
magnets to make sure they are at the center, just under the coil. 


Step 4: Reinsulate Part of the Coil 


If you connected the battery now, the motor wouldn’t work. With your coil rotor attached, you’d see 
movement, but the rotor would just be pushed back and forth in opposite directions because it’s 
always connected to the battery. You need a way to disconnect the coil from the battery halfway 
through so that it’s first pushed away from the magnet and then released until it has spun the rest of the 
way around. Then, it can reconnect with the magnet and get pushed again, and so on. You can make 
this happen by insulating the wire on one side with a permanent marker. Do this on only one arm of 
the rotor. 


wire ingulated with permanent marker 


\ 


no ingulation 


Lay your coil flat on the table and use a permanent marker to draw along the wire on one side to 
make it non-conductive. Draw your line so that the rotor disconnects from the battery when the loop 
lies horizontally above the magnet. 


Step 5: Rev Up Your Motor 


Let’s get that motor running! Connect the battery by taping the two wires to the positive and negative 
terminals. 


norana 
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wire connected to the 
positive battery terminal 


A AA a E 


Now, place the rotor into the U-structure. The motor should start spinning. You might need to give 
it a little push. It won't run any cars, but if it works, then you definitely just made something move 


with electricity. Congratulations! 


The motor ig 
running! 
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Step 6: What If the Motor Doesn’t Work? 


Can you see any movement? If you’re very lucky, it'll work right away, but yov’ ll most likely need to 
make some adjustments. Here are some places to start: 


1. Make sure your coil is placed so that it starts with the exposed wire—that is, not the part you 
covered with the marker—touching the exposed wire of the U-shaped structure. That way, when 


you connect the battery, the coil becomes magnetic. 
2. Figure out which way the battery should be connected. You might find that the rotor spins better 


in one direction than the other, so try to connect the battery the other way around to see what’ s 
best for your motor. 


3. If your coil is a bit too heavy, the magnetism won’t be enough to push the coil all the way around 
the loop. Try unwinding a few loops to make the coil lighter. 


4. You might need to adjust the position of the magnets under your rotor. They should be as 
centered as possible. 


If your motor still doesn’t run, your rotor may just need a little push to get started. Try tapping it 
lightly with your finger to see whether that unleashes a speed demon. 


WHAT'S NEXT? 


In this chapter, you’ ve learned that magnets can be created by winding a wire around a bolt and 
connecting it to a battery, and you’ ve tested this by building your own electromagnet. At the end, 
you learned how electric motors work, and you even built one for yourself. You really got things 
moving! 


Now, take that knowledge and explore electricity a little further. Try adding even more 
magnets under the rotor of your motor. Then, wind a rotor coil that is twice as big or even bigger. 
You can create a much larger structure for the motor. How fast can you make your motor go? 

So far, you’ve only used electricity, but you can actually generate it, too. In the next chapter, 
you Il learn a couple of different ways to generate electricity, and you'll be playing around a bit 
more with magnets. 
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3 
HOW TO GENERATE ELECTRICITY 


Chapter 1 described why you need a closed loop to get current flowing through a circuit, and Chapter 
2 showed you how to build your own electromagnet and motor. The projects in those chapters used 
electricity from a battery, but in this chapter, yow’ ll make your own electricity sources! 

Specifically, yov’ ll learn how to build your own generator, which creates electricity from 
movement, and your own battery, which creates electricity through chemical reactions. These are two 
of the most common ways to obtain electricity. 


GENERATING ELECTRICITY WITH MAGNETS 


When you run current through a wire, it creates a magnetic field around the wire, but there’s another 
connection between electricity and magnetism. You can also create electricity using a wire and a 
magnet! 


A Changing Magnetic Field Creates Electricity 


If you move a magnet back and forth over a wire connected in a closed loop, you’ ll create a current in 
the wire. Moving the magnet changes the magnetic field around the wire, and the changing magnetic 
field pushes the electrons through the wire. 


| current 
= magnet moving 


| a0r029 wire 


If you stop moving the magnet, the current also stops—even if the wire is still within the magnetic 
field—because the magnetic field is no longer changing. 


If you connect the two ends of the wire to a light bulb and create a closed loop, then the current 
can flow. Unfortunately, however, the current created by moving a magnet over a single wire doesn’t 
provide enough energy quickly enough to actually light the bulb. To light a bulb, or to power anything 


else, you need to find a way to generate more power, which is the amount of energy produced in a 
certain time. 


How Does a Generator Work? 


A generator is a device that turns movement—such as the movement of a magnet over a wire—into 
electricity. To create more power with a wire and a magnet, you can wind that wire into a coil. The 
coiled wire acts like a group of wires, and when the magnetic field passes through it, a current flows 
through each coil, creating more power than you could with a straight wire. 


Light bulb 


turne on! 


more 
current 


magnet moving 
through coil of wire 


CREATING ELECTRICITY FROM WATER OR WIND 


If you place a coil in a magnetic field and rotate the coil with a handle, you’re converting your 
own movement into electricity. If you replaced the handle with a water wheel and placed it into a 
stream of water, the water would push the wheel so that the coil would rotate in the magnetic 
field and create a current. This 1s how some power plants generate electricity! The power plant 
just lets water run through a wheel that’s connected to a generator. Then this electricity is 
transferred, through power lines, to the power outlets in people’s houses. 


high-pressure 
sluice gates — Water 


| power plant 


Y ou can make electricity out of other natural forces in the same way. For example, to create 
electricity out of wind, you can connect the coil to a windmill so that when the wind blows, it 
rotates the coil. 


MEET THE MULTIMETER 


You can measure exactly how much energy a simple generator creates with a basic multimeter. 
Multimeters are handy when building any circuit because they can measure a lot of different values, 
including resistance, current, and voltage. 


The red lead is the positive lead, the black lead 1s the negative lead, and the big dial in the middle 
lets you tell the multimeter what to measure. If you’re having problems with a circuit, measuring the 
voltage at key points in your circuit is one practical way to figure out what’s wrong. 


How to Measure Voltage 


To measure voltage with a multimeter, first turn the dial to one of the V options. (In this book, Pl tell 
you which setting to choose, but in your own projects, pick one that has a number higher than the 
highest voltage you expect to see 1n your circuit.) Then, at the bottom of the multimeter, connect the 
black lead to the COM socket and the red lead to the V socket. Finally, place one lead on each side of 
the part you want to measure the voltage across. 


eT L 
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In this example, the meter is measuring the voltage between the positive and negative terminals of 
a 9 V battery. Notice that my dial is turned to 20 V, in the range showing a V with a straight-line 
symbol. But there’s another V on the multimeter with a wavy line next to it. Let’s look at what these 
symbols mean. 


What Are AC and DC? 


How you set your multimeter depends on whether you want to measure the voltage from a battery or a 
generator. A battery has a positive and a negative side, but a generator doesn’t! A generator has two 
wires that alternate between being positive and negative. This is because when one side of the magnet 
moves past the coil, current in the coil flows in one direction, and when the other side of the magnet 
moves past the coil, current flows 1n the other direction. 

When the current direction switches like that, we call 1t alternating current (AC); when the 
direction of the current stays the same all the time, we call it direct current (DC). Usually, yow Il find 
these symbols on your multimeter to indicate the AC and DC ranges of measurement: 


Ay — 


AC DC 


You need to set the multimeter to measure either AC or DC to get the correct reading. For 
example, batteries have a DC voltage. 


Grab your multimeter—this project will show you how to make a generator and measure its voltage. 
One quick way to create a simple generator 1s to manually move a magnet back and forth inside a 
coil. In this project, you’ll put a magnet inside a tube and wind a coil around the tube. When you 
shake the tube, the magnet should move back and forth inside the coil and create a voltage. 


Shopping List 


— ingulated wire plastic tube 


magnets 


alligator clips 


» Insulated solid-core wire (Jameco #36792, Bitsbox #W106BK), about 9 feet. Standard hookup 
wire works fine. 


» A small plastic tube, such as an old pen. 
» Five disc magnets (Jameco #2181319, Bitsbox #HW145) stacked to form a magnet rod. 
» Two alligator clips (Jameco #256525, Bitsbox #CN262) to connect the multimeter to the coil. 


Tools 


» A multimeter to measure the voltage of your generator. The multimeter should be able to measure 
very low AC voltages, down to 0.01 V or less. Suitable multimeters are Jameco #2206061, 
Bitsbox #TL057, or Rapid Electronics #55-6662. These multimeters are a bit more expensive than 
the cheapest ones, but they will serve you for many years to come. 


multimeter 


Step 1: Prepare Your Tube 


Find a tube that’s big enough to let the magnets slide easily back and forth. If you’re using a pen, 
disassemble the pen and make sure your magnets fit inside the tube. 


Step 2: Wind Your Coil 


Wind about 50 turns of wire around the middle of your tube. After winding, make a simple knot with 
the two ends to keep your coil together. Then, strip the insulation from the two wire ends, as shown. 


Step 3: Connect the Multimeter 


Connect the multimeter to both ends of the coil using alligator clips and set the multimeter to measure 
AC. Choose the lowest AC voltage setting available. 


Step 4: Shake That Thing! 


Next, put the magnets inside the tube. They should fit inside without coming apart. 


Holding the tube and multimeter leads 1n your hand, place one finger on each side of the tube so 
that the magnets don’t fall out. Then, shake it like you mean it! 


Observe the voltage value on the multimeter. How much voltage do you get? I was able to get only 
0.02 V from my generator, so it’s not very powerful. 
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Step 5: What If There’s No Voltage? 


If you can’t measure any voltage from your generator, first check that your multimeter leads are 
connected well to the exposed coil wires. If you still don’t see a voltage higher than 0 V, make sure 
your multimeter 1s set to measure really low voltages; my dial was turned to 2 V AC. You won't get a 
high voltage from this simple generator, so if the multimeter isn’t on the lowest setting possible, it 
will keep reading 0 V. Note that not all multimeters are able to measure such low voltages. 


This generator isn’t very powerful right now. How can you make it more powerful? Try to 
increase the voltage from the generator by shaking it faster, adding more loops of wire to the coil, or 
using a more powerful magnet. 


NOTE 


Standard hookup wire is a bit bulky; even 50 turns take up a lot of space! If you want to get a 
lot more turns, try using magnet wire instead. It’s really thin wire with a thin layer of 
insulating coating. 


TRY IT OUT: USING A MOTOR AS A GENERATOR 


A motor already has a magnet and a coil of wire that can rotate in the magnet’s magnetic field. If 
you rotate the rotor with your hand, you can generate a voltage on the motor’s wires. 

You could create a generator by reversing the motor you built in Chapter 2, but the power 
you ’d get from it would be too small to measure. Instead, try to find an old motor from a computer 
fan or a radio-controlled toy car that you don’t want to play with anymore. Then, set your 
multimeter to a low-voltage DC range, such as 2 V DC. Attach the multimeter leads to the motor 
wires, just as you did with the shake generator, and turn the rotor with your fingers. Some motors 
have internal circuits that control the motor, and those circuits can prevent the electricity 
generated inside the motor from going out to the wires. But if you’re lucky and find a motor that 
doesn’t have such circuits, you should see a reading on the multimeter. Try a low-voltage AC 
range on your multimeter if you see nothing with DC. 


HOW DO BATTERIES WORK? 


Pve shown you how to generate electricity manually, but that doesn’t explain how you’ve powered 
circuits up to this point in the book. You’ve been using batteries, and in this section, we’ll look at 
what lets those batteries create electricity. 


What’s Inside a Battery’? 


To create a battery, you need three things: 


» A positive electrode 
» A negative electrode 


» An electrolyte 


An electrode is a wire that is used to make contact with something nonmetallic, like the inside of a 
battery. An electrolyte is a substance that can release or gain electrons. 


Here’s how these three pieces fit inside a typical battery: 


D| positive electrode 
d electrolute 


| _— negative electrode 


You can actually make your own battery by using a simple nail for one electrode and a copper 
wire for the other. Stick both into a lemon, and the lemon juice 1s your electrolyte. 


positive electrode 
(copper wire] 
: negative electrode 

(nail) 


lack of electrons ~. 


_- lote of electroneg 


The copper wire becomes the positive terminal of the battery, and the nail becomes the negative 
terminal. 


The Chemistry Behind Batteries 


When you combine the lemon, the copper wire, and the nail, two chemical reactions happen: one 
between the lemon juice and the nail, and another between the lemon juice and the copper wire. In the 
first reaction, electrons build up on the nail; in the second, electrons leave the copper wire. The nail 
gets too crowded with electrons, and the copper wire ends up with too few. Electrons don’t like to be 
in crowded places, so the electrons on the nail want to go over to the copper wire to even things out. 
But the chemical reactions with the lemon juice are pushing the electrons the other way. 


Now, what do you think will happen 1f you connect a light bulb between the nail and the copper 
wire? The electrons on the nail really want to get to the copper wire, so they’ II take the easiest path 
they can find, and when you create this closed-loop circuit, they flow from the nail to the copper wire 
through the light bulb. Recall that current is just electrons flowing 1n a wire; 1f you have enough 
current flowing through the light bulb, it lights up! 


After a while, the chemical reactions in the battery stop. When this happens, the battery is dead. 
Some batteries can be recharged when they die, while others must be thrown away. The materials 
chosen for the electrodes and electrolyte determine whether the battery can be recharged or not. 


The batteries you buy in the store are not made of lemons, of course! Modern batteries are made 


from different materials, and scientists are always looking for new ways to create batteries that have 
more energy, while being small and lightwe1ght. 


What Determines a Battery’s Voltage? 


The materials used for the electrodes and electrolyte determine the voltage you get from a battery, but 
the size of the electrodes and the amount of electrolyte don’t matter when it comes to voltage. 


To create higher battery voltages, several battery cells are connected in series. Connecting two 
battery cells 1n series means that you connect the positive side of one battery to the negative side of 
the other. The two unconnected terminals become the bigger battery’s new positive and negative 
terminals, and the resulting voltage 1s the sum of the voltages from the two batteries. For example, in 
a standard 9 V battery, you have six 1.5 V battery cells, as shown. Notice that the connectors on the 
outside are attached to just two terminals. 


You can make a battery out of many different things; for example, in “What's Inside a Battery?” on 
page 55, I showed you how a lemon battery might work. In this project, you’ Il learn how to build a 
lemon battery of your own and power a light with it. 


WARNING 


When you're finished with this project, throw the lemons away. The chemical reactions that 
happen with the nail and copper wire will leave the lemons unsuitable for eating. 


Meet the LED 


A lemon battery can’t create a lot of electricity, so you need to connect the battery to something that 
needs very little power to see the effect. Most light bulbs need more power than you”1l generate in 
this project, so let me introduce a component called a light-emitting diode, or LED. 


This little electronic component gives off, or emits, light when you apply a little bit of power to it. 
LEDs come in many colors: red, green, yellow, blue, and more. You’ ll learn more about this 
component in Chapter 4, and you’ ll use LEDs a lot in this book. For now, you’ re just going to use an 
LED to see the power generated by your lemon battery. 


Shopping List 


copper wire 


A 


alligator clips 


» Four lemons or one lemon cut into four pieces. 

» 24 inches of copper wire (any copper wire will do, but it’s important that the wire be copper). 
» Four galvanized nails (most common nails for outdoor projects are galvanized). 

» Two alligator clips (Jameco #256525, Bitsbox #CN262) for connecting the LED. 


» A standard LED (Jameco #333973, Bitsbox #OP002 for just this one, or Jameco #18041, Bitsbox 
#K033 for a variety pack). Yow’ ll need several LEDs for the projects in this book, so order at least 
10 or a variety pack. 


Tools 


Em Fea 


multimeter 
and leade T $ 


wire cutter 


» A wire cutter (Jameco #35482, Bitsbox #TLOO8) to prepare the copper wire. 


» A multimeter (Jameco #2206061, Bitsbox #TLO57, Rapid Electronics #55-6662) to see whether 
your battery is working correctly. 


Step 1: Prepare Your Wires 


First, cut your copper wire into four 6-inch lengths. Strip about 1 inch of insulation from both ends of 
each wire. These will become the electrodes. 


Step 2: Insert Electrodes into a Lemon 


Roll and squeeze a lemon so that you break up the small juice packets inside it, but not enough to 
break the skin. Then, use a nail to make one hole in one end, push a copper wire into that hole, and 
push the nail into the other end, as shown. This 1s the first lemon battery! 


Get your multimeter, set 1t for DC voltage measurement, and test your lemon battery now. Place 
the positive test lead on the copper wire and the negative test lead on the nail. If everything works 
correctly, you should see a voltage of around 1 V on your multimeter. 


VOLTERAFT. 


Step 3: Create Four Lemon Batteries 


Even if you get 1 V out of your lemon, that’s not enough to light an LED. Let’s create several lemon 
batteries so we can get more electricity! 

Just repeat the process described in Step 2 for the other lemons; each will become a battery. (If 
you don’t have four lemons to spare, you can cut one lemon into four pieces.) Now you should have 
four lemon batteries. 


Step 4: Connect the Lemons in Series 


To get a higher voltage with your lemon batteries, you’ ll need to connect them in series. To connect 
two lemons in series, you just connect the positive side of one lemon to the negative side of another. 
Remember, the copper wire is positive, and the nail 1s negative. 


negative (-] negative (-) 


positive (+) 


‘positive (+) 


To wire four lemons in series, just repeat that process a couple more times. Line your lemons up 
in a row with the copper wires pointing to the right and number the lemons from | to 4, beginning 
from the left. Connect the copper wire from lemon 1 to the nail in lemon 2. Twist the wire onto the 
nail so that the metals connect without coming apart. 

Connect the copper wire of lemon 2 to the nail in lemon 3, and connect the copper wire from 
lemon 3 to the nail in lemon 4. This should give you a row of four lemons, with an unconnected nail 
on lemon 1 and an unconnected copper wire on lemon 4. These are the positive and negative 
terminals for your big lemon battery, respectively. 


When you connect batteries 1n series, you can add their voltages to find your total. Four 1 V lemon 
batteries should give you 4 V. If you have a multimeter, measure the voltage between the two ends to 
see whether everything is connected. You should get a voltage of around 3.5 to 4 V. 


FOLTERAFT: ean 


Step 5: Test Your Lemon Battery 


Let’ s connect the LED to the lemons! Connect the long leg from the LED to the copper wire, and 
connect the short leg to the nail, as shown. The LED should now light up. 


Lemons aren’t super powerful batteries (you'd never see anyone with a lemon connected to their 
computer, for example), so your LED will probably be very dim. After you finish building your 
lemon-powered circuit, turn off the light in your room, and you should see the LED glow. 


Remember, when you’re finished with your lemon battery, throw the lemons away—don’t eat 
them! 


Step 6: What If Your Lemon Light Doesn’t Work? 


If you can’t see light from your LED, even in a dark room, check to see whether your LED 1s 
connected the right way. The long leg should be connected to the positive side of the battery, which is 
the copper wire. 


Make sure the lemons are connected to each other only through the wires and nails. For example, 
if your lemons are sitting in a puddle of lemon juice, they could be connected through that. Just dry 
them off and move them somewhere else. Next, check that the copper wires are properly connected to 
the nails and that the nails and copper wires are actually touching the juice inside the lemons. Also, 
check that the nails and copper wires are not touching each other inside any of the lemons. 


If the circuit still doesn’t work, disconnect all the lemon batteries from each other. Then, use a 
multimeter to check that each lemon battery has some voltage. Connect two lemons in series, and 
check that you see a higher voltage. Connect the third lemon, and check that the voltage has increased 
again. Then, connect the fourth lemon and check that you have even more voltage. 


If you see a voltage but the LED doesn’t light, then you probably just need some more power. Get 
another lemon or two, create some more batteries, and connect them in series with the rest. 


WHAT'S NEXT? 


In this chapter, you learned how to create your own electricity from magnetism and chemical 
reactions. You made your own shake generator, and you built a lemon battery to power an LED. 
If you want to explore generators even more, I suggest trying to find a dynamo from an old 
bike. Unlike the generator you built in this chapter, a dynamo is a generator that gives you a DC 
voltage, like a battery, and dynamos are commonly used to power headlights on bikes. Cut some 


windmill blades out of some stiff cardboard or plastic, connect them to the dynamo, and see 
whether you can harvest energy from the wind. 


You’ve now met a few electronic components, including switches, LEDs, and motors. In the 
following chapters, you’ ll learn about even more components and graduate to building some real 
electronic circuits, like lights that blink, a touch-sensitive switch, and even your own electronic 
musical instrument! 


PART 2 
BUILDING CIRCUITS 
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4 
CREATING LIGHT WITH LEDS 


Lights, especially LEDs, are used all the time in electronics. Sometimes, they’re just simple 
indicators that show whether a device 1s on or not, but they can also be part of more complicated 
devices, like computer displays. In fact, some displays are actually made up of thousands of tiny 
LEDs. 


In this chapter, you’ 11 learn how two of the most common basic components in electronics work: 
the resistor and the LED. P11 show you how to kill an LED, but don’t worry: you’ ll learn how to use 
resistors to keep LEDs alive, too. In this chapter’s projects, you’re also going to start using a new 
tool, called a breadboard, to connect circuits. Many projects in this book use breadboards, and you 
can also use them to build a lot of cool projects on your own. 


MEET THE RESISTOR 


Recall that resistance restricts current from flowing freely ina circuit. A resistor is a component that 
adds resistance to a circuit. The more resistance your circuit has, the less current will flow through it. 


yellow gold 
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purple brown 


Resistor Color Codes 


When you look at a resistor, you’ ll notice that it has several colored bands. These colors tell you the 
value of the resistor. Resistance is measured in ohms, but when we write about it, we”ll use an 
omega symbol, Q, for short. More ohms means more resistance. 


470 02 15% 


fine! second multiplier tolerance 
digit digit 


Most resistors have four color bands. From the left, the first band gives the first digit of the 
resistance value. In this example, the first band is yellow, so the first digit is 4. The second digit is 
given by the second band, which is purple for 7. Together, this gives us the base value of 47. Next we 
multiply 47 by the value of the third band—the multiplier. In this example, the brown band stands for 
10 Q, so we multiply 47 by 10: 


47 x 10 Q=470 0 


NOTE 


If a resistor has five bands instead of four, then the first three bands are digits, and the fourth 
is the multiplier. 


But the actual resistance of a resistor usually won’t match the value written on it! That sounds a bit 
crazy, right? It’s hard for manufacturers to create resistors with a very exact resistance value, so 
instead, they make sure the resistors are somewhere around that value and tell you how far off the real 
value could be. 


This is where tolerance comes in. Our example resistor is labeled 470 Q with a tolerance of 5 
percent. This means that the resistor’s real resistance could be any value 5 percent higher or 5 percent 
lower than 470 Q. Because 5 percent of 470 is around 24, the real resistance could be anywhere 
between 446 Q and 494 Q. 


Usually, the three bands that tell you the resistance value are grouped together, and the band that 
tells you the tolerance is spaced a bit farther away. But sometimes the bands are so close that it’s 
hard to see which three bands give the resistance. Fortunately, the fourth band is typically gold or 
silver, so if you see a gold or silver band, it’s safe to assume this is the tolerance band. 


What Are Resistors Made Of? 


To create a resistor, you could just use a really long piece of standard wire. Wires have a bit of 
resistance, and the longer your wire is, the more resistance yov’ ll get. But using miles of wire to 
reduce current isn’t very efficient. It’s better to use a material that has more resistance, such as 
carbon. Often the resistors that you buy in stores are made of carbon wrapped inside an insulating 
material. 


Resistors Control Current and Voltage 


At first, you might find the resistor a bit boring. If you connect one to a battery, you probably won’t 
see anything happen; the resistor might just get warm, and you might wonder what the big deal is. On 
the other hand, 1f you use a resistor with a very low resistance value, such as 10 Q, then it could get 
really hot—hot enough to give you a burn—and the battery might die pretty quickly. 


WARNING 


Connecting a low-value resistor directly between positive and negative points can be 


dangerous on some types of batteries. Some batteries are strong enough to make your resistor 
burst into flames. Be careful! 


But the cool thing about resistors is that you can use them to change the voltages and currents in 
your circuit! That means that you get to be the master of your circuit and decide how it should behave. 


INTRODUCING OHM’S LAW 


The key to controlling the current and voltage in your circuit 1s a formula called Ohm’s law. Ohm’s 
law relates resistance, voltage, and current as follows: 


V=IxR 
Here’s what those letters mean: 


V Voltage, measured in volts (V) 


I Current, measured in amps (A) 


R Resistance, measured in ohms (Q) 


Given these definitions, in English, Ohm’s law reads, “Voltage equals current multiplied by 
resistance.” You can also write the Ohm’s law formula in the two following forms: 


V V 
R= — i 
] R 


Let’s put Ohm’s law to work. Imagine you have a resistor and a 9 V battery, and you want 0.05 A 
of current to flow in the resistor. How much resistance do you need in the resistor to get the right 
amount of current flowing? Use Ohm’s law to find out: 


180 2 
7 cD 
R= — 
I 
9 VY 
R= 
0.05 A 
Ri = 180 £2 


After dividing the voltage by the current, yov’ ll find that to get 0.05 A of current flowing in the 
resistor, you need a 180 Q resistor. 


Almost all electronics have some LEDs, which I introduced in Chapter 3. Where there are LEDs, 
there are also resistors. Look around a house, and there’s a big chance you'll see a few. For example, 
check a computer, a washing machine, a television, or a W1-F1 router. Do you see some blinking 
lights when you push buttons? Those are very likely LEDs in series with resistors. 


In “Project #6: Turn On a Light with Lemon Power” on page 58, you just connected an LED to 
your homemade lemon battery, and that was it. In most circuits, however, you need to take a bit more 
care to make sure you don’t break your LED. If too much current flows through an LED, it becomes 
really hot and burns out. The lemon battery was too weak to provide enough current to break the LED. 

Of course, I could tell you all this forever, but trying things in real life is the best way to learn! I 
had to break a few LEDs myself before I accepted that I couldn’t connect them directly to a battery 
without a resistor, and I want you to see what that’s like, too. That’s why in this project, you’re going 
to destroy an LED! 


Shopping List 


9 V battery 


» A standard LED (Jameco #333973, Bitsbox #OP002). 
» A standard 9 V battery to power the circuit. 


Step 1: Identify Which LED Leg Is Which 


Look at your LED closely, and you should see that one leg is longer than the other. LEDs are 
polarized, which means that current flows through them only if you connect them a certain way in 
your circuit. The longer leg is called the anode; it’s the leg that you connect to the positive side of the 
battery. The shorter leg is called the cathode, and you connect it to the negative side of the battery. 


On some LEDs, the legs are the same length. In that case, find the flat side on the bottom of the 
LED itself. The leg on the flat side is the cathode. 


anode (+) cathode (-) 


¡ong leg short leg 0 
flat side 


Step 2: Break That LED! 
To avoid burning your fingers, hold your LED by one of the legs. Then, place the 9 V battery on the 
table and touch the legs of the LED directly to the battery terminals. 


The LED should glow brightly for a short moment, become hot, and then go dark. Parts of 1t may 
actually turn black. Congratulations: You just broke your first LED! 


NOTE 


Some LEDs stop working after a second when connected directly to a battery. Others may give 
a bit of light for a few seconds. 


Step 3: What If Nothing Happens to the LED” 


If nothing happens, there are three likely causes: 


» You connected the LED backward. 
» Your LED is already broken. 
» Your battery is dead. 


First, try connecting your LED to the battery the other way around. If you’re sure it’s connected the 
right way, then either your LED is already broken or your battery 1s dead. Try replacing the battery 
first; 1f that doesn’t work, replace the LED. Now, you should be able to break your LED. 


HOW TO USE AN LED CORRECTLY 


Even though it’s pretty fun to destroy LEDs, it’s better to know how to avoid destroying an LED. 
Your LED burned because it had too much current running through it, but you can prevent that with 
your trusted friend the resistor. Resistors resist the flow of current, and if you choose the right 
resistance value, they’ II resist the current enough to get just the right amount of current for your LED. 


Protecting Your LED with a Resistor 


An LED in a circuit should always have a resistor in series with it. Of course, resistors come in many 
different values, and to figure out the right one for your circuit, you need to do a little math. 

Most standard LEDs need a voltage of about 2 V and a current of about 20 mA, or 0.02 A, to light 
up. These two values, together with the voltage of your battery, are all you need to figure out the 
correct resistance. Just put these two values into the following formula: 


I 


LED 

If this formula looks familiar, that’s because it’s actually just another version of Ohm’s law. The 
two Vs and the / are still voltage and current, but Va, 1s the battery voltage, V; pp 1s the voltage your 
LED needs to light up (often 2 V), and /; gp is the current your LED needs (often 20 mA). Yov’ d read 


this formula as “To find the resistance, subtract the LED voltage from the battery voltage and divide 
the result by the LED current.” 


Calculating the Resistance You Need 


Imagine you have a 9 V battery, a resistor, and a standard LED. What resistance value should the 
resistor be? Using the formula from the previous section, you should get: 


Vaar — Vien TN 
è 5 © k=——— 
Da 0.02 A 
9V-2V 
e R= | O R=3500 
20 mA 


That means you need a resistor of 350 (2 to get the right amount of current flowing through the 
circuit. 


Now let’s power a standard LED with a protective resistor so the LED doesn’t burn out. We just 
calculated that to power an LED witha 9 V battery, you need a resistor of 350 Q. 


But as I explained in “Resistor Color Codes” on page 70, standard resistor values aren’t always 
exactly the resistance you need. If you buy a 350 Q resistor, it isn’t necessarily 350 Q, but maybe 370 
O. And not all resistance values are even available. For a resistor in an LED circuit, having the exact 
value isn’t important. That’s fortunate because you won’t find any 350 Q resistors in standard resistor 
packs. Instead, you can use a 330 Q resistor, which is a standard value that’s easier to find. 


Shopping List 


9V battery clip 9 V battery 


LED 


» A standard 9 V battery to power the circuit. 
» A9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 
» A standard LED (Jameco #333973, Bitsbox #OP002) 


» A 330 Q resistor (Jameco #661386, Bitsbox #CR25330R for just this value or Jameco #2217511, 
Bitsbox #K017 for a variety pack) for limiting the current to the LED. 


Step 1: Twist the Resistor and LED 


First, connect the short leg, or the cathode, of the LED to one side of the resistor. It doesn’t matter 
which side of the resistor you connect; just twist the resistor leg around the LED leg. 


Step 2: Wire the Battery Clip 


Twist the battery clip’s red wire onto the long leg of the LED. Then twist the black wire to the 
uncomnected side of the resistor. 


Step 3: Let There Be Light! 
Now, plug your battery into the clip, and your LED should glow! 
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Step 4: What If the LED Doesn't Work”? 


If your LED doesn’t turn on, first disconnect the battery and make sure you’ ve connected the 
components exactly as I described in Steps | through 3. Having someone else review your wiring can 
be helpful, too; ask a parent, sibling, or friend to look it over. 


If your connections look right and the LED 1s still dark, then double-check the LED’s orientation; 
just about anyone who’s ever built an electronics project has connected an LED backward at least 
once. The long leg is the anode, and in this project, it should connect to the positive side of the 
battery. 


BUILDING CIRCUITS ON A BREADBOARD 


Up to now, you’ve connected circuits with tape or by twisting component legs together, but this isn’t 
very practical when a circuit has more than a few components. Fortunately, a breadboard can make 
connecting components easier. Breadboards have holes that you can stick component leads into to 
create circuits. When you’re done, you can just unplug all the components and reuse them in different 
projects! 


How to Connect Components and Wires 


Inside a breadboard, metal plates connect the holes you see on the outside in a certain pattern. Let’ s 
look at a breadboard with four connection areas—two supply areas and two component areas. 


In the supply areas on both sides, all the holes in each column are connected. Yov’ ll typically plug 
the positive side of your circuit’s power supply—like the batteries you’ ve used so far—ainto the red 
columns, and yov’ ll typically plug the negative side of the power supply into the blue columns. 
Throughout this book, Pll refer to the supply column marked with a red line as the positive supply 
column, and [Il refer to the supply column marked with a blue line as the negative supply column. 


left left right right 
supply component component supply 
area area area area 
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In the component areas, all the holes in each row are connected, and the columns are not 
connected. The left and right component areas are separated so that there’s no connection between 
them. For example, holes A, B, C, D, and E in row 1 are connected, and holes F, G, H, I, and J in row 
l are connected, but holes E and F in row 1 are not connected. 


To plug a component into a breadboard, simply push it into the hole where you want the 
connection. For example, 1f you wanted to connect one side of a resistor to the positive side of an 
LED, you'd just insert both the leg from the resistor and the leg from the LED into two holes on the 
same row in the left or right component area. If you have two component legs or wires that shouldn’t 
connect, just make sure they are either on different rows 1n the component area or on opposite sides of 
the component area. 


Wires to Use on a Breadboard 


Eventually, you want to connect one row on your breadboard with a different row. You can use a 
wire to make that connection, but not all wires work well on a breadboard. The wire has to be stiff 
enough that you can push it into the hole without it bending, and it has to be thick enough to fit all the 
way inside the breadboard hole without falling out. Single-strand wires are the best wires for 
building circuits on a breadboard because they have one solid core inside, instead of many tiny wires 
wrapped together. The thickness of wire you need depends on your breadboard, but wires with 
0.016- to 0.028-inch diameters should work. Wire thickness is often given in American wire gauge 
(AWG), and I recommend using wire that is 21 to 26 AWG. You can buy wires that are cut and 
stripped for simple use with breadboards, or you can cut and strip your own wires using a wire 
cutter. 


Another option is to use breadboard jumper wires. These wires have stiff ends that are very easy 


to connect to a breadboard. If you plan to connect a lot of circuits on a breadboard (you should!), 
keep a bunch of breadboard jumper wires on hand to make your life easier. 


Let’s connect a simple circuit on a breadboard! Just as in “Project #8: Powering an LED” on page 78, 
this circuit lights up an LED, but this time we’ll build the circuit on a breadboard. In this project, 
we're not going to use the supply rails on the side because the circuit is so simple that it makes more 
sense just to connect it all on the component area. 
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Shopping List 
» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 


» A standard 9 V battery to power the circuit. 
» A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 
» A standard LED (Jameco #34761, Bitsbox #OP003). 


» A 330 Q resistor (Jameco #661386, Bitsbox #CR25330R for just this value or Jameco #2217511, 
Bitsbox #K017 for a variety pack) for limiting the current to the LED. 


9 V battery 


330 A resistor 


Step 1: Place the Resistor 


First, place one leg of the resistor in row 1 and the other in row 8. 


Step 2: Place the LED 


Remember, LEDs are polarized, and they must be connected the right way to work. Connect the long 
leg of the LED to row 8, where the resistor leg 1s connected. Because the resistor and LED legs are 
on the same row, they’re now connected. Connect the other leg of the LED to row 10. 


probe, 
y“ 
ea” 


esse?” 


tt 
ru 


Step 3: Place the Battery Clip 


Now, connect the battery to the LED and resistor. Connect the battery clip with the red wire at row 1 
and the black wire at row 10. Plug your battery into the clip, and your LED should light up! 
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Step 4: What If the LED Doesn’t Work? 


If your LED doesn’t glow, first disconnect the battery. You should always disconnect the battery 
when making changes to your circuit. Then, check whether the short leg of the LED is connected to the 
negative side ofthe battery. 


If your LED is still not working once it’s oriented correctly, check that your components are 


connected exactly as described in Steps | through 3. Are the long leg of the LED and one of your 
resistor’s legs in row 87 Is the positive battery lead 1n the same row as the other resistor leg? Is the 
negative battery lead in row 10 with the short LED leg? Ask someone else to have a look at your 
circuit, too; maybe they can help you find the problem. 


WHAT”S NEXT? 


In this chapter, you’ ve learned about two very common components: the resistor and the LED. 
Y ou also learned how to use Ohm’s law to calculate resistance, current, and voltage values. This 
knowledge will form the foundation for many aspects of electronics that you’ll explore throughout 
this book. 

You also learned to use a breadboard, which is a useful skill. To practice placing circuits on a 
breadboard, try building one of the projects you did earlier in this book without tape! How would 
you re-create “Project #2: Intruder Alarm” on page 11 ona breadboard? 


In the next chapter, you’ ll learn about two more components: the capacitor and the relay. Then, 
Pll show you how to build one of my favorite circuits—a circuit that blinks a light! 
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5 
BLINKING A LIGHT FOR THE FIRST 
TIME 


When I was a kid, one of my very first electronics projects was making a light blink. It was amazing 
to see the circuit work for the first time, and now I want to share that experience with you. In this 
chapter, you’ll learn how the capacitor and the relay work. These are two common and very 
interesting electronics components, and I'll show you how to have some fun with them. At the end, 
you Il build your very own blinking light! 


MEET THE CAPACITOR 


The capacitor 1s like a rechargeable battery; you can charge a capacitor and use its energy to power 
something. But a battery can hold much more energy than a capacitor. A battery can power an LED for 
days without recharging, while most capacitors can power one for only a few seconds at most. 


NS 


nonpolarized 
a capacitor 
polarized 
capacitor 


a 


Capacitors are often used to introduce time delays in a circuit. For example, because a capacitor 
stores energy, it could be used to keep an LED on for a bit more time, even after the power is shut off. 
This little trick can be used with other components, too, to create interesting results. 


How Capacitors Work 


On the inside, capacitors are very simple devices. They’re made of two metal plates placed very 
close together, with a material such as paper in between. To save space, the metal plates and the 
material between them are folded or rolled into a compact package. 


ZA _-- Material to 
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When you connect a battery to the two sides of a capacitor, a current flows as the battery tries to 
push electrons through the capacitor. But electrons can’t flow across the gap between the plates, so 
instead, electrons build up on one plate and leave the other plate. Eventually, one plate can’t hold 
anymore electrons, and the current stops flowing; at that point, we say that the capacitor 1s fully 
charged. 


But just like the electrons in a battery, the electrons in the capacitor don’t like being crowded 
together on the one plate. They want to go over to the side with fewer electrons. This means you have 
stored potential energy in your capacitor. If you disconnect the battery and connect, for example, a 
resistor between both sides of the capacitor, the stored electrons on one plate will start flowing the 
other way around, through the resistor, in order to reach the plate with few electrons. 


Polarized and Nonpolarized Capacitors 


Capacitors can be either polarized or nonpolarized. Like an LED, a polarized capacitor has a 
positive and a negative leg, and its positive leg must always face the positive terminal of the battery. 
The black capacitor shown in the photo is polarized, and its negative leg is marked with a stripe and 
minus signs down the side. The yellow capacitor isn’t polarized, so it doesn’t matter which leg goes 
where. 


WARNING 


Take care when you use polarized capacitors for the projects in this book and in your own 
projects. You must connect them the correct way to prevent them from being damaged. 


In all circuits that call for a capacitor, you can use a nonpolarized capacitor as long as you can 
find one with the right capacitance. Capacitance is measured in farads (F), and the more capacitance 
a capacitor has, the more energy it can store. Nonpolarized capacitors with large capacitances aren’t 
made because they’d have to be physically very large. Polarized capacitors are able to hold more 
energy in a smaller space, but they have the disadvantage of needing to be connected the correct way 
around. 


When building circuits with high capacitance values, you’ll be using polarized capacitors. Always 
make sure the positive leg of any polarized capacitor 1s connected closest to the positive side of the 
battery. 


Capacitor Values 


The capacitors you”1l use in this book will have capacitances in the uF (microfarad), nF (nanofarad), 
or pF (picofarad) range. Capacitances tend to be very small, and they’re often written with the micro, 
nano, and pico prefixes, which are defined as follows: 


>» u (micro) means millionth, so 1,000,000 uF = 1F 
» n (nano) means billionth, so 1,000,000,000 nF = 1F 
» p (pico) means trillionth, so 1,000,000,000,000 pF = 1F 


Polarized capacitors are big enough to have their values written on them. Nonpolarized 
capacitors, on the other hand, are a bit trickier. They’re usually really small, so they tend to have 
cryptic codes like 704 or 202. I always forget what they mean, so when I need to figure out what a 
certain code means, I just look it up in a table. You can find a table of common codes in “Capacitor 
Codes” on page 283. 


But like most things, capacitors are much more interesting to play with than to read about. Build 
the next project, and you’ll see for yourself how a capacitor works. 


This project demonstrates that a capacitor stores energy. It’s nearly the same circuit you built in 
“Project #9: Your First Breadboard Circuit’ on page 84, but this time, you’re going to add a 
capacitor. When you remove the battery from the circuit, as shown here, you’ ll see that the LED 
remains lit for a second or two. That’s because the capacitor is powering the LED using its stored 
energy. 


A O O # a # 
A oe oe E 
i ë 2 ë © $ a E j Ë 

_ O & © @ 


E ë #8 ë Ë E a ë ë Ë 
* E # a a * a & a t 


Shopping List 


ir Pa.. a A h par ae — a 


- OV battery ’ 


9 V battery clip > LED 
| NS : a breadboard 
l A aPN 
: IDOO uF 
Pi capacitor 


330 


(2 resistor 


» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 

» A standard 9 V battery to power the circuit. 

» A 9 V battery clip (Jameco #11280, Bitsbox FBATO33) to connect the battery to the circuit. 

» A standard LED (Jameco #34761, Bitsbox #OP003) 

» A 330 © resistor (Jameco #661386, Bitsbox #CR25330R) for limiting the current to the LED. 
» A polarized 1000 uF capacitor (Jameco #158298, Bitsbox #EC1KU25) 


Step 1: Start with the LED Circuit 


Follow the instructions from “Project #9: Your First Breadboard Circuit” on page 84, making sure 
you end up with a working circuit that lights an LED. Then, disconnect the battery and move on to the 
next step. 


Step 2: Add the Capacitor 


Connect your capacitor to the battery. Because the capacitor 1s polarized, place the pin marked with a 
minus sign or a zero 1n the same breadboard row as the battery’s negative leg. Connect the other leg 
to the same row as the battery’s positive leg, as shown. 


Step 3: Charge the Capacitor 


Connect the battery to the clip, and the LED should light up. At the same time, the battery should have 
very quickly charged the capacitor. 


Step 4: Use the Capacitor to Light the LED 


Watch the LED while removing the battery. The LED shouldn’t turn off right away when you 
disconnect the battery. Instead, 1t should stay lit for a second or so and then fade out slowly until 
there’s no more energy left in the capacitor. 


Step 5: What If the Circuit Doesn’t Work? 


First, check whether the circuit works without the capacitor. If not, then go back to Step 1 and get the 
LED circuit working before you move forward. 

If the LED lights up with the battery connected but turns off the instant you remove the battery, then 
something is wrong with the capacitor part of your circuit. Check that the capacitor’s positive leg is 
connected to the positive battery leg (row 1 in the photo) and that the other leg is connected to the 
negative battery leg (row 10 in the photo). 

If the circuit looks correct, confirm that the capacitor value is at least 1000 uF; the value should 
be written on the capacitor. If it’s less than 1000 uF, try a bigger capacitor. 


DESCRIBING CIRCUITS WITH SYMBOLS 


So far, you’ve built circuits with only a few components. To build more interesting electronics 
projects, you usually need more components. But drawing out every component in a big circuit 
exactly as it looks in real life can be messy and time-consuming. This is where circuit diagrams, also 
called schematics, come to the rescue. 


In a circuit diagram, each component has 1ts own simple symbol, which lets you draw the whole 


circuit quickly. As with words and books, until you know what the different symbols mean, a circuit 
diagram might look a bit complex. Let’s jump right in and learn a few symbols! Here’s a circuit with 
an LED, a resistor, and a battery, alongside its circuit diagram: 
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The battery symbol has a + sign to tell you where the positive leg goes. Sometimes you’ ll see the 
battery symbol without the plus sign; in that case, the positive side is the one with the longest line. 


NOTE 


The battery symbol may be drawn with two lines, with four lines, and sometimes with even 


more lines. Regardless of the number of lines, just look for the specified voltage and use a 
battery with the same voltage. 


The switch symbol is very simple, and 1t doesn’t matter which way you draw it. In the LED 
symbol, the line on the point of the triangle indicates the negative side of the LED, or the cathode. 
Check that against the “real-life” version, and you can see that the LED’s positive leg is indeed 
connected to the resistor in both diagrams. The resistor, on the other hand, isn’t polarized, so its 
symbol doesn’t have any directional markers. There are both polarized and nonpolarized capacitor 
symbols, but our example shows the polarized version, which has the positive side marked with a + 
sign. Look at both the circuit and the circuit diagram again—do you agree that they are the same? 


Once you learn how to build something just by looking at a circuit diagram, a whole new world 
will open up for you. You can find circuit diagrams for almost anything on the Internet these days, like 
radios, MP3 players, walkie-talkies, or whatever you want to build! P11 teach you more circuit 
symbols throughout this book as we use more components. 


MEET THE RELAY 


I was a very curious child, and I always wondered how things worked. To me, electronics devices 
like the radio or the television were just magical. I had no idea how they worked, and I didn’t believe 
Pd ever understand how to make one. 

But one day, I asked my dad how it was possible to blink a light automatically. I thought that if I 
could only understand that, I’d be able to understand more. Fortunately, my dad was an engineer, and 
he was also good at explaining things in a practical way. When I asked him how to blink a light, he 


introduced me to a relay, like the one shown here. 


Chapter 1 described how you can use switches to turn things on and off. Chapter 2 showed you 
how to use an electromagnet to move things. Imagine combining the electromagnet with a switch: 
instead of pushing a button to change the switch’s position, you add an electromagnet that can change 
the switch position for you. That’s the idea behind the relay, and this illustration shows how it works: 


electromagnet is OFF 


battery not connected 


normally open 


normally closed [O 


qwiteh ig OFF 


electromagnet ig ON 


lend el battery connected 
eleciromagne 
pulle switeh up 


normally open 


normally closed 


switeh ig ON 


The white dots represent the relay’s pins. Notice that the connections are labeled common pin, 
normally closed, and normally open. These labels are defined as follows: 


Common pin (COM) Connected to either NC or NO 
Normally closed (NC) Connected to COM when coil is off 


Normally open (NO) Connected to COM when coil is on 


When the battery isn’t connected to the relay coil, the electromagnet doesn’t pull, and COM from 
the switch is connected to NC. But when you connect the battery to the relay coil, the electromagnet 
turns on, and the switch is pulled so that COM gets connected to NO instead. You can connect or 
disconnect a battery from the electromagnet to change the position of the switch! 


Using the Relay to Blink a Light 


If you were to connect a relay to a battery so that the electromagnet connects to the battery through the 
relay’s COM and NC switch contacts, the electromagnet would turn on and off continuously. Here’s 
an example relay circuit that’s also connected to a light bulb: 


| q 


An | 
F O(N) S23 H 
f a a AA i EF Pine ai | 
= Y Y z 
| ¡al |. 


electromagnet 
turne on and off | 


awiteh moves | 
up and down | 


Before you connect the battery in this circuit, the electromagnet would be off, leaving the COM 
and NC switch contacts connected. With the battery connected to the circuit, the electromagnet would 
receive power from the battery through the switch. This means it’d pull the switch and connect COM 
and NO instead, giving the light bulb power from the battery. 


But with the switch in this position, the battery would no longer be connected to the coil, and the 
electromagnet would lose its power. When the electromagnet has no power, the switch falls back to 
its original position, disconnecting the battery from the light bulb. The battery would power the 
electromagnet again, and the process I just described would repeat. 

In this example, it seems like you’d get a blinking light, right? In theory, yes. But the relay would 
switch on and off so fast you wouldn’t see the light turn on and off properly! Instead, you’d hear a 
really fast ticking sound as the relay switched back and forth, but the light would appear to stay dark. 


Slowing Down the Blinking 


To build a circuit that lets you actually see the light blink, you need to slow down the relay. The 
capacitor can help with this. In “Project #10: Test a Capacitor” on page 92, adding a capacitor to the 
LED circuit made the LED stay on for a short time after the battery was disconnected. If you 
connected a capacitor across the electromagnet in our too-fast blinking-light circuit, the electromagnet 


would stay on for a bit, too. 


But the electromagnet wouldn't stay off for long, so in this case, the light would appear to be on 
all the time. To make it stay off longer, you’d need to slow down the charging of the capacitor so it 
wouldn't jump back to fully charged as soon as it discharged. To do this, you could reduce the amount 
of current flowing into the capacitor. And how do you reduce the amount of current? With a resistor! 
To blink an LED light with a relay, you’d use a circuit like this one, which we’re going to build next: 


It’s time for you to build your first blinking light by flashing an LED. Here’s the complete circuit 
diagram—do you recognize the components? 
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When connecting a circuit, it’s helpful to connect 1t in a way that looks like the circuit diagram. 
That makes it easier to find out what’s wrong if your circuit isn’t working later—and you'll often find 
that your circuit doesn’t work on the first try. Tracking down errors and figuring out how to fix them 
is part of the game! 
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» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 


» Breadboard jumper wires (Jameco #2237044, Bitsbox #CN236) for making easy connections. 
(Standard hookup wire works, too.) 


» A standard 9 V battery to power the circuit. 

> A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 

» A DPDT or SPDT relay (Jameco #842996, Bitsbox #S W073) with a 5 V, 6 V, or 9 V coil. 

» A standard LED (Jameco #34761, Bitsbox #OP003) 

» A polarized 1000 uF capacitor (Jameco #158298, Bitsbox #EC1KU25) 

» A 100 Q resistor (Jameco #690620, Bitsbox #CR25100R) for limiting the current to the capacitor. 
» A 330 Q resistor (Jameco #661386, Bitsbox #CR25330R) for limiting the current to the LED. 


Step 1: Identify the Relay Pins 


Not knowing which pin on the relay is which 1s the biggest source of error when building this circuit, 
so let’s look at these pins now. To find the function of each pin, look up the datasheet for your relay. 
A datasheet 1s a document that tells you how an electrical component works. For a relay, it should say 
what voltage you need for the electromagnet coil, how much current you can run through the contacts, 
and so on. You should be able to find a link to the datasheet on the product page where you bought 
your relay. 


For the relay I recommend, the pins are placed as shown here: 


relay 


This type of diagram is called a pinout, and it shows the function of each pin. The view is from 
above with the pins out of sight below the plastic case of the relay. I suggest drawing the pinout on a 
piece of paper and keeping it on your desk while you connect the circuit so you can check it 
repeatedly and make sure you’re connecting it the right way. 


In this relay, pins 1 and 8 are for the electromagnet coil—you can identify these pins by the line at 
the top. When you look at the real relay with the line at the top, the pins should be in the same places 
as in the pinout. 

The pinout also shows that there are two switches inside. Pins 2 to 4 make up one switch, and pins 
5 to 7 make up the other. Don’t worry about memorizing the relay pins, though. You can always refer 
to the pinout 1f you get stuck, and I encourage you to do so whenever you need to. Also, different relay 


types can have different pinouts. 


Step 2: Make the Relay Switch Fast 


First, let’s connect the relay so that 1t switches on and off automatically. Place the relay in the middle 
of your breadboard, centered over the notch, with one side in each component area. This way, no pin 
should be connected to any other pins. 

Plug your battery clip’s positive leg into the positive supply column on the left, and plug the 
negative leg into the negative supply column on the same side. Connect a jumper wire from the 
negative supply column to the same row as the right coil pin (pin 8), shown as row 9 this diagram: 


Next, connect a wire from the plus column on the left to the relay’s common switch pin (pin 2). In 
this diagram, the common pin is in row 12, column B. Then, connect a wire from pin 3 on the relay 
(the NC pin) to the coil pin (pin 1); this is the yellow wire going from row 14 to row 9 in column B in 
the diagram. Connect the 9 V battery, and you should hear a really fast ticking. This 1s the relay 
turning on and off. Disconnect the battery for now. 


Step 3: Make the Relay Stay On Longer 


The next step is to slow down the relay by placing a capacitor across the coil of the electromagnet. 
Connect the capacitor as shown here: 


In the diagram, I’ve connected the negative capacitor leg to pin 8 on the relay by plugging it into 
row 9, column H and connecting the positive leg to pin 1 on the relay at row 9, column D. Whichever 
holes you use, just make sure you connect the capacitor’s negative leg to the same relay pin as the one 
you connected the negative supply to. The negative capacitor leg 1s usually marked with a stripe, a 
zero, Or a minus sign. 


Connect the battery to test your circuit. You’ ll know it’s working if you hear the telltale ticking 
sound. The ticking should be much slower now, which means that the relay is staying on for a longer 
time. But in the instant the relay is turned off, the capacitor should charge again, leaving the relay off 
for only a fraction of a second. You'll fix that in the next step, so disconnect the battery again now. 


Step 4: Make the Relay Stay Off Longer 


Let’s add a resistor before the capacitor to reduce the amount of current that flows and force the 
capacitor to take more time to charge. To do this, simply replace the wire between pins 1 and 3 on the 
relay (the yellow wire connected to rows 9 and 14 1n my diagrams) with a resistor of about 100 Q as 
shown here: 


Connect the battery to test it. The relay should stay off a bit longer now, and you”1l recognize this 
by the “tick-tock” sound of the relay. 


Step 5: Add the LED and Resistor 


Disconnect the battery and add the LED and the 330 Q resistor to the circuit. Connect the long leg of 
the LED to the NO pin of the relay (pin 4). My LED’s long leg is connected to row 16, because the 
NO pin is plugged into that row. Connect the other leg to an unconnected row below, such as row 19. 
Connect the resistor from the same row to the negative column on the supply side. 


Your breadboard should look something like this: 


Compare this to the circuit diagram at the beginning of the project to see how the symbols match. 
Now, connect the battery and watch the light blink! 


Step 6: What If the LED Won’t Blink? 


If you can’t get the LED to blink, go back to Step 1 and check your work through to Step 4. This 
should give you a relay that turns on and off automatically. If that works, then you should be able to 
connect the LED and resistor to have a working circuit. 

If the LED still doesn’t blink, confirm you’ ve connected it according to the diagrams. Still no 
luck? Remove the LED and the resistor from the circuit, and then connect only these two to the battery 
until you can make the LED light up. (Follow the instructions in “Project #9: Your First Breadboard 
Circuit” on page 84.) If you can’t make the LED light, then your LED may be broken or your resistor 
may be the wrong value. 


TRY IT OUT: MAKE YOUR INTRUDER ALARM MORE 
EFFECTIVE 


Try connecting a relay to the Intruder Alarm you built in Project #2 on page 11 so that when 
someone tries to enter a room, they can’t turn off the alarm by closing the door. When your relay 
is triggered by a switch, it should stay on. This diagram shows how you can connect the relay 
(shown in blue) to the rest of the circuit (shown in black). When the alarm is triggered, the beep 
will continue to sound until you disconnect the battery. 


+ door gwitch 


battery 


buzzer 


WHAT'S NEXT? 


You’ve come a long way in this chapter! So far, you've learned how four common components in 
electronics work (resistors, LEDs, capacitors, and relays), you've connected a few circuits on a 
breadboard, and you’ ve even made your own project that blinks a light. Hopefully, you 


understand why the light blinks, too. 


You've already connected a few circuits on a breadboard, which is a useful skill when you 
want to test a circuit or build simple prototypes. But when you want a circuit’s components to 
stick together forever, you need to solder them, and P11 show you how in the next chapter. 
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6 
LET”S SOLDER! 


In Chapter 5, you used a breadboard to build new circuits. A breadboard lets you quickly test new 
ideas and experiment with different components to see the result, but it isn’t a permanent solution. 
Components can easily fall out, and there can be loose wires all over the breadboard. When you want 
to use a circuit for a long time without changing it, it’s better to solder the circuit to a circuit board. 
Soldering 1s kind of like gluing: you melt a material called so/der onto the component legs so the 
components stick to the circuit board. A circuit board has holes like a breadboard, and when you 
solder components to it, they become connected by plates of copper. 

This chapter will teach you how to solder, starting with a simple LED circuit. This will give you 
the foundation you need to solder your own circuits later. After you’ve practiced the basics in this 
chapter, you”11 continue soldering in Chapter 7 to build a touch-enabled switch and a circuit that 
wakes you up when the sun rises in the morning. 


HOW TO SOLDER 


To solder a circuit, you need a few tools: 


» Solder 

» A soldering iron 

» A stand to hold the soldering iron 
» A damp sponge 

» Safety goggles 


Solder is a mix of metals that can easily melt at high temperatures. The most commonly used 
solder melts at around 360 to 370 degrees Fahrenheit. 
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A soldering iron 1s a pen-shaped tool that heats up to a temperature high enough to melt solder. If 
you put solder on the tip of the soldering iron, the solder melts. 


soldering iron 


Soldering is quite easy once you learn the basics, and one important basic step is to take a few 
safety precautions. 


Soldering Safety Tips 


Soldering irons get extremely hot, and you can burn yourself if you touch the metal part of a soldering 
iron while it’s plugged in. Always return the soldering iron to its stand when you’ re not using it; 
never lay it directly on a surface. Avoid touching joints (soldered connections) and components for a 
few seconds after you solder them, too. They can get hot enough to burn. 


Here are some other important safety tips to keep in mind while soldering: 
» Keep the hot parts of the soldering iron away from the power cord. 
» If youre soldering on a table, protect the surface with a piece of wood or some thick cardboard. 


» Always wash your hands after handling solder. 


» If you do get burned, don’t panic. For a minor burn, immediately cool the burn with running cold 
water, keeping the burned area under water for at least five minutes. Putting ice on a burn is good, 
too, but make sure to do the initial cooling with water right away. 


Ask an adult to supervise your first few attempts at soldering, and remember: soldering 1s fun, but 
soldering irons must still be used with great care. With those tips in mind, read the rest of this section 
for a step-by-step guide to basic soldering. 


Heat the Soldering Iron 


The first step of soldering is to plug in your soldering iron and place it on your stand. Don’t forget to 
put on your safety goggles! 


After a minute or two, check whether the iron is hot enough by touching some solder to the tip of 
the iron. If the solder melts, your iron 1s ready to go. 


Clean the Soldering Iron Tip 


Touch the tip of your soldering iron to a damp sponge to clean it. A clean tip transfers heat much 
better than a dirty one, so clean the tip often. 


Tin the Soldering Iron Tip 


Here’s a little trick: to heat the joint faster, add a bit of solder to the tip of the soldering iron just 
before you start soldering. This is called tinning. This must be done just a second or two before 
soldering to be effective. 


Heat Both the Pin and the Pad 


Place the tip of the soldering iron onto both the component leg and the copper strip. Heat the strip and 
leg for a couple of seconds before you move on to the next step. 


Add Solder 


While keeping the soldering iron tip on the joint, touch some solder to the leg and the copper strip. As 
the solder melts, slowly add more until there’s just enough to coat both the leg you’re soldering and 
the copper strip you want to connect it to. When you have enough melted solder, remove the solder 
wire from the joint while still keeping the soldering iron tip on the joint. 


Remove the Soldering Iron 


Finally, remove the soldering iron tip from the joint and place the iron in 1ts stand. Always do this 
last. If you remove the iron while the solder wire 1s touching the solder joint, the solder wire may get 
stuck to the circuit board when the solder joint hardens. 


Your solder joint should have a cone shape. 


If you’re done soldering, then unplug the iron so it can cool down. 


Watch Out for Bad Solder Joints! 


It’s important to heat both the component leg and the copper strip with the iron before touching solder 
to either. When you heat only the component leg and not the copper strip, the solder sticks to the leg, 
but there’s no connection between the solder and the copper strip. If only the strip 1s heated, the 
solder will stick to the strip, but not the leg. It could look like a good soldering joint from a distance, 
but the solder probably won’t be connected to the leg. 


You must also make sure the solder doesn’t float over to another copper strip next to 1t. This will 
create an unintended connection between the two strips. 


/ Vo A \ 
good solder solder solder 
solder joint only only connecting 
on leg onstrip two strips 
If your solder joint doesn’t look right, don’t worry. Just reheat the joint, the component leg, and the 


copper strip and add more solder to achieve the cone shape of a good solder joint. Then, you should 
be good to go. 


Now, let’s get soldering! In this project, you’ ll solder the resistor and LED circuit from “Project #8: 
Powering an LED” on page 78 to a circuit board. The battery should make current flow 1n the circuit, 
the resistor should make sure there isn’t too much current, and the LED should light up. 


LED pegistor AA ete 
(green) 2330 N0 LED 
AVÁ (green) resistor 
3350 2. 


battery 


t OV 
battery 
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Shopping List 


330 A resistor PA OV battery 


at Bik 


f 9 V battery clip 


circuit board 


» A standard 9 V battery to power the circuit. 

» A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 

» A circuit board (Jameco #2191488, Bitsbox #HW005) with copper strips. 

» A standard LED (Jameco #34761, Bitsbox #OP003) 

>» A 330 Q resistor (Jameco #661386, Bitsbox #CR25330R) for limiting the current to the LED. 


Tools 


soldering iron 


sponge 


stand 


por 
al a eolder wire 


wire cutter 


» A soldering iron (for example, Jameco #116572, Bitsbox #TL031) 

» A stand (for example, Jameco #36329, Bitsbox #TL032) to hold the soldering iron. 
» A roll of standard solder wire (for example, Jameco #94570, Bitsbox #HW022) 

» A wet sponge to clean the tip of the soldering iron. 


» A wire cutter (Jameco #35482, Bitsbox #TLOO8) to cut off excess legs from components. 


Step 1: Place the Components 


Look at your circuit board and get familiar with the connection pattern on it. The circuit board I 
recommend is called a prototyping board, and it’s covered with little straight strips of copper, each 
with lots of holes. Any component leads that you solder into holes that share a strip of copper will 
become electrically connected. 


Place your resistor and LED legs through the circuit board. The resistor should share a copper 
strip with the LED’s positive lead. Note that the strips shown in the figure are on the bottom side of 
the board, which is why they’re not copper colored in the picture. Anytime a project involves 
soldering to a circuit board, [”11 show shadows of the copper strips so you can see where the 
connections are underneath. 


Step 2: Bend the Component Legs 


Carefully flip your circuit board over so you can see the copper; hold the LED and resistor in place 
with a finger if needed so they don’t fall out. Then, slightly bend each component’s legs outward so 
that the LED and resistor stay in place even with the copper side up. Keep the board copper-side-up 
for now. 


HOW TO READ THE CIRCUIT BOARD ILLUSTRATIONS 


Throughout this book, you’ ll see circuit board illustrations I created in a program called Fritzing. 
These illustrations show the top side of the circuit board so you can see how the components 
look, and they show the bottom side—a slightly darker color than the top—so you can see how 
the copper strips look. 

When following my instructions, always orient your circuit board with the copper strips on the 
bottom going in the same direction shown in the illustration. If you ever get confused about how 
you should read the connections in a circuit board illustration, just refer back to this example. 


top view photo of real circuit board 


top view illugtration showing copper 
strip locations underneath 


If you want to create your own circuit illustrations with Fritzing, you can download the free, 
open source software from http://www. fritzing.org/. 


Step 3: Heat and Clean the Soldering Iron 


Your components should be in place and ready to solder, so plug in and heat up the iron now. This 
may take a few minutes. As always, check to see whether the iron 1s hot enough by touching some 
solder to the tip to see whether it melts. 

Before you start soldering, clean the tip of the soldering iron, too. Wet your sponge just a little bit 
and wring out any excess water. Then, wipe the tip of the iron on the sponge to remove any old 
solder. 


Step 4: Solder the Resistor and LED 


With the copper side of the circuit board facing up, solder each component leg to the board, as 
described in “How to Solder” on page 112. Your board should look like this: 


Step 5: Trim the Legs 


Right now, your LED and resistor have really long legs. You don’t want to leave them sticking out 
because stray metal can create unintentional paths between components. At best, that could prevent 
your circuit from working until you move the leg away from the component it shouldn’t be touching; at 
worst, an unintended connection could break a component. To prevent accidental connections, cut off 
each leg just above the solder joint. The legs could go flying when you cut them, so turn the board 
away from your eyes or wear safety goggles for protection. 


TIP 


Hold the circuit board over an empty box while you cut the legs off, to prevent the scraps from 
getting lost and to make cleanup easier. You could also rest the circuit board on a table and 
hold the leg with one hand while you clip. 


Step 6: Solder the Battery Clip 


This circuit also needs a way to connect the battery to the components, so solder the battery clip to the 
circuit board now. 


The red wire from the battery clip 1s the positive wire; connect 1t to the copper strip that connects 
only to the resistor, not the LED. The black wire 1s the negative lead, so connect it to the negative 
side of the LED. Your circuit board should now look like this: 


Step 7: Let There Be Light! 


Now, let’s test your circuit. Plug in the battery, and your LED should light up! 


Step 8: What If the Soldered LED Circuit Doesn’t Work? 


If your LED doesn’t light, check that you don’t have any unintentional connections. Is solder 
connecting two joints that shouldn’t connect? Are extra long component legs making contact? 

Next, inspect your solder joints closely. Do any of them look like the examples of bad connections 
described in “Watch Out for Bad Solder Joints!” on page 117? If so, you might need to flow a little 
more solder: warm up your iron again and try to make sure your solder joints look like little 
pyramids. 

Check the placement of the LED, too. Did you connect it correctly? Because you’ve cut off the 
excess legs, you can’t see which leg 1s longer anymore, but if you look closely at the LED, you should 
see that one side of the base of the plastic housing is flattened. This is the negative side, which should 
be connected to the battery clip’s black wire. If you’ve placed it the wrong way, here’s one quick fix: 
use your wire cutters to cut the battery clip leads, removing the clip from the circuit board. Now, 


solder the positive battery lead where the negative lead used to be, and solder the negative battery 
lead where the positive lead used to be. This works because it doesn’t matter which side of the LED 
the resistor 1s on. 


OOPS! HOW DO I REMOVE A SOLDERED 
COMPONENT? 


Sometimes, yov’ ll make mistakes when soldering. For example, what if you soldered the battery clip 
the wrong way or used a 33,000 Q resistor instead of a 330 Q one? Well, don’t worry: even the most 
experienced engineers mess up at soldering sometimes, and there’s a way to fix your circuit when it 
happens. In these cases, you need to desolder, which just means to remove the solder froma solder 
joint. 

Solder wick is a very useful tool for desoldering, and I suggest keeping some at your side any time 
you solder. The solder wick is made of braids of copper thread, so it’s also called desoldering 
braid. 
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When you place a piece of solder wick on top of a solder joint and heat both together, the solder 
should melt as usual, and the solder wick should absorb the liquid solder just as a dry cloth absorbs 
water. When you remove the solder wick, the solder should be on the wick instead of on the circuit 
board! 


Knowing how to desolder is very useful, and not just for fixing soldering mistakes. For example, 
desoldering will let you exchange a broken component in a circuit for a fresh one—or you can 
desolder a component to reuse 1t in another circuit. In this project, P11 show you how to desolder your 
battery clip from the previous project. 


Shopping List 


circuit from 
Project #12 


>» The circuit from “Project #12: Solder Your First LED Circuit” on page 118 


Tools 

» A soldering iron (for example, Jameco #116572, Bitsbox #TL031) 

» A stand (for example, Jameco #36329, Bitsbox #TL032) to hold the soldering iron. 
» A wire cutter (Jameco #35482, Bitsbox #TLOO8) to cut the solder wick. 

» Solder wick (Jameco #153462, Bitsbox #HW082) to remove the solder. 


solder wick 


wire cutter 


Step 1: Heat the Soldering Iron 


Plug 1n your soldering iron and wait for 1t to heat. To test the temperature, touch some solder wire to 
the tip; the solder will melt when the iron is warm enough. 


Step 2: Place the Solder Wick on the Solder Joint 


Lay the end of your solder wick on top of the solder joint for one battery clip wire. 


WARNING 


Solder wick can get very hot when you heat it with the soldering iron, so don't hold the metal 
part by your fingers. 


Step 3: Heat the Solder Joint and the Solder Wick 


Place the tip of the heated soldering iron on top of the solder wick, directly over the solder joint you 
want to desolder. 


After a few seconds, the solder should melt and flow onto the braid. Lift the braid from the board, 
together with the soldering iron. 


Step 4: Trim the Used Solder Wick 


Remove the braid from the joint and look at it. The braid should have solder in it. 


Much like a dirty cloth, this bit of wick 1s too dirty to use anymore. Use your wire cutter to cut off 
the piece that has solder inside. 

Now, inspect your solder joint. If there’s no solder left connecting the component leg to the circuit 
board, then you should be able to remove the wire from the hole. If not, repeat Steps 2 and 3 witha 
fresh bit of solder wick, and then repeat Step 3 until you can remove the wire. 


Step 5: Remove the Other Battery Clip Wire 


Repeat Steps 2 to 4 for the other battery clip wire, and you should be able to completely remove the 
battery clip from the circuit board. At this point, the copper side of your circuit board should look 
something like this: 


TRY IT OUT: SOLDER MORE STUFF! 


Are you itching to get some extra soldering practice? One fun way to practice 1s to buy and build 
electronics kits, which include components and a circuit board that you can solder. You can also 
find circuit diagrams online, buy the necessary components, and solder them on a prototyping 
board, just as you did 1n this chapter. 


Here are some online stores that sell both kits and components: 


> Jameco: www.jameco.com 


> Adafruit: www.adafruit.com 


WHAT”S NEXT? 


In this chapter, you learned a very useful skill: soldering. This means you can make permanent 


circuits for your projects without worrying that they”11 fall apart. And with a little practice at 
desoldering, you can take projects apart on purpose, too. 

In Chapter 7, Pll introduce you to the transistor, the photoresistor, and the potentiometer. 
These are some really exciting components that you can use to make your circuit come alive and 
respond to its surroundings. For example, P’ 11 show you how to create a circuit that tells you when 
the sun rises 1n the morning! 
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17 
CONTROLLING THINGS WITH 
ELECTRICITY 


Electronic components let you build smart things, like a lamp that turns on when it gets dark or a door 
that opens automatically when you approach it. In this chapter, you”11 learn about a new component 
that will help you build such smart objects: the transistor. 

The previous chapter showed you how to solder, and this chapter’s projects—a touch sensor and 
an alarm that wakes you up when the sun rises—will give you more chances to practice your 
soldering skills. All you need for each project is the transistor and a few additional components. 


MEET THE TRANSISTOR 


The transistor is the most important component in electronics, and if you’ve ever heard experienced 
hardware enthusiasts talk about it, you’ve probably noticed that they tend to use a lot of difficult 
words. But the transistor really isn’t hard to understand; in fact, you’ ve already used something that 
acts a lot like one! Do you remember the relay you learned about in Chapter 57 The transistor 1s 
similar to the relay in many ways: it’s like a switch that you can open and close with electricity. 
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| NPN transistor 
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NPN transistor 
symbol 


collector 
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A transistor has three legs. In a standard NPN transistor, the three legs are called emitter, base, 
and collector. You'll often see these labeled e, b, and c in circuit diagrams. You turn the transistor on 
and off—that is, you open and close the switch—with the base and emitter legs, and you connect a 
circuit that you want to control between the collector and the emitter legs. 

When you look at our example transistor with the flat side facing you, the leftmost leg 1s the 
emitter, the middle leg 1s the base, and the rightmost leg 1s the collector. But this 1s not the case for all 
transistors, so always check the datasheet for your transistor to find out which leg is which. 


Why Use a Transistor? 


If a transistor acts like a switch, then you might be wondering when you'd want to use a transistor 
instead of a switch in the first place. Well, think about a fan: 1f 1t”s hot in your room and you want to 
turn a fan on, you have to manually flip a switch. But 1f that fan were part of the right kind of circuit 
with a transistor and a few other components, you could make the fan turn on automatically when the 
temperature in your room rises above 75 degrees Fahrenheit. To make this happen, you'd need one 
circuit that could sense temperature and another circuit that could turn on a fan. 


Now, imagine a temperature-sensing circuit that gives a voltage when the temperature 1s above 75 
degrees and no voltage if the temperature is below. If you were to connect one wire from the fan to an 
NPN transistor’s collector, connect the fan’s other wire to the positive terminal of the battery, and 
connect the transistor’s emitter to the battery’s negative terminal, the transistor would control when 
the fan is switched on. 


NPN transistor 


temperature- 
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Then, you could connect the output of the temperature-sensing circuit to the controlling part of the 
transistor—that 1s, the base and emitter. In such a circuit, the fan would turn on when the temperature 
rises above 75 degrees and turn off when the temperature is less. Let’s look at how the transistor’s 
“switch” closes in the first place. 


How the Transistor Works 


When a little bit of current flows from the base of a transistor to the emitter, the transistor “closes the 
switch” so that current can also flow from the collector to the emitter. 


collector 


„it allowg 
a larger current 
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emitter 
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In Chapter 1, I explained that voltage pushes current through a circuit. For current to flow from the 
base to the emitter, there needs to be a voltage to push that current. When the current flows from the 
base to the emitter, this opens a path for the current to flow between the collector and the emitter. You 
can also control the amount of current that flows between the collector and the emitter by changing the 
current flowing from the base to the emitter. 

The specific type of transistor we’re talking about is an NPN-type bipolar junction transistor. 
This long name describes the materials inside the transistor. There’s some advanced chemistry and 
physics behind how it works, but you don’t need to know all of that to build cool circuits with a 
transistor—you just need to know what the transistor does. 

The important thing to remember for now 1s that different transistor types exist. For each transistor 
project in this book, just use the type I describe in the Shopping List sections, and your circuits will 
work just fine. And of course, when you build circuits outside this book, be sure to use the type of 
transistor specified in the circuit diagram. 


Controlling an LED with a Transistor 
Other projects in this book have used this simple LED circuit, complete with a resistor and a battery: 


LED 


9V 
L battery 


resietor 


Based on what you’ ve learned so far, what do you think would happen if you put a transistor 
between the resistor and the battery’s negative terminal? 


| transistor 


With no voltage on the transistor’s base, or the controlling pin, no current flows from the base to 
the emitter. That means no current can flow between the collector and the emitter either, and the LED 
would be off. 


But if you were to apply a small voltage to the base—for example, by connecting a small battery 
to 1t—the transistor would let current flow from the collector to the emitter, and the LED would glow. 
A transistor that allows current to pass is considered on; a transistor that doesn’t allow current to 
pass 1s considered off. The amount of voltage needed to turn an NPN transistor on is about 0.7 V, so a 
circuit like this one would allow current to pass through properly to light the LED: 


+| 


O7V -L 
battery == 


Normally, you wouldn't connect a battery to the base. Instead, you’ d connect another circuit that 
you want to control the transistor, like a light-sensing circuit that gives a small voltage when 1t detects 
light. A circuit like that would turn the transistor on and off according to the light. 


You can build a circuit like this to control LEDs and other components. In the next project, Pl 
show you how to use a transistor to turn an LED on with the touch of your finger. 


Did you know that your finger can act as a resistor? Your finger has a resistance of a few megohms 
(MO), and that’s a lot! This resistance varies, though. If your finger is sweaty, for example, the 
resistance decreases. 


In this project, you’ll use your finger as a resistor to complete a circuit that turns on an LED, 
creating a touch sensor. A sensor is a component that can measure things in the world around you, 
like light or temperature. In many cases, a sensor is a resistor that changes its value based on light 
level, temperature, or some other physical quantity you might want to know about. 


If you connect a resistor of a few megohms between the positive side of your battery and the base 
of the transistor 1n this circuit, a small current should flow through the base of the transistor to the 
emitter. This current should be large enough to turn the transistor on and let a little bit of current flow 
from collector to emitter. 


This circuit has a transistor, a resistor, an LED, and a battery, just like the one in the previous 
section. This time, instead of a separate battery, you’ ll connect the 9 V battery to the transistor’s base 
with your finger through a kind of touch pad. The touch pad will just be two exposed wires placed 
close enough together that you can touch both with your finger at the same time. 
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Notice that instead ofa 330 Q resistor with the LED that you used before, this circuit uses a 100 Q 
resistor. Often the resistance in your finger is so high that the transistor won’t turn on fully. With a 


smaller resistor, you should still get a bright LED, even 1f your finger”s resistance 1s a bit high. 


Shopping List 


pieces of wire — = circuit board 


— 


— |X 


» A standard 9 V battery to power the circuit. 

» A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 
» A circuit board (Jameco #2191488, Bitsbox #HW005) with copper strips. 

» A standard LED (Jameco #34761, Bitsbox #OP003) 


» Two pieces of exposed wire, each about 1 inch long. You could also use two legs you cut from 
components in other projects. 


» A transistor 2N3904 (Jameco #38359, Bitsbox #QD018) 
» A 100 Q resistor (Jameco #690620, Bitsbox #CR25100R) for limiting the current to the LED. 


Tools 


soldering iron 
etand 


multimeter 


A 


solder wire 


wire cutter 


» A soldering iron (for example, Jameco #116572, Bitsbox #TL031) 
» A stand (for example, Jameco #36329, Bitsbox #TL032) to hold the soldering iron. 
» Solder wire (for example, Jameco #94570, Bitsbox #HW022) 


» A multimeter (Jameco #2206061, Bitsbox FTLOS57, Rapid Electronics #55-6662) to measure 
voltages if the circuit doesn’t work. 


> A wire cutter (Jameco #35482, Bitsbox #TL008) to cut off excess legs. 


Step 1: Place Components on the Prototyping Board 


Place the LED, the resistor, and the transistor into the prototyping board as shown. Make sure a 
copper strip connects the resistor to (1) the LED’s cathode leg and (2) the transistor’s collector leg. 
Bend the legs on the copper side of the board so that the components stay in place. 
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Step 2: Check Your Component Placement 


Before soldering, look on the copper side of the board and double-check that your components are 
placed according to the directions in Step 1. Inspect the orientation of the LED and the transistor 
specifically, as these must be soldered the correct way for your circuit to work. 


Step 3: Solder the Components and Trim Excess Legs 


Solder the components to the board, just as you learned in “How to Solder” on page 112, and then use 
your wire cutters to cut off the excess legs. Wear your safety goggles and take care to turn the board 
away from yourself in case bits of wire fly off as you cut. 


Step 4: Solder the Touch Pad 


Next, solder the two pieces of exposed wire. Connect one wire to the LED’s anode leg, with the other 
end on an empty copper strip. Connect the other wire to the base of the transistor, also with the other 
end on an empty copper strip. Solder them in such a way that you can touch both with your finger. 


Step 5: Power It Up! 
Now you need power! To finish the job, first solder the battery clip to the board, placing the red and 
black wires as shown at @. After you've soldered the battery clip, plug the battery into it at O). 


This touch-sensor circuit 1s ready to test! 


Step 6: Test the Sensor 


Touch both exposed wires at the same time with your finger. Your LED should light up. If you can’t 
see the LED glow, try turning out the light in your room; the LED might just be dim. If you still can’t 
see the LED glowing, dip your finger in water and try again, as wetting your finger reduces its 
resistance. 


WARNING 


Use only a finger to touch the exposed wires. If you use something with a very low resistance, 
like a piece of wire, you can destroy the transistor. 


Step 7: What If the Touch Sensor Doesn’t Work? 


If nothing happens when you touch the wires, start by checking the direction of your LED and your 
transistor. It’s very common to mix up the pins of these components, so go back to Step 1 and make 
sure they're connected on the prototyping board’s copper strips, according to the images. 

If the LED and the transistor are connected correctly, you can use your multimeter to measure the 
voltage between the base and the emitter of the transistor on the controller side, without touching the 
touch pad. Set your multimeter to a DC voltage range—20 V DC, for example—and then connect one 
multimeter cable to the base leg and one to the emitter leg, as shown. The multimeter should show a 
value around 0 V. Now, place your finger on the touch pad and measure the voltage again. The 
multimeter should show around 0.7 V. 
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If the controller side of the transistor is fine, check the switch side. Measure the voltage from one 
leg of the LED to the other, without touching the touch pad. You should see O V on the multimeter. 
Place your finger on the touch pad and measure again; now 1t should be around 1.7 to 2 V. 

If either multimeter measurement gives you incorrect values, then check your connections against 
the circuit diagram one more time, paying extra attention to the two exposed wires. Finally, check 
your solder joints, look for stray pieces of wire or solder bridging the gap between copper strips, and 
fix any bad connections you find. 


DIFFERENT TOUCHES? 


Try touching the two exposed wires lightly and note the brightness of the LED. Now, try pressing 
really hard. Can you see any difference? Have a friend repeat the experiment. Was the LED’s 
brightness when your friend touched the wires different from when you touched them? If so, that 
means your friend’s finger has a different resistance! 


When you press harder, the connection between the wires and your finger improves, reducing 
the resistance so it’s easier for the current to flow. 


Here’s another fun thing to try with a friend: Touch one of the wires yourself and have your 
friend touch the other. Then, hold your friend’s free hand with your free hand. Can you see the 
LED light up? Now, the current goes from the battery through both of your bodies and into the 
transistor. But don’t worry—the current is so low that it’s not dangerous and you won’t feel 
anything. 


RESISTORS THAT CAN CHANGE VALUE 


Up until now, you’ve used only resistors that have a fixed resistance, but you can also find resistors 
that have a variable resistance value, which means the resistance can change. For example, some 
resistors change value when you turn a knob, while others change their value based on the 
temperature or the amount of light. This section introduces two variable resistors: the potentiometer 
and the photoresistor. 


Meet the Potentiometer 


In Chapter 4, you learned about the standard resistor, a component that has a certain, unchangeable 
resistance. The potentiometer is also a resistor, but it has a variable resistance, and it’s often used to 
control things such as the volume of a speaker. (You know the volume control on the radio? That’s 
often a potentiometer.) A potentiometer usually has three pins and a shaft you can rotate to change the 
resistance. 
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The potentiometer symbol represents how the potentiometer works and the functions of the three 


pins. The resistance between pins 1 and 3 is a fixed resistance of a certain value. This value is equal 
to the value listed when you buy the potentiometer. If you have a 10 kQ potentiometer, for example, 
then the resistance between pins 1 and 3 will be 10 kQ. 


Pin 2 is called the wiper. It connects to the resistor somewhere between pins 1 and 3. You can 
change the position of the wiper by turning the shaft of the potentiometer. If you turn the shaft so that 
the wiper comes closer to pin 1, the resistance between pin | and the wiper gets smaller, but the 
resistance between pin 3 and the wiper becomes larger. 


Meet the Photoresistor 


A photoresistor 1s another variable resistor. Photo means light, and this component’s resistance 
changes with the amount of light shining on the top of it. Sometimes this component is also called a 
light-dependent resistor (LDR) because its value depends on light. 


Photoresistors are made of a material with some special properties. In the dark, this material has a 
high resistance, but when light shines on it, the light energizes electrons that would otherwise be 
bound in the material. Those energized electrons can flow freely through the material, reducing the 
resistance. The more light that shines on the photoresistor, the less resistance it has. 
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DIVIDING A VOLTAGE WITH RESISTORS 


When the resistance of a photoresistor or potentiometer in a circuit changes, the voltage and/or the 
current must change, too, according to Ohm’s law. (See “Introducing Ohm’s Law” on page 73 1f you 
want to walk through the math again.) If you make your variable resistor part of a circuit called a 
voltage divider, you ll get a voltage output that varies with the resistance. You can use that changing 
voltage to control another component in your circuit. Knowing how to identify voltage dividers can 
also help you understand how other circuits work. 


What Does a Voltage Divider Look Like” 


If you connect two resistors with the same resistance to each other and to the positive and negative 
sides of a battery, the voltage where your resistors meet will be half the battery voltage—for 
example, 4.5 V 1f you use a 9 V battery. This circuit is called a voltage divider. 


= PESÍator 


| resistor 


multimeter 
If you use unequal resistors instead of identical ones, you can use a voltage divider to get voltages 


anywhere from 0 V up to your battery voltage. You just need to do a little bit of math. 


Calculating the Voltage from a Voltage Divider 
Let's say you have the following circuit. What’s the output voltage (Vou) from this circuit? 


resistor RI .- 
F 330 2 
voltage in -ZZ 
Va J 9 V Ss 
resistor R2 g ` voltage out 
[ki y Vu? 
To find Vow enter the values from the circuit into the following formula: 
R2 
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1000 0 
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| 390 Q + 1000 Q 
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In this example, the output voltage is 6.77 V—roughly two-thirds of the 9 V input from the battery. 


How a Voltage Divider Can Help Measure Light 


In the beginning of this section, I mentioned that the voltage divider can help you measure light, but 
how do you do that? Just replace one resistor in the voltage divider with a photoresistor, and you’ ll 
get a circuit that outputs a voltage based on the amount of light shining on it. And by adjusting the 
other resistor in the voltage divider, you can set the circuit to give a certain voltage at a certain light 
level. Connect the output of this circuit to a transistor that controls a buzzer, and you’ ve got yourself a 
light-controlled alarm! 


It’s time to combine all the concepts you’ ve learned in this chapter into one fun project: a sunrise 
wake-up alarm! 

This circuit starts an alarm when it detects light. After you build it, you can place it in your 
window (between any curtains and the glass) when you go to bed. When the sun rises, your circuit 
should detect the light and start the alarm, leaving you with no choice but to get up and turn it off. 
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This project uses a transistor, a photoresistor, a potentiometer, and a buzzer. The photoresistor 
and the potentiometer create the voltage divider, and the output of the voltage divider 1s connected to 
the base of the transistor. The amount of light the photoresistor detects will determine whether the 
transistor is on or off. If the transistor 1s on, current should flow through the buzzer, and the buzzer 
should make sound. The potentiometer 1s there to set how much light the circuit needs before the 
alarm triggers. 


Shopping List 


== 


- photoresistor [0 k. potentiometer 
\- a’ 


N 


circuit board 


\ buzzer 


insulated wire 


= oy battery clip 


» A standard 9 V battery to power the circuit. 
» A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 
» A circuit board (Jameco #2191488, Bitsbox #HW005) with copper strips. 


» Insulated wire (Jameco #36792, Bitsbox #W106BK), about 10 inches in length. Standard hookup 
wire works fine. 


» A transistor 2N3904 (Jameco #38359, Bitsbox #QD018) 
» A 10 kQ potentiometer (Jameco #2118791, Bitsbox #VR004) 
» A photoresistor (Jameco #202454, Bitsbox #ST004) for detecting light. 


» A buzzer (Jameco #2173870, Bitsbox #ST016) that beeps. Buzzers come in both active and 
passive versions. Yov’ ll need an active buzzer that works with 9 V in this project, just like the one 
you used in “Project #2: Intruder Alarm” on page 11. 


Tools 


multimeter 


` 


eolder wire 


wire cuHer 
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» A soldering iron (for example, Jameco #116572, Bitsbox #TL031) 
» A stand (for example, Jameco #36329, Bitsbox #TL032) to hold the soldering iron. 
» Solder wire (for example, Jameco #94570, Bitsbox #HW022) 


» A multimeter (Jameco #2206061, Bitsbox #TLO57, Rapid Electronics #55-6662) to measure 
voltages if the circuit doesn’t work. 


> A wire cutter (Jameco #35482, Bitsbox #TL008) to cut off excess legs. 


Step 1: Place Components on the Prototyping Board 


Start by placing the transistor, the photoresistor, and the potentiometer on the board, as shown. Bend 
the legs of the photoresistor and transistor on the other side so that they stay in place. The top copper 
strip will be the positive battery connection, and the bottom copper strip will be the negative one. 


The diagram shows the components and the copper tracks underneath, while the photo shows what 
your board should look like in real life. 


Step 2: Solder the Components and Trim the Legs 


Check the placement of the components closely against the circuit diagram at the beginning of the 
project and the illustration in Step 1. Make sure the transistor is connected the right way and that the 
photoresistor has one leg on the same copper row as the center pin of the transistor. Each of the other 
pins, including each pin on the potentiometer, should be on a row of its own. 


When you’re sure your components are placed correctly, solder the pins to the board. 


When you're finished soldering, cut off the excess legs. 


Step 3: Add the Buzzer to the Board 


Next, solder the buzzer to the board. Place the buzzer’s positive (red) lead through a hole in the top 
copper row together with the photoresistor. Then place its negative (black) lead in the same row as 
the collector leg of the transistor. Solder both now. 


Step 4: Make the Remaining Connections with Wires 


If you compare your circuit to the circuit diagram, yov’ ll see that you’re still lacking a few 
connections to make the circuit complete. The circuit board is missing the battery clip, but to work 
when powered, the circuit also needs the following connections: 


» The base of the transistor needs to connect to the upper potentiometer pin. 
» The middle potentiometer pin needs to connect to the negative battery terminal. 


» The emitter of the transistor needs to connect to the negative battery terminal. 


To create these remaining connections, you can solder three small wires like this one to the circuit 
board as jumper wires: 


Cut a piece of wire about 2 inches long and strip about 0.3 inches of insulation from both ends. 
Removing insulation from shorter wires can be tricky, so if you’re struggling with this step, use a 
longer wire instead. When you know what length of wire you can strip most easily, prepare two more 
wires. Then, solder the three wires to make the remaining connections. 


Run one wire from the base of the transistor to the upper pin of the potentiometer. Next, connect 
the one wire from the middle pin of the potentiometer to an empty row at the bottom of the board. 


Finally, run one wire from the same row of the prototyping board, where you just connected the 
previous wire, to the row connected to the emitter of the transistor. Check that your wires match the 


1llustration and then solder them to the board. 


Step 5: Add the Battery Clip to the Board 

All that’s missing is the battery clip. Solder the battery clip’s red wire to the top copper row of the 
board. The top row should also contain the photoresistor leg and the buzzer’s red wire. Solder the 
battery clip’s black wire to the bottom row. 


Step 6: Set a Wake-Up Call 


Plug in the battery and put the circuit in an area that has the amount of light that you want to activate 
your alarm. Turn the shaft of the potentiometer until you find a position where the sound turns on and 
off with just a little nudge back and forth on the shaft. Now, turn the shaft just enough to make the 
sound turn on all the way. Place your hand over the photoresistor to block the light, and the sound 


should stop. Remove your hand, and the sound should turn on again. 


Remove the battery from the circuit and wait until you’re about to go to bed. With the lights off, 
place the circuit in your window, connect the battery, and go to sleep. When the sun rises and the light 
outside is as bright as the light you used to set your potentiometer, you’ ll be awakened by your very 
own sunrise alarm! 


Step 7: What If There’s No Sound? 


Go through the circuit component by component, preferably with a friend. Check that your prototyping 
board has every connection shown in the circuit diagram. Check that there are no short circuits, too. 
A short circuit is an unintentional connection between something in a circuit. For example, make sure 
solder joints that are close to each other aren’t actually touching. 


If all looks good, use your multimeter to measure the voltage between the base and the emitter of 
the transistor. First, turn the shaft of your potentiometer all the way to one side, measure the voltage, 
and write it down. Then, turn the potentiometer all the way to the other side and measure the voltage 
again. Your multimeter should show 0 V on one side and around 0.7 V on the other side. If it doesn’t, 
check your connections again. 


If you’re still not sure what’s wrong, turn the potentiometer all the way to one side and measure 
the voltage between the red and black buzzer wires. Then, turn the potentiometer all the way to the 
other side and measure again. You should get 0 V on one side and about 8 to 9 V on the other. 


If all else fails, check your solder joints and redo any that look like the connections might not be 
complete. And if you’ve built your circuit flawlessly, you may just have some broken components. 
Try breadboarding the project with new components, and if that works, solder those components 
instead. 


TRY IT OUT: TEMPERATURE-CONTROLLED FAN 


You can use the circuit you built in Project #15 for other things as well. For example, 1f you 
exchange the photoresistor for a thermistor, a resistor that changes resistance value based on 
temperature, the circuit will respond to temperature instead of light. 


You can also change what’s being controlled. Instead of an LED and resistor, try putting in a 
fan. Now you have a temperature-controlled fan! The circuit diagram looks like this: 
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You'll need the following parts: 


> A standard 9 V battery to power the circuit. 
>» A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 
> A circuit board (Jameco #2191488, Bitsbox #HW005) with copper strips. 


> Insulated wire (Jameco #36792, Bitsbox #W106BK), about 10 inches in length. Standard 
hookup wire works fine. 


> A 10 kQ thermistor (Jameco #207037, Bitsbox #ST021) 

> A 10 kQ potentiometer (Jameco #2118791, Bitsbox FVRO04) 
> A transistor PN2222A (Jameco #178511, Bitsbox #QD101) 

> A 12 V DC fan (Jameco #1708465, Bitsbox #AF002) 


For this circuit, l’ ve specified a different transistor. Different transistors can handle different 
amounts of current. A fan often draws much more current than the LED, so I’ve listed a transistor 
that can handle more current than the one you used previously. 


To test the circuit, first use an ice cube to cool down the thermistor and then warm it up with 
your fingers to see the fan come on. 


WHAT'S NEXT? 


In this chapter, you learned how the most important component 1n electronics—the transistor— 
works. You also learned about the potentiometer and the photoresistor, and you combined these to 
build a sunrise wake-up alarm. 


Now yov’ ve met almost all of the most common components used in electronics! And you’ ve 
gotten some practice with soldering. In the following chapters, you're going to build circuits on a 
breadboard again because it’s much easier to fix mistakes and reuse your components. If you want 
to make a permanent version of any of the circuits, just refer back to Chapter 6 on how to solder. 


In Chapter 8, you’ ll learn about integrated circuits. These are small components that contain 
circuits that have been shrunk down to fit on a tiny chip. These chips can be used to create the 


most amazing types of circuits. You’ Il see what I mean when you build your very own electronic 
instrument in Chapter 8! 
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8 
BUILDING A MUSICAL INSTRUMENT 


This chapter will show you how to create sound with electronic components! Unlike other projects 
you ve built so far, this chapter’s projects use an integrated circuit (IC), whichis a whole circuit 
that’s been shrunk down and packaged inside a tiny box. All sorts of circuits can be built as ICs, and 
most household devices are full of them. Peek inside a computer or an electronic toy, and you’re sure 
to find a few. 

To start, Pll explain what an IC is in more detail and describe how to figure out what a particular 
IC does. Then, you’ll get some practice with ICs by building a simple circuit that makes some strange 
noises. At the end of the chapter, 1”11 show you how to build your very own electronic instrument that 
you can use to play music! 


MEET THE INTEGRATED CIRCUIT 


ICs are really small circuits that are conveniently packaged into little plastic boxes, which are often 
colored black. Any given IC has metal pins sticking out of it so you can connect other components to 
the circuit inside. 
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On the inside, an IC might contain a music player circuit, a radio circuit, a remote control circuit, 
or something else entirely. Because one little IC can contain a very complicated circuit, you can use 
ICs to make circuits with many different functions without building everything from scratch. 


ICS AND DATASHEETS 


Some ICs have only 8 pins, but other ICs have more than 100! To figure out what each pin ona 
specific IC does, you need to check that IC’s datasheet, just as you did with the relay in “Project #1 1: 
Blink a Light!” on page 101. The datasheet tells you the function of each pin, and datasheets often 


show examples of how to use [Cs in a circuit, too. To find a component’s datasheet, try searching for 
the component name plus the term “datasheet” online, or check the website where you bought the 
component. 

Datasheets often have tables with lots of numbers and technical terms, so the first time you see a 
datasheet for an IC, it might look very complex. But you usually don’t need to read the whole 
datasheet. Instead, you can just look up the information you need and then go back to building your 
circuit. 


HOW TO MAKE SOUND WITH ELECTRICITY 


Sound is what you hear when air moves back and forth, or vibrates, really fast. Many devices that 
make noises, like the sound system in a car, do so with a loudspeaker, a component that vibrates air 
fast enough to make sound. 


diaphragm 


electromagnet 


A loudspeaker has an electromagnet inside that moves a diaphragm, which is a surface that pushes 
the air in front of 1t. If a circuit turns the power to the loudspeaker’s electromagnet on and off at, say, 
1,000 times per second, then the diaphragm pushes the air back and forth 1,000 times per second. 
This is called the frequency of the sound, and frequency is measured in hertz (Hz). A frequency of 
1,000 times per second, or 1,000 Hz, creates a steady beep. 


SOUNDS THAT HUMANS CAN HEAR 


Humans can hear sound only from around 20 Hz up to around 20,000 Hz. In “Project #11: Blink a 
Light!” on page 101, you built a circuit that blinked a light about once per second. If you had 
connected the output of the circuit to a speaker instead, the sound from the speaker would have a 
frequency of 1 Hz, which would be too low to hear. Instead, you would hear clicks from the speaker 
as 1t was switched on and off. 


This means that to create sound you can hear, you need to create a circuit that can turn the voltage 


to a speaker on and off hundreds or thousands of times per second! Fortunately, there’s an IC that can 
help you do just that. 


MEET THE 555 TIMER 


One classic IC 1s the 555 timer, which you can use to switch things rapidly on and off. For example, 
you could use a 555 timer to blink a light every second, or you could connect it to a loudspeaker to 
make sound. Along with the 555 timer, you’d need to add a few extra resistors and capacitors, and by 
carefully selecting the values of those components, you could control how fast the light blinks or the 
sound’s frequency. The 555 timer is very popular with hobbyists because it’s cheap and pretty easy to 
use once you learn the basics. Yov’ ll use a 555 timer IC like the one shown here for the projects in 
this chapter. 
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The datasheet for the 555 timer should tell you what each pin does. Try searching online for “555 
timer datasheet” now. When you find the datasheet and open it, you should see a pinout like this: 


ground Vaa +4.5 to I5 V) 
trigger discharge 
output threshold 

reset control voltage 


The 555 timer has eight pins. The pins of an IC are numbered counterclockwise, starting from the 
top left. (The top 1s indicated by a little notch or circle; some ICs have both.) The datasheet tells you 
the functions of each of the eight pins, but the following two pins are the most important to notice right 
now: 


Pin 1, ground This pin must be connected to the negative terminal of your battery. Circuit 


diagrams that use ICs often label the negative battery terminal in a circuit schematic “ground,” or 
GND for short. 


Pin 8, Vcc This pin must be connected to the positive side of your battery, which must be at a 


voltage between 4.5 and 15 V. This means that a 9 V battery will work fine. On some ICs, this pin 
is called Vpp instead. 


You'll find Vcc and ground pins on all ICs. They’re the first pins to learn from any datasheet 
because yov’ ll use them to power the circuit inside the IC. 

The datasheet also shows how to connect the 555 timer in a circuit, and the circuit I find the most 
interesting connects the 555 timer 1n astable mode. Astable means that something 1s continually 
changing (not stable), and in astable mode, a 555 timer switches its output on and off constantly. 
That’s perfect to blink a light or to create sound! Here’s the circuit that tells the 555 timer to turn its 
output on and off: 


resistor RI 


resistor R2 


+ 
capacitor Cl = 


not 
connected 


NOTE 


The positions of the 555 pins have been arranged to suit the diagram, they're not in the same 
order as on the IC. 


How to Set the Output Speed of the 555 Timer 


The values of R1, R2, and Cl in the circuit diagram determine how long the output pin stays high— 
meaning it outputs a voltage close to the battery voltage—and how long it stays /ow—meaning it 
outputs a voltage close to O V. The speed of the change in output, or the frequency, is the number of 
times the output goes from high to low in one second. When the 555 timer is connected in astable 
mode, as it is in the circuit diagram, the frequency of the output is controlled by resistors R1 and R2 
and capacitor Cl according to the following formula: 


(R1+R2+R2)x C1 


Frequency = 


Here, the resistor values are in ohms, and the capacitance is in farads. To find the frequency, first 
replace R1, R2, and C1 in the formula with the values of these parts and then punch the stuff on the 
right side of the equal sign into a calculator. 


Let’s try an example. Imagine a circuit with the following component values: 


» RI = 100 kQ 
»* R2 = 10 kQ 
>» Cl = 10 nF 


What is the frequency of the output? Enter these values into the formula: 


. i 1.44 
Frequency = ————— — == 
(100 kQ + 10 kQ + 10 kQ) x 10 nF 


1.44 


Frequency = ——— 
(120 kü) x 10 nF 


Now convert the units so the values are easier to multiply (120 kQ = 120,000 (2 and 10 nF = 
0.00000001 F): 


1.44 


Frequency =e _ 
120,000 Q x 0,00000001 F 


Frequency = 1,200 Hz 


According to this calculation, the output should turn on and off 1,200 times per second with those 
values. 


This project will show you how to play a sound with a frequency of about 1,200 Hz through a 
speaker. That’s pretty cool! But a 1,200 Hz sound isn’t very pleasant to listen to, and if you have any 
pets, they might appreciate the sound even less than you. In fact, when I turned on this circuit at my 
parents’ home, their dog came running to me looking very confused and a bit scared. I turned it off 
quickly and moved my experiments to a place with no pets around, and I suggest not building this 
project around your pets, either. 
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» A standard 9 V battery to power the circuit. 

» A 9 V battery clip (Jameco #11280, Bitsbox FBATO33) to connect the battery to the circuit. 
» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 


» Breadboard jumper wires (Jameco #2237044, Bitsbox #CN236) for making easy connections. 
(Standard hookup wire works, too.) 


» A 555 timer IC (Jameco #904085, Bitsbox #QU001) to create the timing. 

» A 8 Q speaker (Jameco #1954818, Bitsbox #ST063) to play the sound. 

» A 10 uF capacitor (Jameco #29891, Bitsbox #EC10U25) to connect to the speaker. 

» A 10 nF capacitor (Jameco #15229, Bitsbox FCCION) to help set the frequency of the sound. 

» A 100 kQ resistor (Jameco #691340, Bitsbox #CR25100K) to help set the frequency of the sound. 
>» A 10 kQ resistor (Jameco #691104, Bitsbox #CR2510K) to help set the frequency of the sound. 


Step 1: Place the 555 Timer on the Breadboard 


This circuit is built around the 555 timer IC, so first, place that IC in the middle of the breadboard, 
making it easy to connect all the components around it. 


NOTE 


When connecting an IC to a breadboard, always place it over the middle notch, with one set of 


pins on the left side and the other on the right side. Otherwise, any pins that share a row on the 
breadboard will be connected to each other. 


Place the IC’s notch marker toward the top of the board so that pin 1 is at the upper-left corner and 


pin 8 is at the upper-right corner, as shown. Triple-check that you’ ve oriented the chip as I describe; 
otherwise, the rest of the instructions in this project won't work. 
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Step 2: Set the Frequency 


Next, connect the resistors and capacitor that set the frequency: R1, R2, and Cl. The Cl capacitor 
isn’t polarized, so it doesn’t matter which way you connect it. Use the two vertical columns on the 
right for positive and negative: the red column for positive and the other for negative. 


Connect R1, the 100 kQ resistor, from pin 7 of the 555 timer to the positive column. Connect R2, 
the 10 kQ resistor, from pin 6 to pin 7. And connect C1, the 10 nF capacitor, from pin 6 to the 


negative column. Then, connect a jumper wire from pin 2 to pin 6 to complete the rest of the 
connections that are needed to set the frequency. 


Step 3: Connect the Speaker and Coupling Capacitor 


All the components to make the 555 timer output pin 3 turn on and off around 1,000 times per second 
should be in place on your breadboard now. If you were to connect the speaker directly to the output, 
a large current would flow through the speaker, possibly damaging both the speaker and the 555 IC. 
You could connect the speaker through a resistor to reduce the current, but using a capacitor 1s even 
better. When a capacitor is connected to an AC voltage, the capacitor acts a bit like a resistor, but if 
you connect it to a constant DC voltage, the current will be blocked. This means that there won’t be 
any current running through the speaker unless there’s actually a frequency to be played. When a 
capacitor is used like this, it’s called a coupling capacitor. 

The coupling capacitor for this project is a 10 uF polarized capacitor, so first identify which leg 
is negative. Connect the positive capacitor leg to the 555 timer’s output pin 3. Then connect the 
capacitor’s negative leg to an empty row on your breadboard. 


Next, if your speaker comes without wires, solder a wire about 6 inches long to each of the two 
contacts on the back of the speaker (ignore any + or — labels by the speaker contacts). Then, connect 


one of the speaker wires to the same row as the negative capacitor leg and the other wire to the 
negative supply column. 


Step 4: Connect the Power and Reset Pins 


Compare your breadboard to the circuit diagram at the beginning of the project, and you’ll see that 
there are a few connections missing. Once you have all of your components in place on the 
breadboard, you can make those final connections with jumper wires. Add a jumper wire for each of 
the following connections: 


» From pin 1 on the 555 timer to the negative supply column 
» From pin 8 on the 555 timer to the positive supply column 


» From pin 4 on the 555 timer to the positive supply column 


Note that there’s no connection to pin 5 of the 555 timer in this circuit. 


Step 5: Make Some Sound! 


Connect the battery clip to your supply columns on the right side of the breadboard. The red wire 
goes to the positive supply column, and the black wire goes to the negative supply column. 


When you're ready, connect the battery, and you should hear a loud beep. Congratulations: You 
just made your first electronic sound! 


Step 6: What If There’s No Sound? 


There are a lot of connections in this circuit, so 1f your circuit doesn’t work on your first attempt, 
don’t worry: that happens to everyone who plays with electronics at some point. First, disconnect the 
battery, and then check the resistor and capacitor legs. These legs are long, and they can easily end up 
in contact with each other by accident, creating a short circuit. (For example, 1f you accidentally 
connect the positive terminal of the battery directly to the negative terminal, that short-circuits the 
battery.) 


Next, check the component connections to the 555 timer. The 555 timer’s pins must connect to the 
rest of the circuit according to the circuit diagram, or the IC won’t work. When there are a lot of 
connections, it’s easy to plug a wire into the wrong row of the breadboard. 


CHECKING CONNECTIONS AS A TEAM 


Finding circuit problems is called debugging, and it’s easier to do with some help. When you get 
stuck, ask someone else to look at the circuit diagram and say the connections out loud one by one 
while you check the real connections. For example, if your friend is reading the schematic and 
you re looking at the breadboard, you might have a conversation like this: 


Friend: “The positive side of the battery 1s connected to one side of R1.” 

You: “Got it!” 

Friend: “The positive side of the battery is also connected to pins 4 and 8 of the IC.” 
You: “Got it!” 


Friend: “The other side of R1 is connected to pin 7 of the chip and to one side of the 
resistor R2.” 


If all your components appear to be oriented correctly and you see no short circuits, then check all 
your breadboard connections to make sure components that should be connected share a row. Start 
with the connection from the positive terminal of the battery on your circuit diagram. Is it connected 
on the board just as the circuit diagram shows? If yes, then move on to the next connection; keep going 
like this until you’ ve checked all the connections. 


TURNING AN ANNOYING BEEP INTO MUSIC 


The sound you created in the previous project isn’t very pleasant. So how can you turn it into music? 
Musical notes are just sound waves that vibrate at specific frequencies, and that means it’s possible 
to make an electronic instrument with the 555 timer. If you change the frequency of the signal that goes 
into the speaker, then the tone of the sound will change. You just have to find a way to change the 555 
timer’s output frequency at will, without rebuilding the circuit every time. 


Chapter 7 introduced two components that can change their resistance value: the potentiometer and 
the photoresistor. If you use one of those components to control the frequency of the 555 timer’s 
output signal, then when that component’s resistance changes, the sound will change, too. That’s how 
you ll make the instrument in the next project. 


This project shows you how to combine what you ’ve learned so far to build your very own electronic 
instrument. Specifically, you’re going to build an instrument with a button to play sound and a 
potentiometer shaft to change the tone. 


This instrument 1s like a very simple synthesizer that uses electricity to make sounds. Synthesizers 
have been used to add all kinds of bleeps, bloops, and glitchy sounds to songs since the beginning of 
the electronic music genre. This one 1s pretty basic, but it still makes plenty of fun noises. In fact, the 
circuit for this project looks very similar to the circuit from “Project #16: Make Your Own Sound 
with the 555 Timer” on page 167, but it has a few twists. 


This circuit replaces the separate R1 and R2, which the circuits in Project #16 used, with a 
potentiometer (and a protective | kQ resistor). The potentiometer acts like two resistors, meaning that 
you can effectively change the values of R1 and R2 whenever you want to change the tone you hear. 

Notice that this circuit also has a switch connected to the positive battery terminal. This switch is 
a push button, and with a switch between power and your circuit, the instrument should make a sound 
only when you push the button. 
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» A standard 9 V battery to power the circuit. 
» A 9 V battery clip (Jameco #11280, Bitsbox FBATO33) to connect the battery to the circuit. 
» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 


» Breadboard jumper wires (Jameco #2237044, Bitsbox #CN236) for making easy connections. 
(Standard hookup wire works, too.) 


» A 555 timer IC (Jameco #904085, Bitsbox #QU001) to create the timing. 

» A 8 Q speaker (Jameco #1954818, Bitsbox #ST063) to play the sound. 

» A 10 uF capacitor (Jameco #29891, Bitsbox #EC10U25) to connect to the speaker. 

» A 10 nF capacitor (Jameco #15229, Bitsbox FCCION) to help set the frequency of the sound. 
» A 100 k© potentiometer (Jameco #2161406, Bitsbox #VR006) to control the tone. 


» A 1 KQ resistor (Jameco #690865, Bitsbox #CR251K) to protect pin 7 from being connected 
directly to Vcc. 


» A push button (Jameco #119011, Bitsbox #S W087) to play tones with. 


Step 1: Connect the 555 Timer and the Capacitors 


Start by connecting the 555 timer in the middle of the board. Then, connect both capacitors. Connect 
C1, the 10 nF capacitor, from pin 6 to the negative power column. And connect C2, the 10uF 
capacitor, with its positive leg at pin 3 of the chip and the negative leg on an empty row farther down. 
When you're done, your board should look something like this: 
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Step 2: Connect Jumper Wires 


Use jumper wires to create the following connections: 


» Pin 8 to the breadboard’s positive supply column 
» Pin 4 to the breadboard’s positive supply column 
» Pin 1 to the breadboard’s negative supply column 


» Pin 2 to pin 6 
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Step 3: Connect the Note Controller and Resistor 


Next up 1s the potentiometer, which controls the note that plays. Because it takes up more space, plug 
this in at the bottom of the breadboard, as shown, and be sure each leg is in its own row. 

Connect the 1 kQ resistor from the uppermost leg of the potentiometer to an unused row away from 
the 555 IC and connect a jumper wire from this row to the positive supply. Then, connect one jumper 
wire to each of the two remaining potentiometer legs. Connect the wire on the middle potentiometer 
leg to pin 7 on the 555 timer, and connect the wire on the lower leg to pin 6 on the 555 timer. 


Step 4: Add the “On” Button 


You're almost done! Instead of wiring the battery clip directly to the positive supply column on the 
breadboard, you’re going to connect 1t through a push button, which will act as an “on” button for 
your instrument. This way, the circuit will get power from the battery only when the button is pushed 
and, therefore, make sound only when you push the button. 


The push button in the Shopping List (page 177) has four pins, but the two legs in the front are 
connected and the two pins in the back are connected. That means this button works exactly like a 
two-pin switch. When you push the button, you connect the front pair of pins with the back pair. Your 
circuit will get power and you'll hear the sound. When you release the button, the circuit loses power 
again and the sound will stop. 


push button 


Plug the push button into your breadboard over the notch in the middle. Then, use a jumper wire to 
connect one side of the push button to the breadboard’s positive supply column. Next, connect the 
positive wire from your battery clip to the other side of the push button. Finally, connect the negative 
battery clip wire to the negative supply column. 


Step 5: Add the Loudspeaker 


Connect one of the speaker wires to the same row as the negative capacitor leg and the other wire to 
the negative supply column. 
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Step 6: Play Some Music! 
Connect your battery to the battery clip and push the button. Did you hear a sound? Try turning the 
potentiometer spindle back and forth until you hear something. 

You can make a beat by pushing the button in any rhythm you like, and you can control the tone by 
turning the shaft of the potentiometer in between. Beep, baap, booop! 
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Step 7: What If the Instrument Doesn’t Work? 


Some potentiometers aren't perfectly fitted for breadboards, so start by checking whether your 
potentiometer 1s properly connected to the breadboard. Next, check that the two capacitors and the 
push button are connected according to the circuit diagram at the beginning of the project. 

There are a lot of wires on this board, so it’s easy to mix up connections. If you still aren't able to 
hear any sound, then go through all the connections on your board and check that they’re correct. I 
suggest using the process I described in “Checking Connections as a Team” on page 174. 


TRY IT OUT: MAKE A MOTION-CONTROLLED 
INSTRUMENT 


Instead of replacing both R1 and R2 with a potentiometer, try using a 1 KQ resistor for R1 and a 
photoresistor for R2, as shown in this circuit diagram. As you move your hand over the 
photoresistor, the amount of light hitting it should change, and the instrument should play different 


notes! 


you Il learn more about digital electronics in the last few chapters of this book. 
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9 
HOW CIRCUITS UNDERSTAND ONES 
AND ZEROS 


Mobile phones, computers, TVs, video game consoles, and almost all the other technology you see 
around you 1s built with digital electronics. If you’ve ever looked inside a computer, the circuits 
might seem complex, but when you break that hardware down into small pieces, it’s actually quite 
simple: every action a computer takes 1s based on whether some circuit sees a high or low voltage. 

You ve used transistors to make circuits that control things, and in this chapter, you’ll learn the 
basics of using digital electronics to make even smarter circuits. You’re going to learn a new number 
system, what bits and bytes are, and how you can use bits and bytes to create messages with 
electricity. 


ONES AND ZEROS AS VOLTAGES 


When I was 1n school, my teacher told me that computers used ones and zeros to communicate, but he 
didn’t explain it any further. I wanted to know more, so I decided to ask my dad. Because computers 
are complex machines, I assumed the way they use ones and zeros was going to be complex, too, but 
my dad told me, “In a computer, a one 1s just a wire with voltage, and a zero 1s a wire without 
voltage.” (By “without voltage,” my dad meant the voltage was zero.) 

In “How to Set the Output Speed of the 555 Timer” on page 166, I mentioned briefly that the pins 
of the 555 timer could be either high or low. The pins on the ICs in a computer work the same way: 
high is one, and low is zero. Digital circuits work by flipping the voltages on different wires between 
high and low. 


MEET THE BINARY NUMBER SYSTEM 


Normally, when you talk about numbers, you use decimal numbers, which are in the base- 10 number 
system. In base-10 numbers, a digit can have one of 10 possible values, from 0 to 9. But digital 
circuits can work with only two voltages (high and low), so they can understand only binary 
numbers. Binary 1s also called the base-2 number system, and a binary number’s digits have only two 
possible values: 0 and 1. 


Here’s how you'd count to 10 in both decimal and binary: 


Decimal number Binary number 
0 0 
l l 


2 10 
3 11 
4 100 
» 101 
6 110 
7 111 
8 1000 
9 1001 
10 1010 


What's going on here? The number 2 in decimal is 10 in binary, and 4 in decimal is 100 in binary! 


You can figure out the value of any number 1n any system using the digits and their position. The 
rightmost digit always gets multiplied by 1. Going left from there, each position’s value equals the 
base times the value of the previous position. In decimal, the base is 10, so the second position’s 
value is 10, or 10 x 1; the third position’s value is 100, or 10 x 10; the fourth position’s value is 
1000, or 10 x 100; and so on. Here’s an example: 


multiply by IO 
multiply by IDO | multiply by | 
"ne E 
1001 10x8 1x1 


100 + 80 + 1 = 181 


In the number 181, the first digit is 1, the second digit is 8, and the third digit is 1. Once you 
multiply those digits by their position values, you can add the resulting values to get 181. You don’t 
need to use this method to figure out decimal numbers, though. It’s pretty clear that 181 equals 181! 
But this method 1s very useful for finding the value of binary numbers. Binary follows the same rules, 
but it uses a base of 2 instead. 


In this project, you’re going to convert a binary number into its decimal form. Converting a number to 
a different base just means calculating that number’s value and writing it using digits in the new base. 


Tools 
» A pen or pencil to write with. 
» Paper to write on. 


» A calculator to add numbers. If you're good at doing math in your head, try this project without one. 


Step 1: Write It Down on Paper 


First, write an eight-digit binary number on paper, leaving space between the digits, both above and 
below the number. I’m going to convert the binary number 1011 0101, and I wrote it out like this: 


1090110101 


Step 2: Write the Position Values 


Next, write the value of each position above each digit. Binary works the same way as the decimal 
example, but the base is 2. That means the value for the rightmost position is 1, and to find the next 
position to the left, you’d multiply the previous position’s value by 2. For example, the second 
position’s value is 2 x 1 = 2; the third position’s value is 2 x 2 = 4; the fourth value is 4 x 2 = 8; and 
so on. Use a calculator if you don’t want to calculate it all in your head. When you write those values 
down, you should have something like this: 


position values 128 G4 232 16 


digits 10110101 


Step 3: Find the Value of Each Digit 


Look at each digit of the binary number you wrote down. If a digit is 0, write 0 below it. If the digit is 
1, write the value of that position below it. Those are the values you’ll add together to get your final 
decimal number. 


position values 128 ch 32 a. 4 2 i 
digits 1011010 1] 


values to add 128 0 32 16 0 Å O 1 


Step 4: Add the Numbers 


You should now have three rows of numbers. Add the numbers in the bottom row (you might find it 
helpful to write a + sign between each pair of numbers) to get the sum, which is the decimal value of 


your binary number. 


position values 128 64 32 16 8 4 2 4 
digite 1v lio iv i 


values to add 128 +0+ 32 +16+404+ 4+0 +1 =/181) 
a 


The binary number 1011 0101 is 181 in decimal. If you’ ve been following along with that number 
and your answer 1s different, go through the steps again and check your results against mine to find out 


where the error 1S. 


TRY IT OUT: TRANSFORM MORE BINARY NUMBERS 


To get more practice with ones and zeros, let’s bring some more binary numbers into the decimal 
world. Here are a few to try:* 
1010 
0011 1111 
1000 0000 
0011 1011 0101 


* In decimal, these binary numbers are 10, 63, 128, and 949. 


BITS AND BYTES 


Each digit in a binary number is called a bit (that’s short for binary digit), and computers handle 
numbers in blocks of eight bits called a byte. The binary number 1011 0101 has eight bits, so it’s a 


byte. You can interact with a computer in many ways, but all your mouse clicks, key presses, webcam 
videos, and so on need to be translated into bits and bytes before the computer can understand them. 

In fact, when working with computers and other digital gadgets, you usually see much, much larger 
numbers than just 1 byte. All the files on a computer are collections of bytes, but 1f you tried to 
describe their size in bytes alone, those numbers would be huge! That’s why files are usually 
described in larger units, like kilobytes* (kB), megabytes (MB), gigabytes (GB), terabytes (TB), and 
so on. Here’s what those units mean: 


1kB =1,000 bytes 

1 MB = 1,000 kB = 1,000,000 bytes 

1 GB = 1,000 MB = 1,000,000 kB = 1,000,000,000 bytes 

1 TB =1,000 GB = 1,000,000 MB = 1,000,000,000 kB = 1,000,000,000,000 bytes 


If a computer’s hard disk can hold 1 TB of data, then it can hold one trillion bytes, which is eight 
trillion ones and zeros! 


NUMBERS CAN BE ANYTHING 


Now you might be thinking, “Why on Earth would I ever need eight trillion ones and zeros 1n my 
computer?” The fact 1s, whether you use a computer to write stories, draw pictures, talk to your 
friends, play video games, or anything else, you’re actually using those ones and zeros. 


For example, how does a computer show an image on a screen? A computer screen is made ofa 
lot of small points called pixels, and each pixel can be set to a color that is a mix of red, green, and 
blue light. If you want a pixel to be the brightest yellow possible, you’d use numbers to tell the 
computer to turn that pixel’s red and green settings to full intensity and its blue setting to zero 
(because mixed red and green light looks like yellow). This way you can translate numbers into an 
image on the screen. 


In this project, yow’ ll build a pixel-color guessing game using binary values. It’s a two-player game 
where you and a friend take turns being “the computer” and “the user.” 


The person who is the computer sets the color of the pixel by pushing a combination of three 
buttons. When the computer is ready, the user must try to guess which color the pixel is. When the 
user 1s ready to make the guess, they should say the chosen color out loud and then push the color 
revealer button to show the actual color. If the user guesses correctly, they get one point and get to 
guess again. If the guess is wrong, you switch roles. The first one to reach three points wins the round. 
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Meet the RGB LED 


To create the pixel for this project, you’re going to use a red-green-blue (RGB) LED, which 
combines a red LED, a green LED, and a blue LED into one component. By turning on and off each of 
these LEDs, you can create different colors. For example, turning on only the red and green LEDs 
would give you yellow. 

There are two types of RGB LEDs: common anode and common cathode. This is what a common 
anode RGB LED looks like, along with its symbol: 


RGB LED 


RGB LEDs have four legs. You”1l use three legs to set the color, and the fourth leg is the common 
leg. In common anode RGB LEDs, the positive (anode) sides of the three LEDs are combined into 
one pin; common cathode RGBs combine the negative (cathode) sides into one pin. 

In this project, you're going to build the following circuit, which uses a common anode RGB LED 
and some buttons. 


Shopping List 


breadboard 


ROB LED 
> 


jumper wires 


push buttons 


» A standard 9 V battery to power the circuit. 
» A9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 
» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 


» Breadboard jumper wires (Jameco #2237044, Bitsbox #CN236) to easily connect parts. (Standard 
hookup wire works, too.) 


» Three 330 (2 resistors (Jameco #661386, Bitsbox #CR25330R) for limiting the current to the 
LED. 


» RGB LED with common anode (Jameco #2219567, Bitsbox #OP100) to create colors. 


» Four push buttons (Jameco #119011, Bitsbox #S W087) to set and reveal colors. 


Step 1: Place the Color Chooser’s Push Buttons 


Orient your breadboard so that the notch down the middle runs from top to bottom. Then, place three 
push buttons at the bottom of your breadboard; each should have one pair of legs on the left side of the 
notch and one pair on the right. This should leave you plenty of room to connect components on both 
sides of the buttons, and yow’ ll be able to separate the computer’s buttons from the user’s button more 
easily. With your buttons in position, connect three jumper wires from the bottom-right pin of each 


push button to the negative supply column. 
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Step 2: Connect the RGB LED 


In the middle of the board on the left, connect your RGB LED. The longest leg of the RGB LED is the 
common anode leg. Leave this unconnected for now. Connect a 330 Q resistor from each of the 
remaining LED legs to an empty row on the right side of the breadboard. From each of these three 
rows, connect a jumper wire to the top-left pin of each push button. 
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Step 3: Connect the Color Revealer Button 


Next, add the button that reveals the computer’s chosen color to the user. Place a fourth push button 
all the way at the top of the breadboard, across the middle notch. Connect a jumper wire from the 
common anode leg of the RGB LED to the top-left pin of the fourth push button. Then, connect one 
jumper wire from the bottom-right pin of this push button to the positive supply column on the right. 


Step 4: Test the Colors 


Connect the battery clip to the supply columns on the right, connect a battery, and try 1t out! Push some 
of the buttons on the bottom and then push the color revealer button to see the color. In this photo, I set 


my RGB LED to green. 


You should be able to see the following seven colors, depending on which buttons you push: 


Red Pushed (1) Not pushed (0) Not pushed (0) 


Green Not pushed (0) Pushed (1) Not pushed (0) 
Blue Not pushed (0) Not pushed (0) Pushed (1) 
Yellow Pushed (1) Pushed (1) Not pushed (0) 
Cyan Not pushed (0) Pushed (1) Pushed (1) 
Magenta Pushed (1) Not pushed (0) Pushed (1) 
White Pushed (1) Pushed (1) Pushed (1) 


If your buttons do not match these colors, switch the wires between the three resistors to the 
buttons so that they match. 


Step 5: What If the Game Doesn’t Work’ 


If you see no colors at all, check that your connections match the circuit diagram. If the connections 
are correct and you still can’t see any colors when pushing the color revealer button, you may have a 
common cathode LED instead of a common anode. To check for this, simply switch the positive and 
negative connections from the battery. 


When you’ ve verified that all the colors work, invite a friend to play! 


HOW BINARY NUMBERS CAN CREATE WORDS 


Images aren’t the only things that can be stored as binary numbers; you can represent letters as 
numbers, too. One way to do this is to use the ASCII code, which is a standard set of bytes that 
computers understand as upper- and lowercase letters, numbers, punctuation marks, and so on. The 
numbers in this table represent the lowercase letters in the English alphabet. 


97 0110 0001 a 
98 0110 0010 b 
99 0110 0011 C 
100 0110 0100 d 


101 0110 0101 e 


102 0110 0110 f 


103 01100111 
104 0110 1000 h 
105 0110 1001 i 
106 0110 1010 j 
107 0110 1011 k 
108 0110 1100 l 
109 0110 1101 m 
110 0110 1110 n 
111 0110 1111 0 
112 0111 0000 p 
113 0111 0001 q 
114 0111 0010 r 
115 0111 0011 S 
116 0111 0100 t 
117 0111 0101 u 
118 0111 0110 y 
119 0111 0111 w 
120 0111 1000 x 
121 0111 1001 y 
122 0111 1010 z 


For example, the letter a can be represented by the decimal number 97, which is the binary number 
0110 0001. You can use this table to encode and decode secret messages written with only ones and 
Zeros. 


This project is a circuit that shows eight-bit binary numbers with LEDs. An LED that is lit is a 1, and 
an LED that is off is a 0. Yow’ ll use switches to set the binary number and a push button to show the 
binary number on the LEDs. 


Eight bits are enough to represent an ASCII character, so you can use this project to generate 


secret messages that can only be decoded by someone who knows binary! This finished Secret 
Message Machine shows the letter w, or 0111 0111. 
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Meet the DIP Switch 


This circuit uses eight switches to set the binary value, but it would be a pain to plug that many 
individual buttons into your breadboard. Fortunately, you can just use a DIP switch, which is a 


component with a row of one or more mini switches. 


NOTE 


DIP stands for dual in-line package, which is how the pins are arranged. A component with 
“DIP” in its name has two rows of pins that you can plug into a breadboard. The DIP switch in 
this project has eight individual switches. This is perfect for creating a binary value input to a 
row of LEDs. 


Shopping List 

» A standard 9 V battery to power the circuit. 

» A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery to the circuit. 
» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 


» Breadboard jumper wires (Jameco #2237044, Bitsbox #CN236) to easily connect parts. (Standard 
hookup wire works, too.) 


» Eight 330 © resistors (Jameco #661386, Bitsbox #CR25330R) for limiting the current to the 
LEDs. Any value between 270 Q and 470 Q works well. 


» Eight blue LEDs (Jameco #2193889, Bitsbox #OP033) to show the binary number. 
» One 8-position DIP switch (Jameco #696984, Bitsbox #S W098) to set the binary number. 
» A push button (Jameco #119011, Bitsbox #S W087) to turn on the LEDs. 
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Step 1: Connect the Push Button 
Plug the push button into the top of your breadboard. This project will take up a lot of space on your 
breadboard, so from here on, try to keep your components as close together as possible. 

Connect a jumper wire from the top-right breadboard row, which should be connected to the upper 
pin of the push button, to the positive supply rail on the right side. Then, connect a jumper wire from 
the lower pin to the positive supply column on the left. 

Your breadboard should look something like this: 
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This push button controls the connection from the battery’s positive terminal to the rest of the 


circuit. When the button is not pushed, there’s no closed loop for the current to flow through, and the 
circuit doesn’t have power. 


Step 2: Connect the DIP Switch 


Next, connect the DIP switch to your breadboard just below the push button, with the numbers on the 
right side of the middle notch. Run one jumper wire from each of the eight rows to the positive supply 
column on the left, for a total of eight wires. You'll need to be able to set the switches on and off, so 
connect the wires as far away from the switch as possible to leave room for your fingers. 
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Step 3: Connect the LEDs 


Now, connect one LED’s short leg to the negative supply column on the right, and connect its long leg 
to the last row at the bottom of your breadboard. Follow the same pattern upward to plug the rest of 
the LEDs into the breadboard on rows of their own, leaving one empty row between LEDs. (If you 
want to make it easier to read the LEDs, put your LEDs in two groups of four by leaving a couple of 
extra rows after the fourth LED.) Then, connect a resistor from each row with an LED to the same 
row on the left side of the notch in the middle of the breadboard. 
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It will be best to connect the LEDs and switches so that you and your friend can sit on opposite 
sides of the board and see the bits 1n the same order, so pay careful attention to these connections. 
With your resistors in place, connect a jumper wire from each resistor row on the left side of the 
breadboard notch to a DIP-switch pin on the right side of the notch. Connect the resistor closest to the 
bottom of the breadboard to Switch 1, the next LED to Switch 2, and so on; you should end by 


connecting the top resistor to Switch 8. 


Step 4: Send a Secret Message! 


Connect the negative side of the battery clip to the negative supply column, and then connect the 
positive side to the positive supply column, as shown. 
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Then, push all the switches in the “on” direction, press and hold the button to see whether all the 
lights light up, and turn off each LED one by one. 

If all the LEDs work, it’s time to play! Invite a friend over and use this circuit to “talk” to them 
without speaking. Sit on opposite sides of a table, write down a word ona piece of paper for your 
own reference, and keep it hidden from your friend. Look at the ASCII code table and set the switches 
to the binary values for the first letter in your word. For example, the switch in the next photo is set to 
display a lowercase letter a. 
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When your switch bank 1s ready to show a letter, push the button so that the LEDs light up. Hold 
the push button while your friend writes down the binary value. Then, release the push button and set 
the binary value for the next character. Keep doing this until you’ ve shown all the characters in your 
word. When you’re done, show the ASCII code table to your friend so they can try to figure out your 
word. 


Step 5: What If the Secret Message Machine Doesn’t Work? 


If you’ ve been following along for the whole book, you’ve connected a lot of LED circuits, but this 
one does have a lot of components. It’s easy to make a wrong connection somewhere, so 1f your 
circuit doesn’t work right away, check each connection carefully against this project’s circuit 
diagram. 


If none of the lights work, first check that the battery’s positive and negative terminals are 
connected correctly. Next, check that the LEDs are oriented the right way and that the resistors are the 
right values. If some lights work while others don’t, then some of the LED or resistor legs may be 
touching when they shouldn’t. Inspect them closely to find the error. 


For example, because each digit has only two possible values, one or zero, it’s easy to create 
a simple memory block to store binary numbers using switches, as you did with the DIP switch in 
Project #20. 


It’s possible to save ones and zeros in many different ways, thereby creating memory. In the 
early days of computing, it was common to save sets of ones and zeros as physical cards with 
holes in them. Today, many hard disks save ones and zeros on magnetic disks, or even via 
electrons stored inside an integrated circuit. 


WHAT'S NEXT? 


In this chapter, you learned how binary numbers work. You’ ve seen how ones and zeros can be 
used to show images on your computer screen and how to decode a bunch of seemingly random 
ones and zeros into readable text. To explore binary numbers a bit more, come up with your own 
binary codes for the letters in the alphabet. There are 26 letters from a to z. How many digits do 
you need to represent all 26 letters? To figure this out, you can start by saying that the binary 
number 1 means a. The next binary number, 10, is b. Next, 11, is c. Write this down and keep 
increasing until you reach z. Then, count the number of digits you needed for the z. This 1s the 
minimum number of digits you need. 


Here’s another thing to try. Normally, 1f you count with your fingers, you can count to 10, 
right? If you don’t use your thumbs, you can only count to 8. But what if you count in binary 


instead? A straight finger is 1, and a bent finger 1s 0. How high can you count with eight fingers 
now? 


Digital values have another very important use: they allow you to create /ogic circuits, which 
make decisions based on whether certain wires see a high voltage or a low voltage. High is 
typically considered “true,” and low is typically “false.” If those wires are associated with 
simple true-or-false questions and the voltages are the answers, then you can think of the output 
from a logic circuit as a conclusion reached after asking a series of questions. 


With logic, you can make circuits that do math, like adding two numbers, or circuits that do 
something only under a certain condition, like a door lock that opens only 1f you input the right 
combination of numbers. In Chapter 10, P11 show you some of the building blocks of digital logic 
and how you can make smart circuits with them. 
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10 
CIRCUITS THAT MAKE CHOICES 


Chapter 9 was all about ones and zeros, and you played with bits and bytes in a couple of projects. 
Now in this chapter, you’ ll make circuits that actually use ones and zeros to make decisions. Logic 
gates are components that check for the voltages that represent those ones and zeros and output a 
voltage accordingly. P11 show you a few types of logic gates and how you can use them to create a 
secret code detector. 


IT’S ONLY LOGICAL 


Logic 1s a way of reaching a conclusion based on pieces of information that you know to be true or 
false. For example, imagine you know the following statement 1s true, beyond a doubt: 


Statement 1: If there are oranges in your fridge AND you have an orange 
squeezer, THEN you”re able to make orange juice. 


If you trust the preceding statement, then there are two conditions to check before you can make 
orange juice: 


Condition 1: There are oranges in your fridge. 


Condition 2: You have an orange squeezer. 


If you check your kitchen and find that these conditions are true, then you can logically conclude 
that you can make orange juice. 


Computers use Boolean logic, which 1s a system of logic that works only with the values true and 
false to convert ones and zeros into actions. For a computer to know whether you can make orange 
Juice or not, 1t would have to reach that conclusion through Boolean logic. Let's try thinking like a 
computer! 


First, look for the conditions in Statement 1 that affect whether you can make orange juice or not. 
In this case, the conditions are the two phrases between “if” and “then,” joined by “and.” Assign them 
letters as follows: 


There are oranges in your fridge. = A 


You have an orange squeezer. = B 
The conclusion is the statement after “then.” Give it a letter, too: 
You’re able to make orange juice. = Q 


With these letters, you could rewrite Statement 1 as “If A and B, then Q.” In Boolean logic 
shorthand, that looks like this: 


AANDB=Q 


This is a logic equation, where AND 1s an operator like addition or subtraction. When both 
statements on either side of AND are true, the conclusion Q 1s true. 


Given Condition 1 and Condition 2, A and B are both true. Substitute both into the equation to get: 


True AND True = Q 
O = True 


Because both A and B are true, then Q must be true. Time to make orange juice! 


How a Computer Decides When It Can Make Orange Juice 


False False False 
False True False 
True False False 
True True TRUE! 


MEET THE LOGIC GATES 


Many of the circuits inside your computer are physical versions of logic equations, complete with 
smaller circuits called logic gates, which are physical logical operators. A logic gate takes ones and 
zeros—representing true and false, respectively—as inputs and then outputs a 1 or 0 based on the 
results of the equation inside. 


You can make really awesome projects with logic gates yourself, too! 


I remember the first time my dad told me about logic gates: I went straight to my room and spent 
hours trying to combine them on paper in different ways to add binary numbers. I hope you have as 
much fun with them as I did! Now, let’s look at how a few different logic gates work. 


AND Gates Check for Two True Inputs 


The AND gate is the physical form of the AND operator you used to decide whether you were able to 
make orange juice. An AND gate has two or more inputs—A and B, for example—and one output— 
Q, for example. It checks whether A and B are both 1, and if they are, then Q is 1; otherwise, the 
output is 0. Q is 1 only if both A and B are 1; if one or both inputs are 0, the output is 0. 

I find it helpful to write out the values of Q that result from different input combinations in a truth 
table. This truth table shows all possible input combinations for the AND gate and what the output 
will be for each. In a truth table, 0 stands for false, and 1 stands for true. 


AND gate 


eymbol truth table 


OR Gates Check for One True Input 


The OR gate checks whether input A or input B 1s 1. If either is 1 or both are 1, then the output Q 1s 
also 1. But if both inputs are 0, then the output is 0. 


OR gate 


inpute output 


eymbol truth table 


NOT Gates Flip Inputs 


The NOT gate, also called an inverter, has only one input and one output, and 1ts function 1s very 
simple: the output is the opposite of the input. If the input is 1, then the output is 0. If the input is 0, the 
output is 1. 


NOT gate 
input output 


A oa 


eymbol truth table 


A Bigger AND Gate 


AND gates and OR gates can have more than two inputs. For example, here’s a 4-input AND gate 
symbol: 


4-input AND gate 


inputs output 


Because it’s an AND gate, the result will be 1 only if all four inputs are 1; otherwise, it will be 0. 
That is, the output Q is true (1) if all four inputs—A, B, C, and D—are true (1): 


Q=A AND B AND C AND D 
We can also make a 4-input AND gate from three 2-input AND gates, like this: 


4-input AND gate 


HOW TO DRAW LOGIC CIRCUIT DIAGRAMS 


You can use logic gates to build a circuit that checks for conditions and decides what to do based on 
them. For example, imagine you could deactivate your alarm system from Chapter | by entering a 
secret code. Then, you could leave the alarm system on while you’re gone, and 1f someone opened the 
door, they’d have to know the right code to turn the alarm off. With logic gates, a circuit can check 
easily whether the right code was entered. 


A Logic Equation for a Secret Code 


Let’s say the secret code 1s 1001, and when the secret code 1s detected, an LED should turn on to 
indicate success. When building logic circuits, it’s helpful to write the logic equation for your circuit 
before building, so let’s practice. 

First, think about what each 1 and each 0 1n the secret code represents in terms of logic gates. In 
this case, you want the LED to turn on only when four conditions are true, and you can connect those 
conditions with AND operators as follows. 

Let’ s represent the four bits in the secret code with the letters W, X, Y, and Z. Then, you can check 
each bit to see whether it’s the correct value, testing for W = 1, X =0, Y =0, and Z= 1. 


You'll need to AND the four secret code bits together using a 4-input AND gate. But simply 


connecting W, X, Y, and Z straight to the AND gate would give this logic equation: 
Q=W AND X AND Y AND Z 


This would test whether all the bits are 1 because Q = 1 only if W, X, Y, and Z are all 1. Instead, 
you need to test for the secret code where W and Z are 1, but X and Y are 0. 


Fortunately, in Boolean logic, you have only two options: 1 or 0 (true or false). If something is 0, 
then itis NOT 1; in words, if something is false, then it 1s NOT true. This means that if X = 0 (false), 
then NOT X = 1 (true). Knowing that, you can rewrite the equation as follows: 


Q=W AND (NOT X) AND (NOT Y) AND Z 


This equation uses NOT on bits X and Y, which should be 0 for the secret code. The NOT will 
invert their values, changing 0 to | and 1 to 0. 


Converting a Logic Equation into a Circuit Diagram 


Now we’ll draw the secret code equation as a circuit. The final output will be a single 1 or 0. You 
need a 4-input AND gate to test all four code bits at once, and you’re going to make this using three 2- 
input AND gates as explained earlier. Because you need to test whether the X and Y bits are 0, you'll 
need to use a NOT gate for each to invert the 0 to 1. 


Here’s the final circuit: 


4-input AND gate 


A logic circuit that checks for a secret code (IDO!) 


The first bit (W) should be a 1 and the second (X) should be a 0, so the second bit gets a NOT 
gate. The third bit (Y) has a NOT gate as well, and it goes into an AND gate with the fourth bit (Z). 

The first AND gate should output 1 if it sees W = 1 and X = 0, and the second AND gate should 
output 1 if it sees Y = 0 and Z = 1. If both of those AND gates output 1, then so will the third AND 
gate, which ultimately confirms that 1001 was entered. 


USING LOGIC GATES IN REAL LIFE 


When I learned about logic gates, I thought they’d be small two- and three-legged components. But 
logic gates come boxed inside integrated circuits (ICs). Each IC contains several gates, so even if you 
want to use just one, you'll have to use an IC anyway. 


It’s also important to know that logic gate outputs don’t supply much current. Even if a logic gate 
outputs 5 V, that doesn’t mean that you can connect your 5 V motor to it. The logic gate simply can’t 
give enough current for the motor to run. 


Recall from Chapter 7 that a transistor needs only a little current flowing into its base to turn on 
and let a lot more current flow from its collector to emitter. When you want to use a logic gate to turn 
on a circuit or component that requires more current, you can connect the logic gate to a transistor. Do 
you remember the circuit from “Project #14: Build a Circuit that Senses Touch” on page 136? You 
can modify this circuit to turn on an LED from a logic gate, like this: 


resistor S 


Pll show you how to incorporate this into a project in the next section. 


You can easily replace the LED and resistor with something else that you want to control, like a 
motor, a fan, or a relay. But when doing this, be mindful of the current. How much current does 
your motor need, and how much current can the transistor handle? 


Both values can be found in the components’ datasheets. For transistors, the value you are 
looking for is called Iç, or collector current. According to the datasheet of a BC547 transistor, 


its maximum collector current is 100 mA. That’s more than enough to power an LED, which 
usually uses about 15 to 20 mA at the most. 


But what if you want to connect a motor? First, you'd need to find out how much current the 
motor needs, and you’ II find that in the motor’s datasheet. If a motor needs 500 mA, you’ll need to 
connect it to a transistor that can handle more than 500 mA of current. For example, a PN2222 
transistor can handle up to 600 mA, so it should be able to switch the motor on and off. 


In this project, yow’ ll build a logic circuit that checks whether a set of four input bits matches a secret 
code. You'll use four switches, inside one DIP switch, to set the code. If the input bits match the 
code, then the logic circuit should output a voltage, representing a 1; otherwise, 1t should output zero 
voltage, to indicate 0. This final output will go to a transistor so you can use it to control something— 
like an alarm! 


The basic Secret Code Checker circuit turns on an LED when you input the right code. At the end 


of the project, P11 show you how to use the Secret Code Checker to disarm your intruder alarm from 
Chapter 1. 


Here”s the complete circuit diagram for this project: 
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» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 


» Breadboard jumper wires (Jameco #2237044, Bitsbox #CN236)—-ou’ll need around 20 for this 
project. 


» A DIP switch (Jameco #38820, Bitsbox #S W042) with four individual switches. 

» A 74LS04 inverter IC with six NOT gates (Jameco #46316, Bitsbox #QUI108) 

» A 74LS08 IC with four AND gates (Jameco #46375, Bitsbox #QUI109) 

» A general-purpose NPN transistor (Jameco #254801, Bitsbox #QD011), such as BC547. 
» A standard LED (Jameco #34761, Bitsbox #OP003) 

» A 220 Q resistor (Jameco #690700, Bitsbox #CR25220R) to limit the current to the LED. 
» Four 1 kQ resistors (Jameco #690865, Bitsbox #CR251K) to use as pull-down resistors. 

» A5 V DC wall adapter (Jameco #2126125, Bitsbox #TF010) to power the circuit. 


» A DC barrel jack adapter (Jameco #2227209, Bitsbox #CN424) to connect the wall adapter to the 
breadboard. 


Tools 


» A screwdriver that fits the screw terminal of the barrel jack adapter. 


How to Use Other Voltages with a Breadboard 


You’ve used 9 V batteries for each circuit in this book so far, but most digital circuits need to use 
lower voltages. For example, a lot of ICs with logic gates inside use 5 V instead. But 5 V is nota 
standard battery value; there are 4.5 V and 6 V batteries, but not 5 V. 

What can you do when your circuit requires 5 V? Say hello to the wall adapter and the barrel jack 
adapter. 
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Many electronic devices use wall adapters to recharge batteries or just to stay powered. The 
pronged side of a wall adapter plugs into a wall socket, and the other side plugs into something you 
want to power. Wall adapters come in many values, and this project uses a 5 V DC regulated adapter. 

To supply power to a circuit, the wall adapter in this project needs to plug into a barrel jack 
adapter. The barrel jack adapter listed in this project’s Shopping List (page 224) has two screw 
terminals, where you can plug in jumper wires that connect to the breadboard. You can connect any 


wall adapter with the standard round plug into this barrel jack adapter. 


MAKING CIRCUITS MORE RELIABLE 


If a circuit needs an input voltage and you don’t connect the input to anything, then that input is 
floating. A floating input is unreliable because the circuit may see it as a 1 or a 0, and you can’t 
control which. 

The individual switches on a DIP switch are either open or closed. When the switch is open, 
the input it controls will be floating 1f it’s not connected to anything else. To fix this, you can 
attach a pull-down resistor to each input on the logic gates, like this: 


AND aate 
il 


Each pull-down resistor in this circuit diagram connects to a switch and a gate input on one 
side and to the negative battery terminal on the other. When a switch 1s open, the resistor “pulls 
the gate input down to 0 V, which is a 0. When a switch is closed, the gate input connects to the 
positive terminal and gets the positive supply voltage, which is a 1. 

In this project’s circuit diagram on page 224, there are four switches with 1 kQ pull-down 
resistors. All of them are shown as open, and all of the AND gate inputs would be 0 in that state. 
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Step 1: Place the Switches and Resistors 


Plug your DIP switch in at the top of the breadboard, with one side of the switch on each side of the 
notch in the middle. Use jumper wires to connect the left side of each DIP switch to the positive 
supply rail on the left, and connect a 1 kQ resistor from the right side of each DIP switch to the 
negative supply rail on the right. 


Step 2: Place the ICs 

Place the IC with NOT gates, marked 74LS04, in the middle of the breadboard and place the IC with 
AND gates, marked 74LS08, farther down. For both ICs, point the rounded notch toward the DIP 
switch. Leave at least three rows at the bottom of the breadboard for the transistor. 
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Step 3: Place the Transistor and LED 


Plug your transistor into three rows at the bottom of the breadboard. If you used the BC547 transistor 
from this project’s Shopping List (page 224), face the flat side left so that the collector 1s the upper 


pin, the base is the middle pin, and the emitter is the bottom pin. If you used a different NPN 
transistor, check its datasheet to see which pin is which. 


Connect the LED’s short leg, the cathode, to the same row as the collector. Connect the LED’s 


long leg, the anode, to an empty row on the left side of the breadboard. Finally, connect the 220 Q 
resistor from the LED’s anode to the positive supply rail. 


Credit: Wikimedia Commons 
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Step 4: Build the Logic Circuit 


First, look at the following diagram to see where the AND and NOT gates are inside your ICs and to 
see the connections you need to make. 
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74L808 AND GATES 


Take four jumper wires and connect them from the switch outputs to the gate inputs as follows: 


» The output from switch 1, the uppermost switch, goes to the AND gate input on pin 1 of the lower 
IC (74LS08). 


» The switch 2 output goes to the NOT gate input on pin 13 on the upper IC (74LS04). 
» The switch 3 output goes to the NOT gate input on pin 11 on the upper IC. 
» The switch 4 output goes to the AND gate input on pin 13 of the lower IC. 


Next, get two jumper wires to connect the outputs of the NOT gates to the AND gate inputs like 
this: 


» One jumper wire goes from pin 12 on the upper IC to pin 2 on the lower IC. 
» The other jumper wire goes from pin 10 on the upper IC to pin 12 on the lower IC. 


Now, each output from the AND gates needs to go into the third AND gate, as follows: 


» Connect one jumper wire from pin 3 to pin 10 of the lower IC. 
» Connect another jumper wire from pin 11 to pin 9 on the lower IC. 


» Finally, connect a jumper wire from the final output of the AND gate with the other side hanging 
loose for now. 


Your IC connections should look like this: 


positive supply rails 


EA 


ETT RTS ETTITA EE 

AAA BERS © 

“tl... TTT 
a| es eee to output of switch 2 
ce #48 s.ro to output of switeh 3 
sa| +. ... | 

cs| 0 ee eee 

cel tte s.es 

J seat men to output of ewitch | 
sa| ..b TEET : 

s| ... ..oof o output of ewito 

.. to output of gwiteh 4 
sal tae s.. 

sal %.+*. sss 

| ... Ji 

HTE e... final output 

al essei eseas |? 


negative supply raile 


Step 5: Finish Wiring the Transistor 


Now, connect the output from the final AND gate—pin 8 of the lower IC—to the base of the 
transistor. This output will control whether the transistor allows current to pass through to the LED or 
not. Connect a jumper wire from the emitter of the transistor to the negative supply rail. 


Step 6: Power and Test the Secret Code Checker 


Connect jumper wires from pin 14 on both ICs to the positive supply rail and from pin 7 of both chips 
to the negative supply rail. Then, turn off all the switches on the DIP switch and connect your 5 V 
source, with plus to the positive supply on the left and minus to the negative supply on the right. 


Use your barrel jack adapter with a couple of jumper wires to make this connection. The barrel 
jack adapter should have + and — markings to tell you which supply is which. Just loosen the screws 
on the adapter, insert a wire into each, and tighten the screws again. Follow the conventional color 
code by using a red wire for positive and a black wire for negative so you will be sure to connect 
them the correct way on your breadboard. 


The LED should stay dark when the switches are off, but when you set the code to 1001 by 
switching on the top and bottom switches, 1t should light up. 


Step 7: What If the LED Doesn’t Light Up” 


First, check that the two ICs have power. Do both ICs have pin 14 connected to the positive supply 
column and pin 7 connected to the negative supply column? If you find the ICs become too hot to 
touch, disconnect the 5 V power supply from the wall immediately and wait for the ICs to cool down. 
Then, make certain you have the supply connections the correct way before trying again. The wire 
plugged into the barrel jack adapter’s positive (+) terminal should be plugged into the positive supply 
column on the breadboard, and the wire in the barrel jack adapter’s negative (—) terminal should be 
plugged into the negative supply column. 


If the ICs are powered and the circuit still doesn’t work, then check the input values on the 
switches. Use a multimeter to measure the voltage from the negative supply rail to the pins on the 


AND and NOT gates that take inputs from the switches. You should get 5 V on pins | and 13 of the 
AND IC and 0 V on pins 11 and 13 of the NOT IC. Check that the output from each AND gate you're 
using 1s 5 V, too; you should see 5 V on pins 3, 8, and 11. Ifany AND gate in the IC doesn’t output 5 
V, then one of its inputs is 0 V. Figure out why it’s 0 V, and you should find the problem. 


TRY IT OUT: DISARM YOUR INTRUDER ALARM 


Instead of an LED and a resistor, you can connect a relay to the Secret Code Checker and 
combine this project with the intruder alarm you built in Chapter 1. Connect the 9 V battery to the 
intruder alarm through the relay so that when you input the right code, the power to the alarm is 
cut and the noise stops. Refer back to “Meet the Relay” on page 97 to see how to connect a relay. 


Notice that the secret code checker, with its 5 V supply, is being used to control the 
completely separate intruder alarm circuit with a 9 V supply. Connecting two circuits with 
separate power supplies this way 1s okay because there’s no electrical connection between the 
two circuits. Relays are useful when you need to control a circuit with a different type of power 
supply! 

Here’s the circuit: 


J y = af J 
dor Switen 


PA A 
+ Terminal V EC 


battery 
i INTRUDER 


ALARM 
‘ 8 


1 i Y I 
- terminal 5 Y 


And these are the components yov’ ll need: 


> The circuit from “Project #2: Intruder Alarm” on page 11 
> The circuit from “Project #21: A Secret Code Checker” on page 223 
P A 5V relay (Jameco #842996, Bitsbox #S W073) 


NEGATIVE LOGIC GATES 


AND, OR, and NOT are basic logic gates, and you can combine them to create new ones. Let’s look 
at two more gates that are created this way. 


NAND Looks for One False Input 


The NAND gate works like an AND gate with a NOT gate inverter on the output. The little circle on 
the output means NOT. That means the output from the NAND gate is 0 when both A and B are 1. 


NAND gate AND gate + NOT gate 


The bubble on the NAND gate 
meang “invert” 


NOR Looks for Two False Inputs 


The NOR gate works like an OR gate with an inverter on the output. The output is 1 when both A and 
B are 0. 


NOR gate OR gate + NOT gate 


The bubble on the NOR gate 


means “invert,” 


WHAT'S NEXT? 


In this chapter, you learned how to use logic gates to build circuits that “decide” things, like 


whether a code is correct or not. And at the end, you got to see some negative logic gates as well. 
Understanding how negative logic gates work is helpful, because they are often used 1n real-life 
circuits. In fact, you’ ll use them in Chapter 11. 


If you want to explore gates a bit further, I suggest you try combining some logic gates you’ve 
learned about on paper to create an XOR gate. An XOR gate gives out 1 only if the inputs are 
different from each other. 


Q-AXORB 


O 
| 
| 

pa 


truth table 


By combining logic gates in different ways, you can create almost anything you can imagine. 
But that might be a bit hard to see right now, so in the next chapter, I’m going to show you some 
more building blocks you can create with logic gates. You'll learn how to build your own 
memory circuit, and then you” ll build your own electronic coin tosser! 
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11 
CIRCUITS THAT REMEMBER 
INFORMATION 


In Chapter 9, you learned how to store bits using switches. As long as the switches don’t change, the 
bits stay the same. But you have to manually set the switches, and that’s not very efficient. In Chapter 
10, you learned about logic gates and how you can use them to play with ones and zeroes. Now, [11 
show you how to use logic gates to make electronic memory that saves bits, even after you change the 
input. At the end of this chapter, you’ ll build your own electronic coin tosser! 


SAVING ONE BIT AT A TIME 


One simple memory circuit is an SR latch. You can create an SR latch with two NOR gates, and one 
latch can store one bit of data. 


SR latch 
R (reget) - | 
input Qoutput QTR | Q 
O | O | Stays the game 
O | 1 | Changes to O 
| | 0} Changes to | 
S (get) | | 1 | Changes to O 
input but ient used 


truth table 


Q starts at 0, and this circuit won’t update its output until you use R or S to tell it to, whichis 
called latching the bit. S and R stand for set and reset, respectively: when you set the latch, Q 
changes to 1. When you reset it, Q changes to 0. As the SR latch truth table describes, you can set the 
latch by putting a 1 on the S input and a 0 on the R input. To reset it, you’d put a 1 on the R input and a 
0 on the S input. Let’s look at how setting Q to 1 works. 


Setting the memory to | Resetting the memory to O 


The output from a NOR gate is 1 when all inputs are 0. When S (set) is 1, the output of the lower 
NOR gate 1s 0, no matter what that gate’s other input 1s. The output 1s connected to an input on the 
other NOR gate, together with R (reset). Because R 1s 0, you have two Os into the upper NOR gate, 
which makes Q output 1. 


A BETTER MEMORY CIRCUIT 


If you add a few more gates to the SR latch, you can create a D latch, which sets the output Q to 
whatever the D input is when the C input is 1. 


D latch 


loutput) 


Q 
linverted truth table 
output) 


symbol 


The D latch is an improvement over the SR latch because you can change D, the data input, as 
much as you want, and Q won't change unless you set C, the control input, to 1. The lower NOR gate 


output will always be the opposite of the output Q, and that output is labeled Q to show this. 


MEMORY THAT CHANGES ONLY AT A CERTAIN 
TIME 


The D latch has one weakness: when C is 1, changing D also changes the output Q. What if you don’t 
want the output to change immediately? 

Computers use a clock signal to tell the circuits inside when something should happen, like when 
to store new data from a wire. A clock signal is just a voltage that turns on and off continuous! y—that 


is, it keeps switching between | and 0. This signal is similar to the one you sent to the speaker in 
“Project #16: Make Your Own Sound with the 555 Timer” on page 167. 


To reduce the chance of errors, actions like calculations or storing data happen only when the 
clock signal switches from off to on or from on to off. This is called edge-triggering. If a circuit does 
something when the clock signal changes from off to on, then that action happens on the rising edge, 
and the circuit 1s positive edge-triggered. A circuit that triggers an action on the falling edge, when 
the clock changes from on to off, 1s negative edge-triggered. 


A flip-flop is a latch that updates its output when triggered by the edge of a clock signal, and you 
can create one by combining two D latches and a NOT gate. This is called a D flip-flop. 


D flip-flop 


Y (lateh #! output, D 
latch #2 input) (data) 


(data) | 
final 
_ Output) 
(control) | Q 
(control) 
NOT ate 
CLK. > 3 


(clock signal) 


The output voltage Q can change only when the CLK voltage changes from high to low, from 1 to 
0. Here’s how that works. 


earlier () = some 
D latch #! value D latoh #2 earlier 
Value 


C=! 


O [LK =0 


D latch #! — Q = some 


0 lateh #2 earlier 

value 
© CLK changes 
from O to | 

O =| Y stays 
equal to | Q changes 
latch #1 | 
nas Dlatch #2 | 10! 

oe 


© CLK changes — 
fram | ło O 


When CLK is 0, Y and Q don’t change @. When CLK changes to 1 @, Y changes to match the D 
input to D latch #1. But the NOT gate inverts the 1, setting C on D latch #2 to 0 so Q doesn’t change. 


As CLK goes back to 0 ©, C on D latch #2 changes to 1, the value on Y is saved in latch #2, and Q 
changes to match Y. 


NOTE 


O updates when the clock signal changes from high to low voltage, so this flip-flop is negative 
edge-triggered. 


This is the circuit diagram symbol for a positive edge-triggered D flip-flop: 


Instead of writing CLK for the clock input, the D flip-flop symbol has a > marking. Notice the 


bubble on the Q output. Just like on the NOT gate symbol, the bubble means Q is the inverted version 
of Q. 


AN OUTPUT THAT TOGGLES 


With a simple wire, you can turn a D flip-flop into a circuit that toggles another circuit on and off. For 
example, imagine you want to turn a light on and off. The D flip-flop stores a value on its input, D, 
when its clock goes from low to high voltage (if positive edge-triggered). If you connect the D flip- 
flop’s inverted output Q to D, the flip-flop’s input will always be the opposite of Q. Every time the 
clock input triggers, the output will change to the opposite value, and the light will toggle. 


We start with thege values: 


light bulb circuit | 


When the clock input changes from O to |, 
the values are toggled: 


(clock signal 


Let’s see this concept in action! 


For this project, you”11 build an electronic coin tosser with a 555 timer, a D flip-flop, a push button, 
and two LEDs. 


In Chapter 8, you built several 555 timer circuits that switched voltages on and off. A circuit that 
turns a voltage on and off continuously is called an oscillator, and in this project, you're going to use 
an oscillator circuit as an input to the toggling D flip-flop. Do you recognize the oscillator circuit in 
this diagram? 

OSCILLATOR CIRCUIT 


START BUTTON LEADS AND TAILS 


= resistor RÁ 
220 0 


resistor RA < 
220 0. 


resistor RI. 
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pin? 
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ko 
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capacitor ĈI + 
| uF 


741874 


TOGGLE CIRCUIT 


The 555 timer oscillator circuit creates a clock signal that goes to the D flip-flop, causing the 
output to switch on and off, or togg/e, continuously as long as you press a push button. The changing 
output from the D flip-flop turns the LEDs on and off. 


When you let go of the push button, the clock signal from the 555 timer stops. The flip-flop output 
will stop alternating, and only one of the two LEDs will be on: one for heads or the other for tails. 


Shopping List 


positive negative 
column column 


P“ harrel jack | 


& adapter 


gh ee 
N capacitor LEDs resistors 


jumper wires 


» A breadboard (Jameco #20601, Bitsbox #CN329) with at least 30 rows. 


» Breadboard jumper wires (Jameco #2237044, Bitsbox #CN236)—-you’ll need around 20 for this 
project. 


» A 555 timer IC (Jameco #904085, Bitsbox #QU001) to create the input signal to be counted. 

» An IC with two D flip-flops (Jameco #48004, Bitsbox #QU193) 

» A standard green LED (Jameco #34761, Bitsbox #OP003) 

» A standard red LED (Jameco #333973, Bitsbox #OP002) 

» Two 220 Q resistors (Jameco #690700, Bitsbox #CR25220R) for limiting the current to the LEDs. 
» A 100 kQ resistor (Jameco #691340, Bitsbox #CR25100K) to help set the frequency of the sound. 
» A 10 kQ resistor (Jameco #691104, Bitsbox #CR2510K) to help set the frequency of the sound. 


» A 1 KQ resistor (Jameco #690865, Bitsbox #CR251K) to use as a pull-down resistor for the start 
button. 


>» A 1 uF capacitor (Jameco #29831, Bitsbox #EC1U063) to help set the frequency of the sound. 
» A push button (Jameco #119011, Bitsbox #S W087) to “toss the coin.” 
» A5 V DC wall adapter (Jameco #2126125, Bitsbox #TF010) to power the circuit. 


» A DC barrel jack adapter (Jameco #2227209, Bitsbox #CN424) to connect the wall adapter to the 
breadboard. 


This circuit uses the positive and negative supply columns on both sides of the breadboard. When 


I say to connect a component to the negative or positive supply column “on the left,” that means you 
should use one of the supply columns on the left side of the breadboard. On both sides, the positive 
column is marked with a red line to the left, and the negative is marked with a blue line to the right. 


Step 1: Build the Oscillator Circuit 


First, let’s wire up the 555 timer: 


l. 
La 


Plug the 555 timer into the breadboard near the middle. 


Connect R1, the 100 kQ resistor, from pin 7 of the 555 timer to the positive supply column on 
the r1ght. 


. Connect R2, the 10 kQ resistor, from pin 6 to pin 7. 
. Connect Cl, the 1 uF capacitor, from pin 6 to the negative supply column on the right. If youre 


using a polarized capacitor like the one I suggest in the Shopping List, make sure you connect the 
negative leg to the negative supply column. The negative leg should be marked with a minus or a 
zero on the capacitor itself. 


. Connect a jumper wire from pin 2 to pin 6 of the 555 timer. 


Step 2: Add the Start Button 


Now, connect the push button between pin 4 on the 555 timer and the positive supply column as 
follows: 


l. 


Place the push button at the very top of the breadboard, across the notch in the middle. By 
connecting it like this, you should have one side of the switch on the top row and the other side 
on row 3. 


. Connect a wire from pin 4 of the 555 timer to the lower pins of the push button (row 3). Connect 


a wire from the upper pins of the push button (row 1) to the positive supply column on the left. 


. Connect RS, the 1 kQ pull-down resistor, from the lower pins of the push button to the negative 


supply column on the ri ght. 


The 555 timer also needs to be powered. Connect a jumper wire from pin 1 to the negative supply 
column on the left. Use another jumper wire to connect pin 8 to the positive supply column on the 


right. 


Step 3: Build the Toggle Circuit 


Place the IC with the D flip-flops—marked 74LS74—below the 555 timer so that it straddles the 
notch in the breadboard, with the notch pointing to the top of the breadboard. This IC contains two D 


flip-flops, but you’ ll use only the D flip-flop on pins 1 to 6. 
Run a jumper wire from the inverted output & on pin 6 of the 74LS74 D flip-flop to the D-input at 


pin 2. Connect the output from pin 3 on the 555 timer to pin 3 on the D flip-flop, which 1s the clock 
Input. 


741874 D flip-flop 


The D flip-flop needs power, too. Connect pin 14 to the positive supply column on the right and 
connect pin 7 to the negative supply column on the left. 


Step 4: Add the Heads and Tails LEDs 


In the previous project, you used a transistor to power an LED froma logic gate output because the 
gate couldn’t provide enough current. This circuit has the same challenge because D flip-flops are 


just a few logic gates in an IC, but there”s a little trick you can use to get around that limitation. 


The 74LS74 D flip-flop’s datasheet says this IC will allow only about 0.5 mA to flow when the 
output voltage is high, but it allows 8 mA when the output voltage is low. (Search online for 74L574 
datasheet if youre curious to read the datasheet for yourself.) If you connect the LEDs and resistors 
to the positive supply column on one side and to the flip-flop output on the other, the LEDs should get 
8 mA of current when the output is low, turning them on. It may seem strange to connect the LEDs like 
this, instead of connecting them to the negative supply column, but doing so makes the LEDs light 
when the output from the gate is 0 instead of 1. 


Whatever value Q has, Q will always be the opposite. If you connect an LED to each output, one 
will light up and the other won’t. Add the heads and tails LEDs as follows: 


1. Plug the two LEDs into the bottom of the breadboard, with the red LED on the right side of the 
middle notch and the green LED on the left side. Place the longer leads (the anodes) 1n the 
bottom row and the shorter leads (the cathodes) a couple of rows above. 


2. Connect one jumper wire from pin 5 of the D flip-flop to the short leg of the red LED. Then 
connect another jumper wire from pin 6 of the D flip-flop to the short leg of the green LED. 


3. Connect a resistor from each bottom row to the positive supply column on each side (R3 and R4 
from the circuit diagram). 
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Step 5: Toss that “Coin”! 


Use a jumper wire to connect the left negative supply column to the one on the right, and do the same 
for the two positive supply columns. Then, connect two jumper wires to your barrel jack adapter— 


connect the plus side to one of the positive supply columns and connect the minus side to one of the 
negative supply columns. 


Finally, plug the wall adapter into the barrel jack adapter first and then into the wall socket. One 
LED should light up right away. When you push the button, the LEDs should alternate quickly between 
on and off. Release the button, and only one should be lit. 


Now, you can use this circuit to make decisions. For example, say you ask yourself, “Should I go 
out and play football this weekend, or should I play baseball?” Green means go out and play football; 
red means baseball. Or, if you're arguing with one of your friends about who gets the last cookie, then 
let the coin tosser decide! 
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Step 6: What If the Coin Tosser Doesn't Work? 


First, check that you’re using a 5 V wall adapter. Any other voltages might not work. 


Then, if one LED is lit but nothing happens when you push the button, check that the D flip-flop 1s 
connected correctly. If no LEDs are lit, there’s definitely something wrong with the D flip-flop and 
LED parts of the circuit. Carefully compare your connections with the circuit diagram at the beginning 
of this project. If your circuit isn’t working after you know the LED and flip-flop circuits are 
connected correctly, then check the 555 timer connections. 


To help you avoid the same mistakes, 1”11 share the problems I had when building this for the first 
time: 


» I connected the LEDs to pins 4 and 5 of the D flip-flop instead of pins 5 and 6. 
» I connected the capacitor to pin 5 of the 555 timer instead of pin 6. 


» I forgot to connect the positive supply column on the left to the one on the right. 


WHAT'S NEXT? 


You've built a lot of different circuits in this book! At this point you have a solid foundation in 
electronics, both in theory and practical experience. Now, the next step 1s to focus on what you 
think 1s fun. Find a project you really want to build—and go make it! 


The best way to continue learning is to build lots of circuits and read about anything you’re 
curious about. Follow tutorials online and find more books on different topics in electronics. 


In Chapter 12, the final chapter, P’ 11 show you how to build one last project: a really cool 
game where you have to test your reaction speed by “catching” a light. After that, I hope yov’ ll 
continue exploring, playing, and having fun with electronics. There are so many great things you 
can build! 
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12 
LET”S MAKE A GAME! 


You ve built all sorts of small circuits in this book, and each circuit was designed to teach you a 
particular concept. In this chapter, yow’ ll combine all your new skills to build a reaction game. The 
game has a row of five LEDs that light up one at a time so that a light appears to run back and forth. 


The goal of the game is to stop the light when it’s in the middle of the five LEDs. That gives you 
10 points. If you stop it on an LED next to the middle one, you get 5 points. But if you stop it on one of 
the end LEDs, you lose all your points and have to start over from 0. Try to reach 50 points! 

You can play this game by yourself to practice your reaction time, or with as many friends as you 
want. If you’re competing with friends, I suggest giving each player only one attempt at stopping the 
light before the next player gets a turn. 


<— light runs back and forth ——=> 
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If you stop on a blue light, you get 5 points! 
: > P A DE 
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lf you stop on a red light, you lose all your points! 
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MEET THE REACTION GAME CIRCUITS 


The reaction game will consist of three circuits: 


» A 555 timer circuit that determines the speed of the game 
» A counter that controls which LED light to turn on 
P An SR latch that will add a reset button and an action button 


This section explains each circuit, but to help you understand their diagrams, let’s meet two new 
circuit symbols. 


Meet the Vcc and GND Symbols 


Circuit diagrams don’t always use a battery symbol like the one used throughout this book. Sometimes 
they use the Vcc (or Vpp) and GND symbols instead. 


| a 


Von symbol ND symbol 


If nothing in the circuit diagram or its description says otherwise, you can assume that Voc 
represents the positive side of the battery and that GND represents the negative side, or ground. The 
symbols sometimes look a little different, but the Vcc symbol usually shows a wire connecting down 
from its symbol to the circuit, while the GND symbol shows a wire connecting up from the symbol to 
the circuit. 


In bigger circuit diagrams, like the one you’re going to build from in this chapter, these symbols 
make the diagram much easier to draw and understand. 


WHY IS IT CALLED Vcc? 


The positive voltage symbol is called Vcc because of old naming conventions. Voc was the 
voltage supplied to the collector side of a transistor in common transistor circuits, usually through 
a resistor or some other components. The collector 1s where the “CC” comes from. 

You ve used a bipolar junction transistor throughout this book, but there’s another type of 
transistor called a field-effect transistor (FET). The pin that equals the collector on this type of 
transistor 1s called the drain, so the voltage that was supplied to the drain side of the FET was 
called Vpp. 


A 555 Timer to Set the Light Speed 


The circuit that sets the reaction game’s speed will be built around a 555 timer, and it’s similar to the 
circuits you built in Chapter 8. The components in this circuit diagram will set the game to a 
“medium” speed: it’s not super fast, and it’s not super slow. 


resistor RI 
lOO kA 


OUT 
resistor R2 
IO ka 


Every time the output from the 555 timer goes from low to high, the light moves one step to the 
side. The number of times the output from the 555 timer goes high per second is the frequency of the 


output. As I showed in Chapter 8, the formula for calculating the frequency of the output of the 555 
timer is 


1.44 
(R1 + R2 + R2) x Cl 


Frequency = 


The following values from the 555 timer circuit diagram correspond to that formula: 


R1 = 100 kQ 
R2 = 10 kQ 
Cl =1 uF 


Plug these into the formula, keeping in mind that 1 uF = 0.000001 F and 120 kQ = 120,000 Q, and 
you get this: 


_ 1.44 
Frequency = ————— 2n 
(100 kQ + 10 kQ+10k0Q)x1 uF 
rr 1.44 
Frequency = ———————— 
120 kQ x 1 uF 
a 1.44 
Frequency = 


120,000 Q x 0.000001 F 


Frequency = 12 Hz 


This means the output will go high 12 times per second and the light will change places 12 times 


per second. You can experiment with the component values for R1, R2, and C1 later to speed up or 
slow down the game. 


A Counter to Turn the LEDs On 


To control the LEDs, you’ ll use a decade counter, which is an IC that counts input pulses. Every time 
the clock input on pin 14 goes from low to high, the counter increments by one. It counts from 0 to 9, 
and it has 10 outputs marked 0 to 9. 


output 5 U+ 


output | reset 


output O 
output 2 4017 


decade 
output 6 —Je counter 


output 7 


output 3 
END 


clock 
digable 
carry Out 
output 9 
output 4 


output 8 


For example, when the counter has counted three input pulses, output 3 (that is, pin 7) 1s high, and 
the other pins are low. If you connect an LED to output 3, then when the counter is at three, the LED 
will turn on. 

If you connect LEDs to several output pins, then as the counter increases, the LEDs turn on in 
order, according to their output pins. When the counter 1s at 9 and receives a 10th input pulse, 1t goes 
back to 0 and turns the output pins on in order again. 

But the counter counts pulses only if pin 13 1s low. This means you can use pin 13 to tell the game 
when to start moving the light across the LEDs and when to stop the light. 


resietora 
lOO 2 
R3 


Clock/Next LED 


GND 
Start/Stop 


Each output has a resistor to reduce the current through the LED and make sure the LED doesn’t 
get destroyed. Because two output pins connect to each LED, the resistors keep the voltage to each 
LED high, even though one output will be low and one will be high. The resistors also ensure that two 
outputs aren’t connected directly together, which could damage the IC when one output is high and the 
other low. 


A Latch to Start and Stop the Light 


Do you remember the SR latch from “Saving One Bit at a Time” on page 240? The start/stop circuit 
for this game is a similar SR latch but built with two NAND gates. (The SR latch in Chapter 11 used 
NOR gates.) 

The SR latch is a circuit that can remember a single bit. Its output 1s either 0 or 1, and it keeps that 
number until it gets set or reset with a new input. 

You can create a circuit that tells the latch what to output with two buttons: one for setting the 
output to 1 and one for setting the output to 0. Using NAND gates instead of NOR gates means the 
buttons must make the inputs low to output a 1. 
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In this circuit, 1t doesn’t matter whether you click the buttons quickly or slowly. The 1-button 
always sets the output to 1, and the 0-button always sets the output to 0. 

That’s perfect for the reaction game! Connecting the output to the start/stop pin, or pin 13, on the 
decade counter gives you a button for starting and stopping the LEDs. 


It’s time to put all the pieces I showed you together to build the reaction game. This circuit has a lot 
of connections, but I know you can make it. Just don’t rush. Take your time and test each part of the 
circuit after the step where I explain how to build it. 


I also recommend using a bigger breadboard than you’ve used in the previous projects, because 
this circuit 1s huge! 
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Shopping List 
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» A breadboard (Jameco #2212218, Bitsbox #CN204) with at least 60 rows. 


» Breadboard jumper wires (Jameco #2237044, Bitsbox #CN236)—you’ll need around 35 for this 
project. Standard hookup wire works, too. 


» A standard 9 V battery to power the circuit. 

» A 9 V battery clip (Jameco #11280, Bitsbox #BAT033) to connect the battery. 

» A 555 timer IC (Jameco #904085, Bitsbox #QU001) to create the timing. 

» A 10 kQ resistor (Jameco #691104, Bitsbox #CR2510K) to set the game speed. 

» A 100 kQ resistor (Jameco #691340, Bitsbox #CR25100K) to set the game speed. 
» A 1 uF capacitor (Jameco #768183, Bitsbox #CC006) to set the game speed. 

» A 4017 decade counter IC (Jameco #12749, Bitsbox #QU020) to control the LEDs. 
» Two standard blue LEDs (Jameco #2193889, Bitsbox #OP033) 

» Two standard red LEDs (Jameco #333973, Bitsbox #OP002) 

» A standard green LED (Jameco #34761, Bitsbox #OP003) 

» Ten 100 Q resistors (Jameco #690620, Bitsbox #CR25100R) for limiting the current to the LEDs. 


» A 4011 NAND-gate IC (Jameco #12634, Bitsbox #QU018) to create the SR latch for starting and 
stopping the game. 


» Two 1 k® resistors (Jameco #690865, Bitsbox #CR251K) to act as pull-up resistors for the 
start/stop circuit. 


» Two push buttons (Jameco #119011, Bitsbox #S W087), one for resetting the game and one for 


playing. 


Tools 
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» A wire cutter (Jameco #35482, Bitsbox #TLOO8) to cut small pieces of wire. 


» A multimeter (Jameco #2206061, Bitsbox #TLO57, Rapid Electronics #55-6662) to debug your 
circuit if it’s not working correctly. 


Step 1: Build the 555 Timer Circuit 


Plug the 555 timer into the breadboard all the way at the top so that you’ ll have room for the other 
parts of the circuits farther down. Then, connect the capacitors and resistors to the IC according to 
this project’s circuit diagram. The capacitor I suggest in this project’s Shopping List is a 
nonpolarized capacitor, so it doesn’t matter which way you connect it. If you use a polarized 
capacitor instead, connect 1t according to the plus marking in the circuit diagram. 


Use wires to make connections as needed, as I show in this breadboard diagram. 


-555 timer 


In this project, it’s best to use the supply column pairs on both sides to make connections easier 
and keep everything as tidy as possible. The breadboard that I recommend in this project’s Shopping 
List doesn’t have blue and red markings, but the positive and negative columns are the same as 1n 
breadboards with the stripes. The left and right sides of the breadboard each have a pair of supply 
columns. The positive supply column is the left column in each pair, and the negative supply column 
is the right column in each pair. Use a red wire to connect the positive column on one side to the 
positive column on the other side, and do the same using a black wire with the negative columns. 


As you follow my instructions, connect everything 1n the 555 timer circuit that should connect to 
Vcc to one of the positive supply columns, and connect everything that should connect to GND to one 
of the negative supply columns. 


NOTE 


This circuit connects the 555 timer in astable mode, just like the 555 timer circuits in Chapter 


8. Read “Meet the 555 Timer” on page 164 for a description of exactly how this IC works. You 
can also build the projects in Chapter 8 to practice using the 555 timer. 


Before you move on to the next step, check that this circuit is working by connecting an LED with 
a resistor to the output of the 555 timer as follows: 


1. Connect the negative side (short leg) of an LED to the output on pin 3 of the 555 timer. 


2. Connect the positive side (long leg) of the LED to a 100 resistor, and connect the other side of 
this resistor to the positive supply column. 


3. Connect your battery clip to one of the supply column pairs as usual. Then plug in the battery to 
check that the circuit works. 


If your LED blinks really fast, then you’re ready to move on. If not, recheck your connections to 
find out where the error is. 


When you know the 555 timer circuit works, unplug the LED, 100 Q resistor, and battery clip. 


Step 2: Build the LED-Controlling Circuit 


Now, you're going to connect the 4017 decade counter with resistors and LEDs. There are a lot of 
connections, so take as much time as you need to get them all correct. 


Plug the 4017 decade counter into the breadboard so that the middle of the decade counter 1s 
around row 20, with the chip marker pointing up toward row 1. Then, take out five LEDs and ten 100 
Q resistors. 


Connect each LED’s negative (short) leg to the negative supply column on the right, and connect 
each positive (long) leg to its own empty row in the component area on the right. Place the green LED 
in the middle, the two blue ones on each side of the green LED, and the red ones on each end. 


Then, connect the ten 100 Q resistors. In the circuit diagram, notice that pins 1 to 7 and pins 9 to 
11 of the 4017 decade counter each connect to one side of a resistor. The other side of each resistor 
needs to be ona row by itself. Take care to ensure the resistor legs don’t accidentally touch one 
another. Look at the following breadboard circuit to see how I connected them: 
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Now, connect the LEDs to the resistors on the 4017 decade counter, and connect the decade 
counter circuit to the 555 timer circuit according to the circuit diagram. Jumper wires are the best 
way to make those connections. 

From each resistor, connect a jumper wire to the corresponding LED. Look at the circuit diagram 
and notice, for example, that the other side of the resistor connected to pin 4 of the 4017 decade 
counter should connect to the positive pin of the green LED in the middle. Go through the pins in the 


circuit diagram to figure out which LED to connect each resistor to. 

Connect pins 8 and 15 of the 4017 decade counter to the negative supply column, and connect pin 
16 to the positive supply column. Use a wire to connect the output from the 555 timer (pin 3) to the 
clock input of the 4017 decade counter (pin 14). 

Make sure that you have positive and negative connections in all of your power supply columns. 
The breadboard I recommend in this project’s Shopping List (page 267) divides its power supply 
columns into two sections, one upper and one lower. Just connect each of the upper and lower halves 
on the left side with a wire to bridge the gap, as shown. Do the same on the right side. Alternatively, 
use two jumper wires from the left columns to the right columns. 


You can use a jumper wire, or you can cut off a small piece of wire, as I’ve done in this photo. 
Then, use two long jumper wires to connect the lower-left power supply columns with the two lower- 
right columns. When you’re done connecting the two circuits and all the power supply columns, your 
breadboard should look like this: 
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Before building the next part of the circuit, check that your LED-controlling circuit is working 
correctly, too. To test it, just connect pin 13 on the 4017 decade counter—that is, the “disable” pin— 
to the negative supply column with a jumper wire, and plug your battery clip and battery into the 
breadboard as usual. You should see a light “running” back and forth across the row of LEDs. 

Ifno LEDs light up, first check that you’ ve connected the 4017 decade counter with the notch 
pointing upward. Connecting the chip the wrong way is an easy mistake to make. I’ve done 1t many 
times! 

Next, check that pin 16 of the 4017 decade counter is connected to the positive supply column and 
that pins 8 and 15 connect to the negative supply column. Also, confirm that you’ve connected the 
LEDs with their short legs in the negative supply column. 

If some LEDs work and some don’t, or if the light doesn’t run smoothly back and forth, look over 


all the connections of resistors and jumper wires to find the fault. 


After verifying that your circuit works, remove the wire connecting pin 13 of the 4017 decade 
counter to the negative supply column, and disconnect the battery from the breadboard. 


Step 3: Build the Start and Stop Circuit 


The last piece of this project is the button circuit that starts and stops the LEDs. Make these 
connections now: 


1. Connect one push button at the bottom of the breadboard, across the notch in the middle. Plug the 
4011 NAND-gate IC into the breadboard, a couple of rows above the button. Make sure its chip 
marking points toward row 1 on the breadboard. 


2. Place the second button above the IC on the right component side so that it’s easy to reach it with 
your finger. 


3. Connect the two resistors, R13 and R14, as shown in the circuit diagram. Then, use jumper 
wires to make the remaining connections in the SR latch circuit, as shown in the following 
breadboard diagram. Connect the positive and negative supply columns to the NAND-gate IC 
(pins 14 and 7, respectively), and connect the wire from pin 11 of the NAND-gate IC to pin 13 
of the 4017 decade counter. 


Compare your connections to the following image. 
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Step 4: Practice Your Reaction Time! 


All that’s left 1s to connect the battery to the supply columns. The button at the bottom of the board 1s 
the Reset button. Use this to start the game and to restart the game after each player attempts to stop 
the light. 


The button next to the LEDs should stop the light when the game is running. See how many turns it 
takes you to get to 50 points! 


Step 5: What If the Game Isn’t Working? 


If you’ ve followed my instructions so far, the circuits from Steps 1 and 2 should be working. If your 


circuit isn’t working, the only sources of error left are the start/stop circuit you just built and the 
connection from this circuit to the 4017 decade counter. 


A. Check the Continuity 


First, check that you don’t have a short circuit between the positive and negative columns. To do this, 
use the continuity function on your multimeter. A continuity test checks for a direct connection 
between two points in a circuit. The symbol for the continuity tester usually looks like the one shown 
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You don’t want a direct connection between the positive and negative columns because that would 
short-circuit the battery and stop the game from working. Use the continuity tester to check for short 
circuits. 

Turn the dial on your multimeter so that 1t points toward the continuity symbol. Plug the black 
measurement lead into the multimeter’s COM socket, and plug the red measurement lead into the 
multimeter’s V socket. Touch the tip of the black and red measurement leads to each other, and you 
should hear a beep to indicate that there’s a direct connection. 


NOTE 


Many electronics enthusiasts also call continuity mode beep mode. 


B. Check for Bad and Good Beeps 


Now, plug your battery clip into the breadboard as you would normally, but without the battery. 
Touch one measurement lead tip to the positive connector and the other to the negative connector. If 
you hear a beep, there’s a short circuit, and you need to fix it! Check all your connections to the 
positive and negative supply columns. 


Next, check the connection between pin 11 on the 4011 NAND-gate IC and pin 13 on the 4017 
decade counter to make sure they’re connected correctly. Use the continuity tester to check that you 
have a connection by carefully touching the lead tips on the IC pins. There isn’t much space between 
IC pins, so take care to be sure each tip only touches the correct pin. This time, a beep is a good sign. 


C. Check for Power 


If the connection to the NAND-gate IC is correct, use a multimeter to measure the output voltage from 
the start/stop circuit to see whether it’s working correctly. Set your multimeter to measure voltage. 
Make sure the black measurement lead is connected to the multimeter’s COM socket, and the red 
measurement lead is connected to the V socket. 


Touch the tip of the black lead of the multimeter to the negative side of the battery, and touch the 
red lead to pin 11 on the 4011 NAND-gate IC. You should see a high signal—about 9 V—arfter 
clicking the stop button and a low signal—about 0 V—after pushing the start button. If not, check the 
connections of the SR latch circuit to find the error. 


TRY IT OUT: CHANGE THE LIGHT’S SPEED 


To change the speed and difficulty of the game, play around with different values for R1, R2, and 
C1 around the 555 timer. Smaller values will make the game go faster. Larger values will make 

the game go slower. Flip to “How to Set the Output Speed of the 555 Timer” on page 166 for the 
calculations to figure out specific resistor and capacitor values based on the frequency you want. 


ADD A BUZZER TO YOUR GAME 


Congratulations: You’ve finished the last project in the book! Now, it’s up to you to decide what to 
make next. If you're not sure where to start, why not add more circuits to your reaction game? 


The LED in the middle is where you want the light to stop, and I suggest adding a sound circuit to 
bring some excitement to hitting your target. To do this, you could use an active buzzer like the one in 
“Project #2: Intruder Alarm” on page 11, as shown in this partial circuit diagram. 
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The darker part of this circuit shows new components you'd need in order to add a buzzer to the 
reaction game project. The lighter components are just a section of the original circuit diagram. 

Connect the positive leg of the middle LED through a 1 kQ resistor to the base of an NPN 
transistor. Then connect the buzzer to the transistor’s collector. Connect the positive side of your 
battery to the other side of the buzzer, and connect the negative side of the battery to the transistor’s 
emitter. 

You should end up with a circuit that makes a little beep every time the light passes the middle 
LED. If you can stop the light on the middle LED, the buzzer should beep continuously to indicate that 


you ve hit the main target. 


When you’ ve customized the game to your liking, solder it onto a prototyping board. Maybe you Il 
even want to place it in a nice box to hide the electronics and show only the buttons and LEDs. 


WHAT'S NEXT? GO MAKE COOL STUFF! 


Pm so happy you've read the book all the way to the end! I hope you’ ve enjoyed the projects, and 
I hope yov’ ll continue building cool things with electronics. One way to practice is to find a 
circuit diagram for something exciting, buy the components, and build the circuit. You can find 
circuit diagrams for almost anything online. 


Pd also like to invite you to continue learning on my website, http://www.ohmify.com/. You 
can watch video courses, read lots of project tutorials, and visit a discussion forum where you 
can ask questions and make friends with people from all over the world who also like to build 
electronics. 

Just make sure to ask your parents’ permission to join the site, as 1t’s subscription based. If 


they say yes, then use the following link for a special offer available only to the owners of this 
book: http://ohmify.com/e4k/. 


Also be sure to check out the “Online Resources” on page 286—you’ll find loads of tutorials 
and more circuits to build at those websites. Have fun! 
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HANDY RESOURCES 


Here are some resources that yov’ ll find useful when building projects with electronics. Use this as a 
reference when, for example, you need to figure out what the color bands of a specific resistor mean. 
I’ve also listed some websites where you can continue learning and find more projects to build. 


COMPONENT AND UNIT VALUE CHEAT SHEETS 


Throughout this book, you’ ll use lots of components, and there are as many ways to read those 
components as there are component types. Here are some handy cheat sheets to help you read 
resistors and capacitors and to help you remember what the different prefixes on units like volts and 
amperes mean. 


Resistor Color Codes 


Most of the resistors in this book have four color bands. To determine a resistor’s value, just look up 
its colors in the following diagram and multiply accordingly. For example, to get 470 Q, you'd 
multiply the number 47 (given by the yellow and purple bands) by 10 (given by the brown band). For 
more details on resistors, see “Meet the Resistor” on page 70. 


470 02 t5% 


first second multiplier tolerance 


digit digit 
+1% 
12% 


Capacitor Codes 


In the following table, Ive listed the most common capacitor codes. Refer to this table when you're 
using ceramic or tantalum capacitors because, unlike the electrolytic capacitors used in much of this 
book, those won’t have their capacitance written straight out for you. 


101 100 0.1 0.0001 


102 1,000 l 0.001 
103 10,000 10 0.01 
104 100,000 100 0.1 
105 1,000,000 1,000 l 


If you have a capacitor with a different code from those listed here, you can find the value in 
picofarads by taking the first two digits and adding the number of zeros of the third digit. 


firet two digits number of 
of value {in pF) zeroes to add 


capacitor 


In this example, the capacitor has the code 473. Take the first two digits, 47, and add the number 
of zeros specified by the third digit, 3. That gives you 47,000 pF, which is 47 nF, or 0.047 uF. 


Standard Prefixes 


When building electronics projects, as 1n many areas of science, we sometimes have to deal with 
really small or really big numbers. Fortunately, there’s a set of standard prefixes in the International 


System of Units to make those numbers easier to write. The prefixes are multipliers, as shown in the 
table. 


Prefix Name Multiply value by Example usage 


p pico x 0.000 000 000 001 Capacitor values 

(example: 47 pF capacitor) 
n nano x 0.000 000 001 Capacitor values 

(example: 100 nF capacitor) 
u micro x 0.000 001 Capacitor values 

(example: 10 uF capacitor) 


m milli x 0.001 Currents in a circuit 
(example: 20 mA current) 


E : xl Voltages often don’t have a prefix (example: 9 V battery) 


k kilo x 1,000 Resistor values above 1,000 
(example: 10 kQ resistor) 


M mega x 1,000,000 File sizes 
(example: 2MB photo) 


G giga x 100,0000,000 File sizes 
(example: 1GB video) 


T tera  Xx1,000,000,000,000 Hard disk sizes 
(example: 2TB hard drive) 


A QUICK REVIEW OF OHM?”S LAW 


Ohm”s law is such an essential part of calculating values in circuits that you” ll keep coming back to it 
again and again as you build more projects. Whenever you need a refresher on figuring out a voltage, 
current, or resistance in a circuit, just flip to this section. 


V=IxXxR Voltage (in volts) equals the current (in amps) multiplied by the resistance (in ohms) 
Y Current (in amps) equals the voltage (in volts) divided by the resistance (in ohms) 
R 
vV Resistance (in ohms) equals the voltage (in volts) divided by the current (in amps) 
7 


E= 


In the Ohm’s law equation, you must use volts (V), amps (A), and ohms (Q), so remember to 
convert units if necessary: 1 mA = 0.001 A and 1 KQ = 1,000 Q. 


A BASIC VOLTAGE DIVIDER CIRCUIT 


The voltage divider is a circuit that is very useful, for example, when you have a sensor based on 
resistance, such as a thermistor, which senses temperature, or a photoresistor, which senses light. See 
“Project #15: Build a Sunrise Wake-Up Alarm” on page 148 for a project that uses a voltage divider 
like this. You can also use your knowledge of the voltage divider to calculate voltages within a 
circuit in order to understand what's going on. 


When you have two resistors in series, they form a voltage divider. The input voltage gets divided 
between the two resistors, and the output voltage (across R2) is given by the formula: 
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ONLINE ELECTRONICS SHOPS 


Throughout the book, I recommend shops where you can buy your parts, but those aren't the only great 
electronics stores 1n the world! Try these, too: 


>» Adafruit (US) www.adafruit.com 

» DigiKey (US) www.digikey.com 

» Jameco (US) www.jameco.com 

>» SparkFun (US) www.sparkfun.com 

>» Bitsbox (UK) www. bitsbox.co.uk 

» Quasar Electronics (UK) www.quasarelectronics.co.uk 
>» Rapid Electronics (UK) www.rapidonline.com 
» Spiratronics (UK) www.spiratronics.com 

» Farnell (worldwide) www.farnell.com 

» Protostack (Australia) www.protostack.com 

» Seeed Studio (China) www.seeedstudio.com 


» Tayda Electronics (Thailand, US) www.taydaelectronics.com 


ONLINE RESOURCES 


When you're done with this book, you can keep learning about electronics online. (Ask your parents 
first!) You”11 find tons of fun tutorials and other projects at these sites: 


Adafruit (hítps://learn.adafruit.com/) Lots of guides based on the components they sell. 


Build Electronic Circuits (Attp://www.butld-electronic-circuits.com/) My personal blog 


where I post tutorials, videos, articles, and so on—all about electronics. I also have a free 
newsletter with useful tips and tricks for your projects. 


Electronics Club (http://www. electronicsclub.info/) A website for anyone wishing to learn 
about electronics or build simple projects, created and maintained by John Hewes, the technical 
reviewer of this book. 


Ohmify (http://www.ohmify.com/) My online learning platform with courses, project tutorials, 
discussion forums, and more. Get cool step-by-step project tutorials, ask questions, make friends, 
and learn. Owners of this book get a special offer by going to http://www.ohmify.com/e4k/. 


SparkFun (https://learn.sparkfun.com/) Lots of guides based on the components they sell. 


You can also visit this book’s website at https://www.nostarch.com/electronicsforkids/ for 
additional resources, updates, and more. 
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NUMBERS AND SYMBOLS 


555 timer, 164—166 

making sound using, 167—175 

setting output speed of, 166-167 

using for reaction game speed, 260-261 
uF (microfarad), 92 
Q (ohms), 7, 70 


A 

A (amperes), 7 

AC (alternating current), 48—49 

adapters, 226 

alarm projects 
intruder, 11—17, 108, 236—237 
sunrise, 148-157 

alternating current (AC), 48-49 

American wire gauge (AWG), 83 

amperes (A), 7 

amps, 7 

AND gates, 216, 217 

AND operator, 215 

anode, 75 

ASCII code, 201-202 

astable mode, 165 

atoms, 6 

AWG (American wire gauge), 83 


B 


barrel jack adapters, 226 
base, 132 
base-2 number system, 188 
base-10 number system, 188 
batteries 
chemistry of, 56-58 
food, 65 
lemon, 58—66 


what's inside, 55-56 
beep mode, 277 
binary numbers, 188—190 
converting to decimal, 190-192 
counting on fingers, 212 
why computers use, 211 
bits, 193 
blinking lights 
for reaction game, 265-278 
using a relay, 99-100, 101-108 
Boolean logic, 214 
braid, desoldering, 125 
breadboards, 81-83, 84-87 
buzzer 
adding to reaction game, 279-280 
in intruder alarm, 13-14 
in sunrise alarm, 153 
bytes, 193 


C 


capacitance, 91 
capacitors, 90-91 
codes for, 283 
coupling, 171—172 
polarized and nonpolarized, 91—92 
testing, 92—95 
cathode, 75 
charge, electric, 6 
cheat sheets, 282 
circuit boards, 111 
illustrations of, 121 
circuits, 8—10 
diagrams of, 95—97 
logic, 212 
making reliable, 227 
clock signal, 242 
closed circuit, 8 
closed loop, 8 
codes 


for capacitors, 283 

for resistors, 70—72, 282 

secret, 218-219, 223-237 
coin tosser project, 245-254 
collector, 132 
collector current (1,), 222 


color codes, for resistors, 70—72, 282 
color guessing game project, 194-200 
COM (common pin), 98 
common anode, 195 
common cathode, 195 
common pin 
in relay, 98 
in switch, 29 
components 
gathering, Xxv11-XXVU1 
where to buy, 286 
conditions, logical, 214—215 
conductive materials, 6 
continuity, 276 
counter, decade, 262 
coupling capacitors, 171-172 
current, 5, 7—8, 73, 222 


D 


datasheets, 103, 162 
DC (direct current), 48-49 
debugging, 174 
decade counter, 262 
decimal numbers, 188 
desoldering, 125 

braid, 125 

how to, 126-129 

safety tip, 128 
D flip-flop, 242 
diaphragm, 163 
DIP (dual in-line package) switches, 204 
direct current (DC), 48—49 
D latch, 241 


drain, on FET, 260 
dual in-line package (DIP) switches, 204 
dynamo, 66 


E 
edge-triggering, 242 
electrical current, 5, 7—8, 222 
electrically charged particles, 6 
electricity, 3—10 
creating from water or wind, 46 
generating with magnets, 44—46 
electrodes, 56 
inserting into lemon, 61 
electrolytes, 56 
electromagnets, 19, 22-23 
creating your own, 23-31 
in loudspeakers, 163-164 
in relays, 97—100 
electronics stores, 286 
electrons, 6—8 
emitter, 132 


F 


F (farads), 91 

false (Boolean value), 214 

fan, temperature-controlled, 157-158 
farads (F), 91 

FET (field-effect transistor), 260 
flip-flop, 242 

floating input, 227 

frequency, 164, 166 

Fritzing (software), 121 


G 


games 
color guessing, 194—200 
LED reaction, 265—278 


generators, 45-46 


creating your own, 49-54 
using motors as, 55 
GND symbol, 259 


H 
Hz (hertz), 164 


I 


I. (collector current), 222 


IC (integrated circuit), 161-163 
instrument, musical (project), 175-183 
insulation 

adding to wire with marker, 38 

removing from wire, 26—27 
integrated circuit (IC), 161-163 
International System of Units, 284 
intruder alarm project, 11-17, 108, 236-237 
inverter, 217 


J 


joints, soldered, 113, 116, 117 
jumper wires, 83 


K 
kilo prefix (k), 72 
kits, electronics, 129 


L 


large values, prefixes for, 72, 284 

latching, 240—241 

LDRs (light-dependent resistors), 146 

LEDs (light-emitting diodes), 58-59 
blinking, 101-108, 265-278 
brightness of, varying with resistance, 144 
controlling with transistor, 135-136 
destroying, 74—76 
guessing color game, 194—200 
identifying legs, 75 


placing on breadboard, 85 
powering, 78—81 
reaction game, 265-278 
RGB (red-green-blue), 195 
using correctly, 76—78 
lemon batteries, creating, 56, 58—66 
light bulb, 4. See also LEDs (light-emitting diodes) 
connecting to battery, 5 
project, 4-5 
light-dependent resistors (LDRs), 146 
light-emitting diodes (LEDs). See LEDs (light-emitting diodes) 
logic, 214-215 
circuit diagrams, how to draw, 218—220 
circuits, 212 
equation, 215 
gates, 215-218 
negative, 237—238 
in real life, 220-221 
loudspeaker, 163-164 


M 
M (mega) prefix, 72 
magnetic fields, 20, 44-45 
magnets, 19-21. See also electromagnets 
magnet wire, 54 
measurement units 
amperes (A), 7 
farads (F), 91 
hertz (Hz), 164 
ohms (42), 7, 70 
prefixes for, 72, 77, 92, 284 
volts (V), 6 
mega prefix (M), 72 
memory 
circuits, 240, 241 
in computers, 211 
messages, secret, 202—211 
micro prefix (u), 92 
microfarad (uF), 92 
motion-controlled instrument, 183 


motors, 31-32 

creating your own, 32-40 

current needed for, 222 

using as generators, 55 

protecting transistors used with, 234 
multimeter, 47-49 
musical instrument project, 175-183 


N 


NAND gate, 237 

nano prefix (n), 92 

nanofarad (nF), 92 

NC (normally closed), 98 
negative edge-triggered circuit, 242 
negative logic gates, 237-238 
negative supply column, 81 
neutrons, 6 

nF (nanofarad), 92 

NO (normally open), 98 
nonpolarized capacitors, 91 

NOR gate, 237 

normally closed (NC), 98 
normally open (NO), 98 

north pole, on a magnet, 20-2 1 
NOT gate, 217 

NPN transistor, 132, 134 
nucleus, 6 

numbers, binary and decimal, 188 


O 


Ohmify (website), 280 

ohms (42), 7, 70 

Ohm’s law, 73—74, 284 

ones and zeros. See binary numbers 
online resources, 286 

OR gate, 216 

oscillator, 245 


P 


p (pico) prefix, 92 
parts 
gathering, xxXvii—xxvili 
where to buy, 286 
pF (picofarad), 92 
photoresistors, 146, 148, 149, 183 
pico prefix (p), 92 
picofarad (pF), 92 
pinout, 103, 165 
pins 
in IC, 162 
in potentiometer, 145 
in relay, 98 
in switch, 28—29 
pixels, 193—194 
polarized components 
capacitors, 91—92 
LEDs, 75 
poles, on a magnet, 20-21 
positive edge-triggered circuit, 242 
positive supply column, 81 
potato batteries, 65 
potentiometers, 145, 146, 149 
power, 45 
power plants, 46 
prefixes, units, 72, 77, 92, 284 
projects 
alarms 
intruder, 11—17 
sunrise, 148-157 
binary numbers, converting to decimal, 190-192 
breadboard circuit, 84—87 
capacitor, testing, 92-95 
coin tosser, 245-254 
color guessing game, 194—200 
desoldering, 126-129 
electromagnet, 23-31 
generator, 49-54 


LEDs 
destroying, 74—76 
powering, 78—81 
lemon battery, 58—66 
light 
blinking, 101-108 
turning on, 4—5 
motor, 32—40 
musical instrument, 175-183 
reaction game, 265-280 
secret code checker, 223-235 
secret message machine, 202-211 
soldering, 118-125 
sound, with 555 timer, 167-175 
touch sensor, 136-144 
protons, 6 
prototyping boards, 120, 129, 140 
pull-down resistor, 227 
push buttons, 180-181 


R 


reaction game project, 265-278 
red-green-blue (RGB) LEDs, 195 
relays, 97—100 
adding to intruder alarm project, 108, 236—237 
blinking a light using, 99-100 
resistance, 5, 7-8, 73 
calculating for LEDs, 77—78 
illustration of, 8 
variable, 144-145 
resistors, 70 
color codes for, 70—72, 282 
materials in, 72 
placing on breadboard, 85 
pull-down, 227 
variable, 146 
resources, 281—288 
RGB (red-green-blue) LEDs, 195 
rotor, 33, 35-36 


S 
safety, XxV111—XXIX 
with battery lemons, 58 
soldering, 113-114, 128 
trimming wires, 122-123 
using resistors, 73 
using supermagnets, 34 
schematics, 95-97 
screw terminals, 226 
secret code checker 
adding to intruder alarm project, 236—237 
project, 223-235 
secret message machine project, 202—211 
sensors, touch, 136, 144 
series, batteries connected in, 57—58 
shake generator project, 49-54 
short circuits, 156, 174 
single-strand wires, 83 
small values, prefixes for, 77, 284 
solder, 111-112 
melting temperature, 112 
wick, 125 
soldering 
avoiding bad joints, 117 
desoldering, 125—129 
how to, 112—117 
iron, 113 
cleaning, 115 
stand, 114 
tinning, 115 
safety tips, 113-114, 128 
supplies, 112 
sound, 163-164 
555 timer project, 167-175 
creating with electricity, 163-164 
musical instrument project, 175-183 
south pole, on a magnet, 20-21 
sponge (for cleaning soldering iron), 115 
SR latch, 240-241, 263-264 


stripping wires, 26-27 
sunrise wake-up alarm project, 148—157 
supplies 
gathering, XXv11-XXV11 
where to buy, 286 
switches, 10—11 
connecting typical, 28—29 
controlling a light bulb with, 11 
DIP, 204 
push buttons, 180-181 
relays, 97—98 
symbol for, 96 
vs. transistors, 133—134 
synthesizer, 175 


T 


teamwork, for debugging, 174 
temperature-controlled fan, 157—158 
thermistors, 157 
timer (555), 164—166 
making sound using, 167—175 
setting output speed of, 166 
using for reaction game speed, 260-261 
tinning, 115 
toggling output, with D flip-flop, 246 
tolerance, of resistors, 72 
touch sensor project, 136-144 
transistors, 132-136 
bipolar junction, 134 
controlling LEDs with, 135-136 
current, finding maximum, 222 
FET (field-effect), 260 
how they work, 134 
NPN, 132, 134 
why to use, 133-134 
true (Boolean value), 214 
truth tables, 216-217, 238, 240, 241 
tutorials, online, 286 


U 


units of measurement 
amperes (A), 7 
farads (F), 91 
hertz (Hz), 164 
ohms (42), 7, 70 
prefixes for, 72, 77, 92, 284 
volts (V), 6 


v 


V (volts), 6 
variable resistance, 144, 145 
variable resistors, 146 
Vcc symbol, 259, 260 
Vpp symbol, 259, 260 
voltage, 5, 6-7, 73 
of batteries, 57-58 
dividers, 146, 147, 285 
calculating the voltage from, 147 
measuring light with, 148 
how to measure, 47—48, 54 
from wall adapters, 226 
volts (V), 6 


W 


wall adapter, 226 
water, generating electricity with, 46 
water analogy, for electrical current, 9—10 
wick, solder, 125 
wind, generating electricity with, 46 
wiper (pin), 145 
wire cutter, 26—27 
wires 
adding insulation to, 38 
connecting, 16 
hookup, 54 
jumper, 83 
preparing for lemon battery, 60 
single-strand, 83 
stripping insulation from, 26—27 


X 
XOR gate, 238 
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REAL ELECTRONICS. 
REAL EASY. 


Why do the lights in a house turn on when you flip a switch? How does a remote-controlled car 
move? And what makes lights on TVs and microwaves blink? The technology around you may seem 
like magic, but most of it wouldn’t run without electricity. 

Electronics for Kids demystifies electricity with a collection of awesome hands-on projects. In 
Part 1, you'll learn how current, voltage, and circuits work by making a battery out of a lemon, turning 
a metal bolt into an electromagnet, and transforming a paper cup and some magnets into a spinning 
motor. In Part 2, you”1l make even more cool stuff as you: 


e Solder a blinking LED circuit with resistors, capacitors, and relays 
e Turn a circuit into a touch sensor using your finger as a resistor 
e Build an alarm clock triggered by the sunrise 
e Create a musical instrument that makes sci-fi sounds 

Then, in Part 3, you’ ll learn about digital electronics—things like logic gates and memory circuits 
—as you make a secret code checker and an electronic coin flipper. Finally, you’ Il use everything 
you ve learned to make the LED Reaction Game—test your reaction time as you try to catch a 
blinking light! 


With its clear explanations and assortment of hands-on projects, Electronics for Kids will have 
you building your own circuits 1n no time. 


ABOUT THE AUTHOR 


Øyvind Nydal Dahl built his first circuit at 14 and has been passionate about electronics ever since. 
He has a master’s degree in electronics from the University of Oslo, helps companies develop new 
products, and travels the world while teaching electronics workshops. He also writes beginner- 
friendly tutorials at http://www. build-electronic-circuits.com/. 


THE FINEST IN GEEK ENTERTAINMENT™ 


Vww.nostarch.com 


Footnotes 


Chapter 1: What Is Electricity? 


* The electron is a negative particle, but in some materials the current is made up of positive particles instead, and they flow in the 
opposite direction. So, at the atomic level, the particles can flow in either direction. 


Chapter 9: How Circuits Understand Ones and Zeros 


* Sometimes kilobyte refers to 1024 bytes (210). 


This eBook shows you how to TEST COMPONENTS. 
To do this you need "TEST GEAR.” The best item of Test Gear is a 
MULTIMETER. It can test almost 90% of all components. And that's what we will do in this 


eBook: 


CONTENTS 


Analogue Multimeter 


Audio Stages 
Batteries - testing 


Burnt Resistor 


Buying A Multimeter 
Capacitors 
Capacitors in Parallel 
Cells - batteries 


Circuit Symbols 
Co-Ax Cables 


Colour Code (Resistor) 
Coils 

Continuity 

Creating any value of R 
Current - measuring 
Damper Diodes 
Darlington Transistors 
Digital Chips 

Digital Multimeter 
Diodes 

Earth Leakage Detectors 
Electrolytics 


ultimeters 
Non-polar Capacitor (electrolytic) 
‘Open" Resistor - damaged 
Opto-couplers 
Parallel - resistors 
Piezo Diaphragms 
Piezo Buzzers 
Potentiometers 


Resistor Colour Code 
Resistor Networks 
Resistors - series 


FETs Super Probe MkiIl 

Focus pots Surface Mount - Packs 

Fuses Surface-Mount Resistors 
Germanium Diodes Surface-Mount Resistor Markings 
Impedance - of a stage Switches 

IC's - also called Digital Chips esting A Circuit 

IC's - Analogue Chips esting A Resistor 

“In-Circuit" testing esting Components “In-Circuit" 
Inductors ransformers 

Inductors - measuring ransistor Outlines 

Integrated Circuits ransistors 

Isolation Transformer riacs 

LEDs Unknown resistors - testing 
Logic Probe MkIIB Using A Multimeter 

Logic Probe - Simple oltage Regulators 


Logic Probe - using CD4001 oltages on a circuit 
Logic Probe - using CD4011 okes 


Making your own components Zener Diodes 
Measuring Resistance 4-Band Resistors 


Measuring Voltage 5-Band Resistors 
Mica Washers and Insulators 

Motor - testing 

MOSFETs 


MULTIMETERS 


There are two types: 

DIGITAL and ANALOGUE 

A Digital Multimeter has a set of digits on the display and an Analogue Multimeter has a scale with a 
pointer (or needle). 

You really need both types to cover the number of tests needed for designing and repair-work. We will 
discuss how they work, how to use them and some of the differences between them. 


DIGITAL AND ANALOGUE MULTIMETERS 


BUYING A MULTIMETER 


There are many different types on the market. 

The cost is determined by the number of ranges and also the extra features such as diode tester, 
buzzer (continuity), transistor tester, high DC current and others. 

Since most multimeters are reliable and accurate, buy one with the greatest number of ranges at the 
lowest cost. 

This article explains the difference between a cheap analogue meter, an expensive analogue meter and 
a digital meter. You will then be able to work out which two meters you should buy. 


Multimeters are sometimes called a "meter", a "VOM" (Volts-Ohms-Milliamps or Volt Ohm Meter) or 
“multi-tester" or even "a tester" - they are all the same. 


USING A MULTIMETER 


Analogue and digital multimeters have either a rotary selector switch or push buttons to select the 
appropriate function and range. Some Digital Multimeter (DMMs) are auto ranging; they automatically 
select the correct range of voltage, resistance, or current when doing a test. However you need to 
select the function. 


Before making any measurement you need to know what you are checking. If you are measuring 
voltage, select the AC range (10v, 50v, 250v, or 1000v) or DC range (0.5v, 2.5v, 10v, 50v, 250v, or 
1000v). If you are measuring resistance, select the Ohms range (x1, x10, x100, x1k, x10k). If you are 
measuring current, select the appropriate current range DCmA 0.5mA, 50mA, 500mA. Every 
multimeter is different however the photo below shows a low cost meter with the basic ranges. 
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The most important point to remember is this: 

You must select a voltage or current range that is bigger or HIGHER than the maximum expected 
value, so the needle does not swing across the scale and hit the "end stop." 

If you are using a DMM (Digital Multi Meter), the meter will indicate if the voltage or current is higher 
than the selected scale, by showing "OL" - this means "Overload." If you are measuring resistance 
such as 1M on the x10 range the "OL" means "Open Loop" and you will need to change the range. 
Some meters show "1' on the display when the measurement is higher than the display will indicate 
and some flash a set of digits to show over-voltage or over-current. A "-1" indicates the leads should 
be reversed for a "positive reading." 


If it is an AUTO RANGING meter, it will automatically produce a reading, otherwise the selector switch 
must be changed to another range. 
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MULTIMETER Lu COH- 


The Common (negative) lead ALWAYS fits into 
the "COM" socket. The red lead fits into the 
red socket for Voltage and Resistance. 
Place the red lead (red banana plug) 
into "A" (for HIGH CURRENT "Amps") 


or mA,uA for LOW CURRENT. 
The black "test lead" plugs into the socket marked "-" "Common", or "Com," and the red "test lead" 
plugs into meter socket marked "+" or "V-W-mA." The third banana socket measures HIGH CURRENT 
and the positive (red lead) plugs into this. You DO NOT move the negative "-" lead at any time. 


The following two photos show the test leads fitted to a digital meter. The probes and plugs have 


"guards" surrounding the probe tips and also the plugs so you can measure high voltages without 
getting near the voltage-source. 


Analogue meters have an "Ohms Adjustment" to allow for the change in voltage of the battery inside 
the meter (as it gets old). 
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"Ohms Adjust" is also called "ZERO SET" 
The sensitivity of this meter is 20,0000hms/volt 
on the DC ranges and 5k/v on the AC ranges 


Before taking a resistance reading (each time on any of the Ohms scales) you need to "ZERO SET" the 
scale, by touching the two probes together and adjust the pot until the needle reads "0" (swings FULL 
SCALE). If the pointer does not reach full scale, the batteries need replacing. Digital multimeters do 
not need "zero adjustment." 


MEASURING VOLTAGE 


Most of the readings taken with a multimeter will be VOLTAGE readings. 

Before taking a reading, you should select the highest range and if the needle does not move up scale 
(to the right), you can select another range. 

Always switch to the highest range before probing a circuit and keep your fingers away from the 
component being tested. 

If the meter is Digital, select the highest range or use the auto-ranging feature, by selecting "V." The 
meter will automatically produce a result, even if the voltage is AC or DC. 

If the meter is not auto-ranging, you will have to select Y =if the voltage is from a DC source or Vif 
the voltage is from an AC source. DC means Direct Current and the voltage is coming from a battery or 
Supply where the voltage is steady and not changing and AC means Alternating Current where the 
voltage is coming from a voltage that is rising and falling. 

You can measure the voltage at different points in a circuit by connecting the black probe to chassis. 
This is the Ov reference and is commonly called "Chassis" or "Earth" or "Ground" or "Ov." 

The red lead is called the "measuring lead" or "measuring probe" and it can measure voltages at any 
point in a circuit. Sometimes there are "test points" on a circuit and these are wires or loops designed 
to hold the tip of the red probe (or a red probe fitted with a mini clip). 

You can also measure voltages ACROSS A COMPONENT. In other words, the reading is taken in 
PARALLEL with the component. It may be the voltage across a transistor, resistor, capacitor, diode or 
coil. In most cases this voltage will be less than the supply voltage. 

If you are measuring the voltage in a circuit that has a HIGH IMPEDANCE, the reading will 

be inaccurate, up to 90% !!!, if you use a cheap analogue meter. 


Here's a simple case. 

The circuit below consists of two 1M resistors in series. The voltage at the mid point will be 5v when 
nothing is connected to the mid point. But if we use a cheap analogue multimeter set to 10v, the 
resistance of the meter will be about 100k, if the meter has a sensitivity of 10k/v and the reading will 
be incorrect. 

Here how it works: 

Every meter has a sensitivity. The sensitivity of the meter is the sensitivity of the movement and is the 
amount of current required to deflect the needle FULL SCALE. 

This current is very small, normally 1/10th of a milliamp and corresponds to a sensitivity of 10k/volt 
(or 1/30th mA, for a sensitivity of 30k/v). 

If an analogue meter is set to 10v, the internal resistance of the meter will be 100k for a 10k/v 
movement. 

If this multimeter is used to test the following circuit, the reading will be inaccurate. 


The reading should be 5v as show in diagram A. 


But the analogue multimeter has an internal resistance of 100k and it creates a circuit shown in C. 
The top 1M and 100k from the meter create a combined PARALLEL resistance of 90k. This forms a 
series circuit with the lower 1M and the meter will read less than 1v 

If we measure the voltage across the lower 1M, the 100k meter will form a value of resistance with the 
lower 1M and it will read less than 1v 

If the multimeter is 30k/v, the readings will be 2v. See how easy it is to get a totally inaccurate 
reading. 
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This introduces two new terms: 
HIGH IMPEDANCE CIRCUIT and "RESISTORS in SERIES and PARALLEL." 


If the reading is taken with a Digital Meter, it will be more accurate as a DMM does not take any 
current from the circuit (to activate the meter). In other words it has a very HIGH input impedance. 
Most Digital Multimeters have a fixed input resistance (impedance) of 10M - no matter what scale is 
selected. That's the reason for choosing a DMM for high impedance circuits. It also gives a reading 
that is accurate to about 1%. 


MEASURING VOLTAGES IN A CIRCUIT 


You can take many voltage-measurements in a circuit. You can measure "across" a component, or 

between any point in a circuit and either the positive rail or earth rail (Ov rail). In the following circuit, 
the 5 most important voltage-measurements are shown. Voltage "A" is across the electret microphone. 
It should be between 20mV and 500mV. Voltage "B" should be about 0.6v. Voltage "C" should be 


about half-rail voltage. This allows the transistor to amplify both the positive and negative parts of the 
waveform. Voltage "D" should be about 1-3v. Voltage "E" should be the battery voltage of 12v. 


MEASURING VOLTAGES IN A CIRCUIT 


MEASURING CURRENT 

You will rarely need to take current measurements, however most multimeters have DC current ranges 
such as 0.5mA, 50mA, 500mA and 10Amp (via the extra banana socket) and some meters have AC 
current ranges. Measuring the current of a circuit will tell you a lot of things. If you know the normal 
current, a high or low current can let you know if the circuit is overloaded or not fully operational. 


Current is always measured when the circuit is working (i.e: with power applied). 

It is measured IN SERIES with the circuit or component under test. 

The easiest way to measure current is to remove the fuse and take a reading across the fuse-holder. 
Or remove one lead of the battery or turn the project off, and measure across the switch. 

If this is not possible, you will need to remove one end of a component and measure with the two 
probes in the "opening." 

Resistors are the easiest things to desolder, but you may have to cut a track in some circuits. You have 
to get an "opening" so that a current reading can be taken. 

The following diagrams show how to connect the probes to take a CURRENT reading. 

Do not measure the current ACROSS a component as this will create a "short-circuit." 

The component is designed to drop a certain voltage and when you place the probes across this 
component, you are effectively adding a "link" or "jumper" and the voltage at the left-side of the 
component will appear on the right-side. This voltage may be too high for the circuit being supplied 
and the result will be damage. 


Measuring current through a resistor 


IN 


Lamp 


Measuring the current of a globe 


a a 


Do NOT measure the CURRENT of a battery 
(by placing the meter directly across the terminals) 
A battery will deliver a very HIGH current 
and damage the meter 


Do not measure the "current a battery will deliver" by placing the probes across the terminals. It will 
deliver a very high current and damage the meter instantly. There are special battery testing 
instruments for this purpose. 

When measuring across an "opening" or "cut," place the red probe on the wire that supplies the 
voltage (and current) and the black probe on the other wire. This will produce a "POSITIVE" reading. 
A positive reading is an UPSCALE READING and the pointer will move across the scale - to the right. A 
"NEGATIVE READING" will make the pointer hit the "STOP" at the left of the scale and you will not get 
a reading. If you are using a Digital Meter, a negative sign "-" will appear on the screen to indicate the 
probes are around the wrong way. No damage will be caused. It just indicates the probes are 


connected incorrectly. 
If you want an accurate CURRENT MEASUREMENT, use a digital meter. 


MEASURING RESISTANCE 


Turn a circuit off before measuring resistance. 

If any voltage is present, the value of resistance will be incorrect. 

In most cases you cannot measure a component while it is in-circuit. This is because the meter is 
actually measuring a voltage across a component and calling it a "resistance." The voltage comes from 
the battery inside the meter. If any other voltage is present, the meter will produce a false reading. 

If you are measuring the resistance of a component while still "in circuit,” (with the power off) the 
reading will be lower than the true reading. 


Measuring resistance of a heater 
(via the leads) 


resistance 
Wire 


Power must be 
disconnected 
from the circuit 


Measuring the resistance of a resistor 


Do not measure the "Resistance of a Battery" 


1. Do not measure the "resistance of a battery." The resistance of a battery (called the Internal 
impedance) is not measured as shown in the diagrams above. It is measured by creating a current- 
flow and measuring the voltage across the battery. Placing a multimeter set to resistance (across a 
battery) will destroy the meter. 

2. Do not try to measure the resistance of any voltage or any "supply." 


Resistance is measured in OHMs. 

The resistance of a 1cm x 1cm bar, one metre long is 1 ohm. 

If the bar is thinner, the resistance is higher. If the bar is longer, the resistance is higher. 

If the material of the bar is changed, the resistance is higher. 

When carbon is mixed with other elements, its resistance increases and this knowledge is used to 
make RESISTORS. 

Resistors have RESISTANCE and the main purpose of a resistor is to reduce the CURRENT FLOW. 
It's a bit like standing on a hose. The flow reduces. 

When current flow is reduced, the output voltage is also reduced and that why the water does not 
Spray up so high. Resistors are simple devices but they produce many different effects in a circuit. 
A resistor of nearly pure carbon may be 1 ohm, but when non-conducting "impurities" are added, the 
Same-size resistor may be 100 ohms, 1,000 ohms or 1 million ohms. 

Circuits use values of less than 1 ohm to more than 22 million ohms. 


Resistors are identified on a circuit with numbers and letters to show the exact value of resistance - 


, _ ; - such as 1k 2k2 4M7 
iro pp oes 


The letter Q (omega - a Greek symbol) is used to identify the word 


“gold 5% i | qold 5% "Ohm." 
Amaro CI or but this symbol is not available on some word-processors, so the letter 
TA "R" is used. The letter "E" is also sometimes used and both mean 
"Ohms." 


A one-ohm resistor is written "1R" or "1E." It can also be written "1RO" or "1E0." 

A resistor of one-tenth of an ohm is written "OR1" or "OE1." The letter takes the place of the decimal 
point. 

10 ohms = 10R 

100 ohms = 100R 

1,000 ohms = 1k (k= kilo = one thousand) 

10,000 ohms = 10k 

100,000 ohms = 100k 

1,000,000 ohms = 1M (M = MEG = one million) 


The size of a resistor has nothing to do with its resistance. The size determines the wattage of the 
resistor - how much heat it can dissipate without getting too hot. 

Every resistor is identified by colour bands on the body, but when the resistor is a surface-mount 
device, numbers are used and sometimes letters. 

You MUST learn the colour code for resistors and the following table shows all the colours for the most 
common resistors from 1/10th of an ohm to 22 Meg ohms for resistors with 5% and 10% tolerance. 


If 3rd band is gold, Divide by 10 
If 3rd band is silver, Divide by 100 
(to get 0.220hms etc) 


ROW os E ER ee a oe Soe IREEN 


{= DECO R10 EEE Ro E | 10 EÉ 1008 Eiko I 10K HO 100K imo 
2- Man 711 DAAR BB 11 000 1108 Be k BOK BOK Bini 
3- DAN R1: BEM 1A? BH 12 BB 20 BB ik? BO 12 10120 BB iw? 
4-BDM 713 AAN: F: BO 13 BO 130R BO ik: BOO 13 400130 BO H3 
5- BBM 715 BBM 1R5 BH 15 BB 150 AAMA Es BO 15 BBO iso Bis 
A Fis BEM 1R6 BB 16 BB 160 BB iks MIO 16 BBL 160 Bibs 
7- MOON as MODs BO isk BO 180 BOB iks BOO isk BOO 10 BOW ine 
8- BEM 720 BEGI | 20 BD 200 Be 20 MIO 20 BL 200 MIO 20 
9- MAN 22 BEM 22 MI 22 MAA 220 MAA 2.2 MIO 22 MO 220 Bw 
10- MOON R24 MONO 24 MON 248 MON 240 MOM 24 MOJO 24 MOJO 240k BO 2H4 
11- MAN 27 BEM 277 MON 277 MAA 270 MAA 27 MAJO 27 MAD 270 BBD 247 
12-00 30 MAr 30 CI 30 CIA 300 CIA oko Ook L300 OB 3H0 
13-000 R33 HOM 33 COM 33 OO 3308 DOM 3k3 OOO 33 OOO 330 OO 3H3 
14-D BM R36 BEM RE CI 36 CIMA 360 CIMA ks OBO 36 Osseo COMO swe 
15-100 R39 HOM 39 COM 398 DO 3908 DOM 3x9 OOO 39 DO 390 OO 3H9 
16- DON R43 DOMO 43 DOM 438 DONA 4308 DOM 43 ONN 43 ODO 430 OD 4M3 
17- DDM ñ47 OB 47 CB 47 DAA 470 COB 47 DO 47 DO 470 OD 447 
18- HAN R51 AAM sa1 BR BB 510 BK AAN sk BOK Bet 
19- AMO R56 BBM 5A6 Ber BB 5607 DAA ské DAN sek MASE Bowe 
20- MAD fe? BEM 62 MO 62 MAJO 5207 MAA 6x2 Bek MAJO 620k MO 542 
21- BOO nes BOO ERs MON cer MONA 650 BO ss MOJO esk OO 60 MONO ss 
??-B BM 75 MO 75 MON 75k MEA 750 MUA 7ks Bek BOK Bre 
73-D BM ns? DAN sh? DIN 37h DMA 820 DMA ek? DO 82k Oe OBB sw? 
74-D EM R9 ODM R1 DOM 91 ODMA 9108 QUA 91 OMA ak OM s0 COB 941 


COLOR CODES FOR THE WHOLE E12/E24 RANGE OF RESISTORS mon 
The twelve odd rows-1, 3, 6...- represent values available in the E12 range only plus 10h 


Reading 4-band resistors 


The most "common" type of resistor has 4 bands and is called the 10% resistor. It now has a tolerance 
of 5% but is still called the "10% type" as the colours increase by 20% so that a resistor can be 10% 
higher or 10% lower than a particular value and all the resistors produced in a batch can be used. 

The first 3 bands produce the resistance and the fourth band is the "tolerance" band. Gold = 5% 
(Silver =10% but no modern resistors are 10%!! - they are 5% 2% or 1%) 
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Green 5 
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Resistor Color Code Syster 
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Temperature Coefficient 


Here is another well-designed resistor colour code chart: 


É Color Codes 
File Help 


Resistors 4 bands | Resistors 5 bands | Capacitors | R and C calc | 


AA + io] = | 47000 
MAJE 4] 


Band 3 Band 4 
Black. ack Silver Red 
Brown 
Silver 
No Color 


Clear | 


Color Code Search 


Nearest value [E12 seres] 
Value C ohms Tolerance [#] a? bah 


a? f k-ohms 10 


[No decimals] C M-ohmz 


Download the program and save it on your desk-top for future reference: 
ColourCode.exe (520KB) 


ColourCode.zip (230KB) 
ColourCode.rar (180KB) 


RESISTORS LESS THAN 10 OHMS 

When the third band is gold, it indicates the value of the "colors" must be divided by 10. 
Gold = "divide by 10" to get values 1RO to 8R2 

When the third band is silver, it indicates the value of the "colors" must be divided by 100. 
(Remember: more letters in the word "silver" thus the divisor is "a larger division.”) 

Silver = "divide by 100" to get values R1 to R82 

e.g: ORI = 0.1 ohm OR22 = point 22 ohms 

See 4th Column above for examples. 


The letters "R, k and M" take the place of a decimal point. 
e.g: 1R0 = 1 ohm  2R2 = 2 point 2 ohms 22R = 22 ohms 
2k2 = 2,200 ohms 100k = 100,000 ohms 

2M2 = 2,200,000 ohms 


HOW TO REMEMBER THE COLOUR CODE: 


Each colour has a "number" (or divisor) corresponding to it. 
Most of the colours are in the same order as in the spectrum. You can see the spectrum in a rainbow. 
It is: ROY G BIV and the colours for resistors are in the same sequence. 


black 

brown - colour of increasing temperature 

red 

orange 

yellow 

green 

blue 

(indigo - that part of the spectrum between blue and violet) 
violet 


gray 


white 

colour value No of zero's 

silver -2 divide by 100 

gold -1 divide by 10 

black 0 No zeros 

brown 1 0 

red 2 00 

orange 3 ,000 or k 

yellow 4 0,000 

green 5 00,000 

blue 6 M 

violet T 

gray 8 

white 9 

Resistor -- 4 Bands Resistor -- 5 Bands 
l l a l I mi 
21d Digit >” subi Tolerance 

1st Digit Tolerance 1st Digit 

pore | Digit | Multiplier | Tolerance 

Black Mo 1 
Brown M1 10 +1% 

Red | 2 100 +20 
Orange M 3 1,000 14% 
Yellow) 4 10,000 +4% 
Green M 5 100,000 

Blue | 6 1,000,000 
Violet [7 10,000,000 

Gray ||) £ 100,000,000 
White |] 9 

Gold F 0.1 15% 
Silver | & 0.01 +10% 

Hone +20% 


Here are some common ways to remember the colour code: 
Bad Beer Rots Our Young Guts, But Vodka Goes Well 
Bright Boys Rave Over Young Girls But Violet Gets Wed 


Bad Boys Rave Over Young Girls But Violet Gets Wed with Gold and Silver. 


Reading 5-band resistors: 
5-band resistors are easy to read if you remember two simple points. The first three bands provide the 
digits in the answer and the 4th band supplies the number of zero's. 


Reading "STANDARD VALUES” (on 5-band resistors) 


5-band resistors are also made in "Standard Values" but will have different colours to 4-band 
"common" resistors - and will be confusing if you are just starting out. For instance, a 47k 5% resistor 


with 4-bands will be: yellow-purple-orange-gold. For a 47k 1% resistor the colours will be yellow- 
purple-black-red-brown. The brown colour-band represents 1%. 

The first two colour-bands for a STANDARD VALUE or "common value" in 1% or 5% will be the SAME. 
These two bands provide the digits in the answer. 

It's the 3rd band for a 5% resistor that is expanded into two bands in a 1% resistor. But it's easy to 
follow. 

For a standard value, the 3rd band in a 1% resistor is BLACK. This represents a ZERO in the answer. 
(For 5-band resistors BLACK represents a ZERO when in the third band. This is different to 4-band 
resistors where black represents the word OHMS! If the third band is BROWN, the answer will be 1). 
So the 4th band has to represent one-less ZERO and is one colour UP THE COLOUR CHART! In other 
words the 3rd and 4th bands (combined) on a 1% resistor produces the same number of zero's as the 
3rd band on a 5% resistor! 


Resistors come in a range of values and the two most common are the E12 and E24 series. The E12 
series comes in twelve values for each decade. The E24 series comes in twenty-four values per 
decade. 

E12 series - 10, 12, 15, 18, 22, 27, 33, 39, 47, 56, 68, 82 

E24 series - 10, 11, 12, 13, 15, 16, 18, 20, 22, 24, 27, 30, 33, 36, 39, 43, 47, 51, 56, 62, 68, 75, 82, 91 

Here is the complete list of 1% 1/4watt resistors from: 


CIRCUIT SPECIALISTS. The following list covers 10 ohms (10R) to 1M. 
To buy 1% resistors from Circuit Specialists, click: HERE. 


Surface Mount Resistors 


0.025R 


"4 FE aol sense resistor 
"BO thou" 
"one hundered and 
twenty thousands 
of an inch" 


11.3 ohm 


0.47 470 470 4700 47kQ 47kO 


471 


4700 47kQ 47KO 


1206 and 0803 SURFACE MOUNT RESISTORS 


a ye A 
SOUTO HTS A 

ELE ESIL 

dd E A E E E E | 


ETIT 
= ARA 


== — : | - oY 
SININNYASNI OvVivd | + 


Ja oea 


4-digit Surface Mount resistors on a PC board 


The photo above shows surface mount resistors on a circuit board. The components that are not 
marked are capacitors (capacitors are NEVER marked). 

All the SM resistors in the above photos conform to a 3-digit or 4-digit code. But there are a number of 
codes, and the 4-digit code caters for high tolerance resistors, so it's getting very complicated. 


Here is a basic 3-digit SM resistor: 


> 


A 330k SM resistor 


The first two digits represent the two digits in the answer. The third digit represents the number of 
zero's you must place after the two digits. The answer will be OHMS. For example: 334 is written 33 O 
000. This is written 330,000 ohms. The comma can be replaced by the letter "k". The final answer is: 
330k. 

222 = 22 00 = 2,200 = 2k2 

473 = 47 000 = 47,000 = 47k 

474 = 47 0000 = 470,000 = 470k 

105 = 10 00000 = 1,000,000 = 1M = one million ohms 

There is one trick you have to remember. Resistances less than 100 ohms are written: 100, 220, 470. 
These are 10 and NO zero's = 10 ohms = 10R 

or 22 and no zero's = 22R or 47 and no zero's = 47R. Sometimes the resistor is marked: 10, 22 and 
47 to prevent a mistake. 


Remember: 

R = ohms 

k = kilo ohms = 1,000 ohms 

M = Meg = 1,000,000 ohms 

The 3 letters (R, k and M) are put in place of the decimal point. This way you cannot make a mistake 
when reading a value of resistance. 


THE COMPLETE RANGE OF SM RESISTOR 
MARKINGS 
Click to see the complete range of SM resistor markings for 3-digit code: 


A E EE 


Click to see the complete range of SM resistor markings for 4-digit code: 


A E E 


0000 is a value on a surface-mount resistor. It is a zero-ohm LINK! 
Resistances less than 10 ohms have 'R' to indicate the position of the decimal point. 
Here are some examples: 


Three Digit Examples 
330 is 33 ohms - not 330 ohms 


221 is 220 ohms 
683 is 68 000 ohms, or 68k 


105 is 1 000 000 ohms, or 1M 


8R2 is 8.2 ohms 


A new coding system has appeared on 1% types. This is known as the EIA-96 marking method. It 
consists of a three-character code. The first two digits signify the 3 significant digits of the resistor 
value, using the lookup table below. The third character - a letter - signifies the multiplier. 


value code 


65 
66 
67 
68 
69 
70 
71 
72 
73 
74 
75 
76 
77 
7 
7 
8 


O © 


487° 
499. 
511 
523 
536 
549 
562 
576 
590 
604 
619 
634 
= 
665 


o 


The multiplier letters are as follows: 


letter letter mult 

F B 10 

E A 1, 
X or 

: : 
Y or 

c e [00% 


22A is a 165 ohm resistor, 68C is a 49900 ohm (49k9) and 43E a 2740000 (2M74). This marking 
scheme applies to 1% resistors only. 


A similar arrangement can be used for 2% and 5% tolerance types. The multiplier letters are identical to 1% ones, but 
occur before the number code and the following code is used: 


code 
37 
38 
39 
40 
41 
42 
43 
44 
45 
46 
47 
48 


With this arrangement, C31 is 5%, 18000 ohm (18k), and D18 is 510000 ohms (510k) 2% tolerance. 
Always check with an ohm-meter (a multimeter) to make sure. 


Chip resistors come in the following styles and ratings: 

Style: 0402, 0603, 0805, 1206, 1210, 2010, 2512, 3616, 4022 

Power Rating: 0402(1/16W), 0603(1/10W), 0805(1/8W), 1206(1/4W), 1210(1/3W), 2010(3/4W), 2512(1W), 
3616(2W), 4022(3W) 

Tolerance: 0.1%, 0.5%, 1%, 5% 

Temperature Coefficient: 25ppm 50ppm 100ppm 


EIA marking code for surface mount (SMD) resistors 


01S=1R 

02S = 1R02 
03S = 1R05 
04S = 1R07 
05S = 1R1 

06S = 1R13 
07S = 1R15 
08S = 1R18 
09S = 1R21 


10S = 1R24 
11S = 1R27 
12S = 1R3 

13S = 1R33 
14S = 1R37 
15S = 1R4 

16S = 1R43 
17S = 1R47 
18S = 1R5 

19S = 1R54 


20S = 1R58 
21S = 1R62 
22S = 1R65 
23S = 1R69 
24S = 1R74 
25S = 1R78 
26S = 1R82 
27S = 1R87 
28S = 1R91 
29S = 1R96 


30S = 2RO 

31S = 2R05 
32S = 2R10 
33S = 2R15 
34S = 2R21 
35S = 2R26 
36S = 2R32 
37S = 2R37 
38S = 2R43 
39S = 2R49 


40S = 2R55 
41S = 2R61 
42S = 2R67 
43S = 2R74 
44S = 2R80 
45S = 2R87 
46S = 2R94 
47S = 3R01 
48S = 3R09 
49S = 3R16 


50S = 3R24 
51S = 3R32 
52S = 3R4 

53S = 3R48 
54S = 3R57 
55S = 3R65 
56S = 3R74 
57S = 3R83 
58S = 3R92 
59S = 4R02 


60S = 4R12 
61S = 4R22 
62S = 4R32 
63S = 4R42 
64S = 4R53 
65S = 4R64 
66S = 4R75 
67S = 4R87 
68S = 4R99 
69S = 5R11 


70S = 5R23 


01R=10R 

02R = 10R2 
O3R = 10R5 
04R = 10R7 
O5R = 11R 

O6R = 11R3 
O7R=11R5 
08R = 11R8 
O9R = 12R1 


10R = 12R4 
11R = 12R7 
12R=13R 

13R = 13R3 
14R = 13R7 
15R=14R 

16R = 14R3 
17R = 14R7 
18R = 15R 

19R = 15R4 


20R = 15R8 
21R = 16R2 
22R = 16R5 
23R = 16R9 
24R = 17R4 
25R = 17R8 
26R = 18R2 
27R = 18R7 
28R = 19R1 
29R = 19R6 


30R = 20RO 
31R = 20R5 
32R = 21RO 
33R = 21R5 
34R = 22R1 
35R = 22R6 
36R = 23R2 
37R = 23R7 
38R = 24R3 
39R = 24R9 


40R = 25R5 
41R = 26R1 
42R = 26R7 
43R = 27R4 
44R = 28RO 
45R = 28R7 
46R = 29R4 
47R = 30R1 
48R = 30R9 
49R = 31R6 


SOR = 32R4 
51R = 33R2 
52R = 34RO 
53R = 34R8 
54R = 35R7 
55R = 36R5 
56R = 37R4 
57R = 38R3 
58R = 39R2 
SOR = 40R2 


60R = 41R2 
61R = 42R2 
62R = 43R2 
63R = 44R2 
64R = 45R3 
65R = 46R4 
66R = 47R5 
67R = 48R7 
68R = 49R9 
69R = 51R1 


70R = 52R3 


01A = 100R 
02A = 102R 
03A = 105R 
04A = 107R 
05A = 110R 
06A = 113R 
O7A = 115R 
08A = 118R 
09A = 121R 


10A = 124R 
11A = 127R 
12A = 130R 
13A = 133R 
14A = 137R 
15A = 140R 
16A = 143R 
17A = 147R 
18A = 150R 
19A = 154R 


20A = 158R 
21A = 162R 
22A = 165R 
23A = 169R 
24A = 174R 
25A = 178R 
26A = 182R 
27A = 187R 
28A = 191R 
29A = 196R 


30A = 200R 
31A = 205R 
32A = 210R 
33A = 215R 
34A = 221R 
35A = 226R 
36A = 232R 
37A = 237R 
38A = 243R 
39A = 249R 


40A = 255R 
41A = 261R 
42A = 267R 
43A = 274R 
44A = 280R 
45A = 287R 
46A = 294R 
47A = 301R 
48A = 309R 
49A = 316R 


50A = 324R 
51A = 332R 
52A = 340R 
53A = 348R 
54A = 357R 
55A = 365R 
56A = 374R 
57A = 383R 
58A = 392R 
59A = 402R 


60A = 412R 
61A = 422R 
62A = 432R 
63A = 442R 
64A = 453R 
65A = 464R 
66A = 475R 
67A = 487R 
68A = 499R 
69A = 511R 


TOA = 523R 


01B = 1k 

02B = 1k02 
03B = 1k05 
04B = 1k07 
05B = 1k1 

06B = 1k13 
07B = 1k15 
08B = 1k18 
09B = 1k21 


10B = 1k24 
11B = 1k27 
12B = 1k3 

13B = 1k33 
14B = 1k37 
15B = 1k4 

16B = 1k43 
17B = 1k47 
18B = 1k5 

19B = 1k54 


20B = 1k58 
21B = 1k62 
22B = 1k65 
23B = 1k69 
24B = 1k74 
25B = 1k78 
26B = 1k82 
27B = 1k87 
28B = 1k91 
29B = 1k96 


30B = 2k0 

31B = 2k05 
32B = 2k10 
33B = 2k15 
34B = 2k21 
35B = 2k26 
36B = 2k32 
37B = 2k37 
38B = 2k43 
39B = 2k49 


40B = 2k55 
41B = 2k61 
42B = 2k67 
43B = 2k74 
44B = 2k80 
45B = 2k87 
46B = 2k94 
47B = 3k01 
48B = 3k09 
49B = 3k16 


50B = 3k24 
51B = 3k32 
52B = 3k4 

53B = 3k48 
54B = 3k57 
55B = 3k65 
56B = 3k74 
57B = 3k83 
58B = 3k92 
59B = 4k02 


60B = 4k12 
61B = 4k22 
62B = 4k32 
63B = 4k42 
64B = 4k53 
65B = 4k64 
66B = 4k75 
67B = 4k87 
68B = 4k99 
69B = 5k11 


70B = 5k23 


01C = 10k 

02C = 10k2 
03C = 10k5 
04C = 10k7 
05C = 11k 

06C = 11k3 
07C = 11k5 
08C = 11k8 
09C = 12k‘ 


10C = 12k4 
11C = 12k7 
12C = 13k 

13C = 13k3 
14C = 13k7 
15C = 14k 

16C = 14k3 
17C = 14k7 
18C = 15k 

19C = 15k4 


20C = 15k8 
21C = 16k2 
22C = 16k5 
23C = 16k9 
24C = 17k4 
25C = 17k8 
26C = 18k2 
27C = 18k7 
28C = 19k1 
29C = 19k6 


30C = 20k0 
31C = 20k5 
32C = 21k0 
33C = 21k5 
34C = 22k1 
35C = 22k6 
36C = 23k2 
37C = 23k7 
38C = 24k3 
39C = 24k9 


40C = 25k5 
41C = 26k1 
42C = 26k7 
43C = 27k4 
44C = 28k0 
45C = 28k7 
46C = 29k4 
47C = 30k1 
48C = 30k9 
49C = 31k6 


50C = 32k4 
51C = 33k2 
52C = 34k0 
53C = 34k8 
54C = 35k7 
55C = 36k5 
56C = 37k4 
57C = 38k3 
58C = 39k2 
59C = 40k2 


60C = 41k2 
61C = 42k2 
62C = 43k2 
63C = 44k2 
64C = 45k3 
65C = 46k4 
66C = 47k5 
67C = 48k7 
68C = 49k9 
69C = 51k1 


TOC = 52k3 


01D = 100k 
02D = 102k 
03D = 105k 
04D = 107k 
05D = 110k 
06D = 113k 
07D = 115k 
08D = 118k 
09D = 121k 


10D = 124k 
11D = 127k 
12D = 130k 
13D = 133k 
14D = 137k 
15D = 140k 
16D = 143k 
17D = 147k 
18D = 15k 

19D = 154k 


20D = 158k 
21D = 162k 
22D = 165k 
23D = 169k 
24D = 174k 
25D = 178k 
26D = 182k 
27D = 187k 
28D = 191k 
29D = 196k 


30D = 200k 
31D = 205k 
32D = 210k 
33D = 215k 
34D = 221k 
35D = 226k 
36D = 232k 
37D = 237k 
38D = 243k 
39D = 249k 


40D = 255k 
41D = 261k 
42D = 267k 
43D = 274k 
44D = 280k 
45D = 287k 
46D = 294k 
47D = 301k 
48D = 309k 
49D = 316k 


50D = 324k 
51D = 332k 
52D = 340k 
53D = 348k 
54D = 357k 
55D = 365k 
56D = 374k 
57D = 383k 
58D = 392k 
59D = 402k 


60D = 412k 
61D = 422k 
62D = 432k 
63D = 442k 
64D = 453k 
65D = 464k 
66D = 475k 
67D = 487k 
68D = 499k 
69D = 511k 


70D = 523k 


01E = 1M 

02E = 1M02 
03E = 1M05 
04E = 1M07 
05E = 1M1 

06E = 1M13 
07E = 1M15 
08E = 1M18 
09E = 1M21 


10E = 1M24 
11E = 1M27 
12E = 1M3 

13E = 1M33 
14E = 1M37 
15E = 1M4 

16E = 1M43 
17E = 1M47 
18E = 1M5 

19E = 1M54 


20E = 1M58 
21E = 1M62 
22E = 1M65 
23E = 1M69 
24E = 1M74 
25E = 1M78 
26E = 1M82 
27E = 1M87 
28E = 1M91 
29E = 1M96 


30E = 2M0 

31E = 2M05 
32E = 2M10 
33E = 2M15 
34E = 2M21 
35E = 2M26 
36E = 2M32 
37E = 2M37 
38E = 2M43 
39E = 2M49 


40E = 2M55 
41E = 2M61 
42E = 2M67 
43E = 2M74 
44E = 2M80 
45E = 2M87 
46E = 2M94 
47E = 3M01 
48E = 3M09 
49E = 3M16 


50E = 3M24 
51E = 3M32 
52E = 3M4 

53E = 3M48 
54E = 3M57 
55E = 3M65 
56E = 3M74 
57E = 3M83 
58E = 3M92 
59E = 4M02 


60E = 4M12 
61E = 4M22 
62E = 4M32 
63E = 4M42 
64E = 4M53 
65E = 4M64 
66E = 4M75 
67E = 4M87 
68E = 4M99 
69E = 5M11 


70E = 5M23 


01F = 10M 


18F = 15M 


30F = 20M 


71S = 5R36 
72S = 5R49 
73S = 5R62 
74S = 5R76 
75S = 5R9 

76S = 6RO4 
77S = 6R19 
78S = 6R34 
79S = 6R49 


80S = 6R65 
81S = 6R81 
82S = 6R98 
83S = 7R15 
84S = 7R32 
85S = 7R5 

86S = 7R68 
87S = 7R87 
88S = 8R06 
89S = 8R25 


90S = 8R45 
91S = 8R66 
92S = 8R87 
93S = 9RO9 
94S = 9R31 
95S = 9R53 
96S = 9R76 


If you want an accurate RESISTANCE measurement, remove the resistor from the circuit and use a Digital 


meter. 


71R = 53R6 
72R = 54R9 
73R = 56R2 
74R = 57R6 
75R = 59RO 
76R = 60R4 
77R=61R9 
78R = 63R4 
79R = 64R9 


80R = 66R5 
81R = 68R1 
82R = 69R8 
83R = 71R5 
84R = 73R2 
85R = 75RO 
86R = 76R8 
87R = 78R7 
88R = 80R6 
89R = 82R5 


90R = 84R5 
91R = 86R6 
92R = 88R7 
93R = 9ORY 
94R = 93R1 
95R = 95R3 
96R = 97R6 


71A = 536R 
72A = 549R 
73A = 562R 
74A = 576R 
75A = 590R 
76A = 604R 
TTA = 619R 
78A = 634R 
79A = 649R 


80A = 665R 
81A = 681R 
82A = 698R 
83A = 715R 
84A = 732R 
85A = 750R 
86A = 768R 
87A = 787R 
88A = 806R 
89A = 825R 


90A = 845R 
91A = 866R 
92A = 887R 
93A = 909R 
94A = 931R 
95A = 953R 
96A = 976R 


71B = 5k36 
72B = 5k49 
73B = 5k62 
74B = 5k76 
75B = 5k9 

76B = 6k04 
77B = 6k19 
78B = 6k34 
79B = 6k49 


80B = 6k65 
81B = 6k81 
82B = 6k98 
83B = 7k15 
84B = 7k32 
85B = 7k5 

86B = 7k68 
87B = 7k87 
88B = 8k06 
89B = 8k25 


90B = 8k45 
91B = 8k66 
92B = 8k87 
93B = 9k09 
94B = 9k31 
95B = 9k53 
96B = 9k76 


71C = 53k6 
72C = 54k9 
73C = 56k2 
74C = 57k6 
75C = 59k0 
76C = 60k4 
77C = 61k9 
78C = 63k4 
79C = 64k9 


80C = 66k5 
81C = 68k1 
82C = 69k8 
83C = 71k5 
84C = 73k2 
85C = 75k0 
86C = 76k8 
87C = 78k7 
88C = 80k6 
89C = 82k5 


90C = 84k5 
91C = 86k6 
92C = 88k7 
93C = 90k9 
94C = 93k1 
95C = 95k3 
96C = 97k6 


71D = 536k 
72D = 549k 
73D = 562k 
74D = 576k 
75D = 590k 
76D = 604k 
77D = 619k 
78D = 634k 
79D = 649k 


80D = 665k 
81D = 681k 
82D = 698k 
83D = 715k 
84D = 732k 
85D = 750k 
86D = 768k 
87D = 787k 
88D = 806k 
89D = 825k 


90D = 845k 
91D = 866k 
92D = 887k 
93D = 909k 
94D = 931k 
95D = 953k 
96D = 976k 


SURFACE MOUNT COMPONENTS - PACKS 


71E = 5M36 
72E = 5M49 
73E = 5M62 
74E = 5M76 
75E = 5M9 

76E = 6M04 
TTE = 6M19 
78E = 6M34 
79E = 6M49 


80E = 6M65 
81E = 6M81 
82E = 6M98 
83E = 7M15 
84E = 7M32 
85E = 7M5 

86E = 7M68 
87E = 7M87 
88E = 8M06 
89E = 8M25 


90E = 8M45 
91E = 8M66 
92E = 8M87 
93E = 9M09 
94E = 9M31 
95E = 9M53 
96E = 9M76 


Talking Electronics has packs of components for the repairman. The following packs are available: 


SURFACE MOUNT RESISTOR PACK consists of 1 off each standard value 
10 ohms to 1M & 2M2 (60 resistors) 
$14.20 including pack and post 


SURFACE MOUNT CAPACITOR PACK consists of: 

2-10p 5-47p 5-100p 5-4/70p 5-1n 5-10n 5-22n 5-100n 
5 - 1u 16v electrolytic 5 - 10u 16v electrolytic 

(40 components) 

$23.80 including pack and post 


SURFACE MOUNT DIODE PACK consists of: 
5 - 1N 4148 (marked as "A6") 
$10.00 including pack and post 


SURFACE MOUNT TRANSISTOR PACK consists of: 
5 - BC 848 (marked as "1K") NPN 

5 -BC858 PNP 

$10.00 including pack and post 


email Colin Mitchell for details on how to pay by credit card or PayPal. 


CREATING ANY VALUE OF RESISTANCE 


Any value of resistance can be created by connecting two resistors in PARALLEL or SERIES. 

You can also create a higher wattage resistor by connecting them in SERIES OR PARALLEL. 

We are only going to cover two EQUAL VALUE resistors in SERIES or in PARALLEL. 

If you want to create a "Special Value,” simply connect two resistors and read the value with a Digital 
Meter. Keep changing the values until you get the required value. We are not going into series or 
Parallel formulae. You can easily find a value with a multimeter. 


TWO EQUAL-VALUE RESISTORS IN SERIES 

Two equal-value resistors IN SERIES creates a value of DOUBLE. You simply ADD the values. 

This can be done with any to two values as shown. Three equal-value resistors in series is three times 
the value. 


total = 7k total = 11k 

total = 4k4 total = 6k9 
total = 9k4 (10k) total = 104k 

total = 200k total = 1M1 


TWO EQUAL-VALUE RESISTORS IN PARALLEL 
Two equal-value resistors IN PARALLEL creates a value of HALF. Three equal-value resistors in parallel is equal to 


one-third the value. 
Ak 
E 
Ak 
100k 
OM 
= 
Om 


If you want a particular value and it is not available, here is a chart. 
Use 2 resistors in series or parallel as shown: 


“ale | P1 || Parane | P2 || vale: 
10 4R7 S 4R7 9R4 
12 10 S 2R2 12R2 
15 22 F 47 14R9 
18 22 P 100 18R 
22 10 S 12 22 
21 22 S 4R7 26R7 
33 22 S 10 32R 
39 220 P 47 38R7 
47 22 S 21 49 
96 47 S 10 57 
68 33 S 33 66 
82 21 S 96 83 


There are other ways to combine 2 resistors in parallel or series to get a particular value. The 
examples above are just one way. 4R7 = 4.7 ohms 


TESTING A RESISTOR 


To check the value of a resistor, it should be removed from the circuit. The surrounding components can affect the 


reading and make it lower. 

Resistors VERY RARELY change value, but if it is overheated or damaged, the resistance can increase. You can 
take the reading of a resistor "in-circuit" in one direction then the other, as the surrounding components may have 
diodes and this will alter the reading. 

You can also test a resistor by feeling its temperature-rise. It is getting too hot if you cannot hold your finger on it 
(some "metal film" resistors are designed to tolerate quite high temperatures). 


TESTING AN "AC" RESISTOR 


There is no such thing as an "AC" resistor. Resistors are just "resistors" and they can be in AC circuits or DC circuits. 
Resistors can be given names such as "Safety Resistor" "Ballast Resistor" "LOAD Resistor" "Feed Resistor" 
"Dropper Resistor" or "Supply Resistor." These are just normal resistors with a normal resistance - except a "Safety 
Resistor." 

A safety resistor is made of a flame-proof material such as metal-oxide-film and not carbon-composition. It is designed 
to "burn out" when too much current flows BUT NOT CATCH FIRE. 

It is a low-value resistor and has a voltage-drop across it but this is not intentional. The voltage-drop is to create a 
"heating-effect" to burn out the resistor. In all the other types of resistor, the voltage-drop is intentional. 

A Ballast resistor is a normal resistor and can be called a Power resistor, Dropper resistor, Supply resistor or Feed 
resistor. It is designed to reduce the voltage from one source and deliver a lower voltage. It is a form of: "in-line" 
resistor. 

A Load Resistor is generally connected across the output of a circuit and turns the energy it receives, into heat. 


RESISTOR NETWORKS 


To reduce the number of resistors in a circuit, some engineers use a set of identical resistors in a package called a 
Single-In-Line (SIL) resistor network. It is made with many resistors of the same value, all in one package. One end of 
each resistor is connected all the other resistors and this is the common pin, identified as pin 1 and has a dot on the 
package. 

These packages are very reliable but to make sure all the resistors are as stated, you need to locate pin 1. All values 
will be identical when referenced to this pin. 
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RESISTOR NETWORKS 


Some resistor networks have a "4S" printed on the component. The 4S indicates the package contains 4 independent 
resistors that are not wired together inside. The housing has eight leads as shown in the second image. 

Independent resistors have an even number of pins and measuring between each pair will produce identical values. 
Resistance between any pair will indicate leakage and may be a fault. 


TESTING A POSISTOR 


A Posistor is a resistor that connects in series with the degaussing coil around the picture tube or 
Monitor. When cold, it has a very low resistance and a large current flows when the monitor or TV is switched on. 
This current heats up the Posistor and the resistance increases. This causes the current to decrease and any 
magnetism in the shadow mask is removed. The posistor can one or two elements and it is kept warm so the 
resistance remains high. Many Posistors have a second element inside the case that connects directly to the supply to 
keep the Positive Temperature Coefficient resistor high so that the current through the degaussing coil falls to almost 
zero. This constant heat eventually destroys the package. 

The heavy current that flows when a set is turned ON also causes the posistor to crack and break and this results in 
poor purity on the screen - as the shadow mask gradually becomes magnetic.. 

Posistors have different resistance values from different manufacturers and must be replaced with an identical type. 
They can be checked for very low resistance when cold but any loose pieces inside the case will indicate a damaged 
component. 


A "BURNT" RESISTOR - normally and technically called a "burnt-out" resistor. 

The resistance of a "burnt" resistor can sometimes be determined by scraping away the outer coating - 
if the resistor has a spiral of resistance-material. You may be able to find a spot where the spiral has 
been damaged. 


A normal 1k resistor 


“burnt section: 


A “burnt” resistor 


Clean the "spot" (burnt section of the spiral) very carefully and make sure you can get a good contact 
with the spiral and the tip of your probe. Measure from one lead of the resistor to the end of the 
damaged spiral. Then measure from the other lead to the other end of the spiral. 

Add the two values and you have an approximate value for the resistor. You can add a small amount 
for the damaged section. 

This process works very well for damaged wire-wound resistors. They can be pulled apart and each 
section of the resistance-wire (nichrome wire) measured and added to get the full resistance. 


There is another way to determine the value of a damaged resistor. 

Get a set of resistors of the same wattage as the damaged component and start with a high value. It's 
handy to know if the resistor is in the range: 100hm to 1000hms or 1k to 10k etc, but this is not 
essential. 

Start with a very high value and turn the circuit ON. You can perform voltage tests and if you know the 
expected output voltage, decrease the resistance until this voltage is obtained. 

If you do not know the expected voltage, keep reducing the value of resistance until the circuit works 


as designed. 
This is the best advice in a situation where you do not know the value of a resistor. 


There is a third way to determine the value and this requires measuring the voltage drop across the 
resistor and the current-flow. By multiplying the two you will get a wattage and this must be less than 
the wattage of the resistor being replaced. 


TESTING POTENTIOMETERS (variable resistors) 


To check the value of a variable resistor, it should be removed from circuit or at least 2 legs should be 
removed. A Rheostat is a variable resistor using only one end and the middle connected to a circuit. 
The resistance between the two outside pins is the value marked on the component and the centre leg 
will change from nearly zero to the full resistance as the shaft is rotated. 

"Pots" generally suffer from "crackle" when turned and this can be fixed by spraying up the shaft and 
into the pot via the shaft with a tube fixed to a can of "Spray-lubricant" (contact cleaner). 

"Pre-set pots" and "trim pots" are miniature versions of a potentiometer and they are all tested the 
same. 


FOCUS POTS 


Focus pots quite often get a spot of dirt where the wiper touches the track. Cleaning with spray fixes 
the bad focus but if the pot is leaking to chassis from inside the pot (due to the high voltage on the 
terminals) simply remove it from the chassis and leave it floating (this will restore the high voltage to 
the picture tube) or you can use one from an old chassis. 


MAKING YOUR OWN RESISTOR, CAPACITOR, INDUCTOR or DIODE 


Quite often you will not have the exact value of resistance or capacitance for a repair. 
We have already covered placing resistors and capacitors in parallel and series: 


Resistors in Parallel and/or Series 
Capacitors in Parallel and/or Series 


Here are some extras: 


RESISTORS 
Two 1k 0.5watt resistors in parallel produces a 470R 1watt resistor. 
Two 1k 0.5watt resistors in series produces a 2k 1watt resistor. 


CAPACITORS 
Two 100n 100v capacitors in series produces a 50n capacitor @200v 


INDUCTORS: Two inductors in series - ADD THE VALUES 


DIODES: Two 1Amp 400v diodes in series produces a 1Amp 800v diode 
Two 1Amp 400v diodes in parallel produces a 2Amp 400v diode 


ZENER DIODES: Zener diodes can be connected in series to get a higher voltage. 
Two 12v zener diodes in series produces a 24v zener. 


CONTINUITY 

Some multimeters have a "buzzer" that detects when the probes are touching each other or the 
resistance between the probes is very LOW. This is called a CONTINUITY TESTER. 

You can use the resistance scale "x1" or "x10" to detect low values of resistance. 

Set the pointer to "0" (right end of the scale) by touching the probes together and adjusting the "zero 
ohms” control. 

When taking a reading, you will have to decide if a low value of resistance is a short-circuit or an 
"operating value." 

For instance, the cold resistance of a 12v car globe is very low (about 2 ohms) and it increases (about 
6 times) to 12 ohms when hot. 

The "resistance of a circuit" may be very low as the electrolytics in the circuit are uncharged. This may 
not indicate a true "short-circuit." 

The measurement across a diode is not a resistance-value but a "voltage-drop" and that is why the 
needle swings nearly full-scale. 

Leads and wires and cords have a small resistance and depending on the length of the lead, this small 


resistance may be affecting a circuit. 

Remember this: 

When a circuit takes 1 amp, and the resistance of the leads is 1 ohm, the voltage drop across the leads 
will be 1v. 

That's why a 12v battery supplying a circuit with these leads will have 11v at the circuit. 

Note: 

Turn off the equipment before making any continuity tests. The presence of even a small voltage (from 
an electrolytic) can give a false reading. 

You can determine the resistance of a lead very accurately by taking the example above and applying 
it to your circuit. 

If the battery is 12.6v and the voltage across the circuit is 10v, when the current is 2.6 amps, the 
resistance of the "leads" is 12.6 - 10 = 2.6 R=V/I = 2.6/2.6 = lohm. By making the lead shorter or 
using thicker wire, the resistance will be less and the voltage on the project will increase. 

When taking readings in a circuit that has a number of diodes built-into IC's (Integrated Circuits) and 
transistors, some Continuity Testers will beep and give a false reading. 

The following circuit has the advantage of providing a beep when a short-circuit is detected but does 
not detect the small voltage drop across a diode. This is ideal when testing logic circuits as it is quick 
and you can listen for the beep while concentrating on the probe. Using a multimeter is much slower. 
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CONTINUITY TESTER 


You can build the circuit on Matrix Board and add it to your Test Equipment. 
You will need lots of "Test Equipment" and they can be built from circuits in this eBook. 


TESTING FUSES, LEADS AND WIRES 

All these components come under the heading TESTING for CONTINUITY. Turn off all power to the 
equipment before testing for shorts and continuity. Use the low resistance "Ohms Scale" or 
CONTINUITY range on your multimeter. All fuses, leads and wires should have a low, very low or zero 
resistance. This proves they are working. 


A BLOWN FUSE 

The appearance of a fuse after it has "blown" can tell you a lot about the fault in the circuit. 

If the inside of the glass tube (of the fuse) is totally blackened, the fuse has been damaged very 
quickly. This indicates a very high current has passed through the fuse. 

Depending on the rating of the fuse, (current rating) you will be able to look for components that can 
pass a high current when damaged - such as high power transistors, FETs, coils, electrolytics. Before 
re-connecting the supply, you should test the "SUPPLY RAILS" for resistance. This is done by 
measuring them on a low OHMs range in one direction then reverse the leads to see if the resistance is 
low in the other direction. 

A reading can be very low at the start because electrolytics need time to charge-up and if the reading 
gradually increases, the power rail does not have a short. An overload can occur when the supply 
voltage rises to nearly full voltage, so you sometimes have to fit a fuse and see how long it takes to 
"blow." 

If the fuse is just slightly damaged, you will need to read the next part of this eBook, to see how and 
why this happens: 


FAST AND SLOW BLOW FUSES 

There are many different sizes, shapes and ratings of a fuse. They are all current ratings as a fuse 
does not have a voltage rating. Some fuses are designed for cars as they fit into the special fuse 
holders. A fuse can be designed for 50mA, 100mA, 250mA, 315mA, 500mA, 1Amp, 1.5amp, 2amp, 
3amp, 3.15amp 5amp, 10amp, 15amp, 20amp, 25amp, 30amp, 35amp, 50amp and higher. 

Some fuses are fast-blow and some are slow-blow. 


A "normal" fuse consists of a length of thin wire. Or it may be a loop of wire that is thin near the 
middle of the fuse. This is the section that will "burn-out." 

A "normal" fuse is a fast-blow fuse. For instance, a lamp fuse will remain intact when up to 1.25 amp 
flows. When a circuit is turned on, it may take 2-3 amps for a very short period of time and a normal 1 
amp fuse will get very hot and the wire will stretch but not "burn-out." You can see the wire move 
when the supply turns on. 

If the current increases to 2amps, the fuse will still remain intact. It needs about 3 amp to heat up the 
wire to red-hot and burn out. 

If the current increases to 5 amp, the wire VOLATILISES (burns-out) and deposits carbon-black on the 
inside of the glass tube. 

A slow-blow fuse uses a slightly thicker piece of wire and the fuse is made of two pieces of wire joined 
in the middle with a dob of low-temperature solder. Sometimes one of the pieces of wire is a spring 
and when the current rises to 2.5 amp, the heat generated in the wire melts the solder and the two 
pieces of wire "spring apart." 

A slow-blow fuse will allow a higher current-surge to pass through the fuse and the wire will not heat 
up and sag. 

Thus the fuse is not gradually being damaged and it will remain in a perfect state for a long period of 
time. 

A fuse does not protect electronic equipment from failing. It acts AFTER the equipment has failed. 

It will then protect a power supply from delivering a high current to a circuit that has failed. 

If a slow-blow fuse has melted the solder, it could be due to a slight overload, slight weakening of the 
fuse over a period of time or the current-rating may be too low. 

You can try another fuse to see what happens. 

You can replace a fast-acting fuse (normal fuse) with a slow blow if the fast-acting fuse has been 
replaced a few times due to deterioration when the equipment is turned on. 

But you cannot replace a slow-blow fuse with a fast acting fuse as it will be damaged slightly each time 
the equipment is turned on and eventually fail. 


TESTING COILS, INDUCTORS and YOKES 


Coils inductors and yokes are just an extension of a length of wire. The wire may be wrapped around a 
core made of iron or ferrite. 

It is labeled "L" on a circuit board. 

You can test this component for continuity between the ends of the winding and also make sure there 
is no continuity between the winding and the core. 

The winding can be less than one ohm, or greater than 100 ohms, however a coil of wire is also called 
an INDUCTOR and it might look like a very simple component, but it can operate in a very complex 
Way. 

The way it works is a discussion for another eBook. It is important to understand the turns are 
insulated but a slight fracture in the insulation can cause two turns to touch each other and this is 
called a "SHORTED TURN" or you can say the inductor has "SHORTED TURNS." 

When this happens, the inductor allows the circuit to draw MORE CURRENT. This causes the fuse to 
"blow." 

The quickest way to check an inductor is to replace it, but if you want to measure the inductance, you 
can use an INDUCTANCE METER. You can then compare the inductance with a known good component. 


An inductor with a shorted turn will have a very low or zero inductance, however you may not be able 
to detect the fault when it is not working in a circuit as the fault may be created by a high voltage 
generated between two of the turns. 

Faulty yokes (both horizontal and vertical windings) can cause the picture to reduce in size and/or 
bend or produce a single horizontal line. 

A TV or monitor screen is the best piece of Test Equipment as it has identified the fault. It is pointless 
trying to test the windings further as you will not be able to test them under full operating conditions. 


MEASURING AND TESTING INDUCTORS 


Inductors are measured with an INDUCTANCE METER but the value of some inductors is very small and 
some Inductance Meters do not give an accurate reading. 

The solution is to measure a larger inductor and note the reading. Now put the two inductors in 
SERIES and the values ADD UP - just like resistors in SERIES. This way you can measure very small 
inductors. VERY CLEVER! 


TESTING SWITCHES and RELAYS 

Switches and relays have contacts that open and close mechanically and you can test them for 
CONTINUITY. However these components can become intermittent due to dirt or pitting of the surface 
of the contacts due to arcing as the switch is opened. 


It is best to test these items when the operating voltage and current is present as they quite often fail 
due to the arcing. A switch can work 49 times then fail on each 50th operation. The same with a relay. 
It can fail one time in 50 due to CONTACT WEAR. 

If the contacts do not touch each other with a large amount of force and with a large amount of the 
metal touching, the current flowing through the contacts will create HEAT and this will damage the 
metal and sometimes reduce the pressure holding the contact together. 

This causes more arcing and eventually the switch heats up and starts to burn. Switches are the 
biggest causes of fire in electrical equipment and households. 


A relay also has a set of contacts that can cause problems. 

There are many different types of relays and basically they can be put into two groups. 

1. An electromagnetic relay is a switch operated by magnetic force. This force is generated by current 
through a coil. The relay opens and closes a set of contacts. 

The contacts allow a current to flow and this current can damage the contacts. Connect 5v or 12v to 
the coil (or 24v) and listen for the "click" of the points closing. Measure the resistance across the 
points to see if they are closing. 

You really need to put a load on the points to see if they are clean and can carry a current. 

The coil will work in either direction. 

If not, the relay is possibly a CMOS relay or Solid State relay. 


2. An electronic relay (Solid State Relay) does not have a winding. It works on the principle of an opto- 
coupler and uses a LED and Light Activated SCR or Opto-TRIAC to produce a low resistance on the 
output. The two pins that energise the relay (the two input pins) must be connected to 5v (or 12v) 
around the correct way as the voltage is driving a LED (with series resistor). The LED illuminates and 
activates a light-sensitive device. 


Solid-state relay Load 


LED Opto-TRIAC 


CAPACITORS 


Capacitors are one of the most difficult things to test. That's because they don't give a reading ona 
multimeter and their value can range from 1p to 100,000u. 

A faulty capacitor may be "open" when measured with a multimeter, and a good capacitor will also be 
"open." 

You need a piece of test equipment called a CAPACITANCE METER to measure the value of a capacitor. 


HOW A CAPACITOR WORKS 

There are two ways to describe how a capacitor works. Both are correct and you have to combine them 
to get a full picture. 

A capacitor has INFINITE resistance between one lead and the other. 

This means no current flows through a capacitor. But it works in another way. 

Suppose you have a strong magnet on one side of a door and a piece of metal on the other. By sliding 
the magnet up and down the door, the metal rises and falls. 

The metal can be connected to a pump and you can pump water by sliding the magnet up and down. 
A capacitor works in exactly the same way. 

If you raise a voltage on one lead of a capacitor, the other lead will rise to the same voltage. This 
needs more explaining - we are keeping the discussion simple. 

It works just like the magnetic field of the magnet through a door. 

The next concept is this: 

Capacitors are equivalent to a tiny rechargeable battery. 

They store energy when the supply-voltage is present and release it when the supply drops. 

These two concepts can be used in many ways and that's why capacitors perform tasks such as 
filtering, time-delays, passing a signal from one stage to another and create many different effects in a 
circuit. 


CAPACITOR VALUES 

The basic unit of capacitance is the FARAD. (C) This is the value used in all equations, but it is a very 
large value. A one FARAD capacitor would be the size of a car if made with plates and paper. Most 
electronic circuits use capacitors with smaller values such as 1p to 1,000u. 1p is about equal to two 
parallel wires 2cm long. 1p is one picofarad. 


The easiest way to understand capacitor values is to start with a value of 1u. This is one microfarad 
and is one-millionth of a Farad. A 1 microfarad capacitor is about 1cm long and the diagram shows a 
lu electrolytic. 


Smaller capacitors are ceramic and they look like the following. This is a 100n ceramic: 


To read the value on a capacitor you need to know a few facts. 


The basic value of capacitance is the FARAD. 

1 microfarad is one millionth of 1 farad. 

1 microfarad is divided into smaller parts called nanofarad. 
1,000 nanofarad = 1 microfarad 

Nanofarad is divided into small parts called picofarad 
1,000 picofarad = 1 nanofarad. 


Recapping: 

1p = 1 picofarad. 1,000p = 1n ( 1 nanofarad) 
1,000n = 1u (1 microfarad) 

1,000u = imillifarad 

1,000,000u = 1 FARAD. 


Examples: 

All ceramic capacitors are marked in "p" (puff") 
A ceramic with 22 is 22p = 22 picofarad 

A ceramic with 47 is 47p = 47 picofarad 

A ceramic with 470 is 470p = 470 picofarad 


A ceramic with 471 is 470p = 470 picofarad 

A ceramic with 102 is 1,000p = in 

A ceramic with 223 is 22,000p = 22n 

A ceramic with 104 is 100,000p = 100n = 0.1u 


TYPES OF CAPACITOR 

For testing purposes, there are two types of capacitor. 

Capacitors from 1p to 100n are non-polar and can be inserted into a circuit around either way. 
Capacitors from 1u to 100,000u are electrolytics and are polarised. They must be fitted so the positive 
lead goes to the supply voltage and the negative lead goes to ground (or earth). 

There are many different sizes, shapes and types of capacitor. They are all the same. They consist of 
two plates with an insulating material between. The two plates can be stacked in layers or rolled 
together. 

The important factor is the insulating material. It must be very thin to keep things small. This gives the 
capacitor its VOLTAGE RATING. 

If a capacitor sees a voltage higher than its rating, the voltage will "jump through" the insulating 
material or around it. 

If this happens, a carbon deposit is left behind and the capacitor becomes "leaky" or very low 
resistance, as carbon is conductive. 


CERAMIC CAPACITORS 

Nearly all small capacitors are ceramic capacitors as this material is cheap and the capacitor can be 
made in very thin layers to produced a high capacitance for the size of the component. This is 
especially true for surface-mount capacitors. 

All capacitors are marked with a value and the basic unit is: "p" for "puff" However NO surface mount 
Capacitors are marked and they are very difficult to test. 
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POLYESTER, POLYCARBONATE, POLYSTYRENE, MYLAR, METALLISED POLYESTER, ("POLY"), MICA and 
other types of CAPACITOR 

There are many types of capacitor and they are chosen for their reliability, stability, temperate-range 
and cost. 

For testing and repair work, they are all the same. Simply replace with exactly the same type and 
value. 
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Capacitor Colour Code Table 
a a S Temperature 
Digit Digit Multiplier | Tolerance | Tolerance a 
Colour i = D (T) > 10pf | (T) < 10pf Coefficient 
> < 
E 5 (TC) 
0 0 x1 + 20% + 2.0pF 
1 1 x10 +1% + 0.1pF -33x10° 
2 2 x100 + 2% + 0.25pF -75x10* 


Silver 


3 3 x1,000 + 3% 

4 4 x10,000 + 4% 

5 5 x100,000 + 5% + 0.5pF 

6 6 x1,000,000 

7 7 

8 8 x0.01 | +80%,-20% 

9 9 x0.1 + 10% + 1.0pF 
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x0.01 + 10% 
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ELECTROLYTIC and TANTALUM CAPACITORS 

Electrolytics and Tantalums are the same for testing purposes but their performance is slightly 
different in some circuits. A tantalum is smaller for the same rating as an electrolytic and has a better 
ability at delivering a current. They are available up to about 1,000u, at about 50v but their cost is 
much higher than an electrolytic. 


Electrolytics are available in 1u, 2u2 3u3 4u7 10u, 22u, 47u, 100u, 220u, 330u, 470u, 1,000u, 2,200u, 
3,300u, 4,700u, 10,000u and higher. 

The "voltage" or "working voltage" can be: 3.3v, 10v, 16v, 25v, 63v, 100v, 200v and higher. 

There is also another important factor that is rarely covered in text books. It is RIPPLE FACTOR. 

This is the amount of current that can enter and leave an electrolytic. This current heats up the 
electrolytic and that is why some electrolytics are much larger than others, even though the 
capacitance and voltage-ratings are the same. 

If you replace an electrolytic with a "miniature" version, it will heat up and have a very short life. This 
is especially important in power supplies where current (energy) is constantly entering and exiting the 
electrolytic as its main purpose is to provide a smooth output from a set of diodes that delivers 
“pulsing DC." (see "Power Diodes") 
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NON-POLAR CAPACITORS (ELECTROLYTICS) 

Electrolytics are also available in non-polar values. It sometimes has the letters "NP" on the 
component. Sometimes the leads are not identified. 

This is an electrolytic that does not have a positive and negative lead but two leads and either lead can 
be connected to the positive or negative of the circuit. 

These electrolytics are usually connected to the output of an amplifier (such as in a filter near the 
speaker) where the signal is rising and falling. 

A non-polar electrolytic can be created from two ordinary electrolytics by connecting the negative leads 
together and the two positive leads become the new leads. 

For example: two 100u 63v electrolytics will produce a 47u 63v non-polar electrolytic. 

In the circuit below, the non-polar capacitor is replaced with two electrolytics. 
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PARALLEL and SERIES CAPACITORS 

Capacitors can be connected in PARALLEL and/or SERIES for a number of reasons. 

1. If you do not have the exact value, two or more connected in parallel or series can produce the 
value you need. 


2. Capacitors connected in series will produce one with a higher voltage rating. 
3. Capacitors connected in parallel will produce a larger-value capacitance. 


Here are examples of two equal capacitors connected in series or parallel and the results they produce: 
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VOLTAGE RATING OF CAPACITOR 

Capacitors have a voltage rating, stated as WV for working voltage, or WVDC. This specifies the 
maximum voltage that can be applied across the capacitor without puncturing the dielectric. Voltage 
ratings for "poly," mica and ceramic capacitors are typically 50v to 500 VDC. Ceramic capacitors with 
ratings of 1kv to 5kv are also available. Electrolytic capacitors are commonly available in 6v, 10v 16v, 
25v, 50v, 100v, 150v, and 450v ratings. 


CAUTION 

If a capacitor has a voltage rating of 63v, do not put it in a 100v circuit as the insulation (called the 
dielectric) will be punctured and the capacitor will "short-circuit." It's ok to replace a 0.22uF 50WV 
capacitor with 0.22uF 250WVDC. 


SAFETY 

A capacitor can store a charge for a period of time after the equipment is turned off. High voltage 
electrolytic caps can pose a safety hazard. These capacitors are in power supplies and some have a 
resistor across them, called a bleed resistor, to discharge the cap after power is switched off. 

If a bleed resistor is not present the cap can retain a charge after the equipment is unplugged. 


How to discharge a capacitor 

Do not use a screwdriver to short between the terminals as this will damage the capacitor internally 
and the screwdriver. 

Use a 1k 3watt or 5watt resistor on jumper leads and keep them connected for a few seconds to fully 
discharge the electro. 

Test it with a voltmeter to make sure all the energy has been removed. 


Before testing any capacitors, especially electrolytics, you should look to see if any are damaged, 
overheated or leaking. Swelling at the top of an electrolytic indicates heating and pressure inside the 
case and will result in drying out of the electrolyte. Any hot or warm electrolytic indicates leakage and 
ceramic capacitors with portions missing indicates something has gone wrong. 


TESTING A CAPACITOR 

There are two things you can test with a multimeter: 
1. A short-circuit within the capacitor 

2. Capacitor values above 1u. 


You can test capacitors in-circuit for short-circuits. Use the x1 ohms range. 

To test a capacitor for leakage, you need to remove it or at least one lead must be removed. Use the 
x10k range on an analogue or digital multimeter. 

For values above 1u you can determine if the capacitor is charging by using an analogue meter. The 
needle will initially move across the scale to indicate the cap is charging, then go to "no deflection." 
Any permanent deflection of the needle will indicate leakage. 

You can reverse the probes to see if the needle moves in the opposite direction. This indicates it has 
been charged. Values below 1u will not respond to charging and the needle will not deflect. 

This does not work with a digital meter as the resistance range does not output any current and the 
electrolytic does not charge. 


Rather than spending money on a capacitance meter, it is cheaper to replace any suspect capacitor or 
electrolytic. 

Capacitors can produce very unusual faults and no piece of test equipment is going to detect the 
problem. 

In most cases, it is a simple matter to solder another capacitor across the suspect component and view 
or listen to the result. 

This saves all the worry of removing the component and testing it with equipment that cannot possibly 
give you an accurate reading when the full voltage and current is not present. 

It is complete madness to even think of testing critical components such as capacitors, with TEST 
EQUIPMENT. You are fooling yourself. If the Test Equipment says the component is ok, you will look 
somewhere else and waste a lot of time. 


FINDING THE VALUE OF A CAPACITOR 

If you want to find the value of a surface-mount capacitor or one where the markings have been 
removed, you will need a CAPACITANCE METER. Here is a simple circuit that can be added to your 
meter to read capacitor values from 10p to 10u. 

The full article can be found HERE. 


ADD-ON CAPACITANCE METER 


REPLACING A CAPACITOR 


Always replace a capacitor with the exact same type. 

A capacitor may be slightly important in a circuit or it might be extremely critical. 

A manufacturer may have taken years to select the right type of capacitor due to previous failures. 
A capacitor just doesn't have a "value of capacitance." 

It may also has an effect called "tightening of the rails." 

In other words, a capacitor has the ability to react quickly and either absorb or deliver energy to 
prevent spikes or fluctuations on the rail. 

This is due to the way it is constructed. Some capacitors are simply plates of metal film while others 
are wound in a coil. Some capacitors are large while others are small. 

They all react differently when the voltage fluctuates. 

Not only this, but some capacitors are very stable and all these features go into the decision for the 
type of capacitor to use. 

You can completely destroy the operation of a circuit by selecting the wrong type of capacitor. 

No capacitor is perfect and when it gets charged or discharged, it appears to have a small value of 
resistance in series with the value of capacitance. This is known as "ESR" and stands for EQUIVALENT 
SERIES RESISTANCE. This effectively makes the capacitor slightly slower to charge and discharge. 
We cannot go into the theory on selecting a capacitor as it would be larger than this eBook so the only 
solution is to replace a capacitor with an identical type. 

However if you get more than one repair with identical faults, you should ask other technicians if the 
original capacitor comes from a faulty batch. 

The author has fixed TV's and fax machines where the capacitors have been inferior and alternate 
types have solved the problem. 


Some capacitor are suitable for high frequencies, others for low frequencies. 


TESTING DIODES 


Diodes can have 4 different faults. 
1. Open circuit in both directions. 

2. Low resistance in both directions. 
3. Leaky. 

4. Breakdown under load. 


TESTING A DIODE ON AN ANALOGUE METER 

Testing a diode with an Analogue Multimeter can be done on any of the resistance ranges. [The high 
resistance range is best - it sometimes has a high voltage battery for this range but this does not 
affect our testing] 

There are two things you must remember. 

1. When the diode is measured in one direction, the needle will not move at all. The technical term 
for this is the diode is reverse biased. It will not allow any current to flow. Thus the needle will not 
move. 

When the diode is connected around the other way, the needle will swing to the right (move up scale) 
to about 80% of the scale. This position represents the voltage drop across the junction of the diode 
and is NOT a resistance value. If you change the resistance range, the needle will move to a slightly 
different position due to the resistances inside the meter. The technical term for this is the diode is 
forward biased. This indicates the diode is not faulty. 

The needle will swing to a slightly different position for a "normal diode" compared to a Schottky diode. 
This is due to the different junction voltage drops. 

However we are only testing the diode at very low voltage and it may break-down when fitted to a 
circuit due to a higher voltage being present or due to a high current flowing. 


2. The leads of an Analogue Multimeter have the positive of the battery connected to the black 
probe and the readings of a "good diode" are shown in the following two diagrams: 


The diode is REVERSE BIASED in the 
diagram above and diodes not conduct. 


Here is the equivalent circuit: 


The diode is FORWARD BIASED in the 
diagram above and it conducts 


TESTING A DIODE ON A DIGITAL METER 

Testing a diode with a Digital Meter must be done on the "DIODE" setting as a digital meter does not 
deliver a current through the probes on some of the resistance settings and will not produce an 
accurate reading. 
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The best thing to do with a "Suspect" diode is to replace it. This is because a diode has a number of 
characteristics that cannot be tested with simple equipment. Some diodes have a fast recovery for use 
in high frequency circuits. They conduct very quickly and turn off very quickly so the waveform is 
processed accurately and efficiently. 

If the diode is replaced with an ordinary diode, it will heat up as does not have the high-speed 
characteristic. 

Other diodes have a low drop across them and if an ordinary is used, it will heat up. 

Most diodes fail by going: SHORT-CIRCUIT. This can be detected by a low resistance (x1 or x10 Ohms 
range) in both directions. 

A diode can also go OPEN CIRCUIT. To locate this fault, place an identical diode across the diode being 
tested. 

A leaky diode can be detected by a low reading in one direction and a slight reading the other 
direction. 

However this type of fault can only be detected when the circuit is working. The output of the circuit 
will be low and sometimes the diode heats up (more than normal). 

A diode can go open under full load conditions and perform intermittently. 

Diodes come in pairs in surface-mount packages and 4 diodes can be found in a bridge. 

They are also available in pairs that look like a 3-leaded transistor. 

The line on the end of the body of a diode indicates the cathode and you cannot say "this is the 
positive lead." The correct way to describe the leads is to say the "cathode lead." The other lead is the 
anode. The cathode is defined as the electrode (or lead) through which an electric current flows out of 
a device. 

The following diagrams show different types of diodes: 


Plug Pack 
Soom4, DE 


power 
diode 
we 


EMA as 


+ 
240w AC 


neutral 
neutral 


power 


diode 1144148 
active 
240v AC 1004 == 
neutral f signal aras I 
diode 


4k 


POWER DIODES 

To understand how a power diode works, we need to describe a few things. This has NEVER been 
described before, so read carefully. 

The 240v AC (called the "mains") consists of two wires, one is called the ACTIVE and the other is 
NEUTRAL. Suppose you touch both wires. You will get a shock. The neutral is connected to an earth 
wire (or rod driven into the ground or connected to a water pipe) at the point where the electricity 
enters the premises and you do not get a shock from the NEUTRAL. 

But the voltage on the active is rising to +345v then goes to -345v at the rate of 50 times per second 
(for a complete cycle). 

345v is the peak voltage of 240v. You never get a 240v shock. (It is a 345v shock.) 

In other words, if you touch the two wires at a particular instant, you would get a POSITIVE 345v 
Shock and at another instant you would get a negative 345v shock. This is shown in the diagram 
below. 

We now transfer this concept to the output of a transformer. The diagram shows an AC waveform on 
the output of the secondary. 

This voltage is rising 15v higher than the bottom lead then it is 15v LOWER than the bottom lead. The 
bottom lead is called "zero volts." You have to say one lead or wire is not "rising and falling" as you 
need a "reference" or starting-point" or "zero point" for voltage measurements. 

The diode only conducts when the voltage is "above zero" (actually when it is 0.7v above zero) and 
does not conduct (at all) when the voltage goes below zero. 

This is shown on the output of the Power Diode. Only the positive peaks or the positive parts of the 
waveform appear on the output and this is called "pulsing DC." This is called "half-wave" and is not 
used in a power supply. We have used it to describe how the diode works. The electrolytics charge 
during the peaks and deliver energy when the diode is not delivering current. This is how the output 
becomes a steady DC voltage. 

Power supplies use FULL WAVE rectification and the other half of the AC waveform is delivered to the 
output (and fills in the "gaps") and appears as shown in "A." 
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DAMPER DIODES 

A damper diode is a diode that detects a high voltage and SQUELCHES IT (reduces it - removes it). 
The signal that it squelches is a voltage that is in the opposite direction to the "supply voltage" and is 
produced by the collapsing of a magnetic field. Whenever a magnetic filed collapses, it produces a 
voltage in the winding that is opposite to the supply voltage and can be much higher. This is the 
principle of a flyback circuit or EHT circuit. The high voltage comes from the transformer. 

The diode is placed so that the signal passes through it and less than 0.5v appears across it. 

A damper diode can be placed across the coil of a relay, incorporated into a transistor or FET or placed 
across a winding of a flyback transformer to protect the driving transistor or FET. 

It can also be called a "Reverse-Voltage Protection Diode," "Spike Suppression Diode," or "Voltage 
Clamp Diode." 

The main characteristic of a Damper Diode is HIGH SPEED so it can detect the spike and absorb the 
energy. 

It does not have to be a high-voltage diode as the high voltage in the circuit is being absorbed by the 
diode. 


SILICON, GERMANIUM AND SCHOTTKY DIODES 

When testing a diode with an analogue meter, you will get a low reading in one direction and a high (or 
NO READING) in the other direction. When reading in the LOW direction, the needle will swing nearly 
full scale and the reading is not a resistance-value but a reflection of the characteristic voltage drop 
across the junction of the diode. As we mentioned before, a resistance reading is really a voltage 
reading and the meter is measuring the voltage of the battery minus the voltage-drop across the 
diode. 

Since Silicon, Germanium and Schottky Diodes have slightly different characteristic voltage drops 
across the junction, you will get a slightly different reading on the scale. This does not represent one 
diode being better than the other or capable of handling a higher current or any other feature. 

The quickest, easiest and cheapest way to find, fix and solve a problem caused by a faulty diode is to 
replace it. 

There is no piece of test equipment capable of testing a diode fully, and the circuit you are working on 


is actually the best piece of test equipment as it is identifying the fault UNDER LOAD. 


Only very simple tests can be done with a multimeter and it is best to check a diode with an 
ANALOGUE MULTIMETER as it outputs a higher current though the diode and produces a more-reliable 
result. 

A Digital meter can produce false readings as it does not apply enough current to activate the junction. 
Fortunately almost every digital multimeter has a diode test mode. Using this, a silicon diode should 
read a voltage drop between 0.5v to 0.8v in the forward direction and open in the reverse direction. 
For a germanium diode, the reading will be lower, around 0.2v - 0.4v in the forward direction. A bad 
diode will read zero volts in both directions. 


LIGHT EMITTING DIODES (LEDs) 


Light Emitting Diodes (LEDs) are diodes that produce light when current flows from anode to cathode. 
The LED does not emit light when it is revered-biased. It is used as a low current indicator in many 
types of consumer and industrial equipment, such as monitors, TV’s, printers, hi-fi systems, machinery 
and control panels. 

The light produced by a LED can be visible, such as red, green, yellow or white. It can also be invisible 
and these LEDs are called Infrared LEDs. They are used in remote controls and to see if they are 
working, you need to point a digital camera at the LED and view the picture on the camera screen. 

An LED needs about 2v - 3.6v across its leads to make it emit light, but this voltage must be exact for 
the type and colour of the LED. The simplest way to deliver the exact voltage is to have a supply that 
is higher than needed and include a voltage-dropping resistor. The value of the resistor must be 
selected so the current is between 2mA and 25mA. 

The cathode of the LED is identified by a flat on the side of the LED. The life expectancy of a LED is 
about 100,000 hours. LEDs rarely fail but they are very sensitive to heat and they must be soldered 
and de-soldered quickly. They are one of the most heat-sensitive components. 

Light emitting diodes cannot be tested with most multimeters because the characteristic voltage across 
them is higher than the voltage of the battery in the meter. 

However a simple tester can be made by joining 3 cells together with a 220R resistor and 2 alligator 
clips: 
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Connect the clips to a LED and it will illuminate in only one direction. 

The colour of the LED will determine the voltage across it. You can measure this voltage if you want to 
match two or more LEDs for identical operation. 

Red LEDs are generally 1.7v to 1.9v. - depending on the quality such as "high-bright" 

Green LEDs are 1.9v to 2.3v. 

Orange LEDs are about 2.3v and 

White LEDs and IR LEDs are about 3.3v to 3.6v. 

The illumination produced by a LED is determined by the quality of the crystal. It is the crystal that 
produces the colour and you need to replace a LED with the same quality to achieve the same 
illumination. 

Never connect a LED across a battery (such as 6v or 9v), as it will be instantly damaged. You must 
have a resistor in series with the LED to limit the current. 


ZENER DIODES 


All diodes are Zener diodes. For instance a 1N4148 is a 120v zener diode as this is its reverse 
breakdown voltage. 

And a zener diode can be used as an ordinary diode in a circuit with a voltage that is below the zener 
value. 

For instance, 20v zener diodes can be used in a 12v power supply as the voltage never reaches 20v, 
and the zener characteristic is never reached. 


Most diodes have a reverse breakdown voltage above 100v, while most zeners are below 70v. A 24v 
zener can be created by using two 12v zeners in series and a normal diode has a characteristic voltage 
of 0.7v. This can be used to increase the voltage of a zener diode by 0.7v. See the diagram above. It 
uses 3 ordinary diodes to increase the output voltage of a 3-terminal regulator by 2.1v. 

To tests a zener diode you need a power supply about 10v higher than the zener of the diode. Connect 
the zener across the supply with a 1k to 4k7 resistor and measure the voltage across the diode. If it 
measures less than 1v, reverse the zener. 

If the reading is high or low in both directions, the zener is damaged. 


Here is a zener diode tester. The circuit will test up to 56v zeners. 
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TRANSFORMERLESS POWER SUPPLY 

Here's a circuit that uses zener diodes in a power supply to show how they work. This clever design 
uses 4 diodes in a bridge to produce a fixed voltage power supply capable of supplying 35mA. 

If we put 2 zener diodes in a bridge with two ordinary power diodes, the bridge will break-down at the 
voltage of the zener. This is what we have done. If we use 18v zeners, the output will be 17v4. 
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When the incoming voltage is positive at the top, the left zener provides 18v limit (and the other zener 
produces a drop of 0.6v). This allows the right zener to pass current just like a normal diode. The 
output is 17v4. The same with the other half-cycle. 

You cannot use this type of bridge in a normal power supply as the zener diode will "short" when the 
input voltage reaches the zener value. The concept only works in the circuit above. 


VOLTAGE REGULATORS 


A Voltage Regulator takes a high input voltage and delivers a fixed output voltage. 

Providing the input voltage is 4v above the output voltage, the regulator will deliver a fixed output 
voltage with almost no ripple. 

Voltage regulators are also called "3-TERMINAL REGULATORS" or "REGULATOR IC's" - although this 
name is not generally used. 

In most cases, a voltage regulator gets quite hot and for this reason it has a high failure-rate. 

If a regulator is not getting hot (or warm) it has either failed or the circuit is not operating. 

A regulator can only decrease the voltage. It cannot increase the current. This means the current being 
supplied to a circuit must also be available from the circuit supplying the regulator. 

All regulators have different pin-outs, so you need to find the input pin and output pin and make sure 


the voltage-difference is at least 4v. Some regulators will work with a difference as low as 1v, so you 
need to read the specifications for the type you are servicing. 

Some regulators are called “negative voltage regulators” and the input voltage will be negative and the 
output will be negative. 

You need to test a voltage regulator with the power "ON". 

Make sure you do not allow the probes to short any of the pins together as this will destroy the 
regulator or the circuit being supplied. 

With the power turned off or the regulator removed from the circuit, you can test it with a multimeter 
set to resistance to see if it is ok. If any resistance readings are very low or zero ohms, the regulator is 
damaged. 


TRANSFORMERS 


All transformers and coils are tested the same way. This includes chokes, coils, inductors, yokes, 
power transformers, EHT transformers (flyback transformers), switch mode transformers, isolation 
transformers, IF transformers, baluns, and any device that has turns of wire around a former. All these 
devices can go faulty. 

The coating on the wire is called insulation or "enamel" and this can crack or become overheated or 
damaged due to vibration or movement. When two turns touch each other, a very interesting thing 
happens. The winding becomes two separate windings. 


E 


shorted 


We will take the case of a single winding such as a coil. This is shown in the first diagram above and 

the winding is wound across a former and back again, making two layers. The bottom and top layers 
touch at the point shown in the diagram and the current that originally passed though A, B, C, D now 
passes though A € D. 


Winding B C becomes a separate winding as shown in the second diagram. 

In other words the coil becomes a TRANSFORMER with a SHORT CIRCUIT on the secondary winding as 
shown in the third diagram. 

When the output wires of a transformer are shorted together, it delivers a very high current because 
you have created a SHORT-CIRCUIT. This short-circuit causes the transformer to get very hot. 

That’s exactly what happens when any coil or transformer gets a “shorted turn.” 

The shorted turns can be a single turn or many turns. 

It is not possible to measure a fault like this with a multimeter as you don’t know the exact resistance 
of a working coil or winding and the resistance of a faulty winding may be only 0.001 ohms less. 
However when a transformer or coil is measured with an inductance meter, an oscillating voltage (or 
spike) is delivered into the core as magnetic flux, then the magnetic flux collapses and passes the 
energy into the winding to produce a waveform. The inductance meter reads this and produces a value 
of inductance in Henry (milliHenry or microHenry. ) 

This is done with the transformer removed from the circuit and this can be a very difficult thing to do, 
as most transformers have a number of connections. 

If the coil or transformer has a shorted turn, the energy from the magnetic flux will pass into the turns 
that are shorted and produce a current. Almost no voltage will be detected from winding. 

The reading from the inductance meter will be low or very low and you have to work out if it is correct. 


However there is one major problem with measuring a faulty transformer or coil. 

It may only become faulty when power is applied. 

The voltage between the turns may be sparking or jumping a gap and creating a problem. A tester is 
not going to find this fault. 

Secondly, an inductance meter may produce a reading but you do not know if the reading is correct. 
An improved tester is a RING TESTER. 

The circuit for a ring tester can be found here: 


http://www. flippers.com/pdfs/k7205.pdf 


It sends a pulse to the coil and counts the number of returning pulses or "rings." A faulty coil (or 
winding) may return one pulse but nearly all the energy will be passed to the shorted turns and you 
will be able to see this on the scale. You will only get one or two return pulses, whereas a good 


winding will return more pulses. 


One way to detect a faulty power transformer is to connect it to the supply and feel the temperature- 
rise (when nothing is connected to the secondary). 

It should NOT get hot. 

Detecting shorted turns is not easy to diagnose as you really need another identical component to 
compare the results. 

Most transformers get very hot when a shorted turn has developed. It may deliver a voltage but the 
heat generated and a smell from the transformer will indicate a fault. 


ISOLATION TRANSFORMER 


An isolation transformer is a piece of Test Equipment that provides "Mains Voltage" but the voltage is 
"floating." You will still get a shock if you touch the two output leads, but it has a special use when 
testing unknown equipment. 

Many electrical appliances are fully insulated and only have two leads connected to the mains. 

When you take these appliances apart, you do not know which end of say a heating element is 
connected to the "live" (active) side of the mains and which end connects to the neutral. 

I am not suggesting you carry out the following tests, but they are described to show how an isolation 
transformer works. 

If you touch a soldering iron on the "live" (active) end of the heating element it will cause a short- 
circuit. 

However when the appliance is connected to the main via an isolation transformer, you can touch 
an earthed soldering iron on either end of the heater as both leads from the isolation transformer are 
"floating." 

Note: As soon as you earth one lead of the output an isolation transformer, the other lead becomes 
"active." 

You can make your own Isolation Transformer by connecting two identical transformers "back-to- 
back." 

The following diagram shows how this is done: 
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You can use any transformers providing the primary and secondary voltages are the same. The current 
capability of the secondary winding does not matter. However if you want a supply that has almost the 
same voltage as your "Mains," you need two transformers with the same voltages. 

This handy isolation transformer will provide you with "Mains Voltage" but with a limited current. 

In other words it will have a limited capability to supply "wattage." If you are using two 15VA 
transformers, you will only be able to test an appliance rated at 15 watts. 

This has some advantages and some disadvantages. 

If you are working on a project, and a short-circuit occurs, the damage will be limited to 15 watts. 

If you are using two transformers with different VA ratings, the lower rating will be the capability of the 
combination. 

If the secondaries are not equal, you will get a higher or lower "Mains Voltage." 

If you get two old TV's or Monitors with a rating on the compliance plate of 45 watts, or 90 watts, you 
can assume the transformers are capable of delivering this wattage and making an isolation 
transformer will enable you to test similar items with the safety of being isolated from the mains. 

Colin Mitchell designs a lot of "LED lighting lamps" that are connected directly to the mains. He always 
works with an isolating transformer, just to be safe. Working on exposed "mains" devices is extremely 
nerve-wracking and you have to very careful. 


DETERMINING THE SPECS OF A TRANSFORMER 

Suppose you have a "mains transformer" with unknown output voltages and unknown current 
capability. 

You must be sure it is a mains transformer designed for operation on 50Hz or 60Hz. Switch-Mode 
transformers operate at frequencies 40kHz and higher and are not covered in this discussion. 

To be on the safe-side, connect the unknown transformer to the output of your isolating transformer. 
Since the transformer will take almost no current when not loaded, the output voltages it produces will 
be fairly accurate. Measure the input AC voltage and output AC voltage. 


If the transformer has loaded your isolating transformer it will be faulty. 

Mains transformers are approx 15 VA for 500gm, 30VA for 1kgm 50VA for 2kgm and and 100VA for 
2.5kgm. 

VA stands for Volts-Amps and is similar to saying watts. Watts is used for DC circuits, while VA refers 
to AC circuits. 

Once you have the weight of the transformer and the output voltage, you can work out the current 
capability of the secondary. 

For transformers up to 30vA, the output voltage on no-load is 30% higher than the final "loaded 
voltage." 

This is due to the poor regulation of these small devices. 

If the transformer is 15VA and the output voltage will be 15v AC, the current will be 1 amp AC. 

You can check the "quality" of the transformer, (the regulation) by fully loading the output and 
measuring the final voltage. If the transformer has a number of secondaries, the VA rating must be 
divided between all the windings. 


OPTO ISOLATORS and OPTO COUPLERS 


Opto Isolators and Opto Couplers are the same thing. A common opto-coupler is 4N35. It is used to 
allow two circuits to exchange signals yet remain electrically isolated. The signal is applied to the LED, 
which shines on a silicon NPN photo-transistor in the IC. 

The light is proportional to the signal, so the signal is transferred to the photo transistor to turn it ona 
proportional amount. Opto-couplers can have Light Activated SCR's, photodiodes, TRIAC's and other 
semiconductor devices as an output. The 4N35 opto-coupler schematic is shown below: 


An opto-Coupler using a TRIAC 


TESTING AN OPTO COUPLER 


Most multimeters cannot test the LED on the input of an opto-coupler because the ohms range does 
not have a voltage high enough to activate the LED with at least 2mA. 

You need to set-up the test-circuit shown above with a 1k resistor on the input and 1k5 on the output. 
When the 1k is connected to 12v, the output LED will illuminate. 

The opto-coupler should be removed from circuit to perform this test. 


TRANSISTORS 

Transistors are solid-state devices and although they operate completely differently to a diode, they 
appear as two back-to-back diodes when tested. 

There are basically 2 types of transistor NPN and PNP. 


A transistor is sometimes referred to as BJT (Bi-polar Junction Transistor) to distinguish it from other 
types of transistor such as Field Effect transistor, Programmable Unijunction Transistor and others. 
In the following diagram, two diodes are connected together and although the construction of a 
transistor is more complex, we see the transistor as two diodes when testing it. 
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A TRANSISTOR APPEARS AS TWO DIODES WHEN TESTING IT 


All transistors have three leads. Base (b), Collector (c), and Emitter (e). 

For an NPN transistor, the arrow on the emitter points away from the base. 

It is fortunate that the arrow on both symbols points in the direction of the flow of current 
(Conventional Current) and this makes it easy to describe testing methods using our simplified set of 
instructions. The symbols have been drawn exactly as they appear on a circuit diagram. 


All transistors are the same but we talk about digital and analogue transistors. There is no difference 
between the two. 

The difference is the circuit. And the only other slight difference between transistors is the fact that 
some have inbuilt diodes and resistors to simplify the rest of the circuit. 

All transistors work the same way. The only difference is the amount of amplification they provide, the 
current and voltage they can withstand and the speed at which they work. For simple testing purposes, 
they are all the same. 


NPN transistors are the most common and for an NPN transistor, the following applies. 

(the opposite applies for PNP) 

To test a transistor, there is one thing you have to know: 

When the base voltage is higher than the emitter, current flows though the collector-emitter 
leads. 

As the voltage is increased on the base, nothing happens until the voltage reaches 0.55v. At this point 
a very small current flows through the collector-emitter leads. As the voltage is increased, the current- 
flow increases. At about 0.75v, the current-flow is a MAXIMUM. (can be as high as 0.9v). That's how it 
works. A transistor also needs current to flow into the base to perform this amplifying function and 
this is the one feature that separates an ordinary transistor from a FET. 


If the voltage on the base is Ov, then instantly goes to 0.75v, the transistor initially passes NO current, 
then FULL current. The transistor is said to be working in its two states: OFF then ON (sometimes 
called: "cut-off" and "saturation"). These are called digital states and the transistor is said to be a 
DIGITAL TRANSISTOR or a SWITCHING TRANSISTOR , working in DIGITAL MODE. 


If the base is delivered 0.5v, then slowly rises to 0.75v and slowly to 0.65v, then 0.7v, then 0.56v etc, 
the transistor is said to be working in ANALOGUE MODE and the transistor is an ANALOGUE 
TRANSISTOR. 

Since a transistor is capable of amplifying a signal, it is said to be an active device. Components such 
as resistors, capacitors, inductors and diodes are not able to amplify and are therefore known as 
passive components. 


In the following tests, use your finger to provide the TURN ON voltage for the base (this is 0.55v to 


0.7v) and as you press harder, more current flows into the base and thus more current flows through 
the collector-emitter terminals. As more current flows, the needle of the multimeter moves UP-SCALE. 


TESTING A TRANSISTOR ON A DIGITAL METER 


Testing a transistor with a Digital Meter must be done on the "DIODE" setting as a digital meter does 
not deliver a current through the probes on some of the resistance settings and will not produce an 
accurate reading. 

The "DIODE" setting must be used for diodes and transistors. It should also be called a "TRANSISTOR" 
setting. 


TESTING AN unknown TRANSISTOR 

The first thing you may want to do is test an unknown transistor for COLLECTOR, BASE AND EMITTER. 
You also want to perform a test to find out if it is NPN or PNP. 

That's what this test will provide. 

You need a cheap multimeter called an ANALOGUE METER - a multimeter with a scale and pointer 
(needle). 

It will measure resistance values (normally used to test resistors) - (you can also test other 
components) and Voltage and Current. We use the resistance settings. It may have ranges such as 
"x10" "x100" "xik" "x10" 

Look at the resistance scale on the meter. It will be the top scale. 

The scale starts at zero on the right and the high values are on the left. This is opposite to all the other 
scales. 

When the two probes are touched together, the needle swings FULL SCALE and reads "ZERO." Adjust 
the pot on the side of the meter to make the pointer read exactly zero. 


How to read: "x10" "x100" "x1k" "x10" 

Up-scale from the zero mark is "1" 

When the needle swings to this position on the "x10" setting, the value is 10 ohms. 

When the needle swings to "1" on the "x100" setting, the value is 100 ohms. 

When the needle swings to "1" on the "x1k" setting, the value is 1,000 ohms = ik. 

When the needle swings to "1" on the "x10k" setting, the value is 10,000 ohms = 10k. 

Use this to work out all the other values on the scale. 

Resistance values get very close-together (and very inaccurate) at the high end of the scale. [This is 
just a point to note and does not affect testing a transistor. ] 


Step 1 - FINDING THE BASE and determining NPN or PNP 

Get an unknown transistor and test it with a multimeter set to "x10" 

Try the 6 combinations and when you have the black probe on a pin and the red probe touches the 
other pins and the meter swings nearly full scale, you have an NPN transistor. The black probe is BASE 
If the red probe touches a pin and the black probe produces a swing on the other two pins, you have a 
PNP transistor. The red probe is BASE 

If the needle swings FULL SCALE or if it swings for more than 2 readings, the transistor is FAULTY. 


This is an NPN transistor This is a PNP transistor 
The black probe is the BASE The red probe is the BASE 


Step 2 - FINDING THE COLLECTOR and EMITTER 

Set the meter to "x10k." 

For an NPN transistor, place the leads on the transistor and when you press hard on the two leads 
shown in the diagram below, the needle will swing almost full scale. 


Set to “x10k" 
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You have found the Collector Base and Emitter 


For a PNP transistor, set the meter to "x10k" place the leads on the transistor and when you press 
hard on the two leads shown in the diagram below, the needle will 
swing almost full scale. 


Set to “x10k" 


This is the mae a 
POSITIVE j 
ofthe battery transistor 
in the meter > 


This is the NEGATIVE 
ofthe battery in the meter 


Here is the equivalent circuit: 


The finger is 
“turning OH 
the transistor” 


emitter 


collector : 
You have found the Collector Base and Emitter 


SIMPLEST TRANSISTOR TESTER 


The simplest transistor tester uses a 9v battery, 1k resistor and a LED (any colour). Keep trying a 
transistor in all different combinations until you get one of the circuits below. When you push on the 


two leads, the LED will get brighter. 
The transistor will be NPN or PNP and the leads will be identified: 


Here ts the equivalent circuit: 
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The leads of some transistors will need to be bent so the pins are in the same positions as shown in 
the diagrams. This helps you see how the transistor is being turned on. This works with NPN, PNP 


transistors and Darlington transistors. 
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HEATSINKING 


Heat generated by current flowing between the collector and emitter leads of a transistor causes its 
temperature to rise. This heat must be conducted away from the transistor otherwise the rise may be 
high enough to damage the P-N junctions inside the device. Power transistors produce a lot of heat, 
and are therefore usually mounted on a piece of aluminium with fins, called a HEATSINK. 

This draws heat away, allowing it to handle more current. Low-power signal transistors do not normally 
require heat sinking. Some transistors have a metal body or fin to connect to a larger heatsink. If the 
transistor is connected to a heatsink with a mica sheet (mica washer), it can be damaged or cracked 
and create a short-circuit. (See Testing Mica Washers). Or a small piece of metal may be puncturing 
the mica. Sometimes white compound called Heatsink Compound is used to conduct heat through 
the mica. This is very important as mica is a very poor conductor of heat and the compound is needed 
to provide maximum thermal conduction. 


TRANSISTOR FAILURE 


Transistor can fail in a number of ways. They have forward and reverse voltage ratings and once these 
are exceeded, the transistor will ZENER or conduct and may fail. In some cases a high voltage will 
"puncture" the transistor and it will fail instantly. In fact it will fail much faster via a voltage-spike than 
a current overload. 


It may fail with a "short" between any leads, with a collector-emitter short being the most common. 
However failures will also create shorts between all three leads. 

A shorted transistor will allow a large current to flow, and cause other components to heat up. 
Transistors can also develop an open circuit between base and collector, base and emitter or collector 
and emitter. 

The first step in identifying a faulty transistor is to check for signs of overheating. It may appear to be 
burnt, melted or exploded. When the equipment is switched off, you can touch the transistor to see if it 
feels unusually hot. The amount of heat you feel should be proportional to the size of the transistor's 
heat sink. If the transistor has no heat sink, yet is very hot, you can suspect a problem. 

DO NOT TOUCH A TRANSISTOR IF IT IS PART OF A CIRCUIT THAT CARRIES 240VAC. Always switch off 
the equipment before touching any components. 


TRANSISTOR REPLACEMENT 


If you can't get an exact replacement, refer to a transistor substitution guide to identify a near 
equivalent. 


The important parameters are: 

- Voltage 

- Current 

- Wattage 

- Maximum frequency of operation 


The replacement part should have parameters equal to or higher than the original. 


Points to remember: 

- Polarity of the transistor i.e. PNP or NPN. 

- At least the same voltage, current and wattage rating. 

- Low frequency or high frequency type. 

- Check the pinout of the replacement part 

- Use a desoldering pump to remove the transistor to prevent damage to the 
printed circuit board. 

- Fit the heat sink. 


- Check the mica washer and use heat-sink compound 

- Tighten the nut/bolt - not too tight or too loose. 

- Horizontal output transistors with an integrated diode should be replaced with the 
same type. 


DIGITAL TRANSISTORS 


There is no such thing as a DIGITAL TRANSISTOR, however some transistors are available with built-in 
resistors between base and emitter (to save space on the board) and these transistors are often used 
in digital circuits. The transistor will amplify analogue signals but when the signal is Ov then 
immediately goes to a voltage above 0.7v, the transistor is in a DIGITAL CIRCUIT and the transistor is 
called a DIGITAL TRANSISTOR. Itis tested like an ordinary transistor but the low value resistor 
between base and emitter will produce a low reading in both directions. 


DARLINGTON TRANSISTORS 

A DARLINGTON TRANSISTOR is two transistors in a single package with three leads. They are 
internally connected in cascade so the gain of the pair is very high. This allows a very small input 
Signal to produce a large signal at the output. They have three leads (Base, Collector and Emitter and 
can be PNP or NPN) and are equivalent to the leads of a standard individual transistor, but with a very 
high gain. The second advantage of a Darlington Transistor is its high input impedance. It puts very 
little load on the previous circuit. 

Some Darlington transistors have a built-in diode and/or built-in resistor and this will produce a low 
reading in both directions between the base and emitter leads. 
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Darlington transistors are tested the same as an ordinary transistor and a multimeter will produce 
about the same deflection, even though you will be measuring across two junctions, (and a base- 
emitter resistor is present). 


HORIZONTAL OUTPUT TRANSISTORS, SWITCH-MODE TRANSISTORS, 
FLYBACK TRANSISTORS, POWER TRANSISTORS, VERTICAL TRANSISTORS... 


These are all names given to a transistor when it is used in a particular circuit. ALL these transistors 
are the same for testing purposes. 

We are not testing for gain, maximum voltage, speed of operation or any special feature. We are just 
testing to see if the transistor is completely faulty and SHORTED. 

A transistor can have lots of other faults and the circuit using the transistor is the best piece of TEST 
EQUIPMENT as it is detecting the fault. 


TESTING MOSFETs and FETs 

MOSFETs and JFETs are all part of the FET family. 

MOSFET stands for Metal Oxide Semiconductor Field Effect Transistor. 

FETs operate exactly the same as a "normal" transistor except they have different names for the input 
and output leads and the voltage between the gate and the source has to between 2v to 5v for the 
device to turn on fully. A FET requires almost NO CURRENT into the Gate for it to turn on and when it 


does, the voltage between drain and source is very low (only a few mV). This allows them to pass very 
high currents without getting hot. There is a point where they start to turn on and the input voltage 
must rise higher than this so the FET turns on FULLY and does not get hot. 

Field Effect Transistors are difficult to test with a multimeter, but "fortunately" when a power 
MOSFET blows, it is completely damaged. All the leads will show a short circuit. 99% of bad MOSFETs 
will have GS, GD and DS shorted. 

The following symbols show some of the different types of MOSFETs: 


D D D Drain D 
2 Gate N-channel 
G E 
7 5 
5 5 Source 3 
5 S 5 3 5 
G G 
G E 27 E P-channel 
D D D D D 
JFET MOSFET MOSFET enhanced MOSFET 
enhancement without bulk (body terminal) shown depletion 
mode mode 


Most MOSFET transistors cannot be tested with a multimeter. This due to the fact that the Gate needs 
2v - 5v to turn on the device and this voltage is not present on the probes of either meter set to any of 
the ohms ranges. 

You need to build the following Test Circuit: 


04% source 
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Touching the Gate will increase the voltage on the Gate and the MOSFET will turn on and illuminate the 
LED. Removing your finger will turn the LED off. 


SILICON CONTROLLED RECTIFIERs (SCR) 

The Silicon Controlled Rectifier (SCR) is a semiconductor device that is a member of a family of 
control devices known as Thyristors. It is a 3-leaded device and when a small current enters the 
Gate, the thyristor turns on. AND STAYS ON. It only conducts current between Anode and Cathode in 
one direction and it is mainly only used in DC circuits. When it is used with AC, it will only conduct for a 


maximum of half the cycle. 
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To understand how an SCR "latches" when the gate is provided with a small current, we can replace it 
with two transistors as shown in diagram B above. When the ON button is pressed, the BC547 
transistor turns on. This turns ON the BC557 and it takes over from the action of the switch. 

To turn the circuit off, the OFF button removes the voltage from the base of the BC547. 


Testing an SCR 


An SCR can be tested with some multimeters but a minimum current Anode-to-Cathode is needed to 
keep the device turned on. Some multimeters do not provide this amount of current and the SCR 
Tester circuit above is the best way to test these devices. 

Shorted SCRs can usually be detected with an ohmmeter check (SCRs usually fail shorted rather than 
open). 

Measure the anode-to-cathode resistance in both the forward and reverse direction; a good SCR should 
measure near infinity in both directions. 

Small and medium-size SCRs can also be gated ON with an ohmmeter (on a digital meter use the 
Diode Check Function). Forward bias the SCR with the ohmmeter by connecting the black ( - ) lead to 
the anode and the red ( + ) lead to the cathode (because the + of the battery is connected to the 
negative lead, in most analogue multimeters). Momentarily touch the gate lead to the anode while the 
probes are still touching both leads; this will provide a small positive turn-on voltage to the gate and 
the cathode-to-anode resistance reading will drop to a low value. Even after removing the gate 
voltage, the SCR will stay conducting. Disconnecting the meter leads from the anode or cathode will 


cause the SCR to revert to its non-conducting state. 
When making the above test, the meter impedance acts as the SCR load. On larger SCRs, it may not 
latch ON because the test current is not above the SCR holding current. 


Using the SCR Tester 

Connect an SCR and press Switch2. The lamp should not illuminate. If it illuminates, the SCR is around 
the wrong way or it is faulty. 

Keep Switch 2 PRESSED. Press Swi very briefly. The lamp or motor will turn ON and remain ON. 
Release Sw 2 and press it again. The Lamp or motor will be OFF. 


TRIACS 


A triac is a bidirectional, three-terminal dual, back-to-back thyristor (SCR) switch. This device will 
conduct current in both directions when a small current is constantly applied to the Gate. 

If the gate is given a small, brief, current during any instant of a cycle, it will remain triggered during 
the completion of the cycle until the current though the Main Terminals drops to zero. 

This means it will conduct both the positive and negative half-cycles of an AC waveform. If it is tuned 
on (with a brief pulse) half-way up the positive waveform, it will remain on until the wave rises and 
finally reaches zero. If it is then turned on (with a brief pulse) part-way on the negative wave, the 
result will be pulses of energy and the end result will be about 50% of the full-energy delivered ata 
rate of 100 times per second for a 50HZ supply. 

TRIACs are particularly suited for AC power control applications such as motor speed control, light 
dimmers, temperature control and many others. 
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Using the TRIAC Tester 


Connect a TRIAC and press Switch2. The lamp should not illuminate. If it illuminates, the TRIAC is 
faulty. 

Keep Switch 2 PRESSED. Press Swi very briefly. The lamp or motor will turn ON and remain ON. If the 
lamp does not turn on, reverse the TRIAC as the current into the gate must produce a slight voltage 
between Gate and Main Terminal 1. 

Release Sw 2 and press it again. The Lamp or motor will be OFF. 


TRIAC TESTER 


MICA WASHERS AND INSULATORS 


Plastic insulating sheets (washers) between a transistor and heatsink are most often made from mica 
but some are plastic and these get damaged over a period of time, turn dark and become cracked. 
The plastic eventually becomes carbonized and conducts current and can affect the operation of the 
appliance. You can see the difference between a mica sheet (washer) and plastic by looking where it 
extends from under the transistor. Replace all plastic insulators as they eventually fail. 


SPARK GAPS 


Some TV's and monitors with a CRT (picture tube), have spark gaps either on the socket at the end of 
the tube or on the chassis. 

These can consist of two wires inside a plastic holder or a glass tube or special resistive device. 

The purpose of a spark gap is to take any flash-over (from inside the tube), to earth. This prevents 
damage to the rest of the circuit. 

However if the tube constantly flashes over, a carbon track builds up between the wires and effectively 
reduces the screen voltage. This can cause brightness and/or focus problems. Removing the spark-gap 
will restore the voltage. 

These are not available as a spare component and it's best to get one from a discarded chassis. 


CO-AX CABLES 


Co-Ax cables can produce very high losses and it seems impossible that a few metres of cable will 
reduce the signal. The author has had a 3 metre cable reduce the signal to "snow" so be aware that 
this can occur. Faults can also come from a splitter and/or balun as well as dirty plugs and sockets. 
This can result in very loud bangs in the sound on digital reception. 


TESTING EARTH LEAKAGE DETECTORS or 
Residual Current Devices or 


Ground Fault Circuit Interrupters or GFCI 

An Earth Leakage Detector or Sensor is a circuit designed to continuously monitor the imbalance in the 
current in a pair of load carrying conductors. 

These two conductors are normally the Active and Neutral. Should the imbalance current reach 30mA 
the sensor will "trip" and remove the voltage (and current) from the line being monitored. 

Some detectors will trip at 15mA. 

You cannot alter the sensitivity of the device however there are a number of faults in these devices 
that can be fixed. 

In some devices the contact pressure for the 10Amp or 15 Amp contacts is very weak and they arc and 
produce an open circuit. The result is this: When you press the rest button, power is not restored to 
the output. 

Clean the contacts with a small file and bend the metal strips to the contacts so they make a very 
strong contact. 

The other fault is the trip mechanism. 

The magnetism from the coil does not allow the pin to move and "trip" the contacts. It may be due to a 
small metal filing or the pin not moving freely enough. 

All good Earth Leakage Detectors have a TEST BUTTON. This connects a resistor between the active 
line and earth so that 15mA or 30mA flows. 

The detector should trip immediately. Make sure the trigger mechanism trips when the test button is 
pressed. 

None of the electronics in the detector can be replaced however you can test the mechanical operation 
and the pressure on the contacts when the unit is removed from the power. Do not work on the device 


when it is connected to the mains. 


TESTING CELLS AND BATTERIES 


There is an enormous number of batteries and cells on the market and a number of "battery testers." 
Instead of buying a battery tester that may give you a false reading, here is a method of testing cells 
that is guaranteed to work. 

There are two types of cell: a rechargeable cell and a non rechargeable cell. 


The easiest way to test a rechargeable cell is to put a group of them in an appliance and use them 
until the appliance "runs down" or fails to work. If you consider the cells did not last very long, remove 
them and check the voltage of each cell. The cell or cells with the lowest voltage will be faulty. You can 
replace them with new cells or good cells you have in reserve. 

There is no other simple way to test a rechargeable cell. 

You cannot test the "current of a cell" by using an ammeter. A rechargeable cell can deliver 10 amps 
or more, even when nearly discharged and you cannot determine a good cell for a faulty cell. 


Dry cells are classified as "non-rechargeable" cells. 

DRY CELLS and MANGANESE CELLS are the same thing. These produce 1.5v per cell (manganese 
means the Manganese Dioxide depolariser inside the cell. All "dry cells” use manganese dioxide). 
ALKALINE CELLS produce between 2 - 10 times more energy than a "dry cell" and produce 1.5v per 
cell. 

Alkaline cells can fail for no reason at any stage in their life and are not recommended for emergency 
situations. 

The output voltage of some Alkaline cells can fall to 0.7v or 0.9v for not apparent reason. 

There are lots of other cells including "button cells,” hearing-aid cells, air cells, and they produce from 
1.2v to 3v per cell. 


Note: 

Lithium cells are also called "button cells” and they produce 3v per cell. 

Lithium cells are non-rechargeable (they are generally called "button cells”) but some Lithium cells 
can be recharged. These are Lithium-ion cells and generally have a voltage of 3.6v. Some Lithium-ion 
cells look exactly like 3v Lithium cells, so you have to read the data on the cell before charging. 


You cannot test the voltage of a cell and come to any conclusion as to the age of the cell or how much 
energy remains. The voltage of a cell is characteristic to the chemicals used and the actual voltage 
does not tell you its condition. 

Some "dry cells" deliver 1.5v up to the end of their life whereas others drop to about 1.1v very quickly. 


Once you know the name of the cell that drops to 1.1v, avoid them as the operation of the equipment 
"drops off" very quickly. 


However if you have a number of different cells and need to know which ones to keep, here's the 
solution: 


1. Check the voltage and use those with a voltage above 1.1v 

2. Next, select 500mA or 10A range on a meter and place the probes on a cell. For a AAA or AA cell, 
the current should be over 500mA and the needle will swing full scale very quickly. 

Keep the testing short as you are short-circuiting the cell but it is the only way to determine the 
internal impedance of the cell and this has a lot to do with its stage-of-charge. 

This will give you a cell with a good terminal voltage and a good current capability. 


This also applies to button cells, but the maximum current they will deliver will be less. 
If you want to get the last of the energy out of a group of cells they can be used in the following 
circuits: 
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TESTING PIEZO DIAPHRAGMS and PIEZO BUZZERS 

There are two types of piezo devices that produce a sound. 

They are called PIEZO DIAPHRAGMS and PIEZO BUZZERS. 

A piezo diaphragm consists of two metal plates with a ceramic material between. The ceramic 
expands and contracts when an alternating voltage is placed on the two plates and this causes the 
main plate to "dish" and "bow." 

This creates a high-pitched sound. There are no other components inside the case and it requires an 
AC voltage of the appropriate frequency to produce a sound. 

A piezo buzzer has a transistor and coil enclosed and when supplied with a DC voltage, the buzzer 
produces a sound. 

Both devices can look exactly the same and the only way to tell them apart is by connecting a 9v 
battery. One device may have "+' and "-" on the case to indicate it is a piezo buzzer, but supplying 9v 


will make the buzzer produce a sound while the piezo diaphragm will only produce a "click." 


PIEZO DIAPHRAGM PIEZO BUZZER 


A piezo diaphragm will produce a click 
when connected to 9v DC. 
A piezo buzzer will produce a tone when 
connected to a DC voltage. 


TESTING A CIRCUIT 


Whenever you test a circuit, the TEST EQUIPMENT puts "a load" or "a change" on it. 

It does not matter if the test equipment is a multimeter, Logic Probe, CRO, Tone Injector or simply a 
LED and resistor. 

There are two things you need to know. 

1. The IMPEDANCE of the circuit at the location you are testing, and 

2. The amount of load you are adding to the circuit via the test equipment. 


There is also one other hidden factor. The test equipment may be injecting "hum" due to its leads or 
the effect of your body at absorbing hum from the surroundings or the test equipment may be 
connected to the mains. 

These will affect the reading on the test equipment and also any output of the circuit. 

Sometimes the test equipment will prevent the circuit from working and sometimes it will just change 
the operating conditions slightly. You have to be aware of this. 

The last section of this eBook covers High and Low Impedance and understanding impedance is 
something you need to know. 

The point to note here is the fact that the equipment (and the reading) can be upset by hum and 
resistance/capacitance effects of test equipment. This is particularly critical in high impedance and high 


frequency circuits. 


TESTING INTEGRATED CIRCUITS (IC's) 

Integrated Circuits can be tested with a LOGIC PROBE. A Logic Probe will tell you if a line is HIGH, LOW 
or PULSING. 

Most logic circuits operate on 5v and a Logic Probe is connected to the 5v supply so the readings are 
accurate for the voltages being tested. 

A Logic Probe can also be connected to a 12v CMOS circuit. 

You can make your own Logic Probe and learn how to use it from the following link: 


http://www .talkingelectronics.com/projects/LogicProbeMklIB/LogicProbeMk-I1B.html 
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LOGIC PROBE with PULSE 

This is a very simple transistor circuit to provide HIGH-LOW-PULSE indication for digital circuits. It can be built for less 
than $5.00 on a piece of matrix board or on a small strip of copper clad board if you are using surface mount 
components. The probe will detect a HIGH at 3v and thus the project can be used for 3v, 5v and CMOS circuits. 
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LOGIC PROBE using CD4001 and CD4011 

Here is a simple Logic Probe using a single chip. The circuits have been designed for the CD4001 
CMOS quad NOR gate and CD4011 CMOS NAND gate. The output has an active buzzer that produces 
a beep when the pulse LED illuminates (the buzzer is not a piezo-diaphragm but an active buzzer 


containing components). 
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SUPER PROBE MkII has 20 different features including a Logic Probe, capacitance tester, Inductance 
tester, and more. 
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SUPER PROBE MkIl 


To test an IC, you need a circuit diagram with waveforms. These diagrams will show the signals and 
are very handy if a CRO (cathode ray Oscilloscope ) is used to diagnose the problem. The CRO will 
reproduce the waveform and prove the circuit is functioning correctly. 

A Logic Probe will just show activity and if an output is not producing a "pulse" or "activity," you should 
check the power to the IC and test the input line. 

It is beyond the scope of this eBook to explain how to diagnose waveforms, however it is important to 
know if signals are entering and exiting an IC and a Logic Probe is designed for this. 


SIGNAL INJECTOR 

This circuit is rich in harmonics and is ideal for testing amplifier circuits. To find a fault in an amplifier, 

connect the earth clip to the Ov rail and move through each stage, starting at the speaker. An increase 
in volume should be heard at each preceding stage. This Injector will also go through the IF stages of 

radios and FM sound sections in TV's. 


TESTING AUDIO AMPLIFIERS and AUDIO IC's 


The Super Probe MII described above has a "noise" function and a tone function that allows you to 
inject a signal into an audio stage, amplifier (made from discrete components) or an audio chip, and 
detect the output on a speaker. 

Audio stages are very difficult to work-with if you don't have a TONE GENERATOR or SIGNAL 
INJECTOR. 

The signals are very small and not detected by a multimeter. 

You can start anywhere in an amplifier and when a tone is heard, you can keep probing until the signal 
is not present or louder. From this you can work out which way the signal is travelling. 

A Signal Injector is very handy for finding shorts and broken wires in switches, plugs, sockets and 
especially leads to headphones. 

You can determine the gain of a stage (amplification) by probing before and after a chip or transistor 
and listen for the relative increase in volume from the speaker. 

You can also use your finger to produce "hum" or "buzz" if a Signal Injector is not available. 

Nearly all audio problems are plugs, sockets and cracks in the PC board, but finding them takes a lot of 
time and skill. 


TESTING IC's - also called "CHIPS" 


An Integrated Circuit is also called a "chip." It might have 8 pins or as many as 40. 

Some chips are ANALOGUE. This means the input signal is rising and falling slowly and the output 
produces a larger version of the input. 

Other chips are classified as DIGITAL and the input starts at Ov and rises to rail voltage very quickly. 
The output does exactly the same - it rises and falls very quickly. 

You might think the chip performs no function, because the input and output voltage has the same 
value, but you will find the chip may have more than one output and the others only go high after a 
number of clock-pulses on the input, or the chip may be outputting when a combination of inputs is 
recognised or the output may go HIGH after a number of clock pulses. 


ANALOGUE CHIPS (also see above) 

Analogue chips are AUDIO chips or AMPLIFIER chips. 

To test these chips you will need three pieces of test equipment: 
1. A multimeter - this can be digital or analogue. 


2. A Signal Injector 
3. A Mini Bench Amplifier. 


The Mini Bench Amplifier is available as a kit. 


MINI BENCH AMPLIFIER 


MINI BENCH AMPLIFIER CIRCUIT 


Start by locating the power pin with a multimeter. 
If the chip is receiving a voltage, you can use the Mini Bench Amplifier to detect an output. 
Connect the Ground Lead of the Mini Bench Amplifier to Ov and touch the Probe tip on each of the pins. 


You will hear faint audio on the Input pin and very loud audio on the Output pin. 

If no input is detected, you can use a Signal Injector to produce a tone. 

Connect the clip of the Signal Injector to Ov and the probe to the input pin of the amplifier chip. At the 
same time, connect the Mini Bench Amplifier to the output pin and you will hear a very loud tone. 
These pieces of test equipment can also be used to diagnose an amplifier circuit constructed with 
individual components. 

Amplifier circuits using discrete components are very hard to trouble-shoot and these pieces of test 
equipment make it very easy. 


DIGITAL CHIPS 


It is always best to have data on the chip you are testing, but if this is not available, you will need 
three pieces of equipment: 

1. A multimeter - this can be digital or analogue. 

2. A Logic Probe, 

3. A logic Pulser. 

Firstly test the chip to see if power is being delivered. This might be anything from 3v3 to 15v. 

Place the negative lead of the multimeter on the earth rail of the project - this might be the chassis, or 
the track around the edge of the board or some point that is obviously Ov. 

Try all the pins of the chip and if you get a reading, the chip will have "supply." 

Identify pin 1 of the chip by looking for the "cut-out" at the end of the chip and you may find a small 
dimple below the cut-out (or notch). This is pin 1 and the "power pin" can be directly above or any of 
the other pins. 

Next you need to now if a signal is entering the chip. 

For this you will need a LOGIC PROBE. 

A Logic Probe is connected to the same voltage as the chip, so it will detect a HIGH and illuminate a 
red LED. 

Connect the Logic Probe and touch the tip of the probe on each pin. 

You will not know if a signal is an input or output, however if you get two or more active pins, you can 
assume one is input and the other is output. If none of the pins are active, you can assume the signal 
is not reaching this IC. 

If only one pin is active, you can assume the chip is called a CLOCK (or Clock Generator). This type of 
chip produces pulses. If more than two pins are active, you can assume the chip is performing its 
function and unless you can monitor all the pins at the same time, you don't know what is happening. 
This is about all you can do without any data on the chip. 


If you have data on the chip, you can identify the input(s) and output(s). 

A Logic Probe on each of these pins will identify activity. 

A Logic Probe has 3 LEDs. Red LED indicates a HIGH, Green indicates a LOW and Orange indicates a 
PULSE (activity). 

Some Logic Probes include a piezo and you can hear what is happening, so you don't take your eyes 
off the probe-tip. 

It is important not to let the probe tip slip between the pins and create a short-circuit. 


LOGIC PULSER 

If you have a board or a single chip and want to create activity (clock pulses), you can use a Logic 
Pulser. This piece of test equipment will produce a stream of pulses that can be injected into the clock- 
line (clock input) of a chip. 


You can then use a Logic Probe at the same time on the outputs to observe the operation of the chip. 


You can also use the Mini Bench Amplifier to detect "noise" or activity on the inputs and outputs of 
digital chips. 

This only applies if the frequency is in the audio range such as scanning a keyboard or switches or a 
display. 


This is how to approach servicing/testing in a general way. There are thousands of digital chips and if 
you want to test a specific chip for its exact performance, you will need to set-up a "test-bed." 


REMOTE CONTROLS 

There are two types of remote control - Infrared and RF. Infrared is used for short-range, line-of-sight 
for TV's DVD's etc. 

A few faults can be fixed, but anything complex needs a new remote control. 

Check the batteries and battery-contacts. See if the IR LED is illuminating by focusing it into a digital 
camera and looking on the screen for illumination. 

The only other things are a sticky button, a worn-out button or a crack in the PC board. Water damage 
is generally too much work to repair. 

RF remote controls for cars, garage doors etc need a second working unit to check the power output. 
Here is a simple circuit that can be connected to an analog multimeter to detect the signal strength at 
a very close range: 
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THE LED POWER METER CIRCUIT ee 


To hear the tone from a transmitter, the Mini Bug Detector circuit can be used: 
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MINI BUG DETECTOR 


Any further investigation requires a circuit diagram so you can work out what is actually being sent 
from the transmitter. 

Most of the time it is a faulty switch, battery or contacts. Make sure the setting is correct on the "dip 
switches" and use a working unit to compare all your testing. 


TESTING VOLTAGES ON (in) A CIRCUIT 

There are basically two different types of circuit. 

1. ANALOGUE CIRCUIT 

An analogue circuit can also be called an AUDIO CIRCUIT and the voltages at different points in a 
circuit can be measured with a multimeter but the changes (the waveforms) will be quite small or 
changing at a rapid rate and cannot be detected by a multimeter. 


You need a CRO to "see" the signals or a Signal Injector to inject a waveform into the circuit and 
hear the result on the circuit's speaker. 


2. DIGITAL CIRCUIT 

A digital circuit can also be called a "Computer Circuit" or "Logic Circuit" and some of the voltages can 
be measured with a multimeter (such as supply voltages) but the "signal lines” will be be changing 
from HIGH to LOW to HIGH very quickly and these signals are detected with a Logic Probe. 


Here are some circuits with details of how to test the voltages. 
Most circuits do not show voltages at various different points and we will explain what to expect on 
each "stage." 


A "STAGE" 

A stage is a set of components with an input and output. A "stage" can also be called a "Building 
Block." 

Sometimes it has a capacitor on the input and one on the output. 

This means the stage is completely isolated as far as DC is concerned. 

The stage has a supply (a DC supply) and it is producing its own voltages on various points on the 
"stage." It can only process (amplify) "AC." (signals). 

Sometimes the stage can be given a name, such as small-signal amplifier, push-pull amplifier or 
output. 

If the stage has a link or resistor connected to a previous stage, the previous stage will have a "DC 
effect" on the stage. In other words it will be biasing or controlling the voltages on the stage. The 
stage may be called a "timer" or "delay" or "DC amplifier." 


It is important to break every circuit into sections. This makes testing easy. If you have a capacitor at 
the input and output, you know all the problems lie within the two capacitors. 

In a digital circuit (no capacitors) you need to work on each IC (integrated Circuit) and test the input 
for activity and all the outputs. 


Once you have determined if the circuit is Analogue or Digital, or a combination of both, you have to 
look at the rail voltage and work out the size or amplitude of the voltage or waveform. 

This is done before making a test, so your predictions are confirmed. 

You will need a multimeter (either Digital or Analogue) a Logic Probe and a Signal Injector (Tone 
Generator). An analogue meter has the advantage that it will detect slight fluctuations of voltage at a 
test-point and its readings are faster than a digital meter. A digital meter will produce an accurate 
voltage-reading - so you should have both available. 


HIGH IMPEDANCE AND LOW IMPEDANCE 


Every point in a circuit has a characteristic called "IMPEDANCE." This has never been discussed before 
in any text book. That's why it will be new to you. 

In other words, every point will be "sensitive to outside noise." 

An audio amplifier is a good example. If you put your finger on the active input, it will produce hum or 
buzz in the speaker. This is because it is a HIGH IMPEDANCE line or high impedance section of the 
circuit. 

The same applies to every part in a circuit and when you place Test Equipment on a line for testing 
purposes, the equipment will "upset" the line. It may be very slight but it can also alter the voltage on 
the point CONSIDERABLY. 

We have already mentioned (above) how a cheap multimeter can produce a false reading when 
measuring across a 1M resistor. That's why you need high impedance test Equipment so you do not 
“load” the point you are testing and create an inaccurate reading. 

The word Impedance really means resistance, but when you have surrounding components such as 
diodes, capacitors, transistors, coils, Integrated Circuits, supply-voltages and resistors, the combined 
effect is very difficult to work out as a "resistance" and that's why we call it "Impedance." 

The term "High and Low Impedance’ is a relative term and does not have any absolute values but 
we can mention a few points to help you decide. 

In general, the base of a transistor, FET input of an IC are classified as HIGH IMPEDANCE. 

The output of these devices are LOW IMPEDANCE. 

Power rails are LOW IMPEDANCE. 

An oscillator circuit and timing circuit are HIGH IMPEDANCE. 

A LOAD is low impedance. 

And it gets tricky: An input can be designed to accept a low-impedance device (called a transducer or 
pick-up) and when the device is connected, the circuit becomes LOW impedance, but the input circuitry 
is actually high impedance. 

The impedance of a diode or LED is HIGH before the device sees a voltage higher than the junction 


voltage and then it becomes LOW Impedance. 

Impedance is one of the most complex topics however it all comes down to testing a circuit without 
loading it. 

That's why test equipment should have an input impedance higher than 1M. 


The first circuit we will investigate is the Mini Bug Detector, shown above and below. Points on the 
circuit have been labelled A, B, C etc: 


Point A - The first transistor is "self-biased” and will have 0.6v on the base. The antenna is connected 
to a 20 turn coil and you might think the coil will "short" the signals to earth. 

But the coil and 470p capacitor form a circuit that oscillates at a high frequency when the antenna wire 
picks up stray signals. The coil and capacitor actually amplify the signals (see Talking Electronics 
website: Spy Circuits to see how a TANK CIRCUIT works) and these signals enter the base of the first 
transistor. 

This is classified as a HIGH Impedance section because the signals are small and delicate and any 
loading via test equipment will kill them. The first transistor amplifies the signals about 70 times and 
they appear at Point B. 


The signal passes though a 22n to Point C and the transistor amplifies the signal about 70 times to 
point D. Point C is classified as high impedance as any voltage measurement at this point will upset 
the biasing of the stage as a few millivolts change in base-voltage will alter the voltage on the collector 
considerably. Point D is classified as low impedance as any voltage-testing will not alter the voltage 
appreciably. 

The output of the second stage passes through a capacitor to the join of two diodes. These two diodes 
are not turned on because the voltage at Point E can never rise above 0.7v as this is the voltage 
produced by the base-emitter of the third transistor. 

The purpose of the two diodes is to remove background noise. Background noise is low amplitude 
waveforms and even though the transistor is turned on via the 220k, low amplitude signals will not be 
received. The third transistor works like this: It cannot be turned ON any more because any waveform 
from the 22n will be "clipped" by the bottom diode and it will never rise above 0.6v. 

So, the only signal to affect the transistor is a negative signal - to turn it OFF. 

Firstly we have to understand the voltage on the 22n. When the second transistor is sitting at mid-rail 
voltage, the 22n gets charged via the 2k2 and lower diode. When the transistor gets tuned ON, the 
collector voltage falls and the left side of the 22n drops. The right side of the 22n also drops and when 
it drops 0.6v, the top diode starts to conduct and when the voltage on the 22n drops more than 0.6v 
the third transistor starts to turn OFF. This effect is amplified by the transistor at least 100 times and 
appears at Point F. All the voltages around the two diodes are classified as HIGH Impedance as any 
piece of test equipment will upset the voltage and change the output. 

There are some losses in amplitude of the signal as it passes through the 22n coupling capacitors but 
the end result is a very high strength signal at point G. The 4th transistor drives a 10mH choke and 
the mini piezo is effectively a 20n capacitor that detects the "ringing" of the inductor to produce a very 
loud output. 

The 22n capacitor on the collector eliminates some of the background noise. The choke and piezo 
form an oscillatory circuit that can produce voltages above 15v, even though the supply is 3v. 

The 47n capacitor at Point J is to keep the supply rails "tight" (to create a LOW Impedance) to allow 
weak cells to operate the circuit. 

The "Power-ON" LED tells you to turn the device off when not being used and Point L is the power 


supply - a low impedance line due to the 47u electrolytic. 


Testing the Mini Bug Detector 

To test the Mini Bug Detector, you will need a Signal Injector. 

Place the Injector on Point G and you will hear a tone. Then go to E, C and A. The tone will increase in 
volume. If it does not increase, you have pin-pointed the faulty stage. 


The next circuit is a combination of digital and analogue signals. It is a Logic Probe: 
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The voltage on a circuit (to be tested) is detected by the probe at Point A of the circuit above and the 
"tip" is classified as "reasonably high impedance" as it has a 220k resistor between the tip and Ov rail. 
The 1M reduces the impedance by about 20% but the inputs of the two inverters have no effect on the 
"tip" impedance as they are extremely high input-impedance devices. 

The 1M trim pot is designed to put put a voltage on point B that is slightly higher than mid-rail so the 
green LED is turned Off. 

Point A will see a voltage below mid-rail and point C will be HIGH. Point C and F are low-impedance 
outputs. 

When the tip of the probe is connected to a LOW voltage, Point B sees a LOW and Point F goes LOW to 
illuminate the green LED. At the same time it removes the "jamming voltage" produced by the diode 
between pin 4 of the 4049 and pin 3 of the 74C14 and the oscillator between points H and J produces 
a low-tone via the 100k resistor and 22n to indicate a LOW. 

When the probe tip sees a HIGH, a lot more things happen. 

Point C goes LOW and turns on the red LED. At the same time the 100p is in an uncharged state and 
the right lead goes LOW. This takes the left lead LOW as the left lead connects to a HIGH Impedance 
line and pin 9 goes LOW. This makes point E HIGH 

and since the 1u is in an uncharged state, pin 11 goes HIGH. This makes point G LOW and the diode 
between pins 9 and 12 keeps pin 9 LOW and takes over from the pulse from the 100p. The yellow LED 
is illuminated. The 1u starts to charge via the 470k and when it is approx half-charged, pin 11 sees a 
HIGH and point G goes low. This creates the length of pulse for the yellow LED. 

At the same time, Point L goes LOW because the "jamming diode" from pin 2 of the 4049 goes low 
and allows the inverter between point L and N to produce a tone for the piezo. 

In addition, Point I goes HIGH and quickly charges a 1u electrolytic. This removes the effect of the 
jamming diode on pin 5 of the 74C14 and a low frequency oscillator made up of 68k and 1u between 
pins 5&6 turns on and off an oscillator between points O and R to get a beep. The mini piezo is driven 
n bridge mode via the two gates between points QT and PS. 

Point U is a 1u electrolytic to reduce the impedance of the power rail and Point V is a protection 
diode to prevent damage if the probe is connected to the supply around the wrong way. 


Testing the Logic Probe 

You can test the Logic Probe with the simple Logic Probe with Pulse project described above. It will let 
you know if each point in the circuit is HIGH or LOW. You will also find out the difficulty in testing the 
points that are HIGH Impedance, as the Probe will upset the voltage levels and the reading may be 


inaccurate. 


More circuits will be added here in the future. 


SOLDERING 


Here are three 30-minute videos on soldering. 
1. TOOLS 


2. Soldering components 
3. Soldering SURFACE MOUNT components 


TESTING A MOTOR 


Strictly speaking, a motor is not an electronic component, but since a website gave a useless 
description on testing motors, I have decided to supply the correct information. 

The only REAL way to test a motor is to have two identical motors and check the torque by connecting 
them to a low voltage and trying to stop the shaft with your fingers. This will give you two results. 
Firstly it will let you know the torque of the motor. 

This is the twisting effect of the shaft. There is no way to determine the torque by knowing the voltage 
or current. 

The unknown factor is the strength of the field magnets (permanent magnets) and this determines the 
torque. 

Secondly, feeling the shaft will let you know if the torque is even for a complete revolution. 

By having two identical motors, you can see if one has a lower torque. 

Almost nothing can go wrong with a motor except for the brushes. If the brushes wear out, additional 
resistance will be produced at the interface between the brush and commutator and this can be 
detected by allowing the shaft to rotate slowly and feeling the resistance as it revolves. A 3-pole motor 
will have three places where the strength is greatest and each should have the same feeling. A 5-pole 
motor will have five places of strength. 

If the strength is weak or not uniform, the motor is faulty. 

You cannot test a motor with a multimeter as the resistance of the armature winding is very low and if 
the motor is allowed to spin, the back voltage produced by the spinning, increases the reading on the 
meter and is false. 

Micro motors have a coreless armature. This means the 3 windings for the armature are wound ona 
machine then bent slightly into shape and glued. A circular magnet with 3 poles is in the centre and 
the armature rotates around this. 

This type of motor is reasonably efficient because the armature is the greatest distance from the point 
of rotation, and the motor reaches full RPM very quickly. 

I have not heard of the armature-winding flying apart but if you hear any scraping noise, it may be the 
winding. 

3-pole, 5-pole and micro motors can be found in printers, eject mechanisms of CD players, toys, RC 
helicopters, cars etc and rarely fail. This discussion has been presented to clarify the testing procedure 
and expose the absurd claims of another site. 


TESTING COMPONENTS “IN-CIRCUIT" 


You can test components while they are IN CIRCUIT, but the surrounding components will have an 
effect on the results. 

You can get all sorts of "In-Circuit" testers. They are expensive and offer little more accuracy than a 
multimeter. 

In-Circuit testing with a multimeter can give you the same results as a tester. 

All you have to do is turn the project ON and use a multimeter (set to voltage) to determine the 
voltage at various points. It is best to have a circuit of the equipment so you can what to expect at 
each point. 

Only major departures from the expected can be located in this way. 

Obviously the first thing to look for is burnt-out components. Then feel components such as transistors 
for overheating. 

The look for electrolytics that may be dry. Sometimes these have changed colour or are slightly 
swollen. 

If they are near hot components, they will be dry. 

For the cost of a few dollars I change ALL THE ELECTROLYTICS in some pieces of equipment, as a dry 
electrolytic is very difficult to detect. 

Testing a transistor "in-circuit" is firstly done with the supply ON. That's because it is quicker. 
Measure the voltage between ground and collector. 

In most cases you should get a voltage of about half-rail. If it is zero, or close to rail voltage, you may 


have a problem. 

Turn off the supply and use the multimeter on low-ohms to measure all six resistances between the 
leads. 

A low resistance in both directions on two leads will indicate a fault. 

Resistors almost NEVER go "HIGH." For instance, a 22k will never go to 50k. However a low-value 
resistor will "burn-out" and you will read the value of the surrounding components. 

Don't forget, some low-value resistors are designed to burn-out (called fusible resistors) and anytime 
you find a damaged low-value resistor, you will need to look for the associated semiconductor. 

You can replace the resistor quickly and turn the circuit ON to see it burn out again. 

Alternatively you can trace though the circuit and find the shorted semiconductor. 

It's always nice to "see the fault" then "fix the fault." 

Sometimes a transistor will only break-down when a voltage is present, or it may be influenced by 
other components. 

When the piece of equipment is turned OFF, you can test for resistance values. The main thing you are 
looking for is "dry joints" and continuity. Dry joints occur around the termination of transformers and 
any components that get hot. Rather than wasting time checking for dry joints, it is better to simply go 
over the connections with a hot iron and fresh solder. 

You may need to check the continuity of a track (trace) and it may go from one side of the PC board to 
the other. 

Use a multimeter set to low-ohms and make sure the needle reads "zero-ohms." 

It is very dangerous to do any testing on a project using a multimeter set to "amps" or "milliamps." 
You cannot test "current flowing through a component" by placing the probes across a component. You 
will simply over-load the rest of the circuit and create a problem. 

To find out if current is flowing though a circuit or a low-value resistor, turn the project ON and 
measure the voltage either across the component or the voltage on one end then the other. 

A voltage-drop indicates current is flowing. 

That's about it for testing "in-circuit.” Use the rest of this eBook to help you with diagnosis. 

Don't think an IN-CIRCUIT COMPONENT TESTER is going to find a fault any faster than a multimeter. 
They all use a multimeter principle. 


THE END 

This is not the full story to learning about servicing. It is just the beginning. 

We have only covered the simplest tests and shown how 90% of faults can be found by checking 
voltages, waveforms and looking for obvious things such as burnt out components, cracks in PC 
boards. 

The author has fixed over 35,000 TV's, radios, stereos, VCRs and all those things that were on the 
market 30 years ago. 

Things have not changed. It's just that some repairs cost nearly as much as buying a new product and 
half the customers opt for dumping a faulty item and buying the latest "flat screen" version. That's 
why you have to get things through the workshop as fast and as cheaply as possible, to make a living. 


If you want any more devices added to this list, email Colin Mitchell. 


To help with understanding how a transistor circuit works, we have produced an eBook: The 
Transistor Amplifier. It covers a whole range of circuits using a transistor. 


Not copyright by Colin Mitchell 

You can use any of this material. Please pass this eBook to your friends and let them know that everything on the 
web is FREE. | have looked at all the "Pay Sites" and found the information they "sell" is available on the web at NO 
COST. 

Nearly all text books are also downloadable for free on "Download.com" etc and when you see a used copy of a 
$74.00 textbook on Amazon for $12.00 you realise many users have already discarded their copy. A good textbook 
never gets thrown out. 


See the enormous amount of information on Talking Electronics website. 
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Preface 


This book is for those of you who want to learn about electronics and comput- 
ers but frankly are put off by all the gory details. If you have a short atten- 
tion span, a nonexistent background in science, math, and technology, and are 
looking for near-instant gratification of electronics knowledge, this book is for 
you. Electronics is a complex subject, especially if you want to be an electron- 
ics engineer. However, if you are merely curious or just need a working knowl- 
edge of electronics for your job, this book will give you a basic education on 
the fundamentals without boring you to death or loading you down with the 
excruciating details that other books lay on you. What I have attempted to do 
is write a book that tells you the most important concepts and fundamentals 
but leaves out the minutiae that only an engineer will need or appreciate. This 
book contains exactly what you need to know today in the 21st century. 

There are lots of basic electronics books around and you may already have 
read some. This one is really different. First, it does not go into detailed circuit 
analysis. Why? Simply, all electronic equipment today is made up of integrated 
circuits or chips, and we can’t see the circuits, access them, or even repair them. 
If you are an electronic engineer designing integrated circuits, yes, you do need 
to understand their operation. If you just want to learn how electronic equip- 
ment works, then you can skip this detail. This book treats circuits as simple 
functional building blocks whose purpose and application are easily understood. 

Second, this book presents what I call the NEW electronics. Most basic 
electronic books dwell on the older components and circuits and ignore how 
electronics really is today. These books do a good job teaching you the history 
of electronics but little else. What you will see in this book is a fresh new way 
to look at and understand electronics, especially in the context of the familiar 
applications you use every day made with the most advanced integrated cir- 
cuits. If you complete this book and still want more, one of the more tradi- 
tional basic electronics books would be your next step. See the appendix for 
my recommendations. 

The first three chapters introduce you to the electrical principles that form 
the basis of electronics. You will learn the core concept of electronics, which 
boils down to how to generate current flow and then control it to do something 
useful. Magnetic fields are also covered, since magnetism is just as important 
in electronics as current flow. But don’t worry, even if you never took a phys- 
ics course you can easily get through this material. 

Next, you learn about the basic components of electronics such as resistors, 
capacitors, inductors, transformers, diodes, transistors, and especially integrated 
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circuits. Then you will discover all the different types of electronic circuits used 
to make up any electronic device. The functional block diagram approach is 
used here so you won’t have to do the nitty-gritty circuit analysis that has you 
chasing electrons through components and solving simultaneous equations. 

An important part of this book is the coverage of computers, and specifi- 
cally of embedded controllers, that is, those tiny single-chip microcomputers 
or microcontrollers that are built into virtually every electronic device. Digital 
signal processors (DSPs) are also covered since they also appear in most mod- 
ern electronic equipment. You can’t name an electronic product today that does 
not have one of these embedded computers in it. You really need to know what 
these are and how they work, as they are the very heart of electronic devices 
today. 

The rest of the book consists of descriptions of how all the major electronic 
products and systems work. The entire range of modern electronics is covered, 
including major things like cell phones, TV (cable, HDTV, DVD, VCR, etc.), 
audio (stereo, CDs, MP3, etc.), satellites (GPS, TV, radio, etc.), radio (broad- 
cast, marine-aircraft-shortwave, ham, CB, family radio, etc.), and everything 
else you can think of. And it is all explained using basic building blocks rather 
than detailed circuits. 

Finally, if you want involvement as you read the book, get involved with 
the projects that I list in the Project sidebars in each chapter. These can lead 
to a deeper understanding of the concepts. Furthermore, these projects could 
encourage you to become a true electronic hobbyist ... or is that a geek or 
nerd? 

When you finish this book you will not be an electronic engineer nor will 
you be able to design or analyze circuits. But you will know about all the dif- 
ferent kinds of circuits, how they work, and how they all fit together to create 
electronic equipment. The benefits to you are the ability to apply, use, select, 
Operate, and to some extent troubleshoot most of the common electronics 
products with confidence, while appreciating their complexity and the value 
they deliver. Hope you like it. 

Lou Frenzel 
Austin, TX 


Learning about Electronics for 
Your Own Good 


A Little Bit of Perspective before You Get to 
the Details 


In this Chapter: 


e Why it is helpful to know electronics. 


e The 10,000-foot view of the electronics industry and how it works. 
e The systems view of electronics. 


INTRODUCTION 


You don’t know how lucky you are. You live in high-tech heaven surrounded 
by lots of useful, entertaining, interesting, necessary, and even addicting elec- 
tronic products, products you cling to and would not want to give up. 

But do you have any idea how many electronic products you own? Do you 
really know how much electronics influences your life every day? Some of you 
do, but most of you probably do not because your electronic gadgets are pretty 
much taken for granted. Yet we spend the better part of our lives working with 
these devices. Most of us sit in front of a computer all day at work, slouch on 
the couch in front of the TV at night, listen to our iPods going to and from 
work, and spend a weekend downloading videos off of the Internet or taking 
photos with a digital camera. And let’s be clear here, how many text messages 
did you send today or cell calls did you make? The impact on our lives of 
all this electronic equipment is almost overwhelming. In this first chapter, I 
encourage you to think about how electronics impacts your life. 

And that brings us to the subject of this book, learning how electronics 
works. If you want a first book in electronics that gives you the big picture 
about how electronic equipment works, this is it. I am not going to beat you to 
death with a lot of complex circuits and theory or math, only what you really 
need to know. Then I will go on to show you how each and every one of the 
products you use every day actually works. 
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IT ISN'T LIKE IT USED TO BE 


It used to be that you learned electronics by playing around with resistors, 
capacitors, transistors, and other devices. You wired up simple circuits, built 
a one- or two-transistor radio, or even built a kit. But today electronics 1s so 
different that it is hard to do that anymore. Oh yes, you can still build little 
circuits and radios and other gadgets, but that is not how electronic products 
are made today. Electronic equipment today is made with integrated circuits 
or ICs that we also call chips. These chips are tightly packed on printed circuit 
boards with resistors and capacitors that you can barely see. It is more difficult 
than ever to experiment with these devices, much less troubleshoot and repair 
them. We are in that age of electronics where unless it is a big pricey piece of 
equipment, you throw a defective electronic product away and simply buy a 
newer and better one at a lower price. 

But despite the complexity of today’s electronic products, there is some- 
thing just fascinating about them. Many of you actually want to know how they 
work. And despite their complexity, these products are actually understandable. 
It is possible to learn how these devices work without a whole lot of trouble. 
And you don’t have to learn all the math and physics required by engineers to 
do so. This book takes the basic ideas of electronics and reduces them down to 
the lowest common denominator and shows you how to use those fundamentals 
and apply them to all of the fabulous electronic gadgets you have today. 


WHAT’S IN IT FOR YOU? 


There are some big benefits to being electronic literate. Take a look at some of 
them. 


Satisfy Your Curiosity—Surrounded by so much electronics, you often 
probably wondered just how all this stuff works. For some of us, not know- 
ing how something works nags at us until we satisfy that curiosity. If you 
have an interest in electronics, you tend to want to know more about it. 
This book will get you started in the right direction. 

Enhance Your Hobby—If you dabble in a hobby that uses electron- 
ics, you obviously want and need to know more about it. Lots of hobbies 
involve electronics such as radio-controlled models, electric trains, ama- 
teur radio, shortwave listening, citizens or family radio, audio systems, or 
video. Or maybe you just like playing around with your home security sys- 
tem, garage door opener, or your high-speed Internet connection. A major 
part of any hobby is learning more about it and that is very satisfying. And 
don’t forget—electronics itself can be your hobby. You can spend your 
time learning more about it and then digging deeper into those things that 
you want to know more about. Amateur radio is certainly one of those elec- 
tronic hobbies that will take you from one extreme to the next in the radio 
spectrum. Anything having to do with computers is also a great hobby. 
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With everything being controlled by an embedded microcomputer, spend- 
ing more time learning about them is a great activity with nearly endless 
possibilities. 

Job-Related Needs— You may actually be working in a job surrounded 
by electronic equipment of some sort, yet you do not know how 1t works. 
Often, just understanding some of the fundamentals will give you a bet- 
ter grasp of how to use that equipment or even troubleshoot and repair it. 
Understanding some of the concepts may actually help you to better select 
and purchase equipment that you may use. 

Boost Your School Performance—For those of you going to a college or 
university to learn electronic engineering or technology, you regularly have 
your curiosity stimulated by the classes you take. Yet most of the classes 
are heavily involved with theory, physics, math, and circuit analysis. What 
you really don’t get in school is the perspective or big picture as to how the 
electronic products actually work. This book will give you the big picture 
and show you how it all comes together so that all those detailed classes in 
circuits and theory will make more sense. 

Just so You Won’t Appear to Be So Dumb—With electronics every- 
where, people often talk about it without really knowing what they are 
talking about. It is amazing the ignorance of people who use the electronics 
but don’t have a clue as to what it does or how it does it. For instance, do 
you really understand what an MP3 is, or why BluRay DVDs are better, or 
what a 3G cell phone really is? The answers are in this book. If you want to 
appear a little smarter to your co-workers, friends, and relatives, this book 
can help out. You will be able to deal with common questions and miscon- 
ceptions, such as can you get shocked by a car battery, can you really get 
brain cancer or pop popcorn with your cell phone, or will sitting too close 
to your TV set make you sterile? While this book certainly won't make you 
a genius, it will indeed give you the basics so that you won’t appear to be 
an idiot when technical questions about electronics come up. 


ELECTRONICS: THE BIG PICTURE 


Before we get into the nitty-gritty of how electronic equipment works, you 
really need to know the entire scope of electronics. It is a huge industry and 
recent figures seem to show that it is one of the biggest, if not the biggest, 
markets in the entire world. To get a grasp of how big the industry is, we nor- 
mally break it down into segments of specializations. There are five major 
fields of electronics: communications, computers, control, instrumentation 
and measurement, and components. Any electronic product or device will 
easily fall into one of those categories. In some cases, the product may overlap 
two or more or all of those categories. Take a look at Figure 1.1, which shows 
each of these segments of electronics and the products and technologies that 
are part of them. 
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FIGURE 1.1 Major sectors of the electronics industry and common applications. 


Communications 


Communications is the oldest segment of electronics and still the largest. 
Electronics actually started with communications-—specifically telegraph, tele- 
phone, and radio—and grew from there. A lot of this book is about communi- 
cations because it is such a huge segment of the industry and one that we use 
the most. And don’t forget, communications comes in both wired and wireless 
forms. Wired systems include the vast telephone network, cable TV systems, 
and computer networks, including the Internet. Wireless systems comprise all 
of the radio, cell phone, television, satellite, radar, and other wireless systems. 


Computers 


Computers have only been around since the late 1940s and early 1950s but 
what an impact they have had on the way we work. Today virtually everyone 
uses and even owns a personal computer. And then there are all the larger and 
more powerful computers such as the servers that manage all of our networks, 
the mainframes still used by government and big business to manage huge 
databases, as well as the high-speed supercomputers that still do an amazing 
amount of scientific, engineering, and mathematical design and research. But 
the computer we are going to talk about most in this book is the embedded 
controller. These are small single-chip digital computers called microcomputers 
or just micros that are literally part of every electronic product. These are 
miniature digital computers dedicated to a specific function inside the products 
in which they exist. 


Control 


Control is a broad general term for monitoring and control. Monitoring, of course, 
means sensing various physical characteristics such as temperature, humidity, 
physical position, motor shaft speed, or light level. Electronic devices called 
sensors or transducers convert these physical characteristics into electrical signals 
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which allow us to monitor them. Control refers to managing and exercising some 
degree of influence over items such as motors, lights, relays, heating elements, 
and other devices. Most monitoring and control functions take place in factories, 
chemical plants, refineries, and food processing operations. Control also occurs 
in the home, an example being your electronic thermostat. It also shows up in 
electromechanical products like a DVD player. Electronic controls appear in 
appliances, home control systems, security systems, automobiles, and even toys. 
Robots are another major segment of the control industry. 


Instrumentation 


Instrumentation refers to the field involved with testing and measuring elec- 
tronic equipment and other mechanical or electronic items. It refers to the test 
instruments like volt meters, oscilloscopes, and spectrum analyzers as well as 
the large automated test systems used for mass testing and measuring of other 
devices. Instrumentation refers to data acquisition systems, medical tests and 
measurements, and a wide range of other products. 


Components 


All of the electronic products that make up each of the four major segments 
of the electronic industry are made up of various electronic components. In 
the past, electronic products were made of the individual discrete components 
such as resistors, capacitors, diodes, and transistors. Today most electronic 
equipment is made with one or more integrated circuits surrounded by a sprin- 
kling of those other so-called discrete components. No longer can we access 
most individual components or circuits since they are sealed within integrated 
circuits or chips. Just keep in mind that there is a whole industry centered on 
making these electronic components that are in turn made available to the 
manufacturers of the end electronic equipment in each of the four major cat- 
egories just described. 


HOW THE ELECTRONICS INDUSTRY WORKS 


As part of the big picture of learning electronics, you really need to under- 
stand how the industry itself works. This is summed up by the simplified block 
diagram in Figure 1.2. It all starts with the raw materials that the component 
manufacturers use to create the individual components. For example, sand is 
refined into silicon, which, in turn, is converted into wafers that are processed 
into the integrated circuits we use. 

The electronic equipment manufacturers design the electronic equipment 
for the marketplace. It may be a TV set, a cell phone, or a military radar. These 
companies buy the electronic components and put them together to create the 
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FIGURE 1.2 General block diagram of how the electronics industry works from raw materials 
to end users. 


end product. Manufacturers may then sell the end product directly to cus- 
tomers and end users. In some cases, the end product will go through a sales 
organization or distributor of some sort. Your LCD large-screen TV set doesn’t 
come directly to you directly from Samsung in Korea or Sony in Japan. It is 
sold to an organization such as Best Buy or Circuit City, which is where you 
buy it. Sometimes the electronic equipment is sold to so-called systems inte- 
grators. These are companies that piece together larger systems for an end user 
(like the military) made up of a wide range of different types of equipment. 

Finally, there are the customers or end users of the equipment. These come 
from a wide range of backgrounds. The end users or customers may be busi- 
nesses with offices, industry with factories and process control plants, or the 
government, military, hospitals and other medical organizations, schools, col- 
leges and universities, and you the consumer. There is also a network of serv- 
ice companies designed to support customers. They may do installation or 
repair work that the customer is not capable of doing. 


Electricity versus Electronics 


One of the questions that always comes up in the early stages of learning 
about electronics is what the difference is between electricity and electronics. 
Let’s get this straight up front. Electricity refers to the basic energy we use for 
power. It generally involves the generation and distribution of electrical energy 
to homes, businesses, and factories. Electricity is energy that is produced by 
the coal-fired or nuclear power plant and then sent to you over long transmis- 
sion lines until it comes into your house where you access it through your AC 
wall outlets. You use that energy for lighting and appliances, and also to power 
most of your electronic equipment. 

Electrical power may also be generated for use in other systems. The elec- 
trical system in a car is a great example. It uses a battery plus a generator driven by 
the automobile engine to recharge the battery and to operate all of the electrical 
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and electronic devices in a car. Ships, airplanes, and off-shore drilling rigs also 
have their own electrical-power generating systems. The new electric wind gen- 
erators and solar power systems are also electricity-producing systems. 

All of the principles of electricity also apply to electronics. Basic electrical 
components such as resistors, capacitors, inductors, transformers, motors, and 
other similar devices are also used in electronics. 

Electronics is the field of science that uses electrical principles to per- 
form other useful functions. Electronics is the control of electricity to produce 
radio, television, computers, robots, and MRI machines. To control the elec- 
tricity, you need more than just basic electrical components such as resistors 
and capacitors. What makes electronics possible are the unique components 
called transistors. Electronics began, of course, with vacuum tubes and then 
switched over to transistors as the main control devices. Transistors are now 
miniaturized and packaged in devices called integrated circuits that perform 
very specific electronic functions, such as generating signals, amplifying sig- 
nals, or performing some control function. Just keep in mind that it is the con- 
trol devices such as transistors and the circuits that they comprise that make 
electronics what it is. The transistors are used to form circuits that in turn per- 
form all of the various functions required to produce electronic devices. 


THE PAINFUL TRUTH 


Okay, here comes the hard part. Electricity is moving electrons. An electron 
is a tiny particle that is inside the atoms that make up everything we can feel, 
see, and even not see. If we can get some electrons moving together in a wire, 
electrical or electronic component, or circuit, we can control them to do many 
useful things, such as amplification, for example. Moving electrons make up 
what we call current flow. And current flow is produced by electrical energy 
called voltage. Voltage comes from batteries, the AC wall outlet, and lots of 
other sources including power supplies, solar cells, microphones, and the like. 
If we can control the electrons we can produce magic results. That is what 
electronics is all about. 

We control the electrons with components like resistors, capacitors, induc- 
tors, transistors, and all sorts of integrated circuits. We create circuits that actu- 
ally process the electron flow. We can call the voltages that create current flow 
and the resulting current signals. The circuit processes the signals to produce 
the end effect that we want, be it a radio, a computer, or DVD player. 

One of the basic models I will use in this book is shown in Figure 1.3. 
Think of electronic signals as the inputs to a circuit or piece of equipment 
that processes the signals producing new signals that represent the output we 
want. Think of the small voltage that comes from a microphone when you talk 
into it. It is basically too small to be useful. So we apply it to a circuit called 
an amplifier that makes the signal bigger and more useful. That amplifier 
processes the signal to make it large enough to drive a speaker as our desired 
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FIGURE 1.3 Model of how all electronic circuits and equipment work. Input signals are pro- 
cessed by circuits and equipment into new output signals. 


output. The result is a public address system. Anyway, you get the picture. Just 
remember that all electronic circuits and equipment are based on this model: 
INPUT-PROCESS-OUTPUT. Think about it. 

Here are a couple of other examples to show how most electronic things work. 


Cell Phone 


Take a look at Figure 1.4. On the left is a cell phone handset. It is made up 
of two major pieces—a transmitter (TX) and a receiver (RX). You talk into a 
microphone and generate a small electrical voltage or signal representing your 
voice. The transmitter takes that and processes it in such a way that the voice 
controls or modulates a high-frequency radio signal. That signal carrying your 
voice is then radiated by the antenna to a cell site or base station. The base 
station receiver picks it up and processes it back into the original voice signal 
where it then undergoes other processing before being sent over the telephone 
network to 1ts destination. The dialing process or text messaging from the key- 
board also generates input signals that are transmitted to the base station. 

On the return side, the voice from your caller passes through the cell phone 
network to the base station and 1t is then used to control the transmitter to send 
that voice to you by radio. The transmitter sends the signal to the antenna that 
sends the signal to the receiver in your cell phone. The receiver processes the 
signal by amplifying, demodulating, and otherwise processing the voice that 
eventually is sent to the speaker that is glued to your ear. Another output may 
be a text message on the liquid crystal display (LCD). 


Computers 


The main function of a computer 1s to store and retrieve data, process data, and 
to provide automatic control. Data consists of information, facts, and figures. 
It may be numbers, letters, symbols, or text of any kind. It might represent 
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FIGURE 1.4 Model showing how a cell phone communicates with a cell site to make a call. 


names and addresses, parts inventory, accounting or banking figures, control 
signals, or a variety of other items. Data may also be graphics and illustrations, 
or voice and video that are converted to data. Such data can be stored electron- 
ically in computers and rapidly accessed. 

Computers process or manipulate data in many different ways. They can 
perform mathematical operations on it, sort it, edit it, translate it, or otherwise 
operate upon it to produce some useful output. Computers also make decisions 
based on the data. 

Computers have so many applications that it is difficult to enumerate them. 
In general, computers are tools that help people organize and perform their work 
in a more efficient manner. Computers also allow people to do work that was 
difficult or impossible to do without computers. Computers perform accounting 
and banking operations; store and process mailing lists and employee records; 
solve complex mathematical problems in business, science, and engineering; 
and create graphics. The thing that makes them so valuable is that all of their 
operations are automatic. Humans need not be a part of the actual computation, 
as 1s necessary with a calculator. Computers carry out preprogrammed assign- 
ments to solve various problems or perform operations. Most operations are 
extremely fast. It is this automatic feature that makes computers so useful. 

All computers, regardless of their size and features, are made up of the four 
basic sections shown in Figure 1.5. The memory electronically stores the data 
to be processed, as well as the program that tells how the data is to be manipu- 
lated. The program is a sequence of codes or instructions that cause the com- 
puter to carry out its preprogrammed assignment one step at a time. 


Electronics Explained: The New Systems Approach to Learning Electronics 


Central processing 
unit (CPU) 


Control 
(interprets 
instructions in 
program and 
initiates 
operations) 


Memory 
(stores data 
and programs) 


Arithmetic 
logic unit 
(carries out most 


Input/Output instructions) 


(communicates 
with peripheral 
devices) 


To/from keyboards, LCD, 
sensors, printers, etc. 


FIGURE 1.5 Block diagram representing any digital computer, be it a mainframe, PC, or embed- 
ded controller. 


Refer again to Figure 1.5. The control section examines the program 
instructions one at a time in sequence, interprets them, and then sends control 
signals to all other parts of the computer. The desired operations, such as store, 
add, print, and so on, are carried out. 

The arithmetic logic unit (ALU) is the section that actually carries out most 
of the processing. It performs data transfers, arithmetic operations, and logical 
decision making. In most computers, the control and ALU sections are inte- 
gral units that work closely together. They are usually referred to as the central 
processing unit (CPU). A microprocessor in a personal computer is a single 
chip or central processing unit. 

The input/output (I/O) section in Figure 1.5 is the interface between the 
computer and the outside world. It communicates with peripheral devices that 
humans use to input programs and data, and receive the output results of com- 
putation. Data and instructions are usually entered via a keyboard, while outputs 
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are displayed on a video screen or printed out. Inputs may come from sensors 
and output may go to a printer or LCD readout. 

There are many sizes and types of computers. Supercomputers are the 
largest and fastest computers. They are used primarily for difficult, complex 
scientific and math problems. Mainframe computers are also very large, and 
they are used by business and government for financial applications, data 
storage, and other applications. Personal computers are the smallest practical 
computers in use. Millions of them are used for word processing, financial 
spreadsheets, database management, and email and Internet access. 

There are also many dedicated computers, built into other equipment to 
perform single-purpose operations unlike the general-purpose data processors 
described above. Thanks to semiconductor technology, it is now possible to 
put an entire computer on a single chip you can hold in your hand. These are 
called embedded computers, or microcontrollers. These microcomputers are 
used like components and are built into most other kinds of equipment such 
as TV sets, microwave ovens, gasoline pumps, washing machines, and many 
others. Virtually every other electronic product contains at least one or more 
embedded controllers. And even very large ICs have controllers on the same 
chip called cores. 


Robots 


A great example of a control device is a robot. Most robots consist of an elec- 
tromechanical manipulator arm used in manufacturing operations. Robots are 
machines designed to mimic human capabilities. Most robots simulate a human 
arm and hand. As a result, a robot may be able to substitute for a human in 
certain manufacturing jobs. A typical robot manipulator arm is shown in 
Figure 1.6. Motors operate shoulder, elbow, and wrist joints, while grippers 
and other tools form the hand that does the work. 

Robots help automate the manufacturing process to increase productiv- 
ity. They lower costs, produce more goods in less time, and improve quality. 
Robots also replace humans in many jobs requiring repetitive, tedious, and 
hazardous work. 

Robots perform a variety of tasks in industry. The most common are 
welding, spraying or painting, and “pick-and-place” operations. Various tools 
on the end of the manipulator arm, called end effectors, let the robot per- 
form a remarkable variety of tasks. In addition, a programmable controller 
or computer is used to control the robot. A robot may thus be programmed 
to perform a wide variety of jobs and is easily reconfigured when the work 
changes. 

In subsequent chapters you will see more of these kinds of descriptions. 
But in Chapters 2, 3, and 4, you will learn a few more basics that make the rest 
of the book more understandable. 
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FIGURE 1.6 The most common form of robot emulates a human arm and hand to perform work 
automatically under the control of a computer. 


Project 1.1 


How Much Electronics Do You Own? 

Just to be sure that you really appreciate the extent to which electronics impacts 
your life, | strongly suggest that you take a few minutes and make an inventory of 
all the electronic devices and equipment that you use at home, at work, and away 
from home. Get a yellow pad and a ballpoint pen and move around your house 


and just write down all the electronic products that you own and use on a regular 
basis. TV sets, computers, and cell phones are the most obvious, but don't for- 
get things like telephones, your wrist watch, appliances, and other entertainment 
products. Make a separate listing of the electrical and electronic products you use 
inside your car and then another one for those electronic products that you use at 
work. Make the list comprehensive. Study it. Be amazed. 
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Project 1.2 


How Much Electronics Do You Use? 

Now take that same pad of paper and pen and make a quick summary of how 
you spend your time during the day. How much time do you spend using each of 
the electronic products that you listed above? Some of them are only momentarily 
used, but others you use over longer periods of time, particularly computers and 
TV sets. Just take a quick estimate of the time you use each one during a typical 
day. Again, add up the hours. Be amazed. 


Project 1.3 


Decisions, Decisions 

Make the following decision. If you had to give up all of your electronic products 
but one, which one would you keep? TV, cell phone, remote control, iPod? Only 
one. This will say a lot about who you are. 
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Some Basic Stuff You Really Need to Know 


In this Chapter: 


e Electrons and current flow. 
DC and AC voltage. 


Voltage sources, batteries, the power line, and power supplies. 
Signal sources. 
Magnetism and induction. 


INTRODUCTION 


You don’t have to be an engineer, physicist, or mathematical genius to learn 
electronics. But there are a few basic things that you need to know so you can 
understand what is going on in the circuits and equipment. For example, you 
need to know that electrons are what makes up current flow, and voltage is 
what makes the current flow. You also need to know about magnetic fields 
and electric fields, where they come from, and what they do. And how mag- 
netism and current flow are related. With that background you are ready to 
learn about the various components and circuits. This chapter takes care of 
those basics. 


ELECTRICITY AND ELECTRONICS 


Electricity is a type of energy produced by a charge that is either fixed (static) 
or moving (dynamic). The main source of electricity is the electron, a sub- 
atomic particle that has a negative charge. When electrons are stored or moved, 
electricity is produced. 

Electricity is one of our prime sources of energy. It is used for lighting, heat- 
ing, and operating appliances of all sorts. It powers motors to produce mechanical 
energy, and it powers our electronic equipment. The uses of electricity are virtually 
infinite. 


© 2010 Elsevier Inc. All rights reserved. 
doi: 10.1016/B978-1-85617-700-9.00002-3 15 


Electronics Explained: The New Systems Approach to Learning Electronics 


Electronics 1s the field of applied science that uses components such as 
resistors, capacitors, diodes, transistors, and integrated circuits to control and 
process electricity. These components are used to create circuits that convert, 
modify, vary, translate, or otherwise manipulate electrical charges to perform 
useful functions. That 1s the essence of 1t. Now for the details. 


Atoms and Electrons 


This section really ought to be called Physics 101 but I don’t want to scare you 
away. Just to make you more comfortable, I have to say that it is not all that 
complicated or difficult to understand. So even if you avoided physics in high 
school, just be aware that it is pretty easy. Trust me. 

All matter, whether it is a solid, a liquid, or gas, is made up of tiny enti- 
ties called atoms. An atom is the smallest possible particle of substances called 
elements. An element is a chemical substance that cannot be subdivided into 
smaller, simpler substances. Typical elements are hydrogen, oxygen, gold, sil- 
ver, copper, carbon, helium, silicon, and sodium. All matter is either an element 
or composed of several elements. Atoms of two or more elements often com- 
bine to form new substances called compounds. For example, water is a com- 
pound of hydrogen (H) and oxygen (O) or H,O. Salt is a compound of sodium 
(Na) and chlorine (Cl) or NaCl. The smallest possible particle of a compound 
that exhibits all the characteristics of the substance is called a molecule. 

According to the theories of physics, an atom is composed of a nucleus 
consisting of a core of tightly bound subatomic particles, called protons and 
neutrons. Protons have a positive charge. Neutrons are neutral, having neither 
a positive nor a negative charge. 

Rotating around the nucleus are electrons. The electrons arrange them- 
selves in multiple orbits in much the same way that the planets orbit around 
the sun. The orbits are sometimes referred to as rings or shells. Electrons have 
a negative charge. Figure 2.1 illustrates a copper atom. The number of elec- 
trons in orbit equals the number of protons in the nucleus. The number of 
positive charges equals the number of negative charges. Therefore, the atom is 
balanced electrically. 

As far as electronics is concerned, the most important part of an atom is its 
electrons. Since electrons can be manipulated (1.e., stored or moved), they can 
be used to produce electricity. This electricity can then, in turn, be processed and 
controlled to perform a wide range of valuable functions. By applying an external 
force, the electrons in the outer shells can be stripped off to produce current flow. 


Charge, Voltage, and Current 


There are two basic types of electricity, static and dynamic. Static electricity 
is the buildup of a charge between two objects. Dynamic electricity supplies a 
continuous charge. 
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FIGURE 2.1 Physics model of what a copper atom looks like. 


Static Electricity 


With static electricity, one object has an excess of electrons and the other has a 
shortage of electrons. The object with an excess of electrons is therefore nega- 
tive while the object with a shortage of electrons is positive. A basic law of 
electricity states that opposite charges attract and like charges repel. The two 
oppositely charged bodies, one negative and one positive, will have a high 
physical attraction for one another. An invisible force field called an electric 
field will exist between the two charged objects. The object with a shortage of 
electrons attracts the object with excess electrons. 

The two oppositely charged objects will naturally attract one another. The 
closer they are, the greater the attraction. This attraction of the charges sets up 
an electrical force field between the two bodies. This electric field, like a mag- 
netic field, contains energy that can be released to perform useful work. 

Whenever there are opposite charges on two objects, we say that an elec- 
trical potential or difference of potential exists between them. This difference 
of potential is called voltage. Voltage is an electrical pressure that can cause 
work to be accomplished. 

The charge stored on the two objects is usually called static electricity 
because it is stationary. However, this charge is usually dissipated in some 
way. If the two charged objects get too close, or the charge builds up too high, 
the attractive force becomes so great that the electrons jump the gap between 
them and create a spark. That is how lightning occurs. The clouds and the earth 
become oppositely charged, the earth positive, the clouds negative. The charge 
becomes so great that the electrons leap across the free space gap, ionizing 
the air and creating a path through which the electrons travel to neutralize the 
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positive charge on the earth. The result 1s the massive spark or flash that we 
call lightning and the roar we call thunder. 

In general, static electricity is not very useful. It represents energy stored as 
a charge, but it quickly dissipates as a spark or a brief flow of electrons between 
the negatively and positively charged objects when the two charged objects get 
close enough or when the charge gets too high. We call this an electrostatic dis- 
charge (ESD). Static electricity, or ESD, is regarded as more of a disadvantage 
or nuisance than anything else. In fact, it is one of the main causes of damage to 
electronic components such as transistors and integrated circuits. 

Neutralizing a charge between two objects cancels or eliminates the poten- 
tial. However, if we had a constant charge that could constantly be replenished, 
we would have a continual source of potential (voltage) and could therefore 
sustain a flow of electrons. With such a source of electrical energy, useful work 
can be accomplished. 


Dynamic Electricity and Current Flow 


Electricity as we know it, whether in electrical power applications or in elec- 
tronics, is actually the flow of electrons. Electrons flowing from one place to 
another is known as current flow. And it is voltage that causes the current to 
flow. When electrons flow, we have energy that can be put to practical use. 
Electrons flowing in a filament create light. Electrons flowing in a heating coil 
produce heat. Electrons flowing in a motor produce mechanical energy. The 
object is to convert the energy from one form to another. In electronics, we 
precisely control the electrons with special components and circuits to produce 
a variety of effects. 

Figure 2.2 provides a general block diagram model that shows how all 
electrical or electronic circuits work. A voltage source produces the energy 
that causes electrons to flow. This current flow is controlled or processed by a 
single electronic component, or many components that make up an electronic 
circuit. The processed electrons flow through a load that consumes or uses the 
electrical energy to produce a useful output. In an electrical application, the 
load may be a light, a heating element, or motor, as described above. In an 
electronic application, the load may be an antenna that radiates the radio signal 
produced by the electronic circuits. Or the load may be the magnetic head that 
develops and records digital data on a hard disk or a laser that records a video 
signal on a DVD. 

A couple of key facts about the circuit in Figure 2.2 are required here. First, 
there must be a voltage source to cause the current to flow. The electrons flow 
from the negative terminal of the voltage source around the circuit as they are 
attracted by the positive terminal. Second, the circuit must always form a com- 
plete loop from plus to minus. 

Current is so important that we need some way to measure it. We do this by 
standardizing the number of electrons that move past one point in a conductor 
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FIGURE 2.2 Basic electrical circuit used to describe every electronic circuit. 


during a specific period of time. The charge or quantity of electrons (Q) is 
measured in coulombs (C). One coulomb of charge is equal to 6,242,000, 
000,000,000,000 or 6.242 Xx 10!* electrons. If 1 coulomb moves past a point in 
l second, we say that the current is 1 ampere (A). One coulomb per second 
(1 C/s) equals 1 A. 


Direction of Current Flow 


The current flowing in electronic components and circuits consists of electrons 
that are influenced by a charge or voltage source. The early pioneers of elec- 
tricity did not know that electricity was the movement of electrons. They knew 
that there was some kind of movement, of a charge or current, but they did 
not know what it was, or in which direction it flowed. In order to explain elec- 
trical phenomena and perform analyses of components and circuits, they simply 
assumed a direction of current flow that everyone agreed to and used. Their origi- 
nal assumption was that current flowed from positive to negative, the opposite of 
the actual direction. This has become known as conventional current flow. 

Even after the discovery that real current was electrons moving from negative 
to positive, scientists and engineers continued to assume a positive-to-negative 
current flow. And science and engineering professors have continued to teach 
and support the conventional current flow concept. Most science and engineering 
textbooks illustrate and teach conventional current flow. Old traditions die hard, 
or maybe never die. 

As it turns out, it does not really matter what direction current flows. Any 
analysis, design, or explanation can be successfully carried out using either elec- 
tron flow or conventional current. One way is not any better than the other in 


(Continued) 
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Direction of Current Flow (Continued) 


describing or understanding electrical or electronic phenomena. Why academia 
has perpetuated the myth of conventional current flow rather than accepting and 
teaching the truth is not known. It no doubt stems from long-time heritage, cus- 
tom, and convention. 


Conductors, Insulators, and Semiconductors 


A conductor is a material that has many electrons easily freed up by an exter- 
nal voltage. Current flows through conductors easily. They have what we call 
low resistance. Most good conductors are metals like copper, silver, or alu- 
minum, with loosely bound electrons that can be freed by an external volt- 
age to create current flow. Copper wire 1s the most commonly used conductor 
because of 1ts low cost and its ability to be formed into many different shapes 
and sizes. Most metals are conductors but so 1s salt water. 

Insulators are just the opposite of conductors. These are usually compounds 
in which the electrons are tightly bound together with the nuclei of the atoms. 
Even with lots of voltage applied, the electrons are hard to strip away to make 
current. Insulators keep current from flowing. Some common insulator materi- 
als are glass, ceramic, and plastics. 

A third category of material is called semiconductor. It is a material that 
can be changed to make it a good conductor or a good insulator or anything 
in between. Semiconductors are used to make the transistors, diodes, and inte- 
grated circuits. The most common semiconductor is silicon. Others are ger- 
manium and carbon. Compounds such as gallium arsenide (GaAs), indium 
phosphide (InP), and silicon germanium (SiGe) are examples. Most integrated 
circuits (ICs) or chips are made of silicon. 


MAGNETISM 


You are probably asking, what does magnetism have to do with anything? As 
it turns out, it has lots to do with electricity and electronics. As you will see, 
the two are tied together significantly, meaning you need to know about both 
to get the big picture. Magnetism is essential to all electrical and electronic 
phenomena. Without magnetism, there would be no electricity or electronics. 


Magnetic Fields 


Magnetism is an invisible force that has the power to attract pieces of iron, or 
alloys of iron such as steel. [ron, steel, and the metals nickel and cobalt are 
called magnetic materials because they can be magnetized to generate a mag- 
netic field, or they support the development and passage of a magnetic field. 
Magnets are pieces of such materials that exhibit this force. Magnetism has no 
effect on nonmagnetic materials such as other metals (aluminum, brass, etc.), 
or on objects made of wood, plastic, or glass. 
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FIGURE 2.3 Permanent bar magnet illustrating the magnetic lines of flux that surround it. 


You have no doubt experienced the effects of magnetism yourself. You may 
have played with a horseshoe magnet as a kid, or used bar magnets like the 
one in Figure 2.3 in a school lab. And you most likely have used flat magnets 
to hold paper notes on your refrigerator or file cabinet. These are called perma- 
nent magnets because they retain their magnetic force indefinitely. 

A magnet is surrounded by an invisible magnetic force field made up of 
magnetic lines of force or flux lines. These flux lines flow out of one end of 
the magnet, the north (N) pole, and into the other end, the south (S) pole, as 
shown in Figure 2.3. The ends of the magnet are the points of the heaviest con- 
centration of the magnetic field. 

The basic law of magnetism follows: opposite poles attract, and like poles 
repel. When you get two permanent magnets together, the north and south 
poles will attract one another. On the other hand, two north poles will repel 
one another. Two south poles will also physically push away from one another. 
Permanent magnets are used in a variety of electrical and electronic equip- 
ment. Their most common use is in motors, where the attraction and repulsion 
of magnets create rotary motion. 


Electromagnetism 


Magnetism is also produced by electricity. Whenever electrons flow in a con- 
ductor, they produce a magnetic field. This effect is called electromagnetism. 
Figure 2.4A shows how the magnetic lines of force encircle a wire through 
which current is flowing. Note that the direction of the lines of force depends 
on the direction of the current flow. 

The strength of the magnetic field around a wire depends on the magnitude 
of the current flowing. High current (composed of many electrons) produces a 
strong magnetic field. Despite the current amplitude, however, the magnetic field 
weakens because it spreads out quickly, even at a short distance from the wire. 

If you make a coil out of the wire, as shown in Figure 2.4B, the lines of 
force around each turn are added together. The result is that a more powerful, 
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FIGURE 2.4 (A) Current in a wire produces a magnetic field around it. (B) Coiling the wire 
increases the strength of the magnetic field. 


highly concentrated magnetic field is produced. In fact, the coil simulates a bar 
magnet with north and south poles. 

As indicated earlier, the strength of the magnetic field depends on the cur- 
rent amplitude in the wire. High current produces a strong field. The magnetic 
field is also increased by coiling the wire, which helps concentrate the lines 
of force. The closer the turns of the wire, the stronger the field. You can also 
increase field strength for a given current level by simply adding more turns 
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FIGURE 2.5 Relative motion between a magnetic field and a conductor such as a wire causes a 
voltage to be induced into the wire making it a voltage source. 


to the coil. Strong electromagnets are made by tightly coiling together many 
turns of fine wire in several layers. 

Another way to increase the strength of the magnetic field is to insert a bar 
or core of magnetic material inside the coil. Because flux lines flow easier in 
iron or steel than in air, an iron or steel bar inside the coil helps concentrate the 
lines of force. Most of the flux lines flow through the core because it repre- 
sents a lower path of resistance than the surrounding air for the lines of force. 
The result is a very strong field. 


Electromagnetic Induction 


Another important principle of magnetism is electromagnetic induction. This 
principle states that whenever there is relative motion between a conductor and 
a magnetic field, a voltage will be induced into the conductor. 

Refer to Figure 2.5. If the wire is moved up or down so that it cuts through 
the magnetic lines of force between the magnet poles, voltage will be induced 
in the wire and cause current to flow. Voltage will also be induced into the wire 
if the wire is held in a fixed location and the magnetic field is moved so that 
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the flux lines cut across the wire. The wire actually becomes a voltage source. 
That voltage will cause current to flow. The direction of current flow in the 
wire depends on both the direction of the magnetic field and the direction of 
the relative motion between the magnetic field and the wire. 

The amount of the induced voltage depends on the number of flux lines cut 
and the speed of cutting. The greater the number of lines of force, the higher 
the induced voltage and the greater the current flow. The highest induced volt- 
age occurs when the conductor cuts across the flux lines at a right angle. If the 
wire moves parallel with the lines of force, no voltage is induced. 

The induced voltage can also be increased by coiling the wire. More turns 
passing through the magnetic field will produce greater induced voltage and 
current flow. The motion in the magnetic field causes a small voltage to be 
induced into each turn of wire. All of the voltages will add together to produce 
a higher voltage. 

In the examples above, we have assumed that the magnetic field comes from 
a permanent magnet. However, it doesn’t really matter where the field comes 
from. An electromagnetic field works just as well. Electromagnetic induction 
1s the principal method of generating electricity in the world. Most electrical 
power is produced by giant generators containing large coils of wire that rotate 
in a magnetic field. The generator or alternator in your car works the same way. 


VOLTAGE SOURCES 


To make current flow, we must have voltage. That voltage will produce either 
direct current (DC) or alternating current (AC). DC is electron flow in only 
one direction. AC is current that flows in one direction and then reverses and 
flows in the opposite direction. 


DC Voltages 


DC may be a fixed, steady current, one that varies, or one that switches off and 
on periodically. A DC voltage source is one that causes direct current to flow 
one way through the circuit, component, or conductor. It has positively and 
negatively charged terminals of a fixed polarity. It always causes electrons to 
flow from negative to positive. 

Figure 2.6A shows a fixed, positive DC voltage source, which is usually 
either a battery or an electronic power supply. We call it a positive source 
because the negative terminal of the DC source is connected to a common 
point called the ground. The other terminal is positive with respect to ground. 
Voltages are always looked at or measured between two points with one point 
(ground) being the reference. The polarity of the voltage is the polarity of the 
terminal not connected to ground. 

The remainder of Figure 2.6 shows graphs of DC voltage over time. In 
electronics we normally view DC or AC voltages with respect to time. The 
positive DC voltage is shown in Figure 2.6B as a horizontal dashed line. 
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FIGURE 2.6 DC voltages. (A) DC voltage source such as a battery or power supply. One side 
is usually grounded to serve as a reference. (B) Fixed, continuous positive DC voltage shown over 
time. (C) Negative DC voltage. (D) Varying positive DC voltage. (E) DC voltage pulses. 
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A negative DC voltage 1s shown in Figure 2.6C. The dashed line represent- 
ing the voltage below the zero line indicates that it is negative. The voltage is 
negative with respect to the reference point known as ground. 

Figure 2.6D shows a varying positive DC voltage. It begins at +5 volts, 
rises upward to +11 volts, and then drops to +2 volts over a period of 5 sec- 
onds. The left-hand scale indicates the voltage level. 

Figure 2.6E shows a pulsating DC, that is, one that turns off and on. This 
voltage switches on to +12 volts, stays on for 1 second, and then switches to 
zero for 1 second. Then this on—off cycle repeats. One cycle is the time of one 
ON pulse and one OFF pulse or in this case 2 seconds. Such pulse signals are 
usually called binary or digital signals. 


AC Voltages 


As its name implies, AC current flows in two directions in a conductor, com- 
ponent, or circuit, but not at the same time. The electrons move in one direc- 
tion, then reverse and flow in the other direction, both for a short period of 
time. The direction of flow reverses repeatedly. 

The polarity of an AC voltage reverses periodically. During one period, the 
terminals of the voltage source are + and —, but later reverse to — and +. 
This reversal continues to repeat as the voltage amplitude varies. Since it is the 
voltage that causes current to flow, if the polarity of the voltage changes, then 
naturally the direction of the electron flow will also change periodically. The 
electrons just flow back and forth in the circuit. 

An AC voltage source is usually represented by just a circle with a varying 
wave inside as illustrated in Figure 2.7A. It may be the AC outlet in your home, 
a signal generator, or a type of electronic circuit called an oscillator. AC voltages 
and currents can assume many shapes. The most common electrical and electronic 
AC voltage is a sine wave, as shown in Figure 2.7B. The voltage rises gradually 
from zero to a positive peak, and then drops to zero. Then it reverses polarity, rises 
to a negative peak, and returns to zero. Each rise and fall is called an alternation. 
One positive and one negative alternation form a cycle. The cycles repeat over and 
over. The number of cycles that occur per second is called the frequency. 

The AC power-line voltage that comes into your house and appears at the 
outlets is a sine wave. Its frequency is 60 cycles per second (cps). The term 
hertz (abbreviated Hz) is normally used instead of cps to express frequency. 
The power-line frequency, therefore, is 60 Hz. All radio signals are sine waves, 
but have very high frequencies. 

AC signals can have a variety of other shapes as well. Figure 2.7C shows a 
square or rectangular wave. It is made up of pulses of alternating polarity volt- 
ages that switch from +6 to —6 volts. Figure 2.7D shows a triangular wave, 
and Figure 2.7E, a complex waveform that might represent voice or video. 
Regardless of their shape, AC signals have one thing in common: they reverse 
the polarity and direction of current flow periodically. Their frequencies can 
range from a fraction of a cycle per second to billions of cycles per second. 
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FIGURE 2.7 AC voltages. (A) AC voltage source drawn as a circle with a wave inside. The output 
polarity changes periodically. (B) Sine wave, the most common AC voltage shape. (C) Rectangular 
wave or AC pulses. (D) Triangular wave. (E) Random AC wave that may represent voice or video. 


AC Frequency 
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Frequency is measured and expressed in units called cycles per second (cps) or 
Hz. Hertz 1s the more common unit. To express higher frequencies, the units 
kilohertz (kHz), megahertz (MHz), and gigahertz (GHz) are used. 


1kHz = 1000 Hz 
1 MHz = 1 million Hz or 1000kHz 
1 GHz = 1 million Hz, 1 million kHz, or 1000 MHz 


Table 2.1 presents a summary of various frequency ranges that you will 
encounter and the types of signals in those ranges. 


AC Voltage Measurement 


To measure or represent the amount of AC in a circuit, we usually state the 
peak, peak-to-peak, and root mean square (rms) values. The peak value of a 
wave is simply the voltage measured from the zero line to the maximum posi- 
tive (or negative) value. In Figure 2.7B, the peak value of the sine wave (V,) 
is 7 volts. The peak-to-peak value, normally abbreviated V,,, is the positive 
peak added to the negative peak. Or, since the positive and negative peaks are 
identical in a sine wave, the peak-to-peak value is two times the peak value, or 
in this case 14 volts. 


TABLE 2.1 The Frequency Ranges of the Electromagnetic Spectrum and 
Their Applications 


Frequency Range 
20Hz to 20kHz 
300kHz to 3 MHz (LF) 
3 MHz to 30 MHz (HF) 


30MHz to 300 MHz (VHF) 


300 MHz to 3 GHz (UHF) 
Anything above 1 GHz is 
called microwave. 


3 GHz to 30 GHz (EHF) 


30 GHz to 300 GHz 


Types of Signals 
Audio, sound, voice, and music. 
Low radio frequencies. AM broadcast. 


High-frequency radio, shortwaves. Broadcasting, 
amateur radio, CB. 


Very-high radio frequencies. 2-way radio, mobile, 
marine, aircraft; TV and FM broadcast. 


Ultra-high radio frequency. 2-way radio, TV broadcast, 
cell phones, GPS satellites, wireless broadband, 
wireless networks. 


Extremely high radio frequencies. Radar, satellites, 
network radios. 


Super-high radio frequencies. Radar, satellites, network 
radios. 
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Another way to measure AC voltage is to use an average value known as 
the root mean square (rms), or effective value. The rms value is computed by 
multiplying the peak value by 0.707, or: 


Vims = 0.707 V, 


Thus, the rms value of the sine wave 1s 0.707 X 7 = 4.949 volts. Most sine 
wave voltages are measured and stated in terms of the rms value. The amount 
of AC voltage available at a standard AC outlet, for example, 1s 120 volts rms. 
The rms value as discussed above is applied only to sine waves. The signifi- 
cance of the rms value is discussed later when we address power. 


PRACTICAL DC AND AC VOLTAGE SOURCES 


Just what is the source of DC and AC? Such voltages originate from a variety 
of sources. 


DC Voltage Sources 


Batteries 


The most common source of DC voltage is a battery. A battery is a collection 
of cells. A cell is the basic unit of voltage generation that creates electricity by 
chemical action. A battery is made up of two or more cells connected together. 
Figure 2.8 shows the configuration of a cell. It consists of two metal electrodes 
immersed in a solution called an electrolyte. The chemical interaction between 
the metal electrodes and the electrolyte produces a separation of charges. This 
separation of charges results in an excess of electrons on one electrode (the — 
terminal of the cell) and a shortage of electrons on the other electrode (the + 
terminal of the cell). If a conductor is connected externally between the termi- 
nals, electrons will flow from — to +. 


Electrolyte 
(liquid or paste) 


FIGURE 2.8 Basic concept of any battery. 
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TABLE 2.2 Most Popular Types of Cells/Batteries and Typical Applications 


Materials Voltage Type Applications 


Alkaline 1.5 Primary AAA, AA, C, D cells; flashlights; toys; 
and much more 


Mercuric oxide 1.35 Primary Watches; calculators 
Silver oxide 1.6 Primary Hearing aids; watches 
Nickel-cadmium 1.2 Secondary Tools 

Nickel metal hydride 1.2 Secondary Laptops; cell phones 
Lead acid A Secondary Cars; golf carts 


Lithium ion 4.1 Secondary Cell phones; iPods; laptops 


FIGURE 2.9 Battery and cell symbols used in circuit diagrams. (A) Cell. (B) Four cells in series 
making a battery. Cell voltage add-up. (C) Symbol for battery of any number of cells. (D) Cells in 
parallel to increase current capability. 


The amount of voltage produced by the cell depends on the type of elec- 
trodes and the electrolyte. Various chemical combinations generate different 
voltages. Table 2.2 lists the most commonly used cells and the voltage they 
generate. 

The schematic symbol of a cell is illustrated in Figure 2.9A. To create a 
battery, two or more cells are connected together. The cells are usually con- 
nected in series form, that is, end to end and — to +, as shown in Figure 2.9B. 
The cell voltages add up to produce the total battery voltage. For example, 
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six small alkaline cells are connected in series to create a 1.5 X 6 = 9-volt 
transistor-radio battery. A car battery consists of six lead-acid cells connected 
in series; each produces 2.1 volts for a total battery voltage of 6 X 2.1 = 
12.6 volts. If four nickel-metal-hydride cells are connected in series, as in 
Figure 2.9B, the total battery voltage is 4.8 volts. 

The simplified schematic symbol for a battery is shown in Figure 2.9C. Instead 
of drawing all of the individual cells, the simplified battery symbol is used. 

The cells listed in Table 2.2 can be separated into two categories, primary 
and secondary. Primary cells cannot be recharged. As the chemical action 
produces voltage, the electrodes and electrolyte are actually used up. At some 
point, no further chemical action is produced, and no voltage is generated. The 
cell must be discarded and replaced. 

Secondary cells, on the other hand, can be recharged. In these cells, the 
chemical action can be reversed by connecting an external DC voltage to the bat- 
tery. This is called charging. Charging forces electrons into the battery, produc- 
ing a reverse chemical action that rejuvenates the electrodes and the electrolyte. 
The cell can be discharged and charged repeatedly, giving it a very long life. 

The amount of current that can be drawn from a cell depends on its size 
and the quantity of the materials used. Large electrodes and electrolytes can 
produce more current, but the voltage stays the same; the type of material, not 
its volume, determines voltage. 

For example, a large D-size flashlight cell and a tiny AAA penlight cell are 
both made of alkaline material so their output voltages are both 1.5 volts. The 
D-cell, however, can produce more current and will have a longer life because 
it is larger. 

A greater current capacity can be obtained by simply connecting two or 
more cells in parallel. In a parallel connection, the cells are wired across one 
another, all + leads connected together, and all — leads connected together, as 
shown in Figure 2.9D. The output voltage remains the same, but the current 
output can be higher. 


Solar Cells 


A special type of voltage-producing cell is the so-called solar cell. Also called 
a photovoltaic (PV) cell, a solar cell converts light into electrical energy. When 
the sun or artificial light shines on the cell surface, a voltage is generated. The 
most commonly used material is silicon, and a typical cell generates about 
0.5 volt. Other materials, such as cadmium sulfide and gallium arsenide, are 
also used. 

You have probably seen solar cells used in hand-held calculators. Big 
arrays of solar cells are now being adopted as an energy source for homes and 
businesses. Another important application is spacecraft. Virtually every satel- 
lite, deep-space probe, or other space vehicle, uses solar cells for power. Huge 
panels of solar cells connected in a complex series—parallel array produce 
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a powerful battery that can operate all electrical and electronic equipment on 
board. Typically, however, such a solar battery 1s primarily used to recharge 
the main spacecraft power source, which may be a nickel-cadmium second- 
ary battery, as shown in Figure 2.10. The voltage produced by this array 1s 
2 volts. 


Fuel Cell 


A fuel cell is a special type of battery that combines oxygen and hydrogen gas 
to produce voltage and electron flow. That means you have to have a supply of 
hydrogen gas, which is usually stored in a bottle or other container. Typically, the 
oxygen can be extracted from the air, but if not you will need a bottle of oxygen 


as well. When you combine the two, charges separate and plus and minus termi- 
nals are formed. Most fuel cells generate between 0.5 volt and 0.9 volt, so you 
have to put many of them in series to be useful. Usually they are bulky and incon- 
venient because of the need for the gases. But as long as oxygen and hydrogen are 
supplied, the fuel cell produces the voltage. Heat and water are by-products of the 
chemical process, making them essentially impractical for many applications. 
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FIGURE 2.10 Panel comprised of solar cells in series and parallel make up DC source that 
charges the battery in a spacecraft. 
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Power Supplies 


Electronic circuits require a source of DC for proper operation. A great many 
electronic products are still powered by batteries because they are small and 
portable, such as cell phones, iPods, and the like. Other electronic equip- 
ment 1s designed to operate from the AC power line. Such equipment contains 
an electronic power supply that converts AC into the required DC voltages. 
Computers, TV sets, and other nonportable electronic equipment have an AC 
power supply. 


AC Voltage Sources 


Generators 


The AC that appears at the outlets of our homes and offices 1s produced by 
huge electromechanical generators owned and operated by an electrical util- 
ity company. A source of mechanical power—such as water, or a steam tur- 
bine powered by oil, coal, or nuclear fuel—operates the generator. The turbine 
converts steam into mechanical energy to turn the generator. The genera- 
tor rotates coils in a strong magnetic field to produce a voltage. The speed 
of rotation of the coils determines the frequency. That voltage is a 60-Hz 
sine wave. 

The big wind generators popping up across the landscape also produce AC 
sine waves, but because the rotational speed depends on the wind speed, the 
AC frequency will vary, which is unacceptable. Therefore, the AC voltage they 
produce is converted to DC, and then back into AC of the correct frequency 
(60 Hz) to be used or put on the AC power grid. 

Another example is the alternator in your car. “Alternator” is just another 
word for an AC generator. The alternator, driven by the car engine through a 
belt, produces AC output that is converted to DC by diodes making up a recti- 
fier. The rectifier output is DC to charge the battery. 


Inverters 


Electronic circuits called inverters are used to produce AC from a DC source. 
This is common in solar power systems. The solar cells produce DC, which 
keeps batteries charged. The DC is then converted to AC by the inverter. 

In electronic equipment, AC signals are generated by circuits called oscil- 
lators or function generators. The AC signals are sine waves, square (rectan- 
gular) waves, or triangular waves, among others. 


Analog and Digital Signals 


You have no doubt heard the terms “analog” and “digital.” These terms distin- 
guish between the two main types of voltages or signals in electronic equip- 
ment. Analog signals are voltages that vary smoothly and continuously over 
time. You saw some in previous figures. Analog signals may be either DC or 
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AC. A continuous DC voltage is analog, as well as a varying DC signal. A sine 
wave and the random signal in Figure 2.7E are also analog signals. 

Analog signals come from microphones, video cameras, and sensors that 
detect light level, temperature, and other physical conditions. The most com- 
mon types of analog signals are voice or music from a microphone and video 
from a camera. 

Digital signals are pulses or on—off signals. The DC pulses in Figure 2.6E 
and 2.7C are digital. Most digital signals are binary in nature, meaning they 
only have two voltage values. In Figure 2.6E the two values of voltage are +12 
and zero volts. In Figure 2.7C the two voltage levels are +3 and —3 volts. 

You will see both analog and digital signals in all sectors of electronics. 
Today, most signals are digital. Special circuits called analog-to-digital con- 
verters (ADC) and digital-to-analog converters (DAC) are used to translate 
between the two types of signals. 


Fourier Theory and the Frequency Domain 


We normally think of electronic signals as voltages that vary over time. 
Waveforms showing signals are said to be in the time domain. Time is the hori- 
zontal axis in a graph. But there is another way to look at signals in the fre- 
quency domain where frequency is on the horizontal axis. For example, 
a sine wave is shown as a single vertical line at its frequency as Figure 2.11A 
shows. The height of the line is representative of the voltage level, either peak 
or rms. 

The big question is, how do you show a complex signal like a square wave in 
the frequency domain? The only way to do this is to use the Fourier theory that 
says that any complex nonsinusoidal wave is made up of a group of sine waves 
added together. There is a fundamental sine wave that occurs at the signal fre- 
quency plus harmonic sine waves. A harmonic is a sine wave whose frequency 
is an integer (whole number) multiple of the fundamental sine wave. The second 
harmonic of a 50-MHz sine wave is a 100-MHz sine wave. The third harmonic is 
a 150-MHz sine wave and so on. If you add the fundamental sine wave to mul- 
tiple harmonics of differing amplitudes and phases, you can create any shape of 
wave. 

For instance, a square wave is made up of a fundamental sine wave and all the 
odd harmonics. A 1-MHz square wave is made up of a fundamental 1-MHz sine 
wave and harmonics of 3 MHz, 5MHz, 7 MHz, and so on. According to Fourier 
theory, it takes an infinite number of harmonics but in reality only a few (like up 
to the fifth or seventh) are needed to approximate the square wave. The frequency 
domain plot of a square wave therefore would look like the one in Figure 2.11B. 

When looking at a time domain view of a signal, try to keep a frequency- 
domain picture in mind at the same time. You cannot actually see the third 
or fifth harmonics in the time domain plot but they are buried in there just 
the same. 
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FIGURE 2.11 Frequency-domain views. (A) 1-MHz sine wave. (B) 1-MHz square wave. 


Project 2.1 


Getting Familiar with a Multimeter 
One of the things you are going to need as you work with electronic parts, circuits, 
and equipment is a multimeter. This is a test instrument that measures voltage, 
current, and resistance. Some also measure capacitance and other things. These 
multimeters are usually hand held and battery operated. There are two basic types, 
analog and digital. Analog meters use a dial to show the measured value. Digital 
multimeters (DMMs) have a liquid crystal display (LCD) to show the measurement. 
See Figure 2.12. The two types work equally well; which one you use is typically a 
matter of preference for meters versus digital displays. | recommend a digital unit. 

The good news is that multimeters are not expensive. You can get one for as lit- 
tle as $10, but a better unit may cost you several times that. The cheaper units are 
kits that you will need to build yourself. | do not recommend a kit if you are just 
starting out. Later in this book | will discuss kits in more detail. In any case, you 
need to buy a multimeter and learn to use it. Plan to buy one as soon as you can. 
Check your local Radio Shack store or buy online. 

Three good sources of multimeters by mail order or web order follow: 

Elenco Electronics: www.elenco.com 

Jameco: www.jameco.com 

Kelvin Electronics: www.kelvin.com 

Ask for a printed catalog when you inquire. 


(Continued) 
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Project 2.1 (Continued) 


FIGURE 2.12 A low cost digital multimeter that measures DC and AC voltages, 
current, and resistance. 


Project 2.2 


Hardware Sources 
As an electronic experimenter, you should be familiar with buying parts and 
equipment. Radio Shack stores still stock some parts but today most hobbyists 
and experimenters buy via the mail or online. The most popular sources of parts 
and equipment are All Electronics, Digi-Key, and Jameco. And you will discover 
others. You can go to their websites, but you really should get on their mailing list 
and get a catalog. Do that as soon as you can. Links to these sources follow. You 
can get your multimeter from one of them as well. 

All Electronics: www.allelectronics.com 

Digi-Key: http://www.digikey.com 

Jameco: http://www.jameco.com 

Ramsey Electronics: http://www.ramseyelectronics.com 


Project 2.3 


Magazines of Interest 

As you are learning electronics, you need to be continuously aware of what is 
going on in the industry and with the technology. Magazines are a good source of 
that information. One that you should read on a regular basis is Nuts & Volts. It is 


(Continued) 
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Project 2.3 (Continued) 


available at some newsstands and bookstores, but if you cannot locate it, go to the 
website and subscribe. This magazine has lots of articles and columns, including 
construction projects. It is a great way to stay up to date and learn more. Nuts & 
Volts also publishes Servo magazine, which is aimed at people who like to build 
and play around with robots. 

Another recommended magazine that has an embedded controller emphasis 
is Circuit Cellar. This publication contains great educational articles and projects. 
Get a subscription if you are serious about learning more. 

Another interesting magazine is called Make—it is not strictly electronics but it 
usually contains some good electronic projects. It also features other mechanical 
projects such as robots, among other things. This one is definitely worth a look the 
next time you are at the newsstand. 

Nuts & Volts and Servo: www.nutsvolts.com 


Circuit Cellar: www.circuitcellar.com 
Make: www.makezine.com 


Project 2.4 


Measuring Voltages 
A good first step in using a multimeter is to measure voltages. Batteries are a good 
place to start. Look around the house and locate some batteries that you com- 
monly use. Take them out of the equipment before you measure them. You will 
most likely find AA or C cells. Set the multimeter to measure DC according to the 
meter user’s manual and connect the test leads to the battery. The red lead is +, 
the black lead is —. The LCD on the meter should show the voltage. It should be 
1.5 volts. You can also check batteries in some cordless phones, cell phones, or 
other devices. You may be able to remove the battery from a laptop. In each case, 
check to determine the battery technology—lithium ion, alkaline, and so on. 

Two key points to remember. First, if you get the test leads reversed, the red 
to the — terminal of the battery and the black to the + terminal, the meter will 
read a negative value. That just means that the leads are reversed, nothing more. 
Second, you cannot typically judge the condition of the battery by measuring its 
voltage. With no load on the battery, no current is drawn from it so you are just 
measuring the characteristic voltage. If you connect the battery to something, cur- 
rent will flow and its voltage will decrease slightly. If it decreases a lot, the battery 
is going bad. If the cell or battery voltage is several tenths of a volt lower than the 
characteristic value given in Table 2.2, the battery is probably bad. 

You could also go out to your car and measure its battery voltage. Be careful. 
You cannot get shocked but you could short something. When the engine is off, 
the battery will probably register about 12 volts. With the engine running, the bat- 
tery voltage will be a bit higher, as much as 15 volts or so. The generator is charg- 
ing the battery, making its voltage a bit higher. 


(Continued) 
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Project 2.4 (Continued) 


One last thing: you can use the multimeter to measure the AC line voltage at 
an outlet. Only do this if you have probes that will fit into the slots on the outlet. 

And be super careful as you can kill yourself. Be paranoid, even. 

Set the multimeter for AC voltage at an appropriate level of at least 120 volts, 
according to the multimeter manual. Place the probe tips into the AC outlet and 
read the voltage. 

Do NOT touch any metal with the probe tips!! 

Your value will depend on things like how far you are from the power station, what 
appliances and other items are on, and time of day. In any case, the voltage range is 
about 95 to 130 volts. It is rarely lower than 110 or higher than 125 volts. The typical 
value is 120 volts, or what is called nominal. | measured mine at 117 volts. 
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View of Electronics 


A Fresh New Way to Learn about Electronics 


In this Chapter: 


e Systems defined. 


e Examples of systems. 
e Introduction to basic electronic components. 


INTRODUCTION 


When learning about electronics in the past, you started with basics of physics 
and math, and then went on to learn electrical theories. Next came instruction 
in how electronic components work, and then you combined them into circuits. 
Then you put the circuits together into specific pieces of equipment. Finally, at 
last, knowing the equipment, you could understand the application, such as TV 
or computers or audio or home system control or whatever. This approach to 
learning is called the bottom-up approach. You learned the details and added 
them all together to get to what you really wanted to know about—the applica- 
tion and its technology. 

That is still the way you learn electronics in college today, and it is the 
approach taken by most other electronics books you may have seen. This book 
doesn’t take that old legacy path. Instead it skips most of the early background 
and theory, goes right for details on the circuits, and then builds to the applica- 
tions. It is a much more interesting way to learn electronics. And it is also far 
more relevant to how electronic equipment is implemented today. We call this 
way of learning the “systems view” of electronics. 


WHY SYSTEMS AND NOT CIRCUITS? 


What is the advantage of this approach? First, thanks to modern semiconductor 
technology, most electronic components and circuits are inside chips or inte- 
grated circuits (ICs). You can’t see them, and you can’t access, test, or replace 
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them. About all you can do is learn what they do, and then work with the vari- 
ous input and output signals. Since you do not have access to the components 
and circuits, there is some argument as to why you need to learn all that circuit 
theory detail. If you are an engineer designing ICs, you definitely need to know 
this. Otherwise, it is just a waste of time unless you want to know just for the 
heck of it. Some of it is nice to know, of course, but in most cases it is not nec- 
essary. What you really need to know is what the circuit is, what it does, what 
its characteristics are, and what the inputs and outputs should look like. 

A good example is the power supply in a PC. If it goes bad, you just 
replace it with a $30 unit that you can buy online. Troubleshooting the power 
supply would take many hours and require some expensive test equipment and 
access to spare parts. The whole repair could take hours and at a typical rate 
of, say, $50/hour, or more, it could cost hundreds of dollars and take weeks to 
get the new parts. A quick replacement with the $30 unit takes only about a 
half hour at most. So for less time and money, you get your PC working faster. 
Not a bad deal at all. 

A cell phone is the same. It takes hours of troubleshooting and very expen- 
sive test equipment to troubleshoot and repair one. A typical repair would cost 
hundreds of dollars. Consequently, it is rarely done. It is cheaper to get a new 
cell phone, and it will be a better one at that. And it may even be free if you 
renew your service contract. That’s electronics today. 

The ability to analyze circuit operation by tracing electron flow through 
the various components used to be necessary. That made it necessary to know 
about all the components in detail and how they all come together to make a 
circuit. But with the systems view, you rarely need this knowledge unless you 
are an engineer designing the circuits or the equipment. In most cases you are 
not, so why invest the time? 

The systems view is a better approach, as you do learn about the circuits 
and the equipment at a higher level. Later, if you want or need to, you can 
delve deeper into the circuit and component details, just for fun or to satisfy 
your curiosity. We won’t do that in this book. But you will get the system view 
and big picture that will serve you well in learning electronics. 

The systems view is more important today because ICs have made it possi- 
ble to largely ignore the internal details. The ICs and systems on a chip (SoC) 
have resulted in the throw-away electronics society in which we live. It is no 
longer possible or economical to repair most electronic equipment thanks to 
ICs. The cost of labor, the cost of test instruments to troubleshoot equipment, 
and the difficulty of replacing ICs has made it more practical to just discard a 
bad piece of electronic equipment rather than repair it. It costs less and you get 
a newer and better replacement product as a result. Not a bad deal. 

Yes, it is still possible to repair some equipment. For example, big expen- 
sive equipment such as a magnetic resonance imaging (MRI) machine is 
usually repairable, but it is done by replacing not bad components, but 
by replacing defective modules, subassemblies, or printed circuit boards. 
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FIGURE 3.1 Hierarchy of electronics from systems to components. 


You don’t have to know how to analyze circuits to do that. You just trouble- 
shoot by observing signal flow, measuring inputs and outputs, and replacing 
any module or subassembly that does not work. You get the equipment work- 
ing sooner and at lower cost. 

A good way to picture the systems view is shown in Figure 3.1. It all 
begins with the components that make up the circuits that in turn make up the 
modules and subassemblies, usually on printed circuit boards (PCBs). Those 
are put together to form pieces of equipment. Finally, multiple pieces of equip- 
ment may end up being interconnected to form some kind of system. A few 
system examples will show you the idea. 

A personal computer (PC) is a great example of a system (see Figure 3.2). 
It is made up of modules including a mother board with its processor, mem- 
ory ICs, and input/output (I/O) interfaces. There is a power supply module, a 
hard disk drive, a CD/DVD drive, and perhaps a video card. Then the system 
is completed when it is connected to the video monitor, keyboard, printer, and 
Internet modem. 

A consumer home entertainment system is made up of a big screen HDTV 
set, a cable or satellite box, a DVD/Blu-ray player, and an audio amplifier/ 
receiver with speakers. Other equipment may be involved. The TV itself or 
any of the other components are systems in their own right. 

An iPod or MP3 player is a simple system. Shown in Figure 3.3, it consists 
of a memory, either a tiny hard disk drive or a solid-state flash memory that 
stores the music, an audio codec IC that does the digital music decompres- 
sion, digital-to-analog conversion and analog-to-digital conversion for storing 
music, a microcontroller that controls the whole thing including the selection 
controls, and the LCD readout. A pair of audio amplifiers and a headset com- 
plete the system. A power management system charges the battery and doles 
out DC to power the various ICs. 
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FIGURE 3.2 System block diagram of typical personal computer. 


An MRI machine is a whole system. It is made up of the central bed sur- 
rounded by a superconducting magnet and radio frequency-sensing coils, 
high-power radio frequency (RF) amplifiers and detectors, the video imaging 
section, and a computer that runs the whole thing. 

Anyway, you get the picture. There are big systems, little systems, and lots 
of in-between systems. Their main characteristic today is that you cannot get 
at the individual components and circuits, but there are exceptions. 

In this book we look mainly at the circuits, equipment, and systems, not the 
components. We will give you a quickie introduction to the main components 
but move on to the circuits and systems. 
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FIGURE 3.3 System block diagram of iPod or MP3 music player. 


ELECTRONIC COMPONENTS 


Most systems today are collections of ICs wired together on printed cir- 
cuit boards and packaged in a housing of some sort. The MP3 player/iPod in 
Figure 3.3 is a great example. Each block in that diagram is an IC. In the past, 
systems were made with PCBs and other assemblies, but the circuits were made 
with discrete components, individual resistors, capacitors, diodes, transistors, 
and even some ICs. You will still see these here and there in modern equip- 
ment; just remember that most circuits and equipment are just a batch of ICs. 

Just so you won't be ignorant of components, here is a nutshell introduc- 
tion that should serve you well when learning electronics the system way. If 
you want to dig deeper, you can find many other books that will make your 
eyes glaze over with detail. 


Switches 


There is no simpler electrical component than a switch. It is just two (sometimes 
more) metal contacts and a mechanical device to open and close them. In one 
position the switch contacts are open and not touching so that no current will 
flow through them; the switch is “off” Moving the switch lever, the contacts are 
made to touch making a path for current to flow; the switch is said to be “on.” 
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FIGURE 3.4 Switch and how it is used. 


Figure 3.4 shows a switch in a circuit diagram called a schematic. This 
shows the switch connected to a battery and a light-emitting diode (LED) in a 
simple flashlight. The other component is a resistor to limit the current. 


Resistors 


Resistors are one of the most common components in electronics. These 
devices offer opposition to current flow; they limit or set the level of current in 
a circuit. The opposition to current flow is measured in ohms. The higher the 
ohms value, the more resistance it offers to electron flow. 


Ohm's Law 


There is one key electrical relationship you should know, called Ohm's law. It 
is simple and easy to understand. It says: The current in a circuit (I) is directly 
proportional to the voltage (V) and inversely to the resistance (R). It is usually 
expressed as a simple formula: 


| = V/R 


If you increase the voltage in a given resistance, the current increases. That 
makes sense since the voltage charge simply attracts and repels more electrons. 
Increasing the resistance makes the current decrease. Since resistance opposes 
current flow, more resistance with the same voltage will make the current 
decrease. 

Keep this simple relationship in mind, as it is the heart of every electrical and 
electronic application. 
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FIGURE 3.5 Types of resistors and schematic symbol. 


Today most resistors are made along with all the other circuitry in an IC. 
But discrete component resistors are also still fairly widely used. The most 
common ones are called chip resistors and look something like the one shown 
in Figure 3.5. They are small and you can just make them out when looking 
at a printed circuit board. Older but still used resistors are cylindrical like the 
one shown in Figure 3.5. The schematic symbol used to represent a resistor in 
a schematic diagram is shown in Figure 3.5. Color-coded resistors use a set of 
color bands with a special code to indicate their value (see Figure 3.6). 

An example of a common resistor circuit 1s the voltage divider shown in 
Figure 3.7. It is used to attenuate a voltage or signal or make it lower. The two 
resistors of the voltage divider are connected in series. When current flows, a 


Electronics Explained: The New Systems Approach to Learning Electronics 


1st digit 
2nd digit 
Multiplier 


Tolerance: Silver + 10% 
Gold +5% 


Red Violet Orange Silver 
| | | | 
2 7 1000 + 10% 


Value: 27,000 Ohms + 10% 


Resistor color code 


Color of band Value Multiplier 
Black 0 1 

Brown 1 10 

Red 2 100 
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FIGURE 3.6 Standard resistor color code. 
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FIGURE 3.7 Voltage divider, the most common resistor circuit. 
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voltage develops across the two resistors. The input voltage 1s divided between 
the two resistors according to their value. In any case, the output is taken from 
one of the resistors and 1t is lower in value than the input. 


Capacitors 


A capacitor is a device that stores an electrical charge. It is made up of two 
metallic plates separated by an insulator such as plastic or ceramic or even air 
(see Figure 3.8). The symbol for a capacitor in schematics is also shown. 

The basic function of a capacitor is to be charged or discharged. You charge the 
capacitor by applying a voltage to it as shown in Figure 3.9A. The electrons pile 
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FIGURE 3.8 Capacitor construction and schematic symbol. 
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FIGURE 3.9 (A) Charging capacitor. (B) Discharging capacitor. 
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FIGURE 3.10 Low-pass filter, a common capacitor use. 


up on one plate making it negative and are pulled away from the other plate mak- 
ing it positive. It takes a finite amount of time for the capacitor to charge as deter- 
mined by the values of capacitance (C), stated in farads (F), and resistance (R). 
That time is called the time constant (T). In the charged state, the capacitor stores 
the voltage. The capacitor in its charged state is almost like a battery, as 1t can sup- 
ply DC voltage to a circuit or load. 

The energy stored in the capacitor is used by discharging it into a load such 
as a resistor (see Figure 3.9B). The electrons then flow from the negative plate 
through the resistor to the positive plate. Current flows until the charge is dis- 
sipated. Again, it takes time for the discharge to occur. 

When capacitors are used with AC signals, they offer opposition to current 
flow called capacitive reactance. It is like resistance in that it determines cur- 
rent flow, but it varies with the frequency of the AC and capacitor value. 

Capacitors perform all sorts of functions in electronic circuits. They are 
used for filtering and they are used to pass AC but block DC. Figure 3.10 
shows a low-pass filter comprised of a resistor and a capacitor. This is a 
frequency-sensitive circuit that passes AC signals below a specific frequency 
called the cut-off frequency (fso) and attenuates the frequencies above the cut- 
off. Figure 3.11 shows how a capacitor passes AC but blocks DC. 
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FIGURE 3.11 How capacitor passes AC sine wave but blocks DC voltage. 


A Word about Ground 


In schematic diagrams like Figure 3.10, you will see the triangular-shaped symbol 
labeled GND. This means ground. Ground is an electronic term that refers to a 
common connecting point. It may be a common wire, a metal chassis, a copper 


area on a printed circuit board, or some other conductive part or area. In this fig- 
ure, it means that the bottom of the AC generator and the bottom of the capacitor 
are connected together. 

Ground is also the common reference point for measuring all voltages. 


Inductors 


Inductors are mainly just coils of wire. When current flows through them, they 
produce a magnetic field and induce a voltage in themselves. This is called self- 
induction. The induced voltage has an opposite polarity of the applied voltage. 
The result is that the induced voltage causes opposition to the current flow. We 
often use that characteristic to control current flow in AC circuits. Like the capac- 
itor, the inductor is an opposition to AC called inductive reactance. Figure 3.12 
shows the symbol of an inductor as used in schematic diagrams. 


Transformers 


A transformer is usually comprised of two coils or windings on a common 
core. The schematic symbol is shown in Figure 3.13. A voltage applied to 
one winding called the primary causes current to flow and a magnetic field 
to develop. This magnetic field spreads out and induces voltage in the other 
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FIGURE 3.12 Schematic symbol for inductor. 
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FIGURE 3.13 Schematic symbol for transformer. 


winding called the secondary, thereby transferring electrical energy for one 
coil to another by way of the magnetic field. Transformers are used to step up 
or step down voltage levels of AC signals. They are also used for signal isola- 
tion as well as impedance matching. 


Diodes 


A diode is a semiconductor component that lets current flow through it in one 
direction but blocks current in the other direction depending on the polarity 
of the voltage applied to it. It acts like a polarity-sensitive switch. Figure 3.14 
shows a typical diode, the diode schematic symbol, and how it is biased for 
current or no current. 

Diodes are used mainly for rectification, the process of converting AC into 
DC. Figure 3.15 shows how a diode converts an AC sine wave into DC pulses. 
If you put a capacitor across the load resistor, it will charge up to the peak sine 
voltage and store it. The result is that the output is a near-constant DC value. 
Most electronic power supplies work like this. 

Special diodes are made to emit light (LED), regulate voltage (zener diode), 
act as a variable capacitor (varactor), or perform as a switch (PIN diode). 


Transistors 


A transistor is a three-terminal semiconductor device that uses a small input 
signal to control a much larger output signal. One type of transistor is the bipo- 
lar junction transistor (BJT) shown in Figure 3.16. A small current applied to the 
base element is used to control a larger current flowing from emitter to collector. 
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FIGURE 3.14 Diode, its schematic symbol, and how to bias it for conduction or cut-off. 
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FIGURE 3.15 How a diode rectifies AC into DC. 
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FIGURE 3.16 Schematic symbol for bipolar junction transistor (BJT) and its inputs and outputs. 
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FIGURE 3.17 Schematic symbol for MOSFET and its input and outputs. 


Another type of transistor is the metal oxide semiconductor-field-effect 
transistor (MOSFET). It too has three elements, as shown in Figure 3.17. 
A small voltage on the gate controls a larger current flowing from source to drain. 

Transistors have two basic functions: amplification and switching. In ampli- 
fication, the small input variation causes larger output current variation. The 
small input signal isn’t really made bigger, but the larger output variation has 
the same shape and characteristics, resulting in the same effect. The transistor 
simply varies the larger DC current from the supply and shapes it like the input. 


Amplifiers 

Figure 3.18 shows a simple BJT amplifier. The base resistor sets the base 
current turning the transistor on so that current flows from emitter to collec- 
tor. Its output voltage is a DC value at about half the supply voltage. Now, if 
a small AC signal is applied through the capacitor as shown, the base current 
will vary. This will vary the collector current and the voltage across the col- 
lector resistor. A small variation in the base current produces a larger variation 
in the collector current. The output voltage is an enlarged version of the input, 
except that it is reversed in phase. We say that the output is 180 degrees out of 
phase with the input, called phase inversion. The output is a DC signal, but to 
convert it to AC we pass it through a capacitor to the load. All amplifiers gen- 
erally work like this. 
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FIGURE 3.18 Simple BJT amplifier and how it works. 


Switches 


As a switch, the transistor output current is turned off or on by the smaller 
input current or voltage. A small input signal can switch a larger output cur- 
rent off and on. Switching transistors can switch very fast (in less than nano- 
seconds). Figure 3.19 shows a MOSFET switch. If the input voltage on the 
gate 1s zero, the MOSFET does not conduct. It acts like an open or off switch. 
The output then is just the supply voltage (+V) as seen through the resistor. 

Now, 1f we apply voltage to the gate above a certain threshold level, the 
MOSFET will conduct. It acts like a closed or on switch so current flows in 
the resistor. The output 1s a very small value near zero. Figure 3.19 also shows 
what the inputs and outputs look like with a square wave applied. 


Integrated Circuits 


An IC is also called a chip. It is a complete circuit made on a single chip of 
silicon. All the components are made at the same time and interconnected to 
form an amplifier, microcomputer, memory, oscillator, radio transceiver, or 
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FIGURE 3.19 Simple MOSFET switch and how it works. 
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FIGURE 3.20 Typical integrated circuit today. This one is a dual-satellite TV tuner for set-top 
boxes. The size is only 7 X 7mm. The pins are soldered to a printed circuit board. (Courtesy NXP 
Semiconductor.) 


whatever the function. The IC is then connected to DC power and it works. All 
you do is apply the inputs, and new outputs are produced according to what the 
IC function is. Most circuits today are ICs. 

There are all sizes and types of ICs. There are linear circuits for analog sig- 
nals, digital circuits for binary signals, and mixed signal IC for both analog and 
digital signals. There are small [Cs that are just an amplifier or logic circuit. 
Then there are even larger circuits like a computer memory or a microproces- 
sor that is the heart of every computer. Finally, there are complete systems on 
a chip (SoC). Each year, it is possible to make the components on a silicon 
chip smaller so you can put more on a chip economically. That is why we have 
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iPods, cell phones, and other really small devices that in the past would have 
been huge pieces of equipment. Figure 3.20 1s representative of ICs today. 

There are lots of other electronic components but these are the main ones. 
A few others are introduced in later chapters. 


While this book attempts to get you thinking about the big picture—the systems 
rather than the individual components—we cannot ignore discrete components 
completely. Well, actually we can, but you may be curious and want to have a 
bit more involvement with them. If so, the projects to follow will show you how 


individual parts are used. The circuits presented here are trivial compared with the 
sophisticated technology you use every day, such as big-screen LCD HDTV sets, 
laptops, cell phones, and your wireless Internet broadband router. Feel free to skip 
these if you wish. 


Project 3.1 


Setting Up a Simple Lab 

If you want to play around with some components just to get the feel for how 
it used to be, you need to set up a simple lab. If you performed the previous 
projects, you already have a multimeter. Now you will need a way to interconnect 
parts in circuits and a power source. 

The power source can be four AA cells in a holder. This will provide DC volt- 
age to power the circuits. Or you can use a common 9-volt battery. A battery clip 
with leads will allow you to connect the battery to the circuit. 

Next you will need a breadboard. This is a connector socket with multiple 
holes in it like that shown in Figure 3.21. You plug the wire leads of the compo- 
nents into the holes to connect them to one another without soldering them. 

Then you will need some components such as resistors, capacitors, and tran- 
sistors. In this project, the goal is to get the battery and the breadboarding socket. 
The remaining projects for this chapter are circuit experiments. 

You can get the breadboard from a local Radio Shack or from a mail order 
house like Jameco. There are usually two sizes, large and small. The small one is 
adequate. Figure 3.21 shows a larger one. 

Get a battery holder that will take four AA batteries. Again, Radio Shack or 
Jameco are good sources. Some battery holders also have an on/off switch but it 
is not necessary. They will have two leads for connecting the battery to the circuit. 
The 9-volt battery clip is shown in the figure. 

Once you get the parts, put the AA cells into the holder so that you connect 
the negative end (—) of one battery to the positive end (+) of the next so that the 
cells will be in series. That way their voltages will add together. The circuit should 
look like that in Figure 3.22. 

Next, test the battery. Using your multimeter on the DC ranges, and measure 
the voltage across the battery holder wires. What do you get? You should read 
6 volts or a bit more. The 9-volt battery should, of course, measure 9 volts. 

Now you are ready for a few additional component projects. 


(Continued) 


Project 3.1 (Continued) 


FIGURE 3.21 Common breadboarding socket for building prototypes or just experimenting. 
(Courtesy Global Specialties.) 
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FIGURE 3.22 Measuring battery voltage with multimeter. 
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Project 3.2 
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FIGURE 3.23 This is the circuit used to light an LED and how to wire it on the breadboard. 


Project 3.2 (Continued) 


Now, wire up the circuit in Figure 3.23. A pictorial is shown in the figure as well. Be sure to get the LED leads connected correctly, for 
if not, you will zap it. See the wiring details in the figure. 

The resistor is needed to control or limit the current so that you do not blow out the LED. A value of 220 ohms is a good one if you 
use the 6-volt battery. The color code for that resistor is red-red-brown-gold. If you are using the 9-volt battery, use a 330-ohm resistor 
(orange-orange-brown-gold). 

Wire the circuit and connect the battery. The LED should light. Now you are an electronic circuit genius. 


Project 3.3 


Capacitors 
Capacitors store a charge and then release it. The charge is stored energy. You charge the capacitor by applying a voltage to it. Then you 
discharge the capacitor by connecting it to a load like a resistor. This brief project will illustrate that idea. 


You will need the following parts from Radio Shack or another source. Get a 100-K ohm resistor (color code brown-black-yellow-gold) 
and a 100-uF (microfarad) electrolytic capacitor. This capacitor is polarized, meaning that you have to observe the polarity of the voltage 
applied to it. The wire leads are usually marked with either a + sign, or sometimes with a — sign. 

Wire the circuit shown in Figure 3.24 on the breadboarding socket. Do not initially connect the positive lead of the battery to the resis- 
tor. Connect your multimeter across the capacitor. Now connect the 6 volts (or 9 volts) from the battery supply as indicated when you are 
ready to start charging the capacitor. You should see the voltage begin to rise slowly. It should take about 50 seconds for the capacitor to 
fully charge to 6 (or 9) volts. 

Now disconnect the battery's positive lead. The capacitor retains the charge, as you should see on the meter. It will probably begin to 
drop slowly as it discharges into the meter. 

Now use the capacitor as a voltage source. Connect the capacitor to the resistor and LED you used earlier as shown in Figure 3.24. The 
capacitor will discharge quickly and you should only see the LED blink briefly. To see it again, recharge the capacitor and repeat. 
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The Systems versus Components View of Electronics 
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FIGURE 3.24 Circuits for charging and discharging capacitor and respective wiring. 
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Project 3.4 


Transistor Switch 
A transistor makes a good switch, especially a MOSFET. And it is easy to use. This 
project demonstrates how the MOSFET can be used to turn the LED off and on. 

Acquire a MOSFET, such as the IRF510 or its equivalent. Then build the circuit 
shown in Figure 3.25. Be sure to follow the guidelines for wiring the transistor. 
Use the LED and 220- (or 330-) ohm resistor that you used before. 

Now, connect the battery. Touch the wire from the gate on the MOSFET to the 
+6 volt or +9 connection like on the resistor. This will turn the transistor on and it 
will act as a switch to turn on the LED. Disconnect the gate from +6 volts and the 
transistor switch goes off, turning off the LED. 
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FIGURE 3.25 Circuit that turns an LED off and on with MOSFET and wiring. 


Chapter 4 


Electronic Circuits: 
Linear/Analog 


The Building Blocks of Electronic Equipment 


In this Chapter: 


e Linear circuits defined. 


e Types of linear circuits. 
e Characteristics and specifications of the most common linear circuits. 


INTRODUCTION 


The basic building blocks of electronic equipment are individual circuits made 
up of transistors, resistors, capacitors, and sometimes transformers, inductors 
or other components. It used to be that circuits were made up of individual 
discrete components that were wired together on a printed circuit board. But 
today, most electronic circuits are in integrated circuit (1C) form or more likely 
multiple circuits are already combined on a single silicon chip to create a 
larger circuit, sub-system or system on a chip (SoC). 

While most circuits are ICs there are still some cases where discrete compo- 
nents are necessary or desirable. The most common examples are high voltage 
or high power circuits that would burn up a tiny silicon chip. Discrete compo- 
nents have not gone away entirely and you will find some of them external to an 
IC such as larger capacitors or inductors that just cannot be easily integrated on- 
to a chip or transistors that can handle higher voltage or power. As mentioned 
before, we are not going to talk about the make-up or operation of individual cir- 
cuits, Instead, this book treats circuits as just building blocks with an input and 
an output that process the input in some way to create a new, different output. 


LINEAR CIRCUITS 


There are two basic types of circuits, linear and digital. Digital circuits are cov- 
ered in the next chapter. Linear circuits are those circuits that process analog 
signals. Recall that analog signals are those that vary smoothly and continuously 
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over time in contrast to pulse and digital signals that are voltages that switch off 
and on very fast. Analog signals are like sine waves, voice signals, video sig- 
nals, radio waves, and voltages from sensors like a temperature transducer. DC, 
either a constant value of voltage or one that is varying, is also an analog signal. 

A linear circuit is one whose output is proportional to its input. See Figure 4.1. 
Its so-called response is a straight line or what a mathematician would call a 
linear function. The best example of this is the amplifier where its output is 
proportional to its input so that it accurately reproduces the input faithfully but 
at a higher voltage or power level. In the figure, with 0.4 volt input you get 
4 volt output. That means the amplifier has a gain of 10. Linear circuits do not 
distort the signal. This chapter covers linear circuits with most of the emphasis 
on amplifiers since that is the largest category of linear circuits. And as it turns 
out, most other types of linear circuits are just amplifiers connected in different 
ways to give different processing results. 


Amplifiers 


The basic block diagram symbol for an amplifier is a triangle. See Figure 4.2. 
It has an input and an output. Amplifiers also have one or more DC inputs as 
well. This DC from a battery or other power supply is what powers the circuit 
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FIGURE 4.1 Linear circuit has a straight-line response. As input varies, output varies by factor 
of 10 larger, producing straight-line output. 
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DC inputs 


FIGURE 4.2 Block symbol for amplifier. Gain, A, is often given. DC power inputs are not usu- 
ally shown. 
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and it is this DC that is ultimately converted into the new, larger output signal. 
In most cases the DC inputs are not shown in a block diagram. The ampli- 
fier processes the input to create an output of the same shape but at a larger 
amplitude. 

The primary characteristic of any amplifier is its gain. The gain (usually 
represented by A) is simply a number equal to the ratio of the output to the 
input. 

k= Output 
Input 


If the output is 4 volts and the input is 0.4 volt, the gain is simply: 


4 


ÅA = [S 
0.4 


10 


The amplifier multiplies the input by 10 to get the output. 
Output = 10 X Input 


Classifying Amplifiers 


The amplifier is the most common linear circuit. There are so many different types 
of amplifiers that we divide them up into different types to distinguish one from 
another. And there are multiple ways of doing this. Here are the most common. 


Small Signal versus Large Signal 


Small signal amplifiers are those that, as the name implies, only amplify small 
signals which are those roughly below about 1 volt. Small signal amplifiers 
amplify millivolt, microvolt, or nanovolt signals. Large signal amplifiers 
amplify larger signals and typically amplify the power of a signal rather than 
the voltage. These are called power amplifiers (PAs). 


Frequency Classification 


Amplifiers are also categorized by the frequency of the signals they amplify. 
Some examples are DC amplifiers, audio frequency (AF) amplifiers, interme- 
diate frequency (IF) amplifiers, video amplifiers, radio frequency (RF) ampli- 
fiers, and microwave amplifiers. 


Configuration Classification 


The two main configurations are single-ended and differential. A single-ended 
amplifier is one in which the input and output are referenced to a common 
ground. These amplifiers have two inputs, one is the signal and the other is 
ground. See Figure 4.3A. Normally only the input is shown as the ground is 
just assumed to be there. 
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A differential amplifier has two inputs as Figure 4.3B shows. These are 
usually called the inverting (—) and the non-inverting (+) inputs. Both inputs 
are referenced to ground. The amplifier is called a differential amplifier 
because it actually takes the mathematical difference between the two inputs 
and amplifies the result. One input is subtracted from another, then the differ- 
ence is amplified by the gain A. The formula for this operation is: 


Output = (Input 2 — Input 1) x A 


Differential amplifiers have one neat feature in that any signal common 
to both inputs like noise is automatically canceled out. This feature is widely 
taken advantage of in very small signal amplifiers used in memory chips and 
high gain amplifiers that amplify small signals from sensors. Noise that is 
picked up simultaneously on both inputs simply subtracts itself out without 
bothering the desired small difference signal. 


Classification by Class of Operation 


One way to categorize amplifiers is to designate the conduction of the tran- 
sistors in the amplifiers. The primary classes are A, B, AB, C, D, E, and F. 
There are a few others but these are the most common. Class A amplifiers 
conduct continuously. We say that the amplification occurs over the full 360 
degrees of a sine wave cycle. See Figure 4.4. Note: The small t on the wave- 
forms means time as the voltage is varying over time. 


FIGURE 4.3 Single-ended (A) and differential input (B) amplifiers. Inputs and outputs are refer- 
enced to ground. 
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FIGURE 4.4 Class A amplifier conducts continuously. 
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Class B amplifier transistors only conduct for half a cycle or 180 degrees of 
a sine wave. See Figure 4.5. Such an amplifier seems useless since 1t distorts 
the signal. But if you combine two transistors, one to amplify positive cycles 
and the other to amplify negative cycles, then combine the two, the complete 
wave is amplified. Such an amplifier is called a push pull amplifier. The ben- 
efit of this arrangement is that the circuit is more efficient. 

Class AB amplifiers are a variation of the class B. Class B amps do add a 
little distortion to the signal around the point where the sine wave crosses zero. 
This is caused by the transistors not turning on and off precisely at the zero 
point. This glitch shown in Figure 4.5 is called crossover distortion. To get rid 
of that, class AB amplifiers allow some small current to flow continuously. 
The result is less distortion but a little less efficiency. 

Class C amplifiers are for RF signals and are usually power amplifi- 
ers. They only allow the transistor to conduct for less than 180 degrees of a 
sine wave input, usually 90 to 150 degrees. It produces massive distortion. 
However, the amplifier output is made up of an inductor and capacitor (LC) 
tuned circuit that oscillates at the operating frequency and removes the distor- 
tion. These amplifiers are very efficient. 
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FIGURE 4.5 Class B amplifier conducts half the time, making it more efficient. 
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FIGURE 4.6 Class C amplifier only conducts for part of a half cycle, but the current pulse stim- 
ulates resonant tank circuit that oscillates at desired frequency. 


In a class C amplifier the MOSFET acts like a switch that is turned off and 
on by the input signal, usually a sine wave. See Figure 4.6. When the MOSFET 
is on the capacitor charges up to the DC supply voltage and current flows in the 
inductor creating a surrounding magnetic field. When the transistor turns off, the 
inductor and capacitor begin to exchange energy and set up an oscillation at 
the resonant frequency of the LC circuit. This is called a tank circuit. The result is 
that the energy stored in the tank circuit produces the amplified sine wave output. 

Another way of looking at this 1s that the transistor switch distorts the input 
creating a pulse waveform that contains lots of harmonics. The tank circuit acts 
like a selective band-pass filter that lets the fundamental sine wave pass while 
the harmonics are filtered out. 

Don’t forget the Fourier theory and harmonics. Remember that a harmonic 
is an integer multiple of a fundamental sine wave. If the fundamental sine wave 
is 20 MHz, the 2nd harmonic is 40 MHz, the 3rd harmonic is 60 MHz, the 4th har- 
monic is 80 MHz, and so on. Any non-sine wave signal, like a half sine wave, square 
wave, or pulse is said to be made up of the fundamental sine wave added to multiple 
harmonics. A distorted sine wave has the fundamental sine wave in it but also har- 
monics. This concept is called the Fourier theory after the French mathematician. 

Class D amplifiers are a special class called a switching amplifier. It is 
made up of transistor switches rather than a real linear amplifier. This ampli- 
fier chops the input analog signal into high-frequency pulses with a varying 
width. See Figure 4.7. This process is called pulse width modulation (PWM). 


Electronic Circuits: Linear/Analog 


+V] 


Comparator 


Low-pass filter 


Speaker 


Triangle-wave 
generator 


Audio input signal 


Voltage 


Time 


+V 


Comparator output 


(PWM) 
Voltage 


© i L 1 1 1 1 1 1 Time 


FIGURE 4.7 Class D amplifier uses PWM at higher frequency to switch higher voltages for 
greater output. Class D amplifiers are more efficient than any other type, and thus do not produce 
as much heat. 


The sine wave audio signal to be amplified is sent to one input of a special 
amplifier called a comparator along with a higher-frequency triangle wave. 
The comparator output switches when the triangle wave and sine wave values 
are equal. The resulting PWM signal is then fed to MOSFET switches to make 
the signal bigger. The higher amplitude output it then filtered back into an ana- 
log signal by a low-pass filter made up of a capacitor and inductor. Most class 
D amplifiers are audio power amplifiers whose load is a speaker or headphone. 
For low power less than a few watts, all the circuitry is in a single IC. For 
higher power, the MOSFETs are larger external devices. 

The big benefit of switching amplifiers is that for a given output power 
they are very efficient. Whereas a class AB amplifier may only be 20 to 30% 
efficient, the class D is over 90% efficient. This means that the amplifier can 
be smaller and use less power and dissipates less heat. Class D amplifiers are 
great for portable battery-operated devices like MP3 players and cell phones. 
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Classes E and F are special switching amplifier variations used at RF fre- 
quencies only. Like the class C amplifier, they use LC circuits to filter out the 
harmonics they produce. They are very efficient. 


Operational Amplifiers 


There are many special types of amplifiers. The most widely used is the opera- 
tional amplifier or op amp. This is a versatile high-gain DC differential ampli- 
fier that can be configured with external resistors, capacitors, diodes, etc. to 
perform a wide variety of amplification functions. The op amp may be the 
most widely used type of amplifier because of its versatility. 

Figure 4.8 shows the most common op amp configurations. In most cases, 
the resistors are external to the IC amplifier. Note that the gain is determined 
by the values of the external resistors. Note formulas for gain (A). 
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FIGURE 4.8 Most commonly used op amp circuit configurations. (A) Inverting amplifier. 
(B) Noninverting amplifier. (C) Follower. (D) Differential amplifier. 
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A variation of the op amp is the instrumentation amp. See Figure 4.9. It is a 
combination of multiple op amps that make it very useful in industrial applica- 
tions such as amplifying small signals from sensors. Again the gain is deter- 
mined by the resistor values. You can make this amplifier from individual op 
amps but usually you just buy it as a single integrated circuit. The external 
resistor sets the gain. 

A variable or programmable gain amplifier is one whose gain can be con- 
trolled from an external DC input. 


Amplifier Specifications 


While you really do not need to know much about what the circuitry in an 
amplifier IC is, you do need to understand the specifications. Here are the most 
common specifications to look for. 

As mentioned before, gain is the primary amplifier characteristic. It is usu- 
ally a voltage or power ratio, depending on the type of amplifier. 


Voltage gain is output voltage over input voltage: Av = = 
1 


Power gain is output power over input power: Ap = — 


Many amplifiers have their gain expressed in decibels (dB). A dB is a gain 
measurement based on a logarithmic scale rather than a linear scale. This has 
the advantage of being able to express large and small gains in smaller numbers. 
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FIGURE 4.9 Instrumentation amplifier widely used to amplify small sensor signals in industrial 
applications. 
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And gains of multiple stages can be added rather than multiplied. To calculate 
dB gains you used these formulas: 


Voltage gain: dB = 20 log (Av) 

Power gain: dB = 10 log (Ap) 
In these formulas, log means the common (base 10) logarithm of the 
voltage or power gain. The logarithm (log) is easy to find using a scientific 


calculator. 
For example, a voltage gain of 50 expressed in dB is: 


dB = 20 log 50 = 20 (1.7) = 34 dB 


A power gain 300 expressed in dB is: 
dB = 10 log 300 = 10(2.5) = 25 dB 


Input Impedance 


Input impedance is the load seen by the signal source to the amplifier. It is usu- 
ally resistive but typically also has some capacitance across it. Figure 4.10A 
shows an equivalent circuit of an amplifier. Note the input resistance. That is 
the input impedance. It may be as high as several megohms or could be as low 
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FIGURE 4.10 Amplifier input impedance (A) and output impedance (B). 
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as, say, 5O ohms. Usually the higher the better for voltage amplifiers but not for 
power amplifiers. 


Impedance 


The term impedance means opposition to current flow. It is actually the combined 


opposition offered by resistance plus any capacitive or inductive reactance. If 
there is no reactance, the impedance is just the resistance so the two terms can be 
used interchangeably. Impedance is represented by the letter Z. 


Output Impedance 


Amplifiers act as signal generating sources because they essentially just create 
a new higher voltage or higher power signal with the same shape as the input. 
They appear as a signal generator to the next circuit or load. Figure 4.10B 
shows the amplifier as a generator shaped as a diamond. It has an internal 
impedance or series resistance called the output impedance. It is not a real 
resistor but it is there and it appears in series with whatever load is connected 
which may be another amplifier or something else. 

Figure 4.11 shows the amplifier connected to another amplifier. Note that 
the output impedance for amplifier A, and the load form a voltage divider so 
some of the amplification is lost to the voltage divider effect. The input imped- 
ance of A, is the load for the output impedance of A). 


Cascading Amplifiers 


If an amplifier does not have enough gain, then multiple amplifiers can be cas- 
caded one after the other to give the needed gain. One amplifier amplifies the 
output of the next and so on. See Figure 4.12. To calculate the overall gain of 
an amplifier you just multiply the gains as shown in the figure. This procedure 
assumes that one amplifier does not load the next. That is, the output imped- 
ance of each amplifier is assumed to be zero and the input impedance of the 
next amplifier is assumed to be infinite. That way, there is no voltage divider 
effect that lowers the gain. 


Input Output 


Z, and Z; form a voltage divider that 
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FIGURE 4.11 When one amplifier feeds another, input and output impedances form a voltage 
divider that attenuates the signal and offsets some of the gain. 
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FIGURE 4.12 Cascading amplifier provides more gain. Total gain is product of individual gains 
or sum of dB gains. 


If the amplifier gains are given in dB, you just add the dB figures to get the 
total gain. 


Efficiency 


Efficiency is the ratio of the output power to the input power expressed as a 
percentage. 


% Eff = oe Xx 100 
Pi 


An amplifier takes the DC supply voltage and converts it into the AC out- 
put. The efficiency expresses how well the amplifier does this. Any lost power 
usually gets converted to heat which is not good. Nevertheless, some heat will 
always be generated just because electronic circuits are not perfect. High effi- 
ciency is a good thing of course, but often efficiency is traded off for better 
linearity, fidelity, and lower distortion of the signal. 

Class A amplifiers have the poorest efficiency commonly in the 10 to 30% 
range. Classes B and AB are more efficient in the range of 50 to 70%. Class 
C amps have an efficiency of 70 to 85%. Class D amplifiers are the best with 
efficiencies in the 80 to 95% range. 


Frequency Response 


This is a measure of the range of frequencies that amplifiers cover. DC amplifiers 
may only cover DC up to about a few hundred Hz. Audio amplifiers may cover 
voice frequencies from 300 to 3000 Hz or stereo amps that cover 20 Hz to 20 kHz. 
IF amplifiers may only cover a specific band, say, 455kHz, 9MHz, 45 MHz, 
70MHz, or some other popular IF value. Op amps amplify signals from DC up 
to some very high frequency as high as several hundred MHz in some cases. 

RF amplifiers cover high radio frequencies from a few MHz up to micro- 
waves from | to 100 GHz. Their frequency and range of coverage is usually set 
by a filter or LC tuned circuit. 
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FIGURE 4.13  Frequency-response curves show output versus input frequency. Curve in (A) is 
response of op amp that extends from DC to 5-MHz cut-off frequency. Curve in (B) is response of 
common stereo audio amplifier. 


Figure 4.13A shows the response curve for an op amp with an output down 
to DC and up to the cut-off frequency (fke) or SMHz. Figure 4.13B is the 
response curve of a stereo amplifier with a range of 20 Hz to 20 kHz. 


Output Capability 

This specification indicates the range of output signals the amplifier is capa- 
ble of. It is usually stated as a maximum voltage swing or as a maximum 
amount of output power. In both cases, the maximum output is usually given 
for a given value of load resistance. For example, an op amp may be capable 
of producing an output of +12 volts across a 2K load. A power amplifier may 
produce a maximum output of 10 watts across an 8ohm speaker load or, say, 
50 watts across a 50ohm antenna load. 


Filters 


A filter is a frequency sensitive circuit that is designed to pass some frequen- 
cies, but reject others. There are various ways of making filter circuits that will 
accept some frequencies, but greatly attenuate others. There are literally thou- 
sands of applications for such circuits. But the main use of filters is to retain a 
desired signal, but eliminate interference and noise. 

There are four basic types of filters: low-pass (LPF), high-pass (HPF), band- 
pass (BPF), and band-reject (BRF). The names, of course, tell their function. 
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A low-pass filter (LPF) is a circuit that passes all frequencies between DC 
and some upper cut-off frequency (flo). All frequencies above the cut-off fre- 
quency are rejected. Figure 4.14A shows the response curve of an LPF. This is 
a plot of the filter output amplitude versus frequency. Note the gradual slope 
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FIGURE 4.14 Four common filter types and their response curves and symbols. (A) Low-pass. 
(B) High-pass. (C) Band-pass. (D) Band-reject or notch. 
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as signals above the cut-off frequency (f.) are reduced in amplitude. The block 
symbol is how LPF is represented in some diagrams. 

A high-pass filter passes frequencies above the cut-off and greatly attenu- 
ates those below the cut-off. Figure 4.14B shows the ideal response curve of 
an HPF. Note the HPF symbol. 

Band-pass filters (BPF) pass a certain range of frequencies, but reject all 
those above and below that range. Figure 4.14C shows the practical response 
curve of a BPF. Note that there are two cut-off frequencies, one above and one 
below the center frequency f,. The difference between the upper and lower cut- 
offs is called the filter bandwidth (BW): 


BW =f, -f 


This is the range of frequencies passed. Again note the schematic symbol 
for a BPF. 

Figure 4.14D illustrates the curve for a band-reject or notch filter. It 1s used 
to eliminate one single frequency and those close around it. 

Note in the block symbols in Figure 4.14 that each has three waves repre- 
senting high, middle, and low frequencies. The wave with the slash through it 
means that these frequencies are cut out or greatly attenuated. 

Filters can be implemented in many ways. Resistor and capacitor (RC) 
filters are common as are inductor and capacitor (LC) filters. You can make 
filters with op amps called active filters. Other filters are made with mechani- 
cal vibrating elements, a ceramic or quartz crystal, or a special surface acoustic 
wave (SAW) filter. Many filters today are made with digital signal processing 
(DSP). These will be discussed in Chapter 6. 


Oscillators 


An oscillator is a circuit that generates a signal. It is usually a sine wave or a 
rectangular wave. The electronic symbols used to represent an oscillator are 
given in Figure 4.15. 

The main specification of an oscillator is its output frequency. Most oscil- 
lators have a fixed frequency but there are oscillators whose frequency can be 
varied. A tunable frequency oscillator is called a variable frequency oscillator 
(VFO). You can often tune it by turning a knob that varies a capacitor or induc- 
tor to change the frequency. Some oscillators are tuned by an external voltage. 
These are called voltage-controlled oscillators (VCOs). By varying the value 
of a DC input voltage, the frequency is changed. 

The frequency of an oscillator is set by some frequency determining ele- 
ment or circuit. That circuit may be made up of resistors and capacitors (RC), 
inductors and capacitors (LC), or a crystal. A crystal is a thin piece of quartz 
that can be made to vibrate at a very precise frequency. It maintains its fre- 
quency very closely unlike RC or LC networks that can drift with temperature 
or change from vibration or other conditions. Crystals come in a small metal 
package and are used to set the frequency in most oscillators today. 
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FIGURE 4.15 Types of oscillators and their symbols. (A) Sine wave. (B) Rectangular pulse. 
(C) VCO. (D) Crystal clock oscillator. 


A special type of oscillator is called a clock oscillator. It is used as an accu- 
rate time and frequency source. The frequency determining element is usu- 
ally a quartz crystal that vibrates at a precise frequency and is very stable. The 
clock signal is used to operate all the circuits in synchronism. An example is 
the clock oscillator in a PC that sets the speed of calculations. Sometimes you 
will see a quartz crystal (XTAL) symbol drawn with the oscillator symbol to 
illustrate this. See Figure 4.14D. 


Mixers 


A mixer is a circuit that takes two input signals and mixes them in a special 
way to produce new output signals. There are two types of mixers, linear and 
non-linear. 

A linear mixer is one that takes the input signals and just adds them 
together. You can do this with some resistors as shown in Figure 4.16A. The 
sum of both input signals appears across the output resistor. 

You can also make a linear mixer with an op amp as shown in Figure 4.16B. 
This op amp circuit is called a summer. Setting the resistor values allows you 
to mix and add gain at the same time. A good example of a linear mixer is 
those used by musicians so they can mix the outputs from microphones and 
musical instruments so they can all be amplified as one by the power amplifi- 
ers that drive the speakers. Note the variable resistors called pots that are used 
as amplitude or volume controls. 

A non-linear mixer takes two input signals and effectively multiplies them 
together. The result is that the mixer produces four output signals. Figure 4.17 
shows the symbol for a mixer. The inputs are frequencies | and 2 or f} and f. 
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FIGURE 4.16 Linear mixing with resistors (A) or an op amp summer (B). 


Outputs 


FIGURE 4.17 Non-linear mixer used to generate higher and low frequencies. 


The mixer outputs are f4, f2, and (f, + fp) or the sum, and (f, — f») the differ- 
ence. The sum and difference frequencies are the ones of most interest. Usually 
a filter is used at the output of the mixer to select the desired frequency and 
eliminate the others. If the lower difference frequency is selected, the mixer 
is often called a down converter. If the sum frequency is selected, the mixer is 
called an up converter. The mixer is a way to translate a frequency to another 
higher or lower frequency that is better for processing. Any signal amplitude 
or frequency variations on the inputs are accurately carried through to the new 
output frequency. 


Phase Detector 


A phase detector is a mixer-like circuit that puts out a signal that is propor- 
tional to the phase difference between two input signals of the same frequency. 
See Figure 4.18. A phase shift is a time difference between two signals of the 
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FIGURE 4.18 Phase detector converts phase shift into proportional DC average. 


same frequency. We sometimes need to know how much phase shift is present. 
The phase detector produces a series of output pulses whose width is pro- 
portional to the phase difference. Passing the pulses through a low-pass filter 
smoothes them into a proportional DC voltage. 


Filtering Pulses into DC 


A common occurrence in electronic circuits is the filtering of pulses into a DC 
voltage. You saw this back in Figure 3.15 where positive pulses from a sine wave 
rectifier are smoothed into a DC voltage. It is the capacitor that charges up and 


stores the pulse voltage. Then between pulses the capacitor discharges into the 
load maintaining a near constant DC voltage. The low-pass filter usually includes 
a Capacitor so performs the same function in the phase detector of Figure 4.18. 
The output is a proportional average DC output. 


Phase-Locked Loops 


The phase-locked loop (PLL) is a frequency- and phase-sensitive feedback 
control circuit. It consists of three major parts: a mixer or phase detector, a 
low-pass filter (LPF), and a voltage-controlled oscillator (VCO), as shown in 
Figure 4.19. The signal from the VCO is compared to the input signal. If there 
is a frequency (or phase) difference between the two, an error signal is gener- 
ated. This error signal is filtered by the LPF into a varying DC level and is 
used to control the VCO frequency. This is the feedback signal. 
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FIGURE 4.19 Phase-locked loop. 


If the VCO frequency, f,, differs from the input reference signal frequency, 
fo the f. the phase detector sees this as a phase shift. This causes the phase 
detector to produce an error signal. This error signal is filtered into a varying 
DC signal that is used to control the VCO. 

The VCO can be either a sine wave oscillator or a rectangular wave oscil- 
lator depending upon the desired waveshape of the output. In either case, the 
VCO output frequency is made directly proportional to the DC control voltage. 
There is a linear voltage-to-frequency relationship in the VCO. This means 
that changing the control voltage produces a proportional change in output fre- 
quency. If the voltage goes up, so does the frequency. 

Now if an input reference signal whose frequency is near that of the VCO 
is applied to the PLL, the phase detector will produce an output voltage pro- 
portional to the frequency difference. This signal is filtered and the resulting 
DC control voltage is applied to the VCO. The control voltage is such that it 
forces the VCO frequency to move in a direction that reduces the error signal. 
This means that the VCO frequency will change until it 1s equal to the input 
reference signal frequency. When this happens, the two signals are synchro- 
nized or “locked.” The phase difference causes the phase detector to produce 
the DC voltage at the VCO input to keep the PLL locked to the input signal. 

If the input reference signal changes, then the phase detector will recognize 
a frequency (or phase) difference between the input and the VCO output. As 
a result, the LPF will produce a different DC control signal that will force the 
VCO to change such that it is equal to the new input frequency. As you can see 
then, the PLL will “track” an input signal frequency as it changes. 

The range of frequencies over which the PLL will track an input signal and 
remain locked is known as the lock range. This is a range of frequencies above 
and below the VCO free running frequency. The PLL can track and “lock” to any 
input frequency in this range. If an input signal out of the lock range is applied, 
the PLL will not synchronize. 

If the input signal is initially outside of the lock range, the PLL will not 
lock. But, the PLL will jump into a locked condition as soon as the input fre- 
quency gets close to the VCO frequency. In other words, the PLL will “capture” 
the incoming signal if it is close enough to the VCO frequency. Once the input 
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signal is captured, the PLL is locked and will track further changes in the input 
signal frequency. 

The range of frequencies over which a PLL can capture a signal is known 
as the capture range. Like the lock range, it too is centered on the free running 
frequency. But the capture range is narrower than the lock range. The PLL acts 
as a frequency sensitive circuit over a narrow range of frequencies. 

Since the PLL will only capture and lock on to input signals within a cer- 
tain narrow band, the PLL acts like a band-pass filter. For that reason, the 
PLL is an excellent signal conditioner. You can take a noisy input signal or 
one with undesirable interference on it and filter 1t with a PLL. The PLL will 
lock on to only the desired frequency component of the input. The VCO repro- 
duces the input signal at the same frequency but with the noise and interfer- 
ence removed. The PLL not only cleans up a signal but also can track it if its 
frequency changes. 

The PLL is widely used for a variety of purposes. It is used to recover the 
clock signal in some wireless applications. It is used to recover the original 
signal in frequency modulation (FM) radio. It is used to multiply a frequency 
by a fixed factor. It can be used for motor speed control. Almost all electronic 
products of some kind contain a PLL. 


Frequency Synthesizers 


One of the most popular uses of the PLL is in frequency synthesizers. A fre- 
quency synthesizer is a very stable signal source that can be varied over a spe- 
cific range of frequencies in finite increments or steps. Frequency synthesizers 
are used as precision signal generators for test and measurement purposes and 
replace more conventional oscillator circuits as the primary signal sources in 
radio transmitters or receivers. 

The big advantage of a PLL synthesizer is its ability to generate a wide 
range of frequencies with great accuracy and stability by using only a single 
stable signal source. For example, a PLL synthesizer with a single crystal con- 
trolled reference input can readily generate hundreds or even thousands of 
discrete frequencies that are as stable as the crystal reference. By using a syn- 
thesizer as the initial signal source in a transmitter, a wide range of channels 
can be obtained with a single crystal. When many channels must be used, a 
synthesizer greatly reduces the cost since crystals are expensive. 

The synthesizer circuit in Figure 4.20 shows that it is a PLL with a fre- 
quency divider connected between the VCO output and the phase detector. The 
frequency divider is a circuit that divides its input frequency by some whole 
number. For example, the output of a divider with a division factor of 12 and 
an input of 48 MHz is 48/12 = 4MHz. 

The frequency synthesizer PLL also uses a stable, crystal oscillator input to 
the phase detector. This is usually derived from a crystal oscillator. When the 
PLL is locked, the stability and accuracy of the VCO output will be the same 
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FIGURE 4.20 Frequency synthesizer using phase-locked loop. Changing the divider ratio 
changes the frequency. 


as that of the reference input. The frequency divider is usually made so that its 
divide ratio can be changed by setting a switch or changing the control inputs. 
Changing the division ratio changes the output frequency at which the loop 
will lock. 

The reason for this is that the two inputs to the phase detector must always 
be equal in frequency if a locked condition is to be achieved. The reference 
frequency is fixed so the only thing that can change is the VCO output if the 
divider ratio is altered. If the loop is locked, the output of the divider will 
be 24 MHz no matter what the divide ratio is. Therefore, with an output of 
4 MHz, a divide by 6 circuit must have a 24 MHz input. Since the VCO output 
is the divider input, the VCO and synthesizer output will be 24 MHz too. 

As you can see, changing the divide ratio changes the output frequency. In 
this circuit, if the divide ratio is changed in integer values between 6 and 12, 
the output frequencies will be as shown in Table 4.1. With this setup, the out- 
put is switched in 4-MHz increments. 

If the input reference is made 1 MHz, then when the divide ratio is changed, 
the output frequency will step in 1-MHz increments. By carefully selecting the 
reference frequency and the divide ratio, it is possible to synthesize practically 
any range of frequencies in many increments from subaudio to microwave. 

Note one final fact about the PLL circuit in Figure 4.20. If the reference is 
considered the input, and the VCO is considered the output, then the PLL is 
acting as a frequency multiplier. Here the output is 12 times the input. You will 
occasionally see the PLL used as a frequency multiplier in some applications. 

The PLL synthesizer is a very versatile circuit. It is commonly available in 
integrated circuit form. PLL frequency synthesizers are used in TV channel 
selectors, stereo receivers, CB radios, cellular telephones, and other two-way 
radios. In such equipment the divider ratio is supplied by an input keyboard or 
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TABLE 4.1 PLL Divide Ratio and VCO Output 


Divide Ratio VCO Output 
24 MHz 
28 MHz 
32 MHz 
36 MHz 
40 MHz 
44 MHz 


48 MHz 


a built-in microcomputer programmed to supply the desired divide factor for a 
selected output frequency. 


Power Supplies 


A power supply is, as its name implies, a source of power to an electronic cir- 
cuit. Most electronic circuits operate from DC as they process AC or DC sig- 
nals. The most common power supply is the one that gets its input from the 
standard AC wall outlet that supplies 120 volts at 60 Hz. This common voltage 
is then converted by the power supply into one or more DC voltages that go to 
operate the TV set, computer, or other equipment. This section discusses the 
main components and circuits of a power supply. 


Batteries 


One of the most widely used power supplies is a battery. A battery is a great 
source of DC by itself and no AC source is needed. Batteries were the very 
first form of voltage sources for electrical circuits and they are still widely 
used today. What would we do without the batteries for our cell phones, iPods, 
cordless telephones, laptop computers, and remote controls? Just remember 
that a special form of power supply is the battery charger that normally uses 
AC to recharge lead-acid, nickel cadmium, nickel metal hydride, and lithium- 
10n batteries. 


Standard Power Supply 


A very common AC to DC power supply is shown in Figure 4.21. It normally 
consists of a transformer that translates the 120 volt AC line voltage into a 
higher or lower voltage as needed by its step up or step down characteristics. 
Today, since most equipment uses ICs, a lower AC voltage is needed. The lower 
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FIGURE 4.21 Typical power supply configuration using bus architecture, regulators, and DC-DC converters to get desired number of outputs. reg, regulator. 
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AC voltage is then converted into a pulsating DC voltage by a rectifier. A rec- 
tifier is one or more diodes that act like polarity sensitive switches to change 
the positive and/or negative sine half cycles into pulses of DC. A filter is then 
used to smooth the pulses into a more constant DC voltage. The filter is usually 
a large capacitor that charges up to the peak of the DC pulses then only dis- 
charges very slowly into the load. 


Regulators 


A regulator is a circuit that maintains a fixed DC output voltage of a desired 
value. The DC produced by the power supply at the filter output will vary over 
a wide range as the AC input line voltage changes. Any changes in the load 
meaning variations in current taken from the supply will also cause the output 
voltage to vary. A regulator absorbs those variations and creates a constant DC 
output suitable for powering ICs and other electronic circuits. Common DC 
output voltages are 3.3, 5, 12, 15, and 24 volts. Other typical DC supply volt- 
ages are 1.2, 1.8, 6, and 48 volts. 

There are two types of regulators, linear and switching. A linear regulator 
inserts a transistor in series between the power supply output and the load. If 
the load varies, circuitry in the regulator adjusts the conduction of the transis- 
tor so that a constant voltage is maintained. It is as if a resistor in series with 
the load forms an adjustable voltage divider. If the output voltage drops, the 
series transistor conducts more to keep the output voltage the same. If the out- 
put increases, the transistor conducts less to decrease the voltage and maintain 
the same value. 

The other type of regulator is the switching regulator. It puts a transistor in 
series with the load as well but the internal circuitry turns the transistor off and 
on at a high rate of speed. By varying the duty cycle (ratio of on to time for 
one period) of the on—off pulses the average DC output may be varied. Then if 
any output voltage changes are sensed, the duty cycle is adjusted to ensure that 
the average output stays the same. 


Duty Cycle and PWM 


The duty cycle is the ratio of the pulse width to the period of a rectangular wave 
as shown in Figure 4.22. The period is the reciprocal of the frequency of the signal 


or T = 1/f. It is constant. The on-time is the duration of the pulse voltage (t). The 
pulse duration can vary depending upon what the application is. If the period is 
50 milliseconds and the pulse on-time is 10 milliseconds, the duty cycle (D.C.) is: 


D.C. = 10/50 = 0.2 x 100 = 20% 


Circuits can be made to change the on-time so that the duty cycle can be 
varied from a few percent to nearly 100%. This is called pulse width modula- 
tion (PWM). It was introduced earlier in the class D amplifier discussion. PWM is 
widely used in switching power supplies like regulators and DC-DC converters. 

(Continued) 
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FIGURE 4.22 Concept of duty cycle and how varying pulse widths can be filtered into a 
proportional DC average voltage. avg, average. 


Keep in mind that if you filter the pulses into an average proportional DC with 
a capacitor or LPF, you can vary the DC from some low value with a low duty 
cycle or some higher value with a higher duty cycle. 


Linear regulators work very well but are not very efficient as they waste 
power in the series transistor. Typical efficiency is 10 to 40%. A switching reg- 
ulator is far more efficient as it is off for a large part of the time. Efficiencies in 
the 70 to 95% range are common. 


DC—DC Converters 


A DC-DC converter is a circuit that does what its name implies. It translates 
one DC voltage to another. It can take the voltage from a 12 volt battery and 
generate several hundred or thousand volts. Or it can take a 4.2 volt battery 
and produce voltages of 3.3 or 2.5 volts and 15 volts. By building one DC 
power supply, several other output voltages can be obtained by using different 
DC-DC converters. 
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Bus-Oriented Architecture 


Many power supplies have what we call a bus architecture. See Figure 4.21. 
The DC power supply produces one main output voltage. That voltage is 
applied to a common DC bus. A bus is just the name for the two + and — DC 
lines that carry the voltage. Then, regulators and DC-DC converters are used 
to generate the voltages needed by the equipment. Again see Figure 4.21. 


Power Management 


Many power supplies today include a circuit that manages the power supply 
voltages. It is usually a single IC that does things like turn on the various DC 
voltages in a power supply in a specific sequence. Some ICs require multiple 
DC voltages and they must be turned on one at a time in a specific sequence. In 
addition, the power management chip does things like monitor current usage. 
If one power supply is not being used, meaning current not being drawn from 
it, that part of the power supply is shut down to conserve power. A good exam- 
ple of this is the power management in a laptop computer or cell phone that 
monitors and controls all DC power to preserve the battery charge for longer 
life. Some other functions performed by power management chips are voltage 
monitoring with voltage alarm if a voltage fails, temperature monitoring, fault 
detection, over voltage or under voltage detection, and power control. Some 
power management chips also have the battery charging circuits built in. Every 
cell phone and laptop has one of these. 


Inverters 


An inverter is a power supply that converts DC into AC. A common unit con- 
verts 12 volts from a car battery into standard 120 volt 60Hz AC. With an 
inverter you can operate common household lights and appliances from a 
battery. 

A special variation of an inverter is the uninterruptible power supply (UPS). 
These are widely used with computers and networks to provide power even 
during loss of AC input from the power line. A battery operates an inverter that 
is used to power the computers and other equipment. If the AC power fails, 
the equipment continues to operate. The battery is continuously charged by a 
built-in battery charger that operates from the AC power line. 


Solar Power System 


Any home or business solar power system is similar to a large UPS (see 
Figure 4.23). It uses the solar panels to charge a bank of batteries that store the 
energy for use later when the sun goes down. The inverters convert the DC into 
standard 120/240 volt AC to power the house. In some cases, unused power is 
sent back to the power grid. 
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FIGURE 4.23 Common DC-to-AC solar power system. 
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Project 4.1 


Build a Kit 

If you are really serious about electronics, then one of the first things you should 
do is build a kit. A kit, in case you really do not know, is a complete package of 
electronic parts to make a specific product. You build it yourself by placing com- 
ponents on a printed circuit board (PCB) and soldering them in place. There is 
no better way to see how electronic products get put together than to handle the 
wide variety of parts. It is a great learning experience. 

There are two main questions to answer about this project. First, what kind of 
kit do you want? Second, can you learn to solder? You will have to answer the first 
question, but as for the second, yes, you can learn to solder. It's not that hard. 

One way to get an overview of the kits available is to obtain catalogs from the 
sources mentioned earlier in this book. You can order a print copy online and see 


the whole range of kits available. Go to: 
All Electronics: www.allelectronics.com 
Elenco Electronics: www.elenco.com 


Jameco: www.jameco.com 

Kelvin: www.kelvin.com 

Ramsey: www.ramseyelectronics.com 

What | recommend is to get a kit related to one of the topics in this chapter. A 
power supply is a great choice, and it will give you a variable DC voltage source 
that you can use in future projects. The same is true for a basic audio amplifier. A 
solar panel kit is a good one also. Most of the companies have lots of radio- and 
wireless-related kits, but save these for the later chapters on wireless products. 

Don’t forget to get a small soldering iron (25 watts or so) with a small tip and 
some solder. You will also need a few hand tools such as a wire stripper, needle- 
nose pliers, side cutters, and a small screwdriver, if you do not already own these. 


Electronic Circuits: Digital 
Practically Everything Is Digital These Days 


In this Chapter: 


Binary number system. 
Logic gates and flip-flops. 


Common combinational and sequential circuits. 
Semiconductor memory. 

Programmable logic devices. 

Analog-to-digital and digital-to-analog conversion. 


INTRODUCTION 


Recall that there are two basic types of electronic signals—analog and digital. 
A digital signal is one that varies in discrete steps. Unlike an analog signal, 
which varies continuously, a digital signal has two levels or states. The signal 
switches or changes abruptly from one state to the other. 

Figure 5.1 shows a DC digital signal that switches between two known lev- 
els such as zero volts or close to it (<0.1 volt) or OV and +3.3 V. The positive 
voltage can be anything between about 1 volt and 12 volts with 3.3 and 5 being 
the most common. 

Digital signals with two discrete levels are also referred to as binary signals. 
Binary means two—two states or two discrete levels of voltage. 

Humans use the decimal number system that represents quantities with digits 
O through 9. However, digital equipment and computers do not. Internally, digital 
equipment processes binary data. 


FIGURE 5.1 Binary signal that represents 0 and 1 as voltage levels. 
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BINARY NUMBERS 


The binary number system is a set of rules and procedures for representing and 
processing numerical quantities in digital equipment. Because the base of the 
binary number system is 2, only two symbols (0 and 1) are used to represent 
any quantity. The symbols 0 and 1 are called binary digits or bits. For example, 
the 6-bit number 101101 represents the decimal number 45. Your understand- 
ing of how digital circuits, microprocessors, and related equipment process 
data is tied directly to an understanding of the binary number system. 

The reason for using binary numbers in digital equipment is the ease with 
which they can be implemented. The electronic components and circuits used 
to represent and process binary data must be capable of assuming two discrete 
states to represent O and 1. Examples of two-state components are switches and 
transistors. When a switch is closed or on, it can represent a binary 1. When the 
switch is open or off, it can represent a binary 0. A conducting transistor may 
represent a 1, whereas a cut-off transistor may represent a O. The representa- 
tion may also be voltage levels. For example, a binary 1 may be represented by 
+3.3 V and a binary 0 by 0 V as previously shown in Figure 5.1. 


Binary-to-Decimal Conversions 


The binary system 1s similar to the decimal system in that the position of a 
digit in a number determines its weight. Recall that in the decimal system the 
weights are powers of 10. The right-most digit is units or 1”s, and then 10’s, 
100’s, 1000’s, and so on, moving from right to left from one digit to the next. 
The position weights of a binary number are powers of 2: 


22 = 1 
21 = 2 
2° = 4 
2? =8 
2* = 16 
2° = 32 
2° = 64 
27 = 128 
2° = 256 


The position weights of an 8-bit binary number follow: 


Bit 2 2 2 a oe 2? an >» 

position 

Weight 128 64 32 16 8 4 2 1 
(MSB) (LSB) 


The most significant digit or bit (MSB) and the least significant bit (LSB) are 
identified. 
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Now let's evaluate the decimal quantity associated with a given binary 
number, 101101. You simply multiply each bit by 1ts position weight and add 
the values to get the decimal equivalent, 45. 


Position weight 32 l6 8 4 2 1 
Binary number 1 0 l l 0 l 


1x1 = 
0x2 = 
1x4 = 
1x8 = 
0x 16 = 
10532 = 
Decimal 45 
equivalent 


UOORh oe 


You can see that positions with a O bit have no effect on the value. 
Therefore, they can be ignored. To quickly determine the decimal equivalent 
of a binary number, simply sum the weights of the positions containing a 1 bit. 
For example, in the number 11101, the weights of those positions with a 1 bit 
from right to left are 1 + 4 + 8 + 16 = 29. 


Using Hardware to Represent Binary Quantities 


Switches are widely used to enter binary data into computers and digital equip- 
ment. If the switch is set to the up position, a binary 1 is represented. If the switch 
is down, a binary O is represented. The switch contacts can be open or closed 
depending on the circuit in which the switch is connected. Figure 5.2 shows a 
group of slide switches set to represent a binary number, 11000101 or 197. 

Indicator lights such as light-emitting diodes (LEDs) are sometimes used 
to read out binary data in digital equipment. An “on” light is a binary | and an 
“off” light is a binary 0. See Figure 5.3. The decimal value being represented 
by the display is 178. 


Decimal-to-Binary Conversions 


You may find it necessary to convert decimal numbers into their binary equiv- 
alents. This can be done by dividing the decimal number by 2, dividing the 
quotient by 2, dividing that quotient by 2, and so on, recording the remainders 
until the quotient is zero. The remainders form the binary equivalent. 


“ARBEEREE 


FIGURE 5.2 Off/on switches are used to enter binary data into digital circuits. 
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128 64 32 16 8 4 2 1 
0000000090 
FIGURE 5.3 How lights or LEDs are used to represent binary data. 


In the following example, we convert the decimal number 57 to its binary 
equivalent. 


Quotient Remainder 
57+2=28  1(LSB) 
28+2= 14 0 
14+2=7 0 


12=22=3 1 
3I=2=1 1 
1-2=0 1 (MSB) 


You can always check your work by reconverting the binary number back to 
decimal using the procedure described earlier. Also, keep in mind that some sci- 
entific calculators can do binary-to-decimal and decimal-to-binary conversions. 

Another name for a binary number is binary word. The term word is more 
general. It refers to a fixed group of bits that can mean numbers, letters, or 
special characters and codes. We say that digital equipment processes binary 
data words. 

All digital circuits and microcomputers work with a fixed-length binary 
word. A common binary word length in microcomputers and other digital 
equipment is 8 bits. All data storage, processing, manipulation, and trans- 
mission are carried out in 8-bit groups. Word lengths of 4, 8, 12, 16, 32, and 
64 bits are common in digital equipment. 

An 8-bit word is usually called a byte. In data communication applications, 
an 8-bit word is sometimes called an octet. A 4-bit word is sometimes referred 
to as anibble. 


Maximum Decimal Value for N Bits 


The number of bits in a binary word determines the maximum decimal value 
that can be represented by that word. This maximum value is determined 
with the formula: 


M= 2% -1 


where M is the maximum decimal value and N is the number of bits in the word. 
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For example, what is the largest decimal number that can be represented by 
4 bits? 


M = 2N -1=16-1=15 


With 4 bits, the maximum possible number is binary 1111, or decimal 15. 

The maximum decimal number that can be represented with 1 byte is 255 
or 11111111. An 8-bit word greatly restricts the range of numbers that can be 
accommodated. But this is usually overcome by using larger words. 

There is one important point to know before you leave this subject. The 
formula M = 2N — 1 determines the maximum decimal quantity (M) that can 
be represented with a binary word of N bits. This value is 1 less than the maxi- 
mum number of values that can be represented. The maximum number of val- 
ues that can be represented (Q) is determined with the formula: 


q=2 


With 8 bits, the maximum number of values is 256 or O through 255. 
Table 5.1 gives the number of bits in a binary number and the maximum 
number of states that can be represented. 


BCD and ASCII 


The binary numbers we have been discussing are usually referred to as pure 
binary codes. But there are other types of binary codes. For example, the 
binary-coded decimal (BCD) system is popular. BCD is a hybrid code between 
the binary and decimal systems. It was developed in an attempt to simplify the 
conversion processes between the two systems and to improve human—machine 
communication. 


TABLE 5.1 Number of Bits in Binary Number 
and Maximum Number of States 


Number of Bits Maximum States 
8 256 

12 4096 (4K) 

16 65,536 (64K) 

20 1,048,576 (1 M) 

24 16,777,216 (16M) 
32 4,294,967,296 (4G) 


Note: K = kilobits = 1024; M = megabits = 1,048,576; 
G = gigabits = 1,0737,41,824. 
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To represent a decimal number in the BCD system, each digit is replaced 
by its 4-bit binary equivalent. Thus, the number 729 in BCD 1s: 
729 


01110010 1001 


The BCD code is given in Table 5.2. 

It is important to note that the 4-bit binary numbers 1010 through 1111 that 
represent the decimal values 10 through 15 are invalid in BCD. 

To convert a BCD number to decimal, simply substitute the decimal 
equivalent of each 4-bit group. The BCD number 1001 0100 0110 in decimal 
is 946. 

A special form of BCD code is used in computers and data communica- 
tions systems. It is a 7- or 8-bit code that is used to represent not only numbers 
but also letters (both uppercase and lowercase), special symbols, and control 
functions. This code is called the American Standard Code for Information 
Interchange, or ASCII (pronounced “ask-key””). 

The following are examples of ASCII: 


Number, letter, or symbol ASCII 


F 01000110 
8 00111000 
J 01101010 
as 00101011 


TABLE 5.2 Binary-Coded Decimal 


Decimal Value BCD Code 
0 0000 
1 0001 

0010 

0011 

0100 

0101 

0110 

0111 

1000 


1001 


The complete ASCII is given in Table 5.3. It provides the decimal and 
hexadecimal (hex) values of the codes. The code contains both uppercase and 


TABLE 5.3 The ASCII Character Code 


O|D|N[|oO|Oor]| AIS |N 


= A E O E E E A E l M 
OloI nN ans; ay AIS INIJ =] 0 


Oct 

0000 
0001 
0002 
0003 
0004 
0005 
0006 
0007 
0010 
0011 
0012 
0013 
0014 
0015 
0016 
0017 
0020 
0021 
0022 
0023 


Hex 

0x00 
0x01 
0x02 
0x03 
0x04 
0x05 
0x06 
0x07 
0x08 
0x09 
0x0a 
0x0b 
0x0c 
0x0d 
0x0e 
OXOf 
0x10 
0x11 
0x12 
0x13 


Char 
(sp) 


Dec 
32 
33 
34 
35 
36 
37 
38 
39 
40 
41 
42 
43 
44 
45 
46 
47 
48 
49 
50 
51 


Oct 

0040 
0041 
0042 
0043 
0044 
0045 
0046 
0047 
0050 
0051 
0052 
0053 
0054 
0055 
0056 
0057 
0060 
0061 
0062 
0063 


Hex 

0X20 
0x21 
0x22 
0x23 
0x24 
0x25 
0x26 
0x27 
0x28 
0x29 
OX2a 
OX2b 
OX2c 
0x2d 
0x2e 
OX2f 
0x30 
0x31 
0x32 
0x33 


Char 


DPQ; Ty TOPO] ae] > 


ylalo;rvlo|zlz|r-|a 


Dec 
64 
65 
66 
67 
68 
69 
70 
71 
72 
73 
74 
75 
76 
77 
78 
79 
80 
81 
82 
83 


Oct 

0100 
0101 
0102 
0103 
0104 
0105 
0106 
0107 
0110 
0111 
0112 
0113 
0114 
0115 
0116 
0117 
0120 
0121 
0122 
0123 


Hex 

0x40 
0x41 
0x42 
0x43 
0x44 
0x45 
0x46 
0x47 
0x48 
0x49 
Ox4a 
0Xx4b 
0x4c 
Ox4d 
0x4e 
Ox4f 
0x50 
0x51 
0x52 
0x53 


Char 


O Oo; o DJov 


> ¡09 


2 |5 


= 


Dec 


Oct Hex 
0140 0x60 
0141 0x61 
0142 0x62 
0143 0x63 
0144 0x64 
0145 0x65 
0146 0x66 
0147 0x67 
0150 0x68 
0151 0x69 
0152 0x6a 
0153 0X6b 
0154 OXx6c 
0155 OX6d 
0156 0x6e 
0157 OX6f 
0160 0x70 
0161 0x71 
0162 0x72 
0163 0x73 
(Continued) 
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TABLE 5.3 (Continued) 


Char 
(dc4) 
(nak) 
(syn) 
(etb) 
(can) 
(em) 
(sub) 
(esc) 
(fs) 
(gs) 
(rs) 


(us) 


Dec 
20 
A 
22 
23 
24 
25 
26 
27 
28 
29 
30 
31 


Oct 

0024 
0025 
0026 
0027 
0030 
0031 
0032 
0033 
0034 
0035 
0036 
0037 


Char = ASCII character 


Oct = Octal (3-bit groups) 


Hex 
0x14 
0x15 
0x16 
0x17 
0x18 
0x19 
Oxla 
OX1b 
OX 1c 
0Xx1d 
0x1e 


OX1f 


Hex = Hexadecimal (4-bit groups) 


Dec = Decimal 


Dec 
52 
53 
54 
55 
56 
57 
58 
59 
60 
61 
62 
63 


Oct 

0064 
0065 
0066 
0067 
0070 
0071 
0072 
0073 
0074 
0075 
0076 
0077 


Characters in parentheses are control codes for specific operations. 


X = “Don’t care” character 


Example: ASCII capital letter A 
Decimal 65 


Binary 0000000001000001 


Octal 0/000/000/00 1/000/00 1 


00101 
Hex 0000/0000/0100/0001 


0x41 


Hex 

0x34 
0x35 
0x36 
0x37 
0x38 
0x39 
0x3a 
0x3b 
0x3c 
0x3d 
0x3e 
OX3f 


Dec 
84 
85 
86 
87 
88 
89 
90 
91 
92 
93 
94 
95 


Oct 

0124 
0125 
0126 
0127 
0130 
0131 
0132 
0133 
0134 
0135 
0136 
0137 


Hex 

0x54 
0x55 
0x56 
0x57 
0x58 
0x59 
0x5a 
0x5b 
OX5c 
Ox5d 
Ox5e 
OX5f 


Char 


(del) 


Dec 
116 
117 
118 
119 
120 
121 
122 
123 
124 
125 
126 
127 


Oct 

0164 
0165 
0166 
0167 
0170 
0171 
0172 
0173 
0174 
0175 
0176 
0177 


Hex 

0x74 
0x75 
0x76 
OX77 
0x78 
0x79 
0x7a 
OX7b 
OX7c 
Ox7d 
0x7e 
OX7f 
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lowercase letters, the digits O through 9, punctuation marks, common math- 
ematical symbols, and many special two- and three-letter codes. The special 
codes are known as control codes. They are used to indicate the start and 
end of a string of characters or to initiate special operations. Some examples 
follow: 


STX—Start of text sequence 

EOT—End of transmission of a string of characters 
BEL—Ring a bell 

DEL—Delete 

LF—Luine feed 

CR—Carriage return 


These codes not only represent alphanumeric data but can also make things 
happen in a printer or computer. 

The main use of ASCII is in data communication. Computers use ASCII 
to “talk” to their peripheral units, such as printers, or to one another. A com- 
mon example is a personal computer that receives data via a modem from the 
Internet. Another example is the data sent from a computer to a laser printer. 
ASCII is the communication code for text. 


Hexadecimal Notation 


Hexadecimal notation is a way to represent binary values with numbers and letters 
in an effort to make data easier to remember, and to reduce the errors normally 


associated with writing or reading long strings of 1's and 0’s. The hex code is just 
an extension of the BCD code, with the decimal values from 11 to 15 represented 
by the letters A through F. See the following table. 


Decimal Value Hex Code 
0000 
0001 
0010 
0011 
0100 
0101 
0110 
0111 
1000 
1001 
1010 
1011 
1100 
1101 
) 1110 
) 1111 


TMOUNDWDPFPOANAUAWN—O 


(Continued) 
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Hexadecimal Notation (Continued) 


As an example to convert the binary number 101000110101100 to hex, you 
divide the word into 4-bit groups starting on the right and then replacing each 
with the hex codes. In this case, the hex code is A35C. 


Parallel and Serial Data 


It is frequently necessary for digital devices to communicate. Someone using a 
computer may have to send data to a printer. Or two people using personal com- 
puters may have to communicate over a local area network (LAN). To accomplish 
either of these objectives, one must transmit binary data from one circuit to another. 
This is done in one of two ways: parallel transmission or serial transmission. 


Parallel Data 


When the parallel method is used, all bits of a binary word or number are 
transmitted simultaneously. Figure 5.4 shows an 8-bit word being transferred 
from logic circuit 1 to logic circuit 2. 

A bus is a set of parallel data lines over which digital data is transferred. 
A data bus can have any number of data lines as required by the application. 
However, the main characteristic of a bus 1s parallel data transfer. In physical 
form, a bus 1s usually implemented on a connector, with lines of copper on a 
printed circuit board or with a ribbon cable with one wire per bit. 

Because all bits are transmitted at the same time over a parallel bus, data 
movement is extremely fast. The main benefit of parallel data transmission is 
its high speed. With high-speed logic circuits, a binary word can be transferred 
from one point to another in as little as several nanoseconds. Parallel data trans- 
mission over buses in computers takes place at rates up to several hundred meg- 
ahertz. It is not uncommon to see a rate of 100 million bits per second (Mbps) 


Logic 


circuit 1 circuit 2 


Parallel binary word 


FIGURE 5.4 Parallel binary data transfer over bus. 
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on a personal computer data bus. On long buses, data rates are slower because 
the stray inductance and capacitance of the cable typically distorts the data and 
slows the transmission speed. 

Although parallel transmission is fast, it is expensive, because there must be 
circuitry for each bit on both the sending and receiving ends. There must 
be one wire per bit in a cable plus a separate ground wire. This increases the 
complexity and thereby the cost of the circuitry. 


Serial Data 


The other method of moving binary data from one point to another is serial 
transmission. In the serial method, the bits of a word are transmitted one at a 
time, or sequentially. Figure 5.5 shows the waveform of an 8-bit serial binary 
word. This is the voltage that you would monitor at the single output of the 
circuit generating the word. It is the waveform that an oscilloscope would dis- 
play. Each bit occurs for a fixed time interval such as 1.5 milliseconds. Thus, it 
takes 1.5 X 8 = 12 milliseconds (ms) to transmit an 8-bit word. 

The speed of data transmission is measured in bits per second (bps). That 
figure can be calculated from the expression: 


1 
bps = — 
i t 


Here, t is the time for 1 bit. In Figure 5.5, 1 bit takes 1.5 us. The speed of the 
data, then, 1s 


bps = 1 =+ (1.5 X 107%) = 666,666.7 bps or 666.7 kbps 


If you know the speed in bps, you can calculate the bit time (t) by rearranging 
the formula: 


MSB ! | LSB 


—-+» Time 


FIGURE 5.5 Serial data transfer where 1 bit occurs after another in time. 
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As seen in Figure 5.5, the MSB is transmitted first. Depending on the system 
used, however, the LSB can be sent first. In any case, the speed of transmission 
depends on the number of bits in the word and the duration of each bit. It is this 
longer transmission time that is the primary disadvantage of the serial method. 
However, although serial transmission is slower than parallel transmission, it is 
perfectly suitable for many applications. Common data rates are in excess of 
millions of bits per second. Data rates of more than 10 Gbps are common. 

The main benefits of the serial method are its simplicity and low cost. Only 
a single line rather than multiple lines is needed to interconnect the equipment. 
In addition, only one set of sending and receiving circuits is needed. All data 
transmissions by copper cable or fiber optical cable exceeding about 100 Mbps 
are made by the serial method. All wireless data transmissions are serial. 


DIGITAL LOGIC ELEMENTS 


Digital logic elements are the basic circuits that are used to process the binary 
data. The logic element has one or more binary data inputs to be processed. 
The logic element processes or manipulates the binary input signals in a fixed 
way and generates an appropriate output signal. The output is a function of the 
binary states of the inputs and the unique processing capability of the logic 
element. The logic element “looks” at the binary input signals, and then makes 
a decision and generates an appropriate output. There are five elementary logic 
circuits: inverter or NOT, AND, OR, NAND, and NOR. These functions are 
performed by logic elements known as inverters and gates. 

You need not be concerned with the inner workings of these logic elements. 
Instead, your primary concern is with the basic logic functions. Needless to say, 
the gates and inverters are inside every microcomputer and digital integrated 
circuit. 


Inverter 


The inverter has a single input and a single output. The logic function per- 
formed by an inverter is inversion. The output of the inverter is simply the 
inverse, or opposite, of the input. Because binary signals can assume only one 
of two different states, either O or 1, the inverter generates a O when the input 
is al, and a 1 when the input is a 0. 

Two common symbols used to represent an inverter are shown in Figure 5.6. 
The input and output are given names, which are usually letters of the alphabet. 

There are a variety of ways to express the operation of various logic func- 
tions. One way is to use Boolean algebraic expressions. A Boolean expres- 
sion is a simple mathematical or algebraic formula that expresses the output in 
terms of the input. The Boolean expression for the inverter is: 


B=A 
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FIGURE 5.6 Logic symbols for inverter and truth table. 


This equation is read, “B equals not A.” The asterisk means NOT or inversion. 
What this expression is telling you is that if the input is A, the output, B, is 
not A. 

Another method of expressing the function of a logic element is a truth 
table. This is simply a table listing all possible combinations of the inputs and 
outputs of a logic element. Figure 5.6 also shows the truth table for an inverter. 
There are only two possible inputs, O and 1, and the corresponding outputs. A 
truth table completely defines the operation of a logic element. 


AND Gate 


A gate is a circuit that has two or more inputs and a single output. The gate 
generates a binary output that is a function of the states of the inputs and the 
nature of the gate itself. 

The type of gate determines how the binary inputs are processed. The 
two basic logic gates are the AND gate and the OR gate. An AND gate is a 
logic circuit that generates a binary 1 output if all of its inputs are binary 1’s. 
Otherwise, the circuit generates a binary 0. All of the inputs have to be binary 
1 for the AND gated to produce a binary 1 output. If any one of the inputs is a 
binary 0, the output is binary 0. 

Figure 5.7 shows the logic symbols used to represent an AND gate. Letters 
of the alphabet are used to represent inputs and outputs. There may be more 
than two inputs, but there is only one output. 

As with the inverter, the output of the AND gate can be expressed in terms 
of the inputs with a Boolean expression. The Boolean expression for an AND 
gate 1s: 


C = AB 


This equation is read, “C equals A and B.” Parentheses also can be used to 
separate the inputs; for example, C = (A)(B). 


102 Electronics Explained: The New Systems Approach to Learning Electronics 


A 
DS 
B 


AB|C 
00] 0 
O01] 0 
10] 0 
1111 


FIGURE 5.7 Logic symbols for AND gate and truth table. 


The truth table for a simple two-input AND gate is also shown in Figure 5.7. 
Note that the output C is a binary | when both inputs are binary 1’s. At all other 
times, the output is binary 0. With two inputs, there are a total of four differ- 
ent input combinations (2? = 4). With three inputs, there are 2? = 8 possible 
input combinations for an AND gate. These inputs are the binary numbers 000 
through 111. 

One of the most common applications of an AND gate in digital circuits 1s 
gating. Gating simply refers to the use of one binary signal to control another. 
A two-input AND gate is most often used as a control gate. One input signal is 
the control that either keeps the other input signal from passing through to the 
output or allows it to pass. 

Figure 5.8 shows the inputs and output of a typical control gate. Note that 
multiletter names called mnemonics are used instead of single letters to des- 
ignate the input and output signals. The ENB or enable input represents the 
control signal. As long as the ENB input is a binary 0, the output is a binary 0. 
The gate is said to be inhibited because nothing more than a binary O output 
occurs. 

When the ENB control input is a binary 1, the gate is enabled. At this time, 
the main input signal, CLK for clock, is allowed to pass through to the out- 
put BST. CLK is a periodic clock signal that switches repetitively between the 
binary O and the binary 1 levels at a fixed frequency. The output of the AND 
gate follows the CLK input as long as the ENB control input is a binary 1. 


OR Gate 


Another commonly used logic gate is the OR circuit. Like the AND gate, the 
OR gate has two or more inputs and a single output. The OR gate generates a 
binary 1 if any one or more of its inputs are binary 1. The only time the output 
of an OR gate is binary O is when all its inputs are binary 0. 
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CLK 
ENB 


(A) Gate symbol 


ENB 
BST 


(B) Waveforms 


FIGURE 5.8 How AND gate is used to turn signal off or on. (A) The AND gate showing the 
input and output names. (B) The waveforms of the inputs and output. 


FIGURE 5.9 Logic symbols for OR gate and truth table. 


The symbols used to represent an OR gate are shown in Figure 5.9. Letters 
of the alphabet are used to designate the inputs and outputs. Using these desig- 
nations, the Boolean output expression for the OR gate 1s: 


D=E+F 


This equation is read, “D equals E or F” In this Boolean expression, the plus sign 
designates the OR function. In a Boolean logic expression, the plus sign does not 
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mean addition. In Figure 5.9, the mathematical symbol = (greater than or equal to) 
is used to designate the OR logic function. The truth table for an OR gate further 
defines its operation. The output D is a binary | when input E or input F or both 
are a binary 1. Like an AND gate, an OR gate can have any number of inputs. 


NAND and NOR Gates 


The AND and OR logical functions are basic to all digital systems. Although 
these functions are implemented with AND and OR gates, a variation of these 
gates is even more widely used. These are NAND and NOR gates, which are a 
combination of either an AND gate or an OR gate and an inverter. These gates 
are more flexible in their application when they are used together. 

A NAND gate can be made with an AND gate followed by an inverter. 
Figure 5.10 shows this circuit configuration. Note the two special symbols 
in Figure 5.10 used to represent the logical NAND function. The truth table is 
also given. 

A NAND gate can perform all of the gating and detection functions men- 
tioned earlier for an AND gate. The only difference is that the output is inverted. 

The other widely used digital logic element is a NOR gate. A NOR gate 
is a combination of an OR gate followed by an inverter (see Figure 5.11). The 
symbols used to represent the NOR logic function are also shown. The out- 
put of a NOR gate is simply the complement of the output of an OR gate, as 
shown by the truth table. An XOR actually is a 1-bit binary adder. 


Exclusive OR Gate 


A variation of the OR gate is the exclusive OR, usually designated XOR. Its 
symbols are given in Figure 5.12. The truth table is also shown. Note that the 


FIGURE 5.10 Logic symbols for NAND gate and truth table. 
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FIGURE 5.11 Logic symbols for NOR gate and truth table. 


A 
>) >—<-aos 
B 


FIGURE 5.12 Logic symbols for XOR and XNOR gates and truth tables. 


circuit only produces a 1 output if the two inputs are opposite. The output is O 
if the two inputs are the same. 

An inverted XOR or XNOR has the symbols and truth table shown in 
Figure 5.12. It is useful as a 1-bit comparator since the output is 1 if both inputs 
are the same. 
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S Q 
R Qs 
pE Q 
(B) 
T œ 
FE 
Q 
(C) T 
Q+ 
K 


FIGURE 5.13 Logic symbols for flip-flops. (A) RS. (B) D type. (C) JK. 


1 
Q output | | | | | | 
0 


FIGURE 5.14 Toggling T input on JK flip-flop causes it to change states, producing frequency 
division by 2. 


Flip-Flops 


A flip-flop (FF) is another basic building block of electronics. It is essentially 
a circuit that stores 1 bit of data. The circuit has two states—set and reset. If 
the FF is storing a binary 1, it is set. If it is storing a binary 0, it is reset. Figure 
5.13A shows the basic block diagram of a reset-set (R-S) FF. The inputs are 
set (S) and reset (R). The two outputs Q and Q* are complementary. You apply 
an input to the appropriate input to set or reset the FF. 

A D-type flip-flop is shown in Figure 5.13B. It has a D or data input and a 
clock (T) input. When the clock occurs, the FF is either set or reset depending 
on the value of the D input. The D FF is used to store 1 bit of data. 

Another type of FF is the JK, shown in Figure 5.13C. It has J and K inputs 
that correspond to S and R inputs, respectively. It also has a clock or T input 
that performs the set or reset operations. To store a binary 1, you make J = 1 
and K = 0. When a clock input occurs, the FF is then set or reset. 

The T input also causes the state of the FF to toggle or change state when 
a clock transition occurs (see Figure 5.14). This feature is used to produce fre- 
quency division by 2 as shown. The output is a square-wave half the frequency 
of the T input. Additional JK FFs can be cascaded to produce frequency division 
by the power of 2 or 2, 4, 8, 16, 32, 64, and so on, as shown in Figure 5.15. 
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800 kHz 400 kHz 200 kHz 100 kHz 


FIGURE 5.15 Cascading JK flip-flops produce higher-frequency division ratios, which is also a 
binary counter that counts from 0000 to 1111. 


Each block is one FF 


Inputs Outputs 


Clock, Reset 
load, or or 
store clear 


FIGURE 5.16 Storage register from one word consists of FFs. It also has clock/load and clear/ 
reset inputs. 


Storage Registers 


A storage register 1s a place to store a binary word or number. It is made up of 
1 FF per bit. An 8-bit register stores bytes and has 8 FFs. Figure 5.16 shows a 
register with eight inputs and eight outputs. Most registers also have a clock 
input also called LOAD or STORE that determines when the input data is 
stored. Some also have a CLEAR or RESET input that puts all the FFs in the 
binary 0 state. 
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Shift Registers 


A shift register (SR) 1s like a storage register, but the bits stored there may 
be shifted from one FF to the next as each clock pulse occurs. Figure 5.17A 
shows how serial binary data 1s shifted into the SR for storage. As new data 


im KA KAKA EA 


Initial content 


"EEEH. 


After 1st clock pulse 


A p= 


After 2nd clock pulse 


PL He 


After 3rd clock pulse 


e jH e 


(A) After 4th clock pulse 
A B G D 
bq A EAEE 
Original state 


E a 


After 1st clock pulse 


AO ee 


After 2nd clock pulse 


p pH 


After 3rd clock pulse 


p e p +e 


(B) After 4th clock pulse 


FIGURE 5.17 (A) Shifting serial data into shift register. (B) Shifting serial data out of shift register. 
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1s shifted in, the existing data will be shifted out and sent to another circuit. 
Figure 5.17B shows data being shifted out as binary 0”s are shifted in. 

Shift registers are often used for parallel-to-serial and serial-to-parallel 
conversions. A serial-to-parallel conversion is shown in Figure 5.18A. The SR 
initially contains all binary 0”s. Then serial data is shifted in and the output is 
taken in parallel from the FF outputs. For parallel-to-serial conversion, a binary 
word is initially stored in the register. Then the word is shifted out as the clock 
pulses occur (see Figure 5.18B). 


Counters 


As its name implies, a counter is a circuit that counts input pulses. Counters 
are made of multiple cascaded FFs, and they are sometimes accompanied by 
logic gates. As the input pulses occur, the binary number stored in the coun- 
ter FFs tells how many pulses have occurred. The frequency divider shown in 
Figure 5.15 is also a 4-bit counter. It can count from O (0000) to 15 (1111). 


Serial input 
ies CAE SES, 
Initial state 


Parallel output 0 1 0 0 1 1 0 1 


After 8 clock pulses 


(A)  Serial-to-parallel 
Initial state 


1 1 0 0 1 0 1 1 


After 8 clock pulses 


AAA PO 1919 19 [070 


1 1 0 0 1 0 1 1 
(B) Parallel-to-serial 


FIGURE 5.18 Shift registers used for (A) serial-to-parallel data conversion and (B) parallel-to- 
serial data conversion. 
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Each block 
is an FF 


Input pulses 


FIGURE 5.19 Counter storing binary value equal to number of input pulses that occurred. 


If all FFs are initially reset to O, then 10 pulses occur, and the FFs from A to D 
would be storing 0101 from left to right. The right-most FF (D) is the MSB, so 
you read the counter as 1010 or the binary equivalent of decimal 10. 

Binary counters can store numbers up to 2N — 1, where N is the number of 
FFs. For example, an 8-bit counter would count from 00000000 to 11111111 
or 28 — 1 = 256 — 1 = 255. 

Figure 5.19 shows a counter where 178 pulses have occurred, so the coun- 
ter stores the number 10101011 that is the binary equivalent of 179. 

Another popular form of counter is the BCD version that counts from 0000 
to 1001 or O through 9. BCD counters are used to keep track of decimal quan- 
tities in binary form. BCD counters can serve as frequency dividers as well. 
Each divides by 10. 


COMMON LOGIC CIRCUITS 


There are several types of logic circuits that occur again and again in digital 
equipment. The counters and registers just described are good examples. A few 
others that you may encounter are described in this section. Remember that 
these circuits can be made from individual gates and FFs in IC form. You can 
also buy them in IC form already wired for their specific function. But mostly 
these circuits appear as a collection of circuits inside some larger IC. 


Multiplexer 


A multiplexer or mux is a circuit with two or more inputs and one output (see 
Figure 5.20). Here there are four inputs and one output. Two other inputs 
are used to select one of the inputs to appear as the output. The four selected 
inputs are 00, 01, 10, and 11. In the figure, note which input is routed to the 
output with each input select code. Multiplexers can have as many inputs as 
needed. 


Demultiplexer 


A demultiplexer or demux is the opposite of a mux. It has one input and mul- 
tiple outputs. Like the mux, select inputs specify which of the output lines the 
input is connected to. 
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Output 


U O WD > 


Select 


Select | Input at output 


00 A 

01 B 

10 C 

11 D 
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output. 
Decoder 


A decoder is a circuit that can detect a specific binary code. In its simplest 
form, it is just an AND gate, as shown in Figure 5.21A. If the input 0110 
appears at the inputs, the AND gate will have all its inputs at binary 1, so the 
output will be binary 1 indicating that it is detecting the desired input. For any 
other 4-bit input, the output will be binary 0. 

Decoders can also be made to detect all states of a given binary input. For 
example, a 4-bit decoder like that in Figure 5.21B looks at the 4-bit inputs 
and decodes all states from 0000 to 1111. If the input is 1000, the 8 output is 
binary 1 and all other outputs are 0. 


Comparators 


A comparator takes two binary words as inputs and compares them. If the two 
inputs are equal, a binary | output occurs. Otherwise, if the two inputs are dif- 
ferent, the output is 0. Some comparators have outputs that can tell if one input 
is larger than or smaller than the other. 


Arithmetic Circuits 


Digital logic does a good job of basic arithmetic functions like add and sub- 
tract. The basic computing element is called an arithmetic logic unit (ALU). It 
does binary addition and subtraction. It can also perform basic logic operations 
such as AND, OR, or XOR on two binary input words. Circuits for multiplica- 
tion and division are more complex, but are common in digital computers. 
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FIGURE 5.21 Decoders. (A) 1-AND gate decoder that identifies input 0110. (B) 4-to-16 decoder 
that identifies 1 of 16 different 4-bit input values. 


DIGITAL MEMORIES 


Digital memories are semiconductor circuits that store binary data. You have 
probably heard of the terms RAM and ROM as they apply to personal comput- 
ers. These are the two main types of memory, random access memory (RAM), 
and read-only memory (ROM). 


RAM 


The random access memory is one in which you can access hundreds, thou- 
sands, or millions of binary storage locations. You can store one binary number 
or word in each location or read the data out of the location. Each location is 
referred to by a unique binary number called the address. You send the mem- 
ory an address and activate the selected location. Then you can read data from 
the location or write data into that location. RAMs therefore are what we call 
read-write memories. 

Figure 5.22 shows the concept of a RAM. It has eight locations for 4-bit 
words. To address eight locations you need a 3-bit address (2? = 8). When 
you apply the address to the address decoder, the decoder activates the desired 
location. In the figure you see that the binary number 1001 stored in location 
011 is being accessed and read out. 
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FIGURE 5.22 Basic concept for random access memory (RAM). Address selects one of eight 
storage locations. Then data may be read from that location or data stored in it. 


Most memories are large today. We talk about megabytes (MB) or millions 
of bytes of data or gigabytes (GB) or billions of bytes of data in a modern PC. 
Embedded controllers will have fewer locations, usually in the thousands of 
bytes (KB) or perhaps more in the larger systems. Storage word sizes are usu- 
ally 8 (bytes), 16, 32, or 64 bits. 

There are two ways to make a RAM. The first way 1s just to build one FF 
for each bit to be stored. The basic set-reset FF described earlier 1s the basic 
storage circuit (see Figure 5.23A). Memories using this type of circuit are 
called static RAM or SRAM. They are called static because once you store the 
bit in the FF, it stays there as long as power is applied to the circuit. 

The other form of RAM is called dynamic RAM or DRAM. The basic stor- 
age circuit 1s a capacitor as shown in Figure 5.23B. If you charge the capaci- 
tor, it is storing a binary 1. If the capacitor is discharged, a binary 0 is being 
stored. A MOSFET is used as a switch to access the capacitor. If the MOSFET 
is turned on by an input address on the gate, it connects the capacitor to the 
data line, where it may be read out or where a new bit may be stored. When 
the MOSFET is turned off, the capacitor is isolated and just stores the bit. 

The reason why the term dynamic is used for this type of RAM is that the 
charge on the capacitor will leak off very quickly. The capacitor is very small 
and millions of them are made on a tiny chip of silicon. For this reason, the 
capacitor has to be recharged every so often so that the data is retained. This is 
called a refresh operation and it usually occurs every 2 milliseconds or so. 

Comparing SRAM and DRAM, you should know that SRAM 1s the faster 
of the two in that you can store data or read data out faster than you can with a 
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FIGURE 5.23 RAM storage cells. (A) RS FF for SRAM. (B) Capacitor cell for DRAM. 


DRAM. The downside is that the SRAM is more complex and takes up more 
space on the chip, and thus costs more. The DRAM is slower but not much. 
Its advantage is that you can put more storage cells on a chip, making them 
cheaper. The need to refresh is a downside but easy to live with, as all the 
refresh circuitry is on the chip and the process is transparent to the user. 

Just keep in mind a key fact. RAM is fast and reliable, but it loses all data 
if the DC power to the memory circuit is removed. All data is erased. RAMs 
are therefore said to be volatile. 


ROM 


Read-only memories are nonvolatile memories. Once you store data in them, 
they retain the data when power is removed. In some ROMs, you can change 
the data stored there. Incidentally, all ROMs are random access in that you can 
go to any desired location to read or maybe write data. 

There are several categories of ROM. The older types are called masked 
ROM, where the mask refers to the actual wiring of the ROM to permanently 
fix the data in the circuitry when it is made. The storage cells are essentially 
a MOSFET matrix where each MOSFET is permanently turned on or off to 
store 1 or 0. No changes are possible. Later a programmable ROM or PROM 
was developed. It used a special MOSFET that could be programmed on or 
off. You could then erase the programming by shining ultraviolet (UV) light 
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FIGURE 5.24 Storage cell used in EEPROM and flash memories is MOSFET with a special 
floating gate that keeps transistor off or on. 


on the chip for a short time. Then the PROM could be reprogrammed. These 
are no longer used. 

Most ROMs today are what we call electrically erasable programmable 
ROMs or EEPROMs or E*PROMsS. The storage element is a MOSFET that you 
turn off or on with a programmable voltage (see Figure 5.24). The MOSFET 
retains that state until it is electrically changed. 

The main problem with EEPROMs is that they are slow to erase and repro- 
gram. But today we have a special version of EEPROMs called flash memo- 
ries. These are also EEPROMs, but they actually are almost as fast as RAMs 
for reading and writing data. Yet they are nonvolatile. 

You will hear of two types of flash memory—NOR and NAND. NOR flash 
is used to store programs for microcontrollers. It can only be erased on large 
block sizes and not individual cells. NAND flash is faster and you can erase 
individual memory locations. The NAND flash is gradually replacing the NOR 
flash in many applications. 

Flash memory has become so popular it is used in almost every electronic 
product today. MP3 players and iPods store music in flash memory. Cell 
phones store phone numbers, digital cameras store photos, and in embedded 
controllers, the flash usually stores the program that tells the processor what to 
do. And, let’s not forget the flash drive or “thumb” drive as it is called. These 
devices with a USB connector can store many gigabytes of data and are very 
inexpensive. Flash memory is also used to make solid-state drives (SSDs) that 
are the equivalent of the hard disk drives used in PCs and laptops. They are 
still expensive, but as prices decline, you can look for more SSDs to replace 
conventional mechanical/magnetic hard drives. 
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PROGRAMMABLE LOGIC DEVICES 


There are two ways that digital devices are built today. The most common is to 
use an embedded controller or microcomputer. This is a single-chip computer 
that you can program to do whatever digital function you want. Most electronic 
products have at least one embedded controller at the heart of their design. 

In some cases, the embedded controller is not fast enough to do the job. 
One way to make the circuitry is to use individual logic circuits such as gates, 
flip-flops (FFs), counters, and so on. That is the way it used to be done. Now, 
if you need fast custom digital logic, you build the circuit with a programma- 
ble logic device (PLD). A PLD is an IC that contains a mix of gates, FFs, and 
other circuits that can be programmed to implement any digital function. The 
programming is usually done on a computer and a file is created. The file is then 
downloaded to the PLD, where it 1s stored in a RAM or ROM. The file in the 
memory determines how the unique circuit is formed. 

There are three basic types of PLDs: simple PLDs, complex PLDs, and 
field programmable gate arrays (FPGAs). The SPLDs are small devices for 
simpler digital circuits. The most common types are called programmable 
array logic (PAL), programmable logic arrays (PLAs), and generic array logic 
(GAL). PROMSs are also used as SPLDs. For example, the address input to a 
ROM is some binary number or a collection of binary inputs. These form an 
address to locate a specific binary word stored in that location. When that par- 
ticular selection of input bits occurs, it forms the address that identifies the 
memory location where the desired set of output responses is stored. This form 
of SPLD is also called a look-up table or LUT. 

The other SPLDs are essentially a set of AND and OR gates that can be pro- 
grammed. They all take the form shown in Figure 5.25. You can select which 
inputs go to the AND gates, and/or select which AND outputs go to which OR 
gate inputs. A PROM has the AND array fixed and you can program the OR 
gates. A PAL is an SPLD in which you can program the AND inputs but the 
OR connections are fixed. A PLA is a PLD that lets you program both the AND 
inputs and the OR connections. In both PLAs and PALs, the programming is 
usually permanent. 

A GAL is a variation of the PAL with its AND inputs programmable. The 
difference is that the programming can be changed. The program you develop 
is actually stored in flash memory. The flash memory cells send the program- 
ming bits to the various AND and OR gates telling them what logic to imple- 
ment. You can then erase it and reprogram if you want or need to. GALs also 
have one or more FFs associated with the logic gates, so you can store bits or 
actually build counters and registers by programming. 

CPLDs are complex PLDs similar to SPLDs, only larger. They contain 
more gates and flip-flops so that very large logic projects can be built on a 
single chip. A typical CPLD is really just a large collection of PALs or GALs 
that can be individually programmed and then connected together with a large 
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FIGURE 5.25 PLD concept. (A) Block concept of programmable AND and OR gate arrays. (B) 
Simple circuit of PLD showing programming by dots on AND and OR gate arrays. 


interconnect matrix. Input/output (I/O) circuits also provide inversion if needed 
or extra power to drive external circuits. Again, flash memory is used to store 
the programming. 

The largest and most flexible PLD is the field programmable logic array or 
FPGA. It has become the most popular and common way to implement dig- 
ital equipment other than a microcontroller. FPGAs are large chips that contain 
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thousands of logic circuits. The largest devices have millions of gates and other 
circuits. Most FPGAs are programmed by storing a bit pattern in the SRAM 
cells inside. These cells tell the logic circuits what configuration to take and 
what functions to perform. If you turn the power off, the programming goes 
away and all you have is a dumb FPGA with no logic interconnections or func- 
tions. When you power up an FPGA, the desired program, usually from a flash 
memory, or a computer loads the RAM cells with the program, thereby enabling 
the FPGA to perform its desired function. 

The logic inside an FPGA is essentially thousands of look-up tables 
(LUTs) that can be individually programmed. Each LUT has its own program 
memory block as well as one or more FFs and I/O circuits. The LUTs may 
also be interconnected to one another by programming. With this arrangement 
virtually any digital logic operation can be programmed. You can even make 
your own custom computer with an FPGA, for example. 

There are about a half-dozen companies that make PLDs. The two oldest 
and largest are Xilinx and Altera. Both have extensive lines of CPLDs and 
FPGAs. 


DATA CONVERSION 


The term data conversion refers to the translation of analog signals into digital 
form and vice versa. While it used to be an all-analog electronics world, today 
it is virtually all digital. We still have analog signals such as voice, video, radio 
waves, and sensor voltages, but mostly we process, store, and transmit data by 
digital means. For that reason, circuits that perform these conversions are criti- 
cal to virtually all electronic applications. All cell phone voice is digital, all 
modern TV is digital, and sensor outputs are captured and processed in digital 
form. It is difficult to name a product today that does not use some form of 
data conversion. 


Analog-to-Digital Conversion 


The process of converting an analog signal into a digital one is called analog- 
to-digital conversion, and it is performed by an analog-to-digital converter 
(ADC). The process, also referred to as sampling, is illustrated in Figure 5.26. 
The ADC looks at the analog input and periodically takes a sample of the volt- 
age at that instant, captures it, and then converts it into a proportional binary 
number. We say that we are digitizing the signal. The sample points are shown 
by the dots on the analog curve. The binary value of the sample is shown to 
the right of the curve. The conversion process actually results in a sequence of 
binary numbers that represent the analog waveform. These values are usually 
stored in a RAM or transmitted to other circuits as shown in Figure 5.27. Note 
the symbol for an ADC. 
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Analog-to-digital conversion is performed by sampling analog signal at equal intervals and generating proportional binary value. 


FIGURE 5.26 
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FIGURE 5.27 Symbol for ADC with both parallel and serial output examples. 
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FIGURE 5.28 Converting binary data back into analog signal with DAC. 


Digital-to-Analog Conversion 


To recover the original signal, we put the data sequence previously captured by 
the ADC into a digital-to-analog-converter (DAC) (see Figure 5.28). The out- 
put is a version of the analog signal. The DAC output is not a perfect reproduc- 
tion, but just an approximation. This is shown in more detail in Figure 5.29. 
Each binary input results in a constant voltage output from the DAC during 
the sample period. The result is a stepped approximation to the original signal. 
The rate at which the binary data 1s sent to the DAC must be the same as the 
sampling interval to recover the original frequency information in the signal. 


Resolution and Sampling Interval 


The key to good data conversion is to use greater resolution and faster sam- 
pling rates. Resolution refers to the number of bits used in the data conversion. 
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FIGURE 5.29 DAC output is stepped approximation to original analog signal. 
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In Figure 5.27, only 4 bits are used, so the resolution is poor. The voltage 
range is only divided into 16 intervals, meaning that amplitude variations at 
less than 0.625 volt are missed. This problem can be corrected by using more 
bits. ADCs are available in many bit sizes. The most common are 8, 10, and 
12 bits, but 14 and 16 bits are available. Some methods of ADC produce reso- 
lutions of 20 to 26 bits. The result is a finer conversion of amplitude detail. 
As an example, if the 0- to 10-volt range in Figure 5.27 was sampled with a 
12-bit ADC, the individual smallest voltage increment that can be detected is 
10/21? = 10/4096 = 2.44mV instead of the 0.625 volt in the figure. 

Another critical specification is sampling rate. To retain all the frequency 
detail in a signal, the sampling rate must be at least twice the highest frequency 
in the signal. This is called the Nyquist criterion. For example, when digitizing 
music with a frequency range of 20Hz to 20kHz, the sampling rate must be 
at least double the 20-kHz frequency. In most systems, a rate of 44.1 kHz or 
48 kHz is used. 

ADCs with sampling rates to several hundred megahertz are commonly 
available, meaning that even radio signals can be digitized. 


Project 5.1 

Digging Deeper into Digital 

If you want to learn more about digital circuits without investing in one or more 

new books, you can find some good material online. A few alternatives follow. 
Do your own search on digital logic using the terms tutorial, introduc- 
tion to, fundamentals, or basics. You will get lots of hits that you can sort 


through to find what you want. 

Go to www.allaboutcircuits.com. Look at their digital section called 

Volume IV. 

Go to openbookproject.net/electricCircuits. Look at the digital chapter. 

On both of the websites, there is also a projects or experiments section that 
will guide you to further hands-on exploration. 


How Microcomputers Work 


The Brains of Every Electronic Product Today 


In this Chapter: 


Microprocessors, microcomputers, and embedded controllers defined. 
The stored program concept. 


Central processors and how they work. 
Types of microcomputers. 

Modern examples of embedded controllers. 
Digital signal processing. 


INTRODUCTION 


Whenever you hear or see the word microcomputer, you probably think of a 
personal computer. A personal computer is, of course, one type of microcom- 
puter. But you may not be aware of other forms of microcomputers. For exam- 
ple, do you know that almost every piece of electronic equipment you own or 
use has a microcomputer in 1t? This type of microcomputer 1s called an embed- 
ded controller. It is usually a single integrated circuit that performs all of the 
basic functions of a computer but is dedicated to a specific task. Such micros 
(micro is short for microcomputer) are in TV sets, stereo receivers, microwave 
ovens, CD players, DVD players, cell phones, blenders, copiers, and most 
other types of electronic devices. You will find them in your car (several of 
them), your iPod, your bathroom scale, gasoline pumps, and dozens of other 
things you use every day. Microcomputers do indeed make your day—you 
cannot live without them. 


CONCEPTS AND DEFINITIONS 


A microcomputer is a small digital computer that can take several different 
forms. It can be a single integrated circuit, or 1t can be a module made up of 
several integrated circuits on a printed-circuit board. 
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The two most common types of microcomputers are the embedded micro- 
controller and the personal computer. One special type of microcomputer is the 
programmable logic controller (PLC) used for industrial control (Chapter 12). 

The larger microcomputers, such as personal computers, are made with a 
microprocessor. A microprocessor is a large-scale integrated circuit that con- 
tains most of the digital logic circuitry usually associated with a digital com- 
puter. This logic circuitry is referred to as the central processing unit (CPU). A 
microprocessor is a single-chip CPU. 

Another common micro is called a core. A core 1s a microprocessor or 
microcomputer integrated with some other circuits. The core is made on the 
same silicon chip as a cell phone or a security device. Today multicore micros 
are common. Two or more cores are used to get more processing power. 

Embedded microcontrollers are complete micros on a single chip, including 
the CPU, memory, and input/output circuits. But in all cases, a microcomputer is 
an assembly of digital logic circuits, such as gates and flip-flops, that is used to pro- 
cess data. It is sometimes referred to as a data processor, or simply processor. 

Data, of course, refers to the binary numbers and words the processor 
works with. Processing refers to the way the data is manipulated or handled. 
Types of processing include arithmetic, logic, sorting, translating, editing, 
counting, and searching. Any action taken on the data is called processing. 
Processing normally implies that the data is changed in some way or is used 
to create new data. Data that is not processed as suggested above is dealt with 
in other ways. Four common ways are storing, retrieving, input, or output. The 
data is not changed by any of these techniques. 

Storing data means putting it in a safe place, like a semiconductor memory 
or disk drive, where it can be accessed later. Retrieving, of course, is the oppo- 
site of storing, or going to get the data for reuse. 

Input means taking data into the computer to be stored or processed. Output 
means sending the data from the computer to some external device. Input and 
output (I/O) are ways to transmit data from one place to another. 

Another feature of a microcomputer is its decision-making capability. 
During processing, the computer can make decisions and alter its sequence of 
operation. In other words, the computer can “make up its mind” based on the 
state of the data or outside conditions. 

For example, the computer can tell if a number is less than, greater than, or 
equal to another. It can choose among alternative courses of actions or say yes 
or no, true or false, if given enough input facts. 

Another major application of computers is control. Computers can be used 
to actuate relays and solenoids or turn lights and motors off and on (see Figure 
6.1). In control applications, the computer actually determines when external 
devices are turned on or off. The computer serves as an electronic clock to 
time various operations. One example is the embedded single-chip microcon- 
troller inside a microwave oven or a washing machine. Another example is 
a programmable logic controller (PLC), a special type of microcomputer used 
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FIGURE 6.1 How a micro controls external devices. 
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FIGURE 6.2 How a micro monitors external devices. 


in industrial applications, that is commonly used to sense, sequence, and time 
operations in a factory. 

The most important thing to remember is that the control is automatic. The 
micro knows when to perform the various operations that it has been assigned 
because it has been programmed to do so. 

In order to implement certain control applications, the micro must also per- 
form a monitoring function. The micro “looks at” the process or devices being 
controlled to see what is happening. For example, the computer can monitor 
switch closures to determine physical state or position, pressure, and many 
other parameters. Transducers (sensors) convert the monitored physical char- 
acteristics, such as temperature or light level, into electrical signals that the 
computer can understand and respond to (see Figure 6.2). In most microcon- 
trollers or PLCs, the controlled output change takes place only if a specific 
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FIGURE 6.3 Controlling liquid level in a tank automatically with a micro. 


input condition is sensed or not sensed. For example, if a temperature sensor 
indicates that the temperature has risen to a specific level, the computer will 
turn on a cooling fan. 

Micros sometimes change the control function in response to one or more 
of the inputs they are monitoring. For example, if the micro senses that the 
liquid in a tank exceeds a given level, it can automatically turn off the pump 
that is filling the tank. If the liquid level goes below a predetermined level, the 
micro detects this and automatically starts the pump (see Figure 6.3). The key 
point here is that the computer makes its own decisions based on the input data 
that it receives. The result is full automation of some process or device. 

The micro’s ability to monitor and control operation may be used to auto- 
mate simple processes in a toy or to operate entire factories. 


COMPUTER ORGANIZATION AND OPERATION 


All microcomputers are made up of four basic sections: memory, control unit, 
arithmetic-logic unit, and I/O unit. A general block diagram of a microcomputer 
showing these four sections is given in Figure 6.4. These four sections commu- 
nicate with one another over multiple parallel electrical conductor data paths 
called a bus, as shown, to process the data or perform a control function. 

Note that the control and arithmetic-logic unit (ALU) are shown together in 
a common structure. This is the central processing unit (CPU). The CPU is, of 
course, usually a microprocessor. 

The memory is that part of the computer where data and programs are 
stored. The memory in any computer may contain thousands, millions, or 
even billions of locations used for storing numbers, words, or other forms of 
information. 

Two primary types of information are stored in computer memory. The 
first type is the data to be processed. These are the codes, numbers, letters, and 
other forms of data to be manipulated. 
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FIGURE 6.4 General block diagram of any digital computer or microcontroller. 


The other type of data stored in memory is an instruction. Instructions are 
special binary numbers or codes that tell the computer what to do. Instructions 
specify the ways in which the data is to be processed. For instance, there are 
instructions that cause arithmetic operations to take place or data to be trans- 
ferred from one place to another. 

The instructions listed in a special sequence form a program. A program 
is a list of instructions that causes data to be processed in a unique way. A 
program is a step-by-step procedure that solves a problem, performs a control 
operation, or otherwise manipulates data according to some recipe. Programs 
are stored in memory along with the data that they process. In some micros 
there are separate memories for data and instructions. The programs that a 
computer uses are called software. 

Data and instructions can be stored in or retrieved from memory during 
processing. When data is stored, we say that it is written into memory. When 
data is retrieved, we say that it is read from memory. A typical write operation 
transfers data from an analog-to-digital converter and stores it in memory. A 
common read operation accesses data in memory to be transferred to an LCD 
screen. 

Now let’s look at the operation of the CPU. The control unit is that portion 
of the digital computer responsible for the automatic operation. The control 
unit sequentially examines the instructions in a program and issues signals to 
the other sections of the computer that carry out designated operations. 

Each instruction is fetched (read) from memory by the control unit, inter- 
preted, and then executed one at a time until the program is completed. This 
is called the fetch-execute cycle, which is repeated on each instruction until 
the program runs to completion. The execution of each instruction may call 
for accessing one or more data words in the memory or storing a data word in 
memory. 

The ALU is the section of the computer that carries out many of the func- 
tions that are specified by the instructions. In other words, the ALU actu- 
ally processes the data. Specifically, the ALU carries out two main types of 
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processing: arithmetic operations (such as addition, subtraction, multiplication, 
and division) or logic operations (such as AND, OR, complement, or exclusive 
OR). For example, 1f an add instruction 1s stored in memory, the control sec- 
tion will fetch it, interpret it, and send signals to the ALU that cause two num- 
bers to be added. 

The ALU also performs data movement operations. It can move data or 
instruction words from one place to another inside the CPU or it can carry out 
memory read/write or input/output operations. These are called load and store 
instructions. 

A key part of the CPU associated with the ALU 1s the registers. Most 
ALUs have two or more registers. High-powered CPUs may have a group 
of 16 or more registers, called general-purpose registers (GPRs). The reg- 
isters are used to temporarily store the data being processed by the ALU 
and the results of the computations. Other registers in the CPU store a 
number called an address where the data or instructions are stored, store 
the instruction being executed, or act as a stop-off place for data into or out 
of the CPU. 

The control section, ALU, and the registers in all micros are very closely 
related. They operate together and are always considered as a single unit. As 
indicated earlier, the combination of the control and the ALU sections is called 
the CPU (see Figure 6.4). In addition, microprocessors are single-chip CPUs. 
Besides being called CPUs, microprocessors are sometimes called MPUs or 
microprocessing units. You will also see the expression uP used to refer to a 
microprocessor. The u is the Greek letter mu, which means micro; the P means 
processor. 

A microcomputer consists of a microprocessor (the CPU) plus external 
memory and I/O circuits. Or it could be an embedded controller with every- 
thing on one chip. The memory is either SRAM or DRAM for data and pro- 
grams and EEPROM or flash for the program. 

The I/O unit of the computer is the set of logic circuits that permits the 
CPU and memory to communicate with the outside world. The I/O circuits are 
referred to as interfaces. All data transfers into and out of the computer pass 
through the I/O interfaces. 

The external peripheral devices, or peripherals, connected to the I/O unit 
are electronic or electromechanical units that are used for data entry or data 
display. Data is most commonly entered into the computer through an input 
keyboard or a disk drive. 

The output data is usually displayed on a video monitor or small LCD 
screen. “Hard copy” on paper is created by a printer. There are a wide variety 
of other external input/output devices such as scanners, voice synthesizers, and 
barcode readers. 

In an embedded microcontroller, the peripheral devices include keyboard, 
ADC, sensors, magnetic stripe readers, barcode scanner, and so on. Outputs go 
to relays, motors, lights, and liquid crystal displays (LCDs). 
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OPERATIONAL DETAILS 
Registers and the ALU 


The main circuit element in a CPU is the register. Usually the data to be pro- 
cessed by the CPU is taken from memory and stored temporarily in a register. 
Like a memory location, a register usually has a fixed length such as 8, 16, or 
32 bits. But unlike a memory location, registers are often used to manipulate 
data as well as store it. That is, the register can alter or process the data in 
some way. 

Examples of how a register can process data are shown in Figure 6.5. A 
binary word in a register can be shifted one or more bit positions to the right 
or left, or the register may be connected as an up/down counter so that 1t can 
be incremented (add one to the content) or decremented (subtract one from the 
content). A register can also be reset or cleared, thereby erasing any data in it 
and leaving the content zero. 

Data transfers and manipulations performed on a register are initiated by 
individual computer instructions. For example, one instruction may cause the 
register to be loaded from a memory location. Another instruction may cause 
the word in the register to be transferred to a memory location. All data trans- 
fers are parallel, meaning that all bits are moved simultaneously from the 
source to the destination. 

The main working register in most digital computers is called the accu- 
mulator. It may also be called the A register, W register, or something else. 


010141 1 0 1 | Data word in register 


0 Data in register after word is 

t shifted one bit position to the left 
MSB shifted New 0 bit 

out and lost shifted in 


000000 1 1 | Original content of register (3) 
00000 1 0 0 |Content of register after being 


incremented (4) 


000000 1 1 |Content of register after being 


decremented (3) 


101100 1 0 | Data word in register 
000000 0 0 |Content of register after being 


cleared or reset 


FIGURE 6.5 How data is manipulated in a register. Examples of shifting data, incrementing and 
decrementing a register, and clearing (resetting) a register to 0. 
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The accumulator can hold one word whose bit length is equal to that of a 
memory location. An 8-bit microprocessor has an 8-bit accumulator. The accu- 
mulator is part of the ALU. 

The accumulator can be loaded from memory or the accumulator content 
can be stored in any memory location. I/O operations with peripheral units 
sometimes also take place through the accumulator. 

Data to be processed by the arithmetic/logic section is usually held in the 
accumulator. This data is fed to the ALU. The ALU is a digital logic circuit 
that can add, subtract, and perform a wide variety of logic operations. 

The ALU is capable of processing two inputs, one from the accumulator 
and one from the memory of another register (see Figure 6.6). Let’s assume 
that you wish to add two binary numbers. To do this, you first load one of 
the numbers (the augend) into the accumulator. This is done with a load- 
accumulator instruction that takes the number from a memory location and 
puts it into the accumulator. Next, an ADD instruction is executed. This causes 
another word (the addend) to be taken from memory and placed in register B. 
It is then added to the content of the accumulator. The sum is usually stored 
back in the accumulator, replacing the augend originally there. 

Some microprocessors have two or more accumulator registers that share 
a single ALU. Two accumulators provide greater flexibility in the manipula- 
tion of data than a single accumulator. Such multiple registers simplify, speed 
up, and shorten a program to perform a given operation. Some sophisticated 
CPUs have 4, 8, 16, or even more accumulators. Usually they are referred to as 
GPRs or a register file. These registers can each use the ALU and act as tem- 
porary storage locations for data and the intermediate results of calculations. 
Instructions are provided to move data from one register to another. 


Register b 


ADDEND 


Accumulator 


AUGEND/SUM 


and register b 
previously 
loaded from 
RAM 


FIGURE 6.6 How ALU adds or otherwise processes two data values. 
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In most micros, the GPRs share a single ALU. The ALU accepts only two 
input words and generates a single output word. The two words to be processed 
by the ALU usually come from any two GPRs or any GPR and a designated 
memory location. The destination of the ALU output can also be one of the 
GPRs in some CPUs. 


Control Unit 


CPUs also have several other registers, including the instruction register; the 
program counter, also called the instruction counter; and the memory address 
register, also called the address buffer. 

The instruction register (IR) is used to store the instruction word. When 
the CPU fetches an instruction from memory, it is temporarily stored in the IR. 
The instruction is a binary word or code that defines a specific operation to be 
performed. The instruction word is also called the op code or operation code. 
The CPU decodes the instruction, and then executes it. 

The program counter (PC) is really a counter and a register. It stores 
a binary word that is used as the address for accessing the instructions in a 
program. If a program begins with an instruction stored in memory location 43, 
the PC is first loaded with the address 43. The address in the PC is applied to 
the memory, causing the instruction in location 43 to be fetched and executed. 
After the instruction is executed, the PC is incremented (add 1) to the next 
address in sequence, or 44. The instructions in a program are stored in sequential 
memory locations. 

The memory address register (MAR) or address buffer also stores the 
address that references memory. This register directly drives the address bus 
and the memory address decoder in RAM or ROM. The MAR gets input from 
the PC when an instruction is to be accessed (see Figure 6.7). The MAR can 
also be loaded with an address that is used to access data words stored in 
memory. To retrieve a data word used in an arithmetic operation, the MAR is 
loaded with the binary word that points to the location of that word in RAM. 
This address is often a part of the instruction. 

It is important to note that the PC and the MAR (address buffer) have a 
fixed length of so many bits. And that limits the amount of memory that can 
be accessed. For example, with a 16-bit address register, the address bus has 
16 bits to address RAM and ROM. With 16 bits, a maximum of 21? = 65,536 
words can be addressed. 

There are usually two other registers, the flag and stack pointer registers. 
The flag or F register is an 8-bit register whose individual flip-flops are set and 
reset by the ALU as the various arithmetic and logic operations are carried out. 
Each flip-flop is called a flag. As an example, there are zero (Z) and carry (C) 
flags. If the accumulator content is zero after an operation is performed, the Z 
flag is set indicating this condition. If an arithmetic operation (addition) results 
in a carry from the MSB of the accumulator, the C flag is set indicating this 
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Program counter 


Memory address register 
(address buffer) 


Address decoder 


FIGURE 6.7 Program counter identifies the address in memory to be accessed. 


condition. These flags can be monitored or tested by the control circuitry to 
change the sequence of processing. 

The stack register is a 16-bit or larger register used to address a selected 
area of RAM known as the stack. This memory is used to store register con- 
tents and status information when subroutines and interrupts are used. 


Instruction-Word Formats 


There are three types of instruction formats used in typical 8-bit microproces- 
sors, illustrated in Figure 6.8. In the single-word format, the instruction is a 
single 8-bit word. This word is called the op code. The op code tells the ALU, 
the registers, and other elements of the system what to do. In this format, no 
address is used. The focus of the instruction is implied in the instruction. That 
is, the data to be processed is already in a location designated by the instruc- 
tion. Usually the data is in a register. Typical instructions using this format are 
register-to-register transfer, shift data left (or right), or clear to zero. 

The two-word instruction format in Figure 6.8 requires two 8-bit words to 
define the operation. These two words are stored in sequential memory loca- 
tions. The first word is the op code. The second word is usually an address that 
specifies a memory location where the data word to be processed is stored. For 
example, if the op code calls for an add operation, the address word designates 
the location in RAM of the number to be added to the contents of the accumu- 
lator. The 256 bytes of RAM can be addressed with 1 byte of address. 

In some 2-byte instructions, the second byte is not the address. Instead, it is 
the data itself. This 1s called an immediate instruction since it is not necessary 
to address the data that is available immediately within the instruction itself. 
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x Single-word (byte) instruction 


OP code 
Two-word (byte) instruction 
Address (or data) 


Least significant l 
half of address Three-word (byte) instruction 


Most significant 
C half of address 


FIGURE 6.8 Three common instruction-word formats with addresses or data. 


The three-word instruction format in Figure 6.8 is comprised of an 8-bit 
op code and two 8-bit address words stored in sequential memory locations. 
The second and third bytes together form a 16-bit address word that designates 
the location in RAM of the data to be processed. In the 3-byte instruction for- 
mat, the first byte is the op code, the second byte is the least significant half 
of the address, while the third byte is the most significant part of the address. 
Different formats are used by other micros. 

To access a word in RAM, the instruction address word must be stored 
in the MAR. This happens during the instruction fetch operation. When an 
instruction is fetched from memory, the op code is stored in the instruction 
register while the address is stored in the MAR. The instruction is then 
executed. The MAR usually gets its input from the PC. Once an instruction is 
fetched and executed, the PC is incremented. 

The PC may be incremented once, twice, or three times, depending on 
the length of the instruction just executed. If a 2-byte instruction is executed, 
the PC is incremented twice so that the PC points to the address of the next 
instruction op code. 


Program Execution Example 


Now let’s illustrate how a typical CPU executes a simple program. Here are a 
few common instructions similar to those found in any micro. 


Move A to B (MOV B,A): This is a 1-byte instruction that causes the 
content of the accumulator (A) to be moved to register B. The content of 
the accumulator is not erased. 

Load Accumulator (LDA): This is a 3-byte instruction that takes the 
content of the address specified by the second and third bytes and loads it 
into the accumulator. 
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Add Immediate (ADI): This is a 2-byte instruction that takes the content of 
the second byte of the instruction and adds it to the content of the accumu- 
lator. The sum is stored in the accumulator, replacing the number that was 
there previously. 

Halt (HLT): Halt is a 1-byte instruction that stops processing. 


Note that we refer to each instruction by a three-letter abbreviation called a 
mnemonic. 

Figure 6.9 shows a complete CPU and the RAM containing a simple pro- 
gram. The first instruction in the program is the LDA stored in location 0000. 

To begin the execution, the address of the first instruction is loaded into the 
PC that points to the location of the instructions in RAM. 

Next, the content of the PC is transferred to the MAR that addresses RAM. 
The LDA instruction op code is fetched and stored in the instruction register. The 
address bytes of the LDA instruction in locations 0001 and 0002 are then trans- 
ferred to the memory address register. The address of the data to be loaded into 
the accumulator in bytes 2 and 3 is 0008. The desired data word in location 
0008 is retrieved and loaded into the accumulator. This is the augend (23). 

After the LDA instruction is executed, the number 23 is stored in the 
accumulator. Next, the PC is incremented three times. The ADI instruction is 
then fetched and stored in the instruction register. The number to be added 
is stored in location 0004. 

This is an ADD immediate instruction where the second byte contains the 
data, in this case the addend (56). The number in location 0004H is 56, which 
is added to 23 in the accumulator, creating the sum 79. The mnemonic of the 
next instruction to be executed is MOV B,A in location 0005. 


Memory address register 


| RAM (OR ROM) Program counter 


Accumulator 


Register b 


FIGURE 6.9 Example of program stored in RAM for execution using various CPU registers. 
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The sum in the accumulator is then moved to the B register by the MOV 
B,A instruction. The content of the accumulator is not changed when data is 
transferred to the B register. 

The PC is incremented once since the HLT is a 1-byte instruction. 

As you can see by this step-by-step analysis of the execution of a computer 
program, there is nothing mysterious about its operation. The CPU simply fetches 
and then executes the sequentially stored instructions at very high speed until 
the operation is complete. This process is sometimes referred to as the stored 
program concept. 


Microcomputer Buses 


Data transfers inside a microprocessor take place in parallel. This means that 
all bits in a word are transferred simultaneously from one place to another. It 
takes only a few nanoseconds (one billionth of a second) for all data bits in one 
register to be moved to another register. 

The parallel data transfers take place over a data bus. A bus is simply mul- 
tiple parallel electrical connections from a source to a destination. A number 
of these buses are contained within the CPU and are known as internal buses. 

Microprocessors usually have three major buses—a data bus, an address 
bus, and a control bus. These are made available to external circuits in some 
micros. A typical 8-bit CPU has an 8-bit data bus and a 16-bit address bus. The 
data bus sends data to and from the CPU, RAM, ROM, and I/O sections. All 
data transfers between the CPU and memory or I/O sections take place over 
the data bus. The address bus drives all of the memory and I/O devices. 

When an instruction is fetched from RAM or ROM, it is transferred over 
the data bus from the memory into the instruction register. Any data word 
retrieved from memory or a peripheral device via the input section also passes 
over the data bus into the accumulator or GPR. 

When a store instruction is executed, the word in the accumulator is 
transmitted over the data bus into RAM. Data can also be transferred from the 
accumulator over the data bus to an external device such as an LCD. Or, data 
from an input device such as a keyboard passes over the data bus and is placed 
into the accumulator. The important point here is that data can move in either 
direction over the data bus. We say that it is a bidirectional bus. 

Another key point is that the data bus can be connected to only one data 
source at a time. Data can originate only at a single source, but it can be sent to 
one or more destinations. To accomplish this, circuits called bus multiplexers, 
or three-state line-driver circuits, are used to connect or disconnect the various 
data sources to or from the bus. Figure 6.10 illustrates this concept. 

The address bus is a unidirectional bus. It transfers an address from the 
CPU to all external circuits (memory and I/O). Address words are produced 
in the CPU. The PC generates the address that points to the instruction to be 
fetched. The content of the PC is transferred over a parallel 16-bit internal 
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FIGURE 6.10 Only one source may transmit at a time on a bus. Others are disconnected. All 
destinations can receive the transmitted data. Dest=destination. 


address bus to the memory address register or address buffer. The output of the 
MAR or address buffer is the address bus. 

The control bus consists of numerous signals generated by the micropro- 
cessor and used to initiate various memory or I/O operations. The control bus 
also contains input lines from external circuits that tell the CPU what to do and 
when. The number of control signals varies from CPU to CPU. 


POPULAR MICROS 


The first practical microprocessors and microcomputers became available in 
the mid-1970s. Over the years lots of different models have been developed. 
As semiconductor processing technology has improved over the years, it has 
become easier and cheaper to put more circuits on a chip plus the memory that 
earlier was always external. And processing speeds have multiplied many times 
over. Today’s embedded controllers are indeed complete computers on a chip 
and they run at very high clock rates. And their cost is low. In high-volume 
manufacturing, an embedded controller can cost less than $1. 

Most of the initial processors were 8-bit devices. These are still popular 
today. Larger, faster processors are available for not much additional cost. 
Sixteen- and 32-bit processors are commonplace. Even 64-bit devices are 
available if needed. Many are individual chips, while others are available only 
as cores on a larger systems chip. Following is a summary of a few of the most 
widely used processors. 
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8- and 16-Bit Microcontrollers 


68051 


The 8051 is one of the oldest but still widely used. It was originally developed 
by Intel in the late 1970s and 1980s. It is still around and available from a half 
dozen or more companies. The more recent versions are faster and have more 
memory and I/O features than the original. Original clock speeds were only 
8 to 12 MHz, but today you can get models with a clock rate up to 100 MHz. 

A general block diagram of the 8051 is given in Figure 6.11. The 8051 
features an internal RAM of 128 or 256 bytes but can handle 64 or 128 KB 
of RAM externally. The internal ROM can be had from 512 bytes to 128 KB. 
Some models also feature flash memory. As for I/O ports, the figure shows 
four 8-bit parallel I/O ports. You can get a standard serial port called a UART, 
and more specialized I/O ports such as SPI and IC. See the Interfaces sidebar 
in this chapter. Many models also come with an internal 10- or 12-bit ADC. 

A few other items in this diagram that were not previously discussed are 
the clock, interrupts, and timers. The clock is an oscillator that controls all 
operations in the micro. Its frequency is usually set by an external crystal that 
maintains a precise and stable frequency. The higher the frequency, the faster 
the operations. Fast is good. 

An interrupt 1s, as its name implies, an external signal that can interrupt 
the CPU when an important event occurs. It can signal the CPU of the event 
and even cause the CPU to stop executing the current program and jump off to 
another program to deal with the interrupt. 

Timers are usually just one or more up/down counters than can be pro- 
grammed with various count values. These are used to implement count functions 
in programs and to provide timing operations for I/O operations. Most controllers 
have one or more timers. 


68HC11 


Another widely used 8-bit controller is the Freescale 68HC11 and its various 
versions. There are dozens of offshoots and variations. It has two 8-bit accu- 
mulators and one 16-bit accumulator. Total memory space is 64 KB with 
128, 256, or 512 bytes of RAM, and up to 48 KB of ROM program memory. 
Different versions have all the interfaces, both parallel and serial, and some 
models have a built-in 8-bit ADC. A 16-bit version called the 68HC12 is also 
part of the product mix. 


PIC Processors 


Microchip Technology makes one of the most widely used 8-bit controllers. 
Called PIC processors, they are extremely simple and cheap. There are hun- 
dreds of versions with different memory sizes and configurations and various 
mixes of interfaces. One of the simpler versions is the 16C54. It has a single 
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FIGURE 6.11 General block diagram of 8051 microcontroller. It is very similar to most other controllers in terms of major circuits and their interconnections. 
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working register, W, that 1s the accumulator. It uses a bank of 24 to 73 regis- 
ters for RAM. ROM for program storage ranges from 512 bytes to 2 KB. I/O 
occurs via 4- or 8-bit parallel ports. Larger versions have more RAM and more 
ROM, higher clock speeds, a built-in ADC, and special network interfaces like 
CAN. Several 16-bit versions are also available. 


MPS430 


A typical 16-bit microcontroller is the Texas Instruments MSP430. It has 16 
GPRs and a clock speed of 16 MHz. On-chip RAM is SRAM, and can be had 
in versions with 128 bytes to 10 KB. ROM for the program is flash from 1 KB 
to 120 KB. It has an ADC on board, a DAC, timers, and all the common serial 
interfaces. It is a popular chip because its low power consumption makes it 
ideal for portable and battery-powered devices. 


32- and 64-Bit Processors 


As it turns out, it is almost as cheap and easy to make a 32-bit processor as 
it is to make an 8-bit device. For that reason, for a few cents more, designers 
can make their products faster and more powerful by selecting a 32-bit device. 
With this many bits being processed at the same time, it 1s possible to move 
more data faster, compute with increased resolution, and to perform much 
more complex operations faster and easier. Thirty-two-bit processors can also 
address much more memory. A few years ago, 32-bit processors were reserved 
for only the largest or most critical of needs. Today, the 32-bit processor is 
almost as widely used as the 8-bit processor. 

Three devices account for most applications. They are made by ARM 
Holdings, Freescale, and MIPS. ARM is the name of a British company that 
invented a super-simple, fast, and flexible 32-bit processor that does every- 
thing well at very low cost. It is referred to as a reduced instruction set com- 
puter (RISC) processor. It has a few simple instructions but is extremely fast. 
ARM does not actually make chips, but instead licenses the design to others. 
There are several vendors of ARM processors but most of them are actually 
cores that are integrated on-chip with other circuits to form a system on a chip 
(SoC). With over 75% of the market share, you are sure to encounter an ARM 
device sooner or later. Chances are you own at least one inside a product such 
as a cell phone, which is where most are used. 

Freescale’s PowerPC is another popular 32-bit processor. It was originally used 
in Apple Macintosh computers but no more. IBM used it widely and still does in 
some products. Many embedded versions have since been made. Its primary usage 
is in communications, networking, automotive, and industrial applications. 

For really super processing power, the MIPS processors are a popular choice 
for certain embedded applications. These devices come in 32-bit as well as 64-bit 
models, in case you really have a hot application for which nothing else will do. 
The MIPS processors are great at advanced math and have excellent resolution. 
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Microcontroller Interfaces 


An interface is the circuitry that connects an embedded controller to the outside 
world. Initially, all I/O in early micros was just the parallel data and address buses 
extended to accommodate additional I/O circuitry. Today, much of the I/O inter- 
face circuits are put right on the same chip with the rest of the micro. Following 
are the most widely used interfaces you are likely to encounter. All of these are 
serial interfaces. Parallel I/O is still used, but today the preference is serial I/O 
because of fewer interconnecting lines. 
RS-232/UART—This universal asynchronous receiver-transmitter is actually 
the physical circuitry implementing a popular serial interface standard referred 
to as RS-232. It was originally developed for connecting computers to teletype 
machines and early video terminals. It is still used today, especially for con- 
necting to industrial equipment for monitoring or control. 
The RS-232 interface sends and receives data in bytes (8 bits) plus two extra bits, 
called Start and Stop bits, that tell the receiving device when the data begins and 
ends (see Figure 6.12). The logic levels are —3 to —25 volts for a binary 1 and 
+3 to +25 volts for a binary O. Typical voltage levels are in the 5- to 12-volt 
range. The data rate is slow, typically from 300bps to 115.2 kbps. Standard data 
rates are used, so no clock signal is needed. Common speeds are 2400, 9600, 
and 19,200 bps. The physical communications medium is a two-wire (signal plus 
ground) cable that can be up to 50 feet long. Special 9- and 24-pin connectors 
are part of the standard. Many PCs and laptops still have a 9-pin RS-232 port. 
I?C—Shorthand for inter-integrated circuit or | squared C, this is a low-speed 
serial bus that is used for sending data from one chip to another on the same 
PC board or over short cables between two pieces of equipment. The data rate 
is typically in the 10 kbps to 400 kbps range, but a faster version (3.4 Mbps) is 
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FIGURE 6.12 ASCII letter “j” being sent over an RS-232 interface using a UART. 


(Continued) 
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Microcontroller Interfaces (Continued) 


available. Speeds rarely exceed 100 kbps. Only three wires are needed, data, 
a clock signal that controls the data transfer, and a ground. 

SPI—This is the serial peripheral interface. It uses four wires, data in, data out, 
clock, and a select signal that determines whether a device is a master or slave 
and either sending or receiving data. A fifth connection is ground. It is much 
faster than the IC interface, with speeds up to 20 Mbps. 

CAN—This is controller area network serial bus in an interface used to link 
micros together in small networks. It is used in automotive and industrial 
applications. The usual cable is twisted pair and a ground. Speeds range from 
10 kbps to 1 Mbps with 20 kbps being typical. The data is sent in specifically 
formatted frames as determined by a standard protocol. It uses start and stop 
bits like the RS-232 and some similar control codes defined in ASCII. It also 
includes error detection and correction capability, so it is very reliable. 
USB—The universal serial bus is the most common PC interface for peripherals 
including keyboard, mouse, printer, flash drive, external disk, and so on. It is also 
used in some embedded micros. The interface uses two wires but also includes 
+5 volts DC and ground. Version 2.0 provides speeds to 480 Mbps over cables no 
longer than 16 feet. A new higher-speed version 3.0 is also available with speeds 
up to 5 Gbps. Data is sent in bytes in packets according to a unique protocol. 
RS-485—This is an interface widely used in industrial applications. It uses 
twisted pair cable that can be up to 4000 feet long. The cable is actually a bus 
to which many devices can be attached. Data rates can be up to 10 Mbps for 
shorter lengths. Various protocols may be used. 


A WORD ABOUT SOFTWARE 


The microcontroller can perform almost any digital function from the simplest 
logic operation to a complex mathematical calculation. The only problem is 
that you have to tell it to do what you want. And you do that by programming. 
A program is the sequence of instructions that detail the order in which you do 
the various processing steps that lead to your application. The controller chip 
itself is a dumb piece of hardware waiting for its program. What this means is 
that today, designing an electronic product is as much about writing programs 
as it is building electronic hardware. 

Software is the name given to all the programs that a processor uses for devel- 
oping and executing a program. The program that implements your application is 
the applications program. Other types of software used with the processor follow: 


Languages—A programming language is a set of rules or syntax that 
defines how you tell the processor what to do. A language is the tool that 
you actually use to create your application program. It is a kind of short- 
hand code that lets you express the operations in simple terms. 
Editor—An editor is like a word processing program that lets you type in 
your program. You then save it as a file that the compiler or assembler uses 
to create machine code. 
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Compiler—A compiler is the program that translates your program code 
into binary code that can be stored in the memory and used by the processor. 
Processors only understand binary code but humans are not good with such 
code. So, you write your program in a language you can understand and the 
compiler converts it to the code that the processor understands. 

Operating system—For large complex programs or for applications that 
require the processor to execute multiple programs at different times, you 
need a piece of software that manages the multiple programs and opera- 
tions. The operating system (OS) oversees things like memory usage and 
access, timing, and I/O operations. Not all embedded controllers need an 
OS, just the more powerful ones with multiple functions. For example, 
most cell phones have an OS. 

Development environment—This is a complete package of software tools 
that facilitates your software development. It consists of languages and 
compilers, as well as programs for testing and debugging your code. 
Subroutines—These are short sections of code that perform a specific opera- 
tion. It may be a math operation, some type of I/O process, or other function 
that is performed multiple times. You only write the subroutine once, and then 
access it when you need to do that operation. Many development systems 
have libraries of subroutines that you can tap so you do not have to program 
common functions yourself. Subroutines shorten your development time and 
speed execution. 


Programming Languages 


There are dozens of languages used from programming embedded controllers. 
The more popular ones are assembly language, C, and BASIC. 


Assembly Language 


Assembly language uses shorthand mnemonics such as three- or four-letter 
designations for the instructions that the processor can execute. Instead of 
programming with binary code, you use the mnemonics. In addition, you 
use names that you make up to identify memory locations, I/O ports, and 
other things normally referenced by a binary code. Following is what a 
simple assembly program looks like: 


ORG $0000 
LDAA FIRST 
MUL SECOND 
STA PRODUCT 
OUT PORT 1 
END 


This programs loads one number from a memory location given the name 
FIRST, multiplies it by another number in memory location named SECOND. It 
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then stores the result in another memory location called PRODUCT. It next out- 
puts the value to an I/O port called PORT 1. The ORG $0000 simply says to start 
the program whose first instruction 1s in memory location 0000, a hex address. 

The software that converts the assembly language program to binary code 
is the assembler. The assembler gives actual binary assignments to the memory 
locations named as well as the instruction op codes. 


C Language 

The C language is referred to as a higher-level language in that the various syntax 
and terminology of the language usually translates into multiple binary machine 
instructions. The C language lets you write the program in a more conversational 
or casual format using English instead of cryptic mnemonics and other terms. 
The language is a bit of a challenge to learn, but after that programming goes 
much faster. A compiler converts the C-language program code into binary code. 

A simple C program may appear like this: 


int X, y, Z 

xX = 38 

y = 57 

z= 57 — 38 
printf z 


The first line identifies three integer values x, y, and z; 38 1s assigned to x, and 
57 to y. Then the difference between the two is designated z. Finally, the printf 
line accesses a subroutine that causes z to be printed. 


BASIC Language 


Some embedded controllers use a simplified version of BASIC. BASIC was 
invented before personal computers and initially became the main language of 
personal computer programming. Microsoft still sells its Visual BASIC soft- 
ware for program development. BASIC is very simple higher-level language 
that is easy to learn and use. The program created is then translated into binary 
code by a compiler. Alternately, the controller runs a program called an inter- 
preter that resides in memory and executes the program a command at a time. 

The following program is written in PBASIC, a simple version of BASIC 
used with an embedded controller called the BASIC Stamp made by Parallax. 
It uses a PIC microprocessor and stores a program in flash memory. The pro- 
gram causes an LED to flash off and on. 


Flash 
Output 7 
High 7 
Pause 500 
Low 7 
Pause 500 
Goto Flash 
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The name of this program is Flash. The first line tells the controller to 
make pin 7 the output port. The next line tells pin 7 to go high or to binary 1. 
The next command says pause for 300 milliseconds. Next, pin 7 1s made to go 
low or to binary 0 via the Low command. Pause makes it stay there for another 
500 milliseconds. Finally, the Goto command causes the program to look back 
and repeat itself again and again. The result is an LED that turns off and on at 
a 1000-millisecond (1-second) rate. 


DIGITAL SIGNAL PROCESSING 


Digital signal processing (DSP) is the technique of programming a microcom- 
puter to perform operations normally carried out by analog or linear circuits. 
The method is illustrated in Figure 6.13. Assume you want to process an ana- 
log signal by filtering. You could use a hardware filter made up of inductors and 
Capacitors or resistors and capacitors. Another way to do it is with DSP. The 
analog signal to be filtered is first digitized with an ADC and the resulting data 
stored in a RAM. This data is then acted upon by a processor programmed to 
perform a filter function. Special mathematical algorithms have been developed 
to do this. The resulting calculations generate new data that is also stored in the 
RAM. This new data is then sent to a DAC where it is converted back to an 
analog signal. The result is that the signal is filtered as 1f were processed by an 
electronic circuit of capacitors and inductors. The processing was mathematical. 

There are many other operations that can be performed by DSP. Filtering is 
the main application, but you can also do things like modulation and demod- 
ulation as needed in wireless applications. It will perform other things such 
as data compression, equalization, tone control, and even frequency analysis. 


Single-chip DSP 


Processed 
analog 
output 


Analog 
signal 


Program 
ROM 


FIGURE 6.13 Basic make-up of digital signal processor and its ADC and DAC I/O. 
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Using a program called the fast Fourier transform (FFT), the DSP can analyze 
a signal and tell you exactly what frequency components are in it. It identifies 
the harmonic frequencies and their various amplitudes and phases just as in a 
frequency-domain plot. 

The big question is why use a complicated technique such as DSP when 
you can do it with simple analog/linear hardware? Probably the best answer 
is “just because we can.” With cheap single-chip processors, DSP is often no 
more expensive than an equivalent analog circuit. Since everything else is dig- 
ital these days, 1t makes some sense to do as many analog functions digitally 
as well. But the best reason is that DSP provides superior results over analog 
methods. Filtering is substantially improved with better selectivity that was not 
possible with analog filters. 

While DSP can be programmed on any processor or controller, it 1s best 
done on special DSP chips designed for the purpose. They use special archi- 
tectures and processing schemes to speed up and improve the processing over 
standard conventional processors. A good example is that DSP chips imple- 
ment a multiply and add or accumulate function, called MAC, that is common 
to most DSP processes. The MAC has to be programmed in a standard proces- 
sor, but in a DSP chip it is implemented with special hardware that speeds up 
the process and simplifies programming. Some more conventional processors 
also incorporate DSP instructions to facilitate DSP operations. 

Now that DSP chips are cheap despite their complexity and speed, DSP is 
widely used. It is found in most electronic products today, such as TV sets, cell 
phones, MP3 players, cable modems, and many other common products. 


Project 6.1 


Use a Microcontroller 
One of the fastest ways to get familiar with a microcontroller is to use the BASIC 
Stamp made by Parallax. It comes as a complete unit with a microchip technology 
PIC processor and I/O circuits. One is a USB port to a personal computer. The soft- 
ware provided lets you program the controller in PBASIC. You write the program on 
a personal computer and download it to the EEPROM in the PIC. Then you run the 
program. It is ideal as a way to monitor and control lots of simple devices. And it is 
a fast and easy way to see firsthand what a controller does. 

Go to the Parallax website at www.parallax.com and find the BASIC Stamp 
info and just order one. There are various models, from the ultra simple to the 
complex, and lots of accessories to help you implement various applications. 


Project 6.2 


Learn More about DSP 
Go to the Texas Instruments website at www.ti.com. TI is the leader in DSP chips 
and has lots of useful information for your learning purposes. 


Chapter 7 


Radio/Wireless 


The Invisible Cables of Modern Electronics 


In this Chapter: 


The oldest electronic application. 
What are radio waves? 
The electromagnetic frequency spectrum. 


The hardware of radio: transmitters, receivers, and antennas. 
Two-way radio applications. 

Satellites. 

Radio telescopes. 


INTRODUCTION 


First they called 1t wireless. Then they called 1t radio. Today, the term wireless 
is trendy again. Whatever you call it, radio is communication over a distance 
without any physical connection. Radio is cool because it is completely silent 
and invisible. It can occur over a distance of only a few feet, all the way around 
the world, or between planets and spacecraft. Radio, despite the fact that it has 
been around for over a century, and the fact that we take it for granted on a 
grand scale, is truly black magic. When you finish reading this chapter, you 
will know how this magic works. 


RADIO COMMUNICATION SYSTEMS 


Radio is an electronic communications system. All electronic communica- 
tions systems have the basic form shown in Figure 7.1, whether it is a wired 
or wireless system. The information to be communicated, usually voice, is 
first converted into an electrical signal by a microphone. That signal is then 
processed by the circuits in a transmitter (TX), and then sent via a commu- 
nications medium to a receiver (RX) that processes the signal and converts 
it back into voice by a speaker or headphones. In the telephone system, the 
communications medium is a cable made of copper wire. In a cable TV sys- 
tem, the medium is a coaxial cable, twisted-pair cable, or fiber optic cable. But 
in radio, the communications channel is free space. The radio signal travels 
from one place to another almost instantaneously and it passes right through 
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FIGURE 7.1 Model of electronic communications system. 
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most obstructions like walls, buildings, smog, trees, and even people. Note that 
noise is added to the signal as it passes through the channel or medium. 


Noise 


Noise is any random electrical voltage that interferes with the weak radio signal. 
Noise comes from the atmosphere, space, human-made objects, and electronic 
components. Atmospheric noise is lightning. Space noise comprises random 
signals from the Sun and remote stars. Human-made noise comes from electri- 
cal power generation, distribution, and switching. It also comes from fluorescent 
lights, motors, auto ignitions, and many other sources. The worst noise comes 


from the electronic components that actually process the weak radio signal. 
Resistors, transistors, and integrated circuits generate random noise because of 
thermal agitation. Heat produces random movement of the electrons in the com- 
ponents, and that produces a noise voltage which is added to the radio signal. 
Even though noise voltages are very small (microvolts or nanovolts), they are still 
large enough to interfere with and in some cases obliterate the very small received 
radio signal. In most radio systems, it is noise that limits intelligibility, transmitted 
data speed, and transmitted distances. 


THREE BASIC WAYS OF COMMUNICATIONS 


Radio communications systems work in one of three basic ways, simplex, half 
duplex, and full duplex (see Figure 7.2). 


Antenna Antenna 
N/ > VV 


Free space 


(A) Simplex — one way 


Free space 


(B) Duplex — Two way 
Half — Alternating send/receive 
Full — Simultaneous send/receive 


FIGURE 7.2 Ways of communicating. 
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Simplex 


Simplex 1s one-way communications. Examples are radio broadcasting, pag- 
ing, and remote control. A radio telescope is also one-way: there 1s a transmit- 
ter at one end and a receiver at the other. 


Half Duplex 


Duplex means two-way, and most radio communications are really two-way 
affairs. There is a transmitter and a receiver at both ends of the communica- 
tions system. Both parties can send and receive. And there are two types of 
duplex systems, half duplex and full duplex. 

In half-duplex systems, only one party can transmit at a time. Those com- 
municating with one another take turns talking. This is the kind of radio where 
you have to say “over” or “come back” after you finish speaking to let the 
other party know that it is time for her or him to talk. CB radio is like this. 
Most two-way communications services (police, fire, taxi, aircraft, marine, 
etc.) use this method because it is cheap and simple. Fax machines are half 
duplex. Most computer modems are half duplex. 


Full Duplex 


Full duplex is more complex and expensive. This is two-way radio where both 
parties can both send and receive simultaneously. Probably the best example of 
this is a cordless or cellular telephone. It is great to be able to talk and listen at 
the same time. 


WHAT IS A RADIO WAVE ANYWAY? 


Any discussion of radio always gets around to this basic question. How do you 
describe something that you cannot see, feel, or hear? You imagine it. 


Electric and Magnetic Fields 


A radio wave 1s an invisible force field that is made up of both a magnetic field 
and an electric field. In combination, we call them an electromagnetic field. 
We can’t see or feel them, but we can experience their effects. In Chapter 2, 
electric and magnetic fields are described briefly. To review, a magnetic field 
is a force generated by a magnet, either a permanent magnet or electromag- 
net. Current flow in a wire or other conductor produces the magnetic field. 
Invisible magnetic flux lines emanate from the magnet and may influence 
objects in or near them. 

An electric field derives from a voltage, or what we call a potential, across 
two conductors. The attraction of the positive and negative charges across an 
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open space introduces another kind of invisible field that can also influence 
external objects. 

Now 1f you combine these two types of fields into a self-supporting entity, 
you would have an electromagnetic field or radio wave. We create a radio sig- 
nal with the circuits in a transmitter, but 1t is the magic of a device called an 
antenna that produces the combined electric and magnetic field that we refer 
to as a radio wave. 

In the 19th century, a British scientist named James Clerk Maxwell figured 
out that if you generate a changing electric field, it would, in turn, generate a 
magnetic field. If the magnetic field is changing and moving forward, 1t will 
generate an electric field. The two fields support or regenerate one another as 
they change and move outward from the antenna that produces them. Maxwell 
expressed his theories in his famous mathematical equations that form the 
foundation of radio and light transmission. 

Trying to draw a picture of a radio wave 1s somewhat like trying to draw 
a picture of the wind. Nevertheless, Figure 7.3A is an attempt. Try to think in 
three dimensions. Current flow in the antenna wire creates the magnetic field 
lines. The voltage across the two segments of the antenna produces the electric 
field lines. The picture is somewhat simplified 1f we just show the field lines as 
in Figure 7.3B. The electric and magnetic field lines are always at right angles 
(90 degrees) to one another. The radio wave moves in a direction at a right 
angle to both field lines, in this case either into or out of the page. As it gets 
some distance from the antenna, 1t becomes self-supporting. That 1s, the mag- 
netic field sustains the generation of the electric field and vice versa. 


Polarization 


Polarization of a radio wave means how it is oriented with respect to the surface of 
the Earth. If the electric field is vertical to the surface of the Earth, the wave is verti- 
cally polarized. If the electric field is horizontal to the Earth, the wave is horizon- 
tally polarized. It is the orientation of the antenna generating the radio signal that 
determines the polarization. A vertical antenna produces vertical polarization, and 


a horizontal antenna produces horizontal polarization. For the best reception, the 
transmitting and receiving antennas should both be either vertical or horizontal. 

There is also circular polarization. Some antennas make the signal rotate 
clockwise or counterclockwise as the signal travels from transmitter to receiver. 
Clockwise rotation, as viewed from the transmitter, is called right-hand circular 
polarization (RHCP). Counterclockwise rotation is called left-hand circular polari- 
zation (LHCP). 


Signal Speed 


Radio waves travel at the speed of light in space. That is 300,000,000 meters 
per second or 186,410 miles per second. So while radio transmission is not 
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FIGURE 7.3 How an antenna creates a radio wave. 


instantaneous, it is pretty fast. Just as an example, to transmit a signal to the 
moon that is 250,000 miles away takes 250,000/186,400 = 1.34 seconds. 


Signal Strength 


As the radio wave gets farther and farther from the antenna, 1t gets weaker 
and weaker. The power in a radio wave, in fact, decreases by the square of 
the distance from the antenna. For example, doubling the distance decreases 
the received power by two squared (27) or four. Even when the transmit- 
ter puts many hundreds or thousands of watts of power into the antenna, the 
signal received at a distance is many times smaller. Typical radio signals are 
usually expressed in terms of microwatts (1-millionth of a watt) or nanowatts 
(1-billionth of a watt). 
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As the radio wave encounters a receiving antenna, the magnetic and elec- 
tric fields induce a voltage into the antenna. This tiny voltage is then amplified 
and translated back into the original information signal by the receiver. 


ELECTROMAGNETIC FREQUENCY SPECTRUM 


The radio signal applied to the antenna by the transmitter is a sine wave. 
Remember that all sine waves have both an amplitude and a frequency. 
Frequency is stated in terms of cycles per second or hertz (Hz). Radio trans- 
missions can take place over a very wide frequency range. We call this range 
the electromagnetic frequency spectrum. It extends from approximately 10kHz 
to 300 MHz. Figure 7.4 shows a diagram designating the major divisions of the 
electromagnetic spectrum. 

The electromagnetic spectrum is in free space, not only here on Earth but 
throughout the universe. The spectrum space may be used by anyone and, in 
fact, on Earth we all share it. The spectrum is divided up and used for many 
different radio services. It is also partitioned such that various frequency 
ranges are assigned to or used by different countries for their various radio 
services. In many cases, portions of the frequency spectrum are shared concur- 
rently among several countries. This allocation of the frequency spectrum is 
necessary to prevent radio stations from interfering with one another. 

In the United States, the frequency spectrum is regulated by the Federal 
Communications Commission (FCC). Congress established the Communications 
Act of 1934, which has subsequently been amended to permit the FCC to reg- 
ulate all forms of radio and wired (telephone, cable TV, etc.) communications 
services. The National Telecommunications Information Administration (NTIA) 
manages the spectrum for the government and the military. Throughout the 
world, the frequency spectrum is allocated and managed by a worldwide organi- 
zation known as the International Telecommunications Union (ITU). 


Major Segments of the Frequency Spectrum 


30kHz to 300 kHz—Low frequencies (LF) 

300 kHz to 3 MHz—Medium frequencies (MF) 

3 MHz to 30 MHz—High frequencies (HF) or shortwaves 
30 MHz to 300 MHz—Very-high frequencies (VHF) 

300 MHz to 3 GHz—-Ultra-high frequencies (UHF) 

3 GHz to 30 GHz—Super-high frequencies (SHF) 

30 GHz to 300 GHz—Extremely high frequencies (EHF) 


The various areas of the frequency spectrum are assigned to different types 
of communications services. For example, in the low-frequency (LF) range, 
most communications services are navigational systems used by the Coast 
Guard and military. The AM broadcast band (530kHz to 1710kHz) is in the 
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FIGURE 7.4 Electromagnetic frequency spectrum. 
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medium-frequency (MF) range. Shortwave (SW) radio broadcasts, CB radio, 
amateur radio, and a variety of other communications services are in the 3 to 
30 MHz or high-frequency (HF) range. 

One of the most widely used areas of the spectrum 1s the VHF range from 
30 to 300 MHz. Virtually all two-way radio communications for marine, aircraft, 
mobile, and other services are in this range. FM broadcasting (88 to 108 MHz) 
and TV channels 2 through 7 are also in this region. 

The UHF frequency range, from 300 MHz to 3000 MHz (3 GHz), also con- 
tains a wide variety of communications services. It includes two-way mobile 
radio, TV, and cellular telephone. 

Frequencies above 1 GHz are designated as microwaves. In the microwave 
region between | and 3 GHz are satellite and navigational systems. For exam- 
ple, the widely used global positioning system (GPS) operates in this range. 
This area is also occupied by the newer cellular telephone service and wireless 
networks such as Wi-Fi and Bluetooth. 

The frequencies from 30GHz to 300GHz are called millimeter waves 
because their wavelength is in millimeters. These frequencies are typically 
used only by satellite and radar systems. Other services are point-to-point 
wireless data services and cellular backhaul. Some short-range wireless 
devices have also been defined for the 60-GHz range. These will be used in 
consumer applications as well as in faster wireless networks. 


Critical Issue: Spectrum Space 


There is only so much radio spectrum space and we must all share it. It is a true 
natural resource. That’s why spectrum space is regulated by governments. But 
we have just about used it all up. Virtually every hertz of space is spoken for. Diverse 
radio services compete for space. In some cases, an old service must die before a 
new one can begin. Sometimes space is stolen from one service to give to another, 
such as in the mid-1980s when the upper UHF TV channels were sacrificed to make 
room for cellular telephones. Lately, the U.S. government has been selling space to 
the highest bidders for new cell phone and other wireless services. During the recent 
switchover to digital TV in the United States, a huge chunk of the spectrum was freed 
up (108 MHz, from 698 to 806MHz) as TV stations abandoned this region. Known 
as the 700-MHz band, it was auctioned off by the government for $19.6 billion for 
more cell phone spectrum as well as broadband wireless services and cell phone TV. 

The trend has been to push higher and higher in the frequency range to find 
more space. During the past several decades, the microwave region (above 1 GHz) 
has been developed. This region, in the UHF, SHF, and EHF ranges, was previ- 
ously used only for radar and satellites. But now it is being used and developed 
for digital cell phones, navigation, high-speed networking, broadband (Internet) 
wireless, and digital TV. 

Beyond the millimeter wave range above 300MHz is the optical spectrum. 
That is, above 400GHz, the electromagnetic radiation becomes light, namely 
infrared, visible light, and ultraviolet light. But that’s another story altogether. 
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Wavelength 


While we normally use frequency to refer to location of a radio signal in the spec- 
trum, sometimes you will hear about frequencies or ranges of frequencies desig- 
nated by wavelength. 

Wavelength is the actual physical length of a radio wave. It is the amount of 
space the wave occupies. Specifically, wavelength is the length of one cycle of 
the sinusoidal variation of the electromagnetic fields. If we could see the electric 
and magnetic fields, we could measure the distance between the maximum inten- 
sity points in meters (1 meter = 3.28 feet or 39.37 inches). This is the wavelength. 
Wavelength is also the distance that the radio wave travels in the time of one cycle. 

You can determine the wavelength of a radio signal with the following simple 
formula: 


A = 300,000,000/f 


Wavelength is represented by the Greek letter lambda (A) and frequency in 
hertz is designated by the letter “f.” The value 300,000,000 is the speed of light 
of a radio wave in meters per second in free space. (This translates to a speed of 
186,410 miles per second.) 

A radio signal with a frequency of 150MHz is expressed in hertz as 
150,000,000 Hz. Therefore, 

A = 300,000,000/150,000,000 = 2 meters 

If we give the frequency in megahertz, the formula can be shortened to: 

A = 300/ 


For example, we can calculate the wavelength of the shortwave or high- 
frequency part of the spectrum (3 to 30 MHz) as follows: 

A = 300/3 = 100 meters 

A = 300/30 = 10 meters 

If you rearrange the formula, you can also find the frequency if you know the 
wavelength: 

f = 300/4 

What is the frequency of the 25-meter band? 

f = 300/25 = 12 MHz 


RADIO WAVE PROPAGATION 


Propagation refers to the way in which a radio signal travels from the transmit- 
ting antenna to the receiving antenna. The way the signal behaves is directly 
related to its frequency. 


Low and Medium Frequencies 


For example, in the low-frequency and medium-frequency ranges, the radio 
signals tend to hug the Earth as they move from transmitter to receiver. These 
ground wave signals can only travel relatively short distances because they are 
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absorbed and attenuated by the Earth, trees, buildings, and other obstructions. 
Depending on the frequency of operation, transmitter power, and the nature 
of the terrain, distances are limited to several hundred miles. Distances can be 
extended with greater power or if the signal travels over water. 


High Frequencies 


In the HF or shortwave frequency range, the ground waves are extremely weak 
and travel only short distances, usually several miles. Instead, propagation is 
by way of refraction of the ionosphere. The ionosphere is an electrified area 
above the Earth located from approximately 30 miles to 250 miles above the 
Earth. The Sun ionizes the gases in the air, thereby giving them electrical char- 
acteristics. The closer the ionosphere to the Sun, the greater the degree the ion- 
ization. The ionosphere is actually several different layers or ionization levels 
as shown in Figure 7.5. The upper layers have greater ionization than the lower 
layers. Obviously, the degree of ionization is determined by whether it is day 
or night. During the daylight hours, the ionosphere is highly charged electri- 
cally. At night, the ion layers essentially disappear. 

A radio wave in the 3- to 30-MHz range is transmitted up to the ionosphere 
where it 1s refracted or bent by ionization. The degree of bending depends on the 
frequency of operation and how high in the ionosphere the radio wave penetrates. 
In most cases, the radio wave is bent so much that it actually returns to Earth. The 
effect appears to be similar to that of a light beam being reflected from a mirror. 
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FIGURE 7.5 Radio propagation of shortwaves. 
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As you can see, the radio wave actually returns to the Earth at some dis- 
tance from the transmitter. Receiving stations in the area of the refracted signal 
can receive it. In some cases, if the signal 1s strong enough and the character- 
istics of the Earth are right, the radio signal may actually be reflected by the 
Earth back up to the ionosphere where it is again bent and returned to Earth. 
Under the right conditions, the radio signals can make several hops, thereby 
greatly extending the distance of communications. With the optimum fre- 
quency, power level, and time of day, communications halfway around the 
world can easily be achieved. That is why it is easy for you to listen to world- 
wide radio broadcasts that occur in the shortwave frequency bands. 


VHF, UHF, and Microwaves 


Radio wave propagation in the frequency range above 30 MHz occurs essen- 
tially by direct antenna-to-antenna space waves. This is usually called /ine- 
of-sight (LOS) communications. Further, the higher the frequency of the radio 
wave, the less it is affected by the 1onosphere. UHF and microwave signals 
penetrate the ionosphere, making satellite and long-distance spacecraft com- 
munication possible. 

LOS communications means that the transmitting antenna must be able to 
“see” the receiving antenna. If the distance of the receiving antenna is beyond 
the curvature of the Earth, the transmitted signal will simply pass over the 
antenna. To receive the signal, the receiving antenna or transmitting antenna 
can be increased in height, thereby extending the total range of communica- 
tions. Figure 7.6 shows this idea. The simple formula along with it allows you 
to calculate the maximum LOS communications if you know the height of the 
receiving and transmitting antennas. That’s why at VHF, UHF, and microwave 


If H; = 200 ft and H, = 40 ft, 


ag \ 2H, + (2H; D = \ 2(200) + \ 2(40) = \ 400 + \ 80 
D=2 94 = 28.94 mil 

D = Line-of-sight distance (miles) Con eee anes 
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FIGURE 7.6  Line-of-sight (LOS) communications at VHF, UHF, and microwave. 
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frequencies, the height of the antenna is the most critical determining factor in 
overall communications distance. 


MODULATION 


A radio wave is a sine wave of voltage that has been converted into electric 
and magnetic fields by the antenna. The transmitter generates the sine wave 
and amplifies it to a high power level. The question is, how does the informa- 
tion to be transmitted fit into this? 

The information or intelligence to be conveyed is usually a voice signal 
produced by a microphone. Other forms of intelligence signals include pic- 
tures or video and digital (binary) data from a computer. The purpose of the 
high-frequency sine wave radio signal is to give the intelligence signal a ride. 
That’s why the radio signal generated by the transmitter is called the carrier. 
Modulation is the process by which the information is impressed on or embed- 
ded in the carrier. Modulation causes the carrier to be modified by the informa- 
tion signal. 

There are three basic forms of modulation used to put information on a 
carrier: amplitude modulation (AM), frequency modulation (FM), and phase 
modulation (PM). 


Amplitude Modulation 


In amplitude modulation, the voltage or power level of the information sig- 
nal changes the amplitude of the carrier in proportion (see Figure 7.7). With 
no modulation, the AM carrier is transmitted by itself. When the modulating 
information signal (a sine wave) is applied, the carrier amplitude rises and 
falls in accordance. The carrier frequency remains constant during amplitude 
modulation. 

Amplitude modulation is widely used in radio. AM broadcast stations are, 
of course, amplitude modulated. So are citizens band radios, aircraft radios, 
and the video modulation of a TV broadcast transmitter. A special form of 
amplitude modulation, known as quadrature modulation (QAM), is also widely 
used in modems to transmit digital data over cable or wireless. 


Sidebands 


The modulation process causes new signals to be generated. These new sine 
wave signals are called sidebands. Their frequencies are the sum and differ- 
ence of the carrier and modulating signal frequencies. For example, in an AM 
radio station, audio frequencies as high as 5kHz can be transmitted. If a 5-kHz 
sine wave tone is to be transmitted, the modulation process causes sidebands 
5 kHz below and 5kHz above the carrier to be produced. This is illustrated in 
Figure 7.8. For an AM radio station with a carrier frequency of 860kHz, the 
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FIGURE 7.7 Amplitude modulation. 


lower sideband (LSB) would occur at 860 — 5 = 855kHz, while the upper 
sideband (USB) occurs at 860 + 5 = 865kHz. The carrier and the sidebands 
combined produce the composite waveform shown at the bottom of Figure 7.7. 


Bandwidth 


This brings up the very important concept of bandwidth. Bandwidth refers to 
a range of frequencies over which a radio signal operates. This is also referred 
to as a radio channel. As you can see from Figure 7.8, the AM signal consists 
of the carrier and the sidebands. Together these signals occupy a bandwidth of 
10kHz. You can figure out the bandwidth of any signal by simply subtracting 
the lower sideband frequency from the upper sideband frequency. 


BW = USB — LSB = 865 — 855 = 10 kHz 


All of the receiver circuits must be set to pass signals in this 10-kHz range in 
order to avoid distortion of the signal or lost information. 
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FIGURE 7.8 Sidebands and bandwidth. 


Frequency Modulation 


In frequency modulation, the carrier amplitude remains constant but its fre- 
quency is changed in accordance with the modulating signal. Specifically, 
the higher the amplitude of the information signal, the greater the frequency 
change. The actual carrier frequency deviates above and below the center car- 
rier frequency as the information signal amplitude varies. Figure 7.9 shows fre- 
quency modulation with a sine wave information signal. Note that the carrier 
frequency gets higher on the positive peaks and lower on the negative peaks of 
the information signal. 

Like AM, FM also produces sidebands. But unlike AM, which produces 
a single pair of sidebands for each frequency in the modulating signal, the 
frequency-modulation process produces an infinite number of pairs of side- 
bands for each frequency in the information signal. As a result, the bandwidth 
occupied by an FM signal is enormous. Luckily, the number of sidebands 
produced can be controlled by properly selecting the amount of deviation per- 
mitted in the carrier. Small deviations result in fewer sidebands. Further, some 
of the higher-order sidebands are extremely low in amplitude and, therefore, 
contribute little to the FM signal. But while the bandwidth of an FM signal can 
be controlled and established to fit a desired frequency range, it does neverthe- 
less usually take more room in the spectrum than an AM signal. 
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FIGURE 7.9 Frequency modulation. 


The primary benefit of FM is that it is less sensitive to noise, which con- 
sists of undesirable amplitude variations that get involuntarily added to a 
signal. Noise is easily eliminated in an FM system where a constant carrier 
amplitude is used. Some of the most common applications of FM include FM 
radio broadcasting, and two-way mobile and marine radios. 


Phase Modulation 


The third type of modulation is phase modulation. Remember that phase shift 
is a time shift between two sine waves of the same frequency. We can use the 
information signal to shift the phase of the carrier with respect to the carrier ref- 
erence. The result of this, however, is a signal that looks virtually the same as an 
FM signal (Figure 7.9). Phase modulation is usually a little easier to implement 
electronically than FM, so most so-called FM systems typically use phase modu- 
lation instead. Both FM and PM are often referred as types of angle modulation. 


Digital Modulation 


All of the three basic types of modulation, AM, FM, and PM, can also be used 
to transmit digital or binary data. However, they are usually given different 
names. Amplitude modulation of a carrier by a binary signal is usually referred 
to as amplitude shift keying (ASK). This is illustrated in Figure 7.10A. The 
binary signal simply shifts the carrier amplitude between two specific levels. 
A special form of ASK is called on—off keying (OOK). This is illustrated in 
Figure 7.10B. Here the binary signal simply turns the carrier on for a binary 1 
and off for a binary 0. 
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FIGURE 7.10 Types of digital modulation. (A) ASK. (B) OOK. (C) FSK. (D) BPSK. 


Frequency modulation of a carrier by a binary signal is called frequency 
shift keying (FSK). Here the binary signal shifts the carrier between two dis- 
crete frequencies (see Figure 7.10C). 

Phase modulation of a carrier by a binary signal is referred to as phase shift 
keying (PSK). The term binary PSK (BPSK) is also used. The phase of the carrier 
is changed as the binary signal switches from 0 to 1 or 1 to O (see Figure 7.10D). 
Phase shift is 180 degrees, which is easily detected at the receiver. 

One of the most widely used forms of digital modulation is QAM, which is 
really a composite of both AM and PSK. The binary signal is converted into a 
multilevel digital signal that simultaneously modifies both the amplitude and 
the phase of the signal. QAM is used in digital data transmission in satellites 
and in modems sending digital data in audio form over telephone lines or cable 
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TV systems. It 1s also widely used in the newer digital wireless networks. See 
Chapter 8 for more detail. 

Because binary signals contain many higher-frequency harmonics, the 
resulting signals produced by modulation have an enormous bandwidth. Many 
schemes have been developed to limit the spectrum of the modulating signal 
and, as a result, to reduce the amount of bandwidth occupied by a binary mod- 
ulated radio signal. 


Spread Spectrum 


Spread spectrum (SS) is unusual in that it is not only a form of modulation but 
also a system for encrypting the information signal for security purposes and 
for multiplexing multiple signals over a range of frequencies. 

Spread spectrum was originally developed during World War II as a way to 
prevent the enemy from interpreting radio transmissions. For years the govern- 
ment and military protected the concepts of SS modulation. However, today it 
is widely used in radio and telephone communications. Most of the newer cel- 
lular telephones are based on this concept, specifically code division multiple 
access (CDMA) cell phones. 

When using SS, the analog information signal is converted into a digital 
signal before transmission. The digital voice signal is then used to modify the 
Carrier in a special way. The two most common ways of modifying the carrier 
are referred to as direct-sequence (DS) and frequency-hopping (FH) spread 
spectrum. In direct-sequence SS, the serial digital signal representing the 
voice is chopped up into random sequences and then used to PSK the carrier. 
In frequency-hopping SS, the carrier is rapidly switched from one frequency 
to another for a short dwell time. The result of SS modulation is that the sig- 
nal itself is broken up at random, and spectral energy is spread over a very 
wide frequency range. Because of the random sequences of the coding and fre- 
quency hopping, such a radio signal is nearly impossible to put back together 
at a receiver without knowing the code. SS receivers designed to pick up the 
SS signal know the code, and can unscramble the signal and reassemble it into 
the original modulating information signal. 


RADIO HARDWARE 


All radio communications systems consist of three basic pieces of hardware: 
transmitter, receiver, and antenna. In some systems, the transmitter and 
receiver are packaged and used separately, while in others they are combined 
into a single package and called a transceiver. 


Transmitters 


The radio signal is produced by the transmitter. A general block diagram that 
applies to virtually every transmitter is shown in Figure 7.11. The radio signal 
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FIGURE 7.11 Radio transmitter. 


is generated at a low power level by a frequency synthesizer. This uses a 
phase-locked loop (PLL) with a crystal (XTAL) oscillator reference. A 
variable-frequency divider is used to set the frequency of operation. The FCC 
is really fussy about the frequency at which transmitters work and, therefore, 
the frequency must be precisely set and extremely stable. A quartz crystal ref- 
erence oscillator is normally used to achieve this objective. 

The low-level signal produced by the voltage-controlled oscillator (VCO) is 
then amplified by one or more driver amplifiers to boost the power level. Next, 
the microphone signal is fed to the modulator. The modulator changes the fre- 
quency or phase of the RF signal in accordance with the voice, digital data, or 
other information to be transmitted. That signal is applied to the PLL VCO. 

The modulated signal is sent to additional RF power amplifiers, usually 
referred to as drivers. Each succeeding stage boosts the signal power by a spe- 
cific amount. A final RF power amplifier produces the desired amount of out- 
put power. From there, impedance (Z) matching circuits are used to match the 
high-power amplifier to the antenna for maximum power radiation. 

The physical realization of the transmitter can vary all the way from a sin- 
gle integrated circuit chip the size of a postage stamp to something that can fill 
up a moderately large building. The size depends on the operating frequency 
and the amount of output power desired. Very-low-power, high-frequency radio 
transmitters for garage door openers and remote keyless entry systems on cars 
are fully self-contained within a single integrated circuit. High-power radio 
broadcast transmitters at low frequencies may fill a small room. The higher the 
power and the lower the frequency, the larger the transmitter. 


Receivers 


The job of the receiver is to translate the weak radio signal picked up by the 
antenna into an output that fully recovers the originally transmitted information. 
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By the time the radio signal reaches the receiving antenna, it is extremely weak 
and, therefore, the primary job of the receiver is to boost the signal level. Therefore, 
the receiver consists mainly of a series of amplifiers that increase the level of the 
small signal to a point where the original information can be recovered. 

The amount of amplification provided by a receiver determines its sensitiv- 
ity. Another job of the receiver is to provide selectivity so that the desired signal 
can be picked out of the thousands of signals being transmitted simultaneously 
by other transmitters. The receiver’s job is to select just the desired one and to 
reject all of the others. This is what we refer to as the selectivity of the receiver. 

A third function of the receiver is to recover the original information. A 
circuit called a demodulator removes the voice, video, or digital data from the 
carrier. Finally, output amplifiers reproduce the signal as desired, such as a 
voice signal in a speaker. 

Figure 7.12 is a block diagram of a superheterodyne receiver. The incom- 
ing signal is usually amplified by an RF input amplifier often called a 
low-noise amplifier (LNA) and then fed to a circuit called a mixer. The mixer 
is a frequency-translation circuit that converts the incoming signal, regardless 
of its frequency, along with its modulation to a lower intermediate frequency 
(IF). This allows the receiver to use a fixed-frequency amplifier system where 
most of the gain and selectivity of the receiver is achieved. The mixer takes 
the input signal and mixes it with a high-frequency sine wave signal generated 
internally in the receiver by what is called a local oscillator (LO). The LO is 
usually a frequency synthesizer. The result of the mixing is output signals that 
are the sum and difference frequencies of the input and oscillator signals. The 
IF amplifier is normally tuned to select only the difference frequency. Tuning is 
accomplished by changing the local oscillator frequency. The local oscillator 
in most channelized receivers is some type of PLL frequency synthesizer. 

The IF amplifier boosts the signal level considerably. Its selectivity ensures 
that signals whose frequencies are above or below the desired signal are effec- 
tively eliminated. The IF amplifier also has a built-in feedback control circuit that 
automatically adjusts its gain to the level of the incoming signal. This feature 1s 
called automatic gain control (AGC). AGC permits the receiver to pick up both 
strong local signals and very weak distant signals. When very strong signals are 
received, the AGC automatically reduces the gain of the IF amplifier to minimize 
circuit overload and signal distortion. When very weak signals are received, the 
AGC adjusts the gain of the IF amplifier for higher amplification. 

The demodulator circuit, sometimes called the detector, follows the IF 
amplifier. It removes the carrier and recovers the desired information signal. 
From there, additional processing takes place to either boost the signal level or 
to shape it before it appears at the output. 

Most receivers that we are familiar with have a speaker as the primary out- 
put. But there are exceptions, such as the picture tube in a TV set or the motor 
in a garage door opener. The receiver may also put out digital data that goes 
straight to a computer. 
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FIGURE 7.12 Superheterodyne receiver. LO, local oscillator. 
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Transceivers 


Most communications systems use both a transmitter and a receiver. In two- 
way radio, both send and receive capability is needed at both ends of the com- 
munications channel. Therefore, the receiver and transmitter are packaged 
together in the same housing to create a transceiver. Small portable transceiv- 
ers are called hand-helds, walkie-talkies, or cellular telephones. 

The transmitters and receivers are typically the same as those described 
earlier. However, in some cases, the transmitter and receiver may share cir- 
cuits. They virtually always share the antenna and a common power supply 
like a battery. In some cases, a single-frequency synthesizer may generate both 
the receiver LO signal as well as the transmitter carrier. 


ISM Band Transceiver 


The ISM band refers to specific frequencies set aside for wireless industrial, 
scientific, and medical (ISM) applications. The most common frequencies in 
the United States are 315, 433, and 915 MHz. The frequency 868 MHz is widely 
used in Europe. These unlicensed frequencies are used for simple monitor and 
control applications using low-speed digital data over short ranges. Some com- 
mon examples are garage door openers, remote keyless entry on cars, remote 
thermometers, tire pressure gauges, security and fire alarms, home automation, 
and any telemetry or remote control application. The radios used for this are 
typically single ICs to which an antenna, a battery, a housing, and the input 
data are added. The devices are available as a receiver, a transmitter, or a com- 
plete transceiver. Figure 7.13 is a block diagram of a typical transceiver. 

The transmitter section uses an external crystal to serve as the reference to 
an internal PLL frequency synthesizer to set the frequency. The PLL actually 
multiplies the crystal frequency by some N value to get the desired output. If 
the crystal frequency is 6.77 MHz and the divide ratio is 64, the output would 
be 433.28 MHz. The serial digital data input coming from a sensor, an ana- 
log-to-digital converter (ADC), or a computer frequency modulates the crystal 
oscillator to create the FSK signal. A power amplifier (PA) after the transmit 
VCO boosts the power up into the 1- to 100-milliwatt range. The output goes 
to the antenna. A transmit/receive switch allows the antenna to be shared in a 
half-duplex system. 

The receiver is a special version of a superheterodyne. The input signal from 
the antenna is boosted in amplitude by the LNA and applied to the mixers. The 
local oscillator is set to the incoming signal frequency (also the transmit fre- 
quency), so the mixers generate a difference of zero. This is called direct conver- 
sion or zero IF. Two mixers are used and the local oscillator is shifted 90 degrees 
in phase between the two. This gives two zero IF outputs that are filtered. Zero 
IF does not mean a nonexistent output signal. It just means that the FSK sig- 
nal is recovered directly at its data rate. The I and Q signals are 90 degrees out 
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of phase and this allows the digital data to be more easily demodulated. A data 
slicer, a circuit like a comparator, is used to shape the signal into a clean binary 
bit stream. With this kind of radio, the range 1s limited. It may be only a few feet 
or up to a mile or so depending on the antenna, environment, or application. 


ANTENNAS 


The antenna takes the voltage and current produced by the transmitter and 
converts it into the electromagnetic wave we know as a radio wave. At the 
receiver, the antenna converts the electromagnetic field back into a voltage 
we know as the radio signal. The radio waves pass over the receiving antenna, 
inducing a voltage that causes current to flow in the receiver. 

Antennas can have an amazing variety of shapes. Essentially an antenna 
or aerial is some arrangement of electrical conductors whose size and length 
are critical. For optimum operation, the antenna length must be related to the 
wavelength (A) of the signal. Common antenna sizes are one-quarter (\/4) and 
one-half (1/2) wavelength at the operating frequency. The higher the frequency, 
the shorter the wavelength and thus the smaller the antenna. For example, one 
wavelength at 150 MHz, a popular two-way radio frequency range measures 
2 meters. A half wavelength is 1 meter and a quarter wavelength is 0.5 meter. 
Since | meter is 39.37 inches, a half wavelength is 19.68 inches. At 900 MHz, 
the frequency range of cell phones, one wavelength is 0.3333 meter. A quarter 
wavelength antenna would be 0.3333/4 = 0.08333 meter or 3.28 inches. 


Ground-Plane Antenna 


Antennas can be anywhere from a long horizontal copper wire to a vertical steel 
or aluminum tower several hundred feet tall. Or it may be an array of short con- 
ductors like those in a TV antenna. One of the most common antennas is a short 
quarter wavelength vertical that is widely used in mobile radios, cell phones, 
and other hand-held units (see Figure 7.14). The quarter-wave or ground-plane 
antenna as it is sometimes called, radiates equally well in all directions, making 
it omnidirectional. We say that its radiation or reception pattern is a circle. 


Dipole 


Another common antenna type is the dipole, which is one-half wavelength 
long and usually mounted horizontally. Figure 7.15 shows an example. Its 
radiation or reception pattern is a figure 8. The greatest radiation or strongest 
reception occurs at a right angle to the dipole element itself. 


Yagi 


A variation of the dipole is the Yagi, a multielement antenna based on the 
dipole shown in Figure 7.16. To the dipole is added a reflector element that is 
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FIGURE 7.14 Quarter-wave ground-plane antenna. 


slightly longer than one-half wavelength, and one or more director elements 
that are progressively shorter than the dipole. The directors and reflector make 
the Yagi highly directional. The extra elements, called parasitic elements, con- 
centrate and aim the beam of radiation over a narrow range. At the transmit- 
ter, this has the effect of increasing the transmitted power, making the signal 
stronger at the receiver as if the transmitter power had been increased. A simi- 
lar gain effect occurs at the receiver. 


Other Antennas 


There are many other antenna variations. Antennas formed with copper pat- 
terns on a printed circuit board (PCB) are widely used. One example is the 
patch antenna (see Figure 7.17). It is simply a square area of copper about 
one-half wavelength on a side made on a PCB. Another is the loop antenna 
that is just a loop of copper on the PCB. A popular cell phone antenna is the 
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inverted F, which is an F-shaped pattern on the PCB. Antennas also come as 
components. For microwave frequencies, there are special antennas made on a 
ceramic base that are small and can be soldered to a PCB. 


Transmission Lines 


The antenna is usually connected to the transmitter or receiver by way of a 
coaxial cable (see Figure 7.18). It consists of a copper center conductor sur- 
rounded by an insulator, such as Teflon. Around that is a shielded copper braid 
or foil. The whole thing is covered with a plastic insulator. Coaxial cable is 
the most commonly used transmission line to connect the equipment to 
the antenna. It provides an efficient method of transferring the voltages and 
currents to and from the antenna while providing a certain amount of shielding 
from noise. For PCB antennas, the transmission line is just a short pair of cop- 
per lines from the transceiver IC to the antenna. 


Microwave Antennas and Waveguides 


Antennas used at microwave frequencies are quite different from those used at 
the lower frequencies. Perhaps the most common is the horn antenna. It looks 
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like the flared end of a musical horn, only most of them have an opening or 
aperture that 1s rectangular rather than round. 

As seen in Figure 7.19, the horn is directional and has gain. The microwave 
energy is fed to the horn by a transmission line. Coax can be used for the lower 
microwave frequencies, but at the higher microwave frequencies, coaxial cable 
loss is too high for long runs. A high percentage of the signal power is lost 
in the coax cable itself. This problem is overcome by using a waveguide. A 
waveguide is nothing more than a hollow copper pipe, usually with a rectangu- 
lar cross-section through which the microwave energy passes from transmitter 
to antenna or from antenna to receiver. 


174 Electronics Explained: The New Systems Approach to Learning Electronics 


Copper patch antenna 


PCB 


Y, _— Co pper groun d p lane 


FR-4 or other dielectric 


Feed a. 


FIGURE 7.17 Printed circuit board (PCB) patch antenna. 


Plastic insulator 
Plastic sheath 


OY 
XK KX) 
PARA 


Copper wire braid 


Copper wire 
center 
conductor 


FIGURE 7.18 Coaxial cable transmission line. 


Horn aperture 


Wave guide 
— > 
E 
Signal 

Hollow rectangular direction 
pipe carries 
microwave 

signals 


FIGURE 7.19 Microwave horn antenna fed by waveguide transmission line. 


The most effective and widely used microwave antenna is the parabolic 
dish (see Figure 7.20). This is usually a horn antenna combined with a reflec- 
tor shaped like a dish. Its shape is a mathematical parabola. Signals transmit- 
ted by the horn are reflected forward by the parabolic dish shaping the radio 
waves into a very narrow beam. Received energy is reflected by the dish into 
the horn antenna. The highly directional nature of the dish gives it a very 
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narrow beamwidth and enormous gain. These are widely used in satellite TV 
and radar. 


TWO-WAY RADIO 


Two-way radio communications between individuals are by far the most wide- 
spread use of radio. And there are many forms of it. You have seen such radio 
communications as they take place and you have no doubt engaged in some 
form of it yourself. In any case, this section takes a look at some of the diverse 
uses of such two-way communications. 

Most two-way radios operate in the VHF and UHF bands. The simplest 
two-way radios operate on multiple frequencies usually selected by a fre- 
quency synthesizer. Virtually all two-way radio communications are half 
duplex, meaning that one party transmits while the other receives. 
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Aircraft 


All airplanes from the smallest single-prop planes to the largest jumbo super 
jets use two-way radio to communicate with airport towers and the major air 
traffic management centers across the country. Two-way radio is absolutely 
essential to the safety of any flight. 

Most aircraft radios are transmitters installed in front of the pilot or 
co-pilot. They usually operate in the 108- to 135-MHz band and use amplitude 
modulation (AM). Specific channels are assigned for different regions and 
for different communications functions. The pilot or co-pilot uses front panel 
switches to select the desired communications frequency. Hand-held micro- 
phones with a push-to-talk switch are the most commonly used input devices, 
but other forms of microphones such as throat mikes or microphones attached 
to headsets are also widely used. Most transceivers operate at very low power 
and transmission distances are considerable. The height of the airplane gives 
the radio transceiver an enormous transmission range even with low power at 
VHF frequencies. 


Citizens Band 


You have no doubt heard of citizens band (CB) radio and perhaps even used 
one yourself. Anyone can buy and use a citizens band radio for two-way com- 
munications. The FCC has allocated 40 frequencies or channels in the 27-MHz 
frequency range for citizens band operation. The maximum transmission power 
is restricted to 5 watts, although some hand-held units use less. AM is used. 

Citizens band radio has enjoyed wide popularity with individuals and 
sportsmen as well as truckers. While the advent of the cellular telephone has 
reduced the number of individuals using citizens band radio, it is still widely 
used. The primary limitation of most CB radios is the antenna. Since CB radios 
operate in the 27-MHz range, the required minimum antenna length is approx- 
imately 9 feet. This can be shrunk somewhat by the use of coils attached to 
the antenna, but effectiveness is reduced. A CB radio antenna of 5 or 6 feet is 
common and certainly manageable on a car, truck, or boat. In hand-held trans- 
ceivers, any antenna longer than about 18 inches is a nuisance. 

A 27-MHz frequency allocation of CB radio also gives it some peculiar 
transmission characteristics. While communications is reliable over short dis- 
tances of up to several miles, at certain times of the day or evening, worldwide 
communication is also possible. This is probably more a disadvantage than an 
advantage, primarily because interference can be received from stations liter- 
ally anywhere in the world. 


Amateur Radio 


Amateur or ham radio is a hobby. Technically knowledgeable individuals are 
licensed by the FCC to use selected frequency bands across the spectrum for 
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personal communications. Hams use voice as well as CW (continuous wave) or 
Morse code transmissions. Hams talk to one another about their equipment, the 
weather, and other common matters. Communication is worldwide and helps to 
promote good international relationships. Hams frequently design, build, and 
experiment with their own equipment, although many hams prefer commercially 
manufactured radios. Hams experiment with digital radios, satellites, and TV. 


Family Radio 


Family radio is another radio service recently instituted by the FCC for the 
purpose of short-range personal communications. It supplements CB radio in 
a wide range of personal communications needs. Because of a different fre- 
quency allocation, family radios are smaller, more portable, and have more 
reliable communications over distances of several miles. 

All family radios are hand-helds using FM and operating in the 450-MHz 
range. Only several frequencies in the 450 MHz band are allocated to the 
Family Radio Service. While many users will share these frequencies, the short 
communication distances minimize interference between stations using the 
same frequency. The transceivers are restricted to 2 watts in power. At a fre- 
quency of 450 MHz, a quarter-wave whip antenna is only about 6 inches long. 
Communications are extremely reliable up to 1 mile and even farther if transmis- 
sion takes place outdoors. 

You can use family radios in a variety of ways. They are particularly handy 
when you are camping, hiking, or doing other outdoor activities. Many families 
use them in shopping malls and even around the house to keep in touch. They are 
great on farms and ranches and for communications between two nearby cars. 


Marine 


The very first application of two-way radio in the world was on ships at sea. Ships 
were always in danger without any form of communication. If a ship was disabled 
or began sinking, no one would know for a long period of time or maybe never. 
With a two-way radio or even a one-way radio on a ship, the operator could com- 
municate with a shore-based radio station to signal danger with the familiar SOS. 

Today, a radio is a necessity on virtually every boat and ship. While small 
boats are not required to carry radios, most larger boats are. And what seaman 
would be without a radio for safety reasons? 

Marine radios have operated on a wide range of frequencies over the years. 
Ocean-going liners have operated on shortwave frequencies so that long- 
distance communications are possible. Ships also operate on lower frequencies 
for exchanging messages and at the higher frequency for reliable communica- 
tions near land and in port. 

The typical marine radio for communicating near ports is a transceiver of 25 to 
40 watts of power operating with frequency modulation in the 150- to 170-MHz 
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range. Most of these units transmit on multiple frequencies, making it always pos- 
sible to find a clear channel. Channel 16, operating on a frequency of 156.8 MHz, 
1s used for emergency calls. This frequency 1s typically monitored by other boat- 
ers and always by the Coast Guard. 


Mobile Radio 


Mobile radio refers to two-way radios mounted in cars and trucks. These are 
widely used by police, fire, and other civil services. They are also widely used 
by taxis, buses, and by companies using fleets of cars or trucks for convenient 
communications. The typical unit is mounted in the vehicle and provides rela- 
tively high power in the 25- to 50-watt range. Most communications take place 
in the 150- to 170-MHz range. Other mobile radio frequency ranges are 450 to 
470 MHz. Most radios today are hand-held types. 


SATELLITES 


A satellite is a space station that is designed to orbit the Earth and provide 
a remote radio signal relaying station for the purpose of extending the range 
of communications worldwide. See Figure 7.21. Such communications satel- 
lites contain both a receiver and transmitter that operate simultaneously. The 
receiver picks up signals from the Earth on one frequency and retransmits them 
simultaneously on another frequency. In this way, the transmitter and receiver 
in the satellite do not interfere with one another. 

Most communications satellites are geosynchronous. These are satellites 
positioned to orbit directly around the Earth’s equator at a distance of 22,300 
miles from Earth. When located in this position, the satellite rotates in exact 
synchronization with the Earth’s rotation. Thus, the term geosynchronous. 
Because the satellite and the Earth are rotating together, it appears as though 
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FIGURE 7.21 Concept of communications satellite. 
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the satellite is stationary overhead to an observer on Earth. With the satellite in 
a fixed position with respect to the Earth, the satellite becomes a near-perfect 
radio repeater station. 

Figure 7.22 shows a general block diagram of a satellite. The communica- 
tions part of a satellite consists of a combined receiver and transmitter called 
a transponder. Satellites operate in the microwave region. The C band from 4 
to 6GHz and the K, band from 11 to 18GHz are the most popular operating 
ranges. A low-noise amplifier (LNA) picks up the very small 6 GHz uplink sig- 
nal from Earth. It is mixed with a 2-GHz LO signal and down-converted to 
a 4-GHz downlink signal, which is then amplified by a high-power amplifier 
(HPA) and retransmitted back to Earth. Most satellites contain many transpond- 
ers with wide bandwidth capable of handling many signals simultaneously. 

The satellite power source is batteries combined with a system of solar 
cells. The solar cells convert light from the Sun into electrical energy that is 
used to recharge the batteries. This system gives the satellite long life in space. 

Communications satellites are used primarily in long-distance telephone 
communications and for distribution of TV signals. Some satellites are used 
for navigation, a good example being the global positioning system (GPS) 
widely used by the military and commercial organizations. It is also widely 
used by individuals as they find their way with personal navigation devices 
(PNDs) like those from Garmin and Tom Tom. The GPS system uses 26 satel- 
lites about 10,800 miles above the Earth orbiting in overlapping patterns so 
that at least three of four are “visible” by wireless at any point on the Earth. 

Other satellites are used for surveillance. Spy satellites only 102 miles high 
pick up radio signals as well as infrared images and photographs. Weather sat- 
ellites monitor cloud formations and movements. There are also two satellite 
telephone networks with low-Earth-orbit satellites to permit communications 
to/from any point on the planet. 


RADIO TELESCOPES 


Observation of the planets and stars is usually done with an optical telescope. 
However, in 1932 researchers discovered that distant stars or suns emit- 
ted radio waves. All stars, like our Sun, emit radio frequencies. Most of this 
energy occurs in the microwave region at 1.4218 GHz. This is the frequency of 
ionized hydrogen. By building a highly sensitive radio receiver and coupling it 
to a large highly directional radio antenna, it is possible to plot the position of 
distant stars just as effectively as an optical telescope. Radio telescopes are, in 
fact, even more effective in that they can more easily detect distant stars that 
cannot be seen even by the best optical telescopes. 

Radio astronomy observatories consist of an enormous parabolic dish 
antenna usually 60 to 250 feet in diameter, which can be rotated and tilted so 
that it scans the skies. An array of multiple smaller dishes can also be used as 
in the SETI (search for extraterrestrial intelligence) project in New Mexico. 
The antennas are coupled to one or more very sensitive radio receivers. These 
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receivers have very high gain so that they can sufficiently amplify very small 
signals received from stars that are many light years away. Often special cool- 
ing systems are used to reduce the temperature of the receiver front end to 
minimize noise, thereby permitting even weaker signals to be received. The 
largest radio telescope 1s a parabolic dish reflector built of screen mesh 1000 
feet in diameter. The dish 1s built into the valley between adjacent mountains 
near Arecibo, Puerto Rico. The horn antenna is moveable on a long cable so it 
can be positioned to see any part of the sky. 


Wireless Everything 


It seems like everything is going wireless these days. Cordless telephones, wireless 
local area networks, and your TV remote control. But wireless has always been 
around just not by that name. Most radio applications are old and well known. A 
few examples you may have encountered follow. 
Garage door opener. A tiny transmitter in your car transmits a binary coded 
message to the receiver in your garage hooked up to the door motor. 
Remote keyless entry. A miniature transmitter on your key ring transmits a sig- 
nal to a receiver in your car that opens the door locks. Some even turn on 
lights and start your car from 10 to 30 feet away. 
Wireless data acquisition. Remote transmitters are set up with solar batteries at 
remote sites to gather data from sensors and transmit it back to a collection center. 
A good example is electric, gas, and water utilities that use such systems to moni- 
tor critical conditions at remote sites and transmit the data back to a central moni- 
toring facility where decisions can be made. Home wireless thermometers are 
very common. 
Radio control of models. This is very common in toy cars, model airplanes, and 
boats. 
RFID. Ultra miniature radios are being embedded in shipping labels, cars, and 
other objects for identification purposes. The units transmit their unique ID 
code when scanned by a nearby receiver. 
HD radio. This is digital radio broadcasting in the United States. Most U.S. AM 
and FM stations now transmit a digital version of their signals on the same fre- 
quencies as their analog transmissions. They use a form of digital modulation 
called OFDM (see Chapter 8). It produces greater frequency response than the 
regular analog broadcasts, making AM sound more like FM and FM sound more 
like a CD. A special radio is needed to receive it. The digital technology makes 
noise and fading less of a problem. And it permits each station to add several 
additional channels thanks to the multiplexing capabilities of the HD technology. 
Security tags. The plastic tags clipped on new clothes to prevent their being 
stolen contain a tiny antenna and electronic circuit that make their presence 
known at a nearby transmitter/receiver unit. 
Surveillance and bugging, or secret monitoring or electronic spying. This is not 
just something you see in the movies or on TV. It is more widely used in private 
investigation, police work, and industrial espionage than you may think. Scary. 
Face it, wireless is truly everywhere. 
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Project 7.1 


Investigate HD Radio 

HD radio is digital radio in the United States that shares the same frequencies 
as the regular AM and FM bands. You can buy stand-alone HD receivers, and 
some stereo receivers include it. HD radio is also available in some cars. To 
learn more about this technology, go to the website of the developer iBiquity or 
www.ibiquity.com. Also try a Google/Bing/Yahoo search on HD radio. 


Project 7.2 


Become Familiar with ISM Radio 

ISM radio is the term used to refer to short-range data radios used in the FCC's 
unlicensed spectrum designated for industrial-scientific-medical (ISM) applica- 
tions. Got to the FCC website www.fcc.gov and find the most commonly used 
ISM frequencies of operation in Part 15 of the rules and regulations. Do a general 
search of ISM to determine some common applications. 


Project 7.3 


Radar 

Radar (radio detection and ranging) is a type of wireless. It has many uses, mainly 
military but also commercial and civilian. Marine and aircraft navigation are key 
applications. Police radar is widely used. Radar is also showing up in automobiles 
as detectors of distance between vehicles for automatic braking. You may wish to 
learn more about this technology. Do a search on radar. 


Project 7.4 


Shortwave Radio 
Buy a low-cost shortwave radio and experience listening to international broad- 
casts and amateur radio operation. 


Project 7.5 


Experience CB or FRS 

Go to your local Radio Shack and buy a pair of Family Radio Service walkie-talk- 
ies. Then test them to determine maximum range. As an alternative, buy a CB 
radio and listen to what is going on with the truckers or other locals. 


Cell Phones 


It Is Now Possible to Do Anything Wirelessly: Talk, 
Text, Email, Web Browse, Games, Whatever 


In this Chapter: 


e How the cellular system works. 
Cell phone radio technologies. 


Digital modulation and access schemes. 
Cell phone data capabilities. 
Smartphones, femto cells, MIMO, and location technology. 


INTRODUCTION 


The cell phone is one of the coolest, most useful, and convenient electronic 
devices of all time. It also happens to be one of the most complex technically, 
not only internally but because it is part of the largest communications network 
in the universe, the telephone system. The reason for a separate chapter on this 
topic 1s not only because of the advanced wireless technology involved, but 
also its importance to all of us personally and to the national economy. Since 
practically everyone has a cell phone today, 1t plays a huge role in our lives. 
And for you techies out there, it is worthwhile knowing a bit of the details 
of how phone calls work, how text messages get sent, and how you can now 
access the Internet via your cell phone. 


CAN YOU HEAR ME NOW? 


We’ve all said that before. Why? For one simple reason: cell phones are two- 
way radios with all the usual faults. The cell phone industry usually refers 
to itself as the wireless industry, but it’s all the same thing—radio. Your cell 
phone contains a transmitter and a receiver that collectively are called a trans- 
ceiver. You will also hear them called handsets. People in the industry also call 
them mobile terminals. Whatever. Because cell phones have to be so small to 
be practical, they are limited in the amount of power they can transmit and the 
type of antenna that is practical. Battery drain is a major factor in cell phone 
design, as you want to get as much talk time as you can on a battery charge. 
But by limiting the transmit power you automatically minimize the distance 
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over which the unit will transmit. In any case, communications range is related 
to power as well as antenna type and orientation. And the typical range of a 
cell phone is a mile or so, depending on conditions. Take a look at the sidebar 
to review some of the facts about wireless and radio covered in Chapter 7. 


Factors Affecting Range and Reliability to Radio Transmission 


Range—The greater the distance between any transmitter and receiver, the 
smaller the signal. Signal strength varies inversely by the square of the dis- 
tance between transmitter and receiver. 

Power—The higher the power the greater the transmission range. More power 
translates into increased communications distance up to a point. 

Antenna gain—Some antennas focus the signal in a specific direction. Doing 
so gives the antenna gain, meaning it multiplies the power of the transmitter 
and the signal strength at the receiver. 

Environment—Cell phones and any other microwave wireless device always 
transmit farther in clear open space. The ideal is direct line of sight (LOS), 
meaning that the two antennas can “see” one another. While cell phones 
don’t have to have such a clear path to work, they always work better if they 
do. Environment also means transmitting from inside a building. Yes, radio 
waves do pass through walls and other obstructions but as they do they lose 
considerable strength as they encounter obstacles. Walls, ceilings, floors, and 
any other obstructions greatly attenuate (make it smaller) the radio signal. So 
if you are inside a car, shopping mall, office, or airplane, your signal strength 
loses over half its strength and that severely restricts your range. 
Height—Getting your cell phone to the highest possible point will greatly 
increase transmission distance. This helps the line of sight effect so important 
to reliable transmission. Getting higher typically isn’t practical, but almost 
nothing helps more than height, especially outside. 

Receiver sensitivity—This means how much gain the receiver has. High gain 
translates into greater range. 

Multipath—Whenever you are transmitting in an environment with lots 
of obstructions, your signal will bounce off many objects and be reflected. 
Some reflected signals will get lost and never get to the receiver. Others will 
bounce off objects that will ultimately direct them to their intended destina- 
tion. These reflected signals will be delayed in time. Depending on factors 
such as operating frequency and distance traveled, these signals could arrive 
in phase and actually boost reception level. Or they could arrive out of phase 
and literally cancel the more direct signal that arrived earlier. 

Noise—Don'’t forget that noise also affects communications distance and reli- 
ability. See discussion in Chapter 7. 


THE CELLULAR CONCEPT 


The original designers of the cell phone created a system that helps overcome 
the range and power problem described in the sidebar. If distances are kept 
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FIGURE 8.1 (A) Cell coverage of a given area. (B) Cell area covered depends on antenna pattern 
and environment. 


short, then other limitations in power and environment are offset. The working 
word here is “cell.” A cell or cell site is one of many transmit/receive stations 
set up to communicate with individual cell phones. Also known as base stations, 
these facilities are easily recognized by their tall antenna towers. The small 
building at the base of the tower houses racks of transceivers that share the big 
antennas at the top of the tower. Long coax cables carry the signals to and from 
the antenna. They actually look like pipes going up the side of the tower. 

Cell phone systems have dozens to hundreds of cell sites. An ideal design is 
shown in Figure 8.1A. Each cell represents an area covered by the base station 
antennas. Cell range and overall coverage are deliberately restricted by antenna 
height and radiation pattern as well as transmitting power. The hexagon- 
shaped cells are only theoretical. In reality, the shape of the cell is more circu- 
lar or rather an irregular circular shape because of antenna characteristics and 
environmental characteristics that affect the cell shape (nearby trees, buildings, 
etc.) (see Figure 8.1B). 

While equal-size cells are desirable and operation more predictable, in the 
real world, the coverage of each cell depends a great deal on the number of cell 
phone subscribers as well as the terrain and environment. In large cities with 
lots of people and buildings, smaller cell sizes are used to increase subscriber 
capacity and provide the most reliable coverage possible in a given area. Many 
cities have what are called microcells that may only cover one block or picocells 
that cover one area of a building. On the other hand, in rural areas and along 
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FIGURE 8.2 How small and large cells cover an area. 


major highways, the cell sizes are larger and cover fewer users. The cell cover- 
age may look more like that in Figure 8.2. 

A key feature of the cellular concept 1s that by keeping the cell sizes small, 
the frequency channels assigned to cellular service can be reused. One fre- 
quency may carry different calls 1f the cell sites are far enough apart and do not 
interfere with one another. This frequency reuse concept multiplies the overall 
number of channels available to handle calls. 

One other factor to keep in mind is that in most cities, there are two or 
more cellular companies vying for your business. Each company has its own 
cellular system with base stations with coverage that overlays the cell coverage 
of other companies. The competing systems do not interfere with one another 
because they usually operate on different frequencies with different radio tech- 
nology, and the cell phones they support know which base stations to talk to. 

One other thing: when you are talking on your cell phone, you are talking to 
only one base station—typically the one closest to you since both the power and 
range of your handset and that of the base station are limited. If you are moving 
(such as in a car), you will eventually leave the coverage area of one cell and enter 
the coverage area of an adjacent cell. You never really know when this happens, but 
1t 1s a pretty neat technical trick to make this happen. The process of having your 
call transferred from one cell site to another automatically 1s called the hand-off. 

All of the base stations are tied to a central office known as the mobile 
telephone switching office (MTSO). Many companies simply refer to it as the 
switch, as 1ts main job is switching between base stations as well as linking to 
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FIGURE 8.3 Cell phone basic operations. 


the main telephone system. The connection between the base stations and the 
switching station can be by copper cable or fiber optic cable or in many cases 
by a separate microwave wireless link. This is known as backhaul. If a cell site 
tower has one or more small “dish” antennas on it you can bet that your signal 
eventually is communicated back to the switch via another wireless link. 

The big job of the MTSO is to control and keep track of everything. It vali- 
dates you as a subscriber when you turn on your phone and make a call. It 
keeps track of how many minutes of time you use. And it will get messages 
from remote switches when you are in the roam mode outside of your usual 
home subscriber area. The cell phone companies have the ability to use other 
systems in most major cities and in many foreign countries, so you can use the 
phone virtually anywhere. Figure 8.3 shows just what goes on when you turn 
on your phone and make or receive a call. 


WHAT’S INSIDE A CELL PHONE? 


A cell phone can legitimately be called the world’s most complicated two-way 
radio. Sure, it is just a transceiver, but it uses practically every radio trick in 
the book to ensure that you can make your calls reliably anytime with mini- 
mal hassle. It is a two-way radio that is used just like any other phone you 
are familiar with. In other words, you do not have to say “over,” “come back,” 
or any other phrase when you are finished talking and want to listen, as with 
some two-way radios (CB, family radio, ham radio, aircraft, marine, etc.). 
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Simultaneous send and receive is referred to as full duplex. All telephones 
are full duplex. It is easy to do in the wired telephone system but complex and 
costly to do by radio. Yet, full duplex 1s what makes cell phones so comfort- 
able to use. There is none of this “roger and over” stuff. What this means is 
that your transmitter and receiver are working at the same time. There is more 
about how duplexing works later. 

Figure 8.4 shows a general block diagram of what’s in a cell phone. The 
receiver and transmitter making up the transceiver are obvious and they share 
the single antenna. The transceiver is usually a single chip. What is not so obvi- 
ous is what we call the baseband part of the cell phone. Baseband refers to 
the voice and data to be transmitted or received. In most modern digital cell 
phones, this is a very complex integrated circuit that handles the translation 
of voice between analog and digital, modulation and demodulation, and voice 
compression. All these functions are done digitally by a digital signal processor 
(DSP) or special DSP circuits in combination with a powerful embedded pro- 
cessor. This processor or a separate processor handles all the transparent house- 
keeping jobs of managing the keyboard and the LCD screen as well as the basic 
control features of the cell system, which also include automatic operating fre- 
quency selection and automatic power control under the direction of the MTSO 
via the cell site. The DSP also implements the messaging functions. 
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FIGURE 8.4 Block diagram of basic cell phone. 
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What Type of Cell Phone Do You Have? 


Shame on you if you don’t know. Well, not really. Actually, it is tough to know 
just what type of cell phone you have. You can’t tell by looking, even inside, 
since even if you open up your cell phone, God forbid, all you see is a group of 
integrated circuits, and you can’t tell one from another. Furthermore, your cell 
phone carrier doesn’t tell you and usually your user’s manual never really says. 
You can probably ask by calling your carrier, but even then you may not get an 
answer. I guess the bottom line here is, do you really care? If it does what you 
want, what difference does it make what technology you are using? On the 
other hand, if you are an electronics geek, you want to know. I do. 

So even though no one knows what type of phone you are using, it does 
impact the overall system and what phone features and capabilities you have. 
Multiple types of cell phone technologies are in use concurrently, and that 1s 
what makes the cell phone system so bloody complex and expensive. Most of 
the original carriers have to continue to support the older original technologies 
as well as implement new ones to stay competitive with other carriers offering 
their hot new data technologies and features such as email, instant messaging, 
games, Internet access, mobile TV, and the like. 

The first characteristic of a cell phone is the frequencies it uses. Most 
cell phones operate in the 800- to 900-MHz band where there are hundreds 
of channels for cell phone calls. Another range of frequencies is the so-called 
personal communications system (PCS) band from 1850 to 1990 MHz (1.85 to 
1.99 GHz), which has hundreds more channels. Some of the newer phones use 
the advanced wireless services (AWS), 1700- and 2100-MHz spectrum assign- 
ments. Because of the higher frequency, PCS and AWS systems have a shorter 
range, and thus use smaller area cells, which means many more cells sites to 
cover a given area. Some cell phones actually operate on two or more bands. 

Next, a cell phone is known by the technology and access methods it uses. 
The early original analog phones used first-generation (1G) technology, or 
FM, but have now been phased out so that only second-generation (2G) digital 
phones are in use. We are now in the third generation (3G) of cell phone tech- 
nology and 4G is almost with us. A summary of these technologies follows. 


GSM—tThe Global System for Mobile Communications (originally called 
Groupe Spécial Mobile) is the 2G digital system developed in Europe. Now 
all of Europe, most of the United States, and the rest of the world use this 
excellent but seriously complex technology. It uses time-division multiple 
access (TDMA), a digital system using digital modulation and a method of 
multiplying the number of channels in a given amount of frequency spectrum. 
Your voice is converted to binary 1’s and 0’s before being transmitted. This 
allows the carrier to put eight subscribers in one 200-kHz-wide frequency 
channel, thereby greatly multiplying their subscriber capacity and income. 
GSM uses a form of FSK called Gaussian minimum shift keying (GMSK). 
Today, U.S. carriers ATT Wireless and T-Mobile use GSM. By going to 
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GSM, these carriers can take advantage of several enhancements that facili- 
tate high-speed data transmissions such as the General Packet Radio System 
(GPRS) and Enhanced Data Rate for GSM Evolution (EDGE). 

GPRS—This is an extension of GSM that gives users an always-on packet 
data transmission capability that they can use for email, Internet access, 
messaging, or games. GPRS steals one or more of the eight TDMA chan- 
nels to transmit or receive data instead of digital voice. You can achieve a 
data rate of about 20 to 60kbps. GPRS is known as a two-and-a-half gen- 
eration (2.5G) technology, and is generally available in most larger cities. 
EDGE— This 2.5G system is a software upgrade from GPRS/GSM sys- 
tems that gives you even higher packet data rates. It uses a multilevel mod- 
ulation called 8PSK that triples the speed of data transmission. Practical 
speeds up to 180 kbps are possible. 

CDMA—Code division multiple access is another 2G digital cell phone 
technology developed by San Diego-based Qualcomm Inc. The basic 
technology is known as spread spectrum where many signals are trans- 
mitted simultaneously over a very wide 1.25-MHz frequency band with- 
out interfering with one another. The original standard 1s called IS-95, and 
CDMA signals coexist in the same spectrum with TDMA systems in many 
areas. 

cdma2000—This is the 2.5G version of CDMA. It adds high-speed packet 
data transmission called 1xRTT with a data rate up to 144kbps. A more 
recent upgrade called 1xRTT EV-DO has even higher data rates up to 
2 Mbps, making Internet access a cinch. Many cdma2000 systems are in 
operation around the United States by Verizon and Sprint and in Korea. 
WCDMA—This is wideband CDMA, which is a third-generation (3G) 
technology. The access technology is CDMA, but it uses wider 5-MHz 
bands to provide greater user capacity and very high potential data rates 
from 384kbps to 2Mbps. WCDMA is the upgrade from GSM/EDGE. 
Carriers using GSM upgraded their systems to WCDMA for greater data 
speeds and services at greater subscriber capacity. Base stations support 
both GSM and WCDMA. 

HSDPA/HSUPA—High-speed downlink packet access (HSDPA) and high- 
speed uplink packet access (HSUPA) are upgrades from the WCDMA sys- 
tem. Both use QAM to boost data speeds in the same 5-MHz channels. Data 
rates as high as 14 Mbps down-link and 5 Mbps up-link are possible. Most 
cellular companies have now implemented this technology. More advanced 
versions called HSPA or HSPA + can give even higher data rates. 
cdma2000 Rev A and Rev B—These are more advanced CDMA versions 
that are used to boost data speeds in cdma2000 handsets. Rev A boosts 
download data rates to 3.1 Mbps using QPSK and 16-QAM in the standard 
1.25-MHz channel. Rev B is not widely implemented, but can use three 
1.25-MHz channels and boost download speeds to 14.7 Mbps. 
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Long-Term Evolution—Long-Term Evolution (LTE) is the next or fourth- 
generation (4G) cell phone technology. It is just now being implemented. It 
is appearing in Europe first and the United States later. It uses an entirely 
different radio technology called orthogonal frequency division multiplexing 
(OFDM) to give even higher data rates up to 100 Mbps. More on that later. 


How can you tell which of the above phone technologies you have? You 
cannot tell by the manufacturer, such as RIM BlackBerry, Samsung, LG, 
Motorola, Nokia, Sony Ericsson, and so on, because they all make multiple 
types. However, a few clues follow. 

Carriers AT&T and T-Mobile provide GSM/WCDMA phones. Most also 
have some form of HSPA. These carriers will eventually morph their systems to 
LTE. Carriers Sprint and Verizon use cdma2000 phones. Most phones today are 
also what we call multimode phones in that they incorporate two or more dif- 
ferent technologies. The most common combination is GSM/WCDMA/HSPA. 


DIGITAL MODULATION AND WIRELESS TRANSMISSION 
METHODS 


In Chapter 7, basic digital modulation methods ASK/OOK and FSK were cov- 
ered. These are not used except for an advanced FSK as used in GSM. Instead, 
all cellular systems used advanced digital modulation methods. This section 
provides a look at these techniques. 


Quadrature Amplitude Modulation 


Quadrature amplitude modulation (QAM) is a technique that mixes both ampli- 
tude and phase variations in a carrier at the same time. What this technique does 
is to allow higher data rates within the same bandwidth. See the sidebar on spec- 
tral efficiency. The technique consists of transmitting multiple bits for each time 
interval of the carrier symbol. The term “symbol” means some unique combina- 
tion of phase and amplitude. The term M as in M-QAM indicates how many 
bits are transmitted per time interval or symbol for each unique amplitude/phase 
combination. 

The simplest form of QAM is 2-QAM, more commonly called QPSK or 
quadrature phase shift keying. It is produced by the circuit shown in Figure 8.5. 
It takes the serial bitstream and passes it through a 2-bit shift register produc- 
ing two parallel bitstreams at half the rate. One is called the in-phase (1) bit- 
stream and the other the quadrature (Q) bitstream. The I and Q signals are each 
applied to a mixer along with a local oscillator (LO) signal. The mixer output 
becomes part of the RF carrier. Note that the LO signal is applied directly to 
one mixer, but is shifted by 90 degrees and applied to the other mixer. The 
term “quadrature” means shifted by 90 degrees. The two mixer outputs are AM 
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FIGURE 8.5 How QPSK is generated using mixers and a local oscillator shifted 90 degrees to 
produce in-phase (I) and quadrature (Q) signals that are summed. 
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FIGURE 8.6 QPSK diagrams. (A) Phasor. (B) Constellation. 


signals but at different phases. But when they are added together, the QPSK 
signal is generated. With this arrangement, you can transmit data at twice the 
rate of BPSK in the same bandwidth. 

Figure 8.6 shows how we illustrate this with what we call the phasor and 
constellation diagrams. Figure 8.6A shows the amplitude and phase of each 
possible combination of 2 bits. The length of the arrow called a phasor is the 
amplitude, and its direction or angle is the phase. If the receiver gets a signal 
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FIGURE 8.7 How 16-QAM is generated and resulting constellation diagram. 


that is at a phase angle of 135 degrees, it means that the 2-bit combination 01 
is being transmitted. The constellation diagram in Figure 8.6B is usually shown 
without the arrows or phasors. 

This technique can be modified to produce 16-QAM, which transmits 
4 bits per time interval or symbol causing the data rate to quadruple in the same 
bandwidth. The circuit for producing 16-QAM is shown in Figure 8.7. The 
4-bit shift register produces two groups of I and Q bits. These are converted into 
four levels by a two- to four-level converter that works like a digital-to-analog 
converter (DAC). The resulting constellation diagram for 16-QAM is shown in 
Figure 8.6 as well. Other common versions are 64-QAM and 256-QAM, which 
transmit 6 and 8 bits per symbol, respectively, in the same bandwidth. 

QPSK and QAM modulation methods are common in cable TV for digital TV 
as well as high-speed Internet service. They are also used with satellites and any 
broadband wireless application. All modern cell phones and most other digital 
wireless schemes use this type of modulation because of its spectral efficiency. 


Orthogonal Frequency Division Multiplexing 


Orthogonal frequency division multiplexing (OFDM) is a broadband modula- 
tion method like spread spectrum/CDMA. It takes a high-speed serial binary 
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FIGURE 8.8 OFDM divides a channel into many subchannels or subcarriers, each of which is 
modulated by part of digital data to be transmitted. 


signal and spreads it over a wide bandwidth. The serial data is passed through a 
circuit that maps out the constellation diagram for the modulation to be used. It 
then divides it into many slower-speed serial bitstreams. Each bitstream modu- 
lates a carrier on one of many adjacent carriers in the available bandwidth. This 
technique effectively divides a wide bandwidth into many narrower subchan- 
nels or subcarriers as shown in Figure 8.8. Sometimes dozens of channels are 
used, and in other cases hundreds or even thousands of carriers are used. The 
carrier frequencies are selected so they are orthogonal and as a result they will 
not interfere with one another even though they are directly adjacent. All the 
modulated channels are then added together and the combination transmitted in 
the available bandwidth. The type of modulation varies with the application but 
it is usually BPSK, QPSK, 16-QAM, or 64-QAM. 

The basic technique is shown in Figure 8.9. The only practical way to cre- 
ate an OFDM signal is by using DSP. The DSP executes an algorithm called the 
inverse fast Fourier transform (IFFT) that creates the multiple adjacent modulated 
carriers. The DSP data is applied to DACs to create I and Q signals that are sent 
to mixers for creation of the final signal. At the receiver, the data is recovered by 
another DSP executing the FFT. The output is the original fast serial data. 

OFDM seems impossibly complex while seemingly hogging spectrum space. 
Yet, it can transmit higher speeds in smaller bandwidths than most other types of 
digital modulation. It is very spectrally efficient. Furthermore, it is more resistant 
to multipath interference that can cause microwave links to lose data due to a 
reflected signal interfering with another or a direct signal causing cancellation and 
fading. Most of the new wireless technologies today use OFDM, including the 
forthcoming LTE cellular systems. Some examples of other OFDM uses include 
wireless local area networks (WLAN), wireless broadband (WiMAX), digital 
subscriber line (DSL) Internet access, digital TV, and AC power-line networking. 
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FIGURE 8.9 Generating OFDM is done by DSP and I/Q modulation. 
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Multiple Input Multiple Output 


Another technique for boosting speed within a given bandwidth 1s multiple 
input multiple output (MIMO). Also known as spatial multiplexing, it is the 
use of multiple transmitters transmitting to multiple receivers, each sending 
different bitstreams on the same channel. The high-speed serial data is divided 
into two, three, four, or even more bitstreams, and each is used to modulate 
a different transmitter but operating on the same frequency. The signals from 
each transmitter reach the antennas of each receiver along with any reflected 
signals. See Figure 8.10, which shows four transmitters (Tx) and four receivers 
(Rx) or 4 X 4 MIMO. What allows the receivers to sort out each bitstream is 
the fact that each signal travels a different path, and will have different charac- 
teristics or spatial signature that can be sorted out by DSP in the receiver. 

There are several things that make MIMO practical. First, MIMO is used at 
very high frequencies, especially microwave (>1 GHz). This means that anten- 
nas are short and inter-antenna space may be one wavelength or more, which 
is required for MIMO to work. The distance between the antennas ensures dif- 
ferent spatial paths with different characteristics that let the receivers recover 
each bitstream. Second, thanks to semiconductor technology, it is possible to 
make the multiple transmitters and receivers very inexpensively, typically all 
on a single silicon chip. 

MIMO has several benefits. First, it allows a higher data rate in the same 
channel bandwidth. Using a 4 X 4 MIMO, for example, would boost speed 
by a factor of 4. Configurations of MIMO can be any combination of trans- 
mitters and receivers. The 2 X 2 mode is popular but 4 X 4 is also used. 
Second, MIMO provides a more reliable link. It actually takes advantage of 
the multipath problems that usually plague microwave wireless and makes it 
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FIGURE 8.10 MIMO in a 4 X 4 configuration quadruples the data rate in an existing channel, 
while reducing the ill effects of multipath fading. 
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better. Finally, MIMO is usually combined with OFDM, which provides the 
ultimate data-rate boost, reliability, and spatial efficiency. MIMO is already 
used in wireless local area networks (WLAN) like Wi-Fi and in broadband 
wireless systems using WiMAX. Both of these technologies will be covered 
in the next chapter. MIMO will also be used with LTE, the next cell phone 
system. No, handsets probably will not have multiple antennas but the base 
stations will. 


Spectral Efficiency 


Spectral efficiency refers to how much data you can transmit in a given band- 
width. It is usually measured in bits per second per hertz (bps/Hz). ASK/OOK 
and FSK have efficiencies of <1. Special forms of FSK, such as Gaussian 
minimum shift keying (GMSK) used with GSM cell phones, are a bit better. 
BPSK has a spectral efficiency of 1. Table 8.1 gives the efficiencies of most of 
the popular digital wireless modulation schemes. 

One last thing: the type of modulation is not the only thing that affects 
spectral efficiency. The level of noise in a channel also determines the number 
of bit errors that occur in transmission. The higher levels of QAM have more 
errors, so this limits their efficiency to some extent. Plain FSK, BPSK, and 
QPSK are very resistant to noise, so are more suitable in applications where 
noise is a problem. Noise and bit rates have to be traded off for good reliable 
transmission. And by the way, the spectral efficiency issue applies to wired as 
well as wireless communications channels. 


TABLE 8.1 Spectral Efficiency of Selected Digital Wireless Modulation 
Schemes 


Modulation Method Spectral Efficiency (bps/Hz) 
FSK <1 

GMSK Vadis 

BPSK 1 

QPSK 

16-QAM 

64-QAM 

256-QAM 


OFDM Depends on modulation of subcarrier and number 
of subcarriers 


MIMO Depends on configuration 
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ACCESS METHODS AND DUPLEXING 


Access methods are wireless techniques that allow multiple users to share a 
given part of the frequency spectrum. Access methods are also called multiplex- 
ing. Multiplexing means allowing two or more signals to be transmitted concur- 
rently over the same communications medium such as a cable or within a given 
frequency band. Access methods allow many subscribers to share precious spec- 
trum space. And they provide the means to implement full-duplex simultaneous 
transmit/receive that most phone users expect. There are four types: frequency 
division multiple access (FDMA), time division multiple access (TDMA), code 
division multiple access (CDMA), and orthogonal frequency division multi- 
plex access (OFDMA). For full-duplex operation, there are two methods— 
frequency-division duplexing (FDD) and time-division duplexing (TDD). 


FDMA—A given bandwidth is divided into many narrower channels as 
shown in Figure 8.11. A given radio will cover all of the bands but has the 
ability to select a specific operating frequency. GSM divides the band into 
200-kHz channels. cdma2000 uses 1.25-MHz channels and WCDMA uses 
5-MHz channels. The newer OFDM uses 5-, 10-, 15-, or 20-MHz channels. 
FDD—Simultaneous transmit and receive is accomplished by using two 
different bands where half are used for transmit and the other half for 
receive. The transmitter and receiver operate at the same time but on differ- 
ent frequencies so they do not interfere with one another (see Figure 8.11). 

TDMA —With this method, a single-frequency channel is used, but the sig- 
nal is divided into fixed-duration time slots into which digitized segments of 
voice or data are transmitted. In digital voice transmission, the analog voice 
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FIGURE 8.11  Frequency-division multiple access and frequency duplexing use two separate 
bands of frequencies divided into individual channels. 
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signal is periodically sampled and digitized into a stream of binary num- 
bers. These binary values are then compressed into a smaller number of bits 
by a vocoder circuit. The resulting bits are then transmitted to the receiver. 
With TDMA, binary values from two or more voice sources can be inter- 
leaved and sequenced, and then sent over the single channel. For example, 
in GSM systems, there are eight time slots, as shown in Figure 8.12. The 
data is transmitted at a 270-kbps rate in a 200-kHz wide channel. Each time 
slot contains 1 byte of the voice data for one phone call. The frame of eight 
signals is then repeated. 

TDD—Time-division duplexing facilitates concurrent send and receive 
by assigning transmitted signals in one time slot and received signals in 
another time slot. They share the same frequency channel. Because all this 
is happening at a high rate of speed, you cannot determine that transmit 
and receive are not simultaneous, although in reality they are not. 

CDMA— This method uses spread-spectrum technology. It takes the digitized 
voice and further processes it to give it special coding, and then spreads it over 
a wide bandwidth. In cdma2000 phones, the channel bandwidth is 1.25 MHz 
wide, and all cell phone signals are coded and spread over this bandwidth. 
The process goes like this: the analog voice signal produced by the micro- 
phone is digitized in an ADC, and then compressed by a special digital cir- 
cuit called a vocoder or voice coder. This reduces the total number of bits 
and the speed of the digital signal. This vocoded signal is then mixed with a 
high-speed serial code signal, making it unique so that the receiver will recog- 
nize it. This is done with an XOR gate as shown in Figure 8.13. The higher- 
frequency signal, at 1.23 Mbps, is called the chipping data. The resulting sig- 
nal fills the 1.25-MHz channel. In WCDMA systems, the process is the same, 
but the chipping signal is 3.84Mbps and the channel width is 5 MHz. 


Many cell phone calls are then transmitted on the same channel. They actu- 
ally all mix together, but because they occur randomly with one another, they 
do not interfere with one another. Typically, up to about 64 users can share the 
same bandwidth. One signal simply appears as a low-level noise to another. The 
desired signal is picked up at the receiver by recognizing the unique code given to 
the transmitted signal. The two most common types of spread spectrum are direct 
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FIGURE 8.12 TDMA multiplexing divides a channel into sequential time slots for the digital data. 
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FIGURE 8.13 How CDMA is generated. 


sequence and frequency hopping. Direct-sequence spread spectrum (DSSS) is 
used in cell phones as illustrated in Figure 8.13. Frequency hopping is used in 
Bluetooth wireless systems (see Chapter 9). Most duplexing is by FDD, but some 
of the newer versions of WCDMA also use TDD. 


OFDMA 


Access with OFDM is done by just assigning one or more of the subchannels 
to each phone call. With each subchannel 15 kHz wide, each is capable of car- 
rying a compressed (vocoded) voice signal so that many calls can be handled. 
In practice, more than one channel may be used, depending on the specific 
frequency assignments, bandwidths, and other features of the LT'E system 
being used. 


A LOOK INSIDE A 3G CELL PHONE 


Figure 8.14 shows the insides of a modern 3G cell phone. This one uses the 
WCDMA/HSPA 3G technology, but is also backward compatible with GSM/ 
EDGE if an area does not have 3G yet. There is a separate radio transceiver 
(XCVR) for each. All of the baseband functions like modulation and demodu- 
lation and handset management are handled by one or more processors. One 
processor may be DSP. This handset also has a Bluetooth radio for the head- 
set (not shown) and a Wi-Fi transceiver for Internet access via a wireless 
LAN access point or hot spot. These technologies will be covered in the next 
chapter. A GPS radio provides navigation as well as fulfills the E911 require- 
ment. Note that all radios have separate antennas. A camera in included. The 
CCD is the charge-coupled device that converts the light and color variations 
in the scene into electrical signals. The stereo headphones are for the MP3 
music player. 
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FIGURE 8.14 A block diagram of 3G cell phone with multiple radios and functions. 


THE LATEST CELL PHONE TECHNOLOGY 


The cell phone industry is one of the fastest changing in electronics. New 
products come out almost daily. And new features and capabilities are invented 
regularly to keep the technology fresh and the sales continuous. Here is a snap- 
shot in time of the latest cell phone developments. 


Smartphones 


A smartphone is a basic cell phone but with advanced features that expand its 
use. The basic cell phone does phone calls or at most handles text messaging 
as well. But a smartphone has multiple functions. Some examples of smart- 
phones are the BlackBerry models from Research in Motion (RIM), Apple”s 
iPhone, some Nokia models, the Palm Pre, and various models from Samsung, 
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LG, and Motorola. They are too numerous to mention and they go out of date 
monthly or yearly. 


High-speed data capability. Most smartphones use 3G technology, so they 
can deliver almost as fast a data rate as your home Internet connections, 
usually 1 to 2 Mbps or better. 

Internet access. A built-in browser lets you access the Internet just as you 
would from your home laptop. The main limitation is the small screen size, 
which prevents you from doing as much as you would like, but you can 
still do it. 

Email. Email is one of the key features of a smartphone. It lets you stay in 
touch without a PC or laptop. 

Messaging. It goes without saying that text messaging is a main data 
feature. 

Digital camera. Most smartphones have an excellent high-resolution cam- 
era built in. It is not as great as a stand-alone digital camera, but it does have 
1 to 3 megapixels of resolution. 

Camcorder. Some of the digital cameras have video capability as well. The 
main limitation is the amount of memory available to store videos. 
MP3/iPod. A music player is a standard feature of many smart phones. The 
key here is to have sufficient flash memory to store the songs you want. 
Wireless local area network (WLAN) access. You will learn more about this 
in the next chapter, but a smartphone has a built-in separate transceiver to 
connect to a Wi-Fi hot spot or other access point in airports, hotels, coffee 
shops, and other locations just like a laptop. You can access the Internet or 
email as an alternative to doing it through the cellular network. 

Bluetooth. Bluetooth is another short-range wireless technology covered in 
Chapter 9. It is used in smartphones for wireless headsets. A headset con- 
tains a headphone and a microphone that fits in the ear. It talks to the cell 
phone wirelessly via a Bluetooth link. 

GPS. The global positioning system is the worldwide satellite navigation 
system. Many phones have a built-in GPS receiver so that you can find 
your way. Some even offer full navigation software and display as in those 
personal navigation devices (PNDs) like those from Garmin and Tom Tom. 


Femtocells 


One of the most frustrating problems cell phone users have is poor cover- 
age at home. Many homes are not located near cell sites or have poor indoor 
performance. This is maddening to many, especially those who want to give 
up their regular wired home phone and go only wireless. One solution to this 
problem is the femtocell. This is a small base station designed to be installed 
at home. The concept is illustrated in Figure 8.15. It can usually accommo- 
date calls from up to four cell phones. The femtocell connects back to the car- 
rier via your high-speed Internet connection, a DSL line, or a cable TV link. 
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FIGURE 8.15 Concept of femto cell. 


It provides great in-home coverage and has the added benefit that it offloads to 
the cell site and the carrier, providing more capacity to others. 

Femtocells are just now becoming available but will soon be rolled out nation- 
ally. It is expected that the new LTE systems will make extensive use of femto cells. 


Mobile TV 


Video is now available on some phones. This video comes to you over the cell 
phone network, so it uses the high-speed data connection. Video is very data 
intensive, so it really loads down the network, limits subscriber capacity, and 
slows speed in some cases and raises your monthly bill. Yet, you can get vari- 
ous TV programs plus news, weather, sports, and comedy this way. 

It has been decided that the best way to offer TV on a cell phone is to broad- 
cast it directly to a small receiver in the cell phone. This keeps the video data over- 
load off the cellular network and provides a better picture and more programming 
choices. This over the air (OTA) cell phone video is now available in many U.S. 
cities with more to come. A company and service called MediaFLO is transmitting 
TV to those who subscribe. Up to 15 or 20 channels provide a mix of programming. 
Some TV is also available in Europe using an OFDM system called Digital Video 
Broadcast-Handset (DVB-H). Variations are also available in Japan and Korea. 

It is expected that some time in the near future, the U.S. digital TV system 
called the Advanced Television Systems Committee (ATSC) standard will be 
available in a mobile version that can be received via free OTA if the phone 
has a receiver built in. In all systems, the video is highly compressed using a 
standard referred to as H.264 and reformatted for a 360 X 240 pixel screen. 
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Location Technology 


Location technology refers to systems and circuits that are designed to pinpoint 
the location of a cell phone in use. This can be done now to a certain extent, as 
a carrier can always determine which cell site a phone is currently using. That 
only locates the phone within an area of a few miles. The FCC has mandated 
that all cell phones can be located within 50 to 100 feet in case of an emergency. 
This is part of the E911 system for all cell phones. E911 means that your cell 
phone company has a system that will send your physical location to emergency 
services if you call 911 from your cell phone. Some systems use GPS, but others 
have another type of location technology. The whole thing is transparent to a 
user, and most users actually do not know that their phone has this capability. 

The location capability has many concerned for privacy reasons. But if you 
don’t want to be located, turn off your phone. Otherwise, learn to live with it, 
as it many save your life one day. Location technology is also supposed to lead 
to services that are based on location, such as advertisements for restaurants 
and other businesses near you. 

When GPS is used, the GPS receiver computes your coordinates from the 
satellite signals and sends them to the carrier for use if called for. In another 
system, your location is determined by actually triangulating your phone with 
three nearby cell sites. No additional electronics are needed inside the phone, 
but special antennas, receivers, and other gear are needed at the cell sites. Both 
systems can usually pinpoint you within 50 feet or so depending on terrain and 
environment. 
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Examine a Base Station 

Go look at a cell site. The wireless phone company won't let you inside, but 
you can drive close to many and examine what you can see. Especially note the 
antenna arrangement at the top of the tower. Most have a triangular arrangement of 
three antenna arrays that divide the coverage into three 120-degree wide areas. You 
will see multiple coax cables going up the tower to carry the received and transmit- 
ted signals. Check for a dish that connects the site to the main switching station. 
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Check Out the Latest Handsets, Features, and Services 

Go to a cell phone store and ask about what digital services are available in your 
area. Try to find out what the technology is, such as GPRS, EDGE, cdma2000, 
1xRTT, WCDMA, HSPA, and so on. Do you have email, instant messaging, games, 
Internet access, transmission of color digital photos, or what? 
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Project 8.3 


Get an Area Coverage Map 

Call your cellular carrier and ask for a coverage map. Some carriers actually give 
you this, but many times you have to ask for it. lt may also be on your carrier 
website. The map will show you the actual range and coverage of the system. If 
you leave the area, you may have no coverage or you may switch over to another 
system in a roam mode. 


Project 8.4 


ID the Carriers 

Identify the cell carriers (ATT Wireless, Cingular, Verizon, Sprint, Alltel, MetroPCS, 
etc.) in your area. lf they advertise locally in the newspapers or in cell phone 
stores, they cover your area. 


Project 8.5 


Relevant Websites 
There are several great websites where you can get additional information on how 
cell phones work. Here are a couple that | like: www.howstuffworks.com and 
www.sss-mag.com. 
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Chapter 9 


Networking: Wired and Wireless 


All Devices Talking to One Another 


In this Chapter: 


e Types of networks defined: WAN, MAN, LAN, and PAN. 
Ethernet, Sonet, and other wired networking technologies. 


e 

e Internet transmission fundamentals. 

e Wireless networking technologies, including Wi-Fi, Bluetooth, WiMAX, 
ZigBee, and others. 


INTRODUCTION 


You already know from reading this book that virtually every electronic product 
has a digital computer built into it in the form of an embedded controller or 
microcomputer. But one other fact about electronic equipment that you may not 
know is that a large percentage of these devices are now being interconnected 
to one another to form networks. This is particularly true of computers. After 
all, what computer today is not connected to some form of network? And while 
we may be nearing the point where all computers are networked, the trend con- 
tinues toward networking many other non-computer devices. This chapter takes 
a look at networking concepts and the most popular forms of networks being 
used today, both wired and wireless. 


IS EVERYTHING NETWORKED? 


A network is just a system of people or things that are connected to one 
another. If someone was to ask you to give an example of a network, you prob- 
ably would use the computer network definition. But there are all sorts of other 
networks in which we all participate in some form or another. One of the big- 
gest networks is our interconnecting road system. Our highways and byways 
interconnect cities with one another and provide transportation routes for 
people and goods. The railroad is a massive network. You could also call the 
airline system a massive network of cities connected by airplane flights. Our 
whole electrical grid is a massive network. And one of the largest networks in 


© 2010 Elsevier Inc. All rights reserved. 
doi: 10.1016/B978-1-85617-700-9.00009-6 207 


208 Electronics Explained: The New Systems Approach to Learning Electronics 


the world is the telephone system, both wired and wireless. And then again, 
lets not forget the Internet itself which connects us all to everything else. For 
our purposes here, our network definition is a system designed for communica- 
tions via computers talking to one another or individuals talking to one another 
over cell phones. In all cases, a network is involved. 


TYPES OF NETWORKS 


There are lots of different ways to interconnect individual computers or other 
electronic products. You can do it by electrical cable or fiber optic cable or 
you can do it in a wireless manner. In any case, each computer or user in the 
network is called a node. The goal of a network is to connect each node to all 
other nodes in some way so that they can communicate. Over the years, several 
different levels of networks have evolved. 


Wide Area Networks 


A wide area network (WAN) is the largest network of all and we could consider 
the entire telephone network or the Internet as a large WAN. Sometimes WANs 
are smaller and may be localized to a country, a state, a city, or other large 
geographical area. The Internet is certainly a WAN. Most WANs are made up 
of fiber optic cable so that they can carry lots of data at very high speeds. 


Metropolitan Area Networks 


A metropolitan area network (MAN) is a network that covers a smaller geo- 
graphical area such as a city or a large college campus system. Good examples 
of MANS are the local telephone company and your local cable TV company. 
MANs are also widely used in large companies and in governments to inter- 
connect their computers. Most MANs are also implemented with fiber optic 
cable to maintain speed and data capacity. 


Local Area Networks 


A local area network (LAN) covers a small group of computers, typically a 
thousand computers or less. LANs are implemented in companies, small busi- 
nesses, and even in homes. A LAN may only have a couple of users but could 
have several hundred, depending on the circumstances. Even two connected 
PCs at home comprise a LAN. In most cases, LANs are connected externally 
to a MAN or a WAN for external communications. 


Personal Area Networks 


Most personal area networks (PANS) are short-range wireless networks. A PAN is 
formed when two or more computers or cell phones interconnect to one another 
wirelessly over a short range, typically less than about 30 feet. Most PANs are 
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what we call ad hoc networks that are only set up temporarily for a specific 
purpose. The Bluetooth headset option on a cell phone is an example of a PAN. 


Home Area Networks 


A home area network (HAN) 1s a network inside the home used to provide 
monitoring and control over energy usage. It connects to the utility’s electric 
meter and monitors energy usage so the home owner can see what energy 1s 
being used and where. It is also used to give the utility a way to control the 
heating and air conditioning to save energy. The HAN also provides a way to 
conveniently turn appliances off and on. The HAN may use wireless or com- 
munications over the AC power line. The HAN is the home portion of the 
national Smart Grid effort to conserve energy. 


Storage Area Networks 


A storage area network (SAN), as its name implies, is a network that intercon- 
nects large data storage devices to computers and to one another. Large arrays 
of hard disks are usually set up to store massive amounts of data needed by 
business, the government, and other organizations. The SAN provides a way to 
access all this information in a fast and easy way. 


Network Relationships 


As 1t turns out, the different types of networks are connected to one another, the 
result being one massive network. Figure 9.1 is an example. For example, local 
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FIGURE 9.1 How LANs, MANSs, and WANs connect to form a huge worldwide network of 
computers and other devices. 
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LANs are connected to MANs, while the MANs themselves are connected to 
WANs, and so on. In this figure, the circles represent PCs while the squares rep- 
resent network connecting points. These include servers, the computers that man- 
age LANs and MANs; routers, which determine connections in the network; and 
add/drop multiplexers that put data on the network and take it off. All the inter- 
connecting links are fiber optic cable except for the copper cable in the LANs. 
This complex hierarchy essentially lets any computer talk to any other computer 
under the right conditions. The Internet implements such a hierarchy of networks. 


NETWORK INTERCONNECTION METHODS 


As you can imagine, there are lots of different ways to connect computers or 
other electronic devices to one another. For example, you could run a cable 
between each of the computers you want to interconnect. The result would be 
a large, complex, and very messy and expensive interconnection system. It is 
called a mesh. Except for a few computers, such systems are not used. Instead, 
over the years, several different interconnection methods called network topolo- 
gies have emerged. These are the star, the ring, and the bus, all simply illustrated 
in Figure 9.2. 
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FIGURE 9.2 Three main networking topologies—star, ring, and bus. Bus is the most widely used. 
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In the star method, each node is connected to a central control computer or 
server that manages the interconnections from any PC to any other. In the ring 
interconnection, the computers are simply connected into a single closed loop. 
Then data is transferred from one computer to the next by sending it around the 
ring. The computer destined for the information will recognize it and grab it off 
the ring as it comes by. The bus method of interconnection is one of the most 
popular, as it is simply a common cable or connecting point to which all comput- 
ers are attached. The problem with the bus is that there can only be one sender 
or transmitting party of the information on the bus at a time. This requires some 
method of managing who transmits to whom and when. All nodes can receive. 

The mesh network mentioned earlier is a messy thing to implement with 
cables. However, it can be implemented wirelessly. In a mesh, all nodes can 
talk to all other nodes within their range. This is advantageous in that there are 
multiple paths for data to take if one path should be blocked for some reason. 
More on that later. 


WIRED NETWORKING TECHNOLOGIES 


Wired networks use three types of cable: twisted pair, coax, or fiber optic. The 
telephone system has used twisted-pair cable from the very beginning and it is 
still in use today. It is also the predominant way that LANs are interconnected. 
Coax cable was once popular but is not widely used today except in cable TV 
systems. Fiber optic cables were not practical until the 1970s, but since then 
have been developed into the best way to wire computer networks because of 
their high speed and low loss. 


Types of Cables 


Coax cable was the original networking medium (see Figure 9.3). It has a 
copper wire center conductor surrounded by an insulator like Teflon or another 
type of plastic, which in turn is usually covered with a wire-mesh braid. 
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FIGURE 9.3 Coax cable. It is now mainly used in cable TV networks. The most common is 
RG-6/U and uses F-type connectors. 
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FIGURE 9.4 Twisted-pair cable. Initially used for telephones and is still used. Computer net- 
work cables use four twisted pairs. A shielded version is available where noise is a problem. 


TABLE 9.1 Types of Twisted-Pair Cable 

Category Maximum Data Rate Application/Comment 
CAT5 100 Mbps Ethernet LAN, telephones 
CAT5e 1 Gbps Ethernet LAN 

CAT6 10 Gbps Ethernet LAN, video 
CAT7 10 Gbps LAN, point to point 


A plastic outer jacket covers the whole thing. The center wire and the mesh are 
the two connection points. Coax can handle frequencies up to many gigahertz. 
But it has high losses over long distances. Coax is mainly used in cable TV 
networks. 

Twisted pair is the widely used cable for telephones and LANs. It consists 
of two solid insulated wires twisted together as shown in Figure 9.4. Most 
telephone or LAN cables contain multiple pairs. Typical LAN cables have four 
pairs in a single cable. These cables are standardized and categorized as shown 
in Table 9.1. CATS and CATSe are the most common. The eight wires are 
usually terminated in a connector called an RJ-45. 

Fiber optic cable consists of a thin glass or plastic center piece surrounded 
by a plastic outer cover. Then that is further wrapped by an outer plastic cover- 
ing (see Figure 9.5). Light waves are passed down the center glass or plastic 
cable. Most light comes from an infrared (IR) light laser. You cannot see IR 
but it is light nonetheless. IR light is what your TV remote control uses. The 
IR light is pulsed off and on to create binary signals. These are picked up 
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FIGURE 9.5 Fiber optic cable. It is nonconductive because it is made of plastic and glass, and is 
used to transmit data as infrared (IR) light pulses. 


at the receiving end by a light detector and converted back into binary O and 
1 voltages (see Figure 9.6). 

Over the years, dozens of different wired networks have been developed. 
But in the past two decades, only two types of wired networks are dominant: 
Ethernet and Sonet. 


Ethernet 


Ethernet was originally developed as a LAN in the 1970s. It used coax cable in 
a bus topology to interconnect multiple computers. Ethernet 1s also known by 
1ts Institute of Electrical and Electronic Engineers (IEEE) standard designation 
802.3. There are many variations of this technology, but the most common one 
uses unshielded twisted-pair cable. The bus topology is generally implemented 
inside a piece of equipment called a hub or switch (see Figure 9.7). The cable 
from each computer or other device is connected to one of the jacks on the hub 
or switch. The hub or switch connects to a master computer called a server that 
manages the network. Generally speaking, connections to the hub or switch are 
limited in length to about 100 meters or 300 feet. 

The initial Ethernet LAN had a maximum data rate of 2.93 Mbps over coax. 
When Ethernet was standardized, the basic data rate was 10Mbps. Over the 
years, Ethernet has been improved and developed to create versions with data 
speeds over twisted-pair cable of 100 Mbps, 1 Gbps, and 10 Gbps. While 10 Mbps 
can be implemented over a single twisted pair, to achieve speeds of 100 Mbps, 
1 Gbps, and 10Gbps, all four twisted pairs in the CATS cable are used. The data 
is divided between and transmitted in parallel at the same time using special 
multilevel encoding that permits such higher data rates to be achieved. 

There are also versions of Ethernet that use fiber optic cable. Fiber optic 
cable is normally used on the 1-Gbps and 10-Gbps versions. The latest versions 
of Ethernet provide 40-Gbps and 100-Gbps data rates. 


How Is Ethernet Used? 


Ethernet uses a bus topology connection where only one node can transmit at 
a time. This requires the use of an access method that permits the nodes on 
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FIGURE 9.6 How binary data is transmitted over fiber optic cable. 
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FIGURE 9.7 Ethernet hub or switch implements a bus that is accessed by RJ-45 connectors and 
twisted-pair cable. 
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FIGURE 9.8 Ethernet frame or packet. 


the bus to share it. Ethernet uses a technique known as carrier sense multiple 
access with collision detection (CSMA/CD). This is part of the IEEE 802.3 
standard. Essentially what happens is that if a computer wants to transmit, it 
monitors the bus, and if no one is transmitting, it will begin transmitting its 
signal. If someone else tries to transmit at the same time, a collision occurs 
and both computers stop transmitting. Each will wait a random period of time 
and then try again. Whoever captures the bus first will be allowed to transmit. 
The data is transmitted over the bus and any computer connected to it can 
receive it. However, typically the transmission is only intended for one other 
computer. To identify that computer, each is given an Ethernet address that is 
transmitted along with the data to be sent. 

The data to be transmitted are packaged together in a group of bits called 
a packet. Figure 9.8 shows what a typical Ethernet packet looks like. The pre- 
amble consists of 7 bytes of alternating 1’s and 0’s that help the receiving 
computer establish clock synchronization with the transmitting computer. The 
start frame delimiter presents a unique 1-byte code indicating that a frame of 
Ethernet data is to be transmitted. Next, a 6-byte destination address identifies 
the desired receiving node. The next 6 bytes identify the sending node. This is 
followed by another 2 bytes of data that indicate how long the data message 
is. The block of data is then transmitted. It can be any length from about 46 to 
1500 bytes. The packet ends with a frame check sequence that is essentially a 
unique code designed for error detection and correction. If bit errors occur dur- 
ing transmission, the receiving computer can perform specific logic functions 
that allow the error to be detected and then corrected. 
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TABLE 9.2 Sonet/SDH Designations and 
Data Rates 


Sonet Level Data Rate 
OC-1 51.84 Mbps 
OC-3 155.52 Mbps 
OC-12 622.08 Mbps 
OC-48 2.488 Gbps 


OC-192 9.953 Gbps 


OC-768 39.812 Gbps 


While Ethernet started out as a LAN, it has morphed into other larger 
forms of networks. Because of its high-speed capability with fiber optic cable, 
it is also used to form MANs and even WANS. A special version for MANs 
and WANSs is called Carrier Ethernet. There is also a version of Ethernet used 
in storage area networks, called Internet Small Systems Computer Interface or 
iSCSI. There is also a wireless version of Ethernet that will be discussed in 
another section in this chapter. 


Sonet 


Sonet means synchronous optical network. Also known by its international 
standard name, synchronous digital hierarchy, this fiber optic network sys- 
tem was designed specifically for high-speed data transmission in telephone 
networks and computer systems. Basically, Sonet defines how data is trans- 
mitted over the fiber optic cables. This includes the data format as well as 
data speeds. Table 9.2 shows the various standardized transmission speeds 
from 51.84 to 39.812 Gbps. The bulk of Sonet installations, which are used 
primarily in the telephone networks and the Internet, use 2.488 Gbps (also 
generally called 2.5 Gbps) and 9.953 Gbps (generally referred to as 10-Gbps 
Sonet). More recently, new 39.812 (40) Gbps networks are being built for 
the Internet. Data is transmitted in fixed-length frames made up of 810 bytes, 
most of which is data. The network topology is either point to point or 1 
n a ring. 

Most big WANs and MANs use the Sonet system. However, Sonet is often 
used to transmit other data, including the telephone company T1 and T3 line 
data, asynchronous transfer mode (ATM), frame relay, and other telephone 
company formats. It is also widely used to carry Ethernet packets as well as 
the unique packets that are part of the Internet protocol. 
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Telephone Data Systems 


When the wired telephone system converted to digital many years ago, several 
key data transmission standards were developed. The most common are the T car- 
rier systems, as well as frame relay and asynchronous transfer mode (ATM). The 
most widely used digital telephone networking standard is the T-1 system. It was 
developed to transmit 24 digitized telephone lines over a single cable. The voice 
signals were digitized into 8-bit chunks and then transmitted sequentially over a 
1-1 line from one central office to another. The basic T-1 frame format is shown in 
Figure 9.9. It consists of 192 data bits made up of 24 bytes representing individual 
chunks of telephone calls. An additional synchronizing bit is added. The result is a 
T-1 signal that transmits at a rate of 1.544 Mbps. And while T-1 is still widely used 
for digital telephone calls, it is also used for broadband computer data connec- 
tions and cell phone backhaul. 

There are other T carrier systems that are used to multiplex T-1 lines onto larger 
cables. The most common is the 1-3, which allows dozens of T-1 lines to be multi- 
plexed on a single cable at a 44.736-Mbps data rate. 

Frame relay transmits data mostly in telephone systems. Both the T carrier and 
frame relay are synchronous systems, meaning that they are synchronized to a 
master clock signal. 

Asynchronous transfer mode (ATM), as its name implies, is an asynchronous 
system that transmits data in packets. Each packet is made up of 53 bytes—5 bytes 
for a header that designates the destination and a 48-byte payload segment. Packets 
may be digital voice or computer data. 


1544 Mbps Synchronization 
voice or bit 
data 


FIGURE 9.9 A T-1 data frame commonly used in digital telephone systems as well as data 
interconnections in networks. 


Optical Transport Network 


The optical transport network (OTN) is a technology used to implement the 
Internet backbone network. This is the core long haul fiber optical network 
that connects the world together. OTN uses special polarization and modula- 
tion techniques to transmit data rates of 40-Gbps and 100-Gbps. 


HOW THE INTERNET WORKS 


The Internet is an enormous WAN covering the entire world. It consists of many 
super-fast, fiber optic cable links that are generally referred to as the backbone of 
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FIGURE 9.10 Internet illustrated as cloud of fiber backbone connections through network access 
points (NAP) that attach to WANs, MANs, and LANs. 


the network. These high-speed links are owned by companies and governments and 
provide connection points for companies, governments, WANs, Internet service 
providers, and hosts for websites. These connection points are known as network 
access points (NAPs). See Figure 9.10. There are dozens of NAPs in the United 
States and they provide the link to the backbone connections. These backbone con- 
nections are worldwide. Because they are complex and interlinked, they are often 
referred to as the Internet cloud. Since data being transmitted from one point to the 
other can go by multiple paths in the backbone, there is no way to know the exact 
path, so the cloud designation is appropriate. You put the data transmission into 
one NAP entry point to the cloud and it comes out in another. From there it goes to 
other MANs and LANs for connections to other networks and to individual users. 
Data is transmitted over the Internet using a standardized method referred 
to as TCP/IP. This means transmission control protocol/Internet protocol. Both 
are protocols for building packets that are transmitted over the Internet. 
Assume that a LAN and MAN using Ethernet want to transmit informa- 
tion over the Internet. The Ethernet packets are then sent to a NAP where they 
are assembled into the packets that actually get transmitted over the fiber optic 
cable. The TCP assembles the data to be transmitted into unique packets and 
attaches a header to it, giving the source and destination addresses, a sequence 
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FIGURE 9.11 Protocols used in Internet. (A) Transmission control protocol (TCP). (B) Internet 
protocol (IP). The data in each frame is transmitted from left to right and top to bottom. 


number, and some error detection and correction information. The general for- 
mat is shown in Figure 9.11A. 

The TCP packets then become the data that is assembled further into 
Internet packets (see Figure 9.11B). The Internet protocol attaches a header 
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giving source and destination addresses as well as other information about 
where and how the data 1s to be sent. 

The IP header contains a 32-bit destination address identifying the loca- 
tion of the computer receiving the data. This 32-bit address is divided into four 
8-bit segments. Each 8-bit segment is usually referred to by its binary equiva- 
lent. The result is the IP address. Every computer and most other devices have 
an IP address assigned by an organization set up for assigning and managing 
Internet addresses. You may have seen the address referred to in the format 
51.78.23.189. This is called the dotted decimal format. 

With a 32-bit address, over 4 billion individual computers and other 
devices can be assigned a unique address. However, we are already beginning 
to run out of addresses and a new updated form of Internet protocol called 
IPv6 (Internet Protocol version 6) is gradually replacing it. It has a 128-bit 
address that provides billions and trillions of additional addresses so that even 
the smallest inconsequential device can have its own Internet address. 

As the data is transmitted over the Internet, it passes through many devices 
referred to as routers. The router is the basic transmission control device of the 
Internet. What the router does is examine all of the packets transmitted to it 
and specifically looks at their IP destination addresses. The router temporarily 
will store data being transmitted and then decide which part of the network it 
should be connected to next to reach its desired destination. Routers store sets 
of information called routing tables that help the router decide the best trans- 
mission path through the Internet. 

The data being transmitted ultimately reaches the NAP connected to the 
network where the destination exists. This may be a company, MAN, or LAN, 
or it could be an Internet service provider, such as the telephone company or 
cable TV company that will ultimately connect to the source computer. The 
source computer then strips away the TCP/IP headers to recover the original 
Sonet or Ethernet data. 


WIRELESS NETWORKS 


Wireless networks are usually LANs or PANs, but may also be MANs. Most 
wireless networks are short-range wireless connections that bring greater mobil- 
ity as well as freedom from interconnecting cables to networking. Figure 9.12 
shows a graph designating the various types of wireless networking schemes in 
use today. In this graph, each networking technology is defined in terms of its 
data rate as well as its range. In this section, we take a look at all of these tech- 
nologies, most of which you have heard of or already use on a regular basis. 


Wi-Fi 


The most widely used wireless networking technology is referred to by its 
trade name Wi-Fi, meaning wireless fidelity. This the name given to the IEEE’s 
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FIGURE 9.12 Summary of short-range wireless networking technologies shown as data rate 
versus range. 
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FIGURE 9.13 How a Wi-Fi access point or hot spot works. 


wireless Ethernet standard designated as 802.11. Wi-Fi was originally devel- 
oped as a wireless extension to normal Ethernet LANSs. It allowed laptops and 
personal computers and even cell phones to connect to a company or organiza- 
tional LAN wirelessly instead of the normal CAT5 connection. This not only 
simplified and in many case eliminated new wiring but also gave employees 
greater freedom and mobility, particularly since most employees use laptop 
computers rather than fixed PCs. 

Figure 9.13 shows how Wi-Fi works. Each PC, laptop, or cell phone has a 
built-in data transceiver and antenna that communicate with a wireless access 
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point (AP). This wireless access point is a transceiver that connects directly to 
an Ethernet switch, which, in turn, connects to the LAN wiring and its server. 
Access points are placed at strategic locations within buildings to allow as 
many people as possible to connect wirelessly. 

There are also public access points known as hot spots. These are present 
in coffee shops, airports, hotels, and in many other locations, allowing anyone 
with a laptop or cell phone to connect. These hot spots talk back to a central 
point by a backhaul method, such as a T1 telephone line or microwave relay 
link that connects to an Internet service provider that, in turn, is connected to 
the Internet. 

The 802.11 standard exists in several basic forms. The most popular version 
of this standard is 802.11b. It operates in the 2.4- to 2.483-GHz unlicensed band. 
It uses the direct sequence spread spectrum (DSSS) and is capable of data rates 
up to 11 Mbps in a range of up to 100 meters. This frequency band is divided 
into 11 channels, each 22 MHz wide. The computer and access point decide 
on which channel to use to minimize interference with other transmissions. If 
you are close enough to the access point, you can actually get the 11-Mbps data 
rate, but if you are not, the system automatically ratchets down to 5.5, 2, or even 
l bps depending on the range, interference, and noise or other environmental 
conditions. 

Another popular version of the standard is 802.11g. It is a faster version of 
Wi-Fi that also operates in the 2.4-GHz band. It can achieve data rates as high as 
54Mbps up to 100 meters. It uses OFDM with 52 subcarriers. The most recent 
standard is 802.11n, which uses OFDM and MIMO to achieve even higher data 
rates up to approximately 600 Mbps. Another less popular version is 802.1 1a, 
which uses the 5-GHz unlicensed band. It too uses OFDM and can achieve data 
rates to 54Mbps. The IEEE is also currently working on an advanced wireless 
standard that should ultimately be able to achieve a 1-Gbps data rate in the near 
future. 

Wi-Fi is also built into most of the new smartphones. While a smartphone 
has data capability because of its 3G digital technology, Wi-Fi gives it one 
more way to access the Internet and email. 

Wi-Fi is also the most popular home networking technology. With no wires 
to install, it is easy to set up and use with a broadband DSL connection or 
cable TV access. 


Bluetooth 


Bluetooth was developed as a personal area network (PAN) for connecting 
computers, cell phones, and other devices up to a range of about 30 feet. It 
is a low-speed data transmission method. Bluetooth operates in the same 
2.4- to 2.483-GHz unlicensed spectrum as Wi-Fi. It uses a technique known 
as frequency hopping spread spectrum (FHSS), where the data is divided into 
chunks and transmitted via a carrier that hops from one random frequency to 
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another. Data is transmitted at a 1-Mbps rate using FSK. An enhanced data 
rate (EDR) version of Bluetooth is also available to transmit at higher speeds 
up to 3 Mbps. Even newer versions can give data rates as high as 24 Mbps and 
even higher rates are possible in future versions of the standard. The standard 
is managed by the Bluetooth Special Interest Group (SIG). 

One of the basic features of Bluetooth is that it is capable of forming 
small networks called piconets. It does this by linking two Bluetooth devices 
together. One serves as a master controller and it can connect to seven other 
Bluetooth slave devices. Once the PAN has been set up, the various connected 
devices can exchange information with one another through the master. 

By far the most common application for Bluetooth is cordless headsets 
for cell phones. But you will also encounter it in some wireless connections 
between laptops and cell phones. It is also used in some computer peripheral 
devices such as PC-to-printer connections. 


ZigBee 


ZigBee is another short-range PAN network technology with the IEEE desig- 
nation 802.15.4. It uses low power, so the range is typically 100 meters or less, 
basically depending on the antennas and the physical environment where it is 
used. ZigBee also operates in that unlicensed spectrum from 2.4 to 2.483 GHz. 

The IEEE 802.15.4 standard defines the basic radio technology. It uses 
direct-frequency spread spectrum (DSSS) and a version of QPSK that gives 
a data rate of 250 Kbps. The frequency spectrum is divided into 16 1-MHz 
channels. 

The basic function for ZigBee is monitoring and control. Monitoring refers 
to telemetry that allows sensors to collect information, which is then transmit- 
ted by radio to some central collection point. It also allows for remote control 
of the devices such as lights, motors, and other items. The ZigBee Alliance, 
the organization that promotes and enhances this wireless technology, has 
developed a series of applications for industrial monitoring and control, home 
monitoring and control, energy monitoring (automatic meter reading) and con- 
trol, and several others. 

A major feature of the ZigBee technology is its ability to perform mesh net- 
works. While a typical ZigBee radio node may only have a range of 30 meters 
or less, the range can be extended by simply transmitting data from one node to 
another in a mesh network that may cover hundreds of meters, or in some cases 
even miles. A mesh is shown in Figure 9.14. Each circuit is a ZigBee transceiver 
node and each line is a wireless path. Mesh networks have many different paths 
for data and, therefore, are extremely reliable. If one path is blocked or disabled, 
data can usually find its way to the desired destination by way of another path. 
For example, in Figure 9.14, a direct path may be from A-D-F-I-K, but if the 
D-to-F link is blocked or the I node is disabled, the mesh would automatically 
reroute the data through another path such as A-D-G-J-K. 
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FIGURE 9.14 A mesh network can extend the overall range of a node and provide greater reli- 
ability through multiple possible paths. Most wireless mesh networks are ZigBee, but other wire- 
less technologies may be used (e.g., Wi-Fi). 


A forthcoming application of the 802.15.4 standard is the replacement of 
the current infrared (IR) TV remote controls. An RF version called RF4CE is 
gradually expected to replace IR remotes in all consumer electronic equipment 
providing longer range and no line of sight limitations. Two-way communica- 
tions are expected to be implemented. 


Ultra Wideband 


Ultra wideband (UWB) technology is a very broadband, high-speed PAN 
designed for transmitting audio, video, and high-speed data. It uses OFDM in 
the frequency spectrum from 3.1 GHz to roughly 5 GHz. Higher frequencies up 
to 10.6 GHz are available but not widely used. Ultra wideband has a maximum 
data rate of 480 Mbps, but the actual rate depends on the range between nodes. 


WiMAX 


WiMAX is actually a wireless MAN. It was initially designed to offer a wire- 
less alternative to Internet connections to homes, usually by way of cable TV 
systems or DSL lines of a telephone company. WiMAX is also standardized 
by the IEEE as 802.16. It comes in two variations, fixed and mobile. The fixed 
version is used for Internet connectivity in a fixed mode where the nodes in 
a star-like network are essentially in one position. WiMAX services are now 
available through an organization such as Clearwire in the United States with 
base stations with a range of several miles. Laptop computers containing 
WiMAX transceivers can connect to the network. Data rates will vary depend- 
ing on the service offered by the company but can be from 1 Mbps to 10 Mbps 
or more. The technology uses OFDM with modulation schemes including 
BPSK, QPSK, 16-QAM, and 64-QAM. MIMO may or may not be used. 
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FIGURE 9.15 How RFID works. The tag has no power of its own but gets power from the 
transmitter in the reader. 


A mobile version of WiMAX is also available. It 1s designed for connec- 
tivity where laptops and other mobile devices can connect to access points or 
base stations even while in motion. 

Most WiMAX activity takes place in the United States in the 2.5-GHz 
frequency range and the 3.5-GHz range in Europe, Canada, and Asia. It is 
expected that WiMAX will be used in the new 700-MHz band for high-speed 
Internet access. 


Radio Frequency Identification and Near-Field Communications 


Radio frequency identification (RFID) is a very short-range technology that 
is intended to substitute for standard bar codes. Practically everything has a 
printed bar code on it today so that with optical scanners the device can be rec- 
ognized by a particular part number or other information that identifies it. The 
bar code readers are normally attached to a computer and, in turn, a network. 

RFID devices are small thin plastic tags containing a radio chip that can 
be read by a wireless reader. The RFID chip contains an EEPROM memory 
in which is stored the device’s unique identification number and other related 
information. A key characteristic of the RFID tag is that it contains no power 
source such as a battery. Yet it is designed to transmit its digital code to some 
external reading device whenever it is interrogated. Figure 9.15 shows how it 
works. 
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The interrogation takes place when an external reader made up of a trans- 
mitter (TX) sends a radio frequency (RF) signal to the nearby tag. The radio 
frequency energy received by the tag’s antenna is then rectified and filtered 
into a DC voltage that is used to power up the memory and the modulator cir- 
cuit that sends data back to the reader. The reader also contains a receiver (RX) 
that picks up the small signal from the tag and sends it on to a computer where 
identification takes place. 

RFID tags are generally used for what is known as asset tracking. RFID 
tags are attached to any relatively expensive item whose position is to be mon- 
itored, tracked, or otherwise controlled. It is good for keeping track of capi- 
tal equipment, baggage, manufacturing tools, and other items. It is also used 
for personnel security on badges that employees wear and is good for animal 
tracking. One of the most widely used applications is automatic toll collection 
on highways. 

RFID tags come in a variety of sizes, shapes, and technologies. Some of 
the older tags work at a frequency of 125kHz or 13.56 MHz. The newer tags 
work at UHF frequencies in the 902- to 928-MHz range. All of these tags are 
passive devices with no power other than that received from the reader. Some 
longer-range RFID tags with small batteries have also been developed. 

The unique code stored in the EEPROM is stored during the tag’s manu- 
facture. It is then clocked out at a relatively slow rate of speed around 70 kbps. 
The serial binary data is used in a form of amplitude modulation called back- 
scatter modulation that produces minor variations in the reader’s signal that 
can be converted back into a binary code. 

Another similar RFID-like technology is known as near-field communica- 
tions (NFC). It has an even shorter range of only about 1 foot. It operates on 
13.56 MHz. It is mainly designed to be used in credit cards and in cell phones 
to produce automatic transactions such as credit card purchases or payment for 
transportation (e.g., train, subway, bus) or access to some facility. 


BROADBAND TECHNOLOGY 


Whenever you hear the term “broadband,” it generally refers to a high-speed 
interconnection or Internet access. Most broadband systems provide data rates 
from roughly 1 Mbps or less to well over 10 Mbps, depending on the level of 
service purchased. Such broadband services are usually provided by cable TV 
companies or telephone carriers. Other smaller organizations also offer various 
other types of Internet connectivity. 


Cable TV Connectivity 


Most cable TV companies offer high-speed Internet connectivity services. What 
they do is allocate one or more of the 6-MHz wide channels on the cable to 
this service. (See Chapter 11 on TV.) By using QPSK, 16-QAM, or 64-QAM, 
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a wide range of customers can be offered multiple levels of Internet connec- 
tivity service. The customer gets a cable TV modem that connects to the cable 
along with the TV set. This modem provides the connectivity to a computer via 
Ethernet. A Wi-Fi access point 1s often connected to the cable modem to provide 
wireless connections to the Internet for PCs and laptops. 


Digital Subscriber Lines 


Digital subscriber lines (DSLs) are high-speed Internet connections that use 
standard telephone lines. DSL uses the standard twisted-pair telephone lines 
that come into every home for normal telephone service. These lines, because 
they were developed only for voice signals, are restricted in bandwidth and 
data rate. However, special techniques have been developed to allow very 
high-speed data transmissions on them. DSLs, also referred to as asymmetric 
digital subscriber lines (ADSL), use a variation of OFDM called discrete mul- 
titone (DMT). What it does is divide the restricted bandwidth of the twisted- 
pair cable into multiple OFDM channels, each 4kHz wide. Then the data to 
be transmitted is divided into parallel paths and modulated using some form 
of QAM. All of this is handled by a DSL modem connected to subscribers’ 
computers and the home telephone lines. 

The speed potential of an ADSL line depends on how far away the sub- 
scriber is from the central office. The greater the distance, the lower the data 
rate. For even the longest runs from 12,000 to 18,000 feet, data rates of up to 
about 2 Mbps are possible. 

Newer versions of ADSL have also been developed to permit data rates of 
up to about 12 Mbps at a range of 8000 feet and 20 Mbps at a range of about 
4000 feet. A newer version referred to as video DSL or VDSL extends the 
bandwidth further and uses higher-level versions of QAM to get data rates of 
up to 52 Mbps. 


Wireless Broadband 


Wireless broadband services are only beginning to become available. A 
relatively new WiMAX wireless network known as XOHM is offered by 
Clearwire, a spinoff of Sprint Nextel. It provides fixed wireless data services 
with data rates in the 1- to 3-Mbps range. WiMAX modems are connected to 
computers that access nearby base stations within several miles of one another. 

The beauty of wireless broadband is that no cables or other hard connectiv- 
ity is required. These are easy to set up, although at microwave frequencies, 
range is a problem as are multipath problems with buildings, trees, and other 
obstructions. However, with high enough antennas and sufficient power, wire- 
less broadband has proved to be practical. It is growing rapidly, particularly in 
those areas where DSL and cable TV services are not currently available. This 
is particularly true in rural areas and in some small towns and communities. 
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Don't forget that wireless Internet connectivity can also be achieved by 
using the regular cell phone networks. You can purchase a data modem that 
plugs into your laptop USB connector on a PC. This modem connects you 
just as 1t would a cell phone to your cellular network. From there you can use 
the 3G data service to connect to the Internet, access email, or perform other 
networking operations. 


ISM-BAND RADIOS 


The industrial-scientific-medical (ISM) band has been mentioned before. This 
comprises a group of frequencies or bands set aside for unlicensed data trans- 
mission over short ranges. The main application is telemetry monitoring and 
remote control. The U.S. frequencies are 13.56 MHz, 315 MHz, 433 MHz, and 
902 to 928MHz, with 915MHz the most common. In Europe, 868 MHz is 
an unlicensed frequency. Transmitters and receivers are tiny single ICs with 
power levels from about 1mW to 1 watt. Modulation is usually ASK/OOK or 
FSK. Data rates are low from a few kbps to usually no more than 100 kbps. 

Some typical applications are garage door openers, remote keyless entry 
for vehicles, remote thermometers, medical telemetry, remote-controlled toy 
cars and boats, and sensor reading in industrial applications. Range is no more 
than a hundred feet or so, but longer ranges to several miles can be achieved 
with higher antennas. 


Project 9.1 


Become More Familiar with Wireless Data Protocols 
You may want to find more information on the most popular short-range wireless 
data methods. The following websites are recommended. And you may want to do 
a general Internet search with Bing, Google, or Yahoo!. 


Wi-Fi: www.wi-fi.org 

Bluetooth: www.bluetooth.com 

ZigBee: www.zigbee.org 

General sites: www.palowireless.com, www.howstuffworks.com 
The Wikipedia entries are also quite good. 
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Digital Voice and Music Dominate 


In this Chapter: 


e Sound and the electronics that deliver it. 
Digital audio. 


o 
e The compact disc (CD). 
e Voice and music electronics. 


INTRODUCTION 


While the telephone, telegraph, and radio are generally considered the first real 
electronic applications, audio was certainly next. By “audio,” I mean sound: 
voice and music, things we can hear. Audio signals have frequencies within 
the range of the human ear. Over the years many electronic devices have been 
developed to amplify, capture, and reproduce sounds of all types. Today, like 
everything else in electronics, audio electronics is predominantly digital, 
although many analog devices and systems are still in use. This chapter is a 
summary of audio devices you know and use every day from stereo systems to 
iPods. 


THE NATURE OF SOUND 


Sound is just pressure waves in the air that your ear can hear. Anything that 
produces a noise or other disturbance produces pressure waves that travel to 
your ears where the sound waves are converted into signals that your brain 
recognizes as sound. The frequency range of these air vibrations is 20Hz to 
20kHz. Our ears do not respond to lower or higher frequencies even though 
they may be present. Human hearing also varies widely due to age and health 
status. Age brings on hearing loss, especially of the higher frequencies. 
There are four key things needed in audio electronics: 


e The ability to convert sound waves into electrical signals. 
e The means to convert the electrical signals into sound. 
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e A way to amplify the signals. 
e Media to store or record the signals. 


This is what audio electronics is all about. 


Microphones 


The microphone is the transducer that converts sound waves into an analog sig- 
nal. The sound waves impinge on the microphone and it causes vibrations that 
are translated into a signal by either capacitive element or an inductive coil. 
A technical discussion about microphones is way beyond the scope of this 
book. In any case, the resulting signal is usually very small, in the millivolt 
range or even microvolt range. Therefore, it must usually be amplified before 
it is useful. This is the function of a small-signal amplifier usually called a 
preamplifier. What you do with the signal after that is up to you. Typically it 
will be amplified further for use in a public address (PA) or other sound sys- 
tem. Or alternately, the voice may be recorded. Many voice signals will be 
used in a telephone, cordless or cellular. 


Speakers 


A speaker is a transducer that converts the audio signal into sound waves that 
you can hear. You have obviously seen a speaker, so little explanation is needed. 
Its main element is a paper or plastic cone that vibrates at the audio frequencies 
applied to it. Then it produces the sound pressure waves that our ears will hear. 
Figure 10.1 shows how a speaker works. The cone is attached to a form 
around which a coil of wire is wound. This is the so-called voice coil. That 
voice coil is positioned inside a strong permanent magnet with north and 


Permanent 


<+ Metal 
frame 


Turns of wire on coil. 
Audio signal is applied here. 


FIGURE 10.1 Cross-section of speaker showing major components and how it works. 
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south poles. Now when you apply the audio signal to the coil, current flows 
and causes the coil to become an electromagnet. The electromagnet generates 
alternating north and south poles as the voice or music signal occurs. These 
magnetic fields interact with the permanent magnet, causing attraction and 
repulsion of the voice coil, and the cone moves. The motion of the cone accu- 
rately reproduces the original sound waves. 

Speakers come in a wide range of sizes and types. Cone speakers are usu- 
ally called mid-range speakers in that they can reproduce most of the frequency 
range except for the very low and very high frequencies. Special speakers are 
used for those frequencies. A woofer or subwoofer is a larger speaker designed 
for frequencies of about 600 Hz and below. A tweeter is a special speaker opti- 
mized for the higher frequencies above 10kHz. Special filters called crossover 
networks separate the signal into low, mid-, and high frequencies as shown in 
Figure 10.2. 

The remainder of this chapter addresses the amplification and record- 
ing or storage of audio signals. Along the way, most analog audio signals are 
digitized. And many are also compressed to save storage space or reduce the 
binary data rate for transmission. 


DIGITAL AUDIO 


The sounds we hear and the sounds we generate are analog signals. A micro- 
phone picks up the voice and music and produces an analog signal to be ampli- 
fied or stored. We have amplifiers and speakers that will accurately reproduce the 
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FIGURE 10.2 Cross-over networks keep signals of different frequencies separate for appropriate 
speakers. 
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sounds. But the real challenge with audio is capturing, storing, or recording the 
sounds for later reproduction. With today’s digital techniques, we can store not 
only voice and music more accurately than before, but we can also transmit 1t 
more easily by radio, TV, or the Internet. 


Past Recording Media 


Edison invented the phonograph in the late 1800s. This was the first device 
ever conceived to record voice. A microphone converted the sound into vibra- 
tions that moved a sharp needle in direct accordance with the sound. The nee- 
dle cut a varying groove in the wax coating on a rotating cylinder. Later, a 
needle placed in the groove moved the diaphragm in a horn speaker that trans- 
lated the movement into sound. The quality was poor but it worked, and the 
concept was soon translated into what we know as a phonograph record. The 
record disc 1s rotated while a needle cuts a spiral groove into the plastic that 
accurately captures the sound. To reproduce the sound the disc is rotated at the 
same speed and a needle is placed in the groove to reproduce the sound in a 
speaker. A transducer converts the movement of the needle in the groove into 
an analog signal that is amplified. 

Early records spun at a speed of 78 rpm and could only hold a few minutes 
of sound. Later a smaller 45-rpm record was invented to play minutes of music 
at a lower cost. Then a larger long-playing record spinning at only 33’4rpm 
was produced that could hold an hour or so of sound. Stereo or two channel 
sound was also effectively recorded into a V-shaped groove in the record. 

Records were soon upstaged by magnetic tape. A plastic such as Mylar was 
coated with a powdered iron or ferrite magnetic material. The music or sound 
was then applied to a magnetic coil that put a magnetic pattern on the tape 
representing the sound. A coil passed near the tape would convert the mag- 
netic pattern variations into a small voltage to recover the sound. Reel-to-reel 
tape was popular for a while, but magnetic tape became the recording media 
of choice for years when the Philips cassette tape was invented. Other formats 
like the ever-popular 8-track unit were also used. 

All of these formats worked well but had their limitations. Record grooves 
wore out with usage causing the high-frequency response to be eroded. Scratches 
and dirt on the record also produced noise. As for tape, 1t had good frequency 
response but had its own noise that could not be reduced below a certain level. 
The dynamic range of both was poor. 

Digital technology has solved all these problems. Now the most popular 
medium is the compact disc (CD), which records sound in full digital format. 
It has very low, practically undetectable noise, wide frequency response, and a 
very long life. The cost 1s also low. 

Digital sound is also routinely stored in computer memories like flash 
EEPROMs and transmitted over the Internet. With digital techniques, sound can 
also be processed with DSP such as compression, filtering, and equalization. 


Audio Electronics 233 


Dynamic Range 


Dynamic range refers to the difference between the highest and lowest volumes of 
sound that a system can handle. It is a measure of how wide an amplitude range 
a particular storage media can record or an audio system can accommodate. It is 
also a way to state the maximum sound pressures that our ears can withstand and 
the lowest levels that we can hear. 

The upper level of amplitude is set by our ears and the level at which distortion 
occurs. The lowest levels of the dynamic range are determined by the noise in the 
system. Noise is the random voltage variation caused by thermal agitation of elec- 
tronics in electronic components and random variations in the magnetism on a 
magnetic tape or disc. As the volume of a sound gets lower at some point it will be 
smaller than any noise present and not distinguishable from the noise background. 

In general, the wider the dynamic range the better. It usually means lower 
noise and greater volume (loudness) to better match the range of human hearing. 

Dynamic range can be stated in terms of power or voltage. It is usually a very wide 
range, so we resort to a unique mathematical method to express it. The term decibel 
(dB) refers to how dynamic range is presented. In math form you take the ratio of the 
maximum and minimum voltage, take the logarithm of that, and multiply by 20: 


20 log (Vinax IN ain ) 
For power, 
10 log (Prax Mam ) 


The dynamic range of a typical phonograph record is probably about 50 dB, 
and magnetic tape, about 55 dB. But a compact disc (CD) is approximately 90 dB, 
the best we have. 

Dynamic range can be improved by lowering the noise in a system. This can 
be done with special signal-processing techniques. The most notable are methods 
produced by Dolby. 


Digitizing Sound 


Most digital sound and music is digitized with a sampling rate of 44.1 kHz 
or 48kHz. Recall the Nyquist requirement that to capture and retain the fre- 
quency content accurately, the analog signal has to be sampled at least twice 
the highest frequency of the sound. Since most music and the human ear cut 
off at about 20 kHz, then any sampling rate greater than 2 X 20kHz = 40kHz 
will satisfy that requirement. The rate of 44.1 kHz was standardized for CDs 
and 48 kHz for professional recordings. At 44.1 kHz, a sample is taken every 
1/44,100 = 22.676 microseconds. 

Figure 10.3 shows the sampling of an analog signal. The smooth curve is 
the analog music or voice. At each vertical interval a sample is taken. In this 
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FIGURE 10.3 How audio signal is digitized. In this example, each sample is assigned a 4-bit 
code. The stepped approximation shown is what a DAC would deliver to the speakers. 


example, a 4-bit ADC is used so there are 2+ = 16 possible levels. Note the 4-bit 
code associated with each sample amplitude. The binary samples are stored 
for later playback. When sent to a DAC, the samples will reproduce the audio 
in a stepped approximation shown overlaid with the analog signal. Some low- 
pass filtering of that signal will produce a sound which almost duplicates the 
original. 

Digitizing audio usually results in each sample producing a 16-bit word. 
With 16 bits you can represent 2!? = 65,536 levels. That produces a dynamic 
range from the highest to lowest amplitude levels of 65,536 to 1. On the deci- 
bel (dB) scale, that is a range of 96 dB—far greater than any dynamic range of 
previous analog recording methods. And noise is virtually nonexistent. It is so 
low no one can hear it. The overall result is a highly accurate way to capture 
sound and music. The 16-bit words can then be conveniently stored in a mem- 
ory, or captured on a compact disc. 


Digital Compression 


Digital compression is a mathematical technique that greatly reduces the size 
of a digital word or bitstream so that it may be transmitted faster or stored in 
a smaller memory. Digitizing sound creates a huge number of bits. Assume 
stereo music that sampled at a rate of 44.1kHz to create 16-bit words for 
each sample. One second of stereo music, then, produces 41,000 X 16 x 2 = 
1,411,200 bits. A 3-minute song is 60 X 3 = 180 seconds long. The result 
is 1,411,200 X 180 = 254,016,000 bits. Since there are 8 bits per byte, the 
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result is 31,742,000 bytes or nearly 32 MB or megabytes. That is an enormous 
amount of memory for just one song. With a recording medium like the CD 
with a storage capacity of about 700 MB, that is okay. But for computers or 
portable music devices, it is impractical, not to mention expensive. And to 
transmit that over the Internet would take about 4 minutes at a | Mb/s rate. 
Pretty slow by today’s standards. 

The solution to this storage and transmission problem is to compress the 
bitstream into fewer bits. This is done by a variety of mathematical algorithms 
that greatly reduce the number of bits without materially affecting the qual- 
ity of the sound. The process is called digital compression. The music is com- 
pressed before it is stored or transmitted. Then it has to be decompressed to 
hear the original sound. 

The two most commonly used music compression algorithms are MP3 and 
AAC. MP3 is short for MPEG-1 Audio Layer 3, the algorithm developed by 
the Motion Picture Experts Group as part of a system that compressed video 
as well as audio. AAC means advanced audio coding. MP3 is by far the most 
widely used for storing music in MP3 music players and sending music over 
the Internet. AAC is used in the Apple ¡Pod and iPhone and used on the iTunes 
site to send music. It is also part of later MPEG2 and MPEG4 video compres- 
sion formats. Both methods significantly reduce the number of bits to roughly 
a tenth of their original size, greatly speeding up transmission and easing stor- 
age requirements. There are many more compression standards out there, but 
these are by far the most used and the ones you will most likely encounter. 

To perform the compression process you actually need a special CPU or 
processor. It is typically a special DSP device programmed with the algorithm 
for either compressing or decompressing the audio. 

There are also a number of compression methods used just for voice. Voice 
compression was created to produce signals for telephony. Most phone systems 
assume a maximum voice frequency of 4kHz. The most common digitizing 
rate is twice that or 8kHz. Eight-bit samples are typical. If you digitize voice 
creating a stream of samples in serial format, the signal would look like that in 
Figure 10.4. Each sample produces an 8-bit word where each bit is 125/8 = 
15.625 us long. That translates to a serial data rate of 1/15.625us = 64kbps. 
This takes up too much bandwidth in a telephone system, so compression is 
used. The International Telecommunications Union (ITU), an international 
standards organization, has created a whole family of compression standards. 
These are designated as G.711, G.723, G.729, and others. These mathematical 
algorithms reduce the bit rate for transmission to about 8kbps. You will see 
them used in VoIP (voice over Internet phone) digital phones, which are gradu- 
ally replacing regular old-style analog phones. 

There are many other forms of audio compression. Another common one 
is Dolby Digital or AC-3 that is used in digital movie theater presentations and 
some DVD players. 


236 Electronics Explained: The New Systems Approach to Learning Electronics 


Voice sampling interval 
125us 
l 


| 
| 


See Sa 
8-bit voice 1-bit 
sample time = 15,626 us 


Data rate = ES: S = 64 kHz 
15,626 us 


FIGURE 10.4 Voice signals up to 4kHz for the telephone are sampled at an 8-kHz rate, produc- 
ing an 8-bit sample, each 125 microseconds. Stringing the samples together in a serial data stream 
produces a digital signal at a 64-kHz rate. 


How an MP3 Player Works 


MP3 players such as the Microsoft Zune or Apple iPod are amazing electronic 
systems in a hand-held package. They all take the general form shown in 
Figure 10.5. At the heart of the player is a processor. It may be a general pro- 
cessor or a DSP. In some cases, two processors are used, one to control the 
player buttons, controls, and display, and other general housekeeping func- 
tions; a separate DSP handles the compression/decompression. A ROM holds 
the general control program for the device. A large flash EEPROM is used to 
store the music in compressed form. Some devices also provide for an external 
flash memory plug-in device to hold more music. A USB port is the main I/O 
interface to connect to a PC for the music downloads. 

The codec in the device is the coder-decoder. This chip holds the ADC to 
digitize music from an external source such as a microphone (coder) and the 
DACs that decode or translate the decompressed audio back into the original 
analog music for amplification. Class-D switching power amplifiers are used 
for the headphones to reduce power consumption. One or more internal speak- 
ers may also be used. Other circuits include the LCD display and its drivers 
and LED back-lights if used. A power management chip is normally used to 
provide multiple DC voltages to the different circuits and to manage power to 
conserve it. This section also contains the battery charger. 


The Compact Disc 


The compact disc (CD) is by far the most popular digital audio medium in use 
today. It has been around since the 1980s and is still going strong. It has virtu- 
ally totally replaced the Philips cassette magnetic tape cartridges and vinyl pho- 
nograph discs. About the only competition the CD has is from flash EEPROM 
devices such as those used to store MP3/AAC music for portable music players. 
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FIGURE 10.5 General block diagram of a digital music player like Zune MP3 or Apple iPod. 
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You have probably seen a CD. Let's add a little background so you will 
appreciate the CD. It is a 4.72-inch (120-mm) diameter disc made of plastic. 
It is about 0.05 inch (1.2mm) thick and has a hole in the center for mounting 
on the motor that spins the disc. It is actually a sandwich of clear plastic and a 
thin metal layer for reflecting light. 

The music is recorded on the disc in digital format. A laser actually 
burns pits into the plastic representing the 1’s and 0”s of the digital data (see 
Figure 10.6). These pits are extremely small, about 0.5jm wide (a micron 
designated um is 1-millionth of a meter). The flat areas between the pits are 
called lands. A binary 1 occurs at a transition from a pit to a land or vice versa 
while the land is a string of binary Os. The binary data is recorded as a con- 
tinuous spiral track about 1.6 um wide, starting at the center and working out- 
ward. That is a very efficient way to store the data, but it means that the motor 
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FIGURE 10.6 Digital music on a CD is encoded as pits and lands on the CD surface. These are 
burned in by a laser. A laser light shined on the pits and lands produces a reflection that a photo- 
detector picks up to create the original digital data. 
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speed must vary to ensure a steady bit rate when the music 1s played back. The 
pickup mechanism will experience higher speeds at the center of the disc and 
lower speeds at the outer edges of the disc, so that a speed control mechanism 
keeps the recovered data rate constant. 

The music on a CD is derived from two stereo channels of music with a 
frequency response from 20 Hz to 20kHz. Digitization occurs at the standard 
44.1-kHz rate. Each sample is 16 bits long. The 16-bit words from the left 
and right channels are alternated and formatted into a serial data stream that 
occurs at a rate of 44.1kHz X 16 XK 2 = 1.4112 MHz. The 16-bit words are 
then encoded in a special way. First, they undergo an error detection and cor- 
rection encoding scheme using what is called cross-interleaved Reed-Solomon 
code (CIRC). This coding helps detect errors in reading the disc caused by 
dirt, scratches, or other distortion. The CIRC adds extra bits that are used to 
find the errors and fix them prior to playback. 

Next, the serial data string is then processed using what is called eight-to- 
fourteen modulation (EFM). Each 8-bit piece of data is translated into a 14-bit 
word by a look-up table. EFM formats the data for the pit-and-land encoding 
scheme. Finally, the completed data is formatted into frames 588 bits long and 
occurring at a rate of 4.32 Mbps. That is the speed of the serial data coming 
from the pickup assembly in a CD player before processing. 

To recover the audio from the CD, the disc is put into the player and 
a motor rotates it. Refer to Figure 10.7. A laser beam is shined on the disc 
as indicated in Figure 10.6. The reflections from the pits and lands produce 
an optical light pattern that is picked up by a photodetector that converts the 
light variations into the 4.32 Mbps bitstream. A motor control system varies 
the speed of the motor to keep the data rate steady. The data stream goes to 
a batch of processing circuits. First, the EFM is removed, and then a CIRC 
decoder identifies and repairs any errors and recovers the original 1.41-Mbps 
data stream. A demultiplexer separates the left- and right-channel 16-bit words 
and sends them to the DACs, where the original analog music is recovered and 
sent to the power amplifiers and speakers. 

The CD can store lots of data. Its capacity is in the 650- to 700-MB range. 
That translates into a maximum of about 74 minutes of audio. And this is not 
compressed. 


AV RECEIVER 


An HDTV receiver is usually at the heart of most consumer electronics home 
entertainment systems. A secondary piece is the AV (audio-video) receiver, 
which provides the audio component of the entertainment. The systems usually 
include the CD player, several radio options, and all the audio power amplifiers 
that operate the multiple speakers. The AV receiver also accepts inputs from the 
TV set, DVD player, and other external devices to provide higher-quality sound. 
This section provides a look at this piece of equipment and how it works. 
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FIGURE 10.7 Block diagram of CD player. 
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Figure 10.8 shows a general block diagram of the AV receiver. Note the 
multiple power amplifiers on the right. These drive the speakers that are part 
of a surround sound system. Most of these are class AB linear amplifiers that 
deliver power levels from about 20 watts per channel to over 100 watts in the 
larger units. The frequency response 1s 20 Hz to 20kHz or more with a distor- 
tion level of 0.5 to 0.9% or less. 

The power amplifiers get their inputs from multiple sources. These sources 
include audio from the internal radio receivers and the CD player as well as 
many other external sources. These sources include the TV receiver, DVD 
player, VCR, and a cable or satellite box, as well as audio from older devices 
like tape players and phonographs. Many receivers also accept inputs from an 
iPod or other MP3 music player. A large switching matrix is used to select the 
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FIGURE 10.8 Block diagram of typical AV receiver, the heart of the audio reproduction part of 
a consumer home entertainment center. 
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desired input. That selection can be made from the front panel controls or via 
the remote control. 


Radio Choices 


All AV receivers contain the traditional AM and FM analog radios. These are 
still popular sources of music. But more and more the most recent receivers 
contain one or more digital radio sources such as HD radio or satellite radio. 

HD radio is becoming more popular each year. This is a digital radio 
broadcast option available at most U.S. radio stations today. The AM and FM 
sources are digitized and broadcast on the same frequencies but with digital 
modulation techniques (OFDMs). The result is an improvement in the sig- 
nal. Digital signals offer slightly better frequency response on both AM and 
FM. AM signals will sound more like FM and FM signals will be nearly CD 
quality. Furthermore, the digital signals are more noise- and fade-free than 
the standard AM and FM signals. While HD radio was first made available in 
automobiles, it is now widely available for home use. Separate HD radios can 
be purchased at most consumer electronics stores. And more HD radios are 
being built into AV receivers. 

Satellite radio was also first made popular in automobiles. Yet separate 
home receivers are available. Some AV receivers now include satellite radio 
capability. Satellite radio has been available from two sources, Sirius Radio and 
XM Radio. Both are subscription services with hundreds of radio, music, news, 
sports, and other channels. The signals are digital, delivering near CD-quality 
sound. Both systems use the 2.3-GHz microwave band. The main difficulty 
when using satellite radio at home is that an outside antenna is needed. Some 
radios supply a small antenna for window mounting so that the antenna can 
“see” the satellites in the sky. Otherwise, poor or no reception may occur. 


Surround Sound 


Virtually all audio sound today is stereo. That is, the music comes from at least 
two speakers, one on the left and one on the right. The sound is recorded as 
two separate channels with different microphones to provide a stereophonic 
experience to the listener. A minimal system uses two speakers but some add 
a subwoofer for good bass reproduction. This is sometimes referred to as a 2.1 
stereo system, that is, two speakers and one subwoofer. 

New audio systems offer surround sound. These systems feature six, seven, 
or eight speakers. The idea is to totally envelop the listener with sound as it 
might be heard in a concert hall or theater. There are speakers in front and at the 
rear. The first surround-sound implementations were analog but today most 
surround sound is fully digital. The most common surround-sound method is 
Dolby Digital 5.1, which uses five speakers and a subwoofer as shown in Figure 
10.9. These are left front (LF), right front (RF), center (C), left rear (LR), 
and right rear (RR). Then there is one subwoofer. The woofer can be positioned 
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FIGURE 10.9 How 5.1 surround sound system is set up. 


anywhere but is usually at the front. Each speaker is driven by its own ampli- 
fier in the AV receiver. 

The big question that you may have is where do the six channels of sound 
come from? Not from the radio or a CD for sure, both of which are stereo only. 
In most cases, the sound signals will come from a DVD player. Right now it is 
about the only common source of 5.1 surround sound, although some HDTV 
programs support it. During recording of the original material, one microphone 
is used for each channel. The digitized audio for each of the channels is stored 
on the DVD. 

Incidentally, there are more elaborate versions of surround sound. For 
example, 7.1 adds two more speakers on the left and right. As of now there are 
few, if any, 7.1 music sources available. 

When you play the DVD, the digital signals from each channel are sent to a 
special chip that decodes them and otherwise performs necessary noise reduc- 
tion, equalization, and other operations. The recovered signals are then sent to 
DACs for conversion to their original analog format for amplification. 


SPECIAL SOUND APPLICATIONS 


When you think of audio or sound, you think mainly of voice or music repro- 
duction. Yet, electronic sound is used in lots of additional places. Some inter- 
esting examples are in musical instruments, sonar, ultrasound, and hearing aids. 


Musical Instruments 


Musical instruments produce their own sounds, of course. Each has its own 
unique signature made up of the basic notes or tones to which are added the 
mix of harmonics or overtones unique to the physical structure of the instru- 
ment. Some instruments like horns and drums rarely need amplification. Other 
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instruments like guitars and violins commonly need some amplification, espe- 
cially in large venues such as on stage addressing hundreds or thousands of 
people. Special microphone-like devices called pickups are used with string 
instruments. The pickup is usually one that converts the string vibrations into a 
small signal that is then amplified. 

One of the most popular electronic instruments is the synthesizer. It has a 
keyboard like a piano. The keys are equivalent to those on a piano. Each key 
then triggers the electronics to generate a tone of the desired frequency. That 
tone is especially modified by DSP circuits to sound like that note played on a 
piano, an organ, or any other musical instrument. The DSP synthesizes or con- 
structs the tones digitally and sends them to a DAC that converts them into the 
analog sound to be amplified. 


Are Vacuum-Tube Amplifiers the Best Audio Amplifiers? 


Vacuum tubes? I’m kidding, right? Actually, no. There are many audio experts, 
especially guitar players and some recording studio engineers, who still believe 
that vacuum-tube amplifiers are superior to solid-state amplifiers. And as it turns 
out, the largest market for general vacuum tubes today is guitar, high-end stereo, 
and recording studio amplifiers. 

Contrary to popular belief, vacuum tubes did not really go away when tran- 
sistors and integrated circuits came along. They are still widely used in China, 
Russia, and a few other countries. And that is where most tubes are made these 
days. Vacuum tubes are still widely used. Cathode ray tubes (CRTs) or pic- 
ture tubes are still at the heart of many TV sets and computer video monitors. 
Magnetrons are vacuum tubes that are in every microwave oven. And microwave 
vacuum tubes, such as traveling-wave tubes (TWTs) and klystrons, are still used in 
high-power microwave transmitters. And vacuum-tube audio amplifiers. 

Why are vacuum-tube amplifiers so popular still? It is the unique sound they 
produce. It is a sound that musicians appreciate and want in their sound mix. And 
the sound is difficult and expensive to reproduce in a solid-state amplifier. The 
sound is smoother and less harsh. The sound is “warmer,” and the compression 
that such amplifiers produce when overloaded is exactly what makes rock and 
country music sound like it does. It looks like vacuum tubes will be around much 
longer, but prices are sky high and some tube models are hard to find. 


Noise-Canceling Earphones 


You have probably heard of these or maybe seen or used them. They make 
clever use of analog signal processing to greatly minimize surrounding noise 
when you are trying to listen to music with headphones. 

First, most of these headphones try to isolate the actual headphone from the 
surroundings with a tight-fitting ear bud or soft foam pads around the earphone 
that limit the amount of external noise getting to your eardrum. This is called 
passive noise control. 
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Second, each earphone contains a built-in microphone that picks up the sur- 
rounding noise. It amplifies it then inverts it in phase. The original noise from 
the microphone is then added to the inverted noise. Being the same but exactly 
out of phase with one another, the two noise signals cancel one another. The 
cancellation is not perfect, but the noise reduction is significant. It can greatly 
minimize noise on a plane or in a car or other types of noisy environments. 


Sonar 


Sonar means sound navigation and ranging. It is basically the underwater 
equivalent of radar. It is used on ships and submarines for making depth mea- 
surements, detecting underwater objects, and for warfare. The two types of 
sonar are passive and active. 

Passive sonar is simply the idea of putting underwater microphones called 
hydrophones on a long wire or arrays of such microphones in the water to lis- 
ten for any sounds that occur. Amplifiers boost the signal levels and various 
filters help sift through all the complex signals that can be heard. In military 
applications, the sounds are digitized and various DSP programs help filter 
and identify specific sounds. Many ships create unique sounds called signa- 
tures that can be digitized and stored for comparison to any sounds picked up 
for positive identification. The sounds include fish and other sea life, boat and 
ship engines, motion through the water by a ship or boat, or any noise that 
occurs inside a submarine. Sound travels very easily through water so is easy 
to pick up. With practice and experience, a sonar operator can identify almost 
everything occurring over a wide range around the microphone array. 

The other form of sonar is active. This is like radar where a high-frequency 
pulse of sound is applied to a transducer to convert the pulse into sound waves 
for transmission through the water. The frequency of the pulse is usually ultra- 
sonic, that is, above most human hearing. Frequencies from about 15 kHz to 
1 MHz are used, depending on the application. The pulse of sound travels out 
from the transducer and is then reflected off distant objects. The reflections go 
back to the source where they are picked up by a microphone. Then, know- 
ing the speed of sound transmission in water, the distance to the object can be 
computed. Sonar depth sounders point the transducer downward to get a mea- 
sure of the distance to the bottom. Sonars can easily pick up reflections from 
ships miles away for navigation safety purposes or for military actions. 


Hearing Aids 


Electronic hearing aids have been around a long time. The older analog types 
were large and cumbersome but worked fine. Integrated circuits made them 
much smaller and more acceptable to the hearing impaired. Today, the newer 
hearing aids use digital technology. The microphone picks up the sound and 
amplifies it then digitizes the sound in an ADC. A DAC can then translate the 
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sound back into audio for amplification and application to the earphone. Most 
digital hearing aids now incorporate DSP filters. These filters may be custom- 
ized to the frequency response of the ear, correcting for different frequencies. 
Mostly the high-frequency response is lost due to aging. Using an exter- 
nal computer, each hearing aid can be adjusted from volume and frequency 
response to fit the exact deficiency. 


Project 10.1 


Experience Digital Radio 

Digital radio in the United States is available from satellites and via the existing 
AM and FM analog stations through HD radio. Both offer commercial-free music 
and other content in multiple channels. HD radio is free but satellite radio is a 
pay-for-listen service. 

In the United States, two satellite radio services were established in the early 
2000s, XM Radio and Sirius Radio. Recently the two services merged to form 
Sirius XM Satellite Radio. Both offer subscription services to music, news, sports, 
and other information. Both services operate in the 2.3-GHz band, and get their 
signals from satellites. Soecial receivers and antennas are required. 

Satellite radio is a digital service and both systems used compressed audio 
for signal transmission. HD radio is simultaneously broadcast with existing AM 
and FM analog signals. A special receiver is needed to receive it. The digital tech- 
niques greatly improve sound quality. 

A good project if you are a music lover is to try one or both of these services. 
You can get an HD or satellite radio for your vehicle or you can buy a home unit. 
Some high-end AV receivers have one or the other in addition to the traditional 
AM and FM radios. You can purchase home desktop units from Best Buy and other 
electronics dealers for a reasonable price. 

HD radio is free and you will find that some stations transmit additional dig- 
ital channels not available in analog form. These give you more music genres. No 
special antenna is needed. 

To learn more about HD radio, do a Bing, Google, or Yahoo! search. And go 
directly to the company that invented HD radio, iBiquity (www. ibiquity.com), for 
more details. 

You can also buy a satellite radio from several local sources. But you will need 
to subscribe. Go to www.sirius.com and www.xmradio.com. 
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Test Your Hearing Response 

To check the frequency response of your ears, go to www.audiocheck.net/ 
audiotests_frequencycheckhigh.php. There are a few online audio tests for your 
hearing. This website has a whole batch of other audio response tests that you 
may be interested in. 


Video Technology 


TV and Video Is All Digital Now 


In this Chapter: 


How scanning works to create video. 

Basic color TV principles. 

U.S. and other standards for digital and high-definition TV. 
How a digital TV set works. 

TV screen technologies. 

Cable TV. 

Satellite TV. 

Cell phone TV. 

DVD players. 


INTRODUCTION 


Nothing in electronics has affected us more than the development of 
television. Okay, I haven’t forgotten the PC and the Internet, which have also 
seriously impacted our lives. But TV came first and has been working its magic 
on us for far longer. The impact of television or video on our lives is signifi- 
cant in that we spend more than half our waking hours in front of a TV screen, 
either watching TV or working with a video monitor on a computer. The social 
and political impact has been enormous. And, of course, you also interact with 
the liquid crystal display (LCD) screens on cell phones, laptops, and personal 
navigation devices. For this reason it helps to understand a little bit about how 
video works. Video is perhaps one of the most complex segments of electron- 
ics, but this chapter makes those fundamentals easy to understand. 


VIDEO FUNDAMENTALS FOR THE IMPATIENT 


The main feature of any video device is the screen. The first video or TV screens 
were cathode ray tubes (CRT) and those are still used in older TV sets and com- 
puter monitors. The most commonly used TV and video screen today is the LCD. 
LCD screens are used in the newer TV sets and in most personal computers. 
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They are also used in laptops, netbooks, cell phones, personal navigation 
devices, and anything else that has a screen on it. TV sets also use plasma, dig- 
ital light-processing (DLP) projection technology, and other methods to display 
very large pictures. There is more detail on TV screens later in this chapter, but 
for now, the most important part of understanding video is to learn the method- 
ology used to create and present video regardless of the screen type. 

A video system is a method for converting a picture or scene into an elec- 
tronic signal that can be transmitted by radio or cable or stored electronically. 
Some type of device 1s needed to take in the light and color information from a 
picture or scene and convert it into an electrical signal. Once in electrical form, 
the video can be modulated onto a radio carrier for transmission or electroni- 
cally stored. The process of converting the scene or picture into an electrical 
signal is known as scanning. 


Scanning Fundamentals 


A video signal is usually generated by a video camera. The camera takes the 
scene and scans it electronically, dividing it into hundreds or even thousands of 
very thin horizontal lines (see Figure 11.1). 

The horizontal scan lines comprise a sequence of light and color variations. 
The camera produces an analog signal whose frequency and amplitude vary 
with the brightness and color changes along the scan line. The whole idea in 
video is to transmit the video signal one scan line at a time at very high speeds. 
If you are not transmitting the signal by radio or cable, you can store it, such 
as recording it on magnetic tape. In any case, the received signals are then 
converted back into scan lines and applied to the screen by scanning the lines 
across the receiving screen very fast from left to right and top to bottom. 

The secret to producing a high-quality video picture is to use enough scan 
lines with enough detail in each so that the color, brightness, and fine detail 
in the picture are retained. Note in Figure 11.1 that the analog signal for one 
scanned line is such that the higher-amplitude voltages are closer to black 
while the lower-amplitude signals are closer to the white level. This is what 
a scan line from a monochrome or black and white (B&W) video system pro- 
duces. It is called the brightness or Y signal. Color will be covered later. 


Aspect Ratio 


When talking about TV screens, the key factors are size and aspect ratio. The 
size is usually the diagonal measure of the screen in inches. The aspect ratio is 
the ratio of the picture width to the picture height. Standard TV sets and video 
monitors use an aspect ratio of 4:3 as shown in Figure 11.2. Most of the newer 
TV screens and video monitors have an aspect ratio of 16:9. This wider format 
was chosen because it is a better fit with the wide-screen movie formats used 
by Hollywood. 
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FIGURE 11.1 How scanning converts a scene of light and color into an electronic signal. 
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FIGURE 11.2 TV screen size and aspect ratio. 
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Persistence of Vision 


When you think about it, it just doesn’t seem possible that a complete picture 
or scene can be reproduced in electronic format by scanning. The scanning 
process just breaks the picture or scene down into hundreds or perhaps thou- 
sands of scan-line signals, and the only way that a picture can be created is for 
those scan lines to occur at a very high rate of speed. Luckily, this technique 
works because we all have a visual characteristic known as persistence of 
vision. Persistence is that characteristic of the eye which prevents it from fol- 
lowing very high-speed changes in light variations. In other words, if the scan 
lines are traced across the screen at a very high rate of speed, your eye simply 
cannot follow them one at a time but instead puts the whole thing together and 
sees a single steady picture. If you scan at too low a rate, you will actually 
begin to see the scan lines and your eye will interpret this as a kind of flicker. 

The concept of persistence of vision has been known for decades. 
Motion picture films take advantage of this characteristic of our eyes as well. 
Remember that movies are just a high-speed sequence of individual still 
pictures recorded on film. If you can get the frame rate up to a level of approx- 
imately 24 frames per second or faster, your eye will translate the changes 
from one still frame to the next as motion. 


Analog TV 


As you probably know, the Federal Communications Commission eliminated 
analog TV broadcasts in the United States as of June 12, 2009. But while ana- 
log TV has been replaced by digital TV, that doesn’t mean that it isn’t still 
around. You will still find analog TV in many other countries of the world, and 
it is also still widely used in closed-circuit television. In any case, it is such a 
widely used standard that understanding it 1s useful. 

Back in the late 1940s and early 1950s, the United States created what is 
called the National Television Standards Committee (NTSC) TV standard. 
It basically specifies that a picture is made up of 525 horizontal scan lines, 
known as a video frame. As it turns out, one frame is actually made up of two 
fields of 262.5 scan lines. The scene or picture is first scanned 262.5 times 
from top to bottom, creating one field. This field is then transmitted at a rate of 
60 fields per second. Then the scene is scanned again with another 262.5 lines 
and these are transmitted next. The second field is interlaced with the first field 
to form the complete 525 line picture. See Figure 11.3. The result is that you 
will see 30 complete 525-line frames per second. This is fast enough for per- 
sistence of vision to work nicely. The interlacing helps significantly in reduc- 
ing any perceived flicker. 

One thing that you may be wondering is how do you keep the TV receiver 
screen in step with the video camera or other video source? This is solved by 
creating synchronizing pulses that are transmitted before and after each scan line 
(see Figure 11.3). After one field is scanned, a larger group of synchronizing 
pulses occurs between fields to cause the receiver to start the scanning back at 


Video Technology 251 


Other World TV Systems 


The U.S. NTSC analog system is used in Canada, Mexico, and Japan. But other 
analog systems are used throughout the world. In Europe, specifically the UK, 
Germany, Italy, and Spain, the PAL (phase alternation line) standard is used. It 
uses 625 scan lines with a frame rate of 25 frames per second. In France and in 


some other countries, a system called SECAM for Sequenteil Couleur a Memorie 
(or sequential chrominance and memory) is used. It too uses 625 scan lines and a 
25-frame-per-second rate. PAL and SECAM systems have a better vertical resolu- 
tion for picture detail because of the greater number of scan lines, giving a per- 
ceptibly improved picture over the NTSC system. Most of the other countries of 
the world have adopted one of these three systems. 
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FIGURE 11.3 Interlaced scanning helps reduce flicker. Sync pulses help keep the receiver and 
transmitter in step with one another. 
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the top again. The synchronizing pulses are transmitted or stored along with 
the analog video signal for each line. These synchronizing pulses are then used 
to trigger the receiver’s circuitry to make sure that the scene is sequenced prop- 
erly on the screen. 


Digital TV 


Most TV and video now is transmitted and stored in digital or binary format. 
Scanning is still the process used to convert the scene into an electrical signal, 
in this case a stream of binary numbers representing the brightness and color 
detail. Each scan line is still essentially an analog signal but that is converted 
into a sequence of binary numbers by an analog-to-digital converter (ADC). 
The basic process is illustrated in Figure 11.4. The ADC samples are measures 
of the analog signal at a constant rate, as shown by the dots along the curve 
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FIGURE 11.4 Digital TV is created by digitizing the analog video signals with an ADC, and 
then converting it into a serial bitstream of video data words. 
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in Figure 11.4. Remember that in order to retain the information in an analog 
signal when 1t is converted into digital, the signal must be sampled at a rate at 
least twice as fast as the highest-frequency signal contained in the analog sig- 
nal. Since video signals contain extremely high frequencies, the sampling rate 
is very fast. Most video contains scene details with frequencies beyond 4 MHz. 
That means a sampling rate of at least 8 MHz to capture the detail. In any case, 
each sample results in an 8-bit binary number. These bytes, one representing 
each of the sequential samples, are sent one after another in a serial binary data 
stream as shown. The video data can then be transmitted or stored. 

Each of the binary numbers produced by sampling produces what we call a 
pixel or picture element. This particular binary number will ultimately translate 
to a specific analog voltage value and produce a specific brightness level along 
the scan line. 

One way to visualize a digital video display is to think of it as an array, or 
horizontal scan lines, each made up of a sequence of pixels (see Figure 11.5). 
Each pixel is a dot of light or, in this case, a square. That pixel 1s derived from 
a specific binary number developed during the scanning and sampling process. 
Each of those pixels represents a specific brightness level from white to black. 
A digital-to-analog converter (DAC) converts the binary brightness value back 
into a specific shade of gray. 

Digital TV (DTV) uses the interlaced scanning principles described ear- 
lier to help minimize flicker. But it also uses a faster progressive scan. This is 
where each scan line making up the screen is scanned sequentially one after 
the other from top to bottom. To minimize flicker, progressive scanning must 
be done at a higher rate of speed than interlace scanning. Progressive scanning 


One horizontal 


scan line 
One pixel 


FIGURE 11.5 TV screens can be thought of as thousands of rows and columns of pixels, each 
represented by data. 
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is used simply because it creates a sequence of digital numbers that is more 
conveniently stored and processed one after the other than in a two-step inter- 
laced process. 

DTV uses a variety of different formats. In the basic format, 1t produces 480 
scan lines with 640 pixels per line. This is roughly the equivalent of what you 
would see with an analog TV signal. This is what we call the DTV standard- 
resolution format. Both interlaced and progressive scanning formats can be 
used with rates of 24, 30, and 60 frames per second. 


Picture Resolution 


One thing that you should understand about video is the concept of resolution. 
This refers to how much fine detail you can see on the screen. In analog TV, 
brightness and color detail results in very-high-frequency analog signals. The older 
original analog TV was limited to frequencies of approximately 4.2 MHz. Modern 
HDTV uses much higher-frequency responses up to about 10 MHz. To see that 
picture detail, you must transmit the analog signal over a channel that has suf- 
ficient bandwidth. Most radio channels and cable systems have bandwidth limita- 
tions, and essentially act as a low-pass filter that will remove some of the higher 
frequencies. While you will still see a picture, it will lack some of the fine detail 
that your eye may or may not notice. 

Resolution as it relates to DTV is a combination of how many scan lines plus 
how many pixels per line are used. Obviously, the greater the number of scan 
lines and the greater the number of pixels, the more detail you are going to be 
able to transmit and ultimately see. 


A higher-resolution format to produce what we call high-definition (HD) 
TV uses 720 scan lines with 1280 pixels per line. The ultimate high-definition 
format uses 1080 horizontal lines with 1920 pixels per line. Both of those high- 
definition formats can use either interlace or progressive scanning at rates of 
30, 60, 120, and 240 frames per second. Just remember that the frame rate sim- 
ply refers to the number of times per second that each frame is presented on 
the screen. The earlier slow frame rates of 30 and 60 frames per second often 
produces a kind of picture smearing when the scenes are changing at a high 
rate of speed. This is noticeable in action movies or in sports events. The newer 
120- and 240-frames-per-second scan rates essentially eliminate this problem. 


Color Video Principles 


Thus far, the signals we have described are what we call monochrome or 
black-and-white video. In monochrome video, all we capture and transmit and 
reproduce is the brightness variations along a scan line that range from black 
to white and an infinite number of shades of gray in between. But, of course, 
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today most video is color. Capturing, transmitting, processing, and displaying 
color is a far more complex process than monochrome. 

One physics principle that makes color video possible is the concept that 
any color of light can be reproduced by simply mixing the right combination 
of red, green, and blue light. Take a look at Figure 11.6. Mixing red and green 
creates yellow. Mixing red and blue produces violet (magenta), while mixing 
green and blue produces the color cyan. In any case, as it turns out virtually 
any color can be created using just the right mix and intensities of red, green, 
and blue. Strangely enough, there is one unique combination of the three 
colors that creates white. Black 1s produced, of course, by just turning off all 
the light sources. The color TV problem is how do you capture the individual 
colors and then how do you reproduce them? 

Most video cameras use a light-sensitive imaging chip called a charge- 
coupled device (CCD). An optical lens focuses the scene on the chip. The chip 
itself is made up of millions of tiny light-sensitive elements that are charged 
like a capacitor with a voltage depending on the brightness level reaching them. 
The analog video signal for a scan line is then created by sampling those light- 
sensitive elements one at a time horizontally. The result is an analog signal 
whose amplitude is proportional to the light level. The result is a black-and- 
white brightness or Y signal. 

Figure 11.7 shows how the color signals are produced. The scene is actu- 
ally passed through a lens and a beam splitter that divides the scene into three 
identical segments. Each is passed through individual red, green, and blue fil- 
ters. Three light-sensitive imaging chips (CCDs) then produce three separate 
analog signals for the red, green, and blue elements in a scene. The red, green, 
and blue analog signals are then individually amplified and sampled by an ana- 
log-to-digital converter (ADC) to translate them into a binary sequence. The 
three binary streams are then transmitted serially as a sequence of red, green, 
and blue for each picture element on the imaging chip. Each of these RGB 
colors will then later form a pixel on the viewing screen. 


Video Compression 


Generating a color video signal produces a serial bitstream that varies at a rate 
of hundreds of millions of bits per second. Consider these calculations: 


e For each pixel, there are three color signals of 8 bits each making a total of 
8 X 3 = 24 bits per pixel. 

e Fora standard DTV screen, there are 480 lines of 640 pixels for a total of 
307,200 pixels per frame or screen. 

e For one full screen or frame, there are 307,200 X 24 = 7,372,800 bits. 

e If we want to display 60 frames per second, then the transmission rate is 
7,372,800 X 60 = 442,368,000 bits per second, or 442.368 Mbps. That is 
extremely high frequency. 


Additive color mixing 
Yellow 


(red and green) 


White 
Magenta or violet (all three primary 
(red and blue) | > colors) 


| > 


Cyan or blue-green 
(blue and green) 


FIGURE 11.6 Any color of light can be reproduced by mixing red, green, and blue light in the right proportion. 
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FIGURE 11.7 Red, green, and blue digital color signals are generated by filtering the scene into 
1ts red, green, and blue components, and then digitizing the resulting analog signals. 


e To store one frame of video of this format, you would need a memory with 
55,296,000 bytes or 55.296 MB. And that 1s just one frame. 

e To store 1 minute of video you would need a memory of 3,317,760,000 
bytes or just over 3.3 gigabytes (GB). And that is just 1 minute. Multiply 
by 60 to get the amount of memory for an hour. 


Imagine the speeds and memory requirements for 1080p or a 120 frames- 
per-second format. And we have not even factored in the stereo audio digital 
signals that go along with this. Anyway, you are probably getting the picture 
here. First, data rates of 442.368 Mbps are not impossible, but they are imprac- 
tical as they require too much bandwidth over the air and on a cable. And they 
are expensive. Furthermore, while memory devices like CDs and DVDs are 
available to store huge amounts of data, they are still not capable of those fig- 
ures. Therefore, when 1t comes to transmitting and storing digital video infor- 
mation, some technique must be used to reduce the speed of that digital signal 
and the amount of data that 1t produces. 

This problem is handled by a digital technique known as compression. 
Digital compression is essentially a mathematical algorithm that takes the 
individual color pixel binary numbers and processes them in such a way as to 
reduce the total number of bits representing the color information. The whole 
compression process is way beyond the scope of this book, but suffice it to 
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say that it is a technique that works well and produces a bitstream at a much 
lower rate. And, the compressed video will take up less storage in a computer 
memory chip. 

The digital compression technique used in digital TV is known as MPEG-2. 
MPEG refers to the Motion Picture Experts Group, an organization that devel- 
ops video compression and other video standards. 

What you have to think about when you consider the transmission of digital 
video from one place to another is that it is typically accompanied by audio. 
The audio is also in serial digital format. Those digital words will be transmit- 
ted along with the video digital words to create a complete TV signal. 


TV Transmission 


The compressed audio and video of a TV signal are assembled into packets or 
frames that look like that in Figure 11.8. The 4 bytes up front provide synchro- 
nizing bits for the receiver. The ID header tells the packet number, sequence, and 
video format used. The remaining bits are the serial compressed video and audio. 

Figure 11.9 shows a simplified TV transmitter. The serial digital video is 
put through the MPEG-2 compression process. This is followed by additional 


$$ 188 bits — 


4-byte ID Video/audio data 
sync header 


FIGURE 11.8 HDTV packet for ATSC U.S. digital color TV system. 
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FIGURE 11.9 General block diagram of TV transmitter. 
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bit manipulation and coding for error correction and improved signal recov- 
ery by the receiver. This serial data is then multiplexed with the serial com- 
pressed audio data. Then the packets are formed. This is what will modulate 
the transmitter. 

The modulation begins by translating the fast serial bitstream into an eight- 
level signal with a DAC. Each 3-bit segment of the serial data is assigned a 
specific voltage level as shown in Figure 11.10. Since each level represents 
3 bits, you can transmit more bits per second in the same time period. It is 
this eight-level signal that modulates the transmitter carrier. The modulation 
is AM, where all of the upper sidebands are transmitted but only part of the 
lower sidebands. This saves spectrum. The modulation is referred to as 8VSB 
for vestigial sideband, where vestigial refers to part of the lower sideband. The 
signal is then up-converted to the final frequency by a mixer. A high-power 
amplifier in the transmitter sends the signal via coax cable to the antenna. 
Typical TV station range is about 70 miles maximum, and that is determined 
by tower height and terrain. 

In the United States, each TV channel is 6 MHz wide. There are 50 channels 
starting at channel 2 from 54 to 60 MHz. Channels 3 through 6 range from 60 to 
88 MHz. Channels 7 through 13 run from 174 to 216 MHz. Channels 14 through 
51 run from 470 MHz and ending with channel 51 from 692 to 698 MHz. 


Each level is called a symbol 


l 
o» le— Time for one symbol 


8 voltage 
levels 


Every level represents a 3-bit code from 000 to 111 


FIGURE 11.10 U.S. ATSC system translates the digital bitstream into an eight-level signal to 
transmit multiple bits per level, making higher data rates in a given bandwidth possible. 
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TV Receiver 


Figure 11.11 shows a general block diagram of a modern digital TV receiver. 
The signal from the antenna or cable TV box is sent to the tuner where the 
signal is amplified and sent to a mixer along with a local oscillator signal 
to down-convert the signal to a lower frequency called the intermediate fre- 
quency. This is commonly 44 MHz. The local oscillator is a frequency syn- 
thesizer that selects the desired channel, usually with a remote control. The IF 
signal is filtered to select only the desired 6-MHz channel. 

The IF is then sent to an ADC for digitizing. The 8VSB signal is then 
recovered in the demodulator. It is then translated into the original bitstream, 
and any coding or error correction is removed. The signal is then demul- 
tiplexed into the video and audio streams. The video goes to an MPEG-2 
decompression circuit for recovery of the original video. The individual RGB 
components are sent to DACs to recover the picture detail. The RGB signals 
are then amplified and sent to the screen for display. The audio is also decom- 
pressed and sent to the DACs and amplifiers and speakers. 

The whole TV set looks something like Figure 11.12. Note all the possible 
inputs. The set gets its RF inputs from the antenna or cable box. The cable box 
may also have a digital signal output, meaning the cable box does all the decod- 
ing, demultiplexing, and decompression. The output comprises a serial data 
stream of the video and audio. A special high-speed digital interface called the 
high-definition media interface (HDMI) is used. It uses a special cable no more 
than 15 feet long and with a special 19-pin connector. The HDMI carries video 
and audio from the TV to cable box or DVD player or vice versa. 

Most TV sets also accept analog video inputs from other sources like VCRs, 
video cameras, and digital cameras. A special fiber optic cable input called 
TOSLINK serves as the interface for TV sets, cable boxes, and DVD players. 

Finally, some TV sets include standard computer interfaces like USB ports 
or the [EEE 1394 interface, a fast digital serial interface for video and audio 
developed by Apple. 

TV set outputs, of course, are sent to the screen and the speakers. A remote 
control sends signals to an embedded controller that tells the set what to do. 


TV Screen Technology 


As indicated earlier, there are several ways that the video signal is translated 
back into a viewable picture. The cathode ray tube is still present in older sets, 
but LCD screens are by far the most popular and most widely used today. 
Plasma screens are still available but slowly fading away, and DLP projection 
screens are popular because of their low cost. There are other emerging tech- 
nologies that we may see in the future. In any case, what we need is a light 
source to reproduce the varying intensities of red, green, and blue light. 

Color video screens are made up of a very large number of tiny red, green, 
and blue light sources. These are used to make up the pixels or dots of light 
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FIGURE 11.12 Inputs and outputs of modern digital TV set. 


that re-create the picture. These pixels are very small, so that your eye cannot 
actually see them even when you are relatively close to the screen. 

Figure 11.13 shows some of the screen pixel formats in use today. Cathode 
ray tubes were made up of a group of three color phosphor as shown in Figure 
11.13A. These color triads were grouped tightly together to form the complete 
screen. When an electron beam strikes each of the red (R), blue (B), and green (G) 
pixels, they cause the phosphor dots to glow. The eye automatically mixes the 
individual red, blue, and green colors to reproduce the desired color. 

LCD and plasma screens use a pixel format somewhat like that shown in 
Figure 11.13B. These are usually rectangular red, green, and blue areas that 
are backlighted with the appropriate degree of intensity. 

One pixel is not necessarily equal to the three color group shown in Figure 
11.13A. Instead, 1 pixel as displayed on the screen might actually be made 
up of a collection of these individual groups. The actual pixel size may be 
something like Figure 11.13B, made up of multiple groupings of red, blue, and 
green elements as shown. 

The actual format displayed on the screen is determined by the TV dis- 
play standards. As indicated earlier, a standard DTV screen uses 480 horizon- 
tal lines with 640 pixels per line. That creates a screen with a total of 307,200 
pixels. The 720 X 1280 screen puts 1280 pixels on 720 lines for a total of 
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FIGURE 11.13 How color pixels are formed on a TV screen. (A) Pixel format for most CRTs. 
(B) Pixel format typical of LCD, plasma, or LED screens. 


921,600 pixels. The big daddy of all screens uses 1080 lines with 1920 pixels 
per line for a total of 2,073,600 pixels. Just remember that the pixels are turned 
on one at a time from left to right and top to bottom on the screen at a very 
high rate of speed. 


Summary of Screen Technologies 


The actual technical details of each of the different types of screens are way 
beyond the scope of this book, but a summary might be useful. A quickie 
review of each of these screen types follows. 

CRT—A cathode ray tube contains three electron-beam guns, each one 
driven by the analog color signals from the DACs. The intensity of the electron 
beam depends on the intensity of the light and color signal being fed to it. 
These electron beams are aligned so that they strike the red, green, and blue 
phosphor dots covering the screen. Each dot emits light with an intensity pro- 
portional to the strength of the electron beam striking it. The electron beams 
are scanned simultaneously across the screen at very high speed, stimulating 
the pixels in the right proportion to reproduce the desired color. 

LCD— Liquid crystals are, as their name implies, a liquid made up of mol- 
ecules whose physical orientation can be changed by the application of an elec- 
tric signal. Different voltages change the polarization of the light through the 
liquid. By applying one level of voltage to the liquid crystal, it can be made 
almost totally transparent where maximum light passes through it. Another 
level of voltage will twist the molecules and practically block all light from 
being passed. In this way, the liquid crystal acts almost like a camera shutter 
but in this case with varying degrees of transparency being possible. The liquid 
crystal material is contained within glass plates. A bright light source such as a 
fluorescent lamp or high-brightness LEDs are placed behind the liquid crystal. 
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In front of the liquid crystal is another transparent sheet containing the red, 
blue, and green pixels described earlier. The whole thing is sandwiched together 
in a very thin screen. The electrical signals applied to a matrix of wires cause 
the liquid crystals to be properly oriented for each pixel and to allow the correct 
proportion of light through to each of the red, blue, and green light filters. 

Plasma—A plasma screen is also made up of many tiny light sources. Each 
light source or subpixel is actually a small chamber containing xenon and neon 
gases. When a voltage is applied to each of these chambers, the gases ionize 
and emit ultraviolet light. The ultraviolet light then actually strikes a phosphor 
coated inside the chamber. The chamber then emits red, green, or blue light. 
The degree of ionization determines the brightness of each subpixel. In any 
case, electrical signals are then applied in sequence to the subpixels to turn 
them on with the correct degree of brightness to produce the desired color. 

DLP— Digital light processing is a technique invented by Texas Instruments. 
The heart of it is an integrated circuit chip made up of hundreds of thousands or 
millions of tiny mirrors. The mirrors can be moved to one of two positions. This 
is an example of a microelectromechanical system (MEMS). MEMS is a tech- 
nique for making mechanical moving objects using semiconductor manufactur- 
ing techniques. 

Each of the tiny mirrors can be moved so that in one position it will reflect 
maximum light (representing white) and the other position where no light is 
reflected (representing black). You can then produce any shade of gray simply 
by switching the individual mirrors off and on at a high rate of speed. The light 
source is shined on the mirror and the resulting monochrome scene produced on 
the DLP chip is then focused on a screen from the rear by a lens system. 

To produce color, the light source is passed through a rotating disc with alter- 
nating red, green, and blue segments. The speed of rotation and the frequency of 
each color on the disc allow each mirror to then reflect a specific color of light. 
In the newer DLP screens, high-intensity red, green, and blue LEDs are used to 
send light to the mirrors, which are then mixed and projected onto the screen. 

LED—The newest TV screens are made of tiny red, green, and blue light 
emitting diodes arranged in a pixel matrix as described earlier. The LED 
screens are the brightest available and respond fast to action scenes. However, 
they are the most expensive screens. 


3D TV 


Yes, you actually can buy a 3D TV set that gives you that same 3D “coming- 
at-you” feeling of theater 3D. As this 1s written, these sets are very expensive 
and there is very little 3D material to see. Right now it is only available on 
DVD. Eventually it may be available by cable or satellite or over the Internet. 
And, yes, you still have to wear the special glasses. These glasses are not the 
red and green lens type but a special electronic version. The lenses use elec- 
trical polarization like a shutter that turns the left and right lenses off and on 


Video Technology 265 


Which Screen Type Is Best? 


It is very difficult to find a new TV set with a CRT. You can still buy them, but 
they are typically only available in the smaller screen sizes such as 9, 13, and 
19 inches. 

LCD screens are available in a wide range of sizes, but the minimum today 
for a TV set is about 19 inches. Remember that these dimensions are the diago- 
nal dimension from an upper corner of the screen to the lower diagonal corner. 
The most popular LCD screen size is 32 inches, but they are available in a wide 
range of sizes from about 42 to 65 inches. Even bigger ones are available. Plasma 
screens come in sizes from about 42 inches to about 70 inches. A DLP screen can 
be had in sizes from 50 to 100 inches. 

As for prices, LCD and plasma screens are approximately comparable. DLP 
projection screens are significantly less expensive for the same size. 

There are a couple of other factors to consider in evaluating screen types. As 
far as brightness goes, they are all very good, with the DLP probably slightly less 
bright than the other two types. Contrast, meaning the ratio of the brightest white 
to the darkest black, is also excellent on all types of screens, a little bit less so on 
the LCD. 

Viewing angle means whether you can see the picture from any angle. Most 
screens are viewed directly straight on, but many viewers are off to the side or at 
an angle. DLP screens generally have poor viewing angles: when you get too far 
off to the side, you will not be able to see the picture or it will fade away. LCDs 
have this problem but to a lesser extent. Plasma screens have the widest viewing 
angles. 

Finally, the ability of a screen to produce high-speed motion is generally excel- 
lent on plasma and DLP screens. LCDs did produce some smearing, but recently 
the higher scan rates of 120 and 240 frames per second have essentially elimi- 
nated this problem. 

LCD screens dominate TV today and are gradually replacing all other types 
as their price continues to drop with better manufacturing methods. Plasmas and 
DLP are still available but are gradually fading. LED screens are growing in popu- 
larity and will become more widely used as prices come down in the future. 


in synchronization with the two alternating sets of frames on the screen. A 
wireless signal (IR or radio) signals the glasses when to switch. The switching 
occurs at very high speed so the effect is to see the 3D scene. Only time will 
tell if this is just a gimmick or niche TV product. 


CABLE TELEVISION 


It is estimated that about 15% of all U.S. citizens get their TV over the air with 
an antenna. But over 70% get TV via cable. The remaining 15% get satellite 
TV. Why? Mainly because cable offers not only better, more reliable signals 
than by antenna, but also offers hundreds of channels of programming. But 
that’s not all. Most of those who have cable also use the cable connection for 
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FIGURE 11.14 Coax cable bandwidth up to 1 GHz can contain about 130 6-MHz channels. 


high-speed Internet access service. Of course, you pay for all that, and 1t has 
become like a monthly utility bill. With the cable industry being so big, it pays 
to know a little more about it. 

It all starts with a facility called the cable head end. Another name you 
might hear is cable modem termination system (CMTS), which specifically is 
the equipment at the head end. This is a place where the company collects video 
and programming from many different sources. It snatches signals off the air, it 
receives premium programming like HBO, ESPN, Showtime, and Fox via satel- 
lites, stores movies on its large computers called video servers, and may even do 
some of its own local programming. The result is a hundred channels or more. 

Now each of those TV signals—video plus audio—is modulated onto car- 
riers that are spaced 6 MHz apart just like the regular over-the-air TV channels. 
Then all of those modulated carriers are added together to form a very com- 
plex signal. That signal is then amplified and put on the outgoing cable. Figure 
11.14 shows what the spectrum looks like. Most cables have a bandwidth from 
about 50 MHz up to about 860 MHz to 1 GHz, which will accommodate up to 
about 130 6-MHz channels. We call this process frequency-division multiplex- 
ing, where a single cable can carry many separate channels of data, each on a 
different frequency and bandwidth. And since the cable is shielded, it does not 
radiate, so it, in effect, duplicates the free-space electromagnetic spectrum. 

Since most TV today is digital, digital modulation methods are used to put 
multiple TV signals within each 6-MHz channel. Using 16-QAM or 64-QAM, 
a cable company can squeeze several channels of video/audio into each 6-MHz 
chunk of spectrum, providing hundreds of additional slots for programming. 
That is why cable companies can advertise up to 500 channels of entertain- 
ment, news, and so on. 

All of the digital video/audio signals are then remodulated onto differ- 
ent channel assignments. All of these 6-MHz channels are added together or 
linearly mixed in a multiplexer (MUX) to create a massively complex compos- 
ite signal. This is what goes out on the cable (see Figure 11.15). 
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FIGURE 11.15 General block diagram of modern cable TV system. 
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The signal distribution network is called a hybrid fiber cable (HFC) system. 
This multiplexed signal is applied to a fiber optic cable, called a trunk cable. 
It is routed around the city and it terminates at selected points where the signal 
is divided into multiple paths of coax cable. These so-called feeder cables are 
connected to amplifiers along the way to overcome the large attenuation of the 
cables. At some point, the feeder cables come into your neighborhood and are 
further amplified and split into multiple signals. These signals are then sent to 
your house by a coax drop cable. The most common type is 75-ohm RG-6/U 
coax with F-connectors. The cable comes into your home and is usually split 
two or more times and sent to wall connectors in the various rooms. These 
connectors connect the signal to a cable box and/or a cable modem for the PC. 

The cable box is like a tuner in that its main job is to select one of the many 
channels and send it to your TV set. Figure 11.16 shows a simplified block 
diagram of a typical cable box, usually called a set-top box (STB). The input is 
a TV tuner with channel selection via a frequency-synthesizer local oscillator 
by way of your remote control. The selected signal is then demodulated and 
decompressed by a digital media processor chip, and then sent to the TV set via 
one of the many possible interfaces, usually the HDMI or high-definition multi- 
media interface. This is a very fast digital interface with special cable and con- 
nector. Most TV sets have this as the most common input. Other video format 
interfaces such as RGB, PrPbPy, or S-video, are usually provided to accommo- 
date older analog TV sets. An additional feature of many of the newer STBs is 
a built-in digital video recorder (DVR). This is essentially a computer hard disc 
drive that records the program you want to save for viewing later. 


Other Wired TV Distribution Systems 


There are a couple of other ways that digital video is distributed to homes. One 
is a fully fiber optic system. The fiber cables go all the way from the head end 
to the homes. This was once too expensive, but today, thanks to improved fiber 
and other technologies, it is cost effective. Such systems are generally referred to 
as passive optical networks (PONS). “Passive” simply means that the signals are 
strong enough and the cable runs short enough so that no amplification is needed 
along the way. The digital video and audio are modulated onto infrared (IR) light 
beams and sent down the cable. Because fiber has such wide bandwidth, data 
rates are extremely high, over 1 GB/second in the newer systems. This allows not 
only digital video to be transmitted but also very-high-speed Internet service. Such 
systems use standards like Ethernet PON or GPON for gigabit PON. A typical U.S. 
system is Verizon's FiOS. 

Another new system is called IPTV for /nternet protocol TV. This is video dis- 
tribution via putting the compressed video on a fiber optic cable using the famil- 
iar TCP/IP protocols. The signals travel via fiber to the neighborhoods. From there 
they are split off and the signals travel via in-place twisted-pair telephone lines. 


(Continued) 
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Other Wired TV Distribution Systems (Continued) 


New forms of modems using a form of OFDM called discrete multitone (DMT) 
transmit the signal over the twisted pair at high speeds. These lines are now used 
just for high-speed Internet service and are referred to as asynchronous digital 
subscriber lines (ADSL or just DSL). Newer versions called ADSL2 and ADSL2+ 
or VDSL for video DSL provide data rates from 26 to 52 Mbps on standard phone 
lines. An example of a system in the United States is AT&T’s U-verse system. 


For Internet access, you connect a cable modem to the coax cable and it 
automatically selects the channel where the data services are assigned. The 
modem goes to your computer via an Ethernet cable. Access to the Internet is 
by way of your computer’s browser. 


SATELLITE TV 


Satellite TV technically is also over-the-air TV or radio, but instead of the sig- 
nals coming from one or more local TV stations, broadcast towers, the signals 
emanate from a geosynchronous satellite 22,300 miles away orbiting around 
the Equator (see Figure 11.17). The satellite transponders operate in the Ku 
band with frequencies of 10.95 to 14.5GHz. This system is referred to as 
direct broadcast satellite (DBS). 

The satellite TV company gets its TV like the cable companies, and brings 
it all together at a single Earth station head end where it is all collected and 
transmitted on an up-link to the satellite in the 14- to 14.5-GHz range (see 
Figure 11.18). The signals are then amplified in the satellite and rebroadcast on 
the down-link frequencies at 10.95 to 12.75 GHz. A high-gain antenna focuses 
the signals on the United States or other country of interest. 

Down on Earth, satellite TV subscribers have a special receiver and 
antenna. These are illustrated in Figure 11.19. The antenna is usually a small 
dish or parabolic reflector antenna about 18 inches in diameter. The antenna is 
usually a small horn. Also inside the antenna assembly is a low-noise amplifier 
(LNA) to boost the small signal from the satellite. This is then sent to a mixer 
along with a local oscillator signal to down-convert the signals into the 950- to 
2100-MHz range. This signal is then routed by coax to the satellite receiver. 
The LNA/mixer assembly at the antenna is called a low-noise block (LNB) 
converter. This receiver signal processing at the antenna is necessary because 
the Ku band frequencies of 10.95 to 12.75 GHz are so high they would be far 
too greatly attenuated by the antenna coax cable to the receiver. So down- 
converting to the lower frequency allows coax to be used to the receiver. 

The satellite receiver is like the cable box in that it is used to select the 
desired channel and demodulate it for the TV set. The satellite signals are all 
digital and transmitted in packets 147 bytes long. A satellite receiver is shown 
in Figure 11.20. MPEG-2 video decompression is used. The recovered signals 
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FIGURE 11.16 Simplified block diagram of modern cable box with DVR. 
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FIGURE 11.17 TV distribution satellites in geosynchronous orbits act as wireless relay stations. 
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FIGURE 11.18 Video from all sources is transmitted up-link to satellite that rebroadcasts it back 
to Earth over down-link to home receivers. 


are then sent to a digital TV receiver, typically via an HDMI port. Or in older 
systems, the video and audio are remodulated on a channel 3 or 4 TV carrier 
and sent to an analog TV set. 


CELL PHONETV 


You knew it would come. Actual TV on your cell phone. You can easily get 
video via the Internet connection on a 3G phone over the network or via a 
Wi-Fi hot spot. Typical video is like that from YouTube or just video clips that 


users attach. 


272 Electronics Explained: The New Systems Approach to Learning Electronics 


18 inch 
dish 
LNB antenna 
—> 


Satellite 
receiver (RX) 


Coax cable 


/ set 


Coax cable (analog) 


LNB detail HDMI (digital) 
Antenna 
950—2150 MHz 
Filter To RX 


Mixer 


FIGURE 11.19 Satellite TV home system consists of antenna with low-noise block converter, 
receiver, and TV set. 


Some cellular carriers also offer several video channels over the network 
for an extra fee each month. Such video is available from AT&T and Verizon, 
and consists mainly of news, weather, sports, and a few comedy channels. 

Since video is so data intensive and requires lots of extra bandwidth and 
high speeds, too much video service can overload most cellular networks. It has 
been decided that the best way to deliver TV service to a cell phone is to broad- 
cast it. Several methods are being implemented. For example, in Europe the 
DVB-H system is being used to broadcast programming to handsets. Similar 
systems in Japan and Korea are also used. Both are digital. In the United States, 
MediaFLO broadcasts video to handsets on the old TV channel 55 (716 to 
722 MHz). It uses OFDM and about 15 to 20 channels are available. The ser- 
vice is provided for a monthly fee. 

In the near future, standard ASTC digital TV will be available in the United 
States. A special version for mobile handsets has been developed and will 
likely be adopted by existing TV stations for broadcast to cell phones. This is 
expected to be free TV, but no doubt ads will be used to pay the bills. If mak- 
ing a phone call or texting by cell phone is distracting to drivers now, wait until 
TV is available. (Now that is something to look forward to.) 


CLOSED-CIRCUIT TV 


Closed-circuit TV (CCTV) is used primarily for surveillance. You have seen 
the small wall- or ceiling-mounted TV cameras in stores, airports, companies, 
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FIGURE 11.20 Simplified block diagram of satellite TV receiver. 
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and today on the streets. The video signals are routed to a central point where 
multiple TV sets or monitors are set up for observation. 

In many installations, the video is transmitted directly over coax cable to 
the monitors. There is no modulation involved. However, in some cases, when 
remote cameras are used, a wireless link via 2.4GHz is typical. Of course, 
modulation is then used in the transmission so that a receiver is needed at the 
viewing end to recover the video. 

Many installations also have video recorders (VHS tape or DVD) to cap- 
ture several minutes or hours of video. In the past, most cameras were black 
and white, but today more and more use color. 


DIGITAL VIDEO DISCS 


The formal meaning of DVD is digital versatile disc. Its main use is video but 
it can also store computer data or audio. It is the storage medium of choice for 
movies, music videos, and other video programming. It has virtually replaced 
the VCR. 

The basic DVD storage medium is a disc that is almost identical to the CD 
discussed in Chapter 10. The disc is the same size (120-mm diameter), but it 
is formatted differently to store many more bits and bytes of data. While the 
CD can store up to about 700 MB, the DVD can store about 4.7 GB, that is, 
gigabytes or billions of bytes. And that is just the basic one-sided disc. There 
are also single-side/double-layer discs, double-sided/single-layer, and double- 
sided/double-layer versions that can store even more, up to 15.9 GB. 

The storage method is the same. A laser beam burns pits into a spiral track. 
The data is represented as pits and lands as described earlier in the CD discus- 
sion (see Figure 10.6). The big difference is that the size of the pits is signifi- 
cantly smaller and the track spacing is less than half the CD spacing, that is, 
1.6 microns (1600 nanometers) versus 740 nanometers (nm). A nanometer is 
1-billionth of a meter. With smaller pits and tighter spacing, the disc can hold 
significantly more data. 

But that is not the whole story. The video is also compressed. Unlike the 
audio on a CD, which is not compressed, digital video is compressed with the 
MPEG-2 standard described earlier. This gives roughly a 40-to-1 compression. 
In that way, a full 2 hours of video can be stored. 

As for audio, the format is as described in Chapter 10 for CDs, but DVD 
audio is Digital Dolby Surround Sound 5.1 using six channels of 16-bit, 44.1-kHz 
digital sound. Audio DVDs are also available with 192-kHz sampling of the 
audio with 24-bit ADCs, giving even greater fidelity and low-noise performance. 


How a DVD Player Works 


Figure 11.21 depicts the block diagram of a typical DVD player. First, note the 
motor that drives the disc. It is a variable-speed device that changes speeds as 
the pickup mechanism moves from inside to outside as it reads the spiral track. 
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FIGURE 11.21 Block diagram of standard DVD player. 


The pickup head uses a laser that shines on the disc to read the pits and lands. 
Because of the closer spacing, a higher-frequency (shorter wavelength) laser is 
used. CD players use a 780-nm laser, while DVD players use a 640-nm laser 
that has a smaller focused beam. 

The photodetector in the head picks up the laser reflections and sends the 
10Mb/second data stream to the processing chips. In some players, a single- 
chip application-specific device handles all of the digital processing from 
demultiplexing, to error detection and correction, decoding, and MPEG-2 
decompression. All this may be in separate chips in some players. 

In any case, the MPEG-2 data goes to a video decoder and to multiple 
DACs that re-create the original analog RGB signals. Various video formats 
are used, such as RGB, YCrCb, and YPrPb, each of which needs three DACs 
each. Most DVD players also decode regular composite video and S-video. 

The separated audio signals go to an audio codec that contains the DACs 
which recover the audio content either in basic stereo or 5.1 surround sound. 
As for interfaces, an HDMI output is provided. Most players also have an 
Ethernet port, IEEE 1394, and USB connections. 

Don’t forget that some of the later models are also DVD recorders. They 
play DVDs but also burn new ones with video from the TV set, cable box, sat- 
ellite box, or a built-in tuner. 


A Word about Blu-ray 


Blu-ray is the next generation of DVD medium and players. The discs are the 
same size but thanks to even smaller pits, lands, and track spacing, even greater 
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storage capacity is available. With 320-nm track spacing and a 405-nm (blue 
light wavelength) laser, the single-sided disc can hold up to 25 GB of data. 
That is enough to store two full-length high-definition movies or 13 hours of 
standard-definition video. A double-layer version is also available that doubles 
those storage figures. Blu-ray uses MPEG-2 compression, but also supports 
other video compression standards such as MPEG-4/H.264 and VC-1. 

For a while, there were several other video disc standards competing for 
dominance. The most notable was HD-DVD, which did bring players to mar- 
ket. Most movie companies and other media sources selected Blu-ray as the 
distribution medium, making Blu-ray players the de facto standard and elimi- 
nating HD-DVD. 


Project 11.1 


Look at a Pixel 
Get a magnifying glass and hold it up to your TV screen to see the individual color 
pixels or subpixels. Are they triads or rectangular areas? 


Project 11.2 


Diagram Your Own TV System 

Draw a block diagram of your own home TV setup. Just draw a box for each and 
indicate how each of them is connected. Identify the type of cable, connector, 
and interface between each box. 


Project 11.3 


Try Over-the-Air TV 
If you get your TV by cable or satellite, try receiving local channels on an antenna. 
Use an indoor antenna for simplicity. You can buy a set of “rabbit ears” from a 
local Radio Shack. Or try an outdoor antenna from Radio Shack. You can get 
some channels on a simple loop of wire 1 yard long. 

If you still have an older analog TV, you probably also have a cable box and 
went through this process before. 


Chapter 12 


Industrial Control 


How to Automate: Monitor, Process, and Control 


In this Chapter: 


Control defined. 
Open and closed control systems. 


Sensors and transducers. 

Actuators like relays, solenoids, and motors. 
Thyristors. 

Programmable logic controllers. 


INTRODUCTION 


Industrial control is one of the four major applications of electronics. In 
industrial control, electronic components, circuits, and equipment are used to 
operate various types of machines in manufacturing plants. Most industrial 
machines like robots are mechanical in nature but electrically operated. Most 
are powered by electric motors or other actuators. To operate the machine, 
electrical power must be properly controlled. Industrial control electronics is 
used to turn machines off and on at the appropriate time, control their speed of 
operation, and otherwise produce the desired manipulations. 

Electronic control is not confined to industry. There is lots going on in the 
home and car as well. The principles given here apply to those applications 
as well. 


OPEN- AND CLOSED-LOOP CONTROL 


The basic industrial control process is illustrated in Figure 12.1. Electrical 
inputs, such as switches, sensors, or other devices, are used to initiate an elec- 
tronic control process. The signal-processing circuits generate control output 
signals that are used to operate the industrial machines. This basic process is 
known as open-loop control. The typical device being controlled by the output 
signals is an electric motor that operates a machine. Other outputs could oper- 
ate lights, relays, solenoids, or a variety of other devices. 
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FIGURE 12.1 General block diagram of industrial control process. 
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FIGURE 12.2 Open-loop control system for filling vat with liquid via a pump. 


Open-Loop Control 


A simple example of an open-loop control system is shown in Figure 12.2. The 
input is a switch that applies electrical power to a motor. The motor, in turn, 
Operates a pump that causes liquid to be put into a vat or tank. As soon as the 
vat is full, the operator turns the switch off. The basic control process in this 
system is simply turning power off and on to control the pump. The operator 
visually monitors the level in the vat until the correct level is reached. 


Closed-Loop Control 


An improved form of industrial control system is illustrated in Figure 12.3. It 
is known as a closed-loop control system. The system is given an initial input 
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FIGURE 12.3 Generic diagram of any closed-loop control system with feedback. 


reference called the set point. The set point is usually a voltage that represents 
some physical value that 1s to be achieved. It is applied to an error detector that 
compares this input to a signal from the controlled devices. If the two signals 
are different, an error output is produced. This error signal is processed (usu- 
ally amplified), and an output control signal is derived from it. It is this output 
signal that operates the controlled device. A transducer monitors the control- 
led device to see that the desired outcome is obtained. The signal from this 
transducer is called feedback. The feedback signal is compared to the input to 
produce the error signal. The control signal operates the controlled device until 
the error is reduced to zero. At that time, the desired output condition, where 
the feedback equals the set point, is obtained. 

The key to closed-loop control is the feedback. Feedback signals tell the 
system whether the machine is performing correctly. The feedback signal 
allows the system to adjust itself in such a way that the desired output is con- 
tinuously accomplished. Control is automatic. 

A closed-loop version of our system to fill a vat with liquid 1s shown in 
Figure 12.4. An initial input signal is applied to start the process. If the vat is 
not full, the transducer will sense it and send a signal to the error detector that 
says the liquid level is low. The error detector generates an output signal that 
is processed and used to start the pump motor. The motor rotates the pump, 
which puts liquid in the tank. When the vat is full, the sensor will generate 
a signal that is sent to the error detector. The error is now zero, so the pump 
motor is turned off. 

The primary benefit of a closed-loop control system is that its operation is 
automatic. In the open-loop system, an operator has to turn the system off and 
on manually to fill the tank. In the closed-loop control system, the operator 
gives an initial input, called the set point, to which the error detector will com- 
pare the feedback signal from the sensor. He or she turns the system on. From 
that point on, operation is automatic. The pump turns itself off when the vat is 
full. If the liquid level drops below the desired level due to usage, the sensor 
indicates a low level and automatically turns on the motor so that the pump 
will again fill the tank. When the tank is full, the unit shuts off by itself. 
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FIGURE 12.4 Filling vat with liquid automatically with closed-loop control system. 


Most industrial control systems are closed loop to make them automatic. 
And your home has some as well. Your toilet flusher is a closed loop as is your 
heating and air conditioning (HVAC) thermostat. Appliances like your washer, 
dryer, and dishwasher are other examples of closed-loop control. All of them 
contain a microcontroller with sensors, timers, and feedback to make them 
totally automatic. 


Controllers 


While many industrial control applications are implemented with simple con- 
trol circuits, most industrial control is carried out by specialized instruments 
called controllers. These units accept inputs from sensors, condition them, 
process them, and then generate output control signals. 

A good example of an analog controller is one used to control the tem- 
perature in a system. A resistive temperature sensor is used to monitor the 
temperature of the liquid in a pipe. If the temperature goes up, the sensor out- 
put goes up. This is sensed by the controller circuitry. Inside the controller, a 
comparator is set to a desired temperature threshold. Should the temperature 
exceed a specified set point, the controller will turn off the device heating the 
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FIGURE 12.5  Closed-loop control system for motor speed control and regulation. 


pipe and liquid. Should the temperature drop below another set point tempera- 
ture, the controller will turn on the heating device in an effort to maintain the 
set point temperature. While the heating element will be turning off and on, it 
will produce the desired average overall temperature. 

A continuous analog controller will provide proportional control rather than 
an off/off response. For instance, suppose that you want to control the speed of 
a motor. The system depicted in Figure 12.5 does this. You want the motor to 
stay set to the speed you want, say 1200rpm. A pot connected to a voltage repre- 
sents that speed value. The voltage 1s applied to an error detector along with the 
feedback input from a tachometer. A tachometer 1s a device that senses rotational 
speed and develops a proportional DC voltage. That voltage 1s sent to the error 
detector and compared to the set point. If they are different, an error voltage is 
developed. This voltage 1s then amplified and applied to the motor. The speed of a 
DC motor is proportional to the voltage applied to it. So if the motor slows down, 
the error voltage is increased and that is amplified and applied to the motor speed- 
ing it up to compensate for the speed drop. A speed up in the motor produces an 
increased tachometer output. The resulting error signal causes the motor speed to 
drop until the error is zero. With such a circuit, the motor speed remains constant. 

An analog controller is a product made up of the set point pot, error detec- 
tor, and a selection of amplifiers whose gain can be varied and an output 
amplifier that can drive the motor or other device. Many different types of 
commercial electronic controllers have been developed to monitor and control 
physical characteristics such as pressure, physical strain, weight, liquid flow 
rate, physical position, or liquid level in a tank. Digital controllers that contain 
a microcomputer are also available. 


SENSORS 


An essential element of most control systems is the inputs from sensors. Sensors 
are the components that detect physical changes or events and convert them into 
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FIGURE 12.6 Most resistive sensors like an RTD or thermistor are placed in a bridge circuit to 
condition them to provide amplified output voltage. 


electrical signals to be processed. Sometimes the term transducer is used to 
refer to the sensor. A transducer is a device that converts one type of energy into 
another such as mechanical energy to electrical. There are literally hundreds of 
different types of sensors. A few examples of the most common types follow. 


Temperature Sensors 


Temperature is probably the most often sensed physical characteristic. Temper- 
ature sensors convert temperature to a resistance change or voltage change. 
The most commonly used temperature sensors are RTDs, thermistors, and 
thermocouples. 

RTD—An RTD is a resistive temperature device. It is essentially just a 
platinum wire whose resistance varies with temperature. Most of them have 
a resistance of 100ohms at zero degrees Celsius (O°C). As the temperature 
changes, the resistance changes to reflect the change. RTDs have what we call 
a linear positive temperature coefficient. That is, as the temperature goes up 
the resistance goes up and vice versa. 

To convert the resistance variation into a voltage, the RTD is usually put 
into a bridge circuit as shown in Figure 12.6. The bridge is initially balanced 
with the variable calibrate control (CAL) to produce zero output at a given 
temperature. Then if the temperature varies, the bridge becomes unbalanced 
and a voltage is produced. This is then amplified into a larger voltage that is a 
measure of the temperature. The output can be measured with a meter or it can 
be digitized for use as in input to a digital system for display or control. 

Thermistor—A thermistor is a resistor whose resistance has a negative 
temperature coefficient. As temperature goes up the resistance goes down and 
vice versa (see Figure 12.7A). The resistance change is much greater than that 
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FIGURE 12.7 Characteristic curve of thermistor and simple voltage divider circuit producing 
output voltage. 


of an RTD. The thermistor can be used in a simple voltage divider to develop 
an output voltage or in a bridge circuit like the RTD (see Figure 12.7B). 

Thermocouple—A thermocouple is a unique type of temperature sensor, 
as it develops a voltage rather than a resistance change. It is formed with two 
dissimilar metals. If the junction of the metals is heated, a voltage is devel- 
oped. The voltage is usually in the millivolt range so that it usually has to be 
amplified before it becomes useful. The thermocouple’s main advantage is its 
accuracy at very high temperatures. 

Solid State—Diodes and transistors make good temperature sensors. A 
silicon diode has a very linear voltage drop variation that decreases with an 
increase in temperature. This is true of the emitter-base junction of a bipolar 
transistor as well. Zener regulator diodes exhibit a similar response. The sen- 
sor is usually packaged into a complete integrated circuit with an amplifier that 
produces a voltage output proportional to the temperature variation. 


Pressure Sensors 


A pressure sensor responds to force or pressure. There are many different types. 
A widely used kind is called a strain gauge. A strain gauge is essentially a thin 
pattern of metal deposited on a plastic base like that shown in Figure 12.8. It 
has a specific value of resistance. A value of 120 ohms is common. The strain 
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FIGURE 12.8 Strain gauge is a resistive element whose value changes with stress or pressure. 


gauge is then glued or cemented with an adhesive to the object to which the 
pressure is to be applied. An example is a steel beam. When pressure is applied 
to the beam, it will bend. As it bends, it stretches or compresses the strain gauge 
resistance element. If the resistive element is stretched, its resistance increases. 
If it is compressed the resistance decreases. Knowing the specific character- 
istics of the resistance change per pound of pressure, an exact measure of the 
pressure can be determined. Mostly strain gauges are used in a bridge circuit 
like that shown in Figure 12.6. Since the resistance variation is small and the 
resulting bridge circuit output is small, a special amplifier called an instrumen- 
tation amplifier is used. It has differential inputs and very high gain. 

A special pressure sensor called a load cell is typically made up of strain 
gauges. It is fully calibrated to provide a specific voltage output with a specific 
pressure. Load cells are widely used for weight measurement. An example 
application is the use of load cells in truck weighing scales. 

There are other forms of pressure transducers. Many are solid-state devices 
with an output voltage proportional to pressure. Piezoelectric pressure trans- 
ducers use the voltage produced by certain types of crystals or ceramics when 
pressure is applied to them. 


Switches 


Switches are widely used as sensors. Switches are mechanical devices with 
electrical contacts that open or close with a particular physical movement. 
Switches are used to detect mechanical movement and specifically to deter- 
mine when the limit of some physical device has been reached. Called limit 
switches, these devices have various arms and mechanisms that permit ease of 
use in a variety of situations. Examples of such switches are those that can 
detect when a cabinet door is open or closed or a switch that senses when a 
mechanical device reaches a specific point where motion must be stopped. And 
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FIGURE 12.9 Schematic symbols for photo cells. (A) Photoconductive or photoresistive. (B) 
Photovoltaic or solar cell. (C) Photo transistor. 


of course, a human-operated switch may be the most common. It is usually a 
button that is pushed to initiate or stop some action. 


Potentiometers 


A potentiometer is a variable resistor or variable voltage divider. While most 
electronic pots are rotary devices, they also come in a linear variety. The vari- 
able arm of the pot is controlled by some external mechanical device. Then 
by using the resistance value of the pot or the voltage it produces as a variable 
voltage divider, it can be used to sense mechanical position. 


Photoelectric Sensors 


One of the most widely used industrial transducers is a photoelectric sensor. 
A photoelectric sensor is a component that responds to light and produces an 
electrical signal that can initiate some operation. 

There are three basic types of photoelectric sensors. These are the photo- 
resistive or photoconductive cell, the photovoltaic cell, and the phototransistor. 
The photoconductive sensor is a light-sensitive resistor. Its schematic symbol 
is Shown in Figure 12.9A. The resistance of the device varies with the amount 
of light falling on it. With no light falling on the sensor, its resistance will be 
very high, 100,000 ohms or more. When bright light shines on the sensor, how- 
ever, its resistance will drop to a very low value, usually several hundred ohms 
or less. Of course, at a light level between bright and dark, the resistance of 
the device will be somewhere between 100 ohms and several hundred thousand 
ohms. The resistance is inversely proportional to the light level. 
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FIGURE 12.10 Photodiode and its simple output circuit. 


Another type of photoelectric device is the photovoltaic cell, whose sche- 
matic symbol is illustrated in Figure 12.9B. This is the solar cell described 
in an earlier chapter. Whenever bright light falls on the cell, it will generate a 
small DC voltage. The maximum output of a typical photovoltaic cell is approx- 
imately 0.45 to 0.5 volt. At lower light levels, the output voltage will be less. 
Photovoltaic cells are used primarily in power generation systems for produc- 
ing charging voltage for batteries in satellites and other remote systems. Multiple 
cells are connected in various series and parallel combinations to get the desired 
voltage level and current capacity. In some applications, the photovoltaic cell can 
be used for industrial control. These are also found in portable calculators. Two 
AA cells at 1.5 volts each produce 3 volts in series. To generate 3 volts with 0.5- 
volt solar cells, you would need to connect six in series (6 X 0.5 = 3 volts). 

A silicon diode can also be used as a light detector. Special diodes in 
clear housings are often used to detect light. These are called photodi- 
odes. Photodiodes are operated in the reverse-biased direction, as shown in 
Figure 12.10. With no light falling on the diode, it 1s cut off, so there is no 
voltage across R¡. When light strikes the diode, its reverse leakage current 
increases dramatically, causing a voltage drop to occur across R}. 

A phototransistor is a light-sensitive transistor. Its symbol is given in Figure 
12.9C. It only has two terminals, the emitter and the collector. The device has 
a base, but typically it has no lead. Instead, the device is built so that when 
the base is exposed to light, it will cause the emitter-base junction to conduct. 
When light strikes the base, it causes ionization, which simulates base-current 
flow. Therefore, the transistor conducts between emitter and collector. The pri- 
mary advantage of a phototransistor is its very high sensitivity over a photo- 
diode. It will conduct even with a small amount of light applied to the base. 
The transistor essentially provides amplification so that small light levels can 
control a large current. 
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FIGURE 12.11 Simple off/on photo control circuit. Light turns on automatically at dark and off 
when light is present. 


A typical closed-loop control circuit using a photoelectric cell is illustrated 
in Figure 12.11. This circuit will automatically turn a light on when it gets 
dark and turn the light off when it is light again. Note that a photoresistive cell 
is connected as part of a voltage divider with resistor R¡. The DC voltage from 
this voltage divider is applied to one input of an op amp comparator. The DC 
reference input to the comparator comes from a voltage divider made up of R, 
and R}. The potentiometer can be used to adjust the DC reference voltage or 
set point. The output of the comparator drives a switching transistor Qı, which 
will turn the relay K, off or on. This, in turn, operates the light. 

When the photoresistive cell is exposed to light, its resistance will be very 
low. Therefore, the voltage from the voltage divider will be low. It will be less 
than the DC set point voltage and the comparator will not be triggered. The 
output of the comparator will be a negative voltage, which will reverse bias the 
emitter-base junction of the transistor and keep it turned off. As soon as it gets 
dark outside, the resistance of the photocell will increase. This will cause the 
voltage-divider output to increase. At some point, the voltage will be higher 
than the set point voltage, causing the comparator to switch. This applies a 
positive voltage to the transistor base, turning it on, and then turning on the 
relay and the light. The light will remain on as long as the photoconductive 
cell is in the dark. But as soon as light shines on the photocell, the voltage- 
divider output voltage will drop, thereby triggering the comparator and turning 
off the transistor, the relay, and the light bulb. By adjusting the reference or set 
point voltage with potentiometer Ra, the triggering point can be varied, so that 
the light will be turned off or on at the desired level of ambient lighting. 


288 Electronics Explained: The New Systems Approach to Learning Electronics 


Light-emitting 
diode 


A 
PAS 


Motor 


Rotating 


Í shaft 
| 
| +V 
| 
| 
| 
| 
| 
l R3 
l R Average DC output 
| One-shot 1 proportional to 
| multivibrator shaft rate 
| 
| Low-pass 
| filter 
if 


FIGURE 12.12 Simple tachometer circuit using phototransistor to create pulses that are aver- 
aged into a DC voltage proportional to speed. 


This same basic concept can be used to produce a variety of industrial con- 
trol operations. For example, you could use the circuit as an entry or intru- 
sion detector. Shine a light on the photocell. If someone or something comes 
between the light and photocell, the circuit will trigger and the relay could then 
be used to operate a bell or buzzer or light. 

Another example of a photoelectric controller is a tachometer circuit used 
for measuring the speed of a rotating shaft. Figure 12.12 shows a small, plastic 
wheel connected to the shaft of a motor. There are alternate clear and opaque 
areas on the disk. The disk 1s positioned so that it is between the light-emitting 
diode (LED) and the phototransistor. As the disk rotates, the dark opaque 
areas will block the light, while the clear areas pass the light from the LED to 
the phototransistor. When a clear area on the disk passes, the LED light will 
shine through it, hitting the phototransistor, and turning it on. When a dark 
area passes, the light will be blocked and the phototransistor will turn off. The 
rapidly rotating disk will cause the transistors to turn off and on very rapidly. 
This rapid conduction and nonconduction of the phototransistor causes a series 
of pulses to occur at the output of Q,. These pulses are used to trigger the one- 
shot multivibrator. 

The one-shot multivibrator produces a series of fixed, amplitude-width 
pulses. These are applied to an RC low-pass filter made up of C} and R,. This 
filter will average the pulses into a DC voltage. This output voltage is propor- 
tional to the motor speed. If the speed of the motor should increase, the pulses 
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occur at a more rapid rate. This means that the pulses occur closer together, 
and thus the average voltage across C, goes up. A DC voltmeter connected to 
the output can be used to indicate the speed. At low speeds, the meter indica- 
tion will be low, while at high speeds it will be high. The meter dial itself can 
be calibrated in terms of revolutions per minute (rpm), thereby giving an accu- 
rate speed indication. 


Flow Sensors 


These devices have liquid or gas pass through them and measure the amount 
of flow in gallons per minute or other measure. They develop an output volt- 
age proportional to flow rate. 

There too many other sensors to catalog here but in most cases there is a 
sensor to convert any physical variable into a voltage to be measured. 


OUTPUT DEVICES 


An output device or an actuator 1s the thing that is most often controlled in 
a control system. The two most common types of actuators are relays and 
motors. There are many types of both. 


Relays 


A relay is an electromagnetically operated switch. A typical relay, and its sche- 
matic symbol, is illustrated in Figure 12.13. Its main components are a mag- 
netic coil and a set of switching contacts. With no current applied to the coil, 
the spring keeps the armature pulled down, so that the contact arm makes con- 
nection with the upper, normally closed (NC) contact. When current is applied 
to the coil, a magnetic field is produced. This magnetic field attracts the steel 
armature, opening the upper contact, and closing the lower, normally open 
(NO) contact. The contacts form a single-pole, double-throw (SPDT) switch. 
When power is disconnected from the coil, the magnetic field ceases, and the 
contacts return to their initial state because of the spring. 

Relay coils are designed to be operated from either AC or DC. The con- 
tacts are small circular disks of silver or tungsten. These materials are cho- 
sen because they will handle a large amount of current with minimum burning, 
arcing, and pitting. 

The various kinds of switching contacts used in relays are illustrated in 
Figure 12.14. Normally open (NO) contacts are referred to as form A. Applying 
power to the coil closes the contacts. Normally closed (NC) contacts are refer- 
red to as form B. When power is applied to the relay coil, the contacts open. 
Single-pole, double-throw switching contacts are referred to as form C. When 
power is applied to the relay coil, the contact arm moves from contact A to 
contact B. Form C contacts are usually of the break-before-make variety. That 
is, contact A opens before the arm touches or “makes” contact B. 
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FIGURE 12.13 Cross-sectional view of typical relay showing major components and schematic 
diagram. 


Sometimes you will hear the expression that a relay has been “picked” or 
“picked up.” This means that power has been applied to the relay coil, and its 
contacts have been moved according to their function, and switching of a cir- 
cuit has occurred. 

Most relays usually have more than one set of contacts, so that multiple 
switching operations can be performed simultaneously. The various contact 
arms are ganged together so that they operate together when power is applied 
to the coil. A common configuration is two form-A contacts ganged to form a 
double-pole, single-throw (DPST) relay. Putting two form-C contacts together 
on the same relay produces a double-pole, double-throw (DPDT) relay. 
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FIGURE 12.14 Common relay contacts. (A) Form A. (B) Form B. (C) Form C. 
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FIGURE 12.15 Reed relay. 


Another widely used type of relay is the reed relay, illustrated in 
Figure 12.15. The heart of the reed relay is a reed switch that consists of two 
thin, metallic, reed contacts sealed in a glass tube. The reed contacts are made 
of a magnetic material, so that they will be magnetized when a magnetic field 
is applied to them. A coil consisting of many turns of fine wire is wound on 
a form and placed over the reed switch. When power is applied to the coil, a 
magnetic field is produced. This magnetic field magnetizes the two reeds as 1f 
they were bar magnets. One end of each reed will have a north pole and a 
south pole. The reeds are positioned so that the north pole of one will attract 
the south pole of the other. Remember, magnetic theory says that unlike poles 
attract, while like poles repel. The result is that the contacts will move toward 
one another and touch, making a good electrical connection. When power is 
removed from the coil, the contacts become demagnetized and spring apart. 
The reed relay will also operate by moving a permanent magnet near it. When 
the magnet is near, the contacts will close. This is a common way to sense 
open windows or doors in a home security system. 
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The contacts on reed relays cannot handle as much power as the contacts 
on conventional relays because they are smaller. As a result, they are used only 
in lower current power applications. However, the contacts on a reed relay 
open and close faster than those of a larger standard relay. Reed relay con- 
tacts can open and close in a few hundred microseconds, while standard relays 
require many milliseconds to open or close because of the larger contacts and 
the related structures that must be moved. 

Relays are used in two basic ways in industrial control: 


1. To control a larger current with a smaller current. 
2. For remote control. 


Let's examine the use of a relay for controlling a larger current with a 
smaller current. A good example of this is the starting system in your car. A 
large, heavy-duty DC motor is used to spin the flywheel on the car’s engine to 
start it. This motor draws a current of hundreds of amperes. To turn the engine 
and start the car, the battery must be connected to the starter motor. This could 
be done directly by having the ignition switch connect the battery to the motor. 
However, this switch would have to have very large contacts to handle the high 
current. Such a switch would be large and expensive to build. The large heavy 
wires from the battery to the motor would have to be lengthened and brought 
up into the car. 

A better solution is to use a smaller ignition switch to control the current 
applied to a relay coil (see Figure 12.16). The relay coil draws considerably 
less current than the motor; therefore, the switch contacts need not be large 
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FIGURE 12.16 Controlling a large current with a smaller current with a relay. 
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or expensive. The switching contacts on the relay are much larger and will 
carry the high motor current. When the ignition switch is turned, its contacts 
close, applying current to the relay coil. The form-A contacts close, connect- 
ing the battery to the starting motor. When the car starts, the ignition switch is 
released, the relay drops out, and the starter motor shuts off. 

Another application of a relay is remote control. Again, the starting system 
of a car is a good example. The load to be controlled, in this case the starter 
motor, is located remotely from the ignition switch. If the ignition switch were 
used to apply current to the motor, long wires would be required to connect 
the battery, the motor, and the switch. Heavy wire conductors would have to 
be used to carry the high current. The longer the interconnecting wires, the 
higher the resistance of the circuit. While large conductors have minimum 
resistance, when high current flows through them, voltage drops still occur. 
The voltage dropped across the interconnecting lines subtract from the battery 
voltage available for the motor. The voltage drops might be excessive, unless 
very large, expensive, and inconvenient conductors are used. 

To eliminate this problem, a remote relay is used. The relay itself is located 
near the starter motor and the battery. In this way, the interconnecting leads 
can be kept short, thereby minimizing voltage drops. Since the relay operates 
from very low current, longer interconnecting wires can be used to attach it to 
the ignition switch without noticeable voltage drops. 

In some industrial control applications, the load to be operated is located 
at extreme distances from the switch used to control it. The current controlling 
the device does not have to be passed through very long conductors if a relay 
is used. Small conductors running to the switch remotely from the load control 
the relay while the relay turns the load off and on. 

Relay contacts stay closed (or open) as long as power is applied to the coil. 
This means that the switch operating the relay coil must be kept closed if the 
relay is to remain actuated. There are applications, however, where it is desir- 
able to use a momentary contact switch to operate the relay. An example is a 
pushbutton that, when depressed, causes contacts to be closed and power to be 
applied to the relay. When the button is released, a spring causes the contacts 
to open. With such an arrangement, the relay will close momentarily while the 
button is depressed, but will drop out when the button is released. The objec- 
tive is to cause the relay to latch into its actuated position when the coil is 
momentarily pulsed. Such a relay is called a latching relay. Some latching 
relays use a mechanical arrangement on the armature to cause the contacts to 
latch closed when the coil is momentarily pulsed. 

A relay can be made to latch electrically if it has an extra set of contacts. 
A typical latching circuit is shown in Figure 12.17. This relay has two sets of 
form-C contacts that operate simultaneously. The lower set of contacts is used 
to operate the load. The upper set of contacts is used to automatically latch the 
relay once it is pulsed. Switch S; is a normally open (NO) momentary contact 
pushbutton that is used to apply power to the relay coil. Depressing the button 
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FIGURE 12.17 Latching a relay with its own contacts. 


causes the relay coil to operate, closing the contacts. The lower set of contacts 
operates the load as desired. The upper set of contacts applies the power to the 
coil. Thus, when pushbutton S, is released, the circuit to the relay coil remains 
closed through the upper-latching contacts. To turn off the circuit, normally 
closed (NC) pushbutton S, must be depressed. This breaks the relay coil cir- 
cuit, removing power. The relay drops out, opening the load contacts and the 
latching contacts. 

While many relay coils are operated by mechanical switches, others are 
operated by a transistor. A typical transistor-controlled relay circuit is shown 
in Figure 12.18. The transistor is operated as a switch. When the base is 
grounded through contact B on S,, the transistor is cut off and acts as an open 
switch. Therefore, no current flows in the relay coil. When a voltage is applied 
to the base resistor, through contact A on S}, the transistor saturates, acting 
like a very-low-resistance or “on” switch. Current flows through the relay coil, 
operating the contacts. Removing the base current from the transistor turns the 
transistor off, terminating current in the relay. With this arrangement, an even 
smaller current can be used to control the already small relay current. A base 
current, of only microamperes, is sufficient to cause the transistor to operate. 

In the circuit of Figure 12.18, when base current is removed from the tran- 
sistor, the transistor will cut off. When current through the relay coil ceases, 
the magnetic field around it collapses. In doing so, the magnetic field induces a 
very high voltage in the relay coil. This very high voltage will be applied to the 
collector of the transistor. This voltage could be as high as several hundred, or 
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FIGURE 12.18 Operating a relay with a transistor is a common application. The diode protects 
the transistor when power is removed from the relay coil. 


even thousands, of volts, depending on the relay coil. Such a high voltage will 
damage the transistor. To protect the transistor against such occurrences, some 
kind of voltage-spike eliminator or surge suppressor must be used across the 
relay coil. A commonly used protection device is a silicon diode D,, as shown 
in Figure 12.18. When current is applied to the relay coil through the tran- 
sistor, the diode is reverse biased and has absolutely no effect on the circuit. 
When the transistor turns off, the high voltage will be inducted into the coil 
with the polarity reversed from the supply voltage V,,. This causes the diode 
to become forward biased and conduct. Thus, the diode effectively shorts out 
the high voltage spike, protecting the transistor. 


Solenoids 


A solenoid is a device that produces linear motion with an electromagnetic coil 
(see Figure 12.19). A magnetized steel rod called a plunger is inserted into 
a coil of wire. When a voltage is applied to the coil, a magnetic field is pro- 
duced. It interacts with the magnetic rod producing attraction and/or repulsion 
that causes the rod to move into or out of the coil. The rod is usually physi- 
cally constrained in one or both directions, and is often spring loaded so that it 
always returns to the same place when power is removed. 

Solenoids produce linear motion. They are usually connected to a lever or 
ratchet mechanism that produces other forms of motion including rotation. 
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FIGURE 12.19 A solenoid produces linear motion using magnetic principles. 


Solenoids are also used in valves to turn off the flow of a liquid or gas. By 
continuously controlling the current in the coil, the rod may also be precisely 
set to some position other than off or on. This effect is used in valves to con- 
tinuously control the opening. 


Motors 


A motor is a device that converts electrical energy to mechanical energy. The 
mechanical output is typically the rotation of a shaft. That rotation can then 
be used directly or converted into other mechanical forms with levers, gears, 
ratchets, or cams. There are dozens of different motor types but most are cat- 
egorized as either DC or AC. 


Motors: Billions and Billions Sold and Used 


Motors are one of those devices we take for granted. We use them every day but 
don’t realize it. Most motors are hidden but do an enormous amount of physical 
manipulation. In industry, motors drive machine tools, conveyer belts, pumps, and 
other mechanical systems. Elevators use big motors. 

At home motors are everywhere. Just think a minute and try to identify all 
the motors you have in your home and in your car. All of your appliances have 
motors, such as the washer, dryer, dishwasher, and HVAC units. There are motors 
in your mixers, blenders, and can openers. Shavers and hair dryers have motors. 
An analog clock is a motor. Then there are the motors in your electronics. In a PC 
or laptop, there are the fan motor and the ones in your hard disk and CD drives. 
Your printer, scanner, and copier and fax machine have motors. Your DVD player, 
CD player, and VCR all have multiple motors. 

Then in your car is the starter motor, as well as the motors for windows, seats, 
mirrors, and windshield wipers. 

Can you name some others? 
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FIGURE 12.20 Using an H-bridge circuit to reverse the current flow and direction of rotation in 
a DC motor. 


DC Motors 


A DC motor operates from a DC voltage source like a battery or power sup- 
ply. It is made up of a magnet and a rotating coil. When a current is applied to 
the coil, it forms an electromagnet. The magnetism of the coil interacts with 
the magnet field, producing rotary motion. The magnet is commonly a perma- 
nent magnet in smaller DC motors but an electromagnet in larger motors. In 
the larger motors, a special field coil is energized with DC voltage as well to 
create the magnetic field. 

The main specifications of a motor are its horsepower rating, speed, and 
torque. Speed and torque are controlled by the amount of current flowing in the 
coil and/or the strength of the magnetic field. Increasing the voltage applied to 
the motor usually causes speed and torque to increase. Some kind of electronic 
control circuit is usually involved to set the speed to the desired value. A vari- 
able resistor in series with the motor will control its speed, but usually more 
complex electronic circuits are involved. 

Incidentally, the direction of rotation is determined by the polarity of the 
DC voltage. Reversing the polarity reverses the magnetic field, thus changing 
the direction of rotation. Figure 12.20 shows a neat circuit used to change the 
direction of rotation of a DC motor. This is called an H-bridge and is made up 
of MOSFET switches. Q, and Q; are turned on by a positive input voltage IN. 
Q; inverts this voltage to zero, which keeps Q, and Q, off. Therefore, current 
(electrons) flows from ground through Q; through the motor (M) from left to 
right through Q>. Setting the input to zero turns off Q, and Q; and turns on Q; 
and Q,. Now current flows from ground through Q, and the motor from right 
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to left and then through Q,. This changes the direction of the motor with just a 
simple off/off input control voltage. 

Most DC motors rotate too fast for many applications. A typical speed 
range 1s 1000 to 10,000rpm. To achieve lower speeds, the motor is used in 
conjunction with a gear box or pulleys. 

A special type of DC motor is the stepper motor. This is a DC motor driven 
by two DC pulse signals. The pulses operate coils or windings that produce 
a rotating magnetic field. A permanent magnet rotor interacts with the rotat- 
ing magnetic field to produce motion. The interesting characteristic is that the 
rotation occurs in increments or steps instead of a continuous rotation as with 
a standard DC motor. Depending on the number of windings and coils and ele- 
ments on the rotor, the increments usually vary in increments of 22.5, 18, 15, 
7.5, or 3 degrees or smaller. The stepper motor therefore permits very precise 
positioning. Yet it can be rotated at several thousand rpm if needed. 


AC Motors 


AC motors usually operate from a 50- or 60-Hz power line. Again the rota- 
tion is produced by interacting magnetic fields. The speed of rotation is fixed 
by the number of coils and magnet poles inside the motor. That speed is also 
often higher than needed, so gears and/or pulleys are used to drop the speed to 
the desired value. 

To change the speed of an AC motor, you must vary the frequency of the 
AC voltage applied to it. This means that you cannot operate the motor directly 
from the AC power line if the speed must be changed. Instead, you must use a 
so-called AC drive. This is a box of electronics that generates a variable frequency 
AC voltage to apply to the motor. An AC drive takes the AC line input and uses 
semiconductor switches to produce an AC signal at a different frequency. 


Other Actuators 


Besides motors, solenoids, and relays, there are a variety of different controlled 
devices. Valves are common device. Valves are used to turn the flow of a liq- 
uid or gas on or off. Proportional valves very carefully regulate the amount of 
flow. 

Other devices are hydraulic or pneumatic devices. Hydraulic devices use 
oil in cylinders to provide mechanical force where needed or position some- 
thing mechanically. Pneumatic cylinders work with compressed air to apply 
force or control the position of a device. 


THYRISTORS 


Many industrial switching circuits are implemented with MOSFETs designed 
for high voltage and high power. You will sometimes hear these devices called 
insulated gate field-effect transistors (IGFETs). 
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Other power-switching devices are also widely used, especially thyristors. 
A thyristor 1s a semiconductor device used for switching purposes in industrial 
control. Like the relay, 1t is used to apply and control electrical power to 
motors, heating elements, lights, and other loads in industrial applications. In 
many applications, thyristors replace relays. A thyristor acts as a switch, but 
because of its solid-state nature, is far faster in switching than a relay. There 
are three basic types of thyristors: silicon-controlled rectifiers (SCRs), triacs, 
and diacs. 


Silicon-Controlled Rectifier 


The SCR is a three-terminal thyristor that acts like a silicon rectifier diode 
whose conductor is controlled by an input current. The schematic symbol for 
an SCR is shown in Figure 12.21. The symbol is similar to that of a diode with 
a cathode and an anode. Note that the third element of the SCR is known as the 
gate. The SCR will conduct current between cathode and anode, but only if the 
proper control current is applied to the gate. The gate must be made positive 
with respect to the cathode in order for the SCR to conduct. When conducting, 
the SCR acts like a closed switch. The voltage drop across the cathode and 
anode will be approximately 0.7 to 1.8 volts, depending on the size of the SCR 
and how much current is flowing through it. When the cathode and anode are 
reverse biased, current will not flow through the device. 

Thyristors, like relays, are generally used to control a larger current with a 
smaller current. Figure 12.22 shows how an SCR is used as a switch to apply 
DC power to a light bulb. The load could also be a motor or heating element. 
The DC voltage is connected so that the cathode and anode of the SCR are 
forward biased, but no current will flow through the device until a current is 
applied to the gate. This is done with the switch S,. With the switch open, no 
current flows in the gate. Closing the switch, however, applies a positive volt- 
age to the gate through resistor R,. This causes the SCR to turn on. When it 
conducts, it acts as a low-resistance “on” switch and the light bulb goes on. At 
this point, switch S} may be opened. It is not necessary to maintain current in 
the gate in order for the device to continue to conduct. The gate current only 
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FIGURE 12.21 Schematic symbol of an SCR. 
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FIGURE 12.22 Circuit that shows how an SCR is turned on and off. 


needs to be momentary, for it is only required to turn the device on. The device 
remains on like a latching relay that has been pulsed. 

The gate element is only used to turn the SCR on. Removing gate current 
will not turn the device off. To cause the SCR to stop conducting, the circuit 
must be broken. This can be done with a momentary-contact, normally closed 
pushbutton, in series with the circuit, like S, in Figure 12.22. Depressing this 
pushbutton will break the circuit, stopping the current in the SCR, and the light 
bulb will go off. To turn the bulb back on, S; must again be depressed to apply 
gate current momentarily. 

Another way to stop conduction is to momentarily short around the SCR, 
as shown in Figure 12.15. When switch S3 is closed momentarily, current will 
flow through it and the bulb, bypassing the SCR. The current in the SCR will 
drop to zero. When switch S} is opened, the circuit will be off. 

While SCRs are sometimes used to control DC power, in most applications 
they are used to control AC. Figure 12.23A shows the SCR used to apply AC 
to a light bulb. If switch S, is closed, gate current will be applied to the device. 
The device, however, will only conduct when the anode is made positive with 
respect to the cathode. This, of course, occurs when the applied AC voltage 
has the correct polarity. Since the SCR operates as a rectifier diode, current 
will only flow through the device on the positive half-cycles of the sine wave. 
The current through the light bulb will be a pulsating DC, as illustrated in 
Figure 12.23B. The brightness of the lamp will depend on the average amount 
of current flowing. 

The average amount of current through the light bulb, or other load, can 
be controlled by using the gate element. Various electronic circuits are used to 
adjust the time when the SCR turns on. By turning on the SCR at the appro- 
priate time in the positive half-cycle, the duration of the current flow can be 
controlled. The longer the current is allowed to flow, the higher the average 
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FIGURE 12.23 Using an SCR to control power to a load using AC. The SCR rectifies the AC. 


current in the load. By changing the control point, the brightness of the bulb 
can be varied. 


Diac 


A diac is a two-terminal semiconductor device that conducts in either direc- 
tion when a voltage of a specific level is exceeded. This voltage 1s called the 
triggering voltage. Typical diac triggering voltages are in the 20- to 45-volt 
range. The diac is used as a triggering device for SCR and triacs as it deter- 
mines when the device will conduct or cut off. 


Triac 


A triac is another three-terminal thyristor. Its operation is similar to that of an 
SCR, but the triac will conduct in either direction. The schematic symbol for 
the triac is shown in Figure 12.24. Current will flow from main terminal 1 (MT1) 
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FIGURE 12.24 Schematic symbol for triac. 


FIGURE 12.25 Equivalent circuit of triac shown with SCRs. 


to main terminal 2 (MT2), or from main terminal 2 (MT2) to main terminal 1 
(MT1), depending on the polarity of the voltage applied, and if the gate trig- 
gers the device on. 

An approximate, equivalent circuit of the triac is shown in Figure 12.25. 
Here, two SCRs are connected back to back with their gates connected 
together. Current can flow in either direction, depending on whether D; or D, 
conducts. Of course, SCR conduction depends on whether a gate-triggering 
current is applied. Triacs, like SCRs, are used primarily to switch AC volt- 
age to a load. If gate current is applied continuously, the triac will conduct in 
both forward and backward directions, causing both positive and negative half- 
cycles of the AC to be applied to a load. 

Figure 12.26 shows a circuit used for light-dimming purposes. The load is 
a light bulb. An RC phase shifter and diac-triggering device are used on the 
gate of the triac. Assume that the diac has a triggering voltage of 30 volts. If 
the voltage across the diac is less than 30 volts, it will not conduct. As soon as 
the 30-volt point is reached or exceeded, the diac rapidly conducts and fires the 
SCR. Keep in mind that the diac is a bidirectional device, and that current will 
flow through it in either direction if the bias voltage in either direction exceeds 
the triggering voltage level. 
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FIGURE 12.26 Lamp dimmer circuit using RC phase shifter and diac to control current in 
the load. 


The triac will conduct on both positive and negative half-cycles of the 
applied AC. The phase shifter made up of R, and C will set the triggering 
delay. It will determine at what point in the AC cycle the diac will fire and 
apply gate current to the triac. Figure 12.27 shows the waveforms at two dif- 
ferent phase-shift points in the circuit. Note that current flows through the load 
in both the positive and negative half-cycles, but the duration of current flow 
depends on the point where the gate triggers. In Figure 12.27, the average cur- 
rent through the load will be relatively high at a 60-degree phase shift, and the 
bulb will be bright. At 120 degrees, the triggering point is late in each half- 
cycle, allowing only a small amount of current to flow through the bulb. The 
bulb, therefore, will glow dimly. Adjusting R; will allow the brightness of the 
bulb to be varied from nearly full on to full off. This is the circuit normally 
used in household and industrial light dimmers. 

This same circuit can be used to control the speed of AC motors. In con- 
necting a hand drill as the load, for example, R; will vary the speed of 
rotation. 

Triacs are also widely used as solid-state relays. 


PROGRAMMABLE LOGIC CONTROLLERS 


A very popular type of controller used in industry and process control is a spe- 
cialized computer called a programmable logic controller (PLC), or program- 
mable controller. It uses sensors to monitor physical variables and generates 
output control signals to operate heating elements, motors, pumps, solenoids, 
and other devices. The PLC, however, contains a microprocessor that can be 
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FIGURE 12.27 AC waveforms in a lamp load controlled by a triac. (A) Waveforms with trigger- 
ing at 60 degrees. (B) Waveforms with triggering at 120 degrees. The longer pulses produce higher 
average current in the load. 


programmed in a special language that permits the PLC to be customized to 
the particular control function. In this way, a standard PLC can be programmed 
and configured for virtually any application. The PLC is by far one of the most 
popular and versatile control devices in use in industry. 

The main function of a PLC is factory automation. It is a versatile special- 
purpose computer that can be quickly and easily reconfigured to meet changes 
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FIGURE 12.28 General block diagram of PLC. 


and additions in factories, plants, and other operations that routinely need to con- 
trol and sequence various machines and processes. While an embedded controller 
or personal computer could be used in some operations, they are harder to pro- 
gram and apply and are less flexible when rapid changes are needed. Furthermore, 
these common microcomputers are not designed for the factory environment. But 
PLCs are rugged and hardened against the harsh environment of most factories 
and plants. They can withstand the temperature ranges, vibration, and dirty con- 
ditions usually existing in a manufacturing or process control setting. 


Organization 


A general block diagram of a PLC is shown in Figure 12.28. It is like most 
other microcomputer diagrams but there are some differences. A microproces- 
sor 1s at the heart of the design. This CPU is coupled to a ROM where a special 
control program is stored. This program implements the basic scan operational 
mode of the PLC. RAM is also available to store the application program. 
Flash memory may also be used in place of RAM. 

The key to the PLC’s versatility is its extensive I/O section. It has a variety 
of input and output modules. These are fixed in small, single-function PLCs, 
but in the larger more flexible units, the PLC is designed to accept a wide 
variety of separate I/O modules. These usually plug into a rack containing the 
main PLC unit and power supply. The different I/O modules let the user cus- 
tomize the PLC to the specific application. 

Some examples of I/O modules are digital inputs and outputs with common 
logic levels or conditioned levels, analog-input modules that accept analog 
signals from sensors, and analog output modules that generate analog out- 
puts for controlling actuators of almost any kind. A huge variety is available. 
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A communications interface 1s also available so that the PLC can talk to exter- 
nal devices like a PC or other PLCs that are connected to form a larger control 
system. RS-232 and RS-485 serial interfaces are common as is USB. The pro- 
gram describing the operations to be implemented is developed on an external 
PC, and then downloaded to the PLC RAM or flash memory via the USB or 
RS-232 interfaces. 


Operation 


The general operation of a PLC is shown in Figure 12.29. When the PLC is 
started, the internal operational program looks at the application program and 
interprets what is to be done. The sequence of operations is to first scan the 
inputs. The PLC looks at what the various sensors are doing. It gets a status 
update from the application itself. The program then interprets what to do next 
based on the application program. It processes the input to determine what 
the outputs should be. Then it updates the outputs to carry out the application. 
Then the cycle repeats itself at a high rate of speed. The inputs are scanned 
and outputs updated every 1 millisecond or so, slower or faster as the applica- 
tion requires. 

A simple example is using a switch to turn on a motor. The switch con- 
tacts are connected to an input module by wires. Output wires connect to a 
relay that in turn is used to operate the motor. As the PLC is scanning, it sees 
that the switch is off, so it does nothing. But as soon as the switch is turned 


Scan inputs, 
read sensor 
data 


Execute 
user program, 
perform logic 


Update outputs, 
send control 
signals to 
actuators 


FIGURE 12.29 PLC operational scan cycle. 
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on, the next scan detects this new condition. The program then tells the CPU 
that if the switch is on, turn on the relay. An output signal is sent to the output 
module, which then actuates an external relay. The relay contacts then turn the 
motor on. If the switch is then turned off, the next scan detects this condition 
and causes the output to turn off the relay and motor. 


Programming 


As for programming, PLCs can be programmed in various ways. Most PLC 
vendors have special languages to do the programming. In some cases, stan- 
dard BASIC or C languages may be used. One widely used approach is a 
graphical language called ladder logic. Ladder logic is the technology that the 
PLC replaced decades ago. Control systems were made with relays, and they 
were wired so the diagram looked like a ladder (see Figure 12.30). The two 
vertical lines represent a DC or AC voltage source. Circuits are then connected 
between these two “rails,” forming rungs on the ladder. The circuits are con- 
nections of switches, relays, and other components. The software allows the 
user to build the ladder logic program on the screen, while a translation pro- 
gram in the PC converts it into the binary code that the PLC can execute. 


Relay coil 


Bell or buzzer 


Light 


Voltage rails a 


(DC or AC) 


FIGURE 12.30 Sample ladder diagram and PLC application program. 
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This particular circuit in Figure 12.30 does the following: when the ON 
pushbutton is pressed, current is applied to relay coil 1CR through normally 
closed contacts of SW1. SW1 is a thermal switch whose contacts stay closed 
as long as the temperature is less than 300 degrees Fahrenheit (300°F). If the 
temperature rises above that level, the contacts open, thereby breaking the cir- 
cuits. Relay contacts 1CR around the ON pushbutton latch the circuit on when 
the ON pushbutton is released. 

In the next “rung” of the ladder contacts 1CR are on the relay. They close 
when the relay turns on. This applies voltage to a heating element. This current 
flows through the normally closed contacts of thermal switch SW2. A green 
light in parallel with the heating elements turns on to indicate the heater is on. 

When the heater temperature reaches 200°F, SW2 opens, turning off the 
heater and the green light. As the heater cools, SW2 will then close again, 
applying voltage to the heater. The heater will then cycle off and on keeping 
its temperature near the 200°F value. 

If the temperature should rise above 300°F due to a failure of SW2 °F then 
SW 1 opens. Relay 1CR is turned off, and its contacts open, releasing the latch 
on rung 1 and opening the circuit on rung 2. Thermal switch SW3 closes at 
300°F, turning on a red light and ringing an alarm bell. 

This example could be programmed with a graphical ladder logic program 
or with special commands and syntax of a traditional programming language. 

In addition to being able do simple off/off tasks common to industrial 
control, special hardware in the PLC can also implement counters and timers 
so that external events can be counted and the sequencing of events can be 
programmed. 


Project 12.1 
Build a Robot 


Robots are great examples of basic industrial control. While most industrial robots 
are usually manipulator arms, you can actually buy a mobile robot with wheels 
that can be programmed for motion and other functions. A wide range of kits are 
available. It is a great way to get familiar with sensors, a microcomputer control- 
ler, and various actuators. Typical inputs are switches, photo cells, temperature 
sensors, and common outputs are relays, lights, and motors. 


Some recommended kits are those made by Lego and Parallax. Suggested web- 
sites to learn more follow: 

Lego Mindstorms NXT: www.mindstorms.lego.com 

Parallax: www.parallax.com 

Two magazines regularly cover robots from a hobbyist/experimenter view- 
point. These are Nuts & Volts and Servo. You may be able to find these at a news- 
stand; otherwise, go to their websites: 

Nuts & Volts Magazine: www.nutsvolts.com 

Servo Magazine: www.servomagazine.com 


Appendix 


BOOK REFERENCES 


Here is a list of books for those who wish to dig deeper. You will find lots of 
basic electronics books out there, but these are my favorites as well as some of 
my own. 


Ashby D. Electrical engineering 101. Newnes/Elsevier; 2008. A good basic book that delves more 
into the circuits than this book. A good next step from here. 

Frenzel LE. Crash course in electronics technology. 2nd ed. Newnes/Elsevier; 1996. Out of print 
now but still available in the used market. A programmed introduction to electronics. 

Frenzel LE. Crash course in digital technology. 2nd ed. Newnes/Elsevier; 1998. Out of print now 
but still available in the used market. A programmed introduction to digital circuits. Getting a 
bit dated now but still valid. 

Frenzel LE. Crash course in PC and microcontroller technology. Newnes/Elsevier; 1999. Out of 
print now but still available in the used market. A programmed introduction to micros. Getting 
dated but the fundamentals are still good. 

Frenzel LE. Principles of electronic communications systems. 3rd ed. McGraw-Hill; 2008. 
Recently updated and it takes the systems approach to the subject. A college text but very 
readable. 

Horowitz P, Hill W. The art of electronics. 2nd ed. Cambridge University Press; 1989. A bit dated 
now but a good example of how to present electronics. A great reference. A lab manual is also 
available. I wish the authors would update this book, but knowing how much work is involved, 
I might be reluctant too. 

Kuphaldt, TR. Lessons in electric circuits. Self-published; 2000-2009. A complete electron- 
ics book online and free for download. It covers DC and AC circuits, semiconductors 
and basic circuits, and digital. A lab manual is available. Go to www.openbookproject. 
new/electricCircuits. 

Maxfield C. Bebop to the Boolean Boogie. 3rd ed. Newnes/Elsevier; 2009. First published in 1995, 
it was a hit. A great introduction to digital practice and circuits. It was recently updated. 

Michael NA. Introduction to telecommunication electronics. 2nd ed. Artech House; 1995. A great 
little book. Interesting format with each topic presented in two pages. Lots of basic electronic 
info as well as communications. 
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AC. See Alternating current 
Accumulator 
in ALU, 130 
register, 129-130 
Actuator, 289-298. See also Motor; 
Relay; Solenoid 
ADC. See Analog-to-digital converter 
Address buffer, 131, 132f 
Address bus, 135 
Address register, memory, 131, 132f 
Addressing, in RAM, 113f 
Aircraft, radio in, 176 
Alkaline battery, 30t 
Alternating current (AC), 26-29, 27f 
capacitors’ passing of, 49f 
frequency of, 28 
generators for, 33 
inverters for, 33 
motor, 298 
oscillator in, 26, 33 
polarity of, 26 
signal shapes of, 26, 27f 
in solar power system, 87f 
sources for, 33 
voltage measurement for, 28-29 
Alternator, 33 
ALU. See Arithmetic logic unit 
AM. See Amplitude modulation 
American Standard Code for 
Information Interchange 
(ASCID), 93-98 
character code of, 95t-96t 
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control codes of, 94—97 
Ampere, 18-19 
Amplifier, 7-8, 52, 62-63, 69—73 
audio frequency, 63 
BJT, 53f 
cascading, 71-72, 71f, 72f 
class A, 64, 64f 
class AB, 65 
class B, 65, 65f 
class C, 65, 66, 66f 
class D, 66-67, 67f 
class E, 68 
class F, 68 
classification of, 63—69, 64-68 
configuration of, 63-64 
DC, 63 
differential, 64, 64f, 68f 
efficiency of, 72 
follower, 68f 
frequency response of, 72—73, 73f 
gain of, 63, 72f 
impedance in, 70-72, 70f 
instrumentation, 69, 69f, 283-284 
intermediate frequency, 63 
inverting and noninverting, 68f 
as linear circuit, 63 
microwave, 63 
operational, 68-69, 68f 
output capability of, 73 
power, 63 
pre-, 230 
radio frequency, 63 
in radio receiver, 166 
signal size of, 63 
single-ended, 63, 64f 
switching, 66-67, 67f 
symbol for, 62f 
vacuum-tube, 244 
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312 


Amplitude modulation (AM), 159, 
160f. 
See also Quadrature amplitude 
modulation 
Amplitude shift key (ASK), 162, 1631 
Analog-to-digital converter (ADC) 
for data conversion, 34, 118 
for digital TV, 252f 
parallel output of, 120f 
serial output of, 120f 
Antenna, 151, 170-175 
dipole, 170, 172f 
electromagnetic fields from, 152f 
ground-plane, 170, 171f 
horn, 172-173 
loop, 171-172 
microwave, 172-175, 174f 
patch, 171-172, 174f 
transmission lines to, 172, 174f 
Yagi, 170-171, 173f 
Arithmetic circuit, 111 
Arithmetic logic unit (ALU), 10, 10f 
accumulator in, 130 
in computer, 10, 10f, 126 
data processing by, 130f 
as logic circuit, 111 
operation of, 129-131 
ASCII. See American Standard Code 
for Information Interchange 
ASK. See Amplitude shift key 
Aspect ratio, 248, 249f 
Assembly (programming language), 
142-143 
Astronomy, radio, 179-181 
Asynchronous transfer mode (ATM), 
216,217 
ATM. See Asynchronous transfer 
mode 
Atom, 16, 17f 
Audio 
amplifier, 63 
digital, 231-239 
dynamic range of, 233 
early recording media for, 232 
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electronics, 229 
Audio-video receiver (AV receiver), 
239-243 
diagram of, 241f 
radio in, 242 
Automatic gain control, 166 
AV receiver. See Audio-video receiver 


B 


Band-pass filter (BPF) 
bandwidth of, 75 
response curve of, 74f 
symbol for, 74f 
Band-reject filter (BRE), 74f 
Bandwidth 
of BPF, 75 
modulation and, 161f 
of radio, 160, 161f 
BASIC (programming language), 
143-144 
Battery, 29f 
cell voltages in, 30t 
charging of, 31 
as DC source, 29-31 
diagram of, 30f 
multimeter measurement of, 56f 
as power supply, 82 
primary cells in, 31 
secondary cells in, 31 
types of, 30t 
BCD. See Binary-coded decimal 
Binary data word, 92 
Binary digits, 90 
Binary numbers, 90-100 
decimal conversion from and to, 
90-92 
hardware representation of, 91 
maximum number of states in, 93t 
Binary phase shift keying (BPSK), 
163, 163f 
spectral efficiency of, 197t 
Binary-coded decimal (BCD), 93-98 


Index 


code of, 94t 
hexadecimal notation in, 97-98 
Bipolar junction transistor (BJT), 50, 
52f, 53f 
Bits. See also Microcontroller; 
Microprocessor 
binary numbers as, 90-100 
maximum decimal value 
calculation for, 92-93 
significant, most and least, 90 
BJT. See Bipolar junction transistor 
Bluetooth, 222-223 
Blu-ray, 273-276 
Boat, radio on, 177-178 
Boolean algebraic expressions, 100 
BPF. See Band-pass filter 
BPSK. See Binary phase shift keying 
Breadboard 
in home lab, 55 
LED wired on, 57-38 
socket, 56f 
BRE. See Band-reject filter 
Broadband technology 
network with, 226-228 
wireless, 227-228 
Bus, 98. See also Universal serial bus 
address, 135 
bidirectional, 135 
computer, 135-136 
control, 135 
data, 135, 136f 
multiplexer, 135 
network topology, 210f, 211 
parallel data transfer over, 98f 
power supply and, 86 
sources connected to, 136f 
Bus-oriented architecture, 86 
Byte, 92 


C 


C (programming language), 143 
Cable, 211-213 


313 


coax, 211—212, 211f, 266f 
fiber optic, 212-213, 213f, 214f, 
268 
twisted pair, 212, 212f 
Cable TV, 265-269 
diagram of, 267f, 270f 
Internet connectivity with, 226— 
227 
CAN. See Controller area network 
Capacitive resistance, 48 
Capacitors, 47-49 
AC vs. DC with, 49f 
charging of, 47f, 58 
construction of, 47f 
discharging from, 47f 
in LPF, 48f 
symbol for, 47f 
Carbon, as semiconductor, 20 
Cascading amplifier, 71-72, 71f, 72f 
Cathode ray tube (CRT), 98 
CB. See Citizens band 
CCD. See Charge-coupled device 
CD. See Compact disc 
CDMA. See Code division multiple 
access 
Cell. See also Battery; Solar cells 
fuel, 32 
load of, 284 
photo, 285-289, 285f 
symbols for, 285f 
Cell phone, 183 
3G, 200, 201f 
CDMA, 190, 199 
cellular concept of, 184-187, 185f, 
186f 
communication model of, 8, 9f 
components of, 187-191 
diagram of, 188f 
digital modulation in, 191-197 
duplex capability of, 188 
EDGE, 190 
femtocell as, 202-203, 203f 
GPRS, 190 
GPS in, 204 
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Cell phone (Continued) 
GSM, 189-190 
hand-off of, 186 
HSPA, 190 
location technology in, 204 
LTE, 191 
mobile television on, 203 
operation of, 187f 
as radio, 183-184 
range and reliability of, 184 
smartphone as, 201-202 
spread spectrum in, 164 
transmission frequency of, 28t 
TV on, 271-272 
types of, 189-191 
Central processing unit (CPU) 
components of, 126 
control unit of, 126, 131-132 
instruction-word formats in, 
132-133 
program execution in, 133-135 
registers in, 128, 129 
Charge, 16-18 
Charge-coupled device (CCD), 255 
Chip. See Integrated circuit 
Circuit, 61. See also Digital circuit; 
Linear circuit; Logic circuit 
arithmetic, 111 
filter as, 73—75 
mixer as, 76 
model of, 7-8, 8f, 19f 
photo control, 287, 287f 
theory of, 39-40 
three-state line-driver, 135 
Citizens band (CB), 176, 182 
Clock 
crystal, 76, 76f 
in microprocessor, 137 
Coax cable, 211-212, 211f, 266f 
Code. See also American Standard 
Code for Information 
Interchange; Binary-coded 
decimal; Decoder 
operation, 131, 132-133 
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for resistors, 46f 
Code division multiple access 
(CDMA) 
cell phone use of, 190, 199 
generation of, 200f 
Codec, 236 
Communication. See also Duplex 
communication 
cell phone model of, 8, 9f 
as industry sector, 4, 4f 
LOS, 158-159, 158f 
radio system for, 147-149, 148f 
with satellite, 178-179, 178f 
simplex, 149f, 150 
Compact disc (CD), 236-239 
dynamic range of, 233 
encoding on, 238f 
past recording media vs., 232 
player, diagram of, 240f 
Comparator, 111 
Compiler, 142 
Components 
capacitors as, 47-49 
of cell phone, 187-191 
of CPU, 126 
diodes as, 50 
in electronics hierarchy, 41f 
IC as, 53-55 
inductors as, 49 
as industry sector, 4f, 5 
of microprocessor, 126 
resistors as, 44—47 
switches as, 43-44, 53, 90 
transformers as, 49—50 
transistors as, 7, 50-53, 90 
types of, 43-55 
Compounds, atomic elements in, 16 
Compression 
of sound, 234-235 
of video, 255-258 
Computer, 123-136, 127f. See 
also Central processing unit; 
Memory; Microprocessor 
ALU in, 10, 10f, 126 
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applications of, 9 
bus, 135-136 
control with, 124-125 
diagram of, 42f 
embedded, 11 
external devices with, 125f 
FFs in, 124 
function of, 8—11 
gates in, 124 
as industry sector, 4, 4f 
input-output system of, 10-11, 10f, 
124, 126 
memory of, 126 
as microcontroller, 124 
monitoring by, 125f 
personal, 124 
repairing, 40 
RISC, 139 
sections of, 9, 10f 
as system, 41 
types of, 124 
Conductor, 20. See also 
Semiconductor 
Control. See also Industrial control; 
Microcontroller; Programmable 
logic controller; Relay 
of actuator, 289-298 
bus, 135 
closed-loop, 277-281, 279f, 280f 
computers for, 124-125 
gain, 166 
as industry sector, 4-5, 4f 
open-loop, 277-281, 278f 
of output device, 289-298 
photo, 287, 287f 
robots as device for, 11 
with thyristor, 298-303 
Controller, 280-281. See also 
Microcontroller; Programmable 
logic controller 
Controller area network (CAN), 141 
Copper, atomic composition of, 17f 
Core, 124 
Coulomb, 18-19 
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Counter, 109—110 
data conversion with, 109f 
FFs in, 109-110 
program, 131, 132f 
CPU. See Central processing unit 
Crossover, 231, 231f 
CRT. See Cathode ray tube 
Current flow, 7, 16-19. See also 
Alternating current; Direct 
current 
conventional, 19-20 
direction of, 19-20 
electrons in, 15 
in magnetic fields, 21-22, 22f 
measurement of, 18-19 
voltage in, 15 
Cut-off frequency, 48-49 


D 


DAC. See Digital-to-analog converter 
Data 
ALU’s processing of, 130f 
bus, 135, 136f 
on fiber optic cable, 214f 
Internet’s protocols for, 219f 
LED representation of, 92f 
parallel transmission of, 98—100, 
98f 
register?s manipulation of, 129f 
retrieval of, 124 
serial transmission of, 98—100 
storage of, 124 
word, binary, 92 
Data conversion, 118-122 
ADC for, 34, 118 
with counter, 109f 
DAC for, 34, 120, 121f 
resolution in, 120-122 
sampling in, 118, 119f, 120-122, 
121f 
Data processor. See Processor 
dB. See Decibels 
DC. See Direct current 
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Decibels (dB), 69—70 
Decimal number system. See 
also Binary-coded decimal; 
Hexadecimal notation 
binary conversion from and to, 
90-92 
bits’ maximum value calculation 
in, 92-93 
Decoder, 111, 112f 
Demodulator, 166 
Demultiplexer, 110 
Demux. See Demultiplexer 
Detector. See Demodulator 
Development environment, 142 
Diac, 301 
Differential amplifier, 64, 64f, 68f 
Digital audio, 231-239 
Digital circuit, 89. See also Binary 
numbers; Data conversion; 
Gate; Logic circuit; Memory; 
Programmable logic device 
logic elements in, 100-110 
Digital compression, 234-235 
Digital light processing (DLP) 
LCD and plasma screens vs., 265 
operation of, 99 
TVs made with, 97 
Digital modulation 
advanced, 191 
basic, 162-164, 163f 
in cell phone, 191-197 
MIMO in, 196-197, 196f 
OFDM in, 193-194, 194f, 195f, 
200 
QAM, 191-193, 192f, 193f 
spectral efficiency of, 197, 197t 
Digital radio, 182, 246 
Digital signal processing (DSP), 
144-145, 144f 
Digital subscriber line (DSL), 227 
Digital video disc (DVD), 274-276 
Blu-ray as next generation of, 
275-276 
player, 274-275, 275f 
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Digital video recorder (DVR), 
270f 
Digital-to-analog converter (DAC), 
34, 120, 121f 
Diode. See also Light emitting 
diode 
bias of, 51f 
as component, 50 
photo, 286f 
rectification by, 51f 
silicon, 286 
symbol for, 51f 
temperature sensing with, 283 
zener, 50 
Dipole antenna, 170, 172f 
Direct current (DC), 24-26, 25f, 
29-33 
amplifier, 63 
from batteries, 29-31 
capacitors’ blocking of, 49f 
conversion of, 85, 87f 
ground in, 24 
motor, 297—298 
negative, 26 
positive, 24 
power supplies for, 33 
pulsating, 26 
pulse filtering to, 78 
from solar cells, 31—32 
in solar power system, 87f 
Dish, parabolic, 174-175, 175f 
DLP. See Digital light processing 
Driver 
radio amplification with, 165 
three-state line, 135 
DSL. See Digital subscriber line 
DSP. See Digital signal processing 
Duplex communication, 149f, 150 
access methods and, 198—200 
of cell phone, 188 
FDD, 198 
TDD, 199 
Duplexing, 198, 199 
Duty cycle, 84-85, 85f 


Index 


DVD. See Digital video disc 
DVR. See Digital video recorder 
Dynamic range, audio’s, 233 


E 


Earphones. See Headphones, 
noise-cancelling 
EDGE, 190 
Editor, 141 
Effector, end, 11 
Efficiency, 72 
of amplifiers, 72 
spectral, 197, 197t 
8051 microcontroller (Intel), 137, 
138f 
Electricity 
dynamic, 18-19 
electronics vs., 6—7 
electrons in, 7, 15-20 
as energy source, 15 
production of, 15 
static, 16, 17-18 
Electromagnetic induction, 23-24, 
23f 
Electromagnetism, 21-23. See also 
Magnetic field; Magnetism 
from antenna, 152f 
frequency spectrum of, 28t, 
153-155, 154f 
in radio, 150-151 
spectrum space in, 155 
wavelength in, 156 
Electronics 
as applied science, 16 
audio, 229 
concepts in, 15 
in daily life, 1 
electricity vs., 6—7 
hierarchy of, 41f 
input-process-output model of, 
7-8, 8f 
learning about, 2-3 
Electronics industry 


communications as sector of, 4, 
Af 
components as sector of, 4f, 5 
computers as sector of, 4, 4f 
control as sector of, 4-5, 4f 
instrumentation as sector of, 4f, 5 
manufacturing in, 5—6, 6f 
raw materials in, 5, 6f 
workings of, 5-7, 6f 
Electrons 
in atoms, 16 
in current flow, 15 
in electricity, 7, 15-20 
Electrostatic discharge (ESD), 18 
Elements, atomic, 16 
End effector, 11 
ESD. See Electrostatic discharge 
Ethernet 
frame of, 215f 
hub, 215f 
networking with, 213 
operation of, 213-216 
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Fast Fourier transform (FFT), 
144-145 
FCC. See Federal Communications 
Commission 
FDD. See Frequency-division 
duplexing 
FDMA. See Frequency division 
multiple access 
Federal Communications 
Commission (FCC), 153 
Feedback, in closed-loop control, 
279f 
Femtocell, 202-203, 203f 
FF. See Flip-flop 
FFT. See Fast Fourier transform 
Fiber optic cable, 212-213, 213f 
data transmission over, 214f 
TV over, 268 
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Filter. See also Band-pass filter; 
Band-reject filter; High-pass 
filter; Low-pass filter 

as circuit, 73—75 
pulse to DC, 78 
SAW, 75 

Flag, 131-132 

Flag register, 131-132 

Flip-flop (FP), 106 

cascading, 107f 

in computer, 124 

in counters, 109-110 

in storage register, 107f 
symbols for, 106f 

FM. See Frequency modulation 

Fourier theory, 34. See also Fast 
Fourier transform 

harmonics and, 66 
Frequency. See also Amplifier 
of AC, 28 
of cell phone transmission, 28t 
cut-off, 48-49 
domain, 34, 35f 
of electromagnetic spectrum, 28t, 
153-155, 154f 
Fourier theory and, 34 
intermediate, 260 
of oscillators, 75—76 
of radar transmission, 28t 
of satellite transmission, 28t 
synthesizers, 80-82, 81f 
of TV transmission, 28t 

Frequency division multiple access 
(FDMA), 198 

Frequency modulation (FM), 
161-162, 
162f 

sidebands on, 161 

Frequency shift keying (FSK), 163, 

163f 
spectral efficiency of, 197t 

Frequency-division duplexing (FDD), 

198 
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FSK. See Frequency shift keying 
Fuel cell, 32 
Function generators, 33 


G 


Gain 
of amplifier, 63, 72f 
control, 166 
dB for measurement of, 69—70 
power, 69-70 
voltage, 69-70 
GAL. See Generic array logic 
Gate 
AND, 101-102, 102f, 103f 
OR, 102-104, 103f 
in computer, 124 
NAND, 104, 104f 
NOR, 104, 105f 
XNOR, 105f 
XOR, 104-105, 105f 
Gauge, strain, 283-284, 284f 
Gaussian minimum shift keying, 
189-190 
General Packet Radio System 
(GPRS), 190 
General-purpose register (GPR), 128 
Generator 
AC, 33 
function, 33 
Generic array logic (GAL), 116 
Germanium, 20 
Global positioning system (GPS), 
179 
in cell phones, 204 
Global System for Mobile 
Communications (GSM), 
189-190 
GPR. See General-purpose register 
GPRS. See General Packet Radio 
System 
GPS. See Global positioning system 


Index 


Ground, 49 
in DC, 24 
symbol for, 49f 
Ground-plane antenna, 170, 171f 
Groupe Spécial Mobile. See 
Global System for Mobile 
Communications 
GSM. See Global System for Mobile 
Communications 


H 


Ham radio, 176-177 
HAN. See Home area network 
Hard copy, 128 
Hardware 
binary numbers represented by, 91 
purchasing, 36 
of radio, 164-170 
Harmonics, 66 
HDMI. See High-definition media 
interface 
Headphones, noise-cancelling, 244-245 
Hearing 
aids, 245-246 
testing of, 246 
Hertz (Hz), 26 
Hexadecimal notation, 97-98 
High frequency radio, 157-158 
High-definition media interface 
(HDMI), 260 
High-definition TV (HDTV) 
packet in, 258f 
resolution of, 254 
High-pass filter (HPF), 74f 
High-speed packet access (HSPA), 
190 
Home area network, 209 
Home entertainment system 
satellite TV in, 272f 
as system, 41 
Horn antenna, 172-173 
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HPF. See High-pass filter 

HSPA. See High-speed packet access 
Hydraulic device, 298 

Hydrophone, 245 

Hz. See Hertz 


IC. See Integrated circuit 
Impedance, 71 
in amplifier, 70-72, 70f 
input, 70-71 
output, 71 
Induction 
electromagnetic, 23-24, 23f 
self-, 49 
Inductive reactance, 49 
Inductors, 49, 50f 
Industrial, scientific, and medical 
band (ISM band) 
applications of, 228 
project on, 182 
transceiver, 168-170 
Industrial control, 277 
actuator in, 289-298 
closed-loop, 277-281, 279f, 280f 
controllers in, 280-281 
diagram of, 278f 
motor in, 296—297 
open-loop, 277-281, 278f 
output device in, 289-298 
relay in, 292 
sensors in, 281—289 
solenoid in, 295-296, 296f 
with thyristor, 298-303 
Instruction register (IR), 131 
Instruction-word formats, 132—133, 
133f 
Instrumentation, as industry sector, 
4f,5 
Instrumentation amplifier, 69, 69f, 
283-284 
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Instruments, musical, 243-244 
Insulators, 20 
Integrated circuit (1C), 2, 53-55 
transistors in, 7 
Interface, 128 
high-definition media, 260 
to microcontroller, 140-141 
serial peripheral, 141 
International Telecommunications 
Union (ITU), 153 
Internet, 217-220 
on cable TV, 226-227 
diagram of, 218f 
protocols used on, 219f 
Internet protocol TV (IPTV), 
268-269 
Interrupt, 137 
Inversion, 100 
in amplifiers, 68f 
phase, 52 
Inverters 
in AC, 33 
logic of, 100-101 
as power supply, 86 
symbols for, 101f 
IPTV. See Internet protocol TV 
IR. See Instruction register 
ISM band. See Industrial, scientific, 
and medical band 
ITU. See International 
Telecommunications Union 


K 
Kit building, 88 


L 


Lab, set up of, 55 

LAN. See Local area network 

Language. See Programming 
language 
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LCD. See Liquid crystal display 
Lead acid battery, 30t 
LED. See Light emitting diode 
Light 
photo control circuit for, 287, 287f 
speed of, 151-152 
Light emitting diode (LED), 50 
binary data represented by, 92f 
on breadboard, 57-58 
MOSFET switching of, 60 
as screen technology, 264, 265 
Lightning, 17-18 
Linear circuit, 61-86 
amplifier as, 63 
filter as, 73—75 
mixer as, 76 
phase detector as, 77—78 
straight-line response of, 62f 
Line-of-sight communication (LOS 
communication), 158-159, 158f 
Liquid crystal display (LCD) 
DLP and plasma screens vs., 265 
operation of, 98-99 
TVs made with, 97 
Lithium ion battery, 30t 
Local area network (LAN), 208 
Logic. See also Gate; Programmable 
logic controller 
Boolean, 100 
digital, 100-110 
generic array, 116 
of inverter, 100-101 
ladder, 307, 307f 
in PAL, 116 
in PLA, 116 
in PLD, 116-118, 117f 
Logic circuit, 110-111 
ALU as, 111 
comparator as, 111 
decoder as, 111, 112f 
demultiplexer as, 110 
multiplexer as, 110, 111f 
Logic gate. See Gate 
Long-Term Evolution (LTE), 191 


Index 


Loop antenna, 171-172 
LOS communication. See 
Line-of-sight communication 
Low frequency radio, 156—157 
Low-pass filter (LPF) 
capacitors in, 48f 
function of, 74—75 
in PLL, 78 
response curve of, 74f 
symbol for, 74f 
LPF. See Low-pass filter 
LTE. See Long-Term Evolution 


M 


Magazines, 36-37 

Magnetic field, 20-21, 21f 
current flow in, 21-22, 22f 
voltage induction with, 23f 

Magnetic tape, 232 

Magnetism, 20-24 
attraction and repulsion in, 21 
flux lines in, 21f 
magnetic fields in, 20-21, 21f 
materials exhibiting, 20 

MAN. See Metropolitan area 

network 
Manipulator arm, robot’s, 11, 12f 


Manufacturing, electronics industry, 


5—6, 6f 
Marine radio, 177—178 
Memory. See also Random access 
memory; Read-only memory 
in computer, 126 


Memory address register, 131, 132f 


Mercuric oxide battery, 30t 


Mesh network topology, 210, 224f 


Metal oxide semiconductor-field- 


effect transistor (MOSFET), 52, 


52f 
in class C amplifier, 66 
LED switching by, 60 
switch, 54f 
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Metropolitan area network (MAN), 


208 


Microcomputer. See Computer 
Microcontroller, 11 


8-bit, 137-139 

16-bit, 137-139 

32-bit, 139 

64-bit, 139 

computer as, 124 

8051 (Intel), 137, 138f 

interfaces to, 140-141 

MPS430 (Texas Instruments), 139 
68HC11 (Freescale), 137 


Microphone, 230 
Microprocessing unit. See Central 


processing unit; 
Microprocessor 


Microprocessor, 124. See also 


Central processing unit 
8-bit, 137-139 
16-bit, 137-139 
32-bit, 139 
64-bit, 139 
clock in, 137 
components of, 126 
instruction-word formats in, 
132-133 
popular, 136-139 
RISC, 139 


Microwave 


amplifier, 63 

antenna, 172-175, 174f 
propagation of, 158-159 
radio, 158-159 


MIMO. See Multiple input multiple 


output 


Mixer, 76—77 


as circuit, 76 

linear, 76, 77f 
nonlinear, 76, 77f 
outputs, 76—77 

in radio receiver, 166 


Mobile telephone switching office, 


186-187 
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Modulation, 159-164. See also 
Amplitude modulation; 


Digital modulation; Frequency 


modulation; Quadrature 
amplitude modulation 
angle, 162 
ASK in, 162 
bandwidth and, 161f 
demodulator and, 166 
OOK in, 162 
phase, 162 
pulse width, 66-67, 84 
sidebands from, 159-160 
MOSFET. See Metal oxide 
semiconductor-field-effect 
transistor 
Motor 
AC, 298 
applications of, 296 
DC, 297-298 
industrial control with, 296-297 
speed regulation of, 281f 
stepper, 298 
MP3 player 
diagram of, 42f, 237f 
operation of, 236 
as system, 41 
MPS430 microcontroller (Texas 
Instruments), 139 
Multimeter, 35 
battery measurement with, 56f 
Multiple input multiple output 
(MIMO) 
in digital modulation, 196-197, 
196f 
spectral efficiency of, 197t 


Multiplexer. See also Demultiplexer 


bus, 135 
as logic circuit, 110, 111f 
Multiplexing, 198-200. See also 


Orthogonal frequency division 


multiplexing 
Musical instruments, 243-244 
Mux. See Multiplexer 


N 


Network, 207—208 
Bluetooth, 222—223 
with broadband technology, 
226-228 
CAN as, 141 
DSL for, 227 
with Ethernet, 213 
HAN as, 209 
interconnection methods for, 
210-211, 210f 
LAN as, 208 
MAN as, 208 
near-field, 225-226 
PAN as, 208-209 
relationships of, 209-210 
RFID as, 225-226, 225f 
SAN as, 209 
with Sonet, 216, 216t 
topologies of, 210, 210f, 211, 
224f 
types of, 208-210 
ultra wideband, 224 
WAN as, 208 
Wi-Fi, 220-222 
WiMAX, 224-225, 227 
wired, 211-216 
wireless, 220-226, 221f 
ZigBee, 223-224 
Nibble, 92 
Nickel metal hydride battery, 30t 
Nickel-cadmium battery, 30t 
Noise, in radio, 149 
Noise-cancelling headphones, 
244-245 


O 
Octet, 92 
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OFDM. See Orthogonal frequency 


division multiplexing 
Ohm’s law, 44 
On-off keying (OOK), 162, 163f 


Index 


OOK. See On-off keying 
Operating system (OS), 142 
Operation code, 131-133 
Orthogonal frequency division 
multiplexing (OFDM) 
digital modulation with, 193-194, 
194f, 1951, 200 
spectral efficiency of, 197t 
OS. See Operating system 
Oscillator, 75—76. See also Clock; 
Voltage-controlled oscillator 
in AC, 26, 33 
frequency of, 75—76 
types of, 76f 
OTN. See Optical transport 
network 
Optical transport network, 217 


P 


PAL. See Programmable array logic 
PAN. See Personal area network 
Parabolic dish, 174-175, 175f 
Patch antenna, 171—172, 174f 
PCB. See Printed circuit board 
Peripherals, 128. See also Serial 
peripheral interface 
Personal area network (PAN), 
208-209 
Phase detector, 77—78, 78f 
as circuit, 77—78 
Phase inversion, 52 
Phase modulation, 162 
Phase shift keying (PSK), 163, 163f 
Phase-locked loop (PLL), 78-80 
divide ratio of, 82t 
in frequency synthesizers, 80-82, 
Sif 
LPF in, 78 
VCO in, 78-80 
Phonograph record, 232, 233 
Photo cell, 285—289, 285f 
Photodiode, 286f 
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Photoelectric sensor, 285—289 
Phototransistor, 285f, 286, 288f 
Photovoltaic (PV), 31, 286 
PIC processor (Microchip 
Technology), 137-139 
Piezoelectric pressure transducer, 284 
Pixel, 253, 253f, 263f, 276 
PLA. See Programmable logic array 
Plasma screen 
DLP and LCD vs., 265 
operation of, 99 
TVs made with, 97 
PLC. See Programmable logic 
controller 
PLD. See Programmable logic device 
PLL. See Phase-locked loop 
Pneumatic device, 298 
Polarization, radio, 151 
Potential, 150-151 
Potentiometer, 285 
Power amplifier, 63 
Power gain, 69-70 
Power supply, 82-86 
battery as, 82 
bus-oriented architecture in, 86 
for DC, 33 
DC-DC converters in, 85 
inverters as, 86 
power management in, 86 
regulators in, 84—85 
solar, DC-to-AC, 87f 
standard, 82—84, 83f 
PowerPC (Freescale), 139 
Preamplifier, 230 
Printed circuit board (PCB) 
in kit, 88 
patch antenna on, 174f 
Processor, 124. See also Central 
processing unit; Microprocessor 
Program 
counter, 131, 132f 
CPU’s execution of, 133-135 
in RAM, 134f 
storage concept for, 135 
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Index 


Programmable array logic (PAL), 116 Radio, 151. See also Duplex 


Programmable logic array (PLA), 
116 
Programmable logic controller 
(PLC), 303-308 
diagram of, 305f 
operation of, 306-307 
organization of, 305-306 
programming of, 307-308 
scan cycle of, 306f 
Programmable logic device (PLD), 
116-118, 117f 
Programming language, 141, 
142-144 
assembly, 142-143 
BASIC, 143-144 
C, 143 
with PLC, 307-308 
PSK. See Phase shift keying 
Pulse filter into DC, 78 
Pulse width modulation (PWM), 
66-67 
duty cycle and, 84 
PV. See Photovoltaic 
PWM. See Pulse width modulation 


Q 


QAM. See Quadrature amplitude 
modulation 
Quadrature amplitude modulation 
(QAM) 
digital modulation with, 191-193, 
192f, 193f 
spectral efficiency of, 197t 
Quadrature phase shift keying. 
See Quadrature amplitude 
modulation 


R 


Radar 
project, 182 
transmission frequency of, 28t 


communication; Modulation; 
Sidebands 

in aircraft, 176 

AM, 159, 160f 

AV receiver with, 242 

bandwidth of, 160, 161f 

CB, 176, 182 

cell phone as, 183-184 

communication system, 147-149, 
148f 

digital, 182, 246 

driver for, 165 

electromagnetic field as, 150-151 

family, 177 

frequency amplifier, 63 

frequency types, 28t, 156-159 

GPRS, 190 

ham, 176-177 

hardware of, 164-170 

LOS communication with, 
158-159, 158f 

marine, 177-178 

microwave, 158-159 

mobile, 178 

modes of, 149-150 

multipath transmission of, 184 

noise in, 149 

polarization of, 151 

propagation of, 156-158 

range and reliability of, 184 

receiver, 165-166, 167f 

shortwave, 157f 

signal speed and strength of, 
151-153 

simplex, 149f, 150 

spread spectrum in, 164 

transceiver, 168 

transmission lines in, 172, 174f 

transmitter, 164-165, 165f 

two-way, 175-178 


Radio astronomy, 179-181 
Radio frequency identification 


(RFID), 225-226, 225f 
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Radio telescope, 179-181 
RAM. See Random access memory 
Random access memory (RAM), 
112-114 
addressing in, 113f 
dynamic, 113, 114f 
program stored in, 134f 
static, 113, 114f 
Reactance, inductive, 49 
Read-only memory (ROM), 114-115 
Receiver. See also Audio-video 
receiver 
radio, 165-166, 167f 
satellite TV, 273f 
superheterodyne, 167f 
TV, 260 
Recommended Standard 232 (RS- 
232), 140, 140f 
Recommended Standard 485 (RS- 
485), 141 
Record, phonograph, 232, 233 
Reduced instruction set computer 
(RISC), 139 
Reed relay, 291, 291f 
Register 
accumulator, 129-130 
in CPU, 128, 129 
data manipulation in, 129f 
flag, 131-132 
general-purpose, 128 
instruction, 131 
memory address, 131, 132f 
operation of, 129-131 
shift, 108-109, 108f 
stack pointer, 131-132 
storage, 107, 107f 
Regulator 
linear, 84 
in power supplies, 84-85 
switching, 84 
Relay, 289-295 
common contacts of, 291f 
current control with, 292 
diagram of, 290f 
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industrial control with, 292 
latching of, 293-294, 294f 
reed, 291, 291f 
remote control with, 293 
as switch, 289 
transistor with, 295f 
Resistance, capacitive, 48 
Resistive sensor, 282f 
Resistive temperature device (RTD), 
282, 
282f 
Resistors, 44-47 
color codes for, 46f 
symbol for, 45f 
types of, 45f 
in voltage divider, 46f 
Resolution 
in data conversion, 120—122 
of HDTV, 254 
of video, 254 
RFID. See Radio frequency 
identification 
Ring network topology, 210f, 211 
RISC. See Reduced instruction set 
computer 
Robots, 11-13 
building of, 308b 
as control device, 11 
end effectors of, 11 
manipulator arm of, 11, 12f 
ROM. See Read-only memory 
Routers, 220 
RS-232. See Recommended Standard 
232 
RS-485. See Recommended Standard 
485 
RTD. See Resistive temperature device 


S 


Sampling 
in data conversion, 118, 119f, 
120-122, 121f 
sound, 236f 
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SAN. See Storage area network 
Satellite 
communication, 178-179, 178f 
geosynchronous orbit of, 178-179 
transmission frequency of, 28t 
transponder of, 180f 
Satellite TV, 269—271 
distribution system for, 271f 
in home entertainment system, 
272f 
receiver diagram with, 273f 
SAW. See Surface acoustic wave 
Scanning, 248, 249f 
interlaced, 251f 
progressive, 253-254 
SCR. See Silicon-controlled rectifier 
Self-induction, 49 
Semiconductor, 20. See also Metal 
oxide semiconductor-field-effect 
transistor; Thyristor 
carbon as, 20 
germanium as, 20 
silicon as, 20 
Sensor 
of flow, 289 
in industrial control, 281-289 
photoelectric, 283-289 
potentiometer as, 285 
pressure, 283-284 
resistive, 282f 
switch as, 284-285 
of temperature, 282-283 
Serial peripheral interface (SPD), 141 
Shift key, 162, 163f. See also 
Quadrature amplitude 
modulation 
with ASK, 162, 163f 
with BPSK, 163, 163f, 197t 
with FSK, 163, 1631, 197t 
with Gaussian minimum, 189-190 
with OOK, 162, 163f 
with PSK, 163, 163f 
Shift register, 108-109, 108f 
Sidebands 


Index 


on FM, 161 
from modulation, 159-160 
vestigial, 259 
Signal, 7. See also Digital signal 
processing 
in AC, 26, 27f 
from amplifier, 63 
analog, 33-34, 61-62 
binary, 26, 89, 89f 
digital, 26, 33-34 
distortion of, 62 
radio, 151-153 
Silicon 
diode made of, 286 
as semiconductor, 20 
Silicon-controlled rectifier (SCR), 
299-301, 299f, 300f, 301f 
Silver oxide battery, 30t 
Simplex communication, 149f, 150 
68HC11 microcontroller (Freescale), 
157 
Smartphone, 201-202 
SoC. See System on a chip 
Software, 141-144 
Solar cells 
as DC source, 31-32 
in panel, 32f 
symbol for, 285f 
Solar power system, DC-to-AC, 87f 
Solenoid, 295-296, 296f 
Sonar, 245 
Sonet. See Synchronous optical 
network 
Sound, 229-231 
compression of, 234-235 
digitization of, 233-234, 234f 
frequency of, 28t 
sampling of, 236f 
in special applications, 243-246 
surround, 242-243, 243f 
Speakers, 230-231 
diagram of, 230f 
surround sound with, 242-243, 
243f 
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as transducer, 230 
types of, 231 
Spectral efficiency, 197, 197t 
Spectrum 
electromagnetic frequency, 28t, 
153-155, 154f 
space, 155 
spread, 164 
SPI. See Serial peripheral interface 
Spread spectrum, 164 
Stack, 132 
Stack pointer register, 131-132 
Star network topology, 210f, 211 
Static electricity, 16, 17-18 
Stepper motor, 298 
Storage area network (SAN), 209 
Storage register, 107 
FFs in, 107f 
Stored program concept, 135 
Strain gauge, 283-284, 284f 
Subroutines, 142 
Surface acoustic wave (SAW), 75 
Surround sound, 242-243, 243f 
Switch, 43-44 
as component, 43-44, 53, 90 
limit, 284-285 
MOSFET, 54f 
relay as, 289 
schematic of, 44f 
as sensor, 284-285 
Switching 
amplifier, 66-67, 67f 
of LED, 60 
mobile telephone, 186-187 
regulator, 84 
transistor, 53 
Synchronous digital hierarchy. 
See Synchronous optical 
network 
Synchronous optical network (Sonet), 
216, 216t 
Synthesizer, frequency, 80-82, 81f 
System on a chip (SoC), 61 
Systems approach, 1, 39-42 
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T 


Tachometer, phototransistor in, 288f 
TDD. See Time-division duplexing 
TDMA. See Time division multiple 
access 
Telephone, mobile switching of, 
186-187 
Telephone data system, 217 
ATM in, 217 
Television (TV). See also Cable TV; 
High-definition TV; Internet 
protocol TV; Satellite TV 
ADC for, 252f 
analog, 250-252 
aspect ratio of, 248, 249f 
on cell phone, 271-272 
diagram of, set, 105f 
digital, 252-254 
with DLP, 97 
frequency of, 28t 
inputs and outputs of, set, 105f 
international systems for, 251 
with LCD, 97 
mobile, 203 
over fiber optic cable, 268 
with plasma screen, 97 
receiver, 260 
screen technology of, 100-102, 
106f 
transmission of, 258-259, 258f 
Temperature sensor, 282-283 
Thermistor, 282-283 
Thermocouple, 283 
Thyristor 
control with, 298-303 
diac, 301 
SCR, 299-301, 299f, 300f, 301f 
triac, 301-303, 304f 
Time division multiple access 
(TDMA), 198-199, 199f 
Time-division duplexing (TDD), 
199 
Timer, 137 
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Transceiver 
ISM band, 168—170 
radio, 168 
single-chip, 169f 
Transducer 
piezoelectric pressure, 284 
speaker as, 230 
Transformer, 49-50, 50f 
Transistor, 50-53. See also Metal 
oxide semiconductor-field-effect 
transistor 
bipolar junction, 50, 52f, 53f 
as component, 7, 50-53, 90 
IC in, 7 
photo-, 285f, 286, 288f 
relay with, 295f 
switching, 53 
symbols for, 52f 
temperature sensing with, 283 
types of, 50 
Transmitter 
radio, 164-165, 165f 
TV, 258-259, 258f 
UART as, 140, 140f 
Transponder, satellite, 180f 
Triac, 301-303, 304f 
Truth table, 101 
for AND gate, 102f 
for OR gate, 103f 
inverter for, 101f 
for NAND gate, 104f 
for NOR gate, 105f 
for XNOR gate, 105f 
for XOR gate, 105f 
TV. See Television 
Twisted pair cable, 212, 212f 


U 


UART. See Universal asynchronous 
receiver-transmitter 

Ultra high frequency radio, 158-159 

Ultra wideband network, 224 


Index 


Universal asynchronous 
receiver-transmitter (UART), 
140, 140f 

Universal serial bus (USB), 141 

USB. See Universal serial bus 


V 


Vacuum tubes, 244 
Valve, 298 
Varactor, 50 
VCO. See Voltage-controlled 
oscillator 
Very high frequency radio, 
158-159 
Video, 247-264 
aspect ratio of, 248, 249f 
CCD for, 255 
color, 254-255, 256f, 257f 
compression of, 255-258 
monochrome, 254-255 
persistence of vision in, 250 
resolution of, 254 
scanning in, 248, 249f, 251f, 
253-254 
Vision, persistence of, 230 
Voice 
coil, 230-231 
sampling of, 236f 
Voltage, 7, 16-18 
of AC, 28-29 
of battery cell, 30t 
in current flow, 15 
divider, 46f 
as electrical potential difference, 
17 
gain, 69—70 
induction of, 23f 
measurement of, 37-38 
sources of, 24-29 
Voltage-controlled oscillator (VCO), 
75, 76f 
in PLL, 78-80 
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W 


WAN. See Wide area networks 
Wave. See also Microwave 
short-, 157f 
surface acoustic, 75 
Waveguide, 172-175 
Wavelength, in electromagnetism, 
156 
Wide area networks (WAN), 208 
Wi-Fi, 220-222 
WiMAX, 224-225, 227 
Wireless, 147. See also Radio 
broadband, 227—228 
networks, 220-226, 221f 
trend in, 181 


Word 
binary data, 92 
instruction, 132-133, 133f 


Y 
Yagi antenna, 170-171, 173f 


Z 
ZigBee, 223-224 
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Introduction 


This is a book about “hacking” electronics. It is not a formal, theory-based book about electronics. 
Its sole aim is to equip the reader with the skills he or she needs to use electronics to make 
something, whether it’s starting from scratch, connecting together modules, or adapting existing 
electronic devices for some new use. 

You will learn how to experiment and get your ideas into some kind of order, so that what 
you make will work. Along the way, you’ll gain an appreciation for why things work and the 
limits of what they can do, and learn how to make prototypes on solderless breadboard, how to 
solder components directly to each other, and how to use stripboard. 

You will also learn how to use the popular Arduino microcontroller board, which has become 
one of the most important tools available to the electronics hacker. There are over 20 examples of 
how to use an Arduino with electronics in this book. 

Electronics has changed. This is a modern book that avoids theory you will likely never use 
and instead concentrates on how you can build things using readymade modules when they are 
available. There is, after all, no point in reinventing the wheel. 

Some of the things explained and described in the book include 


O Using LEDs, including high-power Lumileds 
O Using LiPo battery packs and buck-boost power supply modules 


O Using sensors to measure light, temperature, vibration, acceleration, sound level, 
and color 


O Interfacing with Arduino microcontroller boards, including using Arduino shields such as 
the Ethernet and LCD display shields 


O Using servo and stepper motors 


XXI 
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Some of the things described in the book that you can make along the way include 


A noxious gas detector 

An Internet-controlled hacked electric toy 

A device for measuring color 

An ultrasonic rangefinder 

A remote control robotic rover 

An accelerometer-based version of the “egg and spoon” race 
A one-watt audio amplifier 

A bug made from a hacked MP3 FM transmitter 

Working brakes and head lights that can be added to a slot car 


You Will Need 


This is a very practical, hands-on type of book. You will therefore need some tools and components 
to get the most out of it. 

As far as tools go, you will need little more than a multimeter and soldering equipment. 

When it comes to areas of electronics where a microcontroller would be useful, an Arduino 
Uno board is best. So you may wish to buy one of these microcontroller boards before attempting 
some of the projects. 

Every component used in this book is listed in the Appendix, along with sources where it can 
be obtained. The majority of the components can be found in a starter kit from SparkFun, but 
most electronic starter kits will provide a lot of what you will need. 

In many of the “how-tos,” there will be a You Will Need section. This will refer to a code in 
the Appendix that explains where to get the component. 
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How to Use This Book 
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The book is organized into chapters, each of which has a theme. Within each chapter, most of the 


numbered sections contain a “how-to” on some topic of electronics. 
The book contains the following chapters: 


Chapter 
Chapter 1 


Chapter 2 


Chapter 3 


Chapter 4 


Chapter 5 


Chapter 6 


Title 
Getting Started 


Theory and 
Practice 


Basic Hacks 


LEDs 


Batteries and 
Power 


Hacking 
Arduino 


Description 


The book starts off by telling you where you can buy equipment and 
components, as well as things to hack. This chapter also deals with the 
basics of soldering and focuses on a project to hack an old computer fan 
to make a fume extractor for use while soldering. 


This chapter introduces electronic components—or at least the ones you 
are likely to use—and explains how to identify them and describes what 
they do. It also introduces a small amount of essential theory, which you 
will use over and over again. 


This chapter contains a set of fairly basic “hacking” how-tos, introducing 
concepts like using transistors with example projects. It includes hacking 
a “push light” to make it automatically turn on when it gets dark and how 
to control a motor using power MOSFETs. 


In addition to discussing regular LEDs and how to use them and make 
them flash and so on, this chapter also looks at using constant current 
drivers for LEDs and how to power large numbers of LEDs and laser 
diode modules. 


This chapter discusses the various types of battery, both single use and 
rechargeable. It also covers how to charge batteries including LiPos. 
Automatic battery backup, voltage regulation, and solar charging are 
also explained. 


The Arduino has become the microcontroller board of choice for 
electronics hackers. Its open-source hardware design makes using a 
complex device like a microcontroller very straightforward. The chapter 
gets you started with the Arduino and includes a few simple how-tos, 
like controlling a relay, playing sounds, and controlling servo motors 
from an Arduino. It also covers the use of Arduino expansion shields. 


XXIII 
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Chapter 
Chapter 7 


Chapter 8 


Chapter 9 


Chapter 10 


Chapter 11 


Title 


Hacking with 
Modules 


Hacking with 
Sensors 


Audio Hacks 


Mending and 
Breaking 
Electronics 


Tools 
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Description 


When you want to make something, you can often use readymade 
modules at least for part of the project. Modules exist for all sorts of 
things, from wireless remotes to motor drivers. 


Sensor ICs and modules are available for sensing everything from gas 
to acceleration. In this chapter, we explore a good range of them and 
explain how to use them and connect some of them to an Arduino. 


This chapter has a number of useful how-tos relating to electronics and 
sound. It includes making and adapting audio leads, as well as audio 
amplifiers, and discusses the use of microphones. 


Mending electronics and scavenging useful parts from dead electronics 
are a worthy activity for the electronics hacker. This chapter explains 
how to take things apart and sometimes put them back together again. 


The final chapter of the book is intended as a reference to explain more 
about how to get the most out of tools such as multimeters and lab 
power supplies. 
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Getting Started 


E this first chapter, we will investigate some of the tools and techniques needed to hack 
electronics. We will start with a little soldering, and wire up an old computer fan to help keep 
the solder fumes out of our lungs. 

As it says in the title, this book is all about “hacking electronics.” The word “hacking” has 
come to mean many things. But in this book, “hacking” means “just do 1t!” You don’t need a 
degree in electronic engineering to create or modify something electronic. The best way to learn 
is by having a go at it. You will learn as much from your mistakes as from your successes. 

As you start to make things and experiment, you will likely want to understand more of the 
theory behind it all. Traditional electronics textbooks are pretty terrifying unless you have a good 
grasp of complex mathematics. This book strives to, above all else, enable you to do things first 
and worry about the theory later. 

To get started, you will need some tools, and also find out where to get components and parts 
to use in your projects. 


Getting Stuff 
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In addition to buying components and tools, there are lots of low-cost and interesting electronic 
consumer items that can be hacked and used for new purposes, or that can act as donors of 
interesting components. 


Buying Components 


Most component purchases happen on the Internet, although there are local electronic stores like 
RadioShack (in the U.S.) and Maplin (in the UK) where you can buy components. At traditional 
brick-and-mortar stores like those, the product range is often limited and the prices can be on 
the high side. They do, after all, have a shop to pay for. These stores are invaluable, however, on 
the odd occasion where you need something in a hurry. Perhaps you need an LED because you 
accidentally destroyed one, or maybe you want to look at the enclosures they sell for projects. 
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Sometimes it’s just nice to hold a box or look at tools for real, 
rather than trying to size them up from pictures on a web site. 

As you get into electronics, you will likely gradually 
accumulate a set of components and tools that you can draw 
from when you start a new project. Components are relatively 
cheap, so when I need one of something, I generally order two 
or three or even five if they are cheap, enough that I have extras 
on hand that can be used another time. This way, you will often 
find that when you start to work on something, you actually 
have pretty much everything you need already. 

Component buying really depends on where you are in the 
world. In the U.S., Mouser and DigiKey are the largest suppliers 
of electronic components to the hobby electronics market. In 
fact, both of these suppliers sell worldwide. Farnell also supplies 
pretty much anything you could want, anywhere in the world. 

When it comes to buying ready-made electronics modules for 
your projects, the SparkFun, Seeed Studio, Adafruit, and [Tead 
Studio web sites can help. All have a wide range of modules, 
and much enjoyment can be had simply from browsing their 
online catalogs. 

Nearly all the components used in this book have part codes 
for one or more of the suppliers I just mentioned. The only 
exceptions are for a few unusual modules that are better to buy 
from eBay. 

There is also no end to the electronic components available 
on online auction sites, many coming direct from countries in the 
far east and often at extremely low prices. This is frequently the 
place to go for unusual components and things like laser modules 
and high-power LEDs that can be expensive in regular component 
suppliers. They are also very good for buying components in 
bulk. Sometimes these components are not grade A, however, so 
read the descriptions carefully and don’t be disappointed if some 
of the items in the batch are dead-on-arrival. 


Where to Buy Things to Hack 


The first thing to consider, now that you are into hacking 
electronics, is an effect that your household and friends will 
have on you. You will become the recipient of dead electronics. 
But keep an eye open in your new role as refuse collector. 
Sometimes these “dead” items may actually be candidates for 
straightforward resurrection. 

Another major source of useful bits is the dollar/pound/euro 
(delete as appropriate) store. Find the aisle with the electronic 
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stuff: flashlights, fans, solar toys, illuminated cooling laptop 
bases, and so on. It's amazing what can be bought for a single 
unit of currency. Often you will find motors and arrays of LEDs 
for a lower price than you would the raw components from a 
conventional supplier. 

Supermarkets are another source of cheap electronics that can 
be hacked. Good examples of useful gadgets are cheap powered 
computer speakers, mice, power supplies, radio receivers, LED 
flashlights, and computer keyboards. 


A Basic Toolkit 


Don’t think you are going to get through this chapter without 
doing some soldering. Given this, you will need some basic 
tools. These do not have to be expensive. In fact, when you are 
starting out on something new, 1t's a good idea to learn to use 
things that are inexpensive, so it doesn’t matter if you spoil 
them. After all, you wouldn’t learn the violin on a Stradivarius. 
Plus, what will you have to look forward to if you buy all your 
high-end tools now! 

Many starter toolkits are available. For our purposes, you 
will need a basic soldering iron, solder, a soldering iron stand, 
some pliers, snips, and a screwdriver or two. SparkFun sells 

A i just such a kit (SKU TOL-09465), SO buy that one or look for 
Figure 1-1 A digital multimeter : es 
something similar. 

You will also need a multimeter (Figure 1-1). I 
would suggest a low-cost digital multimeter (don’t 
even think of going above USD 20). Even if you end 

| up buying a better one, you will still end up using 
' the other one since it’s often useful to measure more 
ieee | than one thing at a time. The key things you need are 
[ff Auto Display Backlign, | DC Volts, DC current, resistance, and a continuity 
rome we w | test. Everything else is fluff that you will only need 
sto ee ve | once in a blue moon. Again, look for something 
4 ( | similar to this model from SparkFun (SKU TOL- 
09141) or the slightly higher specification meter 
shown in Figure 1-1. 

Solderless breadboards (Figure 1-2) are very 
useful for quickly trying out designs before you 
commit them to solder. You poke the leads of 
components into the sockets, and metal clips behind 
the holes connect all the holes on a row together. 
They are not expensive (see T5 in the Appendix). 
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You will also need some solid core wire in different colors 
(T6) to make bridging connections on the breadboard. Another 
good idea is to buy special-purpose jumper wires with little 
plugs on the end—although these are useful, they are by no 
means essential. 

Breadboard comes in all shapes and sizes, but a big one 
is probably most useful. Where I use solderless breadboard in 
the book, I use the one specified in T5 in the Appendix. This 
has 63 rows by 2 columns with two supply strips down each 
side (Figure 1-2a). It is also mounted on an aluminum base 
with rubber feet to stop it moving about on the table. This is a 
very common size of breadboard and most suppliers will have 
something similar. 

Figure 1-2b shows how the conductive strips are arranged 
underneath the plastic top surface of the board. All the holes 
that share a common gray area beneath are connected together 
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in rows of five connectors. The long strips down each side are 
used for the power supply to the components. One positive and 
one negative. They are color-coded red and green. 


How to Strip a Wire 


Let's start with some basic techniques you need to know when 
hacking electronics. Perhaps the most basic of these is stripping 
wire. 


You Will Need 


Quantity Item Appendix Code 
Wire to be stripped T9 or scrap 

1 Pliers T1 

1 Snips T1 


Whenever you hack electronics, there is likely to be some 
wire involved, so you need to know how to use it. Figure 1-3 
shows a selection of commonly used types of wire, set beside a 
matchstick to give them perspective. 

On the left, next to the matchstick, are three lengths of 
solid-core wire, sometimes called hookup wire. This is mostly 
used with solderless breadboard, because being made of a single 
core of wire inside plastic insulation, it will eventually break 1f 
it is bent. Being made of a single strand of wire does mean it 
is much easier to push into sockets when prototyping since it 
doesn’t bunch up like multi-core wire. 

When using it with breadboard, you can either buy already- 
stripped lengths of wire in various colors as a kit (see Appendix, 
T6) or reels of wire that you can cut to the lengths you want 
yourself (see Appendix, T7, T8, T9). It is useful to have at least 


Figure 1-3 Common types : Å 
of wire : 
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three colors: red, yellow, and black are a good choice. It makes 
1t easier to see how a project is connected up 1f you use red for 
the positive power supply, black for negative, and yellow for 
any other wires needed. 

The top right of Figure 1-3 shows a length of multi-core wire, 
as well as some twin-strand multi-core wire. Multi-core wire 
1s used when connecting up modules of a project. For instance, 
the wires to a loudspeaker from an amplifier module might use 
some twin, multi-core wire. It’s useful to have some of this wire 
around. It is easily reclaimed from broken electronic devices, and 
relatively cheap to buy new (see Appendix, T10 and T11). 

The wire at the bottom right of Figure 1-3 is screened wire. 
This is the type of wire you find in audio and headphone leads. 

It has an inner core of multi-core insulated wire surrounded by a 
screened wire on the outside. This type of wire is used where you 
don’t want electrical noise from the environment such as mains 
hum (60 Hz electrical noise from 110V equipment) to influence 
the signal running through the central wire. The outer wire 
screens the inner wire from any stray signals and noise. There are 
variations of this where there is more than one core surrounded 
by the screening—tfor example, in a stereo audio lead. 

Insulated wire is of no use to us unless we have a way of 
taking some of the insulation off it at the end, as this is where 
we will connect it to something. This is called “stripping” the 
wire. You can buy special-purpose wire strippers for this, which 
you can adjust to the diameter of the wire you want to strip. 
This implies that you know the width of the wire, however. 

If you are using some wire that you scavenged from a dead 
electronic appliance, you won’t know the width. Having said 
that, with a bit of practice you will find you can strip wire just 
as well using a pair of pliers and some wire snips. 

Both of these are essential tools for the electronics hacker. 
Neither tool needs to be expensive. In fact, snips tend to get notches 
in them that make them annoying to use, so a cheap pair (I usually 
pay about USD 2) that can be replaced regularly is a good idea. 

Figures 1-4a and 1-4b show how to strip a wire with pliers 
and snips. The pliers are used to hold things still with a firm 
grip, while the snips do the actual stripping. 

Grip the wire in the pliers, about an inch away from the end 
(Figure 1-4a). Use the snips to grip the insulation where you 
want to take it off. Sometimes it helps to just nip the insulation 
all the way around before gripping it tightly with the snips, and 
then pull the insulation off (Figure 1-4b). 
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(a) (b) 


FiGURE 1-4 Stripping wire 


For longer lengths of wire, you can just wrap the wire around 
your finger a few times instead of using pliers. 

This takes a bit of practice. Sometimes you will have the 
snips grip it too tightly and accidentally cut the wire all the 
way through, while other times you won’t grip it hard enough 
with the snips and the insulation will stay in place or stretch. 
Before attempting anything important, practice with an old 
length of wire. 


How to Join Wires Together by Twisting 


It is possible to join wires without soldering. Soldering is more 
permanent, but sometimes this technique is good enough. 

One of the simplest ways of joining wires is to simply twist 
the bare ends together. This works much better for multi-core 
wire than the single-core variety, but if done properly with the 
single-core, it will still make a reliable connection. 


You Will Need 


To try out joining two wires by twisting (there is slightly more 
to it than you might expect), you will need the following. 


Quantity Item Appendix Code 
2 Wires to be joined T10 
1 Roll of PVC insulating tape T3 


If you need to strip the wires first to get at the copper, refer 
back to the section “How to Strip a Wire.” 

Figures 1-5a thru 1-5d show the sequence of events in joining 
two wires by twisting them. 
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First, twist the strands of each wire up clockwise (Figure 1-5a). Figure 1-5 Joining wires by 


This just tidies up any straggling strands of the multi-core wire. : twisting 


Then, twist together the two pre-twisted wires (Figure 1-5b) 

so they are both twisting around each other. Try to avoid the 
situation where one of the wires twists around the second, while 
the second remains straight. If it does this, it is very easy for the 
first wire to just slip off the second. Next, twist the joined wires 
up into a neat little knot (Figure 1-5c). Note that a pair of pliers 
may be easier to use when making the knot, especially if the 
wire is on the thick side. Lastly, cover the joint with four or five 
turns of PVC insulating tape (Figure 1-5d). 


How to Join Wires by Soldering 
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Soldering is the main skill necessary for hacking electronics. 


Safety 


I don’t want to put you off, but ... be aware that soldering 
involves melting metal at very high temperatures. Not only that, 
but melting metal that’s coupled with noxious fumes. It is a law 
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of nature that anyone who has a motorbike eventually falls off 
it, and anyone who solders will burn their fingers. So be careful 
and follow these safety tips: 


O Always put the iron back in its stand when you are not 


actually soldering something. If you leave it resting on the 
bench, sooner or later it will roll off. Or you could catch 
the wires with your elbow and if it falls to the floor, your 
natural reflex will be to try and catch it—and chances 

are you will catch the hot end. If you try and juggle it in 
one hand, while looking for something or arranging some 
components ready to solder, sooner or later you will either 
solder your fingers or burn something precious. 


Wear safety glasses. Blobs of molten solder will 
sometimes flick up, especially when soldering a wire or 
component that is under tension. You do not want a blob 
of molten solder in your eye. If you are long-sighted, 
magnifying goggles may not look cool, but they will 
serve the dual purpose of protecting your eyes and letting 
you see properly. 


If you do burn yourself, run cold water over the burned 
skin for at least a minute. If the burn is bad, seek 
medical attention. 


Solder in a ventilated room, and ideally set up a little fan 
to draw the fumes away from you and the soldering iron. 
Preferably have it blowing out of a window. A fun little 
project to practice your wire joining skills on is making 
a fan using an old computer (see the section “How to 
Hack a Computer Fan to Keep Soldering Fumes Away”). 


You Will Need 


To practice joining some wires with solder, you will need the 
following items. 


Quantity Item Appendix Code 
2 Wires to be joined T10 

l Roll of PVC insulating tape T3 

1 Soldering kit Tl 

l Magic hands (optional) T4 

1 Coffee mug (essential) 
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Magic hands are a great help during soldering because they 
solve the problem that, when soldering, you really need three 
hands: one to hold the iron, one to hold the solder, and one to 
hold the thing or things you are trying to solder. You generally 
use the magic hands to hold the thing or things you are trying to 
solder. Magic hands are comprised of a small weighted bracket 
with crocodile clips that can be used to hold things in place and 
off the work surface. 

An alternative that works well for wires is to bend them a 
little so that the end you are soldering will stick up from the 
workbench. It usually helps to place something heavy like a 
coffee mug on the wire to keep 1t from moving. 


Soldering 


Before we get onto the business of joining these two wires, 
let's have a look at soldering. If you haven't soldered before, 
Figures 1-6a thru 1-6c show you how it’s done. 


1. Make sure your soldering iron has fully heated up. 


2. Clean the tip by wiping it on the damp (not sopping wet) 
sponge on the soldering iron stand. 


3 Figure 1-6 Soldering—tinning 
: a wire 
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3. Touch a bit of solder onto the tip of the iron to “tin” 
1t (see Figure 1-6a). After you have done this, the tip 
should be bright and shiny. If the solder doesn’t melt, 
then your iron probably isn’t hot enough yet. If the 
solder forms into a ball and doesn’t coat the tip of the 
iron, the tip of it may be dirty, so wipe it on the sponge 
and try again. 


4. Hold the soldering iron to the wire and leave it there for 
a second or two (Figure 1-6b). 


5. Touch the solder to the wire near the soldering iron. 
It should flow into the wire (Figure 1-6c). 


Soldering is something of an art. Some people are naturally 
very neat at soldering. So do not worry if your results are a bit 
blobby at first. You will get better. The main thing to remember 
is that you heat up the item you want to solder and only apply 
the solder when that thing is hot enough for the solder to melt 
onto it. If you are struggling, 1t sometimes helps to apply the 
solder to the spot where the soldering iron meets the thing 
being soldered. 

The following section offers a bit more soldering practice 
for you—in this case, by soldering wires together. 


Joining Wires 

To join two wires with solder, you can use the same approach 
described in the section “How to Join Wires Together by Twisting” 
and then flow solder into the little knot. An alternative way— 


that makes for a less lumpy joined wire—is illustrated in 
Figures 1-7a thru 1-7d. 


1. The first step is to twist each end. If it is multi-core wire 
(a), tin it with solder as shown in Figure 1-7a. 


2. Hold the wires side by side and heat them with the 
iron (see Figure 1-7b). Note the chopstick technique of 
holding both the second wire and the solder in one hand. 


3. Introduce the solder to the wires so they join together 
into one wire and look something like that shown 
Figure 1-7c. 


4. Wrap the joint in three or four turns of insulating tape— 
half an inch is probably enough (see Figure 1-7d). 
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| 


(c) (d) 


3 Figure 1-7 Joining wires by 
: soldering 


How to Testa Connection = O» o M cin 


For the joints that we have made in the section “How to Join 
Wires by Soldering,” it is fairly obvious that they are connected. 
However, especially with solid-core wire, it is not uncommon 
for the wire core to break somewhere under the insulation. If 
you own an electric guitar, you will probably be familiar with 
the problem of a broken guitar lead. 


You Will Need 


Quantity Item 


1 Multimeter T2 


l Connections to be tested 
Nearly all multimeters have a “Continuity” mode. When set 


in this useful mode, the multimeter will beep when the leads are 
connected to each other. 
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FiGURE 1-8 A multimeter in 
Continuity mode 
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Set your multimeter to “Continuity mode,” 
and then try touching the leads together. Now take 
a length of wire and try touching the multimeter 
leads to each end of the wire (Figure 1-8). The buzzer 
should sound if the wire is okay. 

You can use this technique on circuit boards. If 
you have an old bit of circuit board from something, 
try testing between the soldered connections on the 
same track (Figure 1-9). 

If there is no connection where you would 
expect there to be a connection, then there may be a 
“dry joint,” where the solder hasn’t flowed properly 
or there is a crack in the track on the circuit board 
(this sometimes happens if the board gets flexed). 

A dry joint is easily fixed by just applying a bit 
of solder and making sure it flows properly. Cracks 
on a circuit board can be fixed by scraping away 
some of the protective lacquer over the track and 
then soldering up the split in the track. 
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How to Hack a Computer Fan to Keep 
Soldering Fumes Away 


Solder fumes are unpleasant and bad for 
you. If you can sit by an open window 
while you solder, then great. If not, then 
this is a good little construction project 
to enhance your electronics hacking 
skills (Figure 1-10). 

Okay, so it’s not going to win any 
awards for style, but attached to my 
work light (which is always close to | 
whatever I am soldering), the fumes a = 
will at least be directed away from = . | 


my face. E N 


You Will Need 3 Figure 1-10 A homemade fume 
: extractor 
Quantity a ENE a 
l Soldering equipment Tl 
1 An old computer fan (two-lead) 
1 12V power supply M1 
1 SPST switch Kl 
Construction +12V 


Figure 1-11 shows the schematic diagram for this 
mini-project. 

Newcomers to electronics often view schematic 
diagrams like this with suspicion, thinking it better 
just to show the components as they actually are, 
with wires where wires need to be—yjust like in 
Figure 1-12. It is worth learning how to read a schematic 


GND 


3 Figure 1-11 The schematic 
. l E an : diagram for the fume extractor 
diagram. It really isn’t that hard and in the long term it will pay A erent ON MOE CHEE ae SOO” 


dividends. Not least because of the vast number of useful circuit 


diagrams published on the Internet. It’s a bit like being able to 
read music. You can get so far playing by ear, but there are more 
options if you can read and write musical notation. 

So, let’s examine our schematic diagram. Over on the left 
we have two labels that say “+12V” and “GND.” The first is the 
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Figure 1-12 The wiring diagram 
for the fume extractor 


12V 
Computer 
Fan 


12V positive supply from the 12V power supply. GND actually 
refers to the negative connection of the power supply. GND is 
short for “ground” and just means zero volts. Voltage is relative, 
so the 12V connection of the power supply is 12V above the 
other connection (the GND connection). We will learn more 
about voltage in the next chapter. 

Moving toward the right, we have a switch. This is labeled 
“S1,” and if we had more than one switch in a schematic, they 
would be labeled “S2,” “S3, and so on. The symbol for a 
switch shows how it operates. When the switch is turned to the 
on position, its two connections are connected together, and 
when it is in the off position, they aren't. It’s as simple as that. 

The switch is just controlling the supply of electricity to the 
motor of the fan (M) as if it were a faucet. 


Step 1. Strip the Power Supply Leads 


We have a power supply and we are going to cut the plug off 
the end of it and strip the wires (see the section “How to Strip a 
Wire”). Before you cut off the plug, make sure the power supply 
is NOT plugged in. Otherwise, if you snip both wires at the 
same time, the cutters will probably short the two connections 
together, which may damage the power supply. 


Step 2. Identify the Power Supply Lead Polarity 


Having cut the wires, we need to know which one is the positive 
one. To do this, let’s use a multimeter. Set the multimeter to its 
20V DC range. Your multimeter will probably have two voltage 
ranges, one for AC and one for DC. You need to use the DC 
range. This is often marked by a solid line above a dotted line. 
The AC range will either be marked as AC or have a picture of 
a little sine wave next to it. If you select AC instead of DC, it 
will not damage the meter, but you will not get a meaningful 
reading. (See Chapter 11 if you need more information on 
multimeters.) 
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3 Figure 1-13 Using a multimeter 
: to find the power supply polarity 


First making sure that the stripped leads from the power 
supply are not touching, plug the power supply in and turn it on. 

Now touch the two test leads from the multimeter to the 
leads from the power supply (Figure 1-13). If the number on 
the multimeter is not negative, then the red test lead of the 
multimeter is connected to the positive lead. Mark the lead 
in some way (I tied a knot in it). If the multimeter shows a 
negative voltage, then the leads are swapped over, so tie a knot 
in the power supply lead connected to the black test lead of 
the multimeter—in this case, this is the positive lead from the 
power supply. 


Step 3. Connect the Negative 
Leads Together 


Unplug your power supply. You should 
never solder anything that is powered up. 

Cut any plug off the end of your 
computer fan and strip the two wires. 
Mine had one black (negative) and one 
yellow (positive) lead. Three lead fans are 
more complex and should be avoided. If 
you get the leads the wrong way around, 
no harm will befall you. The fan will just 
rotate in the opposite direction. 

We are now going to join the negative 
lead of the fan to the negative lead (no 
knot) of the power supply (Figure 1-14). 


3 Figure 1-14 Connecting the 
: negative leads together 


01-ch01.indd 16 12/26/12 12:08 PM 


01-ch01.indd 17 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 1 


CHAPTER 1: Getting Started 1/ 


Figure 1-15 Connecting the 
positive lead to the switch 


Step 4. Connect the Positive Lead to the Switch 
Solder the positive lead from the power supply to one of the 
outer connections on the switch (it doesn’t matter which). (See 
Figure 1-15.) It will help to tin the switch connection with a 
little solder before you start. 

Finally, connect the remaining lead from the fan to the 
center connection of the switch (see Figure 1-16). 


Step 5. Try It Out 

Wrap the bare connections with insulating tape, plug it in, turn 
it on, and presto! When you flick the switch, the fan should 
come on. 


Figure 1-16 Connecting the fan 
to the switch 
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Summary 


Now that we have the basics and are confident about a bit 
of soldering and dealing with wires and switches, we can 
now move on to Chapter 2. There, we will start looking 
at a few electronic components, as well as some of the 
basic ideas you will need to understand to successfully 
hack electronics. 
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Theory and Practice 


here are a few fundamentals that will help us get the most out of our electronics. I have no 

intention of overloading you with theory, so you may find you come back to this chapter as 
and when you need to. But before we start on any theory, let’s look at getting together some of 
the components we will use. 


How to Assemble a Starter Kit of Components 


In Chapter 1, we assembled a few tools and did some soldering. The only thing we made used a 
scavenged computer fan, an off-the-shelf power supply, and a switch. 

Certain components you will find that you use over and over again. To get yourself a basic stock 
of components, I recommend you buy a starter kit. SparkFun sells such a kit (see the Appendix, K1), 
but it does not contain any resistors, so you will need to buy a resistor set, too (K2). Once you 
have these, you will have a useful collection of components that should cover 80 percent of what 
you need. 

Other suppliers sell starter kits, and although none of them will contain everything you need 
for this book, most will give you a very good starting point. 


You Will Need 


The SparkFun Starter Kit contains the following items, and the items used directly in this book 
are marked with a *, so 1f buying an alternative kit, look for one that has the majority of these 
components. Also see the Appendix for a list of other components used in the book. 
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Quantity Item Quantity Item 
10 0.luF capacitor * 3 20-pin male header * 
5 100uF capacitor * 3 Mini power switch * 
5 10uF capacitor * 2 Push buttons * 
5 luF capacitor 1 10k trimpot * 
5 10nF capacitor 2 LM358 OpAmp 
5 InF capacitor 2 3.3V regulator 
5 100pF capacitor 2 5V regulator * 
5 10pF capacitor 1 555 timer * 
5 1N4148 diode 1 Green LED * 
3 1N4001 diode * 1 Yellow LED * 
5 2N3906 PNP transistor 1 Red LED * 
5 2N3904 NPN transistor * 1 7-segment red LED 
a 20-pin female header 1 Mini photocell * 


The separate SparkFun resistor kit (K2) contains resistors of 
the following values: 


00, 1.50, 4.70, 100, 470 

1100, 2200, 3300, 4700, 6800 
1kQ, 2.2k0, 3.3kO, 4.7k0, 10k0 
22k0, 47kQ, 100k0, 330k0, IMO 


How to Identify Electronic Components 


So, what have we just bought here? Let's go through the 
components in the SparkFun starter kits and explain what they 
do, starting with the resistors. 


Resistors 


Figure 2-1 shows an assortment of resistors. Resistors come 
in different sizes to be able to cope with different amounts of 
power. High-power resistors are physically big to cope with the 
heat they produce. Since “parts getting hot” 1s generally a bad 
thing in electronics, we will mostly avoid that. Nearly all of 
the time we can use the 0.25-watt resistors as provided in the 
SparkFun kit, which are perfect for general use. 

As well as having a maximum power rating, resistors also 
have a “resistance.” As the word suggests, resistance is actually 
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resistance to the flow of current. So a high-resistance 
resistor will not allow much current to flow, while a 
low-value resistor will allow lots of current to flow. 
Resistors are the most commonly used 
component you can find. Since we will be using 
them a lot, we will go into greater detail on 
the subject in the section “What Are Current, 
Resistance, and Voltage?” later in this chapter. 
Resistors have little stripes on them that tell you 
their value. You can learn to read the stripes (more in 
a moment on that) or you can avoid all of this by storing them 
in a bag or in the drawer of a component box with the value 


Figure 2-1 Assorted 
resistors l i 
Si ibid O A: written on the box or bag. If in doubt, check the value with the 


resistance measurement feature of your multimeter. 
However, an essential piece of geekiness 1s to know your 
resistor color-codes. Each color has a value, as shown next: 


Color Value 
Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 1/10 
Silver 1/100 


O}/OlILT NI aA; AININ =| O 


Gold and silver, as well as representing the fractions 1/10 
and 1/100, are also used to indicate how accurate the resistor is. 
So gold is +5% and silver is +10%. 

There will generally be three of these bands grouped together 
at one end of the resistor. This is followed by a gap, and then 
a single band at the other end of the resistor. The single band 
indicates the accuracy of the resistor value. Since none of the 
projects in this book require very accurate resistors, there is no 
need to select your resistors on the basis of accuracy. 
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Figure 2-2 shows the arrangement of the 
colored bands. The resistor value uses just the 
three bands. The first band is the first digit, 


the second the second digit, and the third A En 
“multiplier” band is how many zeros to put Digit 1 Multiplier 
after the first two digits. Digit 2 Tolerance 


So, a 270Q (ohm) resistor will have first digit 2 
(red), second digit 7 (violet), and a multiplier of 1 (brown). 
Similarly, a 10K(2 resistor will have bands of brown, black, and 
orange (1, 0, 000). 

In addition to fixed resistors, there are also variable resistors 
(a.k.a., potentiometers or pots). This comes in handy with 
volume controls, where turning a knob changes the resistance 
and alters the level of sound. 


: FiGURE 2-2 Resistor stripes 


Capacitors 


When hacking electronics, you will occasionally need to use 
a capacitor. Luckily, you do not need to know much about 
what they do. They are often used to head-off problems like 
the instability of a circuit or unwanted noise. Their use is 
often given a name like “decoupling capacitor” or “smoothing 
capacitor.” There are simple rules you can follow about where 
you need a capacitor. These will be highlighted as we encounter 
them in later sections. 
For the curious, capacitors store charge, a bit like a battery, 
but not much charge, and they can store the charge and release it 
very quickly. 
Figure 2-3 shows a selection of capacitors. 
If you look closely at the second capacitor P 
from the left, you will see the number 103. This is a A 
actually the value of the capacitor in picofarads. | | 
The unit of capacitance is farad, but a 1F capacitor | 
would be considered a huge capacitor, storing 
a great deal of charge. So, while such beasts do 
exist, everyday capacitors are either measured in 
nanofarads (nF = 1/1,000,000,000F) or microfarads 
(uF = 1/1,000,000F). You will also find capacitors in 
the picofarad range (pF = 1/1,000,000,000,000P). . 
Returning to 103. ... Rather like resistors, this means 10 and no. 
then 3 zeros, in units of pF. So in this case that’s 10,000pF or 10nF. 
Larger capacitors, like those on the right of Figure 2-3, 
are called electrolytic capacitors. They are usually in the uF 
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range and have their value written on their side. They also 
have a + and a — side, and unlike most other capacitors must be 
connected the right way around. 
Figure 2-4 shows a large electrolytic, with value (1000uF) 
L and its negative lead clearly indicated at the bottom of the 
figure. If the capacitor has one lead longer than the other, the 
longer one will normally be the positive lead. 
The capacitor in Figure 2-4 also has a voltage written on 
it (200V). This is the capacitor’s maximum voltage. So if you 
Figure 2-4 An electrolytic put more than 200V across its leads, it will fail. Big electrolytic 
capacitor : capacitors like this have a reputation for failing spectacularly 
craneo and may parse epegie inh oon: 


Diodes 


You will occasionally need to use diodes. They are kind 
of a one-way valve, only allowing current to flow in 
one direction. They are therefore often used to protect 
sensitive components from accidental reverse voltage 
that could damage them. 

Diodes (Figure 2-5) have a stripe at one end. That 
end is called the cathode, while the other end is called 
the anode. We will hear more about diodes later. 

As with resistors, the bigger the diode physically, 


Y \ 
"0 4 ) the more power it can cope with before it gets too hot 
and expires. Ninety percent of the time, you will just be 
Figure 2-5 Aselectionof  : using one of the two diodes on the left-hand side of the figure. 


diodes 


LEDs 


LEDs light up, and generally look pretty. Figure 2-6 
shows a selection of LEDs. 
/ LEDs are a little sensitive, so you should not 
| connect them directly to a battery. Instead you 
have to use a resistor to reduce the current flowing 
into the LED. If you do not do this, the LED will 
- probably die almost instantly. 
Later on, we will see how to select the right 
resistor for the job. 
Just like regular diodes, LEDs have a positive 
and a negative lead (anode and cathode). The anode 
Ficure 2-6 Assorted LEDs is the longer of the two leads. There is also usually a flat side to 
SANA a eee is PL A A 
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As well as single LEDs, you 
also get LEDs in more complicated 
arrangements within a single 
package. Figure 2-7 shows some 
interesting-looking LEDs. 

From left to right, these LEDs 
are an ultraviolet LED, an LED 
with both red and green LEDs in the 
same package, a high-power RGB 
(red, green, blue) LED that can be 
controlled to produce any color of 
light, a seven-segment LED display, 
and an LED bar graph display. Faure 2-7 Mor LEDs amane 

This is just a small selection of LED types. There are many 
others to choose from. In later sections, we will explore some of 
these more exotic LEDs. 


Transistors 


While transistors can be used in audio amplifiers and in many 
circumstances, for the casual electronics hacker, the transistor 
can be thought of as a switch. But rather than a switch 
controlled by a lever, it is a switch that switches a big current, 
yet is controlled by a small current. 

Generally speaking, the physical size of 
the transistor (Figure 2-8) determines how 
big the current that it switches can be before 
it starts producing smoke. 

Of the transistors in Figure 2-8, the 
right-hand two are quite specialized and 
employed for high power use. 

Generally, the rule for a component 
is that if it’s ugly and has three legs, it’s 
probably some kind of transistor. 


: FiGURE 2-8 Transistors 


Integrated Circuits 


An integrated circuit (IC), or just “chip,” is a load of transistors 
and other components printed onto silicon. The purpose of the 
IC varies wildly. It can be a microcontroller (mini-computer), or 
an entire audio amplifier, or a computer memory, or any one of 
thousands of other possibilities. 

ICs make life easy, because as they say, often “there”s a chip 
for that.” Indeed, if there is something you want to make, there 
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may well be a chip for it already, and if there 

isn’t, then there will probably be a general- 

purpose chip that takes you halfway there. 
ICs look like bugs (Figure 2-9). 


Other Stuff 


There are so many other components out 

there, some of which are very familiar, such 

as batteries and switches. Others are less 

familiar and include potentiometers (variable resistors found 

A ETE E E S: in volume controls), phototransistors, rotary encoders, light 
dependent resistors, and so on. We will explore these as they 
arise later in the book. 


Surface Mount Components 


Let’s touch a little on the subject of surface mount devices 
(SMDs). These components are just resistors, transistors, 
capacitors, ICs, and so on, but in tiny packages designed to be 
soldered onto the top surface of circuit boards by machines. 

Figure 2-10 shows a selection of 
SMDs. 

The matchstick shows you just how 
small these devices are. It is perfectly 
possible to do surface mount soldering 

O MMe by hand, but you need a steady hand 

. and a high-quality soldering iron. Not to 
mention a lot of patience. You are also 
Sade SUG ma likely to need a means of making circuit boards, as they are not 
components : easy to use with breadboard or other prototyping tools. 
“through-hole” components rather than SMDs. However, as 
your experience grows and you feel you might like working 
with SMDs, do not be afraid to try. 


What Are Current, Resistance, 
and Voltage? 


Voltage, current, and resistance are three properties that are 
fundamental to almost everything you will do in electronics. 
They are intimately related, and if you can master the 
relationship between them, you will be a wise hacker indeed. 
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Please take the time to read and understand this little Current = 
bit of theory. Once you understand it, many other things Charge passing this point 


f Maal il 
should automatically fall into place. s 


EEE 


00000000 
Current COOCOOCOOOO 00000000000 
OOOO OOO DO DOODODODODOD 
The problem with electrons is that you cannot see them, mmml 
so you just have to imagine how they do things. I like to Flow 


think of electrons as little balls flowing through pipes. E Figure 2-11 Current 
Any physicists reading this will probably be clutching their a aero een mre e ene 
heads or hurling this book to the floor in disgust now. But it 
works for me. 
Each electron has a charge and it’s always the same—lots of 
electrons, lots of charge, few electrons, and a little bit of charge. 
Current, rather like the current in a river, is measured by 
counting how much charge passes you per second (Figure 2-11). 


Resistance 

A B C 
A resistor’s job is to provide resistance to the flow of 
current. So, if we keep thinking about our river, it is like | | | 
a constriction in a river (Figure 2-12). s 


The resistor has reduced the amount of charge 
that can pass by a point. And it doesn’t matter which 
point you measure at (A, B, or C) because, 1f you look 
upstream of the resistor, the charge is hanging around 
waiting to move through the resistor. Therefore, less 
is moving past A per second. In the resistor (B), it’s 
restricted. 

The “speed” analogy does not really hold true for electrons, 
but one important point is that the current will be the same 
wherever you measure it. 

Imagine what happens when a resistor stops too much 
current from flowing through an LED. 


Voltage 


Voltage is the final part of the equation (that we will come to 
in a minute). If we persist with the water-in-a-river analogy, 
then voltage is like the height that the river drops over a given 
distance (Figure 2-13). 
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As everyone knows, a river that loses height 
quickly flows fast and furious, whereas a relatively 
gently sloped river will have a correspondingly 
gentle current. 

This analogy helps with the concept of voltage 
being relative. That 1s, 1t does not matter 1f the river 
1s falling from 10,000 ft to 5,000 ft or from 5,000 ft 
to O ft. The drop is the same and so will be the rate 
of flow. 


Ohm's Law 


Before we get into the math of this, let’s think for a 
moment about current, voltage, and resistance and 
how they relate to each other. 

Try this little quiz. Think in terms of the river 1f 
you find it helps. 


Ficure 2-13 Voltage E 1. If the voltage increases, will the current (a) increase or 
nr (b) decrease? 


2. If the resistance increases, will the current (a) increase 
or (b) decrease? 


Did you get the answers (a) and (b) correct, respectively? 
If you write this down as an equation, it is called Ohm’s law 
and can be written as: 


I=V/R 


I for current (I guess “C” was already taken), V for Volts, and R 
for resistance. 

So, the current flowing through a resistor, or any wire 
connecting to it, will be the voltage across the resistor divided 
by the resistance of the resistor. 

The units of resistance are in Q (the abbreviation for ohms), 
while units of current are in A (short for amps, which is short 
for amperes) and in voltage V (the easy one). 

So, if we have a voltage of 10V across a resistor of 1000 the 
current flowing will be: 


10V / 1000 =0.1A 


For convenience, we often use mA (1/1000 of an amp). So 0.1A 
is also 100mA. 
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That's enough about Ohm’s law for now, we will meet it 
again later. It is the single most useful thing you can know about 
electronics. In the next section, we will look at the only other 
truly essential math you will need—power. 


What Is Power? 


Power is all about energy and time. So, in a way, it’s a bit like 
current. But, instead of being the amount of charge passing 

a point, it is the amount of energy transformed into heat per 
second when a current passes through something that resists 
the flow (like a resistor). Forget the river, it doesn’t really help 
much here. 

Restricting the flow of a current generates heat, and the 
amount of heat generated can be calculated as the voltage across 
a resistor times the current flowing through it. The units of 
power are the watt (W). You would write this in math as: 


P=IxV 


So, in our earlier example, we had 10V across a 1000 resistor, 
so the current through the resistor was 100mA and will generate 
0.1A x 10V, or 1 W of power. Given that the resistors that we have 
from the SparkFun kit are 250 mW (0.25 W). Our resistor will get 
hot and may eventually break. 

If you don’t know the current, but you do know the resistance, 
another useful formula for calculating the power is: 


P=V*/R 


Or, power 1s voltage squared (times itself) divided by the 
resistance. So, for the example earlier: 


P=10x10/100=1W 


That's reassuringly the same answer as we got before. 

Most components have a maximum power rating like this, 
so when selecting a resistor, transistor, diode, and so on, it is 
worth doing a quick check and multiplying the voltage across 
the component by the current that you expect to flow through 
it. Then, choose a component with a maximum power rating 
comfortably greater than the expected power. 

Power is the best measure of how much electricity is being 
used. It is the electrical energy being used per second, and 
unlike current it can be compared for devices operating from 
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Device 

Battery-powered FM radio (volume down) 
Battery-powered FM radio (volume up) 
Arduino Uno microcontroller board (9V supply) 
Home WiFi router 

Compact fluorescent (low-power) light bulb 
Filament light bulb 

LCD TV 40-inch 

Electric kettle 
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both 110 volt outlets and 


Power 
low voltage. It is good to have 
20 mW . 
a basic understanding of 
500 mW just how much—or how 
200 mW little—electricity devices 
10W use. Table 2-1 shows some 
15 W devices you might find around 
the home and lists how much 
60 W 
power they use. 
200 W So, now you know why 
3000 W (3 kW) you don't get battery-powered 


| TABLE2-1 | Power Usage kettles! 


How to Read a Schematic Diagram 


Hacking electronics often involves trawling the Internet, looking 
for people who have made something like the thing you want to 
make or adapt. You will often find schematic diagrams that tell you 
how to make and do things. So you need to be able to understand 
these schematics in order to turn them into real electronics. 


FiGurRE 2-14 A simple 
schematic 


These may at first sight seem a little 
baffling, but schematics obey a few 
simple rules and tend to use the same 
patterns over and over again. So there 1s 
a lot less to learn than you might think. 

Ponder Figure 2-14 while we 
consider some of these rules—or more 
accurately conventions—because 
sometimes they are broken. 

Figure 2-14 goes a long way to 
explaining why we sometimes talk of 
electronic circuits. It’s kind of a loop. 
The current is flowing out of the battery, 
through the switch (when it’s closed), 


through the resistor and LED (D1), and then back to the battery. 
The lines on the schematic can be thought of as perfect wires 
without any resistance. 


The First Rule of Schematics: Positive 
Voltages Are Uppermost 


A convention that most people follow when drawing a schematic 
1s to put the higher voltages near the top, so on the left-hand side 
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of the diagram, we have a 9V battery. The bottom of the battery 
is at OV or GND (Ground), while the top of the battery will by 
9V higher than that. 

Notice that we draw the resistor R1 above the LED (D1). 
This way, we can think of some of the voltage as being lost 
across the resistor, before the remainder is lost through the 
diode and flows back to the negative connection of the battery. 


Second Rule of Schematics: 
Things Happen Left to Right 


Western civilization invented electronics and writes from left 
to right. You read from left to right and, culturally, more things 
happen from left to right. Electronics is no different, so it is 
common to start with the source of the electricity—the battery 
or power supply on the left—and then work our way from left to 
right across the diagram. 

So, next we have our switch, which controls the flow of the 
electricity, and then the resistor and LED. 


Names and Values 


It is normal to give every component in a schematic a name. 

So, in this case the battery pack is called B1, the switch S1, the 
resistor R1, and the LED D1. This means that when you go from 
a schematic to a breadboard layout and eventually a circuit board, 
you can see which components on the schematic correspond to 
which components on the breadboard or circuit board. 

It is also normal to specify the value of each of the components 
where appropriate. So, for example, the resistors’ value of 2700 
is marked on the diagram. The rest of the components don’t need 
much else said about them. 


Component Symbols 


Table 2-2 lists the most common circuit symbols you will 
encounter. This is nothing like a complete list, but we will 
discuss other symbols later in the book. 

There are two main styles of circuit symbol: American 
and European. Fortunately, they are similar enough to avoid 
difficulties in recognizing them. 

In this book, we will use the U.S. circuit symbols. 
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Symbol (U.S.) Symbol (European) Photo Component Use 
Rt Resistor Resistin 
WW [moa j 
| C1 Capacitor Temporary charge 
storage 
| | 100nF 
| a. | ct Capacitor 
— (polarized) 
dl li | 1004F 
E Transistor Using a small 
(bipolar NPN) current to control a 


larger current 


= PEO Transistor Using a very small 
e (MOSFET current to control a 
N-channel) larger current 


wrong direction 


| Diode Prevents current 
i from flowing in the 


y: y: p LED Indication and 
- illumination 
p p Battery Power supply 
_ i 
Switch Turning things on 


and off; control 


Common Schematic Symbols 


Summary 


In the next chapter, we get a much more practical look at some 
basic hacks and hone our electronic construction skills. This 
includes using prototyping boards and taking our soldering 
beyond simply connecting wires to other wires. 

We will also learn how to use solderless breadboard so we 
can build electronics quickly and get underway. 
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Basic Hacks 


his chapter contains a set of fairly basic “hacking” how-tos. These build and use various 
electronic construction techniques. So this is probably a good chapter to at least skim 
through so that when you attempt more advanced how-tos, you can refer back to 1t 1f needed. 


How to Make a Resistor Get Hot 
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Sometimes things will get hot when you are hacking electronics. It’s always better when this is 
expected rather than when it’s a surprise, so it’s worth doing a little experimenting in this area. 


You Will Need 


Quantity Item Appendix Code 
l 1000 0.25-watt resistor K2 

1 4 x AA battery holder H1 

1 4 x AA batteries (the rechargeable type is a good idea) 


Figure 3-1 shows the schematic diagram. 


The Experiment 


All we will do is connect the 1000 resistor across the battery terminals and see how hot it gets. 


Be careful when doing this because the resistor's temperature will rise to about 
50°C/122°F. The resistor's leads, however, will not get very hot. 


We are using a battery holder that takes four AA cells, each providing about 1.5V. They 
are each connected, one after the other, providing us with 6V total. Figure 3-2 shows how the 
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batteries are actually connected within the battery box as a 
schematic diagram. In this kind of arrangement, the batteries are 
said to be in series. 

Figure 3-3 shows the resistor heater in action. 

Simply touch a finger to the resistor to confirm it’s hot. 

Is this bad/good? Will the resistor eventually break because 
it’s warm? No, it won’t. Resistors are designed to cope with a bit 
of heat. If we do the math, the power that the resistor is burning 
is the voltage squared divided by the resistance, which is: 


(6 x 6) / 100 = 0.36W 


If it is a 0.25-W resistor, then we are exceeding its maximum 
power. This would be a foolish thing to do if we were designing 
a product for mass production. However, that’s not what we are 
doing, and the chances are the resistor would continue to work 
like that indefinitely. 


How to Use Resistors to Divide a Voltage 
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Sometimes voltages are too big. For example, in an FM radio, 
the signal going from the radio part to the audio amplifier part 
will be deliberately too large so it can be reduced using the 
volume knob. 

Another example might be when you have a sensor that 
produces a voltage between 0 and 10V but you want to 
connect it to an Arduino microcontroller that expects it to 
be between 0 and 5V. 

A very common technique in electronics is to use a pair of 
resistors (or a single variable resistor) as a “voltage divider.” 


You Will Need 


Quantity Item Appendix Code 
1 10kQ trimpot (tiny variable resistor) Kl,Rl 
l Solderless breadboard T5 
Solid-core jumper wire T6 
1 4 x AA battery holder H1 
1 4 x AA batteries 
1 Battery clip H2 
l Multimeter T2 


= Ri 
- 100.9 


3 Figure 3-1 The schematic for 
: heating a resistor 


sche by o 
" | 1.5V 


3 Figure 3-2 The schematic 
: diagram for a battery holder 


3 Figure 3-3 Making a resistor 
: get hot 
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Figure 3-4 shows the schematic diagram for our 
experiment. There are a couple of new schematic symbols 
here. The first 1s the variable resistor (or pot). This looks 
like a regular resistor symbol, but has a line with an 
arrow connecting to the resistor. This is the moving slider 
connection of the variable resistor. 

The second new symbol is the circle with a “V” in it. 
Ficure 3-4. A voltage divider This is a voltmeter, which in our case is the multimeter set to its 
schematic diagram : DC voltage range. 

P E E EE Tiene eeo ane will dae isis a O 
fixed at each end of a conductive track, while a third connection 
to the central slider moves from one end of the track to the 
other. The overall resistance of the whole track is 10kQ. 

Our voltage in is going to be supplied from the battery 
pack and will be roughly 6V. We are going to use a multimeter 
to measure the output voltage and see how much it is being 
reduced by our voltage divider. 

If you remember, the grey bars indicate where the connections 
underneath the holes are connected together. Take some time 
to follow the lines on the stripboard and reassure yourself 
that everything is connected in the same way as the schematic 
(Figure 3-4). 

Plug the trimpot into the breadboard as shown, and then 
wire up the battery by carefully pushing the leads into the + and 
— power supply lines on the breadboard: red to +, black to —. If 
you struggle to get the multi-core wires of the battery clip into 
the holes, solder a bit of solid-core wire to the end of the leads. 

Attach wires between the positive supply and the top 
connection of the trimpot, and the negative supply and the 
bottom connection of the trimpot. Finally, attach the multimeter. 
If your multimeter has alligator clips, use these in preference to 
the normal probes, clipping short jumper wires into the alligator 
clips and then pushing the other ends into the positions shown 
in Figure 3-5. When you have done all this, your breadboard 
should look something like Figures 3-6a and 3-6b. 

Turn the trimpot to its fully clockwise position. The multimeter 
should read OV (Figure 3-6a). Now turn it fully anti-clockwise 
and it should read something around 6V (Figure 3-6b)—in 
other words, the full battery voltage. Finally, turn it to roughly 
the middle position and you should see that the meter indicates 
about 3V (Figure 3-6c). 

Think of the variable resistor as behaving a bit like two 
resistors, R1 and R2, as shown in Figure 3-7. 
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3 Figure 3-5 A voltage divider 
: breadboard layout 


0025 00000 00000 25 
00000 '-00000 


3 Figure 3-6 A voltage divider 
: breadboard 


The formula to calculate Vout if we know Vin, R1 and R2 
is as follows: 


Vout = Vin * R2 / (R1 + R2) 
So, if R1 and R2 are both 5 kQ and Vin is 6V, then: 
Vout = 6V * 5KO / (5kQ + 5kQ) = 30/10 =3V 


This ties in with what we found when we put the 
trimpot to its middle position. It is exactly the same 
as having two fixed resistors of 5 KQ each. . 

As with many of the calculations you make in electronics, : FIGURE 3-7 A voltage divider with 
people have made handy calculating tools. If you type “voltage a al A 
divider calculator” into a search engine, you will find them. One 
such example can be found here: www.electronics2000.co.uk/ 
calc/potential-divider-calculator.php. 

These calculators will also usually match to the nearest 
available fixed resistor value. 
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How to Convert a Resistance to a Voltage 
(and Make a Light Meter) 


An LDR (light-dependent resistor; a.k.a., photoresistor) is a 
resistor whose resistance changes depending on the amount of 
light falling on its transparent window. We will use one of these 
devices to demonstrate the idea of converting a resistance to a 
voltage by using 1t as one-half of a potential divider. 


You Will Need 


Quantity Item Appendix Code 
1 Light-dependent resistor K1, R2 
1 Solderless breadboard TS 
Solid-core jumper wire T6 
1 4 x AA battery holder H1 
1 4 x AA batteries 
l Battery clip H2 
1 Multimeter T2 


Before we get the breadboard out, let’s just 
experiment directly with the LDR. Figure 3-8 shows 
the LDR connected directly to the multimeter on 
its 20kQ resistance setting. As you can see, the 
resistance of my LDR was 1.07kQ. Putting my 
hand over the LDR to screen out some of the light 
increased that resistance to a few tens of kQ. So, the 
way the LDR works, the more light that reaches it, 
the lower the resistance. 

Microcontrollers such as the Arduino can measure 
voltages and do things with them, but not directly 
measure resistance. So to convert our LDR’s resistance 
into a more easily used voltage, we can put it in a 
voltage divider as one of the resistors (Figure 3-9). 

Note that the symbol for the LDR is like a 
resistor but with little arrows pointing to it to 
indicate its sensitivity to light. 

We can make up this schematic on our 
breadboard, this time setting our multimeter to 
l the 20V DC range and watching how the voltage 
FIGURE 3-8 Measuring the LDR | changes as we cover the LDR to reduce the light getting to it 
fesiSralite (Figures 3-10 and 3-11). 


Display 


Auto 
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3 FiGURE 3-9 Measuring light level with 
: an LDR and voltage divider 
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3 Figure 3-10 A breadboard layout for 
: light measurement 
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Hack a Push Light to Make 
It Light Sensing 


Battery-powered push lights are one of the many glorious 
bargains you are likely to find in a dollar/euro/pound store. 
These are intended for use in cupboards and other dark locations 
where a bit of extra light would be useful. Push them once and 
they light, push them again and they turn off. 

It will not surprise you to hear that we are going to use our 
LDR to turn the light on and off. But we are also going to use a 
transistor. 

Our approach will be to get it working on breadboard first 
and then solder up the design onto the push light. In fact, we 
will use a single LED in place of the push lamp until we know 
that it will work. 


You Will Need 


Quantity Name Item Appendix Code 
l RI Light-dependent resistor K1, R2 

1 T1 Transistor 2N3904 K1, Sl 

1 R2 Resistor 10kQ K2 

P R3 Resistor 2200 K2 

i? D1 Red LED or high-brightness LED Kl or S2 

* Solid-core jumper wire T6 

1 Push light 


* These components are only needed for the breadboard experiment. 


We want the LDR to control an LED, so a first thought 
at a circuit might be as shown in Figure 3-12. 

There are two fatal flaws in this design. First, as more 
light falls on the LDR its resistance decreases, allowing 
more current to flow so the LED will get brighter. This is 
the opposite of what we want. We want the LED to come 
on when it’s dark. 

We need to use a transistor. 

The basic operation of a transistor is shown in 
Figure 3-13. There are many different types of transistors, 
and probably the most common (and the type we will use) 
is called an NPN bipolar transistor. 
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Collector 


Emitter 


This transistor has three leads: the emitter, the collector, 
and the base. The basic principal 1s that a small current flowing 
through the base will allow a much bigger current to flow 


between the collector and the emitter. 


Just how much bigger the current is depends on the transistor, 


but it’s typically a factor of 100. 


Breadboard 


Figure 3-14 shows the schematic diagram we will build 
on the breadboard. To understand this circuit, let’s 
consider two cases. 


Case 1: When It's Dark 


In this case, the LDR R1 will have a very high resistance, 
so you could almost imagine that it isn’t there at all. In 
that case, current will flow through R2, through the base 
and emitter of the transistor, allowing as much current 
as it needs to flow through R3, the LED, and T1 into 
its collector and out through the emitter. When enough 
current flows into the base of a transistor to allow current 
to flow from the collector to the emitter, this is called 
“turning on” the transistor. 

We can calculate the base current using Ohm’s law. 
In this situation, the base of the transistor will be at only 


about half a volt, so we can assume there is more or less the 


full 6V across the 10kQ resistor R2. Since I= V / R, the 
current will be 6 / 10,000 A or 0.6mA. 


Base Current (Ib) 


Collector 


5 


ov 


Emitter 


3 FiGureE 3-13 A bipolar transistor 


3 Figure 3-14 Using an LDR and 
: transistor to switch an LED 
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Case 2: When It's Light 


When it 1s light, we have to consider the resistance of the LDR 
R1. The lighter it is, the lower the resistance of R1 and the more 
of the current otherwise destined for the base of the transistor 
will be diverted through R1, preventing the transistor from 
turning on. 

I think the time has come to build the project on breadboard. 
Figure 3-15 shows the breadboard layout, and Figures 3-16a and 
3-16b the finished breadboard. 

When placing the LED on the breadboard, make sure you 
get it the right way around. The longer lead is the positive lead, 
and it should be on row 10 connected to R3. (See Figure 3-16a.) 

If everything is fine, you should find that when you cover 
the LDR, the LED should light (Figure 3-16b). 


Construction 


Now that we have proved our circuit works, we can get on with 
modding the push light. Figure 3-17 shows the push light the 
author used. Unless you are very lucky, yours is likely to be 


f ghi j 
00000 1 
00000 += 
00000 oo 
00000 oo 
0000 5090 
00000 00 
00000 00 
00000 
00 
1000 
00 
00 
oo 
oOo 1500 
oo oo 
oo oOo 
oo PES] 
00 00 
20 00000 GOOO 20 _— 
oo 00000 00000 OO 
oO O00000 00000 oo 
00 OGOOGO 00000 oo 
FIGURE 3-15 The light switch oO 00000 00000 OO 
breadboard layout 0023 00000 00000 2500 
salta clica 00000 00000 


03-ch03.indd 41 12/29/12 1:56 PM 


42 


Battery + 


03-ch03.indd 42 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 3 


Hacking Electronics 


different, so read through the following sections carefully and 
you should be able to work out how to change your light. To 


make life easy for yourself, try and find a push light that 
operates from 6V (4 AA or AAA cells). 

You will probably find screws on the back of the 
push light. Remove these and put them somewhere safe. 
The inside of the push light is shown in Figure 3-18. The 
various connections on the light are marked. You can 
find the corresponding connections on your light using a 
multimeter. 

Setting the multimeter to 1ts 20V DC range will let 
you determine which battery lead 1s positive and which is 
negative. Looking at the wiring, we can draw a schematic 
diagram for the light as 1t stands, before we start altering 
1t (Figure 3-19). 


Yellow wires to lamp 


3 Figure 3-16 The light switch 
: breadboard 


: FIGURE 3-17 A push light 


Wire linking left and right 
halves of battery box 


Battery — 


Switch 
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This light uses an old-fashioned incandescent bulb. We 
will replace that with a high-brightness LED. If you don't 
have one of these, a regular LED of the color of your choice 
will work, but not be very bright. 

Figure 3-20 shows how we replaced the bulb with the 
LED and the 2200 resistor. Make sure the longer positive lead 
of the LED is connected to the resistor and the far side of that 
resistor 1s connected to the positive terminal of the battery. 

l Try pressing the switch to make sure the LED is working. 
Figure 3-19 The schematic ; We can now draw a schematic that combines what we 
e d 3 have in the existing lamp and our LDR circuit (Figure 3-21). 

braco In fact, all this really amounts to 1s adding in the switch to 

the original LED schematic. We have already installed R3 and 
, D1 when we replaced the bulb with 
an LED. The switch is already there, 
so all we need to add is the transistor, 

LDR, and R2. Figure 3-22 shows 

how we will rewire the push light. 

Figure 3-23 shows the sequence 
of steps in soldering the extra 
components onto the light. 


1. Start by desoldering the lead from 
the switch that isn’t connected 


to the negative battery terminal 
(Figure 3-23a). 


Ficure 3-20 Replacing the : 2. Solder the 10kQ resistor R2 between the middle lead of 
bulb with an LED and a resistor : the transistor (the base) and the positive terminal on the 
PP battery box. 


3. With the flat of the transistor facing upward, as shown 
in the diagram, connect the left-hand lead of the 
transistor to the wire you just disconnected from the 
switch (Figure 3-23b). 


4. Solder the LDR between the left and middle pins of the 
transistor, and connect the combined left-hand transistor 
lead and LDR lead to the connection on the switch that 
the wire used to be attached to. (See Figure 3-23c.) 


213004 5. Tuck the components away neatly, bending the leads to 
make sure there is no way the bare leads can touch each 
other. (See Figure 3-23d.) 


si 
FiGuRE 3-21 The final schematic : 


There you are! You have hacked some electronics. 
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: FiGuRE 3-22 The push light 
: wiring diagram 


: Figure 3-23 Soldering the 
: project 
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How to Choose a Bipolar Transistor 


The transistor we used in the previous section, “Hack a Push 
Light to Make It Light Sensing,” 1s a useful general-purpose 
transistor. But there are many other types of transistors that we 
can use for different purposes. This section 1s to help you find 
the right transistor and try to use it in such a way that it doesn’t 
die in a puff of smoke. 


Datasheets 


Transistors have a number of parameters we need to know 
about. All transistors have an associated datasheet. This is 
produced by the manufacturer and specifies everything you 
could possibly want to know about the device, from the 
dimensions of its leads to its electrical characteristics. 

Most of the time you will use one of three or four transistors 
and will not need to look into the exact details of how the 
transistor behaves, but if you do need to, it’s there on the 
datasheet. So, you may just want to skip to the next subsection 
where we look at a few different types of transistors—3ust the 
useful ones, nothing exotic. 

Table 3-1 shows some of the data you will find on the 
2N3904’s datasheet under maximum ratings. 

Maximum Collector-Emitter and Collector-Base voltages 
of 40V and 60V mean we do not have to worry about exceeding 
them in battery-powered devices. We need to be careful that we 
do not exceed the emitter-base voltage though. 

The maximum collector current of 200mA is quite healthy 
though. It means we could in theory control ten LEDs, all taking 
20mA at the same time. If we do exceed this value, then the 
transistor will get hot and eventually fail. 

The one electrical characteristic we are most interested in 1s 
DC current gain or h,, as it will be called on the datasheet. This 

is listed in the electrical characteristics 
Absolute Maximum Ratings section of the datasheet. 
You may remember that the DC 


Symbol Parameter Value Units ND 5 as ; 
— gan is the multiplier that determines 
Vero  Collector-Emitter Voltage 40 Y howmuch more current can flow in 

Vigo Collector-Base Voltage 60 V through the base than the collector. 

Vo Emitter-Base Voltage 6.0 V Looking at Table 3-2, this means that 

I Collector Current — Continuous 200 mA at a collector current of 10mA and a 


C 


2N3904 Maximum Ratings collector emitter voltage of 1.0V (it’s 
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Symbol Parameter Test Condition Min Max Units 
ON CHARACTERISTICS 
he. DC Current Gain I= 0.1 mA, Vo= 10V 40 
[,=1.0mA,V,, =1.0V 70 
I- = 10 mA, V,,, = 1.0V 100 300 
[,=50 mA, Vœ = 1.0V 60 


I =100 mA, V,, =1.0V 30 


| TABLE 3-2 | 2N3904 Electrical Characteristics 


nearly always about that), the typical gain will be 100, meaning 
that only 10mA / 100 = 100nA needs to be flowing into the base 
for this amount of current to flow through the collector. 


MOSFET Transistors 


The 2N3904 is what is called a bipolar transistor. It’s basically a 
device that amplifies current. A small current into the base controls 
a much bigger current flowing through the collector. Sometimes, 
the current gain of just 100 or so is not nearly enough. 

There is another type of transistor that does not suffer from 
this limitation called the MOSFET (Metal Oxide Semiconductor 
Field Effect Transistor). You can see why it gets shortened to 
MOSFET. These transistors are controlled by voltage rather 
than current and make very good switches. 

MOSFETs do not have emitters, bases, and collectors, they 
have “sources,” “gates,” and “drains.” They turn on when the 
gate voltage passes a threshold, usually about 2V. Once on, 
quite large currents can flow through the “drain” to the “source” 
rather like a bipolar transistor. But since the gate is isolated 
from the rest of the transistor by a layer of insulating glass, 
hardly any current flows into the gate. It is the voltage at the 
gate that determines what current will flow. 

We will meet MOSFETs again later in the section “How to 
Use a Power MOSFET to Control a Motor,” and in Chapter 7 in the 
section “How to Control Motor Speed with a Power MOSFET.” 


PNP and N-Channel Transistors 


The automated light switch of the previous section switched 
on the “negative side of the load.” That is, if you go back to 
Figure 3-21, you can see that the resistor and LED that make 
up the light are not connected to GND except through the 
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transistor. If for some reason (and this does happen) 
we wanted to switch the positive side, then we 
would need to use a PNP equivalent of the NPN 
2N3904, such as the 2N 3906. NPN stands for 
Negative-Positive-Negative, and yes, you can guess 
what PNP stands for. That is because transistors are 
kind of semiconductor sandwiches, with material 
of either N or P type as the bread. If the bread is 
N type (the most common), then the base voltage 
needs to be higher than the emitter voltage (by about 
0.5V) before the transistor starts to turn on. On the 
other hand, a PNP transistor turns on when the base 
voltage is more than 0.5V lower than the emitter 
voltage. 

If we wanted to switch the positive side, we 
could use a PNP transistor (as shown in the PNP alternative to 


FiGURE 3-24 Using a PNP 
bipolar transistor 


ataca Figure 3-21) displayed in Figure 3-24. 
MOSFETs also have their own equivalent of PNP transistors 
called P-channel, their version of the more common NPN being 
called N-channel. 


Common Transistors 


The transistors in Table 3-3 will cover a wide range of transistor 
applications. There are thousands and thousands of other 
transistors, but in this book we only really use them for switching, 
so these will cover most “bases”! 


Appendix Max Switching 
Name Code Type Current Notes 


Low/medium-current switching 


2N3904 Sl NPN bipolar 200mA Current gain about 100 

2N3906 S4 PNP bipolar 200mA Current gain about 100 

2N7000 S3 N-channel 200mA 2.1V gate-source threshold 
MOSFET voltage; turns on when gate 


1s 2.1V higher than source 
High-current switching 


FOP30N06 S6 N-channel 30A 2.0V gate-source threshold 
MOSFET voltage; turns on when gate 
is 2.0V higher than source 


| TABLE 3-3 | Really Useful Transistors 
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How to Use a Power MOSFET d - drain y 
to Control a Motor 


Figure 3-25 shows the schematic symbol and the 


pinout for the FQP30N06 N-channel MOSFET. g-gate s- source =" 
This MOSFET is capable of controlling loads of g d % 

up to 30A. We are not going to push it any way near l 

that far, we are just going to use it to control the power to a : Figure 3-25 The FOP30N06 

small electric motor that might have a peak load of 1 or 2A. ; N-channel MOSFET 


While this would be too much for the bipolar transistors that 
we have been using so far, this MOSFET will hardly notice! 


You Will Need 


To try out this high-power MOSFET, you will need the 
following items. 


Quantity Item Appendix Code 
1 Solderless breadboard TS 
Solid-core jumper wire T6 
1 4 x AA battery holder H1 
1 4 x AA batteries 
1 Battery clip H2 
l Multimeter T2 
1 10kQ trimpot K1 
1 FQP30N06 MOSFET S6 
1 6V DC motor or gear motor H6 


The DC motor can be any small motor you can find 
that is around 6V. A motor rated at 12V should still turn at 
6V. To test it, just connect its terminals directly to the 6V 
battery. 


Breadboard 


The schematic diagram for what we will make is shown in 
Figure 3-26. 

The variable resistor will control the voltage at the 
gate of the MOSFET. When that gate voltage exceeds the 
gate threshold, the transistor will turn on and the motor 


3 Ficure 3-26 A schematic for the 
will start. : MOSFET experiment 
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FIGURE 3-27 The breadboard 
layout for the MOSFET experiment 


Figure 3-28 The MOSFET 
experiment 
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CHAPTER 3: 


Basic Hacks 


The breadboard layout for the project and a photograph of the 
experiment in action are shown in Figure 3-27 and Figure 3-28. 

To connect the motor to the breadboard, you will probably 
need to solder a pair of leads to it. It does not matter which way 
around you connect the motor. The polarity just determines 
which direction the motor turns. So 1f you swap the motor leads 
over, it will turn in the opposite direction. 

Try turning the knob on the variable resistor. You will see 
that you do not have a great deal of control over the speed of 
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the motor. If you hover around the threshold voltage, you can 
control the motor speed, but you can probably see why the 
MOSFET is most commonly used as a switch that is either 
on or off. 

This kind of MOSFET is called a logic level MOSFET, 
because its gate voltage is low enough to be controlled directly 
by digital output pins on a microcontroller. This is not true of all 
MOSFETs. Some have gate threshold voltages of 6V or more. 

In Chapter 7, you will use a MOSFET to finely control the 
motor speed. 


How to Select the Right Switch 


On the face of it, a switch is a very simple thing. It closes two 
contacts, making a connection. Often, that is all you need, but 
other times you will require something 
more complicated. For example, let’s 
say you want to switch two things at the 
same time. 

There are also switches that only 
make the contact while you are pressing 
them, or ones that latch in one position. 
Switches may be push button, toggle, or 
rotary. There are many options to choose 
from and in this section we will attempt 
to explain the options. 

Figure 3-29 shows a selection of switches. 


Push-Button Switches 


Where so many things use a microcontroller, a simple push switch 

is probably the most common type of switch (Figure 3-30). 
This kind of switch is designed to be soldered directly 

onto a circuit board. It will also fit onto our 


breadboard, which makes it quite handy. A : D A 
The confusing thing about this switch 2, 
is that it has four connections where | | 
B — =i SS 


you would only expect there to be two. 
Looking at Figure 3-30, you can see that 
connections B and C are always connected together, as are : 
A and D. However, when the button is pressed, all four pins oe LL o 
are all connected together. 

This does mean that you need to be careful to find the right 
pins or your switch will be connected all the time. 


po 


B 
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If there is any doubt about how the switch works, use your 
multimeter set to Continuity mode to work out what is connected 
to what—first without the switch pressed and then with the 
switch pressed. 


Microswitches 


A microswitch is another type of handy switch. They are not 
designed to be pressed directly, but are often used in things like 
microwave ovens to detect that the door is closed, or as anti- 
tamper switches that detect when the cover is removed from an 
intruder alarm box. 

Figure 3-31 shows a microswitch—with three pins! 

The reason a microswitch has three pins rather than just two 
is that it is what is known as a “double throw” or “change-over” 
switch. In other words, there is one common connection C and 
two other connections. The common connection will always 

A (N.C.) B (N.O.) C be connected to one of those contacts, but 
never both at the same time. The normally 
open (n.o.) connection is only closed when 
the button 1s pressed; however, the normally 
closed (n.c.) connection is normally closed, 
and only opens when the button is released. 

_ a= A If you have one of these switches, you 

E si” B might like to connect your multimeter to it. 
Attach one lead to the common connection 
and use it to find the n.c. connection, then 
press the button and the beep should stop. 


FIGURE 3-31 A microswitch 3 Toggle Switches 


If you look through a component catalog (which every good 
electronics hacker should), you will find a bewildering array of 
toggle switches. Some will be described as DPDT, SPDT, SPST, 
or SPST, momentary on, and so forth. 

Let’s untangle some of this jargon, with a key for these 
cryptic letters: 


O D=Double 
O S=Single 
O P=Pole 

Oo T= Throw 
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So, a DPDT switch is double pole, double throw. The word 
“pole” refers to the number of separate switch contacts that are 
controlled from the one mechanical lever. So, a double pole 
switch can switch two things on and off independently. A single 
throw switch can only open or close a contact (or two contacts 
if it is double pole). However, a double throw switch can make 
the common contact be connected to one of two other contacts. 
So, a microswitch is a double throw switch because it has both 
normally closed and normally open contacts. 

Figure 3-32 summarizes this. 

Notice in Figure 3-32 that when drawing a schematic with 
a double pole switch, it is normal to draw the switch as two 
switches (Sla and S1b) and connect them with a dotted line to 
show they are linked mechanically. 

The matter is further complicated because you can have 
three poles or even more on a switch, and double throw switches 
are sometimes sprung, so they do not stay in one or both of 
these positions. They may also have a center-off position where 
the common contact is not connected to anything. PAES A A AN 


3 FiGURE 3-32 Toggle switches— 
: poles and throws 


SPST SPDT 


5i ; 51 


DPDT 


Sia Sib 
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You might see a switch described as “DPDT, On-Off-Mom.” 
Well, we know what the DPDT bit means. It will have six legs 
for a start. The “On-Off-Mom” part means that it also has a 
center position, where the common connection is not made 
to anything. Switch it one way and it will be on to one set of 
contacts and stay in that position. Switch it the other way and it 
will be sprung to return to the central position, allowing you to 
make a “momentary” connection. 

A lot of this terminology applies to other kinds of switches 
in addition to toggle switches. 


Summary 


We now know a bit about voltage, current resistance, and power. 
In the next chapter, we will use these ideas in looking at how to 
use LEDs. 
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LEDs 


EDs (light-emitting diodes) are diodes that emit light when a current passes through them. Well 

on the way to completely replacing filament light bulbs in almost all applications, they can be 
used as indicators and, with the very high brightness types of LED, can provide illumination. 

They are much more efficient than conventional light bulbs, producing far more light per 
watt of power, and are a lot less delicate. 

LEDs do, however, require a little more thought when used. They have to be powered with 
the correct polarity and require circuitry to limit the current flowing through them. 


How to Stop an LED from Burning Out 


LEDs are delicate little things and quite easy to destroy accidentally. One of the quickest ways of 
destroying an LED is to attach it to a battery without using a resistor to limit the current. 
To get to grips with LEDs, we will put three different color LEDs on our breadboard (Figure 4-1). 


You Will Need 


Quantity Names Item Appendix Code 
1 Solderless breadboard ES 
1 D1 Red LED K1 
1 D2 Yellow LED K1 
1 D3 Green LED K1 
1 RI 3300 resistor K2 
2 R2, R3 2200 resistor K2 

Jumper wires T6 
1 4 x AA battery holder H1 

Battery clip H2 
4 AA batteries 
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Diodes 


We need to understand LEDs a little 
better if we are to successfully use 
them. LED stands for light-emitting 
diode, so let’s start by looking at 
what a diode is (Figure 4-2). 

A diode is a component that 
only lets current flow in one 
direction. It has two leads, one 
called the anode, and the other 
called the cathode. If the anode is 
at a higher voltage than the cathode 
(it has to be greater by about half a 
volt), then it will conduct electricity and is said to be “forward- : Figure 4-1 LEDs on a breadboard 
biased.” If on the other hand the anode isn’t at least half a volt RE rece ree eco ee rer eee eee erry 
higher than the cathode, it is said to be “reverse-biased” and no 
current flows. 


LEDs 


An LED is just like a regular diode except that when it is 
forward-biased, it conducts and generates light. It also differs 
from a regular diode in that the anode usually needs to be at 
least 2V higher than the cathode for it to be forward-biased. 
Figure 4-3 shows the schematic diagram for driving an LED. 
The key to this circuit is to use a resistor to limit the current Cathode 
flowing through the LED. A normal red LED will typically just Figure 4-2 A diode 
be lit at about 5mA and 1S designed to be used at around 10 to errr cere tre Tere ee ee ee eee cee ec 
20mA (this is called the “forward current” or 1,). We will aim 
for 15mA for our LED. We can also 
assume that when it is conducting, 
there will be about 2V across it. 
This is called the “forward voltage” 
or V,.. That means there will be 
6 — 2 = 4V across the resistor. 
So, we have a resistor that has 
a current flowing through it (and 
the LED) of 15mA and a voltage 
across it of 4V. We can use Ohm’s 
law to calculate the value of 
resistance we need to achieve this: 


Ve=6-2=4V 


Ve =2V 


R=V/I=4V/0.015A = 2670 : Ficure 4-3 Limiting current to 
: an LED 
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Parameter Red Green Yellow Orange Blue Units 
Maximum forward current (I,) 2) 295 23 25 30 mA 
Typical forward voltage (V_) 17 2l 2.1 2l 3.6 V 
Maximum forward voltage 2 3 3 3 4 V 
Maximum reverse voltage 3 3 5 5 3 V 


| TABLE 4-1 | CN An LED Datasheet 


Resistors come in standard values, and the nearest higher 
value in our resistor starter kit is 3300. 

As I mentioned earlier, a red LED will almost always light 
quite brightly with something like 10-20mA. The exact current 
is not critical. It needs to be high enough to make the LED light, 
but not exceed the maximum forward current of the LED (for a 
small red LED, typically 25mA). 

Table 4-1 shows a section of the datasheet for a typical 
range of LEDs of different colors. Note how V, changes for 
different color LEDs. This will mean you may need to use a 
different resistor, but usually if the supply voltage is above 
say 6V, then small variations in V, for color will not require a 
different resistor value. 

The other parameter you should be aware of is the 
“maximum reverse voltage.” If you exceed this by, say, wiring 
your LED the wrong way around, it 1s likely to break the LED. 

Many online series resistor calculators are available that— 
given the supply voltage V, and current I, for your LED—will 
calculate the series resistor for you. For example: 


www.electronics2000.co.uk/calc/led-series-resistor- 
calculator.php 


Table 4-2 1s a useful rough guide, assuming a forward 
current of around 15mA. 


Supply Voltage 

(V) Red Green, Yellow, Orange Blue 
910 600 none 
2200 1800 910 
2700 / 3300 2200 1800 
4700 4700 3600 

12 6800 6600 5600 


| TABLE 4-2 | Uy Series Resistors for LEDs 
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Trying It Out 


You might like to try out your LEDs and get them lit up on the 
breadboard. So, using Figures 4-4 and 4-5 as a guide, wire up 
your breadboard. Remember that the longer lead of the LED is 
normally the anode (positive) and thus should be to the left of 
the breadboard. 


An important point to notice here is that each LED has its 
own series resistor. It is tempting to use one lower value current 
limiting resistor and put the LEDs in parallel, but don’t do this. 
If you do, the LED with the lowest V, will hog all the current 
and probably burn out, at which point the LED with the next 
lowest V, will do the same, until all the LEDs are dead. 


: Figure 4-5 An LED breadboard 
: layout 


rechargeable 


00000 0000 
00000 DO00COdG 
00000 0000 
00000 0000 
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How to Select the Right LED for the Job 


LEDs come in all colors, shapes, and sizes. Many times, you 
just want a little indicator light, in which case a standard red 
LED is usually fine. However, there are many other options, 
including LEDs bright enough to be used as lamps. 


You Will Need 


Appendix 

Quantity Names Item Code 
l Solderless breadboard T5 
1 D1 RGB common cathode LED S4 
3 R1-R3 5000 trimpot R3 
1 RI 3300 resistor K2 
2 R2, R3 2200 resistor K2 

Jumper wires T6 
1 4 x AA battery holder H1 
1 Battery clip H2 
4 AA batteries 


Brightness and Angle 


When selecting an LED, they may simply be described as 
“standard” or “high brightness” or “ultra-bright.” These terms 
are subjective and open to abuse by unscrupulous vendors. What 
you really want to know 1s the LED”s luminous intensity, which 
is how much light the LED produces. You also want to know the 
angle over which the LED spreads the light. 

So, for a flashlight, you would use LEDs with a high 
luminous intensity and a narrow angle. Whereas for an indicator 
light to show that your gadget is turned on, you would probably 
use an LED with a lower luminous intensity but a wider angle. 

Luminous intensity is measured in millicandela or mcd, and 
a standard indicator type LED will typically be around 10 to 
100 mcd, with a fairly wide viewing angle being 50 degrees. A 
“high brightness” LED might be up to 2000 or 3000 mcd, and 
an ultra-bright anything up to 20,000 mcd. A narrow beam LED 
is about 20 degrees. 
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Multicolor 


We have already explored the more common LED colors, but 
you can also get LED packages that actually contain two or 
three LEDs of different colors in the same package. Common 
varieties are red/green as well as full-color RGB (Red Green 
Blue). By varying the proportion of each color, you can change 
the color of the light produced by the LED package. 

Figure 4-6 shows the schematic we can use to try out a little 
experiment with an RGB LED. 

We are going to use a variable resistor with each of the red, 
green, and blue LEDs. The fixed resistors (R4, R5, and R6) 
are to prevent too much current flowing when the slider of the 
variable resistor is right at 6V. 

Figure 4-7 shows the breadboard layout for this. The common 
lead of the LED is the longest lead, while the other three are the 
three-color anodes. 

Once all the components are in the board and you have 
attached the battery, you should be able to mix various colors by 
changing the position of the three sliders. Figure 4-8 shows the 
circuit in operation. 


IR and UV 


As well as visible LEDs, you can also buy LEDs whose light is 
invisible. This is not as pointless as you might think. Infrared 
LEDs are used in TV remote controls, and ultraviolet LEDs are 


: Figure 4-6 An RGB LED test 
: schematic 


Common Cathode RGB LED 
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Figure 4-7 An RGB LED test 
breadboard layout 
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used in specialist applications such as checking the authenticity 
of bank notes and making people’s white clothes light up 


FiGURE 4-8 An RGB test 
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Use these LEDs just like any other 
LED. They will have a recommended 
forward current and voltage and will 
need a series resistor. Of course, 
checking that they are working is 
trickier. Digital cameras are often a 
little sensitive to infrared and you may 
see a red glow on the screen. 


LEDs for Illumination 


LEDs are also finding their way into 
general household lighting. This has 
come about because of improvements 
in LED technology that have produced 
LEDs with a brightness comparable to 
incandescent light bulbs—well, they 
are getting there anyway. Figure 4-9 
shows one such high-brightness LED. 
In this case, it’s a 1-W LED, although 
3-W and 5-W LED modules are also 
available. 
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The cool-looking star shape 1s 
thanks to the aluminum heat sink that 
the LED is attached to. At full power, 
these LEDs produce enough heat to 
warrant such a heat sink to disperse the 
heat into the air. 

These LEDs can use a resistor to 
limit the current, but a quick calculation 
will show you that you will need quite 
a high-power resistor. A better approach 
to using these LEDs is to use a constant 
current driver, which is the subject of the 
next section. 


How to Use a LM317 to Make 
a Constant Current Driver 


Using a resistor to limit the current is all right for small LEDs. 
However, it is a bit hit or miss since it is very dependent on the 
LED being used and the power being provided. So for low- 
power LEDs, where the supply current is not critical it works 
okay. For high-power LEDs, you can use a series resistor (it 
will need to be quite high power), but a better way is to use a 
constant current driver. 

As the name suggests, the constant current driver will supply 
the same current whatever voltage it is supplied with and whatever 
the forward voltage of the LED. You just set the current and that is 
how much current will flow through the high-power LED. 

A very useful IC that is often used for this purpose is the 
LM317. This IC is primarily intended as an adjustable voltage 
regulator, but can easily be adapted for use in regulating current. 

This project will start off on breadboard and then we will 
cut the top off a battery clip and solder the LM317 and resistor 
to it to make an emergency 1-W LED light. 


You Will Need 


Quantity Names Item Appendix Code 
1 Solderless breadboard T5 
1 D1 1-W white Lumileds LED S3 
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Quantity Names Item Appendix Code 
E RI 4.70 resistor K2 
1 Battery clip (to destroy) H2 
1 PP3 9V battery 
Jumper wires T6 
Design 


Figure 4-10 shows the schematic diagram for regulating the 
current to a high-power LED like the one shown in Figure 4-9. 

The LM317 is very easy to use in a constant current mode. 
It will always strive to keep 1ts output voltage at exactly 1.25V 
above whatever voltage the Adj (adjust) pin is at. 

The LED we are going to use is a 1W white light LED. It 
has an I, (forward current) of 300mA and a V, (forward voltage) 
of 3.4V. 

The formula for calculating the right value for R1 for use 
with the LM317 1s: 


R =1.25V / 1 


so in this case, R = 1.25 / 0.3 = 4.20 
If we used a standard resistor value of 4.70, then this would 
reduce the current to: 


T= 1.25V /4.70 = 266 mA 


Checking the power rating for the resistor, the LM317 will 
always have 1.25V between Out and Adj. So: 


P=VxI=1.25V x 266mA = 0.33W 


Figure 4-10 An LM317 constant 
current LED driver schematic 


1.25V 


3.4V 
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A half-watt resistor will therefore be fine. 

The LM317 also needs its input to be about 3V higher 
than its output to guarantee 1.25V between Adj and the output. 
This means that a 6V battery would not be quite high enough 
because the forward voltage is 3.4V. However, we could drive 
the circuit using a 9V battery or even a 12V power supply 
without modification, since whatever the input voltage, the 
current will always be limited to about 260mA. 

A quick calculation of the power consumed by the LM317 
will reassure us that we are not going to come near exceeding 
its maximum power rating. 

For a 9V battery, the voltage between In and Out will be 
9 — (1.25 + 3.4) = 4.35V. The current is 260mA, so the power is: 
4.35 x 0.26 = 1.13W. 

According to its data sheet, the maximum power handling 
capability of the LM317 is 20W, and it can cope with a current 
of up to 2.2A for a supply voltage of less than 15V. So we 
are fine. 


Breadboard 


Figure 4-11 shows the breadboard layout for this, and Figure 4-12 

displays the actual breadboard. These LEDs are almost painfully 

bright, so avoid staring at them. When working with them, I 

cover them with a sheet of paper so I can see when they are on on 


without being temporarily blinded! i Figure 4-11 The LED constant 
current driver breadboard layout 
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Figure 4-12 The LED constant 
current driver 
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You will need to solder lengths of solid-core wire to the 
LED’s terminals so it can plug into the breadboard. It is a good 
idea to leave the insulation on so there is no chance of the bare 
wires touching the heat sink and shorting. 


Construction 


We will use this to make a little emergency lantern by hacking 
a battery clip to build the electronics on top of it so it can be 
clipped on top of a PP3 battery in the event of a power failure 
(Figure 4-13). 

Figures 4-14a thru 4-14d shows the stages involved in 
soldering this up. 

First, remove the plastic from the back of the battery clip using 
a craft knife. Then, unsolder the exposed leads (Figure 4-14a). 

The next step (Figure 4-14b) is to solder the Input lead 
of the LM317 to the positive terminal of the battery clip. 
Remember that the positive connector on the clip will be the 
opposite of the connector on the battery itself, so the positive 
connector on the clip 1s the socket-shaped connector. Gently 
bend the leads of the LM317 apart a little to make this easier. 

Now solder the LED in place making sure the cathode of 
the LED goes to the negative connection on the battery clip 
(Figure 4-14c). 


Figure 4-13 Emergency LED 
lighting 
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(d) 
(c) 


3 Figure 4-14 Making an 
Finally, solder the resistor across the two topmost leads of : emergency 1-W LED light 
esiM Eme jj "mino 


How to Measure the Forward 
Voltage of an LED 


If you want to power lots of LEDs at the same time, it is a good 
idea to test a few of the LEDs you actually intend to use and 
measure the forward voltage at the current you intend to use. 
Figure 4-15 shows how you would do this. 

Figure 4-15a shows the schematic diagram. A variable 
resistor 1s used to vary the current through the LED and when 
the desired forward current is set, the voltage can be read. 

The current and voltage do not have to be read at the same 
time, but if you do have two meters, this does make life easier. 
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Set the variable resistor to its middle 
point and wire up the breadboard as shown 
in Figure 4-15b. You will probably have to 
move the positive lead of your multimeter to a 
different socket when measuring current. Select 
a current range of 200mA DC. Now adjust the 
variable resistor until the current reads 20mA. 

We can now measure the voltage across the 
LED. To do this, first disconnect the multimeter, 
put the positive multimeter back in the right 
socket for measuring voltage, and then change 
the range to 20V DC. Wire it up as shown in 
Figure 4-15c and measure the voltage. In this 
case, it was 1.98V. 


FiGurE 4-15 Measuring the 
forward voltage of an LED 


You Will Need 


Quantity Names Item Appendix Code 
l Solderless breadboard T5 
1 D1 LED K1 
3 RI 5000 trimpot R3 
Jumper wires T6 
1 4 x AA battery holder H1 
Battery clip H2 
4 AA batteries 
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How to Power Large Numbers of LEDs 


If you use something like a 12V power supply, you can put 
a number of LEDs in series, with just one LED. In fact, if 
you know the forward voltages fairly 

accurately, and the power supply is well Yin 
regulated, you can get away without any 

series resistor at all. 

So, if you have fairly standard LEDs 
that have a forward voltage of 2V, then 
you could just put six of them in series. 

However, it will not be terribly easy to 
predict how much current the LEDs 
will take. 

A safer approach is to arrange the 
LEDs in parallel strings, each string 
having its own current-limiting resistor 
(Figure 4-16). 

Although the math for this isn’t too 
hard, there can be a fair bit of it, so you = 
can save yourself a lot of time by using an online calculator like : 
http://led.linearl .org/led.wiz (Figure 4-17). ng mp oer Ge 


> 
a. 
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LED series/parallel array wizard 

The LED series/parallel array wizard is a calculator that will help you design large 
arrays of LEDs. The LED calculator was greal for single LEDs—bul when you have 
several, the wizard will help you arrange them in a series or combined series/parallel 
configuration. The wizard determines the current limiting resistor value for each portion 
of the array and calculates power consumed. All you need to know are the specs of 
your LEDs and haw many you'd like to use. 


C help with resistor color codes 


(design my array) 


The wizard says: In solution 0: 

sach 6.8 ohm resistor dissipates 2.72 mW 

the wizard thinks 1/44 resistors are fine for your application [a 

together, all resistors dissipate 5.44 mW 

together, the diodes dissipate 475,2 mW 

total power dissipated by the array is 480.64 mW l 

the array draws current of 40 mA from the source. : FIGURE 4-17 The LED wizard 


04-ch04.indd 68 1/15/13 12:26 PM 


04-ch04.indd 69 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 4 


CHAPTER 4: LEDs 


In this particular designer, you enter the source voltage for 
the overall supply, the LED forward voltage, the desired current 
for each LED, and the number of LEDs you want to light. The 


wizard then does the math and works out a few different layouts. 


One consideration 1s that where you have a string of LEDs 
in series, if any of the LEDs fail, then all the LEDs will be off. 


How to Make LEDs Flash 


The 555 timer IC is a useful little IC that can be used for many 
different purposes, but is particularly convenient for making 
LEDs flash or generating higher frequency oscillations suitable 
for making audible tones (see Chapter 9). 

We are going to make this design on breadboard and then 
transfer it to a more permanent home on a bit of stripboard. 


You Will Need 


Quantity Names Item Appendix Code 
1 Solderless breadboard T5 
1 D1 LED red K1 
1 D1 LED green K1 
1 RI 1kQ resistor K2 
1 R2 470k. resistor K2 
2 R3, R4 2200 resistor K2 
1 Cl luF capacitor K2 
1 IC] 555 timer K2 

Jumper wires T6 
1 4 x AA battery holder H1 

Battery clip H2 
4 AA batteries 


Breadboard 


The schematic for the LED flasher is shown in Figure 4-18. 

The breadboard layout is shown in Figure 4-19. Make sure 
you have the IC the right way up. There will be a notch in the 
IC body next to the top (pins 1 and 8). The capacitor and LEDs 
must both be the correct way around, too. 
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Figure 4-20 shows the finished 
breadboard. You should find that the LEDs 
alternate, each staying on for about a second. 

Now that we know that the design is right 
and everything works, try swapping out R2 
with a 100k0 resistor and notice the effect on 
the flashing. 

The 555 timer is a very versatile device, 
and in this configuration it oscillates at a 
frequency determined by the formula: 


frequency = 1.44 /([R1 +2 * R2] * C) 


where the units of R1, R2, and Cl are in Q 
and F. Plugging in the values for this design, 


we get: : Figure 4-18 The LED flasher 
: schematic 


frequency — 1.44 / ([1000 + 2 x 470000] x 0.000001) — 1.53 Hz o ete eee eee 


One hertz (or Hz) means one oscillation per second. When 
we use the 555 timer in a later chapter to generate an audible 
tone, we will be using the same circuit to generate a frequency 
in the hundreds of hertz. 

As with so many electronic calculations, there are also 
online calculators for the 555 timer. 


abcde fahi ] 
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FIGURE 4-19 The LED flasher 
: breadboard layout 
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Figure 4-20 The LED flasher on : | 
breadboard - j -— 
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How to Use Stripboard (LED Flasher) 


Breadboard is very useful for trying things out, but not so useful 
as a permanent home for your electronics. The problem is that 
the wires tend to fall out, and it’s all a bit big and bulky. 
Stripboard (Figure 4-21) is a bit 
like general-purpose printed circuit 
board. It is a perforated board with 
conductive strips running underneath, 
rather like breadboard. The board 
can be cut to the size you need and 
components and wires soldered onto it. 


Designing the Stripboard Layout 


Figure 4-22 shows the final stripboard layout for the LED 
flasher that we made in the previous section. It is not easy to 
explain how we got to this from the schematic and breadboard 
layout. There is a certain amount of trial and error, but there are 
a few principals you can follow to try and make it easier. 

The first is to use a drawing tool with a stripboard template. 
For Mac users, with OmniGraffle, a template is available for 
download from the book’s web site (www.hackingelectronics 
.com). There is also an image file that can be printed out and 
used as a template to sketch out the design. 

The Xs underneath the IC are breaks in the track, which we 
will make with a drill bit. One of the goals of a good stripboard 
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Battery (6V) : FIGURE 3-22 An LED flasher 
+ : stripboard layout 
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layout is to try and avoid making too many breaks in the track. 
Breaks are unavoidable for an IC like this. If we did not make 
them, pin 1 would be connected to pin 8, pin 2 to pin 7, and so 
on, and nothing would work. 

The colored lines on the board are linking wires. So, for 
instance, from the schematic diagram of Figure 4-18, we can 
see that pins 4 and 8 of the IC should be connected together and 
both go to the positive supply. This is accomplished by the two 
red linking wires. Similarly, pins 2 and 6 need to be connected 
together. This is accomplished by using the orange leads. 

Although logically the stripboard layout is the same as the 
schematic, the components are in rather different places. The 
LEDs are on the left in the stripboard layout and on the right on 
the schematic. It is not always like this, and it’s easier if they are 
similar, but in this case the left-hand pins of the IC include the 
output pin 3 that the LEDs need, and the pins connected to R1, 
R3, and Cl are all on the right-hand side of the IC. 

Try making a stripboard layout from the schematic, you 
may well come up with a different and better layout than the 
one I produced. 

The steps I went through in designing this layout are as 
follows: 


1. Place the IC fairly centrally, with a bit more room above 
than below and with pin 1 uppermost (convention). 


2. Find a good place for R3 and R4 to be put so the strips 
are at least three holes apart for one resistor lead, when 
the other lead of each resistor goes to pin 3. 
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3. Pick the top track of the stripboard to be +V so it can be 
close to the positive end of one of the LEDs 


4. Pick row 5 to be the ground connection. This way it can 
run straight on to pin 1 of the IC. 


5. Add a link wire from row 3 to row 9 to provide the 
negative connection for the LED D2. 


6. Put a jumper wire from pin 4 of the IC to row 1 (+V). 


Turning now to the right-hand side of the board: 


1. Put a jumper in connecting pin 8 of the IC to row 1 (+V). 


2.R1 and R2 both have one end connected to pin 7, 
so put them side by side with the far end of R1 going to 
row | (+V). 


3. R2 needs to connect to pin 6, but pin 6 and pin 7 of the 
IC are too close together for the resistor to lie flat, so take 
that lead up to the unused row 2 instead, then put jumpers 
from row 2 down to both pin 6 and pin 2 of the IC. 


4. Finally, C1 needs to go between pin 6 (or pin 2, but 6 
1s easier) and GND (row 9). 


A good way of checking that you have made all the 
connections you need is to print off the schematic and then go 
through each connection on the stripboard and check off its 
counterpart on the schematic. 

This may all seem a little like magic, but try it. It’s not as 
hard to do as it is to describe. 


You Will Need 


You will need all the components listed in the section “How to 
Make LEDs Flash,” plus the following items. 


Quantity Item Appendix Code 
l Stripboard 10 strips by 17 holes H3 

1 Soldering kit Tl 

1 Drill bit (1/8 inch) 


Before we start soldering, it is worth considering what kind 
of LEDs you want to use for this project. You may decide to 
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use higher-brightness LEDs or power the project from a lower 
voltage. If you do decide on this, recalculate the values for R3 
and R4 and try it out on the breadboard layout. The 555 timer 
IC needs a supply voltage between 4.5V and 16V, and the 
output can supply up to 200mA. 


Construction 
Step 1. Cut the Stripboard to Size 


There is no point in having a 
large bit of stripboard with just 
a few components on it, so the 
first thing we need to do is cut 
the stripboard to the right size. In 
this case, it’s ten strips each of 
17 holes. Stripboard doesn’t actually 
cut very well. You can use a rotary 
tool, but wear a mask because the 
dust from the stripboard is nasty 
and you really do not want it in your 
lungs. I find the easiest way to cut 
stripboard is actually to score it with a craft knife and metal ruler : Figure 4-23 A stripboard cut 
on both sides and then break it over the edge of your work surface. : to size 

Scare iencrosethe holes, not between em. When the board ninio ici 
1s cut, the copper underside will look like Figure 4-23. 


Step 2. Make the Breaks in the Tracks 


A good tip 1s to use a permanent marker and put a dot in the top 
left corner. Otherwise, 1t 1s very easy to get the board turned 
around, resulting in breaks and links being put in the wrong place. 
To make the breaks, count the position in rows and columns 
of the break from the top of the board layout and then push a bit 
of wire so you can identify the right hole on the copper side of 
the stripboard (Figure 4-24a). Using a drill bit, just “twizzle” it 
between thumb and forefinger to cut through the copper track. It 
usually only takes a couple of twists (Figure 4-24b and c). 
When you have cut all four breaks, the bottom side of the 
breadboard should look like Figure 4-25. Check very carefully 
that none of the burrs from the copper have lodged between 
the tracks and that the breaks are complete. Photographing the 
board and then zooming in is a great way of actually checking 
the board. 
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Figure 4-24 Cutting a track on 
stripboard 


FiGURE 4-25 The stripboard with 
breaks cut 
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Step 3. Make the Wire Links 


A golden rule of any type of circuit board 
construction, including when using stripboard, is 
to start with the lowest-lying components. This 

is so that when you turn the board on its back to 
solder it, the thing being soldered will stay in place 
through the weight of the board. 

In this case, the first thing to solder is the links. 

Strip and cut solid-core wire to slightly longer 
than the length of the link. Bend it into a U-shape 
and push it through the holes at the top, counting 
the rows and columns to get the right holes 
(Figure 4-26a). Some people get very skilled at 
bending the wires with pliers to just the right length. I find it 
easier to bend the wires with a bit of a curve so they will kind 
of squash into the right holes. I find this easier than trying to 
get the length just right from the start. 

Turn the board over (see how the 
wire is held in place) and solder the wire 
by holding the iron to the point where the 
wire emerges from the hole. Heat it for a 
second or two and then apply the solder 
until it slows along the track, covering the 
hole and wire (Figure 4-26b and c). 

Repeat this process for the other end 
of the lead and then snip off the excess 
wire (Figure 4-26d and e). 

When you have soldered all the 
links, your board should look like the 
one in Figure 4-27. 
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Step 4. Resistors 

The resistors are the next lowest components to the board, 
so solder these next, in the same way as you did the links. 
When they are all soldered, the stripboard should look 
like Figure 4-28. 
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Step 5. Solder the Remaining 
Components 

Next, solder the LED, capacitor (which can 
be laid on its side as shown in Figure 4-29), 
and finally the LEDs and connectors to the 
battery clip. 

That’s it. Now it’s time for the moment 
of truth. Before you plug it in, do a very 
careful inspection for any shorts on the 
underside of the board. 

If everything seems in order, connect 
the battery clip to the battery. 


FiGURE 4-27 The stripboard with 
all its links 


Troubleshooting 


If it does not work, immediately unplug it 
and go back though and check everything, 
especially that the LEDs, IC, and capacitor 
are the correct way around. Also check that 
the batteries are okay. 


FiGURE 4-28 The stripboard with 3 
resistors in place 
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Figure 4-29 The LED flasher on 
the stripboard 


12/29/12 2:11 PM 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 4 


78 Hacking Electronics 


How to Use a Laser Diode Module 


Lasers are best bought as laser modules. The difference between 
a laser module and a laser diode is that the module includes a 
laser diode as well as a lens to focus the beam of laser light and 
a drive circuit to control the current to the laser diode. 

If you buy a laser diode, you will have to do all this 


yourself. 
A laser diode module, such as the 1-mW module shown ' Ficure 4-30 A laser diode 
in Figure 4-30, comes with a datasheet that says it needs to be : module 


supplied with 3V. So, all you need to do is find it a 3V battery nn 
and connect it up. 


Hacking a Slot Car Racer 


Slot cars are a lot of fun, but could be improved by 
adding headlights and working brake lights to the car 
(Figure 4-31). 

LEDs are just the right size to be fitted front and 
back into a slot car. 


You Will Need 


You will need the following items to add lights to your slot car. 


Quantity Name Item Appendix Code 
l Slot car racer for modification 
1 D1 1N4001 S5, KI 
2 D2, D3 High-brightness white LED 5rmm S2 
2 D4, D5 Red LED 5mm S11 
4 R1-4 1kO resistor K2 
1 Cl 1000uF 16V-capacitor Cl 
Red, yellow, and black hookup wire T7, T8, T9 
1 * Two-way header plug and socket 


* T used a scavenged two-way header socket and plug to make it easier to work on the two 
halves of the car. This is not essential. 


The slot car used here was part of a build-your-own slot car 


that has plenty of room inside for the electronics. Plan ahead 
and make sure you can fit everything in. 
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Storing Charge in a Capacitor 


To make the brake lights stay on for a few moments after the car 
has stopped, you will need a capacitor to store charge. 

If you think back to the idea of electricity as water flowing 
in a river, then a capacitor is a bit like a storage tank. Figure 4-32 
shows how a capacitor can be used to store charge. 

Figure 4-32a shows a tank (c1) being filled with water 
through A. Throughout this, water will also flow along the top 
and drive a water wheel, turning electrical energy into motion, 
a bit like how a light bulb or LED turns electrical energy into 
light. The water falls out of the bottom, returning to ground. 
Imagine a pump (like a battery) pulling the water back up for 
another circuit. If the water stops flowing into C1 through A, 
then C1 will still be full of water that will keep the water wheel 
turning until the water level in C1 drops below that of the outlet 
of the water well. 

Figure 4-32b shows the electronic equivalent of this circuit. 
While the voltage at A is higher than GND, C1 will fill with 
charge and the light will be lit. 

When the voltage at A is disconnected, the capacitor will 
discharge through the light bulb, lighting it. As the level of 
voltage drops in the capacitor, the bulb will gradually dim until 
1t goes out as 1t reaches GND. 


FiGuRE 4-32 A capacitor as 
a tank 


(a) (b) 
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On the face of it, you can think of capacitors as being a bit 
like batteries. Both store charge. However, there are some very 
important differences. 


O Capacitors only store a tiny fraction of the charge that 
a battery of the same size can store. 


O Batteries use a chemical reaction to store electrical 
energy. This means their voltage remains relatively 
constant until they are spent, at which time it falls off 
rapidly. Capacitors, however, drop evenly in voltage as 
they discharge, just like the level of water decreasing 
in a tank. 


Design 


Figure 4-33 shows the schematic diagram for this modification. 
The headlights (D2 and D3) are powered all the time from 
the slot car’s connection to the track, so whenever the motor is 
running the LEDs will light. 
The brake lights are more interesting. These will automatically 


come on when the car stops, and then go off after a few seconds. Ferata Aschemáte 
To do this, we make use of a capacitor Cl. : diagram for the slot car 

: modification 
+3 to 16V 


Di 


R2 
1k£) 
=- 
= 
Ci 
1000yuF 
16 


GND 
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When the car is powered, C1 will be 
charged through D1. At this point, the brake 
lights D4 and D5 will not be lit because they 
will be reverse-biased—that is, the voltage 
going in from the car tracks will be higher 
than the voltage at the top of the capacitor. 

When you release the trigger on the 
controller, there will be no voltage coming 
in. Now the voltage at the top of the 
capacitor will be higher than the voltage 
coming in, so the capacitor will discharge 
through D4 and D5, making them light. 


Construction 


Figure 4-34 shows how the components are 
laid out in the two halves of the car. 

How you lay these out in your vehicle 
may vary depending on how much space 
you have. 

Holes were drilled in the case to take the 5mm LEDs. The 


FiGurE 4-34 The components 
inside the car ; } ; 
Misia LEDs are a snug fit in the holes and stay in place without any glue. 


Figure 4-35 shows a wiring diagram for the arrangement 
that makes it easier to see what is going on. 


Use your multimeter of the 20V range to identify 
which is the positive power connector on the contacts 
at the front of the car. This contact is connected to 
the red lead. 

The longer leads of the LEDs are the positive 
connections, and the capacitor’s negative lead 
should be marked with a “-”. 

The optional connector makes it easier to work 
on the two halves of the car separately. 


Testing 


Testing really just involves trying out the car on the 

track. If the headlight LEDs are not on as soon as 

i you squeeze the trigger on the controller, check 
Brake Lights the wiring, paying special attention to the polarity 

: of the LEDs. 


Figure 4-35 The wiring diagram : 
for the modified car i 
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We have learned how to use LEDs in this chapter, as well as picked 
up some good building skills so we can make our creations a bit 
more permanent using stripboard. 

In the next chapter, we will examine sources of power, 
including batteries, power supplies, and solar panels. We will 
also look at how to select the right kind of battery, repurpose old 
rechargeable batteries, and use them in our projects. 
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Batteries and Power 


verything that you make or adapt is going to need to get its power from somewhere. This 

might be from a household electricity adapter, solar panels, rechargeable batteries of various 
sorts, or just standard AA batteries. 

In this chapter, you will find out all about batteries and power, starting with batteries. 


| use the word “battery” to describe both batteries and cells. Strictly speaking, a battery 
is a collection of cells wired one after the other to give the desired voltage. 


Selecting the Right Battery 


There are many types of battery on the market. So, to simplify things, in this chapter we will just 
look at the most common types of battery, those that are readily available and that will be used in 
most of the devices in this book. 


Battery Capacity 


Whether single-use or rechargeable, batteries have a capacity—that is, they hold a certain amount 
of electricity. Manufacturers of single-use batteries often don’t specify this capacity in the 
batteries you buy from a supermarket. They just label them heavy duty / light duty, and so on. 
This is a little like having to buy milk and being given the choice of “big bottle” or “small bottle” 
without being able to see how big the bottle is or be told how many pints or liters it contains. 
One can speculate as to the reasons for this. One reason might be that battery producers think 
the public isn’t intelligent enough to understand a stated battery capacity. Another might be that 
the longer a battery is on the shelf, the more its capacity shrinks. Still another is that the capacity 
actually varies a lot with the current drawn from the battery. 

Anyway, if a battery manufacturer is kind enough to tell you what you are buying, the 
capacity figure will be stated in Ah or mAh. So a battery that claims to have a capacity of 
3000mAh (typical of a single-use alkaline AA cell) can supply 3000mA for one hour. Or, 
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alternatively, 3A for an hour. But it doesn’t have to draw 3A. 
If your project only uses 30mA, you can expect the battery to 
last 100 hours (3000/30). In truth, the relationship is not quite 
that simple, because as you draw more current, the capacity 
decreases. Nevertheless, this will do as a rule of thumb. 


Maximum Discharge Rate 


You cannot take a tiny battery like a CR2032 with a capacity 
of 200mAh and expect to power a big electric motor at 20A for 
1/100 of an hour (six minutes). There are two reasons for this. 
First, all batteries actually have an internal resistance. So, it is 
as if there is a resistor connected to one of the terminals. This 
varies depending on the current being drawn from the battery, 
but may be as high as a few tens of ohms. This will naturally 
limit the current. 

Second, when a battery is discharged too quickly, by too 
high a current, it gets hot—sometimes very hot, sometimes “‘on 
fire” hot. This will damage the battery. 

Batteries therefore also have a safe discharge rate, which is 
the maximum current you can safely draw from it. 


Single-Use Batteries 


Although somewhat wasteful, sometimes it makes sense to 
use single-use batteries that cannot be recharged. You should 
consider single-use batteries if: 


O The project uses very little power, so they will last a 
long time anyway. 


O The project will never be close to someplace where it 
can be charged up. 


Table 5-1 shows some common single-use batteries. These 
figures are typical values and will vary a lot between actual 
devices. 

Especially when it comes to the maximum discharge rate, 
you may get away with a lot more, or the battery may fail or get 
very hot with considerably less. It will also depend on how well 
ventilated a box they are in, as heating under high currents is a 
big problem. 

So in the spirit of hacking electronics, spend less time 
planning and more time trying. See how hot it gets and how long 
it lasts. After all, we are having fun here, not designing a product. 
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Typical Max. Discharge 
Type Capacity Voltage Current Features Common Uses 
Lithium 200mAh 3V 4mA with High Low-power 
button | | pulses up to temperature devices; 
cell (e.g., dl 12mA range (-30 to RF remote 
CR2032) 80°C); controls; 
small LED key ring 
lights, etc. 
Alkaline . 500mAh 9V 800mA Low cost; Small portable 
PP3 a readily available electronic 
battery devices; 
smoke alarms; 
guitar pedals 
Lithium 1200mAh 9V 400mA pulses Expensive; Radio receivers 
PP3 up to 800mA light; 
high-capacity 
AAA cell SOOmAh 1.5V 1.5A Low-cost; Small 
” continuous readily available motorized toys; 
remote controls 
AA cell p- 3000mAh 1.5V 2A continuous Low cost; Motorized toys 
y readily available 
C cell 6000mAh 1.5V Probably get High-capacity Motorized toys; 
away with 4A high-powered 
flashlights 
D cell 15,000mAh 1.5V Probably get High-capacity Motorized toys; 
away with 6A high-powered 
flashlights 


Single-Use Battery Types 


some of the photographs in the table are of branded batteries. The figures shown are for 
batteries of that type, not specifically the batteries listed. 


Roll Your Own Battery 


A single-cell battery with a voltage of just 1.5V is probably not 
going to be of any use. You will normally need to put a number 
of these cells in series (end to end) to produce a battery of the 
desired voltage. 

When you do this, you do not increase the capacity. If each 
cell was 2000mAh, then if you put four 1.5V batteries in series, 
the capacity would still be 2000mAh, but at 6V rather than 1.5V. 
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Battery holders such as the one shown 
in Figure 5-1 are a great way of doing this. 
Look closely at how the battery holder is 
constructed and you’Il notice how the positive 
of one battery is connected to the negative of 
the next, and so on. 

This holder is designed to take six AA 
batteries so as to produce an overall voltage of 
9V. Battery holders like this are available to 
take two, four, six, eight, or ten cells, both in 
AA and AAA. 

Another advantage of using a battery 
holder is that you can use rechargeable batteries 
instead of single-use batteries. However, rechargeable cells 


Ha l FIGURE 5-1 A battery holder 
normally have a lower voltage, so you have to take this into AS O 


account when calculating the overall voltage of your battery pack. 


Selecting a Battery 


Table 5-2 should help you decide on a suitable battery for 
your project. There 1s not always a best answer to the question 
“Which battery should I use?” and this table is definitely in the 
territory of rules of thumb. 

You should also do the math and include how frequently the 
battery will need replacing. 


Voltage 
Power 3V 6V 9V 12V 
Less than 4mA (short bursts) Lithium button cell 2 x Lithium button PP3 Unlikely 
or 12mA continuous (e.g., CR2032) cell (e.g., CR2032) 
Less than 3A (short bursts) 2 x AAA battery 4x AAA battery pack 6xAAA 8 x AAA 
or 1.5A continuous pack battery pack battery pack 
Less than 5A (short bursts) 2 x AAA battery 4x AAA battery pack 6xAAA 8 x AAA 
or 2A continuous pack battery pack battery pack 
Even more 2xCorD battery 4x C or D battery 6xCorD 8 x Cor D 
pack pack battery pack battery pack 


| TABLES-2 | Selecting a Single-Use Battery 


Rechargeable Batteries 


Rechargeable batteries can provide both cost and green benefits 
over single-use batteries. They are available in different types 
and in different capacities. Some, such as rechargeable AA or 
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AAA batteries, are designed as replacements for single-use 

batteries, and you remove them to charge in a separate charger. 

Other batteries are intended to be built into your project so 

all you have to do is plug a power adapter into your project 

to charge the batteries without removing them. The advent 

of cheap, high-capacity, low-weight lithium polymer (LiPo) 

batteries has made this a common approach for many items of 

consumer electronics. 
Table 5-3 shows some commonly used types of 

rechargeable batteries. 
Although there are many more types than this, these are the 

most commonly used batteries. Each type of battery has its own 

needs when it comes to charging, and we will look at each in 

later sections. 


Typical 
Type Capacity 
NiMH button SOmAh 
cell pack 
NiMH AAA 750mAh 
cell 
NiMH AA 2000mAh 
cell 
NiMH C 4000mAh 
cell 
Small LiPo lA 50mAh 
cell 
LC18650 — 2200mAh 
LiPo cell 
LiPo pack Eq 900mAh 
Sealed lead— = 1200mAh 
acid battery = 


Voltage 


2.4 or 
3.6V 


1.25V 


1.25V 


1.25V 


3.7V 


3.7V 


7.4V 


6/12V 


Features 
Small 


Low cost 


Low cost 


High capacity 


Low cost; 

high capacity for weight 
and size 

Low cost; 

high capacity for weight 
and size; 

slightly bigger than AA 


Low cost; 
high capacity for weight 
and size 


Easy to charge and use; 
heavy 


Common Uses 


Battery backup 


Replacement for single- 
use AAA cell 


Replacement for single- 
use AA cell 


Replacement for single- 
use C cell 


Micro-helicopters 


High-power flashlights; 
Tesla Roadster (yes, 
really —about 6800 of 
them) 


Cell phones, iPods, etc. 


Intruder alarms; 
small electric vehicles / 
wheelchairs 


| TABLE 5-3 Rechargeable Batteries 
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NiMH LiPo Lead-Acid 
Cost per mAh Medium Medium Low 
Weight per mAh Medium Low High 
Self-discharge High (flat in 2-3 months) Low (6% per month) Low (4% per month) 
Handling of full charge/ Good Good Good 
discharge cycles 
Handling of shallow Medium (regular full Medium (not well- Good 
discharge/charge discharge prolongs suited to trickle 
battery life) charging) 


| TABLES5-4 | Koy Characteristics of Different Battery Technologies 


Table 5-4 summarizes the features of NiMH, LiPo, and 
lead—acid battery technologies. 

If you want your project to charge a battery in place, then 
a LiPo or sealed lead—acid battery is probably the best choice. 
However, if you want the option to remove the battery and/ 
or use single-use batteries, then a AA battery pack is a good 
compromise between capacity and size. 

For ultra-high-power projects, lead—acid batteries, despite 
being an ancient technology, still perform pretty well, just as 
long as you don’t have to carry them around! They are also easy 
to charge and are the most robust of the technologies, offering 
the least chance of fire or explosion. 


Charging Batteries (in General) 


Certain principals apply no matter what kind of battery you are 
charging. So read this section before reading those that follow it 
concerning specific battery types. 


C 


The letter C is used to denote the capacity of a battery in Ah or 
mAh. So, when people talk about charging a battery, they often 
talk about charging at 0.1C or C/10. Charging a battery at 0.1C 
means charging it at 1/10 of its capacity per hour. For example, 
if a battery has a capacity of 2000mAh, then charging it at 0.1C 
means charging it with a constant current of 200mA. 
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Over-Charging 

Most batteries do not respond well to being over-charged. If 
you keep supplying them with a high charging current, you 
will damage them. They often also get hot. In the case of LiPo 
batteries, this can be “hot” in a fiery sort of way. 

For this reason, chargers often charge at a low rate (called 
trickle charging), so that the low current will not damage the 
battery. Clearly this makes charging slow. Or, they will use a 
timer or other circuitry to detect when a battery is full and either 
stop charging altogether, or switch to trickle charging, which 
keeps the battery topped up until you are ready to use it. 

With some kinds of battery, notably LiPos and the lead—acid 
variety, if you charge the battery with a constant voltage, then 
as the battery becomes charged, its voltage rises to match the 
charging voltage and the current naturally levels off. 

Many LiPo batteries now come with a little built-in chip that 
prevents over-charging automatically. Always look for batteries 
with such protection. 


Over-Discharging 

You are probably starting to get the impression that rechargeable 
batteries are fussy. If so, you’re right. Most types of battery are 
equally unhappy if you over-discharge them and let them go 
completely flat. 


Battery Life 


Anyone with a laptop more than a few years old will notice that 
the capacity of the battery gradually decreases until the laptop only 
works when plugged in, since the battery has become completely 
useless. Rechargeable batteries (whatever the technology) can only 
be recharged a few hundred (perhaps 500) times before needing to 
be replaced. 

Many manufacturers of consumer electronics now build 
the battery into the device in such a way that it is not “user 
serviceable,’ with the rationale that the life of the battery is 
probably longer than the attention span of the consumer. 


How to Charge a NiMH Battery 


If you are going to remove your batteries to charge them, this 
section 1s pretty trivial. You take them out and put them in a 
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commercial NiMH battery charger that will charge them until 
they are full and then stop. You can then put them back into 
your project and you are done. 

If, on the other hand, you want to leave the batteries in place 
while you charge them, then you need to understand a little 
more about the best way to charge your NiMH batteries. 


Simple Charging 

The easiest way to charge a NiMH battery pack 

is to trickle charge it, limiting the current with 

a resistor. Figure 5-2 shows the schematic for Ri= 
charging a battery pack of four NiMH batteries 

using a 12V DC adaptor like the one we used back 


in Chapter 1 to make our fume extractor. VDC — 

To calculate the value of R1, we first have to 
decide what current we want to charge our battery ! = X aly ee 
with. Generally, a NiMH battery can be safely ] : 
trickle charged with less than 0.1C indefinitely. —— 


If the AA batteries we have each hold a C of | 
2000mAh, then we can charge them at up to 
200mA. To be on the safe side, and 1f we planned 
to allow the batteries to “trickle” charge most of the time—for, : na aa E 
say, a battery backup project—I would probably use a lower ESE NESS A eM 
current of 0.05C or more conveniently C/20, which is 100mA. 
Typically, the charge time for NiMH batteries is about 3C 
times the charging current, so at 100mA, we could expect our 
batteries to take 3 x 2000mAh / 100mA = 60 hours. 
Back to calculating R1. When the batteries are discharged, 
each will be at a voltage of about 1.0V, so the voltage across the 
resistor will be 12V — 4V = 8V. 
Using Ohm’s law, R =VW/I=8V/0.1A = 800. 
Let’s be conservative and choose the convenient resistor 
value of 1000. Feeding this back in, the actual current will be 
I=V/R=8V / 1000 = 80mA. 
When the batteries are fully charged, their voltage will rise 
to about 1.3V so the current will reduce to: I = V / R = (12V — 
1.3V x 4) / 1000 = 68mA. 
That all sounds just fine, our 1000 will be great. Now we just 
need to find out what maximum power rating we need for R1. 


P=IV=0.08A x 8 = 0.64W = 640 mW 


So, we should probably use a 1-W resistor. 
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Fast Charging 


If you want to charge the batteries faster than that, then it is 
probably best to use a commercial charger, which will monitor 
the batteries and turn itself off or reduce the charge to a trickle 
when the batteries are full. 


How to Charge a Sealed 
Lead—Acid Battery 


These batteries are the least delicate of the battery types and 
could easily be trickle charged using the same approach as for 
NiMH batteries. 


Charging with a Variable Power Supply 


However, if you want to charge them faster, then it is best to 
charge them with a fixed voltage, with some current limiting 

(a resistor again). For a 12V battery (halve this for a 6V battery) 
until a discharged battery gets to around 14.4V, you can charge 
it with almost as much current as your power supply can take. 
It’s only when it gets to this voltage that you need to slow down 
the charging to a trickle to prevent the battery from getting hot. 

The reason we need to limit the current when the battery 
first starts to charge is that even if the battery doesn’t get hot, 
the wires to it might get hot and whatever is supplying the 
voltage will only be able to supply a certain amount of current. 

Figure 5-3 shows an adjustable power supply. Once you get 
into electronics, this is one of the first pieces of test equipment 
you should buy. You can use it in place of batteries while you 
are working on a project, and also use it to charge up pretty 
much any type of rechargeable battery. 

A variable power supply lets you set both an output voltage 
and a maximum current. So the power supply will try and 
supply the specified voltage until the current limit is reached, 
at which point, the voltage will drop until the current falls back 
below the set current. 

Figure 5-3a shows the power supply set to 14.4V and we have 
attached the power leads to an empty 12V 1.3Ah sealed lead—acid 
battery. We will start by adjusting the current setting of the power 
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: FIGURE 5-3 Using a variable 
: power supply to charge a lead— 
: acid battery 


supply to minimum, so as to prevent any nasty surprises. The 
voltage immediately drops to 11.4V (Figure 5-3b), so we can 
gradually increase the maximum current. In actual fact, even with 
no current limiting (turning the current knob to maximum), the 
current only rose to 580mA and the voltage increases to 14.4V 
(Figure 5-3c). After about two hours, the current has dropped to 
just 200mA, indicating that our battery 1s getting full. Finally, 
after four hours, the current is just SOMA and the battery is now 
fully charged (Figure 5-3d). 


How to Charge a LiPo Battery 


The technique we have just used on a lead—acid battery using a 
variable power supply will work just as well on a LiPo battery if 
we adjust the voltage and current accordingly. 

For a LiPo cell, the voltage should be set to 4.2V and the 
current limited (usually to 0.5A) for a smallish cell, but currents 
up to C are sometimes used in radio-controlled vehicles. 

However, unlike lead—acid and NiMH batteries, you cannot 
put a number of cells in series and charge the whole lot as one 
battery. Instead, you have to charge them separately, or use 
a “balanced charger” that monitors the voltage at each cell 
separately and controls the power to each. 
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Figure 5-4 SparkFun and 
generic LiPo chargers 


The safest and most reliable way to charge a LiPo is to use 
one of the chips that exist just for that purpose. These chips 
are cheap, but generally only available as surface-mounted 
components. However, there are plenty of ready-made modules 
available, many of which use the MCP73831 IC. Figure 5-4 
shows two of these—one from SparkFun (see the Appendix, M16) 
and one for just a few dollars from eBay. 

Both are used in the same manner. They will charge a single 
LiPo cell (3.7V) from a USB input of 5V. The SparkFun board 
has space on the PCB for two other connectors, one to which 
the battery 1s connected and the other for a second connection 
to the battery —the intention is that you connect the electronics 
that will use the battery to the second socket. The sockets can be 
either JST connectors as are often found on the end of the leads 
of a LiPo batter, or just screw terminals. The SparkFun module 
allows you to select the charging current, using a connection pad. 

The generic module on the right has a fixed charge rate of 
500mA and just a single pair of connections for the battery. 

It is not a good idea to trickle charge a LiPo. If you want 
to keep them topped up, for say a battery backup solution, then 
leave them attached to the charger. 


Hacking a Cell Phone Battery 


Most of us have a cell phone or two languishing in a drawer 
somewhere, and one of the useful components that can usually 
be scavenged (assuming it’s not the reason the phone is in the 
drawer) is the battery. The power supply is another useful item. 
Figure 5-5a shows a fairly typical vintage cell phone battery. 
The battery is 3.7V (a single cell) and is 1600mAh (pretty good). 
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3 Figure 5-5 Hacking a cell phone 
: battery 


(c) 


Cell phone batteries normally have more than just the usual two 
connections for positive and negative. So the first task must be to 
identify the connections on the battery. 

To identify the positive and negative connections to the 
cell, just put your multimeter into the 20V DC range and 
test each combination of pairs until you get the meter to read 
something over 3.5V, depending on how well charged the 
battery is (Figure 5-5b). 

The batteries often have gold-plated contacts that make them 
very easy to solder leads to. Once they have leads attached, you 
can use a charger like the one described in the previous section. 
Figure 5-5c shows the SparkFun charger module being used for 
just that purpose. 


When using a LiPo battery, remember that if you discharge them too far (below about 
3V per cell), you can permanently damage them. Most new LiPo batteries will include an 
automatic cut-off circuit, built into the battery package, to prevent over-discharging, but 
this may not be the case for a scavenged battery. 


05-ch05.indd 94 1/15/13 11:34 AM 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 5 


CHAPTER 5: Batteries and Power 95 


Controlling the Voltage from a Battery 


The thing with batteries is that even though they may say 1.5V, 
3.7V, or 9V on the package, their voltage will drop as they 
discharge—often by quite a high percentage. 

For example, a 1.5V alkaline AA battery when brand new 
will be about 1.5V and will quickly fall to about 1.3V under load 
but still deliver useful amounts of power down to about 1V. This 
means that in a pack of four AA batteries, the voltage could be 
anything between 6V and 4V. Most types of battery, whether 
single-use or rechargeable, exhibit a similar voltage drop. 

This may not matter much; it just depends on what the battery 
is powering. If it is powering a motor or an LED, then the motor 
will just go a bit more slowly, or the LED will be a little dimmer 
as the battery discharges. However, some ICs have a very narrow 
voltage tolerance. There are ICs designed to work at 3.3V that 
specify a maximum working voltage of 3.6V. Similarly, if the 
voltage drops too low, the device will also stop working. 

In fact, many digital chips such as microcontrollers are 
designed to work at a standard voltage of 3.3V or SV. 

To ensure a steady voltage, we need to use something called 
a voltage regulator. Fortunately for us, voltage regulators come 
as convenient three-pin, low-cost chips that are very easy to use. 
In fact, the packages just look like transistors, and the bigger the 
package, the more current they can control. 

Figure 5-6 shows how you would use the most common of 
voltage regulators, called the 7805. 

Using just a voltage regulator IC and two capacitors, 
any input voltage between 7V and 25V can be regulated to a 
constant 5V. The capacitors provide little reservoirs of charge 
that keep the regulator IC operating in a stable manner. 


Figure 5-6 A voltage regulator : 
schematic 


7V to 25V 5V 


input Outpul 
Common 
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In the following experiment with 
a 7805, we will omit the capacitors, 
as the supply voltage is a steady 9V 
battery and the load on the output 1s 
just a resistor (Figure 5-7). 

The capacitors become much 
more necessary when the load varies 
(in other words, in the amount of 
current that it draws), something that 
is true of most circuits. 


You Will Need 
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Figure 5-7 Experimenting with 


: the 7805 
Quantity Names Item Coe Ae 
1 Solderless breadboard TS 
1 IC1 7805 voltage regulator K1, S4 
l Battery clip H2 
1 9V PP3 battery 


Wire up the breadboard as shown in Figure 5-8. 
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: FIGURE 5-8 The 7805 breadboard 
: layout 
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Output Voltage 100mA 


3.3V 78L33 
5V 78L05 
9V 78L09 
12V 78L12 
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Breadboard 


With the battery connected, the multimeter should display a 
voltage of close to 5V. 
Although 5V is a very common voltage, there 
1-2A are voltage regulators for most common voltages, 
as well as the LM317 voltage regulator that we 


LF33CV discussed in Chapter 4, that as well as providing 
7805 (App A 54) constant current, can also be configured as a 
(1-25 in) voltage regulator. 

7809 Table 5-5 lists some common voltage regulators 
7812 that provide different output voltages and different 


Voltage Regulators current handling capabilities. 
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Boosting Voltage 


The voltage regulator ICs in the section titled “Controlling the 
Voltage from a Battery” only work 1f the input voltage 1s greater 
than the output voltage. In fact, 1t normally has to be a couple of 
volts higher, but some more expensive voltage regulators called 
LDO (low drop out) regulators are available that only require 
about half a volt more on the input than the output. 

Sometimes, however—and cellular phones are a good 
example of this—1t 1s very convenient to use a single-cell LiPo 
battery of 3.7V when we require a higher voltage (often 5V) for 
the circuit. 

In these situations, you can employ a very useful circuit 
called a buck-boost converter. These use an IC and a small 
inductor (coil of wire) and by applying pulses to the inductor, 
produce a higher voltage. Actually, it’s more complex than that, 
but you get the idea. 

Buck-boost converters are readily available as modules on 
well-known auction sites. You can find 1A adjustable modules 
that will provide an adjustable output of 5V to 25V from 3.7V for 
a few dollars. Try searching for “Boost Step-Up 3.7V.” The main 
module suppliers also provide such boards for around USD 5. 

SparkFun sells an interesting module (see the Appendix, 
M17) that combines a LiPo battery charger with a buck-boost, 
so you can both charge your LiPo from an external USB 5V 
input and use the 3.7V LiPo cell to provide an output of 5V 
using the buck-boost (Figure 5-9). 


97 
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This actually takes all the difficulties away 
from using a LiPo in a situation where you 
want to charge the LiPo battery in situ. Your 
5V microcontroller circuit or whatever you are 
using is just attached to the VCC and GND 
connections, the battery is clipped into the 
socket, and to charge the device, you just plug 
in a USB cable. 


: Figure 5-9 Combined LiPo 
: charger and booster 


Calculating How Long a Battery Will Last 


We have already touched on the capacity of a battery—that 

is, the number of mAh it can supply. However, other factors 
come into play that we should think about when deciding if the 
batteries we are considering for a project are going to last 

long enough. 

It’s really just a matter of common sense, but nevertheless 
it’s easy to make false assumptions about what you need. 

As an example, I recently built an automated door for my 
chicken house. It opens at dawn and closes when it gets dark. It 
uses an electric motor, and electric motors use a lot of current, 
so I needed to decide what kind of batteries to use. My first 
thought was to use big D cells or a lead—acid battery. But when 
it came to do the math, I found this wasn’t really necessary. 

Although the motor uses 1A each time it is in operation, it 18 
only in operation twice a day, and each time only for about three 
seconds. I measured the control circuit as using 1mA all the 
time. So, let’s work out how many mAh the control circuit and 
motors each use in a day, and then see how many days various 
types of battery will last. 

Let’s start with the motors: 


1A x 3 seconds x 2 = 6As = 6/3600Ah = 0.0016 Ah = 
1.6mAh per day 


On the other hand, the controller, which I had assumed was 
the low power part of the project would consume: 


ImA x 24 hours = 24mAh per day 


This means we can pretty much ignore the power consumed 
by the motor since it is less than a tenth of the juice required by 
the controller. Let’s say the total requirement is 25mAh/day. 
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AA batteries are typically 3000mAh, so if we powered 
the project from AA batteries, we could expect them to last 
3000mAh / 25mAh per day = 120 days. 

So we do not really need to look much further, AAs will be 
fine. In the end, I used solar power for this project, which we 
will visit again in the section titled “How to Use Solar Cells” 
later in this chapter. 


How to Design for Battery Backup 


Replacing batteries is a nuisance, and expensive, so it is often 
cheaper and more convenient to power things from a wall-wart 
power supply. However, this brings its own disadvantages: 


O The device is now tethered to a wire. 


O If the household electricity fails, the device will stop 
working. 


The best of both worlds can be achieved by arranging for 
automatic battery backup of a device that is powered by your 
household electricity. So, both batteries and a power supply 
are used, but the batteries are only used if the power supply is 
not available. 


Diodes 


What we do not want to happen is for both the batteries and 
the voltage from the power supply to conflict with each other 
when both are available. For instance, if the power supply is at 
a higher voltage than the batteries, it would charge them. But 
A A nese E without anything to limit the current, this could be disastrous, 
ben R even if the batteries were of the rechargeable sort. 

Figure 5-10 shows the basic schematic for this. The 
power supply always needs to be a higher voltage than 
the battery, so in this case it is 12V and the battery 9V. 
The schematic also assumes that the battery backup is 
being used to drive a light bulb. 

Recall that diodes act rather like one-way valves. 
They only allow current to flow in the direction of the 
arrow. So, let’s look at the three possible cases of how 
power could be supplied here. This is simply the power 
supply: just batteries and both the battery and power 
supply (Figure 5-11). 


Di 


12V Power 
Supply 
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(a) Battery Only (bj) Power Supply Only ic) Both Power Supply and Battery 


: FiGurE 5-11 Diodes for battery 
: backup 

Just the Battery rere Terre laca 

If only the battery has a voltage greater than zero (in other 

words, the power supply is not plugged in), then the situation 

is as shown in Figure 5-1 1a. The 9V from the battery will be at 

the anode of D2, and the cathode of D2 will be pulled toward 

ground by the load of the light bulb. This will cause D2 to be 

forward-biased and conduct the current through the light bulb. 

A forward-biased diode will have an almost constant voltage of 

0.5V across it, which is why we can say that the voltage after 

the diode is 8.5V. 

On the other hand, D1 will have a higher voltage (8.5V) on 
its cathode (right-hand side in the diagram) than its anode (OV), 
so no current will flow through D1. 


Just the Power Supply 


If just the power supply is connected (Figure 5-11b), then the 
role of the diodes is reversed and now the current flows through 
D1 to the light bulb. 


Both the Power Supply and the Battery 

Figure 5-1 1c shows the situation where both the power supply 
and the battery are connected. The 12V of the power supply will 
ensure that the cathode of D2 is at 11.5V. Since the anode of D2 
is at 9V from the battery, the diode will remain reverse-biased 
and no current will flow through it. 


Trickle Charging 


As we already have a battery and a power supply, we have most 
of the ingredients we need to charge the battery. We could for 
example use six AA rechargeable batteries in a battery box 
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= "i and arrange to charge them at C/20 (assuming C = 
2000mAh) or 100mA from the power supply. 

That way, the batteries would always be charged, 
and provide light whenever the power failed. Figure 5-12 
shows the schematic for this. 

You may not have been expecting the extra diode D3. 
This is really just to account for the fact that we do not 
know exactly how the power supply is designed, so 
we do not know what would happen if the battery was 
connected to its output (via R1) when it was turned off. 
This may discharge the battery or damage the power 

supply. The diode D3 just protects it and makes sure no 
Figure 5-12 Battery backup 
and charging current can flow back into it. 
ideado We want a charging current of 100mA to flow through R1, 
and we know that when both the power supply and battery are 
connected, there will be a voltage across R1 of 12V —0.5V —9V 
or 2.5V. So, using Ohm’s law, the value of the resistor should be: 


12V Power 
supply 


R=VW/I=2.5/0.1A = 250 


The nearest standard value to this 1s probably 270. 

Its power requirement: P = V? / R =2.5?* / 27 = 0.23W 

This means a standard half- or quarter-watt resistor will 
be fine. 


How to Use Solar Cells 


On the face of it, solar cells seem like the perfect power source. 
They convert light into electricity, and so in theory you need 
never change a battery or be plugged into a wall outlet again! 

However, as always, the reality is not quite so simple. Solar 
cells, unless they are very large, produce fairly small amounts 
of electricity and so are most suited to low-power devices and 
projects that are outdoors away from household electricity. 

If you are thinking of trying a solar project that will be 
installed indoors, unless 1t will be sited against a south-facing 
window, I really wouldn't try it. Solar cells do not require direct 
sunlight, but to produce any useful amounts of electricity, they 
really need a good unobstructed view of the sky. 

Two solar projects I have developed are a solar-powered radio 
(the solar panel is as big as the radio and, yes, it needs to be next 
to the window), and a solar-operated chicken house door. If you 
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are lucky enough to live somewhere sunny, then 
solar power is obviously a lot easier. 

Figure 5-13 shows a typical solar panel. 
This one was scavenged from a security light 
installation. It is about six inches by four inches 
and has a swivel mount that allows it to be 
angled toward the sun. It is the panel I used for 
the chicken house door. 

Projects that use a solar panel to provide 
power nearly always also use a rechargeable 
battery. So the panel charges the battery and the 
project draws its power from the battery. 


Small solar cells generally only produce around half a volt, so 
they are usually combined into panels of many cells that increase 
the voltage to a level that is high enough to charge a battery. 

The voltage you find on a solar panel normally refers to the 
voltage of battery that the solar panel is capable of charging. So, 
it is quite common to find 6V or 12V solar panels. When you 
measure the voltage from these in bright sunlight, the reading 
will be much higher, possibly 20V for a 12V panel. But, under 


the load of charging a battery, this drops rapidly. 


Testing a Solar Panel 


A solar panel will have a certain number of watts and a nominal 
voltage specified for it. These tend to be for ideal conditions, 

so when I get a solar panel that I want to use in a project, I like 
to test it to find what it is really capable of. Without knowing 
how much power it can provide in a real situation where it’s 


installed, it is hard to make safe 
assumptions about battery capacities 
and how low you need to keep the 
current consumption. 

When testing out a solar panel, 
you should use a resistor as a “dummy 
load,’ and then try out the solar panel 
in various locations and levels of 
brightness, measuring the voltage 
across the resistor. From this, you can 
calculate the current being provided 
by the panel. 


Figure 5-14 shows such an arrangement for my “chicken 
house” solar panel. The meter is showing just 0.18V with 


Auto Display Backliigi 
BA 
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a 1000 load resistor inside the light box that I use for my 
photography. That equates to just 1.8 mA. 

I find a spreadsheet a useful way of recording how the 
solar panel performs. Figure 5-15 shows an excerpt from the 
spreadsheet, complete with graph. You can then file this away 
until the next time you wish to use a solar panel in a project. 

The spreadsheet can be downloaded from www 
-hackingelectronics.com, but there is really nothing complex 
about the math. 

As you can see, the solar panel produces only 1 or 2mA 
indoors even under bright artificial lighting. The results 
outdoors with a clear view of the sky are better, but it really 
only produces quite high power in direct sunlight. 


Trickle Charging with a Solar Panel 


Since the solar panels produce a reasonable voltage, even in 
relatively low light conditions, they can easily be used to trickle 
charge a battery. However, you should always use a diode to 
protect the solar panel from the situation where the battery is 
at a higher voltage than the panel (say at night), since such a 
reverse flow will damage the solar panel. 

A typical simple trickle charge schematic is shown in 
Figure 5-16. 


Al 


WoO ew te a hi j 
Pr 


al. ia 
SSS E A 


DAN Se Kbb o D eas FE Aaa e. 
m fi E = [Solar Panel 


A B Cc D E F G H 
B&Q LED Security Light Solar Panel 
1000 load i 
35 
Conditions W | (má) Power (mW) 
Indoors domestic lighting 0.18 18 0.32 30 
Next to Window overcast but bright 037 22 0.48 35 
Qudoors dull day 13 13 16,9 : 
Outdoors overcast but bright 21 21 44.1 oo 
Full gun 35 35 122.5 i Ei mA) 
1 
10 
5 
o m 
1 1 3 4 5 
COI E A E je] y 
|| Default Sume=D IEI m ~ || 10086. 


1/15/13 11:34 AM 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 5 


104 Hacking Electronics 


Lead—acid batteries are still a very popular a 
choice for trickle charging from solar. This is 
mainly because they are very forgiving of gentle Solar Panel 20V DC 
over-charging and have a lower self-discharge rate 
than, say, NiMH batteries. 


LS 
Minimizing Power Consumption epee 
When planning solar power for some small outdoor | = 
project, you need to make sure the solar panel e 
charging the battery can keep up with demand. | 
If you live in southern California, the design | l 
for using solar panels is pretty easy. You can count on quite a lot : Figure 5-16 Schematic for solar 


of sun all year long. However, if you live a long way from the {tikle charging 
equator, say, in a maritime climate where it’s often quite dull 

during the day, then you will have short winter days. You may 

get weeks of dull weather with short days. If your system is to 

work all year long, you either need to have a large battery that 

will last for a few weeks of dull weather, or use a larger solar 

panel. 

The sums are pretty easy. There are mAh going into the 
battery from the solar panel, and mAh coming out for the device 
it is powering. The device might be running all the time, but the 
solar panel is only active half the time (daylight). So, you need 
to work out what you think the worst case for solar input might 
be for a week or two, and then design it accordingly. 

It will probably be easier and cheaper to put your efforts 
into minimizing the current consumed by the system rather than 
increasing the size of the solar panel and battery. 


Summary 


In this chapter, we have learned about how to power our projects. 
In the next chapter, you will learn how to use the very popular 
Arduino microcontroller board. 
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Moe are essentially low-powered computers on a chip. They have input/ 
output pins to which you can attach electronics so the microcontroller can, well, control 
things. Utilizing a microcontroller used to be quite a complex process, largely because the 
microcontroller needed to be programmed. This was often done in assembler or complex C. But 
there was a lot to learn before you could do anything useful. Because of this, 1t discouraged their 
use in casual projects where you just wanted to hack something together. 

Enter the Arduino (Figure 6-1). The Arduino is a simple-to-use, low-cost, readymade board 
that lets you use a microcontroller in your projects with a minimum of fuss. 

The Arduino sells in vast quantities and has become the platform of choice for makers and 
hackers in need of microcontrollers. 

The popularity of Arduino is due to many factors, including its: 


O Low cost 

O Open-source hardware design 

O Easy-to-use integrated development environment (IDE) to program it with 
© 


Plug-in shields that add features like displays and motor drivers that clip onto the top of 
the Arduino 


All the programs for the Arduino used in this and later chapters are available for download 
from the book’s accompanying web site (www.hackingelectronics.com). 

The examples in this book are designed to work with both the Arduino Uno and the Arduino 
Leonardo. However, two of the projects, in the sections “How to Type Passwords Automatically” 
and “How to Make a USB Music Controller” (see Chapter 9), only work with Arduino Leonardo. 

The Leonardo is the newer board. You may have some compatibility problems with this 
board and some Arduino shields. This includes any Ethernet Shield prior to the R3 Ethernet 
Shield. So, if you have an older Ethernet Shield, then the section “How to Control a Relay from a 
Web Page” will work on an Arduino Uno, but not a Leonardo, unless you have an R3 shield. 
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ARDUINO 


How to Set up Arduino (and Blink an LED) 
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To be able to program an Arduino, we first have to install 
the Arduino integrated development environment (IDE) on our 
computer. Arduino is available for Windows, Mac, and Linux. 


You Will Need 


Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
l USB lead; Type B for Uno, 


Micro USB for Leonardo 


Setting Up Arduino 


The first step is to download the software for your computer 
type from the official Arduino web site here: http://arduino.cc/ 
en/Main/Software. 

Once this is downloaded, you can find detailed instructions 
for the installation of each platform here: http://arduino.cc/en/ 
Guide/HomePage. 

One of the nice things about the Arduino is that to get started 
with it, all you need is an Arduino, a computer, and a USB lead 
to connect the two together. The Arduino can even be powered 
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FiGure 6-2 The Arduino, laptop, 
and chicken 
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FIGURE 6-3 Loading the “Blink” 
sketch 
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over the USB connection to the computer. Figure 6-2 
shows an Arduino Uno (the most common type 

of Arduino) connected to a laptop running the 
Arduino IDE. 

To prove that the Arduino is working, we will 
program it to flash an LED that is on the Arduino 
board labeled “L” and hence known as the “L” LED. 

Start by launching the Arduino IDE on your 
computer. Then, from the File menu (Figure 6-3), 
select Examples | 01.Basics | Blink. 

In an attempt to make programming the Arduino 


sound less daunting to non-programmers, programs on 


the Arduino are referred to as “sketches.” Before we 
can send the Blink sketch to your Arduino, we need 
to tell the Arduino IDE what type of Arduino we are 


using. The most common type is the Arduino Uno, and 


in this chapter we will assume that is what you have. 
So from the Tools | Board menu, select Arduino Uno 
(Figure 6-4). 

As well as selecting the board type, we also need 
to select the port it is connected to. In Windows, this 


is easy because it is always COM3 or COM4 (see Figure 6-5). 
However, on a Mac or Linux, there will generally be more serial 
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di Pin 13 has an LED connected on most Ardu 


// give it a name: 


int led = 13: Arduino Leonardo 

Arduino Mini vw! ATmega328 =| 
ff the setup routine runs once when you pre Arduino Mini wy! ATmegales 
void setup() i Arduino Ethernet 


f/f initialize the digital pin as an outpu 


Arduino Fio | 
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3 FiGURE 6-4 Selecting the 
: board type 


devices. However, the Arduino IDE shows them with the most — dnnncicnnicncncnncenancrncnnn ran rerannr nn rro 


recently connected first, so your Arduino board should be at the 
top of the list. 

To actually upload the sketch onto the Arduino board, click 
the Upload button on the tool bar. This 1s the second button on 
the toolbar, highlighted in Figure 6-6. 

Once, you press the Upload button, a few things should 
happen. First, a progress bar will appear as the Arduino IDE 
first compiles the sketch (converts 1t into a suitable form for 
uploading). Then, the LEDs on the Arduino—labeled Rx and 
Tx—should flicker for a while. 

Finally, the LED labeled L should start to blink. The Arduino 
IDE will also show a message that looks something like “Binary 
sketch size: 1,084 bytes (of a 32,256 byte maximum).” This means 


FIGURE 6-5 Selecting the serial port 
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£8 Blink | Arduino 1.0.1 
File Edit Sketch Tools Help 


Blink 
€ 
Blink 
Turns on an LED on for one second, then off for one second, repeatedly. 


This example code is in the public domain. 
EE 


fi Pin 13 has an LED connected on most Arduino boards. 
// give it a name: 
int led = 13: 


// the setup routine runs once when You press reset: 
void setup() / 
f/f initialize the digital pin as an output. 
pinkMode fled, OUTPUT) +: 
} 


// the loop routine runs over and over again forever: 
void loop) { 
digitalWrite fled, HIGH); ¿id turn the LED on [HIGH is the voltage level) 
delay(10001: f/ wait for a second 
digitallWriteí(led, LOW); ££ turn the LED off by making the voltage LOW 
£ 


Arduino Uno on CORA 


Figure 6-6 Uploading the Blink 
sketch ¡the sketch has used about 1kb of the 32k of flash memory available 
aaa a eas aiiat 
Note that if you are using a Leonardo, you may have to 
keep the Reset button depressed until you see the message 
“Uploading...” in the Arduino software. 


Modifying the Blink Sketch 


It may be that your Arduino was already blinking when you first 
plugged it in. That is because the Arduino is often shipped with 
the Blink sketch already installed. 

If this is the case, you might like to prove to yourself that 
you have actually done something by changing the blink rate. 
We will now examine the Blink sketch and see how we could 
change it to make it blink faster. 
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The first part of the sketch 1s just a comment, to tell someone 
looking at the sketch what it is supposed to do. This is not actual 
program code, and part of the preparation for the code being 
uploaded is for all such “comments” to be stripped out. Anything 
between “/*” and ***?” is ignored. 


/* 

Blink 

Turns on an LED on for one second, then off for one 
second, repeatedly. 


This example code is in the public domain. 


+ 


We then have a couple of individual line comments that start 
with //. Just like the block comments earlier, these are simply to 
inform us of what is happening. In this case, it helpfully tells us 
to use pin 13 as the pin we will flash. We have chosen that pin 
because on an Arduino Uno that pin is connected to the built-in 
“L” LED. 


// Pin 13 has an LED connected on most Arduino boards. 
// give it a name: 
int led = 13; 


The next part of the sketch 1s the “setup” function. Every 
Arduino sketch must have a “setup” function, and this function 
runs every time the Arduino is reset, either because (as the 
comment says) the reset button is pressed, or the Arduino is 
powered up. 


// the setup routine runs once when you press reset: 
void setup() { 
// initialize the digital pin as an output. 
pinMode (led, OUTPUT) ; 


} 


The structure of this text 1s a little confusing if you are new 
to programming. A function is a section of code that has been 
given a name (in this case, the name is “setup”). For now, simply 
use the text just cited as a template and understand that it must 
start with the first line “void setup() {”. Afterward, you place 
each of the commands you want to issue on a line ending with 
“5”, and then mark the end of the function with a “}” symbol. 

In this case, the only command we expect the Arduino to 
carry out is to issue the “pinMode(led, OUTPUT)” command 


that not unsurprisingly sets that pin to be an output. 
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Next comes the juicy part of the sketch: the “loop” function. 

Like the “setup” function, every Arduino sketch must have 
a “loop” function. Unlike “setup” which only runs once after a 
reset, the “loop” function runs continuously. That is, as soon as 
all its instructions have been done, it starts again. 

In the “loop” function, we first turn on the LED by issuing 
the “digitalWrite (led, HIGH)” instruction. We then pause for a 
second by using the command “delay(1000)”. The value is 1000 
for 1000 milliseconds, or one second. We then turn the LED 
back off again, and delay for another second before the whole 
process starts over. 


// the loop routine runs over and over again forever: 


void loop() { 


digitalWrite(led, HIGH); // turn the LED on (HIGH is the voltage level) 
delay (1000); // wait for a second 
digitalWrite(led, LOW); // turn the LED off by making the voltage LOW 
delay (1000); // wait for a second 


To modify this sketch to make the LED blink faster, change 
both occurrences of 1000 to 200. These changes are both in the 
“loop” function, so your function will now look like this: 


void loop() { 


digitalWrite(led, HIGH); // turn the LED on (HIGH is the voltage level) 
delay (200); // wait for a second 
digitalWrite(led, LOW); // turn the LED off by making the voltage LOW 
delay (200); // wait for a second 


If you try to save the sketch before uploading it, you will 
be reminded that it is a “read-only” example sketch, but the 
Arduino IDE will offer you the option to save it as a copy, 
which you can then modify to your heart’s content. 

You do not have to do this, of course. You can just upload 
the sketch unsaved, but if you do decide to save this or any other 
sketch, you will find that it then appears in the File | Sketchbook 
menu on the Arduino IDE. 

So, either way, click the Upload button again. When the 
uploading is complete, the Arduino will reset itself and the LED 
should start to blink much faster. 
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How to Make an Arduino Control a Relay 
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The USB connection of an Arduino can be used for more than 
just programming the Arduino. You can also use it to send data 
between the Arduino and your computer. If we attach a relay to 
the Arduino, we could send a command from our computer to 
turn the relay on and off. 


Relays 


A relay (Figure 6-7) is an electromechanical switch. It’s very 
old technology, but relays are cheap and very easy to use. 

A relay is basically an electromagnet that closes switch 
contacts. The fact that the coil and the contacts are electrically 
isolated from one another makes relays great for things like 
switching home-powered devices on and off from something 
like an Arduino. 

Whereas the coil of a relay is often energized by between 5V 
and 12V, the switch contacts can control high-power, high-voltage 
loads. For example, the relay photographed in Figure 6-7 claims 
a maximum current of 10A at 120V AC (household power) as 
well as 10A at 24V DC. 


Arduino Outputs 


Arduino outputs, and for that matter inputs, are referred to as 
“pins,” even though if you look at the connectors along the sides 
of the Arduino, they are most definitely sockets rather than pins. 
The name harkens back to the pins on the microcontroller IC at 
the heart of the Arduino that were connected to the sockets. 
Each of these “pins” can be configured to act as either an 
input or an output. When they are acting as an output, each pin 
can provide up to 40mA. This is more than enough to light e 
l FIGURE 6-7 A relay 
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FiGURE 6-8 Schematic diagram 
of an Arduino-controlled relay 


Ficure 6-9 The Arduino relay 
interface 
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an LED, but not enough to energize a relay coil, which typically 
requires more like 100mA. 

This 1s a problem we have already discussed. Since we want 
to use a small current to control a larger one, a good way to do 
this 1s by using a transistor. 

Figure 6-8 shows a schematic diagram of what we are going 
to build. 

We are using a transistor just like we did when we were 
controlling an LED. One difference in the schematic 1s that 
there is a diode across the relay coil. This is 
required because when you turn the relay off and 
the magnetic field in the coil collapses, you get 
a spike of voltage. The diode prevents this from 
damaging anything. 

We are going to solder the components to 
the relay and then attach the necessary leads to 
a header strip that will plug into the Arduino 
(Figure 6-9). The header strip has 15 pins and 
spans both of the connector sockets on the side 
of the Arduino closer to the microcontroller chip. 
There is a gap between the two connector strips, 
so one of the header pins will not actually be 
fitted into a socket. 
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You Will Need 


Quantity Names Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
1 USB lead; Type B for Uno, 
Micro USB for Leonardo 
1 Transistor 2N 3904 K1,S1 
1 RI 1kO 0.25-W resistor K2 
1 D1 1N4001 diode K1, S5 
1 Relay SV Relay H16 
1 * Pin header 15-way K1, H4 
l Two-way screw terminal H5 


* Pin headers are usually supplied in long lengths designed to be snapped into 
whatever number of connections you need. 


Construction 


Figure 6-10 shows how the components are attached. First, 
solder the diode to the relay coil contacts. These are the two 
pins on the far side of the relay that have three pins more or less 
in a row. The stripe on the diode should be to the right, as shown 
in Figure 6-10. 

After soldering the diode across the relay coils, bend out the 
leads of the transistor and position it as shown in Figure 6-10 
with the flat side against the relay. Shorten the base (middle) 


lead of the transistor, shorten the leads on the resistor and attach dd eain aaia neiaa aaam a aa 


it to the base lead. i Figure 6-10 Wiring the relay 

Finally, solder the three leads to the connector : Mee 
strip. The resistor lead should go to the 6" 
lead from the left, the emitter of the transistor 
to the 9" from the left, and the diode lead to 
the 11" from the left. 

Before we attach leads to the relay contacts, 
we can test our work using a multimeter in 
Continuity mode, so attach the header pins to 
the Arduino as shown in Figure 6-9 and clip 
one lead of the multimeter (on Continuity 
mode) to the middle contact of the relay (in 
between the diode leads). Attach the other 
lead of the multimeter to each of the two 
unconnected contacts on the relay. One will 
buzz and the other will not. Attach the lead to 
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the one that does not cause the multimeter to beep—this is the 
n.o. (normally open contact). 

Load the sketch “relay_test” into Arduino and upload it to 
the Arduino board. When the Arduino restarts, you should find 
that every two seconds the relay will flip from being open to 
being closed. 


Software 
The sketch for this is much the same as the Blink sketch. 


// relay test 
int relayPin = AO; 


void setup () 


{ 
pinMode (relayPin, OUTPUT) ; 

} 

void loop () 

{ 
digitalWrite(relayPin, HIGH) ; 
delay (2000) ; 
digitalWrite(relayPin, LOW) ; 
delay (2000) ; 

} 


The only real difference is that we are using pin AO rather 
than pin 13. Arduino has a feature that allows you to use the 
analog input pins AO to AS as digital inputs or outputs as well as 
analog inputs, but you have to put the letter A in front of them 
when using them as digital pins. 

If all is well, then to make it easier 
to attach things to the relay contacts, 
we can solder some wires to them and 
use a two-way screw terminal block 
(Figure 6-11). 

The relay module can be used to 
control all sorts of things. It can be used 
to control 110 or 240V home-powered 
devices, but be very sure you know what 
you are doing before you attempt that. 
If you plan to do this, everything must 
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be insulated and the whole project enclosed in a plastic box, 
especially since touching a “hot” wire can and does kill many 
people every year. 

In the next section, you will hack an electrical toy so 1t can 
be turned on and off using the Arduino and relay module you 
have just built. 


How to Hack a Toy for Arduino Control 


The great thing about a relay 1s that 1t behaves just like a switch. 
This means that 1f you have something you want to turn on and 
off from your Arduino and that item has a switch, then 
all you need to do is solder some wires to the switch 
and attach them to the relay. This would allow both the 
relay and the switch to turn the device on and off. But 
if you do not want to keep the original switch, it can be 
removed, as it will be in this case. 

The toy that the author chose to hack 1s a little 
electric bug (Figure 6-12). 


You Will Need 


As well as the relay module built in the section “How 
to Make an Arduino Control a Relay,” you will also need the 


FiGurE 6-12 The hapless electric 


following items. : bug awaiting dissection 
Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2/21 
l USB lead; Type B for Uno, Micro 
USB for Leonardo 
1 An electric toy (battery-powered) 
with an on—off switch 
1 Twin multi-core wire 
Construction 


Taking the toy apart, you can see the connections to the switch 
(Figure 6-13a). De-solder the switch and attach wires to the 
leads that used to go to the switch (Figure 6-13b). You should 
always put insulating tape around the bare wires to prevent 
accidental shorts (Figure 6-13c). 
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(c) (d) 


The toy can then be assembled with 
the wire leaving through a gap in the case 
(Figure 6-13d). If there 1s no suitable gap, 
you will probably need to drill a hole. 

Finally, the toy 1s ready to use, so plug 
the relay interface into the Arduino and 
connect the wires to 1ts screw terminals 
(Figure 6-13e). If the test sketch is still 
installed, you should find that the toy 
repeatedly turns on for a couple of seconds, 
: (e) and then turns back off again. 

CM EP O : This is okay, but not terribly useful. We will use another 
sketch that will allow us to send commands to the Arduino from 
your computer. The sketch is called “relay_remote”. 

Upload this sketch to the Arduino. Then, open the Serial 
Monitor by clicking the button on the right-hand side of the 
Arduino IDE (circled in Figure 6-14). 
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The Serial Monitor 


The Serial Monitor is part of the 
Arduino IDE that allows you to send and 
receive data between your computer and 
the Arduino board (Figure 6-15). 

At the top of the Serial Monitor is 
an area where we can type commands. 
When we click the Send button, these 
are sent to the Arduino. We can see any 
messages that the Arduino has sent in 
the area below this. 

Try this out by typing in the number 1 
and clicking Send. This should start your 
toy. Entering “0” should turn it off again. 


Software 
Let’s now look at the sketch. 


// relay remote 
int relayPin = AO; 


void setup () 


{ 


Serial .begin(9600) ; 


Serial printin( 1L=On,. 0=—OLt”) 
pinMode (relayPin, OUTPUT) ; 
} 
void loop () 
{ 
if (Serial.available( )) 
{ 
char ch = Serial.read()j; 
1f (ch == di [V] Autoscroll No line ending ¥ 
{ | 
digitalWrite(relayPin, HIGH); : Figure 6-15 The Serial Monitor 
A RUNAS 
else if (ch == '0') 
{ 
digitalWrite(relayPin, LOW) ; 
} 
} 
} 
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max) 


Fie Edit Sketch Tools Help na 


relay_remote 
ff relay remote 
int relayPin = 14; 


void setup () 

{ 
Serial. begin(9600); 
Serial.println("1=0n, O=O0ff"); 
pinMode(relayPin, OUTPUT); 

} 


void loop{) 
{ 
if (Serial. available()) 
{ 
char ch = Serial.read(): 
o it] 
{ 
digitallWlrite(relayPin, HIGH); 
} 
else if irh == 'n'! 


Binary sketch size: 2, 


326 bytes (of a 32,256 byte maximum) 


Arduino Uno on COM4 


3 Figure 6-14 Opening the Serial 
: Monitor 
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Notice that the “setup” function now has two new 
commands in it. 


Serial .begin(9600) ; 
serial prantin( "leon, C=OLE”) + 


The first of these starts serial communications over the 
serial port at 9600 baud. The second sends the prompt message, 
so that we know what to do when the Serial Monitor opens. 

The “loop” function first uses the function “Serial. 
avallable()” to check if there is any communication from the 
computer waiting to be processed. If there is, then this is read 
into a character variable. 

We then have two if statements. The first checks to see if the 
character is a “1”, and if it is, it turns on the toy. If, on the other 
hand, the character read is a “0”, it turns it off. 

We have made a little bit of a leap from our first flashing 
sketch, and if you need more help understanding how the sketch 
works, you might consider buying the book Programming 
Arduino: Getting Started with Sketches by this author. 


How to Measure Voltage with an Arduino 


FIGURE 6-16 A variable resistor 
and Arduino 


The pins labeled AO to A5 on an Arduino are analog inputs. 
That is, you can use them to measure voltage. To demonstrate 
this, you will use the variable resistor (trimpot) as a voltage 
divider connected to A3 (Figure 6-16). 
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If you skipped the section on voltage dividers in Chapter 3 
titled “How to Use Resistors to Divide a Voltage,” you probably 
should go back and have a quick look now. 


You Will Need 


To try this example, you will need the following items. 


Quantity Names Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
l USB lead; Type B for Uno, 
Micro USB for Leonardo 
1 RI 10kQ variable resistor K1,Rl 
Construction 


The construction of this project is very simple. There is no 
actual soldering involved, we will just push the three pins of 
the variable resistor into the Arduino sockets A2, A3, and A4. 
Figure 6-17 shows the schematic diagram for this. 

You may be wondering how this will work, since you would | Arduino > R1 
normally expect the top of the variable resistor to be connected | 
to 5V and the bottom to GND. Well, since a 10kQ resistor at 5V 
will only be allowing 0.5mA of current to flow, we can use pins 
A2 as digital outputs and set A2 to OV and A4 to 5V. 

Plug the variable resistor into the Arduino so that the middle 
slider connection is to pin A3 and the pins on either side are sRiGURE 8-17 Schema 

: diagram—measuring voltage with 
connected to A2 and A4. : an Arduino 


-10k0 


Software 


Load the sketch “voltmeter” into the Arduino 
IDE and then program your Arduino board 
with it. Open the Serial Monitor and you 
should see something like Figure 6-18. 

Try twiddling the knob from one end of 
the range to the other. You should find that 
you can set the voltage to anything between 
0 and 5V. 


Ze 
3. 
3. 
3. 
3. 
3. 
de 
3. 
Je 


// voltmeter 


Autoscroll [No line ending ¥| [9600baud w| 


int voltsInPin = 3; i 
int gndPin = A2; : FIGURE 6-18 The Serial Monitor 
: showing voltage at A3 


int plusPin = As; 
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void setup () 

{ 
pinMode (gndPin, OUTPUT) ; 
digitalWrite(gndPin, LOW); 
pinMode (plusPin, OUTPUT) ; 
digitalWrite(plusPin, HIGH); 
Serial .begin(9600) ; 
Serial .println("Voltmeter") ; 


void loop () 

{ 
int rawReading = analogRead(voltsInPin) ; 
float volts = rawReading / 204.8; 
Serial.println (volts); 
delay(200); 


The sketch defines the pins as usual. Note that when 
referring to the analog input pins for use as analog inputs 
(as with “voltsInPin”), we just use the pin number. So for A3 
we specify just 3. However, because we are using A2 and A4 as 
digital outputs, we have to add the letter A to the front. 

The “setup” function sets the pin modes, but also sets 
“endPin” and “plusPin” to LOW and HIGH, respectively, 
before starting serial communication and sending a welcome 
message. 

Inside the loop, we use “analogRead” to give us a raw value 
of between 0 and 1023, where 0 means OV and 1023 means 
5V. To convert this into an actual voltage, we need to divide it 
by 204.8 (1023/5). In dividing a raw reading that 1s an integer 
(whole number) by a decimal number of 204.8 (called floats in 
Arduino), the result will be a float, and so we specify the type of 
the “volts” variable to be “float”. 

Finally, we print out the voltage and then wait 200 milliseconds 
before we take the next reading. We don’t have to wait before 
taking the next reading, 1t just stops the readings from flying up 
the screen too fast to read. 

In the next section, we will use the same hardware with the 
addition of an external LED and a slightly different sketch to 
change the rate at which an external LED flashes. 
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How to Use an Arduino to Control an LED 


There are three useful things to be learned 
here. The first is how to make an Arduino 
drive an LED. The second is how to control 
the rate of flashing using a reading from a 
variable resistor, and finally we will show 
how to use the Arduino to control the power 
going to the LED and thus determine its 
brightness (Figure 6-19). 


You Will Need 


To try this example, you will need the 
following items. 


Quantity Names Item Appendix Code Figure 6-19 An Arduino, variable 
Oe : resistor, and LED 

1 Arduino Uno/Leonardo M2/M21 A O IÓ 

1 USB lead; Type B for Uno, 

Micro USB for Leonardo 

1 RI 10kQ variable resistor KI, RI 

1 R2 2200 Resistor K2 

1 D1 LED K1 
Construction 


As we discussed in Chapter 4, LEDs need a resistor to stop 
them drawing too much current. This means we cannot just push 
one straight into an output pin of an Arduino. So, we are going 
to start by taking an LED and resistor, shortening the leads, 
soldering them together and making an LED resistor combo that 
we can just plug into our Arduino. Figure 6-20 shows the steps 
involved in making this. 


3 Figure 6-20 Making an LED 
: resistor combo 


(a) (b) 
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FIGURE 6-21 Schematic for : T. j 
an LED, Arduino, and a variable į again in several later sections. 
resistor 
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To avoid confusion, put the resistor in the anode 
(positive and longer) lead and keep the combined 
lead the longer lead, so you know it is the positive 
end of the combo. 

The schematic diagram for the arrangement is 
shown in Figure 6-21. 

We will use pin 9 as a digital output for the 
LED. The other end of the LED combo being 
connected to a convenient GND connection. 


Keep this Arduino-friendly LED combo. You will use it 


Software (Flashing) 


You will use two different sketches with this arrangement of 
hardware. The first uses the variable resistor to control the speed 
of the flashing, while the second will control the brightness of 


the LED. 


Attach the LED resistor combo, as shown in Figure 6-19, 
and load the sketch “variable_led_flash” onto your Arduino 
board. You should find that turning the knob controls the rate at 
which the LED flashes. 


// variable led flash 


int voltsInPin = 3; 


int gndPin 


int plusPin = A4; 


int ledPin 


void setup() 


{ 


pinMode (gndPin, OUTPUT); 
digitalWrite(gndPin, LOW); 
pinMode (plusPin, OUTPUT); 
digitalWrite(plusPin, HIGH); 
pinMode (ledPin, OUTPUT) ; 


void loop () 


{ 


int rawReading = analogRead(voltsInPin) ; 


int period = map(rawReading, 0, 1023, 100, 500); 
digitalWrite(ledPin, HIGH) ; 

delay (period) ; 

digitalWrite(ledPin, LOW); 

delay (period) ; 
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The sketch 1s quite similar to that in the previous section; 
however, we no longer use the Serial Monitor, so all that code is 
gone. We do need to define a new pin “ledPin” to use for the LED. 

The “loop” function still reads the raw value from the analog 
pin A3, but 1t then uses the “map” function to convert the 
“rawReading” value of between O to 1023 to a range of 100 to 500. 

The “map” function 1s a standard Arduino command that 
adjusts the range of the value passed in as the first parameter. 
The second and third parameters are the range of the raw value, 
while the fourth and fifth are the desired range you want to 
compress or expand the value into. 

We then flash the LED using this number (100 to 500) as 
the delay between turning the LED on and off. The end result of 
this is that the LED will flash faster the closer A3 is to OV. 


Software (Brightness) 


We can use exactly the same hardware, but with different 
software to control the brightness of the LED instead of its rate 
of flashing. This will use the Arduino “‘analogWrite” function to 
vary the power going to the pin. This feature is only available for 
those pins marked with a “~” on the Arduino board. Fortunately, 
we thought ahead and chose such a pin to connect the LED to. 

These pins can use a technique called pulse-width modulation 
(PWM) to control how much power goes to the output. This 
works by sending out a series of pulses, around 500 times per 
second. These pulses may be high for only a short time, in which 
case little power is delivered, or high until it’s nearly time for the 
next pulse, in which case lots of power is delivered. 

In the case of the LED, this means that in each cycle, the 
LED 1s either off, on for some of the time, or on the whole time. 
Our eyes cannot keep up with such a fast-changing event, so it 
just appears that the brightness of the LED varies. 

Load the sketch “variable_led_brightness” onto your Arduino. 
You should find that, now, the variable resistor controls the 
brightness of the LED rather than its rate of flashing. 

Most of the sketch is the same as the previous one, the 
difference lies in the “loop” function. 


void loop () 


{ 


int rawReading = analogRead(voltsInPin) ; 
int brightness = rawReading / 4; 
analogWrite(ledPin, brightness); 


} 
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The function “analog Write” expects a value between 0 
and 255, so we can take our raw analog reading of between O and 
1023 and divide it by 4 to put it into roughly the right range. 


How to Play a Sound with an Arduino 


Quantity 
1 
1 


Figure 6-22 A simple Arduino : 


The first Arduino sketch we tried at the start of this chapter 
flashed an LED on and off. If we turn a digital output pin on 
and off much faster than this, we can drive a sounder to create 
a sound. Figure 6-22 shows a simple sound generator that plays 
one of two notes when a button is pressed. 


You Will Need 


To have your Arduino make sounds, you will need the following 
items. 


Names Item Appendix Code 
Arduino Uno/Leonardo M2/M21 
USB lead; Type B for Uno, Micro 
USB for Leonardo 

S1, S2 Miniature push switches Kl 

Sounder Small piezo sounder M3 
Breadboard TS 
Jumper wires or solid-core wire T6 
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Construction 


Figure 6-23 shows the schematic for the tone 
generator, while Figure 6-24 displays the 
breadboard layout. 

Make sure the push switches are the right way 
around. They should be positioned so the pins extend 
out of the sides rather than the top and bottom. The 
piezo sounder may have one pin indicated as positive. 


o . 3 Figure 6-23 Schematic diagram 
Position this at the top of the breadboard. : for the tone generator 


Attach the components as shown and connect the jumper 
leads to the Arduino. 


de > 
oa 
Software | 83 
L * 8a 
The sketch 1s quite e” oa 
straightforward and follows - Y oa 
oa ü 
what should be a familiar he 5. "58 
oa 
pattern by now. ca | oa 
‘ 150C 
// arduino sounds i A 
i ae 
! ac 
in ee | 20 
He Sw pin 6; i oc 
Int. SWw2pin = 7; ae 
int soundPin = 8; : os BE 


00000 


void setup () 3 FiGURE 6-24 Breadboard layout 


{ : for the tone generator 
pinMode ( Swlpin, INPUT PULLUP) ; O O 


pinMode (sw2pin, INPUT PULLUP) ; 
pinMode (soundPin, OUTPUT); 


} 
void loop () 
{ 
1f (! digitalRead (swlpin)) 
{ 
tone (soundPin, 220); 
} 
else if (! digitalRead(sw2pin) ) 
{ 
tone (soundPin, 300); 
} 
else 
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( 
noTone (soundPin) ; 
} 
} 


First, we define the variables for the pins. The switches will 
be connected to “swlpin” and “sw2pin”. These will be digital 
inputs, while the “soundPin” will be a digital output. 

Note that in the setup function for the switch pins, we use 
the command “pinMode” with the parameter INPUT_PULLUP. 
This sets the pin to be an input, but also enables a “pull-up” 
resistor built into the Arduino, which keeps the input pin HIGH, 
unless we pull 1t LOW by pressing the button. 

It is because the input pins are normally high that in the 
“loop” function, when we are checking to see if a button is 
pressed, we have to use the “!” (logical not). In other words, 
the following will only sound the tone 1f the digital input pin 
“swlpin” is LOW. 


if (! digitalRead(swlpin) ) 
{ 

tone (soundPin, 220); 

) 


The “tone” function is a useful built-in Arduino function 
that plays a tone on a particular pin. The second parameter is the 
frequency of the tone in Hertz (cycles per second). 

If no key is pressed, then the function “no Tone” is called 
and stops any tone that is playing. 


How to Use Arduino Shields 


The success of Arduino had been in no small part due to the 
wide range of plug-in shields that add useful features to a 

basic Arduino board. A shield is designed to fit into the header 
sockets of the main Arduino board. Most shields will then pass 
through these connections in another row of header sockets, 
making it possible to construct stacks of shields with an Arduino 
at the bottom. Shields that have, say, a display on them, will not 
normally pass through in this way. You also need to be aware 
that if you stack shields like this, you need to make sure there 
are no incompatibilities, such as two of the shields using the 
same pin. Some shields get around this problem by providing 
jumpers to add some flexibility to pin assignments. 
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Shield Description URL 


Motor Ardumoto shield. Dual H-bridge www.sparkfun.com/products/98 15 
bidirectional motor control at up 
to 2A per channel. 


Ethernet Ethernet and SD card shield. http://arduino.cc/en/Main/ArduinoEthernetShield 


Relay Controls four relays. Screw www.robotshop.com/seeedstudio-arduino-relay-shield.html 
terminals for relay contacts. 


LCD 16 x 2 character alphanumeric www.freetronics.com/products/Icd-keypad-shield 
LCD shield with joystick. 


| TABLE 6-1 | HN Some Commonly Used Shields 


The web site http://shieldlist.org/ will tell you which pins 
are used by any particular shield. 

There are shields available for almost anything you could 
want an Arduino to do. They range from relay control to LED 
displays and audio file players. 

Most of these are designed with the Arduino Uno in mind, 
but are also usually compatible with the bigger Arduino Mega 
and the new Arduino Leonardo. 

For an encyclopedic list, that includes useful technical 
details about the pin usage of these shields, it can be found at 
http://shieldlist.org/. 

Some of the author’s favorite shields are listed in Table 6-1. 


How to Control a Relay from a Web Page 


By using an Ethernet Shield and connecting it to your home 
hub, you can turn your Arduino into a tiny web server. Since it 
is still an Arduino, you can still attach electronics to it. So, by 
using the hacked toy we made in the section “How to Hack a 
Toy for Arduino Control” and a web interface on the Arduino, 
we can control our toy over our local network, or if we open up 
our firewall from the Internet! 

Figure 6-25 shows the toy attached to the shield and 
Arduino along with the browser interface that we will use to 
control it—first on our computer (Figure 6-25b) and then from a 
smartphone (Figure 6-25c). 
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[Ñ 192.168.1.30 
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Relay Remote 


On 
Off 
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KA http 192, 168, 1 Bae 
Relay Remote 


FiGurE 6-25 A hacked toy 
controllable over the network 


You Will Need 


To make your web-controlled toy, you will first need to 
complete the section titled “How to Hack a Toy for Arduino 
Control.” In addition, you will need the following items: 


Quantity Item Appendix Code 
1 Arduino Ethernet Shield M4 
1 Ethernet patch cable T6 
1 9V or 12V 500mA Power Supply M1 


Note that this project will only work with the Arduino 
Leonardo if the Ethernet Shield is the latest R3 Ethernet Shield. 
If you have an older Ethernet Shield, you will either need to buy 
a new Ethernet Shield or use an Arduino Uno. 
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Construction 


In this project, the Arduino is powered from an external power 
supply rather than the USB connection to the computer. There 
are two reasons for this. One is that the Ethernet Shield will 
not operate just from USB power, and the other is that once the 
Arduino has been programmed—there is no need for it to be 
connected to your computer, so it may as well be powered from 
a separate adapter. 

The wiring diagram for the project is shown in Figure 6-26. 

Connect everything up as shown in Figure 6-26 and load 
the sketch “web_relay” into the Arduino IDE. Don’t upload it 
onto the Arduino itself just yet. There are some configuration 
changes we need to make first. 


Computer 
Modem / Switch Browser 
WiFi 
Ethernet i 
Patch 
Lead | 


USB Lead 


Hacked 


: FIGURE 6-26 Wiring diagram for 
: remote relay control 


Computer to 


Program Arduino 
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Network Configuration 
If you look at the top of the sketch, you will see the lines: 


byte mac[] = { OxDE, OxAD, OxBE, OXEF, OXFE, OXED ); 
byte ip[] = { 192, 168, 1, 30 }; 


The first of these, the mac address” just has to be unique 
amongst all the devices connected to your network. Note that 
some of the newer Ethernet Shields have a Mac address printed 
on them. If you have one of these boards, enter that here. The 
second one is the IP address. Most devices you connect to 
your home network will have IP addresses assigned to them 
automatically by a process called DHCP. That’s just fine if you 
don’t really need to know the IP address of your shield and 
don’t mind it changing (say, when using the shield to act like 
a browser rather than a web server). But in this project, the 
Arduino and Ethernet Shield are going to act like a web server, 
so we need to know what the IP address is so we can type it into 
the address bar of a browser. 

You will manually define an IP address. This cannot 
be any four numbers; they must be numbers that qualify as 
being internal IP addresses and fit in the range of IP addresses 
expected by your home router. Typically, the first three numbers 
will be something like 10.0.1.x or 192.168.1.x, where x is some 
number between 0 and 255. Some of these IP addresses will be 
in use by other devices on your network. To find an unused but 
valid IP address, connect to the administration page for your 
home router and look for an option that says DHCP. You should 
somewhere find a list of devices and their IP addresses similar 
to that in Figure 6-27. Select a final number to use in your IP 
address. In this case, 192.168.1.30 looked like a good bet and 
indeed it worked fine. 

Set the IP address in the sketch and upload it to your 
Arduino board. 


Testing 


Open up a browser on your computer, tablet, or smartphone and 
navigate to the IP address. If you used the same IP address as 
the author, that would be http://192.168.1.30. You should then 
see the web page of Figure 6-25b and 6-25c displayed. 

Click the On button and the relay should click on, turning 
the hacked toy on. The page will then reload in the browser. 
Clicking “Off” will turn the relay off again. 
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000 F) Web Configurator 


E C # © 192.168.1.1 
(© HOME AUTOMATION  [_] Electronics W Wikipedia [_] Travel [_]Home ([_]Work  [_]Weather [] Programming 


UY HUAWEI Achieving Together 


DHCP Lease Time 999 Days 0 Hours 0 


© Status 


O Basic : 
Android_358225044128768 192.168.1.2 | D8-B3-77-3B-6C-38 


ADSL Mode 
WAN Setting 
LAN Setting : 
— A MMM android_f2fb9d9761e892ef 192.168.1.5 00-23-76-B8-44-63 
DHCP 
NAT 
es haa] 168.1.7 D8-30-62-84-E1-2F 
IP Route 
SS Clares-iPod 192.168.1.8 | 168.1.8 64-B9-E8-FC-FD-3B 
Wireless Lan 
ATM Traffic 
x BLACKBERRY-7BB6 192.168.1.10 | 3C-74-37-84-55-22 
E) Advanced 
ere 192.168.1.11 | 00-17-F2-FC-EF-01 
Ej Tools : 
android_ff52e8ea4d3fa336 192.168.1.12 | 00-23-76-98-4C-FB 
android_f023908324ec978b 192.168.1.13 | F8-DB-7F-75-E9-20 
Michaela-PC 192.168.1.14 | 00-17-C4-F2-45-98 
StevesPC 192.168.1.15 | 00-1F-3C-28-EC-20 
matthew-AMILO-Li-1718 192.168.1.16 | 00-CO-A8-E6-B1-1D 
The-Titanic 192.168.1.17 | E8-06-88-58-57-64 
Nicoles-iPhone 192.168.1.18 | 00-21-E9-24-33-E7 


Host Name IP Address MAC Address 


Copyright © 2006 All Rights Reserved. 


3 Figure 6-27 Selecting an IP 
: address to use 


Software e 


This sketch 1s one of the most complicated in the book. However, 
it is One that can easily be used as a template for other hacks 
using an Arduino as a web server. 

Let's break this sketch down and look at 1t a section at a time. 


// web relay 


Hinclude <SPI.h> 
Hinclude <Ethernet.h> 


// MAC address just has to be unique. This should work 
byte mac[] = { OxDE, OxAD, OxBE, OxEF, OxFE, OXED ); 
// The IP address will be dependent on your local 
network: 
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byte ip[] = { 192, 168, 1, 30 }; 
EthernetServer server (80); 

int relayPin = AO; 

char line1[100]; 


Two libraries have to be included for use with the Ethernet 
Shield: “SPI” and “Ethernet.” Libraries contain a useful collection 
of functions for, say, a shield. They greatly simplify the writing of 
sketches as they can just make use of the library functions. 

The “SPI” library is for a kind of serial communication that 
the Arduino uses to send instructions to the Ethernet Shield, and 
the “Ethernet” library defines some useful functions for us to 
use with the Ethernet Shield. 

After the two variables that define the Mac address and 
IP address, the next command creates a new “EthernetServer” 
object that is used every time we want to do something with the 
Ethernet. We then define the “relayPin” to use and also create 
a line buffer of 100 characters that is used later in the code 
when reading the header that arrives from a browser when you 
navigate to the page being served by the Arduino. 


void setup () 

{ 
pinMode (relayPin, OUTPUT) ; 
Ethernet .begin (mac, ip); 
server .begin(); 


} 


The setup function initializes the Ethernet library using the 
Mac and IP addresses that we set earlier. It also sets the pin 
mode of the “relayPin” to be an OUTPUT. 


vola. loop () 
{ 
EthernetClient client = server.available()j; 
if (client) 
{ 
while (client.connected() ) 
{ 
readHeader (client) ; 
if (! pageNamels("/")) 
( 
client.stop(); 
return; 


} 


digitalWrite(relayPin, valueOfParam('a')); 
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client. -printin("HTTP/1.1.200 OK"); 
client.println("Content-Type: text/html"); 
client.printin(); 


// send the body 
client.printin ("<html><body>"); 
client.println("<h1l>Relay Remote</h1>"); 


client.println("<h2><a href='"?a=1'/>0n</a></h2>"); 
client.println("<h2><a href='"?a=0'/>0ff</a></h2>"); 
client. .printlin("</body==/html>")>3 


client.stop() ; 


The loop function is responsible for servicing any requests 
that come to the web server from a browser. If a request is 
waiting for a response, then calling “server.available” will return 
us a “client”. If client exists (tested by the first “if” statement), 
we can then determine if it is connected to the web server by 
calling “client.connected”. 

We will come to the “readHeader” function later. This 
function and “pageNamels” are used to determine that the 
browser is actually contacting the page for setting the relay. This 
is because browsers will often send two requests to a server 
page, one to try and find an icon for the web site, and a second 
to the page itself. This code allows us to ignore the icon request. 

The next line sets the relay pin using “digitalWrite”. 

The value it sets the output to is whatever value the request 
parameter “a” is set to. This will be either “1” or “0”. 

The next three lines of code print out a return header. This 
just tells the browser what type of content to display. In this 
case, just HTML. 

Once the header has been written, it simply remains to write 
the remaining HTML back to the browser. This must include the 
usual “<html>” and “<body>” tags, and also includes a “<h1>” 
header tag and two “<h2>” tags that are also hyperlinks to this 
same page, but with the request parameter “a” set to either “0” 
or “I”. 

Finally, “client.stop” tells the browser that the message is 
complete and the browser will display the page. 
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vold readHeader (EthernetClient client) 


{ 


// read first line of header 


char ch; 

int i = 0: 

while (ch != '\n') 

{ 
if (client.available()) 
{ 


ch = client.read(); 
linel[i] = ch; 


1 ++; 
} 
} 
iinet (4: = "40% 
Serial.println(linel); 


The final three functions in the sketch are general-purpose 
functions that I tend to use over and over again when making an 
Arduino web server like this. 

The first, “readHeader”, reads the header of the request 
coming from the browser into the buffer “line”. We can then use 
this in the next two functions. 


boolean pageNamels (char* name) 


{ 


// page name starts at char pos 4 

// ends with space 

int i = 4; 

char ch = linel[i]; 

while (ch l= ' ' && ch l= '\n' && ch l= '?') 


{ 


if (name[i-4] != line1[1]) 


{ 


return false; 


ch = lineil[i] ; 


return true; 


The function “pageNamels” returns true if the page name 
part of the header matches the argument supplied. This is what 
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we use in the “loop” function to ignore the icon request from 
the browser. 


int valueOfParam(char param) 


{ 


for (int 1 = 0; 1 < strlen(linel); i++) 


{ 


if (linel[i] == param && linel[i+1] == '=') 
{ 
return (linel[i+2] - '0'); 
) 
) 


return 0; 


The “valueOfParam” lets you read the value of the request 
parameter supplied as an argument. This is much more restricted 
than the kind of request parameter you will be used to 1f you 
have done any web programming. First, the request parameter 
name must be a single character, and second, its value must be a 
single digit between 0 and 9. The function will return the value 
or O if there is no parameter of that name. 

This 1s one of those projects that can be adapted for all sorts 
of purposes. 


How to Use an Alphanumeric 
LCD Shield with Arduino 


Another commonly used Arduino shield is the LCD shield ccoo 
(Figure 6-28). : Figure 6-28 An LCD shield 


OD > mer aan 


j 2... x ar Y 
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There are many different shields 


#Hacking/Electronics| 


available and most use an LCD module 


based on the HD44780 LCD driver 


chip. The model used here is the 
Freetronics LCD and Keypad Shield 
(www.freetronics.com). Most other LCD 
projects will work with this example 
code, but you may have to change the pin 
allocations (discussed later). 

This project lets you send a short 


Autoscroll 


Figure 6-29 Sending a 
message with the Serial Monitor : 


s600baud Y|] message (the display is only two lines 


of 16 characters) using the Serial 
Monitor (Figure 6-29). 


You Will Need 


To experiment with an LCD display, you will need the 
following items. 


Quantity Item Appendix Code 
1 Arduino Uno M2 
1 USB Type A to Type B (as 
commonly used for USB printers) 
1 LCD Shield M18 
Construction 


There is really not very much to construct here. Just plug the 
LCD shield onto the Arduino and plug in the Arduino to your 
computer via a USB port. 


Software 


The software is pretty straightforward too. Again, most of the 
work is done in the library. 


// LCD messageboard 
#include <LiquidCrystal.h> 
// LiquidCrystal display with: 


/{ TS on pin 8 
[J cw on pin 11 
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// enable on pin 9 
// d4-7 on pins 4-7 
LiquidCrystal lcd(8, 11, 9, 4, 5, 6, 7); 


void setup () 

{ 
Serial .begin(9600) ; 
lcd.begin(2, 16); 
lcd.clear(); 
lcd.setCursor (0,0); 
Léd.printi"Hacking" Is 
lcd.setCursor(0,1); 
lcd.print ("Electronics"); 


void loop() 


{ 


if (Serial.available() ) 


{ 


char ch = Serial.read(); 
if (ch == '#') 


{ 
} 


else if (ch == '/') 


{ 
} 


else 


{ 


lcd.clear(); 


lcd.setCursor (0,1); 


lcd.write (ch); 


If you are using a different LCD shield, then check the 
specification to see which pins it uses for what. You may need to 
modify the line: 


LiquidCrystal lcd(8, 11, 9, 4, 5, 6, 7); 


The parameters to this are the pins that the shield uses for 
(rs, rw, e, d4, d5, d6, d7). Note that not all shields use the rw 
pin. If this is the case, just pick the number of a pin not being 
used for anything else. 
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The loop reads any input, and if it is a # character, it clears 
the display. If it is a “P” character, it moves to the second row; 
otherwise, it just displays the character that was sent. 

For example, to send the text displayed in Figure 6-28, you 
would enter the following into the Serial Monitor: 


#Hacking/Electronics 


Notice that the LCD library provides you with the “Icd 
.setCursor” function to set the position for the next text to be 
written. The text is then written using the “Icd.write” function. 


How to Drive a Servo Motor 


with an Arduino 


Figure 6-30 Controlling a 
servo motor with pulses 


Servo motors are a combination of motor, gearbox, and sensor 
that are often found in remote-controlled vehicles to control 
steering or the angles of surfaces on remote-controlled airplanes 
and helicopters. 

Unless they are special-purpose servo motors, servo motors 
do not rotate continuously. They usually only rotate through 
about 180 degrees, but can be accurately set to any position by 
sending a stream of pulses. 

Figure 6-30 displays a servo motor and shows how the 
length of the pulses determines the position of the servo. 

A servo will have three connections: GND, a positive 
power supply (5 to 6V), and a control connection. The GND 
connection is usually connected to a brown or black lead, the 
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positive connection to a red lead, and the control connection to 
an orange or yellow lead. 

The control connection draws very little current. The server 
expects to receive a pulse every 20 ms or so. If the pulse is 
1.5 ms in duration, then the servo will sit at 1ts middle position. 
If the pulse is shorter, it will settle in a position to one side, and 
if the pulse is longer, it will move to a position on the other side 
of the center position. 


You Will Need 


To experiment with a servo and Arduino, you will need the 
following items. 


Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
1 USB lead; Type B for Uno, 
Micro USB for Leonardo 
1 9g servo motor H10 
1 10kQ variable resistor K1, R1 
Jumper wires or solid-core wire T6 
Construction 


Figure 6-31 shows a servo connected to an Arduino using 
a jumper. 

Before you power the servo motor from the 5V supply of 
an Arduino, first check that the Arduino can supply the current 
requirement. Most small servos will be just fine, such as the tiny 
9g servo shown in Figure 6-31. 

In Figure 6-31, you can also 
see the little blue trimpot used to 
set the position of the servo. This 1s 
connected to Al, but uses AO and 
A2 to provide GND and +5V to the 
track ends of the variable resistor. 


Software 


The Arduino has a library 
specifically designed for generating 
the pulses that the servo needs. The 


FIGURE 6-31 Connecting a servo to 
: an Arduino 
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following example sketch (called “servo”) will use this library 
to set the position of the servo arm to follow the position of the 
knob on a variable resistor. 


// servo 
Hinclude <Servo.h> 


int gndPin = AO; 

int plusPin = A2; 

int potPin = le 

int servoControlPin = 2; 


After defining the pins to be used, the servo library requires 
the following line of code to set up the servo. 


Servo servo; 


The “setup” function sets up the pins and associates the 
“servo” with the “servoControlPin”. 


void setup () 

{ 
pinMode (gndPin, OUTPUT) ; 
digitalWrite(gndPin, LOW); 
pinMode (plusPin, OUTPUT) ; 
digitalWrite (plusPin, HIGH); 
servo.attach(servoControlPin) ; 


The “loop” function continuously reads Al to determine the 
position of the variable resistor (a number between 0 and 1023) 
and divides this number by 6 to convert it to an angle between 
O and 170. This is the angle in degrees to which the servo is 
then set. 


void loop () 


{ 


int potPosition = analogRead(potPin); // 0 to 1023 
int angle = potPosition / 6; // O to 170 
servo.write (angle); 


} 
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How to Charlieplex LEDs 


An Arduino only has so many IO pins, so when looking to 
minimize the number of pins used to display a matrix of LEDs, 
an interesting technique called Charlieplexing can be used. The 
name comes from the inventor Charlie Allen at the company 
Maxim, and the technique takes advantage of the feature of 
Arduino and other microcontroller IO pins that allows them to 
be changed from outputs to inputs while a sketch is running. 
Figure 6-32 shows the arrangement for controlling 


six LEDs with three pins. LED Pin 1 Pin 2 Pin 3 

Table 6-2 shows how the pins should be set to light A High Low Input 

a particular LED. B Low High Input 

| The number of LEDs that can be controlled per C Input High Low 
microcontroller pin is given by the following formula: - 

D Input Low High 

LEDs =n’ -n E High Input Low 

So, if we use four pins, we can have 16 — 4 or 12 F Low Input High 


LEDs, and 10 pins would give us a massive 90 LEDs, | TABLE 6-2 | ‘ae Charlieplexing 


but an awful lot of wiring to do. 
There are, however, problems with scaling Charlieplexing 
up, not the least of which is that the refresh rate needs to be 
fast enough to fool the eye, and a large number of pins will 
need a lot of sequence steps to energize all the LEDs that need 
energizing in a refresh cycle. This will also result in the LEDs 
becoming dim because their duty cycle will be low. You can 
compensate for this to some extent by increasing the current 
through the LEDs, which will cope with fairly large peak 
currents for a small duration. This does lead to the problem that : Ficure 6-32 Charlieplexing LEDs 
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1f the microcontroller freezes for some reason, then LEDs 


could burn out. 


You Will Need 


To Charlieplex six LEDs, you will need the following items. 


Quantity Item 


1 Arduino Uno/Leonardo 

| USB lead; Type B for Uno, Micro 
USB for Leonardo 

6 LEDs 

3 2200 resistors 


Jumper wires or solid-core wire 


Construction 


Appendix Code 
M2/M21 


S11 
K2 
T6 


You will use breadboard to Charlieplex these LEDs (Figure 6-33). 
The breadboard layout for this is shown in Figure 6-34. 
When constructing it, take special care to get the polarity of 


each LED correct. 


The resistors are used to connect 
Arduino pins D12, D11, and D10 to the 


pliers. 


DIGITAL [FWH=] 


A 


O) 


Software 


breadboard. The resistor leads will stay 
in the Arduino sockets better if you put 
a little zigzag kink in the leads using 


The LEDs are very close together, so 
it is easier to make this with 3mm LEDs. 
The positive leads of the LEDs (anodes) 
are shown in red in Figure 6-34. 


Load the sketch for this (“charlieplexing’’) 
onto your Arduino board, and you should 
see it cycle through the LEDs in the order 
A to F, as per Figure 6-32. 

The sketch first defines three pins to 
be used as the control pins. 
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// charlieplexing | + 


ine pini = 125 
ine pins = ls 
int. pins = 10; 


oo 00000 + 
mo 000000 : 


The pin states that we need 
to control each LED, as shown 
in Table 6-2, are contained in an lo -A EEEE 
array called “pinStates”. Each DE 
element of this array is itself 
an array of three elements, one 
for each control pin. A value of 
l indicates that the control pin F oe 
should be HIGH for that LED, 0 Taa PI 
for a LOW, and —1 for an INPUT. e + | 


E sE eE nE E al oa ae = 


int pinStates[][3] = { 
{1, 0, -1}, // 
{0, 1, -1), // 
foi, dy 0l; 27 
f=Ly Oy Lia Y/ 
{1, -1, 0}, // 
{0, -1, 1} // 


3 Figure 6-34 Breadboard layout 
: for Charlieplexing 


340a yy 


E 


As we will be changing the pin mode of the control pins as we 
go, there is nothing to put in the “setup” function. You do, however, 
have to have the function there, even 1f it has nothing in it. 


void setup () 


{ 
} 


The loop function steps through each of the LEDs and sets 
the control pin states according to the values in the appropriate 
row of the array, using the function “setPins”. 


void loop () 


{ 


for (int i = 0; i < 6; i++) 


{ 


setPins(pinStates[i] [0], pinStates[i] [1], pinStates [i] [2]); 
delay (1000); 


} 
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The function “setPins” does not do much except 
conveniently put the commands to set the state for each control 
pin into a single convenient line. Most of the logic lives in the 
“setPin” function that it calls. 


void setPins(int pl, int p2, int p3) 


{ 
setPin(pinl, pl); 
setPin(pin2, p2); 
setPin(pin3, p3); 
} 


The “setPin” function sets the state of the pin supplied as its 
first argument. If the value of the state is —1, then the pin mode 
for the pin is set to INPUT. Otherwise, it is assumed to be a 1 
or a O and the pin is set to be an OUTPUT and set to the value 
supplied with a call to “digitalWrite”. 


void setPin(int pin, int value) 


{ 
if (value == -1) 
{ 
pinMode (pin, INPUT); 
} 
else 
{ 
pinMode (pin, OUTPUT) ; 
digitalWrite(pin, value); 
} 
} 


How to Type Passwords Automatically 


The Arduino Leonardo can be used to impersonate a USB 
keyboard. Unfortunately, this is not true of the Arduino Uno, so 
in this section you will need an Arduino Leonardo. 
Figure 6-35 shows the device we are going to construct. 
All that happens when you press the button is that the 
Arduino Leonardo pretends to be a keyboard and types the 
password set in the sketch, wherever the cursor happens to be. 
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AA a] 


You Will Need 


To build this, you will need the following items. 


Quantity Item Appendix Code 
1 Arduino Leonardo M21 
1 Micro USB lead for the Leonardo 
1 Impressive switch H15 
Hookup wire T7 
Construction 


Solder leads to the switch, and tin the ends so they can be 
pushed directly into the sockets on the Arduino. One lead from 
the switch should go to digital pin 2 and the other to GND. 


Program the Arduino Leonardo with the sketch “password”. 


Note that when programming the Leonardo, you may have to 
hold down the reset button until the message “uploading...” 
appears in the Arduino software. 


Software 


To use the project, just position your mouse over a password 
field and press the button. Please note that this project is really 
just to 1llustrate what you can do with an Arduino Leonardo. To 
find your password, all someone would have to do is press the 


FiGURE 6-35 Entering passwords 
: automatically with Arduino Leonardo 
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button while in a word processor. So, in terms of security, it is 
about as secure as writing your password on a sticky note and 
attaching it to your computer monitor! 

The sketch 1s very simple. The first step 1s to define a 
variable to contain your password. You will need to change this 
to your password. We then define the pin to use for the switch. 


// password 
// Arduino Leonardo Only 


char* password = "mysecretpassword"; 


const int buttonPin = 2; 


The Leonardo has access to special keyboard and mouse 
features not available to other types of Arduino. So, in the 
“setup” function, the Keyboard feature is started with the line 
“Keyboard.begin()”. 


void setup () 

( 
pinMode (buttonPin, INPUT PULLUP) ; 
Keyboard.begin() ; 


} 


In the main loop, the button is checked with a digital read. If 
the button is pressed, then the Leonardo uses “Keyboard.print” 
to send the password. It then waits two seconds to prevent the 
password being sent multiple times. 


void Loop () 


{ 


if (! digitalRead (buttonPin)) 
{ 
Keyboard.print (password) ; 
delay (2000) ; 


} 
} 


Summary 


This chapter should have got you started using the Arduino 
and given you some food for thought for clever hacks using it. 
It has, however, only scratched the surface of what is possible 
with this versatile board. 
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For more information on programming the Arduino, you 
may wish to look at some of the author’s other books on this 
topic. Programming Arduino: Getting Started with Sketches 
assumes no prior programming experience and will show you 
how to program the Arduino from first principals. 30 Arduino 
Projects for the Evil Genius 1s a project-based book that 
explains both the hardware and programming side of Arduino, 
and is illustrated with example projects, nearly all of which are 
built on breadboard. 

The official Arduino web site, www.arduino.cc, has a wealth 
of information on using the Arduino, as well as the official 
documentation for the Arduino commands and libraries. 
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Hacking with Modules 


here are many modules available that provide a great shortcut when hacking together a 

project. These modules are usually a tiny PCB with a few components on them and some 
convenient connection points. They make it very easy to use some surface-mounted ICs that 
would otherwise be very difficult to solder connections to. Many of these modules are designed 
to be used with microcontrollers like the Arduino. 

In this chapter, you will explore some of the more fun and useful modules available from 
suppliers like SparkFun and Adafruit, most of whose modules are also open-source hardware. So 
you'll get to see the schematics for them and even make your own modules using the design if 
you wish. 

Access to the schematics and data sheets 1s very useful when trying to use a module. There 
are a few important things you need to know about any module before you use it: 


O What is the range of supply voltage? 


O How much current does it consume? 


O How much current can any outputs supply? 


How to Use a PIR Motion Sensor Module 


PIR motion sensors are used in intruder alarms and for automatic security alarms. They detect 
movement using infrared light. They are also cheap and easy to use. 

In this example, you will first experiment with a PIR module using it to light an LED, 
and then look at how it could be hooked up to an Arduino to send a warning message to the 
Serial Console. 
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You Will Need (PIR and LED) 


Quantity Names Item Appendix Code 
1 PIR module (5-9V) M5 
1 D1 LED K1 
1 RI 4700 resistor K2 
1 Solderless breadboard T5 
Solid-core jumper wire T6 
1 4 x AA battery holder H1 
1 4xAA batteries 
1 Battery clip H2 


Breadboard 


Figure 7-1 shows the schematic diagram for this experiment. 

Looking at the datasheet for this particular module, the 7c 
supply voltage range is 5V to 7V, so it will work just fine 
with our four AA batteries. 

The module is very easy to use. You just supply it with 
power and its output goes high (to supply voltage) when 
movement is detected and then back low again after a second 
or two. 

The datasheet also says that the output can supply up to Figure 7-1 Schematic diagram— 
10mA. That isn’t a great deal, but is enough to light an LED. By ¿using a PIR module with an LED 
oaa a e o = 


I=V/R=(6V -2V)/410Q = 4 / 470 = 8.5mA 


Figure 7-2 shows the breadboard layout, while Figure 7-3 
offers a photograph of the actual breadboard. 


: Figure 7-2 Breadboard layout— 


j : using a PIR module with an LED 
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00 et 
00 a): 
oo oo Bs . 
1 Sia | 
00 i 2a 
00 90000 3 
00 00000 
oo 00000 
00 00000 


20 00000 00000 20 


07-ch07.indd 150 1/2/13 12:35PM 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 7 


CHAPTER7: Hacking with Modules 151 


The PIR module has three pins 
labeled +5V, GND, and OUT. The 
supplied connector lead has red, 
black, and yellow leads. Hook it 
up so the red lead connects to the 
connection labeled +5V. 

When it’s powered up, 
the LED will light every time 
movement is detected. 

Having already discussed the 
PIR sensor so we know what to 
expect of it, it’s time to interface 
it with an Arduino. 


eun 7-3 Using a fiRmodule ; You Will Need (PIR and Arduino) 


To interface the PIR sensor with an Arduino, you really only 
need the PIR sensor and an Arduino. 


Quantity Item Appendix Code 
1 PIR module (5-9V) M5 

1 Arduino Uno/Leonardo M2/M21 

1 USB lead; Type B for Uno, 


Micro USB for Leonardo 


Construction 


Figure 7-4 shows the schematic diagram for this, while Figure 7-5 
shows how the PIR module is wired to the module. To get 
the wires to stay in the Arduino sockets, 1t helps to put a little 
zigzag bend in the tinned end of the wire lead. 
Before you move onto the next stage of programming the 

Arduino, temporarily remove the OUT lead from 1ts Arduino 
l socket. The reason for this is that you do not know what sketch 

Figure 7-4 Schematic diagram : was last running on the Arduino. It might have been something 
e where pin 7 was an output, and if it was, this could easily 

damage the output electronics of the PIR sensor. 
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: FiGURE 7-5 The Arduino and the 
: PIR sensor 
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Software 


Load the sketch “pir_warning” into the 
Arduino IDE and onto the Arduino board, 
and then plug the yellow “OUT” lead back 


MOVEMENT DETECTED 


into pin 7 on the Arduino. : MOVEMENT DETECTED 

. . MOVEMENT DETECTED 

When you launch the Serial Monitor Si a] 

(Figure 7-6), you will see an event appear :18 MOVEMENT DETECTED 

ti t . d tect d I . MOVEMENT DETECTED 

every time movement is detected. Imagine NEO 

leaving this running while away from your :50 MOVEMENT DETECTED 

MOVEMENT DETECTED 

computer—to detect snoopers! 

The sketch is very straightforward. [7] Autoscroll [No line ending | [9600 baud 


lr warnin : 
ff PLE" g : FIGURE 7-6 The Serial Monitor 


: showing intruder alerts 
int pirPin = 7; nn 


void setup () 


{ 
pinMode (pirPin, INPUT); 
Serial.begin(9600); 


} 


void loop () 


{ 


if (digitalRead(pirPin) ) 


{ 


int totalSeconds = millis() / 1000; 
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int seconds = totalSeconds % 60; 
int mins = totalSeconds / 60; 


Serial.print (mins) ; 

Séerial.<praint("+") ; 

if (seconds < 10) Serial.print ("0"); 
Serial.print (seconds) ; 
Serial.println("AtMOVEMENT DETECTED"); 
delay(10000); 


The only part of the code that is a bit different than the other 
sketches we have seen deals with displaying an elapsed time in 
minutes and seconds next to each event. 

This code uses the Arduino “millis” function, which returns 
the number of milliseconds since the Arduino was last reset. 
This is then separated into its minute and second components 
and the various parts printed out as a message. The last part to 
be displayed uses the “printlIn” command that adds a line feed to 
the end of the text so the next text starts on a new line. 

The special character “Mt” in this “println” is a tab character, 
to line the output up neatly. 


How to Use Ultrasonic 
Rangefinder Modules 


Ultrasonic rangefinders use ultrasound (higher frequency than 
the human ear can hear) to measure the distance to a sound- 
reflective object. They measure the time it takes for a pulse of 
sound to travel to the object and back. Figure 7-7 shows two 
different types of sonar. On the left is a low-cost sonar module 
(less than USD 5) with separate ultrasonic transducers for 
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: Figure 7-8 Ultrasonic range 
: finding 


sending the pulse and receiving the echo, and a much more 
expensive (around USD 25) but highly specified module made 
by MaxBotix Inc. 

To see how to use these modules with an Arduino, we will 
try out each in turn. 

Ultrasonic range finding works the same as sonar used by 
ships and submarines. A sound wave is sent out from a sender, 
hits an object, and bounces back. Since we know the speed 
of sound, the distance to the sound-reflecting object can be 
calculated from the time it takes for the sound to come back to 
the receiver (Figure 7-8). 

The sound used is at a high frequency—hence, it is called 
ultrasonic. Most units operate at a frequency of about 40 kHz. 
Not many people can hear sounds above 20 kHz. 


You Will Need 


To try out both rangefinders, you will need the following items. 


Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
1 USB Lead; Type B for Uno, 
Micro USB for Leonardo 
l MaxBotix LV-EZ1 rangefinder M6 
l HC-SR04 rangefinder M7 
1 Solderless breadboard ES 
Solid-core jumper wire T6 
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Figure 7-9 An HC-SRO4 
rangefinder on an Arduino 


Hacking with Modules 


The HC-SR04 Rangefinder 


These modules make the Arduino do 

a lot of the work, which is one reason 
why they are so much cheaper than the 
MaxBotix modules. They do, however, 
have the advantage that they can just fit 
into the side connector of an Arduino if 
you can spare the pins to supply them 
with current using two output pins 
(Figure 7-9). 

Load the sketch “range_finder_ 
budget” onto the Arduino and then plug 
the rangefinder module into the Arduino, 
as shown in Figure 7-9. 

When you open the Serial Monitor, 
you will see a stream of distances in 


inches appear (Figure 7-10). Try pointing the rangefinder in 
different directions—say, a wall a few feet away—and confirm 
that the reading is reasonably accurate with a tape measure. 

The Arduino code for measuring the range is all contained 
within the “takeSounding_cm” function. This sends a single 
10-microsecond pulse to the “trigger” pin of the ultrasonic 
module, which then uses the built-in Arduino function “pulseln” 
to measure the time period before the echo pin goes high. 


max) 


int 


int 
int 
int 


int 


Autoscroll 


[No line ending vi 9600 baud 


FIGURE 7-10 Distance readings 3 
in the Serial Monitor 


digitalWrite(gndPin, 
pinMode (plusPin, 
digitalWrite (plusPin, 


pinMode (trigPin, 
pinMode (echoPin, 
pinMode (gndPin, 


// range finder budget 


a 
echoPin = 10; 


trigPin 


gndPin = LL; 
plusPin = 8; 


lastDistance = 0; 


void setup () 


Serial .begin(9600) ; 


OUTPUT) ; 

INPUT) ; 
OUTPUT) ; 
LOW) ; 
OUTPUT) ; 
HIGH) ; 
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void loop() 

{ 
Serial.println(takeSounding in()) j; 
delay (500) ; 


} 


int takeSounding cm() 

{ 
digitalWrite(trigPin, LOW); 
delayMicroseconds (2) ; 
digitalWrite(trigPin, HIGH); 
delayMicroseconds (10) ; 
digitalWrite(trigPin, LOW); 
delayMicroseconds (2) ; 
int duration = pulseIn(echoPin, HIGH); 
int distance = duration / 29 / 2; 
if (distance > 500) 


{ 


return lastDistance; 


} 


else 


{ 


lastDistance = distance; 
return distance; 


int takeSounding in() 


{ 
} 


return takeSounding cm() * 2 / 5; 


We then need to convert that time in milliseconds into a 
distance in centimeters. If there is no reflection because there 
is no object that is close enough, or the object is reflecting 
the sound wave away rather than letting it bounce back to the 
receiver, then the time of the pulse will be very large and so the 
distance will also be recorded as very large. 

To filter out these long readings, we disregard any 
measurement that is greater than 5m, returning that last sensible 
reading we got. 

The speed of sound is roughly 343 m/s in dry air at 
20 degrees C, or 34,300 cm/s. 

Or, put another way, 34,300 / 1,000,000 cm / microsecond. 

That is, 0.0343 cm/microsecond. 
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FIGURE 7-11 The MaxBotix 
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Put another way, 1/0.0343 microseconds/cm. 

Or, 29.15 microseconds/cm. 

Thus, a time of 291.5 microseconds would indicate a 
distance of 10 cm. 

The “takeSounding_cm” function approximates 29.15 to 
29 and then also divides the answer by 2, as we don’t want the 
distance of the whole return journey, just the distance to the subject. 

In actual fact, many factors affect the speed of sound, so 
this approach will only ever give an approximate answer. The 
temperature and the humidity of the air will both affect the 
measurement. 


The MaxBotix LV-EZ1 Rangefinder 


The HC-SR04 rangefinder only has a single type of interface, 
and we have to tell it to generate the sonar pulse, and then time 
how long it takes to come back ourselves. 

In contrast, the MaxBotix device does all of this for us, and 
what’s more it provides us with no less than three ways to get 
the distance readings: 


O Serial data readings 
O Analog (Vcc / 512) / inch 
O Pulse width (147 uS/inch) 


We will use the analog method 
to test out this device. The figure of 
Vcc / 512 per inch means that the 
analog output will be the supply 
voltage divided by 512 per inch. So 
1f the object was 10 inches away, 
then the analog output voltage 
would be: 


10 inches x 5V/ 512 = 0.098V 


The MaxBotix module has too 
many pins to easily fit directly onto 
the Arduino connectors, so you 
will need to use breadboard. 

Figure 7-11 shows the unit and 
the Arduino on the breadboard, 
while Figure 7-12 shows the 
breadboard layout. 


157 


1/2/13 12:35 PM 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 7 


158 Hacking Electronics 


Load up the sketch “range_finder_ 
maxsonar” and then connect up the 
module as shown in Figure 7-11. 

The sketch is much simpler than 
for the other module, and the distance 
in inches is just the raw analog reading 
(between O and 1023) divided by two. 


00 00000 + 
oo 00000 : 


ji range finder maxsonar >> 
NI 90 TYHY 


Ee Y hat hiner hehehehehe eh åy 


= A 


int readingPin = 0; j 

int lastDistance = 0; ni a a 

void setup() A —ONIMOSV > 

{ 
Serial .begin(9600) ; 

} 

void loop () : Figure 7-12 The MaxBotix 

{ : rangefinder and Arduino 
Serial.printin(takeSounding in()); nO os 
delay(500); 

} 


int takeSounding in() 


{ 


int rawReading = analogRead(readingPin) ; 
return rawReading / 2; 


int takeSounding cmi) 


{ 


return takeSounding cm() * 5 / 2; 


Opening the Serial Monitor will produce the same stream of 
distance measurements as the other module. 

Note that both sketches have a metric and imperial distance 
measurement flavor for your convenience. 


07-ch07.indd 158 1/2/13 12:35PM 


07-ch07.indd 159 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 7 


CHAPTER 7: Hacking with Modules 


How to Use a Wireless Remote Module 
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Figure 7-13 An RF module on 
breadboard 


Radio frequency circuits usually are not worth making yourself 
when extremely useful modules like the one shown in Figure 7-13 
are readily available for just a few dollars. 

The module shown can be easily 
found on eBay and has a handy 
little key-fob sized remote with four 
buttons on it. These buttons can toggle 
four digital pins on and off on the 
corresponding receiver module. 

It is worth noting that modules 
like this are also available with relays 
instead of digital outputs, making it 
very easy to hack your own remote 
control projects. 

You will first experiment with the 
module on breadboard, just turning 
on an LED, and then in the following 
section, you can try connecting it to an 
Arduino. 


You Will Need 


To try out the wireless remote on breadboard, you will need the 
following items. 


Quantity Names Item Appendix Code 
1 Solderless breadboard TS 
Solid-core jumper wire T6 
1 Wireless remote kit M8 
1 D1 LED K1 
1 RI 4700 resistor K2 
1 4 xAA battery holder H1 
1 Battery clip H2 
4 AA batteries 


Breadboard 


Figure 7-14 shows the breadboard layout used to test the remote. 
You could, if you wished, add three more LEDs so there was one 
for each channel. 
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bcde 

ODO 
Er 0000 
00 ODO 
OD | 2101010 Ba 
OD ! GGG D1 y 
90 | po000 0000 
OO ooo 

000 
oo 0000 
60 10 00000 
00 00000 
OO 00000 
00 00000 

00000 

00 15 00000 15 
oo 00000 00000 
OO 00000 00000 
00 00000 00000 
00 OGOOGO 00000 


The datasheet for this module shows that the pins are as 
shown in Table 7-1. 

Put the module on the breadboard with pin 1 at the top of 
the breadboard, and wire 1t up as shown in Figure 7-14. 

That really is all there is to it. Pressing button A should 
toggle the LED on and off. If you wanted to, you could add 
more LEDs so there was one for each channel, or try moving 
the LED to a different output to check that they all work. 


Pin Number Pin Name Purpose 


1 Vcc Positive supply 4.5 to 7V 

2 VT Switch voltage—no connection needed 
3 GND Ground 

4 D3 Digital output 3 

5 D2 Digital output 2 

6 Dl Digital output 1 

7 DO Digital output 0 


| TABLE 7-1 | RF Receiver Pinout 


: FiGURE 7-14 Breadboard layout 
: for testing the RF module 
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How to Use a Wireless Remote 
Module with Arduino 


If we are prepared to lose one of the four channels of the remote 
from the section “How to Use a Wireless Remote Module,” then 
we can plug the receiver straight into the Arduino socket AO to 
AS (see Figure 7-15). 


You Will Need 


To try out the wireless remote with an Arduino, you will need 
the following items. 


Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
l USB lead; Type B for Uno, 
Micro USB for Leonardo 
1 Wireless Remote Kit M8 


Before plugging the remote receiver into the Arduino, 
upload the sketch “rf_remote”. 


Software 


With the software uploaded and the RF receiver attached, when 
you open the Serial Monitor you should see something like 
Figure 7-16. 


Figure 7-15 Using a RF 
remote with an Arduino 
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The sketch displays as a 1 or O the current 
state of the remote control channels. So button 
A will not do anything (that is the button we 
sacrificed), but pressing the other buttons 
should toggle the appropriate column between 
O and 1. 


// rf remote 


int gndPin = A3; 
int plusPin = A5; 
int bPin = A2; 
int cPin = Al; 
int dPin = AO; 


void setup () 


{ 


pinMode (gndPin, OUTPUT); 
digitalWrite (gndPin, LOW); 
pinMode (plusPin, OUTPUT) ; 
digitalWrite (plusPin, HIGH); 
pinMode (bPin, INPUT); 
pinMode (cPin, INPUT); 
pinMode (dPin, INPUT); 


Serial.begin(9600); 


void loop () 


{ 


Serial.print (digitalRead (bPin)); 
Serial.print (digitalRead(cPin) ) 


Serial .printlin(digitalRead(dPin) ); 


delay (500) ; 


Autoscroll 


Mo line ending **/| (9600 baud  * 


FIGURE 7-16 Remote contro! 
: messages to your computer 


The RF receiver uses very little current, so there is no 
problem powering it from a digital output. In fact, doing so has 
the added benefit that we can actually turn 1t off to save power 


simply by setting the “plusPin” low. 
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How to Control Motor Speed 
with a Power MOSFET 


This section is a little out of place because MOSFET transistors 
are not modules. However, this section does lead in nicely to the 
next section on using motor controller modules. 

We first used power MOSFETs in Chapter 3. They are a 
kind of transistor that is particularly suited to switching high- 
current loads efficiently. By efficiently, I mean that they run 
pretty cool, working very well as electronic switches. They have 
a very low “on” resistance and a very high “off resistance.” 

Back in Chapter 6, you used a technique called PWM 
(pulse-width modulation) to control the brightness of an LED 
by varying the length of pulses. You can use exactly the same 
trick on a DC motor. However, unlike an LED, motors use too 
much current to be driven directly from an Arduino output, so 
you will use a MOSFET controlled by the Arduino. 


You Will Need 


To build this, you will need the following items. 


Quantity Name Item Appendix Code 

1 Solderless breadboard TS 
Solid-core jumper wire T6 

1 4 x AA battery holder H1 

1 4 x AA batteries 

1 Battery clip H2 

l RI 10kQ trimpot Kl 

1 R2 1kQ resistor K2 

1 T1 FQP30N06 MOSFET S6 

1 6V DC motor or gear H6 
motor 

1 Arduino Uno/Leonardo M2/M21 

1 USB lead; Type B for Uno, 


Micro USB for Leonardo 


The DC motor can be any small motor you can find that 1s 
around 6V. 
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Breadboard 


Figure 7-17 shows the schematic diagram. 

Notice that we actually have two sources of power here. We 
have the Arduino, which will be getting 1ts power from your 
computer's USB port and a separate battery that supplied the 
power to the MOSFET. This is quite a common arrangement, 
because the Arduino’s 5V output is not really suitable for high- 
current loads like a motor. Indeed, motors can create all sorts of 
problems for delicate electronics, so it is best not to power them 
from the Arduino. 

There is less of a problem if the Arduino and motor share a 
power supply. For example, a 9V battery provides power to the 
Arduino through its power jack, and at the same time provides 
the positive supply to the motor. 

IĮ have included a resistor R2 between the Arduino output 
pin and the MOSFET. The circuit would work fine just 
connecting D5 directly to the gate; however, the gate acts like a 
capacitor, which means that when switched at very high speed it 
can actually cause quite a lot of current to flow from the digital 
output. This will not be a problem at the relatively slow PWM 
speeds used by the Arduino, but it is considered “good practice” 
to use a resistor here. 

Figures 7-18 and 7-19 show the actual circuit and the 


breadboard layouts, respectively. po 
: FIGURE 7-17 Schematic diagram 
: for the MOSFET motor control 
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Software 


Load the sketch “mosfet_motor_speed” onto the Arduino and 
connect the battery. You should find that by turning the variable 
resistor you have much finer control of the motor’s speed than 
you did way back in Chapter 3 when you were just controlling 
the gate voltage of the MOSFET. 

The sketch 1s very similar to the sketch we used to control 
the brightness of an LED from an Arduino in Chapter 6. 


// mosfet motor speed 
int voltsinPin = 0; 
int motorPin = 5; 


void setup () 


{ 


pinMode (motorPin, OUTPUT); 


} 


void loop () 
int rawReading = analogRead(voltsInPin) ; 
int power = rawReading / 4; 
analogWrite(motorPin, power); 


} 
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: Figure 7-19 Breadboard layout 
: for the MOSFET motor control 
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In the “loop” function, the raw reading of between 0 and 
1023 from the analog input is divided by 4 to give us a number 
between O and 255 that is suitable for use with “analogWrite”’. 


How to Control DC Motors 
with an H-Bridge Module 
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In the earlier section of this chapter, “How to Control Motor 
Speed with a Power MOSFET,” we saw how you can use a 
MOSFET to control the speed of a motor. This 1s fine as long as 
you always want the motor to turn in the same direction. If you 
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want to be able to reverse the direction of the motor, you need to 
use something called an H-Bridge. 

To change the direction in which a motor turns, you have 
to reverse the direction in which the current flows. To do this 
requires four switches or transistors. Figure 7-20 shows how 
this works, using switches in an arrangement. You can now see 
why 1t 1s called an H-Bridge. 

In Figure 7-20, S1 and S4 are closed, while S2 and S3 
are open. This allows current to flow through the motor with 
terminal “A” positive and terminal “B” negative. If we were to 
reverse the switches so that S2 and S3 are closed and S1 and S4 
are open, then “B” will be positive and “A” will be negative, and 
the motor will turn in the opposite direction. 

You may, however, have spotted a danger with this circuit. 
That is, if by some chance S1 and S2 are both closed, then the 
positive supply will be directly connected to the negative supply 
and we will have a short circuit. The same is true if S3 and S4 
are both closed at the same time. 

You can build an H-Bridge yourself using transistors, and 
Figure 7-21 shows a typical H-Bridge schematic. 

This schematic requires some six transistors and a good few 
other components. If you wanted to control two motors, you 
would need some 12 transistors, which causes everything to 
become quite complicated. 

Fortunately, help is on hand as there are several H-Bridge 
ICs available that usually have two H-Bridges on a single 
chip and make controlling motors very easy. One such chip is 


+V 


S1 S3 


S2 S4 


-V 


167 


1/2/13 12:35 PM 


168 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 7 


Hacking Electronics 


Motor Supply 


10 KO 
10 KO 


07-ch07.indd 168 


0 KO 
10 KO 


1 


available as a module from SparkFun (Figure 7-22). You will 
find similar modules available from other module suppliers. 

Figure 7-22 actually shows two of these modules so you can 
see both sides. The modules are supplied without connectors 
and the module on the left has pin headers soldered to it. This 
makes it very easy to use with breadboard. 

Table 7-2 shows the pins of this module and explains the 
purpose of each. The module has two motor channels called A 


oe 


: : FIGURE 7-21 An example 
: schematic for an H-Bridge 
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Purpose Purpose 
PWM input for Channel A Motor supply voltage 


Control input 2 for A; 
high for counter-clockwise 


Control input | for A; 

high for clockwise 

To connect to GND to put the 
device into “standby” mode. 
Control input 1 for B; 

high for clockwise 

Control input 2 for B; 

high for counterclockwise 


PWM input for Channel A 


(VCC to 15V) 
Logic supply (2.7 to 5.5V); 


only requires 2mA 

Motor A connection 1 
Motor A connection 2 
Motor B connection 2 


Motor B connection 1 


INS The SparkFun TB6612FNG Breakout Board Pinout 


Figure 7-23 Experimenting 
with the SparkFun TB6612FNG 
breakout board 


and B and can drive motors with a current of 1.2A per channel 


with peak currents of over twice that. 
We will experiment with this module using just one of its 
two H-Bridge channels (Figure 7-23). 
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You Will Need 


To build this, you will need the following items. 


Quantity Name Item Appendix Code 
l Solderless breadboard 15 
Solid-core jumper wire T6 
1 4 x AA battery holder H1 
1 4 x AA batteries 
l Battery clip H2 
1 LED K1 
i SparkFun TB6612FNG Breakout Board M9 
1 6V DC motor or gear motor H6 
1 Header pins K1, H4 


The DC motor can be any small motor around 6V. 


Breadboard 


Before fitting the module onto the breadboard, you need to 
solder the header pins into place as shown in Figure 7-22. We 
won't use the bottom two GND connections, so you can just 
solder the top seven pins on each side. 
Figure 7-24 shows the schematic diagram fare ceeueeeee 
experiment, while Figure 7-23 displays the breadboard layout. : Figure 7-24 Schematic diagram 
: for H-Bridge experiment 


VCC e 
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FiGURE 7-25 Breadboard 
layout for the H-Bridge 
experiment 
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The 6V battery pack is actually a slightly higher voltage 
than 1s (strictly speaking) allowed for VCC on the module. You 
would probably get away with the extra half volt above the 
nominal maximum voltage of 5.5V, but to play 1t safe, we can 
use an LED to drop 2V, so that VCC will be around 4V, which is 
well within its range. 

This 1s a useful trick, but only use 1t when the current 
flowing is less than the maximum forward current of the LED. 
In fact, in this experiment, the current required for VCC is not 
even enough to make the LED glow. 

The PWMA pin is connected to VCC, which simulates the 
PWN control signal being on all the time—1in other words, there 
is full power to the motor. 

Next, put everything on the breadboard as shown in 
Figure 7-25. 


Using the Control Pins 


Three of the leads from the breadboard do not actually go 
anywhere. You will control the motor, touching the red lead 
going to VCC to AIN1, and then to AIN2, in turn. Note how the 
motor turns first in one direction and then the other. 
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You might be wondering why there are two control pins, 
as well as the PWM pin for each motor channel. In theory, you 
could have one direction pin and one PWM pin, and if the PWM 
power was zero, then the motor would not turn at all. 

The reason we have three pins to control each motor (PWM, 
IN1, and IN2) rather than just two is that if both IN1 and IN2 
are high (connected to VCC), then the H-Bridge operates in a 
“braking” mode, which provides electrical braking of the motor, 
slowing it down. This feature is not often used, but can be useful 
if you want to stop the motor quickly. 


How to Control a Stepper Motor 
with an H-Bridge Module 


Normal DC motors are nice and easy to use. There are just 

two connections to make and if the voltage is applied one 

way it turns clockwise; reverse the polarity and it turns 
counterclockwise. The down side to normal DC motors is that if 
you want to know what position it has turned to, you have to use 
some kind of sensor. 

Stepper motors are entirely different kinds of motors. They 
commonly have four connections. Figure 7-26 shows how a 
stepper motor works. Or more specifically, a bipolar stepper 
motor, which is the one we will try out. 

The motor contains a toothed rotor where each of the teeth 
of the rotor are magnets, of alternating north and south poles. 


: FIGURE 7-26 Howa bipolar 
: stepper motor works 
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Four coils, acting as electromagnets will, when energized in 
the right order, move the rotor around one step. The coils are 
arranged in pairs, wired so that as one pushes, its opposite 
number pulls. 

Most stepper motors will have far more steps than the eight 
shown in Figure 7-26, sometimes 200 or more. This makes the 
motors very flexible, because they can run freely just like any 
other motor, by sending the stepping pulses quickly, or they can 
be controlled very precisely by just moving them forward one 
step at a time. For this reason, you will find stepper motors in 
inkjet printers and also 3D printers. 

Because the stepper motor will only turn, if we generate a 
series of pulses in the right order, and need to be able to reverse 
the direction of current flow in the coils, we can use an Arduino 
to generate the control signals and an H-Bridge module to 
supply the power to the coils (Figure 7-27). 

Figure 7-28 shows the schematic diagram for this 
arrangement. 

Identifying which lead is which on a stepper motor 
sometimes requires a bit of trial and error. Using a multimeter, 
you can measure the resistance between pairs of leads and 
therefore work out which leads are connected to the same coil. 

Another way of finding the leads that belong to the same 
coil is to hold two of the leads together and see if it makes the 
shaft of the motor more difficult to turn. Strange, but true! 


Figure 7-27 Controlling a 
stepper motor with an Arduino 
and an H-Bridge 
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5V Vcc E STEY | vM 
PWMA green 


AD1 
D7 AINI 
: oe AIN2 A02 
Arduino TB6612FNG q 2%, EE 
03 pws} Breakout Board yellow 7 Bipolar *, | 6V 
DS BIN or,” 1 Battery 
red 1 
D4 BIN2 ——— 
o DM i 
3 Figure 7-28 Schematic diagram 
If when you turn it on, the motor doesn’t turn, you will only : for a stepper motor control 


need to swap over one of the coil’s leads. The colors indicated 
in Figure 7-28 match the lead colors for the Adafruit motor. 

Although the motors suggested are 12V, they will still work 
using the 6V supplied by the battery pack. However, do not try 
and power them from the 5V supply of the Arduino. They draw 
too much current. 


You Will Need 


To build this, you will need the following items. 


Quantity Item Appendix Code 
1 Solderless breadboard T5 
Solid-core jumper wire T6 
| 6 x AA battery holder H8 
1 6 x AA batteries 
1 TB6612FNG breakout board M9 
1 Bipolar stepper motor H13 
1 Arduino Uno/Leonardo M2/M21 
1 USB lead; Type B for Uno, Micro 


USB for Leonardo 
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Construction 


A E : Figure 7-29 shows the breadboard layout. 
FiGure 7-29 Breadboard 


layout for the stepper motor 


E: 4 
es 


E E E EIEEE A A E 


muy 


Fra dr 


F #1), lá 
A RQÓQUO 


=h 
(= 


LEHEL 
chargeable 


—h 
ch 


00000 00000 00000 00000 00000 


000600 00000 50000 00006 00000 


on S 
O O 
O O 
O O 
O O 
© © 
o © 
D 4°) 
o O 
O O 
o O 
oR = 


500000 O00000 00000 000 

e 

o a 
O O 
o O 
© O 
o O 
O © 
O o 
© © 
o O 
o O 
= 


00000 00000 00000 000 


Software 


The example sketch (“stepper”) will first of all turn the motor 
in one direction through 200 steps and then pause for a second 
before turning it in the opposite direction through 200 steps. For 
a 200-step motor, each turn will be a full 360 degrees. 

First, the pin variables are defined and the “setup” function 
sets them all to be outputs. 


// stepper 
int PWMApin = 9; 
int AlNlpin = 7; 
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int AIN2pin = 
int PWMBpin = 
int BIN1pin = 
int BIN2pin = 


>e Ol W © 


void setup () 


{ 
pinMode (PWMApin, OUTPUT); 
pinMode (AINlpin, OUTPUT) ; 
pinMode (AIN2pin, OUTPUT); 
pinMode (PWMBpin, OUTPUT) ; 
pinMode (BINlpin, OUTPUT); 
pinMode (BIN2pin, OUTPUT) ; 

} 


The “loop” function then directs the motor in one direction 
(forward) for 200 steps, pauses a second, and then directs the 
motor back the same number of steps, but with half the delay 
between steps before pausing another second. It will continue 


this indefinitely. 


void loop () 

{ 
forward(10, 200); 
delay (1000) ; 
back (5, 200); 
delay (1000) ; 


The functions “forward” and “back” both take two 
parameters. The first is the delay between each step in 


milliseconds, and the second is the number of steps to take. 


The “forward” and “back” functions use the function 
“setStep” to set the right polarities of the two coils, in the 
pattern 1010, 0110, 0101, 1001. 


void forward(int d, int steps) 


{ 
for (int i = 0; i < steps / 4; i++) 
{ 
setStep(1, 0, 1, 0); 
delay (d); 
setStep(0, 1, 1, 0); 
delay (d); 
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setStep(0, 1, O, 1); 
delay (d); 
setStep(1, 0, O, 1); 
delay (d); 


To make the motor turn in the opposite direction, the pattern 
1s just reversed. 


void back(int d, int steps) 


{ 
for (int i = 0; i < steps / 4; i++) 
{ 
setStep(1, 0, 0, 1); 
delay (d); 
setStep(0, 1, 0, 1); 
delay (d); 
setStep(0, 1, 1, 0); 
delay (d); 
setStep(1, 0, 1, 0); 
delay (d); 
} 
} 


The “setStep” function actually sets the appropriate outputs 
of the motor controller. 


void setStep(int wl, int w2, int w3, int w4) 


digitalWrite(AlNlpin, w 
digitalWrite(AIN2pin, w 
PWMApin, 1 


E 

2 
digitalWrite ) 
BINlpin, w3 
4 

) 


digitalWrite 
digitalWrite (BIN2pin, w 


( 
( 
( 
( 
( 
digitalWrite (PWMBpin, 1 


How to Make a Simple Robot Rover 


In this project, we will create a little roving robot. To do this, we 
will use the RF remote control we used in the section “How to 
Use a Wireless Remote Module,” with the H-Bridge module we 
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FIGURE 7-30 The robot rover 


just discussed in the section “How to Control DC Motors with 


an H-Bridge Module,” along with an Arduino. 


The project will demonstrate how to use an Arduino to 


control a motor module. 


The robot (Figure 7-30) will be built using a low-cost robot 


chassis kit that includes two gear motors. 


The robot is built using a small breadboard that holds both 
the motor module and the RF receiver module. So apart from 
putting pin headers on the motor controller, there is no soldering 


to be done in this project. 


You Will Need 


To build this, you will need the following items. 


Quantity Name Item 
1 Small solderless breadboard 


Solid-core jumper wire 


1 6 x AA battery holder 
1 6 x AA batteries 
el Battery clip to 2.1mm DC jack adapter 


Appendix Code 
H12 

T6 

H8 


H9 
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Quantity Name Item Appendix Code 
1 LED K1 

1 SparkFun TB6612FNG breakout board M9 

1 Magician chassis H7 

1 Header pins K1, H4 

1 Cl 1000uF 16V capacitor Cl 

1 EZ 100uF 16V capacitor C2 

1 Arduino Uno/Leonardo M2/M21 

1 USB lead; Type B for Uno, Micro USB 


for Leonardo 


* If you use the Adafruit battery box that is already terminated in a 2.1mm plug, then you do 
not need this. 


Construction 


Figure 7-31 shows the schematic diagram for the rover. 

The use of modules simplifies this greatly. The only 
additional components that have been added are the two 
capacitors: Cl and C2. These are necessary to prevent sudden 
drops in battery voltage (as the motors start) from causing the 
Arduino to reset. 


Figure 7-31 Schematic 
diagram for the rover 


SparkFun 
TB6612FNG 
Breakout Board 


Arduino 
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Step 1. Construct the 
Magician Chassis 


The project 1s built around the 
Magician Chassis (Figure 7-32). 
This comes as a kit that is fixed 
together with nuts and bolts. 
Follow the instructions that come 
with the Chassis, but do not 
attach the battery box that comes 
with the kit or the support pillar 
that 1s right in the middle of the 
board. This is because, to power 
the Arduino, you need a bit more 
than the 5V to 6V that four AAs 
can supply. So, you are going to 
replace the battery box with one 
that takes six AA batteries rather 
than just four. 


Step 2. Program the Arduino 


It is a good idea to program the Arduino with the sketch before 
you start attaching the electronics. Load the sketch “rover” onto 
the Arduino. 


Step 3. Attach the Arduino and Breadboard 


Find suitable mounting holes on the chassis and use small nuts 
and bolts to attach the Arduino. You can also use an elastic band 
for this. Some breadboards come with a self-adhesive backing, 
and you can use this to attach it to the chassis. For a less 
permanent way of attaching it, a rubber band will work just fine. 


Step 4. Build the Breadboard 


Figure 7-33 shows the breadboard layout for the project and 
how it is wired up to the Arduino. 

There are quite a lot of wires on this project, so check all the 
connections once you think you have finished. Photocopying the 
page of the book and checking off with a pencil each connection 
as it’s made 1s a good way of ensuring they are all there. 

Also, not unlike our normal large breadboard, when wiring 
up this breadboard we have used the outer supply rail as GND 
and the inner rail as SV. 


3 Figure 7-32 The Magician 
: Chassis 
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Step 5. Wire up the Motors 


Each motor has a red and a black lead. So find the leads 
going to the left motor and attach them to the breadboard 
rows connected to the A01 and A02 connections of the motor 
module. Then, do the same for the right motor, connecting 
them to BO] and B02. 


Step 6. Attach the Battery 


If the battery box is made up of two rows of batteries, it will be 
quite a snug fit and the top surface of the chassis will need to 
bend out a little to accommodate it. If it is all in one row, like 
the Adafruit box, then you can attach it to the bottom layer of 
the chassis using small nuts and bolts. 


Testing 


When everything is assembled and ready to go, attach the battery 
and try the project out by pressing the buttons on the remote. The 
C button will set the robot running forwards, the B button will 
make it rotate to the right on the spot, and D will make it turn to 
the left. The A button will bring the robot to a halt. 


181 


1/2/13 12:35 PM 


182 


07-ch07.indd 182 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 7 


Hacking Electronics 


Software 


The sketch for this project 1s too long to list in full here, so we 
will just look at some of the main points. 

The RF receiver toggles the output for the button you press. 
So press it once and it turns on, press it again and it turns off. 
However, this is not really the way we want it to work. We just 
want to know when a button has been pressed. 

To do that, we keep track of the last state of each of the 
outputs, and only when the output has changed do we report the 
change. This uses the following array to store the output states 
and another array “remotePins”: 


int remotePins[] = (10, 11, 12, 13); 
int lastPinStates[] = (0, 0, 0, 0}; 


The function that detects that a change has occurred is as 
follows: 


int getKeyPress () 

{ 
// the outputs on the RF module toggle 
// so see what's changed and that's the 
// key that was pressed 


int result = -1; 
for (int i = 0; i < 4; i++) 
int remoteInput = digitalRead(remotePins [1] ) ; 
//Serial.print (remoteInput) ; 
if (remotelnput != lastPinStates [i] ) 
result = 1; 
lastPinStates[i] = remotelnput; 


} 


return result; 


The main loop calls this function to detect any key 
presses and then calls the appropriate function for the 
button. 


void loop () 


{ 


int keyPressed = getKeyPress()j; 
Serial.println(keyPressed) ; 
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1f (keyPressed == 3) 


{ 


stopMotors() ; 


} 


else if 


{ 


turnLeft () ; 


} 


else if 


{ 


turnRight () ; 


} 


else if 


{ 


forward(); 


} 


delay (20) ; 


(keyPressed == 0) 


(keyPressed == 2) 


(keyPressed == 1) 


The functions that control the movement are all very similar. 
The function for turning left is shown next. 


void turnLeft() 


{ 


digitalWrite(AINlpin, HIGH); 
digitalWrite(AIN2pin, LOW); 
analogWrite (PWMApin, slowPower) ; 
digitalWrite(BINlpin, LOW); 
digitalWrite(BIN2pin, HIGH); 
analogWrite (PWMBpin, slowPower) ; 


This sets the AIN and BIN pins—in this case, to set the 
motors turning in opposite directions. The PWM power 1s 
controlled by a call to “analog Write” using one of two values 
held in variables (““fullPower” and “slowPower”). 


How to Use a Seven-Segment 
LED Display Module 


Seven-segment LED displays have a nice retro feel to them. 
LED displays made up of a number of LEDs contained in a 
single package can be a challenge to control. Such displays will 
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normally be controlled using a 
microcontroller; however, it is not 
necessary to use a microcontroller 


output pin to each individual LED. CA > 

But rather, multi-LED displays are 0 
organized as “common anode” or 

“common cathode,’ with all the «GD, 
LED terminals of the anode or 

cathode connected together and í D » 

then brought out through one pin. 


Figure 7-34 shows how a common 
cathode seven-segment display 
might be wired internally. 

In a common cathode display like this, the common cathode Ficus 7234 A camtoneathode 
would be connected to ground and each segment anode driven : LED display 
by a microcontroller pin through a separate resistor. Do not be 
tempted to use one resistor on the common pin, and don’t use 
any resistors on the non-common connections, since the current 
will be limited no matter how many LEDs are lit. Because of 
this, the display will get dimmer the more LEDs are illuminated. 

It is quite common for multiple displays to be contained 
in the same case—for example, the three-digit, seven-segment 
common cathode LED display shown in Figure 7-35. 

In this kind of display, each digit of the display is like the 
single-digit display of Figure 7-35, and has its own common 
cathode. In addition, all the A segment anodes are connected ee ee ee 
together, as are each segment. : segment LED display 
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The Arduino using the display will then activate each common 
cathode in turn and then turn on the appropriate segments for 
that digit, and then move onto the next digit, and so on. This 
refresh happens very quickly so that the display appears to display 
different numbers on each digit. This is called multiplexing. 

Note the use of transistors to control the common cathodes. 
This is simply to handle the current of potentially eight LEDs at 
once, which would be too much for most microcontrollers. 

Fortunately for us, there is a much simpler way to use multi- 
digit, seven-segment LED displays. Modules ride to the rescue 
once again! 

Figure 7-36 shows a four-digit, seven-segment LED 
display that has just four pins on its connector, and two of 
them are for power. 


You Will Need 


To build this, you will need the following items. 


Quantity Item Appendix Code 
1 Solderless breadboard TS 
Solid-core jumper wire T6 
1 Arduino Uno/Leonardo M2/M21 
1 USB lead; Type B for Uno, Micro USB for Leonardo 
1 Adafruit seven-segment display w/I2C backpack M19 
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Construction 


The module comes as a kit, so start by following the instructions 
that accompany the module to assemble it. 

The LED module uses a type of serial interface on the 
Arduino called I2C (pronounced “I squared C”). This requires 
just two pins, but they have to be the two pins above “AREF” on 
the Arduino Uno. These pins are named SDA and SCL. 

This means that, frustratingly, the module will not just plug 
straight into the Arduino, we will need to use breadboard. 

Figure 7-37 shows the breadboard layout and Figure 7-38 
the breadboard itself, with the seven-segment display in action. 


: FIGURE 7-37 Breadboard layout 
: for using the seven-segment display 
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FIGURE 7-38 The seven- 
segment display in action 
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Software 


Adafruit provides a library to simplify the use of the module. 
You need to download this and copy the library folder into 
the “libraries” folder in your Arduino documents folder. See 
the instructions on Adafruit’s web site at www.adafruit.com/ 
products/880. 

The three libraries that the module requires are loaded using 
the includes statements. 


// seven seg display 


#include <Wire.h> 
#include "Adafruit_LEDBackpack.h" 
#include "Adafruit GFX.h" 


The following line assigns a variable to the display object so 
we can tell 1t what to display. 


Adafruit_7segment disp = Adafruit_7segment (); 


The “setup” function begins serial communication on the 
LC pins and then initializes the display. The value 0x70 is the 
LC address of the display module. This is the default value for 
its address, but there are solder connections on the module you 
can short together to change the address. You might want to do 
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this if you need to use more than one display, since each display 
must have a different address. 


void setup () 

( 
Wire.begin() ; 
disp.begin (0x70) ; 


} 


The “loop” function simply displays the current number 
of milliseconds since the board was reset, divided by 10. The 
display will therefore count up in 1/100ths of a second. 


void loop () 

{ 
disp.print (millis() / 10); 
disp.writeDisplay()j; 
delay (10); 


} 


How to Use a Real-Time Clock Module 


You could write an Arduino sketch to keep track of the time, but 
as soon as you unplugged it, it would forget the time. The way 
around this problem is to use an RTC (real-time clock) like the 
one shown in Figure 7-39. 


: Figure 7-39 An RIC module 
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: FiGURE 7-40 A “simple” digital 
: clock 


This particular module is also an Adafruit product. There 
are lots of similar modules out there, but their pin allocations 


may be different. 


The RTC includes a lithium battery that will last for years, 
and provides enough power to keep the correct time when the 


module is not powered. 


We can combine the RTC module with the seven-segment 
display module we used previously and make ourselves a simple 


digital clock (Figure 7-40). 


You Will Need 


To build this, you will need the following items. 


Quantity Item 
1 Solderless breadboard 


Solid-core jumper wire 


1 Arduino Uno/Leonardo 

1 USB lead; Type B for Uno, 
Micro USB for Leonardo 

1 Adafruit seven-segment display 
w/I2C backpack 

1 RTC module 


Appendix Code 
T5 

T6 

M2/M21 


M19 
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Construction 


The RTC module also comes as a kit, so start by following the 
instructions that accompany the module to assemble it. 

The RTC module also uses 12C and has a different address 
to the display, so we do not need to change anything. 

Figure 7-41 shows the breadboard layout for the clock. 


: Figure 7-41 Breadboard layout 
: for the clock 
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Software 


Load up the sketch “clock” onto your Arduino. The display 
should immediately start showing the time your computer is 
set to. 

Much of this sketch is the same as that in the section “How 
to Use a Seven-Segment LED Display Module.” But there 1s one 
additional library for the RTC module that we need to import. 
Instructions for downloading this are linked from the product 
page for the RTC module (www.adafruit.com/products/264). 


// clock 


#include <Wire.h> 

#include "Adafruit_LEDBackpack.h" 
#include "Adafruit GFX.h" 
#include "RTC1lib.h" 


In addition to creating a display to use, we now have to give 
the RTC a name. Let's call it “RTC”. 


RTC _DS1307 RTC; 
Adafruit_7segment disp = Adafruit_7segment () ; 


The “setup” function now has an additional command to 
start the RTC so it is ready to receive commands. The “if” 
statement checks to see if the clock part of the RTC 1s active. If 
this is the first time it has been used, it will not be, so if this is 
the case, it initializes it to the programming computer’s time. 


void setup () 


{ 
Wire.begin() ; 
RTC. begin () ; 
if (! RTC.isrunning() ) 


{ 
} 


disp.begin (0x70) ; 


RTC.adjust (DateTime(_ DATE , TIME )); 


The main loop now reads the time from the RTC and 
displays it. It also uses the display libraries’ “drawColon” 
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function to make the colon flash by turning it on and off with a 
half-second delay in between. 


void loop() 

{ 
disp.print (getDecimalTime()); 
disp.drawColon (true) ; 
disp.writeDisplay() ; 
delay (500) ; 
disp.drawColon(false) ; 
disp.writeDisplay() ; 
delay (500) ; 


The “getDecimalTime” function reads the hours and 
minutes from the RTC and turns them into a decimal number 
that can be written to the display. The first two digits will 
contain the hour, and the left two digits the minute. 


int getDecimalTime () 


{ 


DateTime now = RTC.now() ; 


int decimalTime = now.hour() * 100 + now.minute()j; 


return decimalTime; 


Summary 
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In addition to the modules here, you will find lots of other 
useful modules on the web sites of companies like Adafruit 
and SparkFun. The web sites also include some information 
on how to use the modules and their specifications. If you find 
a module you would like to make use of, the first step is to 
research how you could use it. As well as the datasheets and 
tutorial information on the supplier’s web site, you will often 
find instructions on building the projects if you search for the 
module on the Internet. 
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hapters 6, 7, and 8 all overlap somewhat, as many sensors are also modules and both can 

often be used with an Arduino. 

In this chapter, we will look at how to use a range of sensors, whether with a little supporting 
electronics or as an input to an Arduino, or sometimes both. 


How to Detect Noxious Gas 
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In this section, you will use a methane sensor (Figure 8-1). 

While they look like they should be expensive, these sensors are really quite low cost. 
They include a small heater (connected between the two H connections) and a catalytic sensing 
element whose resistance changes depending on the concentration of methane. Although the 
project will run on batteries, it will burn through them pretty quickly because these sensors have 
a heating element that will consume 150 to 200 mA. 

The sensing of methane does have lots of sensible scientific and industrial uses. However, we 
will use this technological know-how for the puerile activity of ... detecting farts. 


You Will Need 


To experiment with this gas sensor, you will need the following items. 


Quantity Names Item Appendix Code 
1 D1 LED K1 
1 RI 10kQ trimpot Kl 
1 R2 10k resistor K2 
1 R3 4700 resistor K2 
1 IC1 LM311 comparator S7 
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Quantity Item Appendix Code 
1 Methane sensor MQ-4 M11 
1 Piezo buzzer (with own oscillator) M10 
1 Solderless breadboard T5 
Solid-core jumper wire T6 
1 4 x AA battery holder H1 
1 4xAA batteries 
1 Battery clip H2 
1 * Arduino Uno/Leonardo M2/M21 
1 * USB lead; Type B for Uno, Micro USB 


for Leonardo 


* Only required if you want to connect the detector to an Arduino. 


The piezo sounder must be of the 
type that includes its own oscillator 
circuit and will work at 6V. 


The LM311 Comparator 


Figure 8-2 shows the schematic diagram for the gas detector. 
The key to this circuit is the comparator IC (LM311). 
Comparators, as the name suggests, compare voltages. If the 
voltage at its “+” connection is greater than the voltage at its 


: Figure 8-2 Schematic diagram 
: for the gas detector 


08-ch08.indd 194 1117113 4:26PM 


08-ch08.indd 195 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 8 


CHAPTER 8: Hacking with Sensors 


connection, then its output turns on. In this case, that will light 
the LED and sound a buzzer. 


Figure 8-3 Attaching leads to : 


The trimpot supplies a threshold voltage to the negative 


the sensor input of the comparator. To use the gas detector, the trimpot is 


turned until the LED just goes out. It will come 
back on if the output from the sensor increases 
enough to exceed the value at the comparator’s 
negative input. 

The sensor has rather unusual connections. 
It has six connections, but some of them are 
doubled up and connected behind the scenes 
(see Figure 8-1). The H connectors supply a 
heating element that warms the catalyst layer 
between A and B. When methane is detected, 
the resistance between A and B falls. R2 forms 
a voltage divider with the sensing element. 
One benefit of the sensor basically being two 
resistors—one acting as a heater and the other 
as a sensor—is that the pin connections are 
reversible. 

The sensor leads are thick and at a strange 
spacing, so they will not fit in breadboard. 
For this reason, we solder some leads to them 
(Figure 8-3). 


Rather than solder wires to all the leads, we can just solder 
the following connections: 


A red positive supply lead to all the pins on one side of 
the sensor (the two A pins and one H connection) 


The resistor R2 between B and the GND side of the 
heater 


A GND lead to the GND side of the heater (black) 
An output lead to B (yellow) 


Breadboard 


Figure 8-4 shows the breadboard layout for the gas detector, 
while Figure 8-5 displays the project itself. 

The breadboard layout is very straightforward, but do 
make sure that the IC is the correct way around. When it is all 
assembled, I will leave you to find your own way of testing it. 
Just a note that breathing on the sensor will also set it off. 
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Using a Gas Sensor 
with an Arduino 


In soldering the three leads onto the 
methane sensor, we have also made 
something that we can easily attach 
directly to an Arduino (Figure 8-6). 

Connect the positive supply 
connection from the sensor to 5V on the 
Arduino, GND on the sensor to GND on 
the Arduino, and the output of the sensor 
to A3. 

Since this sensor can use up to 
200 mA, you must power it from the 
real 5V and GND connections on 
the Arduino and not use the trick of 
powering it from a digital output. 

The following sketch (“methane”) 
prints the readings from the sensor into 
the Serial Monitor. Again, note that if 
you breathe on the sensor, the reading 
will increase. 


Lappy wan, 


3 Figure 8-4 Breadboard layout for 
: the gas detector 
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FiGurE 8-6 Using the gas 
sensor with an Arduino 


// methane 
int analogPin = 3; 


void setup () 

{ 
Serial.begin (9600); 
Serial.println("Methane Detector"); 


} 


void loop () 

{ 
Serial.println(analogRead(analogPin) ) ; 
delay (500) ; 


} 


How to Measure Somethings Color 


The TCS3200 is a handy little IC for measuring the color of 
something. There are several different variations on this chip, 
but they all work the same way. The chip has a transparent case, 
and dotting its surface are photodiodes with different color 
filters over them (red, green, and blue). You can read the relative 
amounts of each primary color. 
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The easiest way to use the chip is 
to buy a module like the one shown in 
Figure 8-7. 

This module, which cost less than 
USD 10, also has four white LEDs that 
illuminate the object whose color you 
want to measure, as well as convenient 
header pins. 

Table 8-1 shows the connections on 
the module and their purpose. With the 
exception of the power to the LEDs, these 
connections are taken straight from the 


IC, so any module you find that uses the TCS3200 is likely 
to have the same connections, even if they are not quite in the 


same place. 
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3 FIGURE 8-7 A light-sensing 
: module 


The IC does not produce an analog output, but instead 
varies the frequency of a train of pulses. You choose which color 
the pulse frequency corresponds to by changing the values on 


the digital inputs S2 and S3. 


You Will Need 


Quantity Item Appendix Code 

l Arduino Uno/Leonardo M2/M21 

| USB lead; Type B for Uno, Micro 
USB for Leonardo 

1 Color-sensing module M12 

l Male-to-female jumper set T12 

Pin Description Description Pin 

SO SO and S1 select the frequency 2.5V to 5.5V VCC 

S1 range. Both should be set HIGH. Ground GND 

S2 Red—-S2 and S3 LOW Output Enable—set to LOW to OE 
Green—S2 and S3 HIGH effectively turn the chip on. 

S3 Blue—S2 LOW, S3 HIGH Tie to ground with the attached LED 
White—S2 HIGH, 53 LOW jumper to turn the LEDs on. 

OUT The output pulses. GND 


| TABLE 8-1 CHE Color-Sensing Module Pinout 
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Construction 1s perhaps too strong a word for 1t. The module 
will fit directly into the Arduino (Figure 8-8), facing outward. It 
will make the following connections: 


SO module to D3 Arduino 
S1 module to D4 Arduino 
S2 module to D5 Arduino 
S3 module to D6 Arduino 
OUT module to D7 Arduino 


You will also need three male-to-female jumper leads to 


connect: 


O VCC module to 5V Arduino 
O GND module to GND Arduino 
O OE module to GND Arduino 


Figure 8-9 shows the module sensing colors on a Rubik’s cube. 


Int 
int 
int 
Ine 
int 


FIGURE 8-8 A light sensor 
attached to an Arduino 


Software 


The sketch “color_sensing” 
demonstrates the use of this module. 


// color sensing 


pulsePin = 7; 
prescale0Pin = 
prescalelPin = 
colorSelectO0pin 
colorSelectlpin 


3 
4 


1 


i s 


S7 
6; 


The pins are named according to 
their function rather than using the 
module pin names. 

The “setup” function sets the 
appropriate pin modes and then sets 
both the “prescale” pins that control the 
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output frequency range to HIGH, starts serial communication, 
and then displays a welcome message. 


void setup () 
pinMode (prescaleOPin, OUTPUT); 
pinMode (prescalelPin, OUTPUT); 
// set maximum prescale 
digitalWrite (prescale0Pin, HIGH 


) 
digitalWrite(prescalelPin, HIGH); 

) 

) 


1 


pinMode (colorSelect0pin, OUTPUT 
pinMode (colorSelectlpin, OUTPUT 
pinMode (pulsePin, INPUT); 
Serial.begin(9600); 
Serial.println("Color Reader"); 


1 


The “loop” function reads the three different colors (more on 
that later) and displays a message depending on the dominant color. 
Note that the lower the value, the brighter that particular color. 


void loop() 
{ 
long red = readRed() ; 
long green = readGreen() ; 
long blue = readBlue() ; 
if (red < green && red < blue) 


{ 


: Ficure 8-9 Sensing colors on a 
: Rubik's cube 
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Serial.printin ("RED") 3 


} 


if (green < red && green < blue) 


{ 


Serial.println ("GREEN"); 


if (blue < green && blue < red) 


{ 


Serial.println("BLUE"); 


} 


delay (500) ; 


99 66 


Each of the functions—“treadRed”, “readGreen”, “readBlue”, 
and “‘read White’’—just call a function “readColor” with the 
appropriate values for S2 and S3. 


long readRed () 


{ 


return (readColor(LOW, LOW) ) ; 


The function “readColor” first sets the appropriate pins 
for the color and records a start time in the variable “start”. It 
then waits for 1000 pulses to happen. Afterward, it returns the 
difference between the current time and the start time. 


long readColor(int bit0, int bit1) 

{ 
digitalWrite(colorSelectOpin, bit0); 
digitalWrite(colorSelectipin, bit1); 
long start. = milist): 
for (int 1=0; ls 1000; i++) 


{ 

pulseIn(pulsePin, HIGH); 
} 
return (millis() - start); 


Although not actually used, there 1s also a function in the 
sketch that writes the color values to the Serial Monitor. 


void printRGB () 


{ 


Serial.print (readRed()); Serial.print ("\t") ; 
Serial.print (readGreen()); Serial.print("\t"); 
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Serial.print (readBlue()); Serial.print("1t"); 
Serial.println(readWhite ()); 


} 


How to Detect Vibration 


Piezo vibration sensors, like the one from 
SparkFun shown in Figure 8-10, are very easy 
to use with an Arduino. 

The sensors are a thin strip of piezo- 
electric material with a rivet in the end acting 
as a weight. When there is a vibration, the 
weight moves, stressing the piezo material that 
produces a spike in voltage. Measured with 
the right test equipment, this spike can be as 
high as 80V. However, because we are going 
to connect it to an analog input on an Arduino, the resistance of 


; i i 3 FIGURE 8-10 A piezo vibration 
that input will be sufficient to damp the voltage to a level that Sensor i 


will not harm our Arduino. a 


You Will Need 


To detect vibration with your piezo sensor, you will need the 
following items. 


Quantity Item Appendix Code 

1 Arduino Uno/Leonardo M2/M21 

l USB lead; Type B for Uno, 

Micro USB for Leonardo 

1 Piezo vibration sensor M13 

1 LED K1 

1 2200 resistor K2 
Construction 


The piezo sensor is another very Arduino-friendly sensor. It 
can be just plugged into the Arduino sockets. In this case, it is 
plugged into pins AO and A1. AO will be set to an output LOW 
and used to provide the ground connection to the sensor 
(Figure 8-11). Note that the module is marked with a “+” on 
one side. Connect this side to “A1”. 
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FIGURE 8-11 Sensing vibration 
with an Arduino 
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The LED is joined to a resistor as 
described back in Chapter 6. This can 
then be plugged into sockets 8 and GND 
on the Arduino, with the positive 
connection of the LED connected to 8. 


Software 


The software that follows uses the 
technique of calibrating itself as it starts, 

to get the “no vibration” reading from the 
sensor. It then waits until the sensor reading 
exceeds the threshold set, at which point it 
lights the LED. Pressing the Arduino 
“reset” button will cause the sensor to 
detect movement again. 


// vibration sensor 


int gndPin = A0; 
int sensePin = 1; 
int ledPin = 8; 


After defining the pins to use, we then define two variables. 
The variable “normalReading” is used during calibration (more 
on that in a minute), and the variable “threshold” should be 
set to the amount that the analog reading 1s allowed to exceed 
“normalReading” by before the LED 1s turned on. 


int normalReading = 0; 
int threshold = 10; 


The “setup” function sets the appropriate pin modes and 
then calls the “calibrate” function to find the reading for the 
sensor when there is no vibration. 


void setup () 

{ 
pinMode (gndPin, OUTPUT) ; 
digitalWrite(gndPin, LOW); 
pinMode (ledPin, OUTPUT) ; 
normalReading = calibrate()j; 


203 
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The “loop” function simply takes a reading and checks to see 
if it has exceeded the threshold. If it has, it turns the LED on. 


void loop () 
{ 
int reading = analogRead(sensePin) ; 
if (reading > normalReading + threshold) 
{ 
digitalWrite(ledPin, HIGH); 
} 
} 


To calibrate the sensor, 100 readings are made with a one- 
millisecond delay between each reading, and the average is 
returned. A variable of type “long” is used to hold the total, as 
this number may be too big to fit in the usual “int” type. 


int calibrate () 


{ 
int n = 100: 
long total 05 


for (int i = 0; i < n; i++) 

{ 
total = total + analogRead(sensePin) ; 
delay (1) ; 

} 

return total / n; 


How to Measure Temperature 


A number of different sensor ICs are designed for measuring 
temperature. Perhaps the simplest to use 1s the TMP36 
(Figure 8-12). 

You can experiment with the sensor, just printing the 
temperature to the Serial Monitor, or you can combine the 
sensor with the relay module we made in Chapter 6. 


: Figure 8-12 The TMP36 
+5 : 


OUT 
GND 


Viewed from Below 
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You Will Need 


To use this temperature measurement IC, you will need the 
following items. 


Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
1 USB lead; Type B for Uno, Micro 
USB for Leonardo 
1 TMP36 temperature sensor IC S8 


Construction 
The TMP36 has just three pins, two 


ACC PAN hat al J Ha | 


= so > E A 7 a for the power supply and one analog 
m= cS UN AND) cal output. The power supply needs to 
+ 


FIGURE 8-13 The TMP36 
attached to an Arduino 


be between 2.7V and 5.5V, making 
1t ideal for use with the 5V of an 
Arduino. In fact, we can supply the 
power to it through digital outputs 
and just plug the whole chip into 
three pins on the analog connector 
of the Arduino (Figure 8-13). 


Software 


The sketch (“temperature_sensor”) follows what should now be 
a fairly familiar pattern. The pins are defined, and then in the 
“setup” function the output pins that provide power to the sensor 
are set to LOW for GND and HIGH for the positive supply. 


// temperature sensor 


int gndPin = Al; 
int sensePin = 2; 
int plusPin = A3; 


void setup () 

{ 
pinMode (gndPin, OUTPUT) ; 
digitalWrite (gndPin, LOW); 
pinMode (plusPin, OUTPUT); 
digitalWrite (plusPin, HIGH); 
Serial .begin(9600) ; 
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The main loop reads the value from the analog input and 
then does a bit of arithmetic to calculate the actual temperature. 

First, the voltage at the analog input is calculated. This will 
be the raw value (between 0 and 1023) divided by 205. It is 
divided by 205 because a span of 1024 values occupies 5V, or 
1024 / 5 = 205 per volt. 

The TMP36 outputs a voltage from which the temperature 
in degrees C can be calculated from the equation: 


tempC = 100.0 * volts — 50 


For good measure, the sketch also converts this into degrees 
F and prints both out to the Serial Monitor. 


void loop () 
{ 

int raw = analogRead(sensePin) ; 

float volts = raw / 205.0; 

float tempcC 100.05 * volts = 50; 

float tempF = tempC * 9.0 / 5.0 + 32.0; 
Serial.print (tempC) ; 
( 


serial. print (" O T}; 
Serial.print (tempF) ; 
Serial.println(" F"); 
delay (1000); 


How to Use an Accelerometer 
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Tiny accelerometer modules (Figure 8-14) 
are now available at low cost. The two 
models shown are very similar, both being 
SV compatible and providing analog outputs 
for each axis. The one on the left 1s from 
Freetronics (www.freetronics.com/am3x) 
and the one on the right 1s from Adafruit 
(www.adafruit.com/products/163). 

These modules are three axis accelerometers 
that measure the force applied to a tiny weight 
inside the chip. Two of the dimensions, X and 
Y are parallel to the modules PCB. The third dimension (Z) is de an Accelerometer 
at 90 degrees to the module’s surface. There will normally be E EE 
a constant force acting on this dimension due to gravity. So 1f 
you tip the module, the effect of gravity starts to increase on the 
dimension in which you tip 1t (see Figure 8-15). 
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Z As a vehicle to test one of these 
accelerometers, we are going to build an 
Y electronic version of the children’s game of 
egg and spoon. The idea behind this 1s to use 
x the accelerometer to detect the level of tilt of 
the “spoon” and flash an LED when it starts 


to be in danger of losing the egg. A buzzer 
Flat Back tipped up 


Z=g Z=g-abit sounds when the level of tilt is extreme enough 
sh = e ES for the egg to have fallen off (Figure 8-16). 


You Will Need 


e GE To participate in an Arduino and spoon race, 


you will need the following items. 


Ficure 8-15 The effect of 
gravity on the accelerometer 


ATTE V E Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
1 USB lead; Type B for Uno, Micro 
USB for Leonardo 
1 Accelerometer M15 
1 Piezo buzzer M3 
1 LED Kl 
1 2200 resistor K2 
l Battery clip to 2.1mm jack adapter H9 
1 Wooden spoon 
1 PP3 9V battery 
Construction 
FIGURE 8-16 An Arduino and g 3 With a bit of thought, both of the accelerometer modules are 
spoon race : capable of being plugged directly into the Arduino, as are the 


buzzer and LED. You should program 
the Arduino with the right sketch for 
the accelerometer module you are using 
before you attach the module, just in 
case some of the pins on the AO to AS 
connector are set to be outputs from a 
previous sketch. 

Figure 8-17 shows the schematic 
diagram for the Arduino Egg and Spoon. 

As you can see from Figure 8-18, all 
the components fit into the sockets on 
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: FiGURE 8-17 The schematic 


: diagram for the Arduino Egg 
: and Spoon 


Accelerometer 
Module 
(Adafruit) 


Freetronics 


Accelerometer Arduino 
GND AQ 
x A2 
Y A3 
Z Ad 
VIN AS 


the Arduino. The LED/resistor combo is the same as we used in 
Chapter 6. The positive end goes to digital pin 8 on the Arduino 
and the negative end to GND. The buzzer fits between pins D3 and 
D6é—D6 being connected to the positive end of the buzzer. If the 
pins on your buzzer are at a different spacing, then you can pick 
other pins, but remember to change the variables “gndPin2” and 
“buzzerPin” to whatever pins you end up using. 

Both of the accelerometer modules will fit in the Arduino DiE 
sockets AO to AS, as shown in Figure 8-18. However, their pin : FIGURE 8-18 The components 
allocations are quite different. 3 attached to the Arduino 

The project is powered from a 9V 
battery using an adapter, and the Arduino 
and battery are attached to the spoon with 
rubber bands. 


Software Mk apartes 38 
ER OOD) ONO, 


There are two versions of the sketch 
provided: “egg _and_spoon_adafruit” and 
“egg _and_spoon_freetronics”. Make sure 
you get the right one, and then program the 
Arduino with it BEFORE you attach the 
accelerometer. 


ARDUINO 


A E a E 
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The only difference between the two sketches is the pin 
allocations. 

This is the sketch for the Adafruit version. 

We start by defining the pins used. 


// egg _and_ spoon adafruit 
int gndPinl = A2; 

int GnaPin2: = 3; 

ine XPI = 55 

int yPin = 4; 

int 2Pin = 35 

int plusPin = AO; 

int ledPin = 8; 

int buzzerPin = 6; 


The two variables “levelX” and “level Y” are used to 
measure the resting values of acceleration for X and Y if the 
spoon is level. 


int levelX O; 


Oy 


int levelY 


The “ledThreshold” and “buzzerThreshold” can be adjusted 
to set the degree of wobble before the LED lights and the buzzer 
sounds to indicate a “dropped egg.” 


int ledThreshold = 10; 
int buzzerThreshold = 40; 


The “setup” function initializes the pins and then calls the 
function “calibrate” that sets the values of “levelX” and “level Y”. 


void setup () 

{ 
pinMode (gndPin1, OUTPUT) ; 
digitalWrite(gndPinl, LOW); 
pinMode (gndPin2, OUTPUT); 
digitalWrite(gndPin2, LOW); 
pinMode (plusPin, OUTPUT) ; 
pinMode (ledPin, OUTPUT) ; 
pinMode (buzzerPin, OUTPUT) ; 
digitalWrite (plusPin, HIGH); 
calibrate(); 


209 


1/2/13 12:29 PM 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 8 


210 Hacking Electronics 


In the main loop, we read the X and Y accelerations and 
see how much they have strayed from the values of “levelX” 
and “level Y”. The “abs” function returns the absolute value 
of a number, so if the difference is negative, it is turned into a 
positive value, and it is this that is compared with the thresholds 
that have been set. 


void loop () 


{ 


int x = analogRead(xPin) ; 

int y = analogRead(yPin) ; 

boolean shakey = (abs(x - levelX) > ledThreshold || abs(y - levelY) > 
ledThreshold) ; 

digitalWrite(ledPin, shakey) ; 

boolean lost = (x > levelX + buzzerThreshold || y > levelY + buzzerThreshold) ; 

if (lost) 


{ 


tone (buzzerPin, 400); 


} 
} 


The only complication in the “calibrate” function is that we 
must wait for 200 milliseconds before we can take the readings. 
This gives the accelerometer time to turn on properly. 


void calibrate () 


{ 
delay(200); // give accelerometer time to turn on 
levelX = analogRead(xPin) ; 
levelY = analogRead (yPin) ; 


How to Sense Magnetic Fields 


Sensing a magnetic field is made easy using a three-pin sensor 
IC like the A1302 linear hall effect sensor. You can use this chip 
in very much the same way as we did the TMP36 temperature 
sensor in the section “How to Measure Temperature” earlier in 
this chapter. 
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Figure 8-19 The A1302 
magnetic sensor attached 
to an Arduino 
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You Will Need 


To use this temperature measurement IC, you will need the 
following items. 


Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2/M21 
1 USB lead; Type B for Uno, Micro 
USB for Leonardo 
1 A1302 linear hall effect sensor S12 
Construction 


Just like the TMP36, the A1302 has just three pins, two for the 
power supply and one analog output. The power supply needs to 
be between 4.5V and 6V, making it ideal for use with the 5V of 
an Arduino. 

In fact, we can supply the power to it through digital outputs 
and just plug the whole chip into three pins on the analog 
connector of the Arduino (Figure 8-19). The chip should be 
oriented with the dot facing outward. 

Program the Arduino with the sketch before you plug in the 
sensor, in case A] is set to be an output. 
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Software 


The sketch for the magnetic sensor 1s very similar to that of the 
temperature sensor. 

First, the three pins are set up: digital pins 15 and 17 (AO 
and A2), and Al is set as the sensor pin. 


// magnetic sensor 


int gndPin = Al; 
int sensePin = 2; 
int plusPin = A3; 


void setup () 

{ 
pinMode (gndPin, OUTPUT); 
digitalWrite(gndPin, LOW); 
pinMode (plusPin, OUTPUT); 
digitalWrite (plusPin, HIGH); 
Serial .begin(9600) ; 


The main loop just takes the raw reading and sends it to the 
Serial Monitor. 

The device is not terribly sensitive, but 1f you hold a magnet 
next to it you should see a change in the reading coming from 
the Serial Monitor. 


void loop () 

{ 
int raw = analogRead(sensePin) ; 
Serial.printin(raw) ; 
delay (1000) ; 


} 


Summary 
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There are many other sensors out there, and many will interface 
to an Arduino quite easily using an analog input, or employing 
pulse length, letting you adapt the sketches used for other 
sensors to different sensors. 

In the next chapter, we will change tack and look at sound 
and audio electronics. 
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Audio Hacks 


E this chapter, you will look at audio electronics and find out how to make and amplify sounds 
so you can drive a loudspeaker. 

You will also discover how to hack an FM transmitter intended for use with MP3 players in 
the car, so that it works as a surveillance bug. 

First though, we will look at the more mundane topic of audio leads, how to use them, mend 
them, and make your own. 


Hacking Audio Leads 
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Ready-to-use audio leads are pretty cheap to buy unless you go for the high-end connectors. 
Sometimes though, if you need a lead in a hurry, or an unusual lead, it helps to know how to wire 
one up from parts in your junk box or from connectors you have bought. 

Many items of consumer electronics are supplied with a range of leads, and you do not always 
need them for use with the item you bought. Keep them in your junk box since you never know 
when you might need to make some kind of lead. 

Figure 9-1 shows a selection of audio plugs, some designed to have leads soldered to them, 
and others that have plastic moldings around the lead and cable, which cannot be soldered to. 
Plugs with plastic moldings around them are still useful, however. It just means you will have to 
cut and strip the wire that leads to the plug rather than solder it to the plug itself. 


General Principals 


Audio leads carry audio signals, often on their way to an amplifier, and the last thing you want is 
for them to pick up electrical noise that will affect the quality of the sound. For this reason, audio 
leads are normally screened (see Figure 9-2). 
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: FicurE 9-1 A variety of audio 
: plugs 


The audio signal itself (or two audio signals for stereo) is 
carried on insulated multi-core wires that are then enclosed in 
an outer conductive sheath of screening wire that carries the 
ground connection. 


: FIGURE 9-2 A screened audio lead 


Inner core 


Outer connection 


Inner connection to tip Inner layer of insulation 


Screening 


Mono plug Cable 


Outer layer of insulation 
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The exception to this is for leads to loudspeakers. These are 
not screened because the signal has been amplified to such a 
degree that any noise the speaker cables might pick up would be 
undetectable. 


Soldering Audio Connectors 


Stripping audio connectors is made more difficult by the fact 
that there is more than one layer of insulation. It is very easy 
to accidentally cut through the shielding. Nicking the outer 
insulation all around before stripping it will usually help with 
this problem. 

Figure 9-3 shows the sequence involved in soldering a 
screened lead to a 6.3mm jack plug of the sort often used to 
connect an electric guitar to its amplifier. 

The first step is to strip off the outer insulation about 20mm 
(a bit less than an inch) from the end of the lead and tease the 
shielding wires around to one side of the lead and twist them 
together. Strip about 5mm of insulation off the inner core 
insulation (Figure 9-3a). Then, tin both bare ends (Figure 9-3b). 

The jack plug has two solder tags: one for the outer part of 
the plug and one connected to the tip. Both will usually have 
holes in them. Figure 9-3c shows the screening trimmed to a 
shorter length and pushed through the hole ready to solder. 
Once the screening is soldered into place, solder the inner core 
to the solder tag for the tip (Figure 9-3d). 

These wires are quite delicate, so make sure the inner core 
wire has some extra length (as shown in Figure 9-3e) so that 
if the plug flexes, it will not break the connection. Notice that 
the strain relief tabs at the end of the plug have been pinched 
around the outer insulation. Finally, the plug will often have a 
plastic sleeve that protects the connections. Slide this over the 
connections and then screw in the plug casing. 


If there is a plug on the other end of the lead, remember to push the new plug enclosure 
Tip and plastic sleeve onto the lead BEFORE you solder the second plug on, otherwise you 
will end up having to unsolder everything to put it on. The author has made this mistake 
more times than he cares to admit. 
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: FIGURE 9-3 Soldering a screened 
: lead to a 6.3mm jack plug 


(e) (f) 
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Converting a Stereo 


Left Channel Signal to Mono 
Stereo audio is made up of two slightly 
different audio signals that give the 
stereo effect when played through two 
Right Channel Mono separate speakers. Sometimes, you have 


Outpul s 
a stereo output that you want to input to 


a single channel (mono) amplifier. 
You could use just one of the channels 
of the stereo signal (say, the left channel), 
GND e GND butthen you will lose whatever is on the 
7 right channel. So a better way of converting stereo to mono is to 
Figure 9-4 Mixing stereo to ‘ ; : . 
an use a pair of resistors to mix the two channels into one (Figure 9-4). 
edna A AE E Looking at the schematic of Figure 9-4, you could be 
forgiven for thinking all you need to do is connect the left and 
right channels to each other directly. This is not a good idea, 
because 1f the signals are very different, there is the potential 
for a damaging current to flow from one to the other. 

As an example, we could use the mono 6.3mm jack we just 
soldered leads to, and combine it with a pair of resistors and a 
stereo 3.5mm jack plug so we could, for example, plug an MP3 
player into a guitar practice amplifier. 

Figure 9-5 shows the steps involved in this. To make 1t easier 
to photograph, the author’s lead is made very short. You will 
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probably want to make yours longer. This 1s not a problem, unless 
you plan to make 1t longer than a few yards or meters. 

The 3.5mm plug is of the plastic molded variety, reclaimed 
from some unwanted lead. The first step is to strip both leads 
(Figure 9-5a). Note that the stereo plug has two screened 
connections in one twin cable. The screened ground connections 
of both channels of the stereo plug can be twisted together. 

Tin the ends of all the leads, and then solder the resistors 
together, as shown in Figure 9-5b. 

Next, solder the stereo and mono leads to the resistors, as 
shown in Figure 9-5c, and cut and tin a short length of wire to 
bridge the ground connections. Solder it into place (Figure 9-5d) 
and then wrap everything in insulating tape, taking care to put 
tape in between any places where wires could short together 
(Figure 9-5e). 


How to Use a Microphone Module 


Microphones (mics) respond to sound waves, but 
sound waves are just small changes in air pressure, 
so 1t 1s not surprising that the signal you get from a 
mic is usually very faint. It requires amplification to 
bring it up to a useable level. 

While it is perfectly possible to make a little 
amplifier to boost the signal from your mic, you can 
also buy a mic module that has an amplifier built in. 
Figure 9-6 shows such a module. 

The mic module just requires 
a supply voltage between 2.7V 
and 5.5V. This makes it ideal for 
interfacing with an Arduino. 

In Chapter 11, you will find out 
a bit more about oscilloscopes. But 
for now, here is a sneak preview of 
what an oscilloscope will display (see 
Figure 9-7) when connected to the 
mic module while a constant tone 1s 
being generated and the module is 
supplied with SV. 


3 Figure 9-7 The output of the 
: microphone module 
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The oscilloscope is displaying the sound. In this case, a 
constant and rather irritating tone of 7.4 kHz. The horizontal 
axis is time, and each blue square represents 100 microseconds. 
The vertical axis is the voltage and each square is 1V. The output 
of the mic module is a voltage that varies very quickly between 
about 1.8V and 3.5V. If you draw a horizontal line straight down 
the middle of the waveform, it would be at about 2.5V. This is 
halfway between OV and 5V. So if there is no sound at all, there 

A will just be a flat line at 2.5V, and as the sound gets louder, the 
Figure 9-8 The schematic :; waveform will swing further and further either way. It will not, 
diagram for a mic module however, go higher than 5V 

, wy oF lower than OV. Instead, the 

signal will clip and become 
distorted. 

The mic module shown is 
sold by SparkFun (BOB-09964). 
The schematic for this, along 
with all its design files have 

RO A Audio been made public. Figure 9-8 
104F = 10k0 € | _ Out shows a schematic for a typical 
| microphone pre-amp. 
The chip at the center 
of this design has a similar 
circuit symbol to the comparator 
you used in the “How to 
Detect Noxious Gas” section 
> GNO at the beginning of Chapter 8. 
However, it is not a comparator; 
itis an amplifier IC of a type 
known as an “operational amplifier’ (or “op amp” for short). 

Whereas a comparator turns its output on when the “+” 
input is higher than the “—” input, an op amp amplifies the 
difference between the “+” and “—” inputs. Left to its own 
devices, it amplifies this by a factor of millions. This means 
that the tiniest signal or noise on the input would be turned 
into meaningless thrashing of the output from 0 to 5V. To tame 
the op amp and reduce its amplification factor (called “gain’’), 
something called “feedback” is used. 

The trick is to take a portion of the output and feed it 
into the negative input of the op amp. This reduces the gain 
to an amount determined by the ratio of R1 to R2, shown in 
Figure 9-8. In this case, R1 is IMQ and R2 is 10kQ, so the gain 
is 1,000,000 / 10,000 or 100. 


Mic 
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The signal from the microphone is being amplified by 
a factor of 100. This shows just how weak the signal is in the 
first place. 

The “+” input to the op amp 1s held halfway between GND 
and 5V (2.5V) by using R3 and R4 as a voltage divider. C1 helps 
to keep this constant. 

From the schematic, you can see how you could build the 
module yourself on, say, stripboard. Op amps like the one used 
(which 1s a surface-mounted device) are also available in the 
eight-pin DIP form. However, a module like this will save you 
a lot of effort and may even turn out cheaper than buying and 
building a module from scratch. 

Į realize this is a rather cursory introduction to op amps. 
These are very useful devices, but unfortunately require more 
space to explain fully than this book can accommodate. You 
will find good information on op amps at the Wikipedia site, 
as well as in books with a more theoretical bent like Practical 
Electronics for Inventors, Third Edition, by Paul Sherz and 
Simon Monk, which has a chapter devoted exclusively to 
op amps. 

In the next section, we will 
combine this module with a hacked 
FM transmitter of the sort used 
to let you play your MP3 player 
through your car radio, thus creating 
an audio “bug.” 


WIRELESS FM STEREO 


How to Make an FM Bug 


To make an FM transmitter that 
will broadcast sound picked up 
from a microphone to a nearby FM 
radio receiver would require a lot 
of effort. We are hackers, so we are 
going to cheat and take apart an FM 
transmitter and wire it up to a mic 
module. Figure 9-9 shows the end 
result of this hack. 
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You Will Need 


To build the bug, you will need the following. 


Quantity Item Appendix Code 
1 Microphone module M5 

1 * FM transmitter for MP3 players 

1 FM radio receiver 


* For suitable FM transmitters, try searching on eBay using the search terms 
“fm transmitter mp3 car.” Expect to pay about USD 5 and look for the most 
basic of models. You do not need remote control or an SD card interface. 
You just want something that has an audio input lead, and for simplicity 
purposes runs on two AA or AAA batteries (3V). 


as Construction 


This 1s a very easy project to make. 
Figure 9-10 shows the schematic 
diagram for the bug. 

The 3V battery of the FM transmitter 
is used to provide power to the mic 
module, and the single output of the 

mic module is connected to both the left and right inputs of the 
Figure 9-10 Schematic 
diagram for the radio bug stereo FM transmitter. 
A Cena E Figure 9-11 shows how the FM transmitter is modified to 
connect the mic module to it. 

The first step is to unscrew any screws that hold the case 
together and pull it apart. Then, chop off the plug, leaving most 
of the lead in place since the lead often doubles as an antenna 
in these devices. Strip and tin the three wires inside the lead 
(Figure 9-1 1a). 

Looking at the three wires, in Figure 9-1 1a, the red wire is 
the right signal, the white the left, and the black ground. This is 
a common convention, but if you are not sure it applies to your 
transmitter, you can check by stripping the wires on the plug 
end of the lead you cut off and using the continuity setting on 
your multimeter to see which lead is connected to what on the 
plug. The farthest tip and next ring should be the left and nght 
signals, and the metal nearest the plastic should be the ground 
connection. 

We are going to leave the ground and left connections 
as they are, but disconnect the wire and connect it to the 3V 
connection of the battery (Figure 9-11b). In this transmitter, 
the positive terminal of the battery box underneath the PCB is 
soldered to the top surface of the PCB. 


FM Transmitter 
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3 Figure 9-11 Modding the FM 
: transmitter 
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Figure 9-12 How a loudspeaker 
works 
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To find the positive connection, look carefully at the battery 
box. In Figure 9-1 1c, you can see that the metal piece on the 
left of the figure links the negative of the top cell to the positive 
of the bottom cell. The 3V connection will therefore be the top 
right connection of the battery box, so trace where this comes 
out on the top of the PCB. If it is attached by wires, then find an 
appropriate place for the red wire of the audio jack lead to be 
joined to it. 

Referring back to the schematic diagram of Figure 9-10, we 
need to make a little wire just to link the left and right channels 
(Figure 9-11d). When all the changes are complete, it should 
look like Figure 9-1 le. 


Testing 


Note that the on/off button of the transmitter will have no effect 
on the power going to the mic module. So to fully turn off the 
bug, remove the batteries. 


To test the module out, set the frequency of the FM transmitter 


to one not occupied by a radio station and then set the radio 
receiver to the same frequency. You may well hear the howl of 
feedback through the radio. To prevent that, take the radio receiver 
to a different room. You should find that you can hear what is 
happening in the room with the bug in it pretty clearly. 


Selecting Loudspeakers 


Loudspeakers have remained largely unchanged in design 


since the early days of radio. Figure 9-12 shows how a 
loudspeaker works. 
The cone (often still made of paper) has a light coil 
around the end that sits within a fixed magnet attached 
to the frame of the loudspeaker. When the coil is driven 
by an amplified audio signal, it moves toward and away 
from the magnet in time with the audio. This creates 
pressure waves in the air, producing a sound. 
Electronically speaking, a loudspeaker just looks like 
a coil. When you buy a speaker like this, it will have a 


number of ohms associated with it. Most speakers are 80, 


but you can also commonly find 40 and 600 speakers. If 
you measure the resistance of the coil of an 80 speaker, 
you should find that it is indeed about 80. 


223 
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Another figure that is normally stated with the speaker 
1s the power. This specifies how hard the loudspeaker can be 
driven before the coil will get too hot and burn out. For a small 
loudspeaker such as one you might put in a small radio receiver, 
values of 250 mW and up are not untypical. As you progress 
toward the kind of speakers you would use with a hi-fi set, you 
will see figures in the tens of watts, or even hundreds of watts. 

It is very hard to build speakers that can cover the whole 
range of audio frequencies, which is generally standardized 
as 20 Hz up to 20 kHz. So you will often find hi-fi speakers 
that group a number of speakers into a single box. This might 
be a “woofer” (for low frequencies) and a “tweeter” (for high 
frequencies). Because woofers cannot keep up with the high 
frequencies, a module called a “crossover network” is used to 
separate the low and high frequencies and drive the two types of 
speakers separately. Sometimes this is taken a step further and 
three drive units are used: one for bass, one for mid-range tones, 
and a tweeter for high frequencies. 

The human ear can pick out the direction of a high-frequency 
sound very easily. If you hear a bird tweeting in a tree, you will 
probably be able to look straight at it without having to think 
about where it is. The same is not true of low frequencies. For 
this reason, surround-sound systems often have a single low- 
frequency “woofer” and a number of other speakers that handle 
midrange and higher frequencies. This makes life easier, because 
bass speakers have to be much larger than higher-frequency units 
in order to push large amounts of air about relatively slowly to 
produce bass sounds. 


Figure 9-13 A 1-watt amplifier 


How to Make a 1-Watt Audio Amplifier ae 


Building a small amplifier 
to drive a loudspeaker 

is made easier by an IC 

like the TDA7052, which 
contains pretty much all the 
components you need, on a 
chip costing less than $1. In 
this section, you will make 
a little amplifier module on 
stripboard (Figure 9-13). 
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An alternative to making 
your own amplifier is to buy a 
ready-made module. You will find 
these available for a wide range of 
different powers and in mono and 
stereo configurations. eBay 1s a 


Audio In good source for such modules, as 
, are SparkFun (BOB-11044) and 
—— Adafruit (product ID 987). These 
Pa | Ri TDA7052 modules often use an advanced 
Pid 10k0 | type of design called “class-D,” 
| is 2 which is far more efficient in its use 
gm 36° | of energy than the modul r 
| gy than the module we are 
E gomg to build. 
Figure 9-14 shows the typical 
schematic for a TDA7052 amplifier. 
R1 acts as a volume control, 
reducing the signal before 
= amplification. 
. C1 is used to pass the audio signal on to the input to the 
rie la ie : amplifier IC without passing on any bias voltage that the signal 
E T E T may have from the audio device producing the signal. For this 
reason, when you use a capacitor like this, it is called a coupling 
capacitor. 

C2 is used to provide a reservoir of charge that can be 
drawn on quickly by the amplifier when it needs it for very 
rapid changes in the power supplied to the speaker. This 
capacitor should be positioned close to the IC. 

You Will Need 
To build the amplifier module, you will need the following. 
Quantity Name Item Appendix Code 
1 IC1 TDA7052 S9 
1 RI 10kQ variable resistor K1,RI1 
l Cl 470nF capacitor Os 
l C2 100uF capacitor K1, C2 
1 80 speaker H14 
l Stripboard H3 


09-ch09.indd 225 1/3/13 3:47 PM 


226 


09-ch09.indd 226 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 9 


Hacking Electronics 


Construction a 


: Ficure 9-15 The stripboard layout 


Figure 9-15 shows the stripboard layout for the amplifier : for an amplifier module 


module. If you have not used stripboard before, read through 
the section titled “How 
to Use Stripboard (LED Audio In 
Flasher)” in Chapter 4. — SEO 

To build the module, Battery (6V) My A 
follow the steps shown in = 
Figure 9-16. 

First, cut the 
stripboard to size and 
make the three cuts in 
the tracks using a drill bit 
(Figure 9-16a). 


123 45 6 7 8 8 101) 12 13 14 1516 17 
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(c) (d) 


3 Figure 9-16 Building the audio 
: amplifier module 
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The next step is to solder the link 
into place, and then the IC, Cl, C2, and 
R1 in that order (Figure 9-16b). It is 
easiest to solder the components that are 
: lowest to the board first. 

Signal Generator Attach leads to the speaker 
(Figure 9-16c) and finally attach 
Volume the battery clip and a lead ending in a 
3.5mm stereo jack plug (Figure 9-16d). 
Note that only one channel of the audio 
lead is used. If you want to use both left 
and right channels, you should use a pair 
of resistors (see the section “Hacking 
Frequency Audio Leads” at the beginning of this 
chapter). 


Testing 


You can try the amplifier out by 
plugging it into an MP3 player, or, 
if you have an Android phone or an 


iPhone, download a signal generator 

| Noise | Noise Wave app like the one shown in Figure 9-17. 
There are a number of such apps, many 
of them free, including this one for 
Android from RadonSoft. 

With this, you can play a tone at a 
frequency you select. By noting when 
the volume of the speaker starts to 
drop off, you can work out the useful 
frequency range of your amplifier 
module. 


radansalt 


FiGurE 9-17 A signal 


e 3 How to Generate Tones with 
a 555 Timer 


Back in Chapter 4, you used a 555 timer to blink a pair of 
LEDs. In this section, we will see how to use a 555 timer IC 
oscillating at much higher frequencies to generate audio tones. 
The pitch will be controlled using a light-dependent 
resistor (LDR) so that as you wave your hand over the light 
sensor, the pitch will change in a theremin-like manner. 


221 
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3 Figure 9-18 Generating tones 
: with a 555 timer IC 


Figure 9-18 shows the tone generator built 
onto breadboard. 

Figure 9-19 shows the schematic diagram 
for the tone generator. 

This is similar to the design of the LED 
flasher in Chapter 4. In this case, instead of 
two fixed resistors and a capacitor setting the 
frequency, R1 is the LDR, whose resistance will 
vary between about 1kQ and 4k0 depending on 
the light falling on 1t. We need a much higher 
frequency than our LED flashing circuit—in 
fact, if we aim for a maximum frequency of 
around 1 kHz, we need a frequency of about 


1000 times what we had before. 3 Figure 9-19 Schematic diagram 
The 555 timer oscillates at a frequency determined by the : for a 995 tone generator 
formula: 


frequency = 1.44 /((R1 +2 * R2) * C) 


where the units of R1, R2, and Cl are in Q and F. 

So, if we use a 100nF capacitor for Cl, and R2 is 10kQ, and 
R1 (the LDR) has a minimum frequency of 1kQ, then we can 
expect a frequency of: 


1.44 / ((1000 + 20000) * 0.0000001) = 686 Hz 
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If the LDR’s resistance increases to 4kQ, then the frequency 
will drop to: 


1.44 / ((4000 + 20000) * 0.0000001) = 320 Hz 


To calculate the frequency and when deciding what values 
of R1, R2, and Cl to use, there are online calculators like this 
one at www.bowdenshobbycircuits.info/555.htm that will 
calculate the frequency for you. 


You Will Need 


To build the amplifier module, you will need the following. 


Quantity Name Item Appendix Code 

l IC1 555 timer IC K1, S10 

1 RI LDR K1, R2 

1 R2 10kQ resistor K2 

1 Cl 100nF capacitor K1, C4 

| C2 10uF capacitor K1, C5 

1 80 speaker H14 

Construction 
+. Figure 9-20 shows the breadboard 
¡ele - layout for the tone generator. 
BB nm It would be quite 
00 N i ‘ld thi 
ES : $ straightforward to build this 
| ¿11 design onto stripboard. The 
58 | 1? stripboard layout in the section 
00 2 Ej “Howto Use Stripboard (LED 
8 f 3. ® Flasher)’ in Chapter 4 would 
im) be a good starting point. 
oo 1500 D. 
oO 00 
33 J 
00 00 How to Make a USB 
20 a 

OO oO 
go a 99 Music Controller 
00 oood. 00 
00 900007 00000 o0 Music software like Ableton 
0025 00000 00000 2500 


Live™ is designed to allow 

. USB controllers that emulate a keyboard to control virtual 
Ficure 9-20 A signal f . ; e : 
generator app musical instruments and do all kinds of exciting things. 
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You can use the USB 
keyboard emulation features 
of the Arduino Leonardo 
with an accelerometer so that 


tilting the board produces o e (© O) 


a key press of a number 
between O and 8, with 4 
being pressed if the board 
is level, O if tilted almost 
vertically to the right, and 8 
being pressed when it is tilted 
the other way. 

The only hardware on the 
Arduino is the accelerometer 
(Figure 9-21). 


MU, 


TUL O 


= 


> 


ADXL335 PP 
i (5) z% 


Figure 9-21 A USB music 


5 i II 
You Will Need Aran 


To build this controller, you will need the following items. 


Quantity Item Appendix Code 

1 Arduino Leonardo M21 

1 Micro USB for Leonardo 

1 Accelerometer M15 (Adafruit version) 
Construction 


There is actually very little to construct in this project. The 
schematic is actually the same as in the section titled “How to 
Use an Accelerometer” in Chapter 8. The Freetronics accelerator 
will also work, but you will need to change the pin assignments 
before attaching the accelerometer. 


Software 


The software for the music controller combines code for sensing 
the angle of tilt on the X-axis with emulating a keyboard press. 
The first step is to assign the pins to be used. As in the 
section “How to Use an Accelerometer” in Chapter 8, the 
accelerometer module is powered from output pins. 


// music controller 


int gndPin = A2; 
ine XPLOD = 5} 


1/3/13 3:47 PM 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 9 


CHAPTER 9: Audio Hacks 231 


int yPin 4; 
int Zein. = 35 
int plusPin = AO; 


The variable “levelX” is used during calibration and holds 
the analog value when the accelerometer is flat. 

The “oldTilt’” variable contains the old value of the tilt of 
the board, which is a value between O and 8, where 4 means 
level. The old value is remembered, so that a key press is only 
sent if the tilt angle changes. 


int levelX = 0; 
int oldTilt = 4; 


The “setup” function sets the output pins to power the 
accelerometer, calls “calibrate”, and starts the Leonardo 
keyboard emulation mode. 


void setup () 

{ 
pinMode (gndPin, OUTPUT) ; 
digitalWrite(gndPin, LOW); 


pinMode (plusPin, OUTPUT) ; 
digitalWrite (plusPin, HIGH); 
calibrate(); 
Keyboard.begin() ; 


In the main loop, the accelerometer reading is converted to 
a number between 0 and 8, and if it has changed since the last 
reading, a key press is generated. 


void Loop () 
{ 
int x = analogRead(xPin) ; 
// levelX-70 levelX levelX + 70 
int tilt = (x - levelX) / 14 + 4; 
if (tilt < O) tile = 0; 
1E (eile. > 8) tilt = B? 
// 0 left, 4 is level, 8 is right 
E ( 


a tilt l= oldTilt) 

{ 
Keyboard.print (tilt); 
oldTIlt = tile, 

} 
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The “calibrate” function takes an initial reading of the 
acceleration on the X-axis, after waiting 200 milliseconds for 
the accelerometer to turn on properly. 


void calibrate() 

{ 
delay(200); // give accelerometer time to turn on 
levelX = analogRead(xPin) ; 


How to Make a Software VU Meter Baesa os 


: module to an Arduino 
The mic module you used in the section “How to Make an FM 


Bug” is also perfectly suited for 
use with microcontrollers like 
the Arduino. Figure 9-22 shows 
the module with pins attached 
to 1t and pushed into the analog 
connector strip of the Arduino. 

The mic module can be 
used to measure the sound level 
and write a number of “*”s to 
the Serial Monitor to indicate 
the loudness of the sound 
(Figure 9-23). 
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: FiGURE 9-23 The Serial Monitor 
[Z] Autoscrol ¿as a VU meter 
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You Will Need 


To build this VU meter, you will need the following items. 


Quantity Item Appendix Code 
1 Arduino Uno/Leonardo M2, M21 
1 USB lead; Type B for Uno, Micro USB for 
Leonardo 
1 Mic module M14 
l Header pins (three-way) H4 
Construction 


Upload the sketch “vu_meter” before attaching the mic module. 

Solder the header pins to the module so they will fit into 
the Arduino sockets AO to A2 with the microphone facing 
outward, as shown in Figure 9-22. 


Software 


The mic module uses very little current, so for convenience we 
can use AO and Al to provide the power to it. 

The sketch begins by defining the pins to use and setting 
them up in the “setup” function. Serial communication is also 
started here. 


// vu_meter 


int gndPin = AL; 
int plusPin = AO; 
int soundPin = 2; 


void setup() 

{ 
pinMode(gndPin, OUTPUT) ; 
digitalWrite(gndPin, LOW); 
pinMode (plusPin, OUTPUT); 
digitalWrite (plusPin, HIGH); 
Serial .begin(9600) ; 


The loop function reads the raw value for the analog 
input A2. The mic module produces an output of 2.5V when 
there is no signal, and swings above and blows that with 
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the sound”s waveform. So to find the “loudness” we need to 
first subtract 511 from the raw value—-511 being equivalent 
to the 2.5V offset in the raw analog reading that spans from 
O to 1023. 

The “abs” function makes any negative number positive and 
then divides the whole result by 10 to give us a number between 
O and 51 and assigns it to the variable “topLED”. We are not 
actually using LEDs, but you could think of each ***” as being 
an LED illuminated on a bar graph display. 

The “for” loop then prints a number of ***”s equal to the 
value held in “topLED”. Finally, a new line is printed and we 
delay for 1/10" of a second. 


void loop () 


{ 


int value = analogRead(soundPin) ; 
int topLED = 1 + abs(value - 511) / 10; 


for (int i = 0; i < topLED; i++) 


{ 
} 


Serial.println(); 
delay (100); 


serial print1"+"). 


Summary 
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In addition to the how-tos just covered, there are lots of audio 
modules you can make use of. Low-cost stereo power amplifiers 
are available from eBay and suppliers like SparkFun and Adafruit. 

You can also buy ultra-low-cost amplified speakers intended 
for computers and reuse them in your projects. 
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Mending and Breaking 
Electronics 


E this chapter, we will look at taking things apart and putting them back together again, or just 
taking them apart to salvage components. 

In today’s throw-away society, many consumer electronics items that stop working go directly 
into the garbage. Economically, they are simply not worth paying someone to repair. However, 
that does not mean it is not worth trying to repair them. Even 1f the attempt fails, some serviceable 
components may be scavenged for use in your projects. 


How to Avoid Electrocution 


When working on something that is powered by household electricity, NEVER work on it when 
it is plugged into the outlet. I actually like to have the electrical plug for the appliance right in 
front of me, so that I know it is not plugged in. Household electricity kills many people every 
year. Take 1t seriously! 

Some devices, such as switch mode power supplies, contain high-value capacitors that will 
hold their charge for hours after the device has been unplugged. These capacitors are simply 
biding their time, waiting for some unsuspecting fingers to complete the circuit. 

Unless it is a very small capacitor, it should not be discharged by shorting the leads with a 
screwdriver. A large capacitor at high voltage can supply huge amounts of charge in a fraction of 
a second, melting the end of the screwdriver and flinging molten metal around. People have been 
blinded by capacitors exploding in this manner, so don’t do it. 

Figure 10-1 shows the safe way to discharge a capacitor. 
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3 Ficure 10-1 Safely discharging 
: a Capacitor 


The legs of a 1000 resistor are bent to the right fit for the 
capacitor contacts and held in the teeth of a pair of pliers for a 
few seconds. You can use the highest setting of your voltmeter 
to check that the capacitor has discharged to a safe level (say, 
50V). If you have a high-wattage resistor, all the better. If it is 
not high enough power, it will break, but not in as spectacular 
a way as a capacitor being discharged dangerously. 

Some devices that can pack a painful and sometimes lethal 
punch are: 


O Old glass CRT TVs 
O Switch-mode power supplies 


O Camera flash guns and disposable cameras with a flash 


How to Take Something Apart AND 
Put It Back Together Again 


It is often said that “any fool can take something apart, but 
putting it back together is a totally different matter.” 
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Just remember that taking things apart usually voids their 
warranty. 

By following a few simple rules, you shouldn’t have any 
problems. 


O Have a clear working area with lots of room. 


O As you take out the screws, place them in the same 
pattern on your worktop as they were in the case they 
came out of. Sometimes the screws can be different 
sizes. If they are likely to be knocked or roll about on 
the surface, then push them into a piece of expanded 
polystyrene or something similar. 


O After undoing the screws, when you come to take the 
case apart, watch out for any little plastic bits like switch 
buttons that might fall out. Try and keep them in place 
until you are ready to remove them. 


O If something looks tricky, draw a sketch or take a 
photograph. (I tend to take a lot of photographs when 
repairing things, like with a hair dryer or straighteners, 
that have a large mechanical design component.) 


O Try not to force things apart. Look to see where the 
clips are. 


@ [If all else fails, try cutting the case apart with a handsaw 
(something your author has resorted to in the past), and 
then later glue the case back together. 


How to Check a Fuse 


The most convenient problem to fix in an appliance is the fuse. 
It’s convenient because it is easy to test and easy to fix. Fuses are 
basically just wires designed to burn out when the current flowing 
through them gets too high. This prevents further damage to more 
expensive components, or can stop a fire from starting. 
Sometimes fuses are clear, so you can see that the wire 
inside them has broken and that they have “blown.” Fuses 
are rated in amps and will generally be labeled to show the 
maximum current in A or mA they can take. Fuses also come 
as “fast blow” and “slow blow.” As you would expect, this 
determines how fast the fuses react to over-current. 
Some household electrical plugs contain a fuse holder, and 
you can also find fuses on PCBs. Figures 10-2a-c show the 
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inside of a UK fused plug and also a fuse holder on the PCB for 
the author’s multimeter. 

You have used your multimeter in Continuity mode enough 
times now that you can probably guess how to test a fuse 
(Figure 10-3). 

If a fuse has blown, there may be a good reason for this. 
Occasionally, however, they blow for other reasons, such as a 
momentary spike in the electric power lines or when turning 
on a heating element on a particularly cold day. So, generally, 
if there is no obvious sign of a problem with the device 
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FiGURE 10-3 Testing a fuse 
with a multimeter 


j uto Display 


(look for wires that have come lose, or any sign of charring), 
then try replacing the fuse. 

If the fuse immediately blows again, don’t try another. You 
should instead find the source of the problem. 


How to Test a Battery 


A E E E N : Spent batteries are, of course, another common reason for 
PURE T E e de: something not working. Simply measuring the voltage will tell 
using a resistor and multimeter i : . 

you very quickly 1f the battery is empty. 

During testing, if a 1.5V 
battery like an AA or AAA is 
showing less than 1.2V, or a 9V 
battery is showing less than 8V, it 
is probably time to throw it away. 
However, the voltage of a battery 
shown when it is not powering 
anything can be a little misleading. 
For a more accurate picture, use a 
1000 resistor as a “dummy” load. 
Figure 10-4 shows a resistor and 
multimeter being used to assess 
the state of the battery. 


712-7725 


10-ch10.indd 239 1/7/13 1:35PM 


240 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 10 


Hacking Electronics 


How to Test a Heating Element 


If you have a suspect heating element from an oven, hair dryer, 
or so on, you can check 1t by measuring its resistance. As with 
anything using household electricity, only do this when the 
appliance is completely disconnected. 

It’s a good idea to roughly work out what you think the 
resistance should be before you measure it. So, for example, if 
you have a 2-kW 220V heating element, then rearrange: 


P=VW/R 
to 
R = V? / P = 220 x 220 / 2000 = 240 


Calculating what you expect before you measure 1t is always 
a good idea, because if you measure it first, it is all too easy 
to convince yourself that it was what you were expecting. For 
instance, one time your humble author convinced himself that 
a suspect element was fine because it was showing a resistance 
of a few hundred ohms. Eventually, it transpired that there was 
a light bulb in parallel with the heating element and that the 
element itself was instead broken. 


Finding and Replacing 
Failed Components 
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When something stops working on a PCB, it is often the result 
of something burning out. This sometimes leads to charring 
around the component. Resistors and transistors are common 
culprits. 


Testing Components 


Resistors are easy to test with a multimeter set to its resistance 
range. Although the results can be misleading, you can test them 
without removing them. Most of the time, you are looking for 
an open circuit, very high resistance, or sometimes a short (00). 

If your multimeter has a capacitance range, these too can 
easily be tested. 

Other components are less easily identified. It is usually 
possible to make out some kind of device name on the case. 
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A magnifying glass is sometimes useful, as is taking a digital 
photograph and then zooming in to a high magnification. 
Having found some kind of identifying mark, type it into your 
favorite search engine. 

Bipolar transistors can also be tested (see the section 
“How to Use a Multimeter to Test a Transistor” in Chapter 11). 
However, if you have a spare, it is often easier just to replace it. 


Desoldering 


There is definitely a knack to desoldering. You often have to add 
more solder to get the solder to flow. I find it quite effective 
to draw the solder off onto the tip of the soldering iron, which 
I keep cleaning using the sponge. 
Desoldering braid (Appendix — code T13) is also quite 
effective. Figure 10-5 shows the steps involved in using 
eR ee rere rere eer er ere cir rer ere desoldering braid to remove the solder from around a component 


Figure 10-5 Using desoldering i 
braid | lead so 1t can be removed. 


10-ch10.indd 241 1/15/13 12:35 PM 


242 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 10 


Hacking Electronics 


Desoldering braid (Figure 10-5a) is supplied in small 
lengths on a small reel. You do not need much. It is braided 
wire impregnated with flux that encourages the solder to flow 
into 1t and off the PCB or stripboard copper. 

Figure 10-5b shows the joint (circled in yellow) that we are 
going to remove the solder from. Press the braid onto the joint 
with the soldering iron (Figure 10-5c) and you should feel the 
blob of solder on the joint start to melt into the braid. Remove 
the braid while everything is hot and you should see a nice clean 
joint with the solder transferred to the braid (Figure 10-5d). 

Cut off the section of the braid with solder on it and throw 
it away. 

You may have to do this a couple of times to remove enough 
solder to release the component. 


Replacement 


Soldering in the replacement component is straightforward, you 
just have to make sure you get it the right way around. This is 
where photographing the board before making the replacement 
can be a good idea. 


How to Scavenge Useful Components 
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Dead consumer electronics are a good source of components. 
But be selective, because some components are really not worth 
saving. Resistors are so cheap that it is really not worth the 
effort of removing them. 
Here is what I look for when scavenging: 
Any kind of motors 
Connectors 
Hookup wire 
Seven-segment LED displays 
Loudspeakers 
Switches 
Large transistors and diodes 


Large or unusual capacitors 


Screws nuts and bolts 
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elas Figure 10-6 shows the insides of a dead video cassette 
Figure 10-6 Scavenging from : recorder, with some of the more interesting parts for scavenging 
a VCR E labeled. 


Power lead and 
strain relief grommet 


UHF TV Modulator. 
Arduino Pong?? 


Some large 
electrolytics 


Tactile push switches — 
just about worth the effort 


Nice display with 
long leads 


IR receiver 
module 


The easiest way to remove a lot of components, and things 
like hookup wire, 1s simply to snip them with wire cutters. The 
same applies to large electrolytic capacitors and other items, as 
long as they still leave leads long enough to use. Alternatively, 
you can desolder the items. 


How to Reuse a Cell Phone 
Power Adapter 


Everything you make in electronics requires a power source of 
some sort. Sometimes this will be batteries, but often it is more 
convenient to power the device from your household electricity. 
Given that most of us have drawers stuffed with obsolete 
mobile phones and their charges, it makes sense to be able to 
reuse an old mobile phone charger. If they are newish phones, 
they may well have some kind of standard connector on them 
like a mini-USB or micro-USB, but many older phone models 
had a proprietary plug, used only by that phone manufacturer. 
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There 1s nothing to stop us 
from taking such an adapter and 
putting a more standard plug on 
the end of it, or even connecting 
the bare wires to screw terminals. 

Figure 10-7 shows the steps 
involved in putting a different 
type of connector, such as a 
2.1mm barrel jack, on the end of 
an old cell phone charger. (a) (b) 

The charger is of the “wall- 
wart” type that plugs directly into an electrical outlet. The 
connector 1s of a type long since discontinued (Figure 10-7a). 
The charger has a label saying that 1t can supply 5V at 700mA, 
so the first step is (making sure the charger is unplugged) to 
chop off the existing connector and strip the bare wires. There 
should be two wires, and if one is black and one is red, then the 
red one is usually positive and 
the black negative. In this case, 
the wires are red and yellow. 
Whatever colors the wires are, 
it is always a good idea to use a 
multimeter to check the polarity 
(Figure 10-7b). 

Remember to put the lead (c) (d) 
through the plastic body of the 
barrel jack before you start soldering! 


3 Figure 10-7 Attaching a barrel 
: Jack to a cell phone charger 


You can then solder on a barrel jack plug ( Appendix—code A A 


H11). This is much the same procedure we used for an audio 
lead in the section “Hacking Audio Leads” in Chapter 9. 
Figure 10-7c shows the plug ready to solder, while Figure 10-7d 
displays the final lead ready to use. 


Summary 
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In this chapter, we have discovered some of the treasures that 
can be rescued from dead electronic equipment and also briefly 
looked at testing and mending. 

If you want to learn more about mending things, I recommend 
the book How to Diagnose and Fix Everything Electronic by 
Michael Geier (McGraw-Hill/TAB, 2011). 
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Tools 


his chapter is mainly for reference. You have already met some of the techniques described 
here while working your way through the book. 


How to Use a Multimeter (General) 
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Figure 11-1 shows a close-up of the range selector of my multimeter. 

This is typical of a medium-range multimeter costing around USD 20. We have probably 
only used four or five of the settings during the course of this book, so it is worth pointing out 
some of the other features of a multimeter like this. 


Continuity and Diode Test 


Starting at 6 o’clock, we have the Continuity mode, represented by a little music symbol and also 
a diode symbol. We have used the Continuity mode many times. It just beeps when there 1s very 
low resistance between the leads. 

The reason a diode symbol appears here is because this mode also doubles for testing diodes. 
With some multimeters, this feature will also work on LEDs, allowing you to measure the 
forward voltage. 

Connect the anode of the diode (the end without a stripe in a normal diode, and with a longer 
lead on an LED) to the red test lead of the multimeter, and then the other end of the diode to the 
black lead. The meter will then tell you the forward voltage of the diode. So, expect to see about 
0.5V for a normal diode and 1.7V to 2.5V for an LED. You will probably also find that the LED 
glows a little. 
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Resistance 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 11 


: Figure 11-1 Multimeter range 
: selection 


The multimeter in Figure 11-1 has six resistance ranges, from 
200MO down to 2000. If you pick a range that has a maximum 
resistance lower than the resistor you are measuring, then the 
meter will indicate this. Mine does so by displaying a “1” on its 
own without any further digits. This tells me I need to switch 

to a higher resistance range. Even better, start at the maximum 
range and work your way down until you get a precise reading. 


For the most precise reading, you need the meter to be on the 
range above the one that tells you it’s out of range. 


When measuring high- 
value resistors of 100k0 
and up, remember that 
you yourself are also a big 
resistor, so 1f you hold the 
test lead to the resistor at 
both ends (see Figure 11-2), 
you are measuring both the 
resistor in question and your 
own resistance. 

Use test leads with 
crocodile clips, or pin the 
resistor to your work surface 


with the flat of the test leads. 


: FiGURE 11-2 How not to measure 
: high-value resistors 
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Capacitance 


Some multimeters include a capacitance range. While not 
particularly useful for finding the value of unknown capacitors 
(capacitors have their value written on them), being able to test 
a capacitor and make sure 1t still has a capacitance something 
close to its stated value is useful. 

The capacitance range on most meters is quite inaccurate, but 
then the values of actual capacitors—especially electrolytics— 
often have quite a wide tolerance. 

In other words, 1f your meter tells you that your 100uF 
capacitor is actually 120uF, then that is to be expected. 


Temperature 


If your multimeter has a temperature range, 1t probably also 
comes with a special set of leads for measuring it, such as those 
shown in Figure 11-3. 

The leads are actually a thermocouple that can measure 
the temperature of the tiny metal bead on the end of the 
leads. This thermometer is a lot more useful than your 
average digital thermometer. Check the manual for your meter, 
but the range of temperature 1s likely to be something like 
—40°C to 1000°C (—40°F to 1832°F). 

So, you can use it to check how hot your soldering iron is 
getting, or if you have a component in a project that seems to 
be getting a bit toasty, you can use this to check just how hot it 
is getting. 


24] 
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AC Voltage 


We have not talked about AC very much in this book. AC stands 
for alternating current and refers to the type of electricity you get 
in a home wall socket’s 110V or 220V supply. Figure 11-4 shows 
how 110V AC household electricity voltage varies over time. 

From Figure 11-4, 1t 1s apparent that the voltage actually 
reaches a peak of 155V and swings all the way negative to 
—155V. So you might be wondering why it is referred to as 
110V at all. 

The answer is that since a lot of the time, the voltage is 
quite low, at those times, it delivers very little power. So the 
110V is a kind of average. It’s not the normal average voltage, 
because that would be (110 — 110) / 2 = OV, and because half 
the time it is negative. 

110V is the RMS voltage (root mean squared). This is the 
peak positive voltage divided by the square root of 2 (1.4). You 
can think of this as the DC equivalent voltage. So a light bulb 
running on 110V AC would appear to be the same brightness as 
if it were running on 110V DC. 

You are unlikely to need to measure AC unless you are 
doing something exotic and dangerous, and you should not 
do that unless you are very sure about what you are doing and 
therefore probably already knew what I just told you. 


Volts 


1/60 second 
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Figure 11-5 High-current 
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DC Voltage 


We have already measured DC voltage quite a lot—mostly at 
the 0 to 20V range. 

There 1s nothing much more to say about this, except to 
always start with the highest voltage range you believe you are 
about to measure and then work your way down. 


DC Current 


When measuring current, you will probably find that for all current 
ranges you will need to use different sockets on the multimeter for 
the positive probe lead. There is usually one connection for low 
currents and a separate one for the high-current ranges (20A on 
the author’s multimeter; see Figure 11-5). 

There are two important points to consider here. First, if 
you exceed the current range, your meter will not just give you 
a warning, it may well blow a fuse within the meter. 

The second point is that when the probe leads are in the 
sockets for current measurement, there is a very low resistance 
between them. After all, they need to allow as much of the 
original current as possible to flow through them. So, if you 
forget that the leads are in these sockets and go to measure a 
voltage elsewhere in the circuit, you will effectively short-out 
your circuit and probably blow the fuse on your multimeter at 
the same time. 

So, just to reiterate, if you have been using your multimeter 
to measure current, ALWAYS put the probe leads back to their 


2 


Hp J CE 


x Cx , VOC 'F 


200mA, MAX 
FUSED 
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voltage sockets, as these are more likely to be used next. If you 
try and measure current with the leads in the voltage sockets, 
then all that will happen is that you get a reading of zero. 


AC Current 


The same argument that we gave for measuring AC voltage 
probably applies here. Exercise extreme caution. 


Frequency 


If your multimeter has a frequency setting, this can be useful. 
For example, in the section “How to Generate Tones with a 

555 Timer” in Chapter 9 where we create an audio tone using 

a 555 timer, you could use this feature to measure the frequency 
of the tone being produced. This can be handy if you do not 
have access to an oscilloscope. 


How to Use a Multimeter 
to Test a Transistor 


11-ch11.indd 250 


Some multimeters actually have a transistor test socket where 
you can plug in a transistor. The multimeter will not only tell you 
if the transistor is alive or dead, but also what its gain (Hfe) is. 

If your multimeter does not have such a feature, you can 
use the diode test feature to at least tell you if the transistor is 
undamaged. 

Figure 11-6 shows the steps involved in testing an NPN 
bipolar transistor like the 2N3906. 

Put the multimeter into diode test mode and attach the 
negative lead of the meter to the center base connection of the 
transistor, and the positive lead to one of the other leads of 
the transistor. It does not matter if it is the emitter or collector 
(check the transistor’s pinout to find the base). You should get 
a reading, somewhere between 500 and 900. This is the forward 
voltage in mA between the base and whichever other connection 
you chose (Figure 11-6a). Then, move the positive lead to the 
other lead of the transistor (Figure 11-6b) and you should see a 
similar figure. If either reading is zero, either your transistor is 
dead, or it is a PNP type of transistor, in which case you need to 
carry out the same procedure but with the positive and negative 
leads to the multimeter reversed. 


1/7/13 10:32 AM 


HowTo-Color (8) / Hacking Electronics / Simon Monk / 236-3 / Chapter 11 


CHAPTER 11: Tools 251 


FiGureE 11-6 Testing a transistor 


| 


(a) (b) 


How to Use a Lab Power Supply 


We came across a lab power supply back in Chapter 5. If you 
have your soldering equipment and a multimeter, then a lab 
power supply (Figure 11-7) is probably the next item to invest 
in. It will get a lot of use. 

The power supply shown in Figure 11-7 is a simple-to-use 
basic design. In the figure, it is being used to charge a lead—acid 
battery. You will find that you use it to power your projects 
while developing them. You should be able to get something 
similar for under USD 100. 

It plugs into your home electrical socket and can deliver up 
to 20V at 4A, which is more than enough for most purposes. 
The screen displays the voltage at the top, and the current being 
consumed at the bottom. 

The reasons why it is more convenient than using batteries 
or a fixed power supply are: 
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It displays how much current is being consumed. 
You can limit the current consumption. 


You can use it in constant current mode when 
testing LEDs. 


You can adjust the voltage easily. 


The control panel has an Output switch that turns the output 
voltage on and off, and two knobs that control the voltage 
and current. 

If I am powering up some project for the first time, I will 
often follow this procedure: 


1. Set the current to its minimum setting. 


2. Set the desired voltage. 


3. Turn on the output (the voltage will probably drop). 


4. Increase the current and watch the voltage rise, making 


sure that the current isn’t rising to an unexpected level. 


Introducing: The Oscilloscope 


Oscilloscopes (Figure 11-8) are an indispensable tool for any 
kind of electronics design or test where you are looking at a 
signal that changes over time. They are a relatively expensive 
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3 Figure 11-7 A lab power supply 


Ficure 11-8 A low-cost digital 
: oscilloscope 
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bit of equipment (from USD 200 on up) and there are various 
kinds. One of the most cost-effective types does not have any 
display at all, but connects to your computer over USB. If you 
don’t want to risk blobs of solder on your laptop, or wait for it 
to boot up, then a dedicated oscilloscope is probably best. 

Entire books have been written about using an oscilloscope 
effectively, and every oscilloscope is different, so we will just 
cover the basics here. 

As you can see from Figure 11-8, the waveform is displayed 
over the top of a grid. The vertical grid is in units of some 
fraction of volts, which on this screen is 2V per division. So the 
voltage of the square wave in total is 2.5 x 2 or 5V. 

The horizontal axis is the time axis, and this is calibrated 
in seconds. In this case, 500 microseconds (US) per division. 

So the length of one complete cycle of the wave is 1000 uS—or 
1 millisecond—indicating a frequency of 1 KHz. 

The other advantage of an oscilloscope is that the test leads 
are very high impedance, which means that they have very little 
effect on the thing you are trying to measure. 


Software Tools 


As well as hardware tools for hacking electronics, there are lots 
of useful software tools that can help us out. 


Simulation 


If you like the idea of trying out electronic designs in a virtual 
world, you should try one of the online simulators like CircuitLab 
(www.circuitlab.com). This online tool (Figure 11-9) allows you 
to draw your circuits online and simulate how they will behave. 

You will have to pick up a bit more theory than this book 
covers, but a tool like this can save you a lot of effort. 


Fritzing 
Fritzing (www. fritzing.org) is a really interesting open-source 
software project that lets you design projects. It is intended 
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3 Figure 11-9 The CircuitLab 
: simulator 


primarily for breadboard design and includes libraries of 
components and modules, such as an Arduino, that can all be 
wired up (Figure 11-10). 


EAGLE PCB 


If you want to start creating your own PCBs for your electronics 
designs, then look for the most popular tool for this, which is 
called EAGLE PCB (Figure 11-11). It allows you to draw a 
schematic diagram and then switch to a PCB view where you 
can route the connections between components before creating 
the CAM (computer-aided manufacturing) files, which you can 
then send off to a PCB fabrication shop. 

Creating PCBs is a subject in its own right. For more 
information on this, take a look at the book Make Your Own 
PCBs with EAGLE: From Schematic Designs to Finished 
Boards by Simon Monk (TAB, 2013). 
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Online Calculators 


Online calculators can make your electronics math a whole lot 
easier. Some of the more useful ones are: 


O http://led.linearl.org/lled.wiz A series resistor 
calculator for LEDs 
O http:/Aed.linearl.org/led.wiz Designed for driving 
large numbers of LEDs 
Oo www.bowdenshobbycircuits.info/555.htm A 555 timer 
IC component calculator 
Summary 


This is the last chapter in this book and I hope it will help you 
get started “hacking electronics.” There is much satisfaction in 
making something physical, or modifying a device so it does 
just what you want. 

The line between producer and consumer is blurring more 
and more today as people start designing and building their own 
electronic devices. 

The Internet offers many useful resources. The following 
web sites are worth a special mention: 


O www.hacknmod.com 

O www.instructables.com 

O www.arduino.cc (for Arduino) 

O www.sparkfun.com (modules and interesting 
components) 

O www.adafruit.com (more cool stuff) 

O www.dealextreme.com (bargains; search for LEDs, etc.) 

O www.ebay.com (search for the same items as that in the 
other URLs in this list) 

See also the components suppliers mentioned in the 

Appendix. 
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Appendix 


Parts 


pres of components vary enormously, so please treat the following lists as a guide and shop 
around. 

I know some people who buy almost everything on eBay. But beware. Though things are 
often very cheap there, occasionally they are much more expensive than at other suppliers. 

I have listed part codes for the tools, modules, and so on from SparkFun and Adafruit, 
as these suppliers are very accessible to hobbyists and also provide good accompanying 
documentation. They also have distributors throughout the world, so you do not have to buy 
direct from either company if you live outside the U.S. 

For other components, I have tried to list product codes for Mouser and DigiKey since these 
predominate as suppliers to hobbyists in the U.S., and also Farnell, who are UK-based but will 
ship to anywhere. 

Please also see the book’s web site (www.hackingelectronics.com) as updates for component 
availability will appear here. 


Tools 
Book Code Description SparkFun Adafruit 
T1 Beginner toolkit (soldering kit, TOL-09465 
pliers, snips) 
T2 Multimeter TOL-09141 
T3 PVC insulating tape PRT-10688 
T4 Helping hands TOL-09317 ID: 291 
T5 Solderless breadboard PRT-00112 ID: 239 
T6 Solid-core jumper wire set PRT-00124 ID: 758 
T7 Red hookup wire (22 AWG) PRT-08023 ID: 288 
T8 Black hookup wire (22 AWG) PRT-08022 ID: 290 
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Book Code Description 

TO Yellow hookup wire (22 AWG) 

T10 Red multi-core wire (22 AWG) 

T11 Black multi-core wire (22 AWG) 

T12 Male-to-female jumper set 

T13 Desoldering braid / wick 
Components 
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SparkFun 

PRT-08024 
PRT-08865 
PRT-08867 
PRT-09385 
TOL-09327 


Adafruit 
ID: 289 


ID: 825 
ID: 149 


To get yourselves a basic stock of components, you are strongly 


recommended to buy a starter kit of components. SparkFun 


sells such a set, but it doesn’t include resistors, so you will need 
to buy a resistor set, too. Once you have these, you will own a 
useful collection of components that should cover the majority 


of what you need. 


Component Starter Kits 


The SparkFun Beginner Parts Kit and Resistor Kit will give you 


a good initial stock of parts. 


Book Code Description SparkFun 

K1 SparkFun Beginner Parts Kit (KIT-10003) KIT-10003 

K2 SparkFun Resistor Kit COM-10969 

Resistors 

Book Code Description SparkFun Adafruit Other 

RI 10kQ trimpot, 0.1-inch COM-09806 ID:356 DigiKey: 3362P-103LF-ND 
pitch Mouser: 652-3362P-1-103LF 
(also in K1) Farnell: 9354301 

R2 also in K1 LDR (also in K1) SEN-09088 ID: 161 DigiKey: PDV-P8001-ND 

Farnell: 1652637 
R3 5000 trimpot DigiKey: CT6EP501-ND 


Mouser: 652-3386P-1-501LF 
Farnell: 9355103 
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Capacitors 
Book Code Description SparkFun Other 
Cl 1000uF 16V electrolytic DigiKey: P10373TB-ND 
Mouser: 667-ECA-1CM102 
Farnell: 2113031 
C2 100uF 16V electrolytic COM-00096 DigiKey: P5529-ND 
(also in K1) Mouser: 647-USTIC10IMDD 
Farnell: 8126240 
C3 470nF capacitor DigiKey: 445-8413-ND 
Mouser: 810-FK28X5R1E474K 
Farnell: 1179637 
C4 100nF capacitor COM-08375 DigiKey: 445-5258-ND 
(also in K1) Mouser: 810-FK18X7R1E104K 
Farnell: 1216438 
Adafruit: 753 
C5 10uF capacitor COM-00523 DigiKey: P14482-ND 
(also in K1) Mouser: 667-EEA-GA1C100 
Farnell: 8766894 
Semiconductors 
Book Code Description SparkFun Adafruit Other 
S1 2N3904 COM-00521 756 DigiKey: 2N3904-APTB-ND 
(also in K1) Mouser: 610-2N3904 
Farnell: 9846743 
S2 High-brightness COM-00531 754 DigiKey: C513A-WSN-CVOYOI51-ND 
white LED (5mm) Mouser: 941-C503CWASCBADB152 
Farnell: 1716696 
S3 1-W Lumiled LED BOB-09656 518 DigiKey: 160-1751-ND 
on heatsink Mouser: 859-LOPL-E011WA 
Farnell: 1106587 
S4 7805 voltage COM-00107 DigiKey: 296-13996-5-ND 
regulator Mouser: 512-KA7805ETU 
(also in K1) Farnell: 2142988 
S5 1N4001 diode COM-08589 755 DigiKey: 1N4001-E3/54GITR-ND 
(also in K1) Mouser: 512-1N4001 
Farnell: 1651089 
S6 FOP30N06 COM-10213 355 DigiKey: FOP30N06L-ND 


Mouser: 512-FOP30N06 
Farnell: 1695498 
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S7 LM311 
comparator 

S8 TMP36 
Temperature IC 

S9 TDA7052 
(also in K1) 

$12 Linear hall effect 


sensor 
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SEN-10988 165 


COM-09273 


COM-09590 297 


Hardware and Miscellaneous 


Book Code Description 


H1 4 x AA battery holder 

H3 Stripboard 

H4 Pin header strip 

H5 2A two-way screw 
terminal 

H6 6V gear motor 


SparkFun Adafruit 
PRT-00550 830 


PRT-00116 392 


ROB-10825 
248 


Other 


DigiKey: 497-1570-5-ND 


Mouser: 511-LM311N 
Farnell: 9755942 


DigiKey: TMP36GT9Z-ND 


Farnell: 1438760 


DigiKey: 568-1138-5-ND 


Mouser: 771-TDA7052AN 
Farnell: 526198 


S10 NE555 timer IC 


DigiKey: 497-1963-5-ND 
Mouser: 595-NE555P 
Farnell: 1467742 


S11 Red LED 5mm 


DigiKey: 751-1118-ND 

Mouser: 941-C503BRANCYOBOAAI 
Farnell: 1249928 

DigiKey: 620-1022-ND 

Mouser: 785-SS496B 


Farnell: 1791388 


Other 

DigiKey: 2476K-ND 
Mouser: 534-2476 
Farnell: 4529923 
DigiKey: BS61KIT-ND 
Mouser: 563-HH-3449 
Farnell: 1183124 


H2 Battery clip 


eBay—search for “stripboard” 


Farnell: 1201473 


eBay—search for “terminal block” 
Mouser: 538-39100- 1002 


Part of H7 
eBay—search for “gear motor” or 
“gearmotor” 


H7 Magician chassis 
H8 6 x AA battery holder 


DigiKey: BH26AASF-ND 
Farnell: 3829571 
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Adafruit Other 


80 

169 
DigiKey: CP3-1000-ND 
Farnell: 1737256 

64 

324 

559 


Digikey: T7CV1D-05-ND 


Adafruit Other 


Book Code Description SparkFun 
H9 Battery clip to 2.1mm 
jack adapter 
H10 9g servo motor ROB-09065 
H11 2.1mm barrel jack 
plug 
H12 Small solderless PRT-09567 
breadboard 
H13 12V bipolar stepper ROB-09238 
motor 
H14 80 speaker COM-09151 
H15 Large pushbutton COM-09336 
switch 
H16 5V relay COM-00100 
Modules 
Book Code Description SparkFun 
M1 12V 500mA power TOL-09442 798 
supply 
M2 Arduino Uno R3 DEV-11021 50 
M3 Piezo sounder COM-07950 160 
M4 Arduino Ethernet DEV-09026 201 
Shield 
M5 PIR module SEN-08630 189 
M6 MaxBotix LV-EZ1 SEN-00639 172 
rangefinder 
M7 HC-SRO4 rangefinder 
M8 AK-RO6A RF Kit 
M9 SparkFun ROB-09457 
TB6612FNG breakout 
board 
M10 Piezo sounder (built- 
in oscillator) 
M11 Methane sensor MQ-4 SEN-09404 
M12 Color sensing module 
M13 Piezo vibration sensor SEN-09199 


Note: U.S. model listed here. 


eBay—search for “HC-SRO4” 


eBay—search for “433MHZ 4 Channel 
RF Radio” 


eBay—search for “Active Buzzer 3V” 


eBay—search for ““ICS3200D Arduino” 
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Book Code Description SparkFun Adafruit Other 
M14 SparkFun mic module BOB-09964 
M15 Accelerometer module 163 Freetronics: AM3X 
M16 USB LiPo charger PRT-10161 239 
M17 Combined LiPo PRT-11231 
charger, Buck-booster 
M18 Arduino LCD shield Freetronics: LCD Keypad Shield 
M19 4-digit, 7-segment 880 
display w/I2C 
backpack 
M20 RTC module 264 
M21 Arduino Leonardo DEV-11286 849 
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1-watt audio amplifier, 224-227 


30 Arduino Projects for the Evil Genius 


(Monk), 148 
555 timer IC, 69, 70, 227-229 
7805 voltage regulator, 95, 96 


A 


A1302 magnetic sensor, 210, 211 

Ableton Live software, 229 

AC current, 250 

AC voltage, 248 

accelerometer, 206-210 
construction of, 207-208 
items needed for, 207 
music controller with, 230-232 
schematic diagram, 208 
software sketch, 208-210 

Adafruit 
accelerometer module, 206 
amplifier module, 225 
module library, 187 
part codes, 257-262 
RTC module, 189 
web site, 187, 256 

alkaline batteries, 85 

Allen, Charlie, 142 

amperes, 27 

amplifier module, 224-227 
construction of, 226-227 
items needed for, 225 


Index 


schematic diagram, 225 
testing process, 227 

amplifiers 
building 1-watt, 224-227 
mic module, 218-220 

analog Write function, 124-125 

angle/brightness of LEDs, 59 

anodes and cathodes, 56 

Arduino, 105-148 
accelerometer module and, 207-208 
Blink sketch changes and, 109-111 
Charlieplexing LEDs with, 142-145 
color-sensing module and, 199 
electric toy project, 116-119 
Ethernet shield for, 128-136 
explanation and overview, 105 
gas sensor used with, 196-197 
input/output pins, 112 
keyboard emulation, 143-147, 229-232 
LCD shield for, 128, 136-139 
LED control project, 122-125 
magnetic field sensor with, 211 
mic module attached to, 232 
MOSFET motor control project, 

163-166 
passwords typed using, 145-147 
PIR module used with, 151 
playing sounds with, 125-127 
relay control projects, 112-116, 
128-136 

schematic diagrams, 113 
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Arduino (Cont. ) 
Serial Monitor, 118, 232 
servo motor project, 139-141 
setting up, 106-109 
shields used by, 127-128 
temperature sensor with, 205 
tone generator project, 125-127 
ultrasonic rangefinders and, 155-158 
vibration sensor with, 202-204 
voltage measurement, 119-121 
web-controlled relays, 128-136 
web resources for, 106, 128, 148 
wireless remote modules and, 161-162 
Arduino Leonardo, 105, 128, 129, 
145-147, 230 
Arduino Uno, 107, 128, 129 
auction sites, 2 
audio frequencies, 224 
audio hacks, 213-234 
amplifier module, 224-227 
audio leads, 213-218 
microphone module, 218-220 
software VU meter, 232-234 
tone generator, 227-229 
USB music controller, 229-232 
audio leads, 213-218 
general principles of, 213-215 
soldering audio connectors, 215, 216 
stereo-to-mono conversion, 217-218 
automatic battery backup, 99-101 


barrel jack, 244 

batteries, 83-101 
automatic backup with, 99-101 
boosting voltage from, 97-98 
calculating requirements for, 98-99 
capacitors compared to, 80 
capacity of, 83-84, 88, 98 
charging guidelines for, 88-93 
controlling voltage from, 95-97 


hacking cell phone, 93-94 
holders for, 85—86 
life of, 89 
maximum discharge rate of, 84 
rechargeable, 86-93 
single-use, 84-86 
testing, 239 
trickle charging, 89, 90, 100-101 
types/characteristics of, 85, 86, 87, 88 
See also power; solar panels 
battery backup, 99-101 
diodes for, 99-100 
schematic diagram, 99 
trickle charging, 100-101 
bipolar transistors, 39-40 
commonly used, 47 
datasheets, 45-46 
MOSFET, 46 
N-channel, 47 
NPN, 39-40, 47 
operational diagram, 40 
PNP, 46-47 
Blink sketch, 107, 109-111 
boosting voltage, 97-98 
braid, desoldering, 241-242 
breadboard, solderless, 3-5 
breadboard layouts 
Charlieplexed LEDs, 143 
constant current driver, 64-65 
flashing LEDs, 69—71 
gas detector, 195-196 
H-Bridge experiment, 171 
LED lighting, 58, 61 
light switch, 41-42 
MaxBotix rangefinder and 
Arduino, 158 
MOSFET motor control, 49, 166 
PIR motion sensor module, 
150-151 
real-time clock, 190 
robot rover, 181 
seven-segment LED display, 186 
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stepper motor control, 175 

tone generator, 126, 229 

voltage divider, 36 

voltage regulator, 96 
brightness of LEDs, 59, 124-125 
buck-boost converters, 97-98 
buying 

components, 1-2 

electronics to hack, 2-3 

solderless breadboard, 3-5 

starter toolkit, 3 


C 


calculators 
frequency, 229 
LED wizard, 68 
online, 256 
resistor, 57 
voltage divider, 36 
calibrate function, 232 
capacitance range, 247 
capacitors, 22-23 
batteries vs., 80 
part codes for, 259 
safely discharging, 235-236 
storing charge in, 79 
testing with multimeters, 247 
capacity of batteries, 83—84, 88 
cathodes and anodes, 56 
cell phones 
hacking batteries of, 93—94 
reusing power adapters from, 243—244 
charging batteries, 88—89 
lead-acid batteries, 91-92 
LiPo batteries, 92—93 
NiMh batteries, 89—91 
Charlieplexed LEDs project, 142-145 
construction of, 143 
explanation of, 142-143 
items needed for, 143 
software sketch, 143-145 
chips. See integrated circuits 
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circuit boards 
stripboards and, 71, 75 
testing connections on, 13 
CircuitLab simulator, 253, 254 
color codes for resistors, 21 
colors of LEDs, 60 
color-sensing module, 197—202 
attaching to an Arduino, 199 
pin purposes table, 198 
software sketch, 199—202 
TCS3200 IC and, 197-198 
common anode LED display, 184 
common cathode LED display, 184 
comparators, 194-195, 219 
components, 238-262 
buying, 1-2 
capacitors, 22-23, 259 
desoldering, 241-242 
diodes, 23 
hardware, 260-261 
identifying, 20-25 
integrated circuits, 24-25 
LEDs, 23-24 
modules, 261-262 
part codes for, 258—262 
replacing, 242 
resistors, 20-23, 258 
scavenging, 242-243 
semiconductors, 259-260 
starter kits, 19-20, 258 
surface mount, 25 
symbols used for, 30-31 
testing, 240-241 
transistors, 24 
computer fan fume extractor, 14-17 
connections, testing, 12-13 
constant current driver, 62-66 
breadboard layout, 64-65 
construction process, 65—66 
design overview, 63-64 
LM317 IC used for, 62, 63 
schematic diagram, 63 
See also voltage regulators 
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Continuity mode, 12-13, 245 
crossover network, 224 
current, 26, 249-250 


D 


datasheets 
LED, 57 
transistor, 45—46 
DC current, 249-250 
DC motor control, 166—172 
breadboard layout, 171 
H-Bridge module, 167-169 
items needed for, 170 
schematic diagram, 170 
DC voltage, 249 
desoldering process, 241-242 
digital Write function, 134 
diodes, 23 
battery backup, 99-100 
forward- vs. reverse biased, 56 
laser diode modules, 78—81 
testing with multimeters, 245 
discharge rate, 84 
discharging capacitors, 235-236 
double pole switches, 52 
double throw switches, 52 
DPDT switches, 52, 53 
drawColon function, 191-192 
dry joints, 13 


EAGLE PCB, 254, 255 

eBay,.2¢221,225,256,25/ 

electric toy project, 116-119 
construction of, 116—117 
items needed for, 116 
software sketch, 118-119 
See also web-controlled 

toy project 
electrocution avoidance, 235-236 
electrolytic capacitors, 23 


electronics 
buying to hack, 2-3 
rules for taking apart, 237 
toolkit for hacking, 3-5 
emergency lantern project, 65—66 
Ethernet library, 133 
Ethernet shield, 128-136 


E 


fast charging, 91 

fixed resistors, 22 

flashing LEDs, 69—77 
breadboard project, 69-71 
stripboard project, 71-77 

FM radio bug, 220-223 
construction of, 221-223 
items needed for, 221 
schematic diagram, 221 
testing process, 223 

FM transmitters, 220-223 

forward current, 56 

forward voltage, 56, 66-67 

forward-biased diode, 56 

Freetronics 
accelerometer module, 206 
LCD and Keypad Shield, 137 

frequency 
calculating, 229 
measuring, 250 

fritzing, 253-254, 255 

fume extractor project, 14-17 
hacking process, 15-17 
items needed for, 14 
schematic diagram, 14 
wiring diagram, 15 

fuses, checking, 237-239 


G 

gas detector, 193-197 
Arduino used for, 196-197 
breadboard layout, 195-196 
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items needed for, 193-194 
LM311 comparator for, 194-195 
schematic diagram, 194 

Geier, Michael, 244 

getDecimalTime function, 192 


hacking 
basic toolkit for, 3-5 
buying electronics for, 2-3 
hackingelectronics.com web site, 71, 105, 257 
hardware part codes, 260-261 
H-Bridge module, 166-177 
control pin usage, 171-172 
DC motor control, 166-172 
pin purposes table, 169 
schematic diagrams, 168, 170 
stepper motor control, 172-177 
HC-SRO4 rangefinder, 155-157 
heating element test, 240 
hertz (Hz), 70 
high-value resistors, 246 
How to Diagnose and Fix Everything 
Electronic (Geier), 244 


PC serial interface, 186 

infrared LEDs, 60-61 

insulated wire, 6 

integrated circuits (ICs), 24-25 
555 timer, 69, 70, 227-229 
A1302 magnetic sensor, 210, 211 
LM311 comparator, 194-195 
LM317 voltage regulator, 62-66, 97 
MCP73831 chip, 93 
TCS3200 chip, 197-198 
TDA7052 chip, 224, 225 

integrated development environment (IDE), 

105, 106 
Internet resources. See web resources 
IP addresses, 131, 132 
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joining wires, 7-12 


by soldering, 11-12 
by twisting, 7—8 


jumper wires, 4 


keyboard emulation 


automatic password entry, 145—147 
USB music controller, 229-232 


lab power supply, 251-2532 
laser diode modules, 78-81 
LCD display project, 136-139 


construction of, 137 
items needed for, 137 
software sketch, 137-139 


LCD shield, 128, 136-139 
LDO voltage regulators, 97 
LDRs (light dependent resistors), 37 


LEDs controlled using, 39-44 
multimeter measurement of, 37 
tones controlled using, 227-229 


lead-acid batteries 


characteristics of, 87, 88 
how to charge, 91-92 


LEDs (light-emitting diodes), 23-24, 55-82 


Arduino for controlling, 122-125 
brightness and angle of, 59 

burnout prevention for, 55-38 
calculator for using, 68 
Charlieplexing with Arduino, 142-145 
constant current driver for, 62-66 
datasheet example, 57 

flashing projects, 69-77, 123-124 
forward voltage measurement, 66-67 
high-brightness, 61-62 

infrared and ultraviolet, 60-61 

laser diode modules and, 78-81 
LDRs for controlling, 39-44 
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LEDs (Cont. ) 
mixing colored lights, 60 
PIR module used with, 150-151 
powering large numbers of, 68—69 
resistors used with, 56-57, 122-123 
schematic diagrams, 56, 38 
selecting for jobs, 59-62 
seven-segment display, 183-188 
slot car racer project, 78—81 
libraries, 133, 187 
light dependent resistors. See LDRs 
light meter project example, 37-38 
light sensing push light, 39-44 
construction process, 41-44 
items needed for, 39 
schematic diagrams, 40, 43 
situational considerations, 40-41 
wiring diagram, 44 
light-emitting diodes. See LEDs 
light-sensing module, 198 
LiPo batteries 
characteristics of, 87, 88 
how to charge, 92-93 
over-charging, 89 
over-discharging, 94 
lithium batteries, 85 
LM311 comparator, 194-195 
LM317 voltage regulator, 62—66, 97 
loop function, 111, 124, 134, 141, 144 
loudspeakers, 223-224 
luminous intensity, 59 


magic hands, 10 

Magician Chassis, 180 

magnetic field sensor, 210-212 
construction of, 211 
software sketch, 212 

Make Your Own PCBs with 

EAGLE (Monk), 254 
map function, 124 


MaxBotix LV-EZ1 rangefinder, 157-158 
maximum discharge rate, 84 
MCP73831 IC, 93 
measurements 
AC current, 250 
AC voltage, 248 
Arduino voltage, 119-121 
capacitance, 247 
DC current, 249-250 
DC voltage, 249 
frequency, 250 
LED forward voltage, 67 
resistance, 37, 246 
temperature, 247 
methane detector. See gas detector 
microcontrollers, 105 
microphone module, 218-220 
attached to Arduino, 232 
FM radio bug hack, 220-223 
oscilloscope display, 218-219 
schematic diagram, 219 
VU meter creation, 232-234 
microswitches, 51 
modules, 149-192, 261-262 
accelerometer, 206-210 
amplifier, 224-227 
H-Bridge, 166-177 
light-sensing, 198 
microphone, 218-220 
part codes for, 261-262 
PIR motion sensor, 149-153 
real-time clock, 188-192 
seven-segment LED display, 183-188 
ultrasonic rangefinder, 153-158 
wireless remote, 159-162 
See also sensors 
mono-from-stereo conversion, 217-218 
mosfet_motor_speed sketch, 165-166 
MOSFET transistors, 46, 163-166 
Arduino software sketch, 165-166 
breadboard layouts using, 49, 166 
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motor control experiments, 48-50, 
163-166 

schematic diagrams using, 48, 164 
motion sensor. See PIR motion sensor module 
motor controllers 

Arduino shield, 128 

H-Bridge module, 166-177 

MOSFET transistor, 48-50, 163-166 
multi-core wire, 6 
multimeters, 245-251 

battery test using, 239 

capacitance range on, 247 

Continuity mode, 12-13, 245 

current measurements, 249-250 

diode test using, 245 

frequency setting on, 250 

fuse test using, 238, 239 

LDR resistance measurement, 37 

LED forward voltage measurement, 67 

polarity test using, 15-16 

resistance ranges on, 246 

suggestions for buying, 3 

temperature range on, 247 

testing connections with, 12-13 

transistor test using, 250-251 

voltage measurements, 248-249 


N-channel transistors, 47 
network configuration, 131 
NiMh batteries 
characteristics of, 87, 88 
how to charge, 89-91 
NPN transistors, 39-40, 47 


O 


Ohm’s law, 27-28 
OmniGraffle software, 71 
online tools 


calculators, 256 
fritzing, 293-254, 255 
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simulators, 253, 254 

See also software tools; web resources 
operational amplifier (op amp), 219-220 
oscilloscope, 218-219, 252-253 
over-charging batteries, 89 
over-discharging batteries, 89, 94 


P 


pageNamels function, 134, 135 
part codes 
for capacitors, 259 
for components, 258—262 
for hardware/miscellaneous, 
260-261 
for modules, 261—262 
for resistors, 258 
for semiconductors, 259—260 
for starter kits, 258 
for tools, 257—258 
See also components 
password typing project, 145-147 
construction of, 146 
items needed for, 146 
software sketch, 146—147 
PCBs, creating, 254 
photoresistor, 37 
piezo buzzer/sounder, 194 
piezo vibration sensor, 202 
pins, Arduino, 112 
PIR motion sensor module, 149-153 
breadboard layout, 150-151 
construction process, 151-152 
interfacing with an Arduino, 151 
LED experiment, 150-151 
schematic diagrams, 150, 151 
software sketch, 152-153 
pliers, 6—7 
PNP transistors, 46-47 
potentiometers (pots), 22 
power, 28—29 
batteries used for, 83-101 
formula for calculating, 28 
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power (Cont.) 
household device usage of, 29 
solar panels used for, 101-104 
power adapter hack, 243-244 
power rating, 28 
power supplies 
battery backup and, 100 
lab power supply, 251-252 
polarity test for, 15-16 
variable power supply, 91-92 
Practical Electronics for Inventors 
(Sherz and Monk), 220 
Programming Arduino: Getting Started with 
Sketches (Monk), 119, 148 
pulse-width modulation (PWM), 124 
push light hacking project. See light 
sensing push light 
push-button switches, 
50-51 


radio bug. See FM radio bug 
range_finder_budget sketch, 155 
readColor function, 201 
read Header function, 134, 135 
real-time clock (RTC) module, 
188-192 
construction of, 190 
items needed for, 189 
software sketch, 191-192 
rechargeable batteries, 86-88 
battery life, 89 
characteristics of, 88 
commonly used types of, 87 
guidelines for charging, 
88-93 
lead-acid, 87, 88, 91-92 
LiPo, 87, 88, 89, 92-93 
NiMh, 87, 88, 89-91 
See also single-use batteries 
regulating voltage, 95-977 
Relay shield, 128 


relays 
Arduino-controlled, 112-116, 128-136 
controlling from a web page, 128-136 
description/illustration, 112 
relay_test sketch, 115 
resistance, 26 
converting to voltage, 37-38 
ranges on multimeters, 246 
resistors, 20-22 
calculators for, 57 
color codes for, 21 
dividing voltage with, 34-36 
experiment on heating, 33-34 
LEDs and, 56-57, 122-123 
measuring with multimeter, 246 
part codes for, 258 
reading stripes on, 22 
reverse-biased diode, 56 
RF modules. See wireless remote modules 
RGB LEDs, 60 
breadboard layout, 61 
test schematic, 60 
robot rover project, 177-183 
construction of, 179-181 
items needed for, 178-179 
schematic diagram, 179 
software sketch, 182-183 
testing process, 181 


S 


safety glasses, 9 

scavenging components, 242-243 

schematic diagrams 
basic rules of, 29-30 
component symbols on, 30-31 
names and values on, 30 
reading, 14, 29-31 

schematic diagrams (specific) 
accelerometer, 208 
amplifier module, 225 
Arduino-controlled relay, 113 
battery backup, 99 
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constant current driver, 63 
FM radio bug, 221 
fume extractor, 14 
gas detector, 194 
H-bridge module, 168, 170 
LED light generation, 56, 58 
light sensing push light, 40, 43 
microphone module, 219 
modified slot car, 80 
MOSFET motor control, 48, 166 
PIR motion sensor module, 150, 151 
resistor heater, 34 
robot rover, 179 
seven-segment LED display, 184 
solar trickle charging, 104 
stepper motor control, 174 
tone generator, 126, 228 
voltage divider, 35 
voltage regulator, 95 
See also wiring diagrams 
screened wire, 6 
semiconductors, 259—260 
sensors, 193—212 
color, 197—202 
gas, 193-197 
magnetic field, 210-212 
motion, 149-153 
temperature, 204-206 
vibration, 202-204 
See also modules 
Serial Monitor, 118, 232 
servo motor project, 139-141 
construction of, 140 
items needed for, 140 
software sketch, 140-141 
setPins function, 145-146 
setup function, 110, 121, 141, 144 
seven-segment LED display module, 183-188 
construction of, 186-187 
description of, 183-185 
items needed for, 185 
schematic diagram, 184 
software sketch, 187-188 


Index 2/1 


shields (Arduino), 127-128 
commonly used, 128 
Ethernet, 128-136 
LCD, 128, 136-139 

signal generator app, 227 

simulation tools, 253, 254 

single throw switches, 52 

single-use batteries, 84-86 
battery holders for, 85-86 
types/characteristics of, 85, 86 
See also rechargeable batteries 

sketches (Arduino), 107 
accelerometer, 208—210 
Blink sketch, 107, 109-111 
Charlieplexed LEDs project, 143-145 
color-sensing module, 199-202 
electric toy project, 118-119 
LCD display, 137-139, 187-188 
LED control project, 123-125 
magnetic field sensor, 212 
MOSFET motor speed, 165-166 
password typing project, 146-147 
PIR motion sensor module, 152-153 
real-time clock module, 191-192 
robot rover project, 182-183 
servo motor project, 140-141 
stepper motor control, 175-177 
temperature sensor, 205-206 
tone generator project, 126-127 
ultrasonic rangefinder module, 

155-156, 158 

USB music controller, 230-232 
voltmeter sketch, 120-121 
web-controlled toy, 132-136 
wireless remote module, 161-162 

slot car racer project, 78-81 
capacitor used in, 79-80 
construction of, 81 
design overview, 80-8 1 
items needed for, 78 
schematic diagram, 80 
testing, 81 
wiring diagram, 81 
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snips, wire, 6—7 
software sketches. See sketches 
software tools, 253-256 
EAGLE PCB, 254, 255 
fritzing, 293-254, 255 
online calculators, 256 
simulation, 253 
software VU meter, 232-234 
construction of, 233 
software sketch, 233-234 
solar panels, 101-104 
overview of using, 101-102 
power consumption issues, 104 
spreadsheet for monitoring, 103 
testing the performance of, 
102-103 
trickle charging with, 103-104 
See also batteries; power 
soldering, 8-12 
audio connectors, 215, 216 
dangers related to, 8—9 
desoldering and, 241-242 
hacking a fan for, 14-17 
items needed for, 9-10 
joining wires by, 11-12 
process overview, 10-11 
safety tips for, 9 
solderless breadboard, 3-5 
solid-core wire, 4, 5-6 
sounds 
audio frequencies and, 224 
playing with Arduino, 125-127 
See also audio hacks 
SparkFun 
amplifier module, 225 
H-Bridge module, 168-169 
LiPo battery charger, 93 
mic module, 219 
part codes, 257-262 
Starter Kits, 3, 19—20, 258 
SPDT/SPST switches, 52 
SPI library, 133 
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starter kits 
component, 19-20, 258 
toolkit, 3, 257 

stepper motor control, 172-177 
Arduino used in, 173 
construction of, 175 
description of, 172-174 
H-bridge module, 173 
items needed for, 174 
schematic diagram, 174 
software sketch, 175—177 

stereo-to-mono conversion, 

217-218 

stripboard, 71 
amplifier module layout, 226 
component soldering, 77 
cutting to size, 74 
LED flasher layout, 71-77 
making track breaks, 74-75 
resistor placement, 76, 77 
wire link soldering, 75—76 

stripping wire, 5, 6—7 

suppliers, 1-2, 3, 257 

surface mount devices (SMDs), 25 

switches, 50—53 
H-bridge using, 167 
labeled on diagrams, 15 
microswitches, 51 
push-button, 50-51 
toggle, 51-53 

symbols, component, 30-31 


T 


TCS3200 IC, 197-198 
TDA7052 IC, 224, 225 
temperature 
measuring with multimeters, 247 
sensor for measuring, 204-206 
temperature sensor, 204-206 
construction of, 205 
software sketch, 205-206 
templates, stripboard, 71 


1/24/13 4:49 PM 


13-Index.indd 273 


HowTo-Color (8) / How to Do Everything: Hacking Electronics / Simon Monk / 236-3 / Index 


testing 
amplifier module, 227 
batteries, 239 
components, 240-241 
connections, 12-13 
FM radio bug, 223 
fuses, 237-239 
heating elements, 240 
power supply polarity, 15-16 
robot rover, 181 
slot car racer, 81 
solar panels, 102-103 
transistors, 250-251 
web-controlled relays, 131 
TMP36 sensor, 204-206 
toggle switches, 51-53 
tone generator, 125-127, 227-229 
555 timer-based, 227-229 
Arduino-based, 125-127 
construction of, 126, 229 
items needed for, 125, 229 
schematic diagrams, 126, 228 
software sketch, 126-127 
toolkits, 3-5 
tools, 3-5, 245-2536 
EAGLE PCB, 254, 255 
fritzing, 293-254, 255 
lab power supply, 251-252 
multimeter, 245-251 
online calculators, 256 
oscilloscope, 252-253 
part codes for, 257-238 
simulation, 253, 254 
software, 253-256 
toy hacking projects 
Arduino-controlled toy, 116-119 
web-controlled toy, 128-136 
transistors, 24 
bipolar, 39-40, 45-47 
commonly used, 47 
datasheets for, 45-46 
MOSFET, 46, 163-166 
NPN, 39-40, 47 
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PNP, 46-47 

testing, 250-251 
trickle charging, 89, 90 

battery backup, 100-101 

solar panels for, 103-104 
tweeters and woofers, 224 
twisting wires together, 7—8 


U 


ultrasonic range finding, 154 
ultrasonic rangefinder modules, 
153-158 
general description of, 153-154 
HC-SR04 rangefinder, 155-157 
MaxBotix LV-EZ1 rangefinder, 
157-158 

ultraviolet LEDs, 60—61 

USB music controller, 229-232 
construction of, 230 
software sketch, 230-232 


V 


valueOfParam function, 136 
variable power supply, 91-92 
variable resistors, 22 
variable_led_brightness sketch, 124-125 
variable led flash sketch, 123-124 
VCR scavenging, 243 
vibration detector, 202-204 
construction of, 202-203 
items needed for, 202 
software sketch, 203-204 
voltage, 26-27 
Arduino for measuring, 119-121 
boosting from batteries, 97-98 
controlling from batteries, 95—97 
converting a resistance to, 37-38 
determining for LEDs, 66-67 
dividing with resistors, 34-36 
measuring with multimeters, 
248-249 
voltage dividers, 36, 119-121 
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voltage regulators, 95-97 

breadboard layout, 96 

common types of, 97 

sample schematic, 95 

See also constant current driver 
voltmeter sketch, 120-121 
VU meter, 232-234 

construction of, 233 

software sketch, 233-234 


W 


watts, 28 
web resources, 256 
Arduino-related, 106, 128, 148, 256 
Hacking Electronics book, 71, 
105, 257 
software tools, 253—256 
web-controlled toy project, 128—136 
construction of, 130 
items needed for, 129 
network configuration, 131, 132 
software sketch, 132-136 
testing process, 131 
wiring diagram, 130 
See also electric toy project 
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desoldering, 241-242 
joining, 7-8, 11-12 
multi-core, 6 

part codes for, 257-238 
purchasing, 4 
screened, 6 
soldering, 11-12 
solid-core, 4, 5—6 
stripping, 5, 6-7 
twisting, 7—8 

types of, 5—6 


wire snips, 6—7 
wire strippers, 6 
wireless remote modules, 159-162 


breadboard layout, 159-160 
items needed for, 159, 161 
software sketch, 161-162 
using with Arduino, 161-162 


wiring diagrams 


fume extractor, 15 

light sensing push light, 44 
modified slot car, 81 

remote relay control, 130 
See also schematic diagrams 


woofers and tweeters, 224 
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PREFACE 


This 1s a concise multi-subject handbook, which consists of three major parts: mathe- 
matics, physics, and applied and engineering sciences. It presents basic notions, formulas, 
equations, problems, theorems, methods, and laws on each of the subjects in brief form. The 
absence of proofs and a concise presentation has permitted combining a substantial amount 
of reference material in a single volume. The handbook is intended for a wide audience of 
engineers and researchers (not specialized in mathematics or theoretical physics) as well as 
graduate and postgraduate students. 

e The first part of the book contains chapters on arithmetics, elementary and analytic 
geometry, algebra, differential and integral calculus, functions of complex variable, integral 
transforms, ordinary and partial differential equations, special functions, probability theory, 
etc. 

e The second part of the book contains chapters on molecular physics and thermo- 
dynamics, electricity and magnetism, oscillations and waves, optics, special relativity, 
quantum mechanics, atomic physics, etc. 

e The third part of the book contains chapters on dimensional analysis and similarity, 
mechanics of point masses and rigid bodies, strength of materials, hydrodynamics, mass and 
heat transfer, electrical engineering, and methods for constructing empirical and engineering 
formulas. 

A compact and clear presentation of the material allows the reader to get quick help on 
(or revise) the desired topic. Special attention is paid to issues that many engineers and 
students may find difficult to understand. 

When selecting the material, the authors have given a pronounced preference to practical 
aspects; namely, to formulas, problems, methods, and laws that most frequently occur in sci- 
ences and engineering applications and university education. Many results are represented 
in tabular form. 

For the convenience of a wider audience with different mathematical backgrounds, 
the authors tried to avoid special terminology whenever possible. Therefore, some of the 
topics and methods are outlined in a schematic and somewhat simplified manner, which is 
sufficient for them to be used successfully in most cases. Many sections were written so that 
they could be read independently. The material within subsections is arranged in increasing 
order of complexity. This allows the reader to get to the heart of the matter quickly. 

The material of the reference book can be roughly categorized into the following three 
groups according to meaning: 

1. The main text containing a concise, coherent survey of the most important definitions, 
formulas, equations, methods, theorems, and laws. 

2. For the reader’s better understanding of the topics and methods under study, numerous 
examples are given throughout the book. 

3. Discussion of additional issues of interest, given in the form of remarks in small 
print. 

For the reader’s convenience, several long mathematical tables—indefinite and definite 
integrals, direct and inverse integral transforms (Laplace, Mellin, and Fourier transforms), 
and exact solutions of differential equations—which contain a large amount of information, 
are presented in the supplement of the book. Also included are some physical tables and 
the periodic table of the chemical elements. 

This handbook consists of parts, chapters, sections, and subsections. Figures and ta- 
bles are numbered separately in each section, while formulas (equations) and examples 
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XXVİ PREFACE 


are numbered separately in each subsection. When citing a formula, we use notation like 
(M3.1.2.5), which means formula 5 in Subsection M3.1.2. For the reader’s convenience, 
each citation number is preceded by a letter to indicate one of the major parts: mathe- 
matics (M), physics (P), engineering sciences (E), or supplements (S). At the end of each 
chapter, we present a list of main and additional literature sources containing more detailed 
information about topics of interest to the reader. 

Special font highlighting in the text, cross-references, an extensive table of contents, 
and a detailed index help the reader to find the desired information. 


Chapters M1, M2, and M6—M9 were written by V.M. Safrai and A. I. Zhurov, Chapters 
M3-MS5, M10, and M14 by A. V. Manzhirov and V. A. Popov, Chapters M11—M13, El, E4, 
ES, E7, and S1-S5 by A. D. Polyanin, Chapters P1—P8 by A. I. Chernoutsan, Chapter E2 by 
V. D. Polyanin, Chapter E3 by B. V. Putyatin, Chapter E6 by A. V. Egorov and Yu. V. Repina, 
and Chapters S6 and S7 by A. I. Chernoutsan and A. I. Zhurov. Part M was edited by A. D. 
Polyanin and parts E and S were edited by A. D. Polyanin and A. I. Chernoutsan. 


We would like to express our deep gratitude to Vladimir Nazaikinskii for translating 
several chapters of this handbook. 

The authors hope that this book will be helpful for a wide range of engineers, scientists, 
university teachers, and students engaged in the fields of physics, mechanics, engineering 
sciences, chemistry, biology, ecology, medicine as well as social and economical sciences. 


Andrei D. Polyanin 
Alexei I. Chernoutsan 
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Part I 
Mathematics 
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Chapter M1 
Arithmetic and Elementary Algebra 


M1.1. Real Numbers 
M1.1.1. Integer Numbers 


> Natural, integer, even, and odd numbers. Natural numbers: 1,2,3,... (all positive 
whole numbers). 

Integer numbers (or simply integers): 0, +1, +2, +3,... 

Even numbers: Q, 2, 4, ... (all nonnegative integers that can be divided evenly by 2). 
An even number can generally be represented as n = 2k, where k = 0, 1,2,... 


Remark 1. Sometimes all integers that are multiples of 2, such as 0, +2, +4, ..., are considered to be 
even numbers. 


Odd numbers: 1,3,5,... (all natural numbers that cannot be divided evenly by 2). An 
odd number can generally be represented as n = 2k + 1, where k =0, 1, 2,... 


Remark 2. Sometimes all integers that are not multiples of 2, such as +1, +3, +5, ..., are considered to 
be odd numbers. 


All integers as well as even numbers and odd numbers form infinite countable sets, 
which means that the elements of these sets can be enumerated using the natural numbers 
¡A ae 


> Prime and composite numbers. A prime number is a positive integer that is greater 
than | and has no positive integer divisors other than 1 and itself. The prime numbers form 
an infinite countable set. The first ten prime numbers are: 2, 3, 5, 7, 11, 13, 17, 19, 23, 
Ds 

A composite number is a positive integer that is greater than 1 and is not prime, 1.e., 
has factors other than 1 and itself. Any composite number can be uniquely factored into 
a product of prime numbers. The following numbers are composite: 4 = 2 x 2,6=2 x 3, 
Se) 9337-1040 5,10) e 

The number | is a special case that is considered to be neither composite nor prime. 


> Divisibility tests. Below are some simple rules helping to determine if an integer is 
divisible by another integer. 

All integers are divisible by 1. 

Divisibility by 2: last digit 1s divisible by 2. 

Divisibility by 3: sum of digits is divisible by 3. 

Divisibility by 4: two last digits form a number divisible by 4. 

Divisibility by 5: last digit is either O or 5. 

Divisibility by 6: divisible by both 2 and 3. 

Divisibility by 9: sum of digits is divisible by 9. 

Divisibility by 10: last digit is O. 

Divisibility by 11: the difference between the sum of the odd-numbered digits (1st, 3rd, 
Sth, etc.) and the sum of the even-numbered digits (2nd, 4th, etc.) 1s divisible by 11. 
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4 ARITHMETIC AND ELEMENTARY ALGEBRA 


Example 1. Let us show that the number 80729 is divisible by 11. 

The sum of the odd-numbered digits is 2; = 8+7+9 = 24. The sum of the even-numbered digits is 
212 =0+2=2. The difference between them is X1 — X2 = 22 and is divisible by 11. Consequently, the original 
number is also divisible by 11. 


> Greatest common divisor and least common multiple. 


1°. The greatest common divisor of natural numbers a1, a2, ..., an is the largest natural 
number, b, which is a common divisor to aj, ..., an. 
Suppose some positive numbers a1, a2, ..., a, are factored into products of primes so 
that 
Fu, ko Kira — 21,422 kom _ pKni,kn2 knmi 
Ql pr DD r S p Da a e, ED Dy ra Pa 
where pj, p2, ..., Pm are different prime numbers and the k;; are nonnegative integers 
@=1,2,...,m; 7=1,2,...,m). Then the greatest common divisor b of aj, a2, ..., an 1S 
calculated as 
— „I1 OD Cm a i T 
b= p} P, -Pm > oj = min kiş. 


Example 2. The greatest common divisor of 180 and 280 is 2? x 5 = 20 due to the following factorization: 
180 =2?x3?x5=2°?x3?x5' x7’, 
280=2x5x7 =2 x3? x5 x7.. 
2°. The least common multiple of n natural numbers aj, az, ..., an 1s the smallest natural 
number, A, that is a multiple of all the ag. 
Suppose some natural numbers a1, ..., a, are factored into products of primes just as 
in Item 1°. Then the least common multiple of all the a, is calculated as 
A =p no... p”, V; = max k;;. 
Pi Pm A Y 


Example 3. The least common multiple of 180 and 280 is equal to 2° x 37 x 5' x7! = 2520 due to the 
factorization given in Example 2. 


M1.1.2. Real, Rational, and Irrational Numbers 


> Real numbers. The real numbers are all the positive numbers, negative numbers, and 
zero. Any real number can be represented by a decimal fraction (or simply decimal), finite 
or infinite. The set of all real numbers is denoted by R. 

All real numbers are categorized into two classes: the rational numbers and irrational 
numbers. 


> Rational numbers. A rational number is areal number that can be written as a fraction 
(ratio) p/q with integer p and q (q + 0). It is only the rational numbers that can be written 
in the form of finite (terminating) or periodic (recurring) decimals (e.g., 1/8 = 0.125 and 
1/6 = 0.16666... ). Any integer is a rational number. 

The rational numbers form an infinite countable set. The set of all rational numbers is 
everywhere dense. This means that, for any two distinct rational numbers a and b such that 
a < b, there exists at least one more rational number c such that a < c < b, and hence there 
are infinitely many rational numbers between a and b. (Between any two rational numbers, 
there always exist irrational numbers.) 


> Irrational numbers. An irrational number is a real number that is not rational; no 
irrational number can be written as a fraction p/q with integer p and q (q + 0). To 
the irrational numbers there correspond nonperiodic (nonrepeating) decimals. Here are 
examples of irrational numbers: V3 = 1.73205... , T = 3.14159... 

The set of irrational numbers is everywhere dense, which means that between any 
two distinct irrational numbers, there are both rational and irrational numbers. The set of 
irrational numbers is uncountable. 
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M1.2. Equalities and Inequalities. Arithmetic Operations. 
Absolute Value 

M1.2.1. Equalities and Inequalities 

Throughout Subsection 1.2.1, it is assumed that a, b, c, d are real numbers. 

> Basic properties of equalities. 


1. Ifa = b, then b= a. 

2. Ifa = b, then a+c=b+c, where c is any real number; furthermore, if a + c = b + c, then 
a=: 

If a = b, then ac = bc, where c is any real number; furthermore, if ac = bc and c + 0, then 
a=b. 

If a = band b = c, then a = c. 

If ab = 0, then either a = 0 or b = 0; furthermore, if ab + 0, then a + 0 and 6 + 0. 


R 


Basic properties of inequalities. 

If a < b, then b >a. 

Ifa <b and b < a, then a = b. 

Ifa <b and b < c, then a < c. 

Ifa<band b< c (or a <b and b < c), then a < c. 
Ifa <bandc< d (or c= d), then a+c<b+d. 
If a < band c > 0, then ac < bc. 

If a < band c < 0, then ac > bc. 
IfO<a<b (or a <b< 0), then 1/a > 1/b. 


PADAUBRAIN AV wns 


M1.2.2. Addition and Multiplication of Numbers 


> Addition of real numbers. The sum of real numbers is a real number. 
Properties of addition: 
a+0=a (property of zero), 
a+b=b+a (addition is commutative), 
a+(b+c)=(a+b)+c=a+b+c (addition is associative), 
where a, b, c are arbitrary real numbers. 
For any real number a, there exists its unique additive inverse, or its opposite, denoted 


by —a, such that 
a+(-a)=a-a=0. 
> Multiplication of real numbers. The product of real numbers is a real number. 
Properties of multiplication: 
ax0=0 (property of zero), 
ab = ba (multiplication is commutative), 
a(bc) = (ab)c = abc (multiplication is associative), 
axl=1xa=a (multiplication by unity), 
a(b+c)=ab+ac (multiplication is distributive), 
where a, b, c are arbitrary real numbers. 


For any nonzero real number a, there exists its unique multiplicative inverse, or its 
reciprocal, denoted by a”! or 1 /a, such that 


aa = 1 (a 4 0). 
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6 ARITHMETIC AND ELEMENTARY ALGEBRA 


M1.2.3. Ratios and Proportions 


> Operations with fractions and properties of fractions. Ratios are written as fractions: 
a:b=a/b. The number a is called the numerator and the number 6 (b # 0) is called the 
denominator of a fraction. 

Properties of fractions and operations with fractions: 


a a ab a:c . l E 
a —=—= (simplest properties of fractions); 
1 b be b:c 

aR dib 
7 + an ; E , > + = = —— (addition and subtraction of fractions); 
ee e sl ae (multiplication by a number and by a fraction); 
b b b d be 

d 

> ‘c= a 7 : - = — (division by a number and by a fraction). 


> Proportions. Simplest relations. Derivative proportions. A proportion is an equation 
with a ratio on each side. A proportion is denoted by a/b = c/d ora: b=c:d. 
1°. The following simplest relations follow from a/b = c/d: 


a b 
d = bc, = = 
a C n a 


2°. The following derivative proportions follow from a/b = c/d: 


ma+nb _ 
pa + qb 7 
ma + nc 
pa + qc 


where m, n, p, q are arbitrary real numbers. 


Some special cases of the above formulas: 


atb B cid 
d và 


o 


M1.2.4. Percentage 


> Definition. Main percentage problems. 


mce+nd 


pe+ad ` 


mb+nd 


pb +qd ` 


A percentage is a way of expressing a ratio 


or a fraction as a whole number, by using 100 as the denominator. One percent is one per 
one hundred, or one hundredth of a whole number; notation: 1%. 
Below are the statements of main percentage problems and their solutions. 


1°. Find the number b that makes up p% of a number a. Answer: b = TaN" 


2°. Find the number a whose p% is equal to a number b. Answer: a = 


P 


100 b 
p~ 


3°. What percentage does a number b make up of a number a? Answer: p = 200%, 
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> Simple and compound percentage. 


1°. Simple percentage. Suppose a cash deposit is increased yearly by the same amount 
defined as a percentage, p%, of the initial deposit, a. Then the amount accumulated after 
t years is calculated by the simple percentage formula 


2°. Compound percentage. Suppose a cash deposit is increased yearly by an amount defined 
as a percentage, p%, of the deposit in the previous year. If a is the initial deposit, then the 
amount accumulated after t years is calculated by the compound percentage formula 


M1.2.5. Absolute Value of a Number (Modulus of a Number) 


> Definition. The absolute value of a real number a, denoted by |a|, is defined by the 


formula 
la = f a if a= 0, 
—a ifa<0. 


An important property: |a| > 0. 
> Some formulas and inequalities. 


1°. The following relations hold true: 


la| = |-a] = Va*, as<lal, 
Ja] —|b|| < ja + b| < la] + |b 
a] —[b|| < la -b| < Ja] + |b], 

Jab] = |a] |b|,  |a/b| =|a|/(bl. 


> 


2°. From the inequalities |a| < A and |b| < B it follows that [a +b| < A + B and |ab| < AB. 


M1.3. Powers and Logarithms 
M1.3.1. Powers and Roots 


> Powers and roots: the main definitions. Given a positive real number a and a positive 
integer n, the nth power of a, written as a”, is defined as the multiplication of a by itself 
repeated n times: 

a” =aXaxax:::XaQ. 


n multipliers 


The number a is called the base and n is called the exponent. 
Obvious properties: 0” = 0, 1” = 1, a! =a. 
Raising to the zeroth power: a? = 1, where a + 0. 
o . z 1 ; STE 
Raising to a negative power: a” = —, Where n is a positive integer. 
a 


If a is a positive real number and n is a positive integer, then the nth arithmetic root or 
radical of a, written as ¿/a, is the unique positive real number b such that b” = a. In the 
case of n = 2, the brief notation va is used to denote Ya. 
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The following relations hold: 
oso. ML Wi. 
Raising to a fractional power p = m/n, where m and n are natural numbers: 
a? =a™/"” = Yam a>0. 
> Operations with powers and roots. The properties given below are valid for any real 
exponents p and q (a > 0,b> 0): 
aP 
aPal = art. Lg 
qd 
DP = (PPP ad al 
(aby? = oP, (=) ==, 
In operations with roots (radicals) the following properties are used: 
a y a n 
Vab= Vab 4/2 = a Var = (Ya), Y Vas Wa. 
Vb 
Remark. It often pays to represent roots as powers with rational exponents and apply the properties of 
operations with powers. 


> > 


(aP) = a”. 


M1.3.2. Logarithms 


> Definition. The main logarithmic identity. The logarithm of a positive number b to a 
given base a is the exponent of the power c to which the base a must be raised to produce b. 
It is written as log, b = c. 

Equivalent representations: 


log,b=c <= a=b, 

where a > 0, a #1, and b > Q. 

Main logarithmic identity: 

aBa? = b, 
Simple properties: 
log, 1=0, log, a=l1. 

> Properties of logarithms. The common and natural logarithms. Properties of 
logarithms: 


b 
log, (bc) = log, b + log, c, log, (2) = log, b — log, c, 
C 
1 
log, (0%) = k log, b, logak b = T log,b (k #0), 


log, b 
(b # 1), log, b= Sect 
log, a log.a 


C 


log, b = (c #1), 


where a > 0, a #1, b > 0, c > 0, and k is any number. 
The logarithm to the base 10 1s called the common or decadic logarithm and written as 


log¡yb=logb orsometimes log.) 0 = lgb. 


The logarithm to the base e (the base of natural logarithms) 1s called the natural 
logarithm and written as 
log, b = In b, 


where e= lim (1+ +)” = 2.718281... 
The following relations hold: 
In b = 2.30259 ]Ig b, Ig b = 0.43429 In b 
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M1.4. Binomial Theorem and Related Formulas 
M1.4.1. Factorials. Binomial Coefficients. Binomial Theorem 


> Factorials. Binomial coefficients. 


Factorial: 
Ob="1:= L 
n!l=1x2x3x---x(n-1)xn, n=2,3,4,... 
Double factorial: 
ors TST; 
miss A lf = 2k, 
“T ORED ifn =2k +1, 


(2k)!!=2x4x6x---x (2k —2) x (2k) = 2*k!, 
(Qk+1)!!=1x3x5~x---xQk-1)xQk +1), 


where n and k are natural numbers. 
Binomial coefficients: 


! n(n—-1)...(n-—k +1) 
c=) = rr oan EE co 
ETAD POSE k! ds 
as = AA where k = 1, Za 3, a 


where n 1s a natural number and a 1s any number. 


> Binomial theorem. Let a, b, and c be real (or complex) numbers. The following 
formulas hold true: 


(at by = a? +2ab+ 0b’, 
(at by = a +3a?b+3ab? + b°, 
(at by = a*+4a%b + 6a7b* + 4ab? + bf, 


(a+b)" = y Coa WEL ee 
k=0 


The last formula is known as the binomial theorem, where the Ck are binomial coefficients. 


M1.4.2. Related Formulas 


> Formulas involving powers < 4. 


a? — b” = (a —b)(a + b), 
a? +b = (a + Da? —ab+ bo), 
a? —b = (a — Da? + ab+ bo), 
af —b* = (a — b)(a + bJ(a? + b°), 
(a +b+ o? =0 + b? + c + 2ab + 2ac + 2bc, 


af +a?b + bt = (a? + ab + ba? — ab + b*). 
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10 ARITHMETIC AND ELEMENTARY ÁLGEBRA 
> Formulas involving arbitrary powers. Let n be any positive integer. Then 
a eb saba a “beet Ey 
If n is a positive even number, then 
olaaa Genta E0) 
= (a —b)(a + ba" +a“ +- a +b"), 
If n is a positive odd number, then 


a ratba a 4b Fo; 


M1.5. Progressions 
M1.5.1. Arithmetic Progression 


1°. An arithmetic progression, or arithmetic sequence, is a sequence of real numbers for 
which each term, starting from the second, is the previous term plus a constant d, called 
the common difference, so that ans, = an + d, n = 1,2,3,... In general, the terms of an 
arithmetic progression are expressed as 


An = 01 +(n—1)d, MS MO a 


where a; 1s the first term of the progression. An arithmetic progression 1s called increasing 
if d > 0 and decreasing if d < 0. 


2°. An arithmetic progression has the property 
An = $ (Ant + An+1). 
3°. The sum of n first terms of an arithmetic progression is calculated as 


Sn = 01 +--+ +an= (a + an)n = 5[2a) +(n—-1)d]n. 


M1.5.2. Geometric Progression 


1°. A geometric progression, or geometric sequence, is a sequence of real numbers for 
which each term, starting from the second, is the previous term multiplied by a constant q, 
called the common ratio, so that an4; = anq, n = 1,2,3,... In general, the terms of a 
geometric progression are expressed as 


aaa, Ea OLE: SN 


where a; is the first term of the progression. 


2°. A geometric progression with positive terms has the property 


An = y An-1ûn+1.- 
3°. The sum of n first terms of a geometric progression is calculated as (q # 1) 
l-g" 
l=. 


Sn = G1, +---+an= 41 
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M1.6. Mean Values and Some Inequalities 
M1.6.1. Arithmetic Mean, Geometric Mean, and Other Mean Values 
The arithmetic mean of a set of n real numbers a1, a2, ..., An 18 defined as 


ai +0+:::+4n 


Migs (1.6.1.1) 
n 
Geometric mean of n positive numbers a1, a2, ..., An! 
Mg = (a102 . . . an)”. (1.6.1.2) 
Harmonic mean of n real numbers a1, a2, ..., An: 
n 
Mpa = l, ak #0. (1.6.1.3) 
(1/a1)+(1/a2)+::-+(1/an) 
Quadratic mean (or root mean square) of n real numbers aj, a2, ..., an: 
ae 2 
av tayt---+a 
my = {| 2 (1.6.1.4) 
n 
M1.6.2. Inequalities for Mean Values 
Given n positive numbers a1, a2, ..., An, the following inequalities hold true: 
My SMe £ Ma E Mg, (1.6.1.5) 
where the mean values are defined above by (1.6.1.1)—(1.6.1.4). The equalities in (1.6.1.5) 


are attained only if aj = a2 = -+ = apn. 
To make it easier to remember, let us rewrite inequalities (1.6.1.5) in words as 


harmonic mean | < | geometric mean | < | arithmetic mean | < | quadratic mean |. 


M1.6.3. Some Inequalities of General Form 


Let a; and by, be real numbers with k = 1, 2,..., n. 
Generalized triangle inequality: 


n n 
Na SY larl 
k=1 k=1 


Cauchy’s inequality (also known as the Cauchy—Bunyakovsky inequality or Cauchy— 
Schwarz—Bunyakovsky inequality): 


Minkowski’s inequality: 


n i n 
03 as + by)” < (lar) 
k=1 k=1 


SIR 
3 |— 


(mr) paa 
k=1 
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12 ARITHMETIC AND ELEMENTARY ALGEBRA 


M1.7. Some Mathematical Methods 
M1.7.1. Proof by Contradiction 


Proof by contradiction (also known as reductio ad absurdum) 1s an indirect method of 
mathematical proof. It is based on the law of non-contradiction (a statement cannot be true 
and false at the same time) and includes the following reasoning: 

1. Suppose one has to prove some statement S. 

2. One assumes that the opposite of S is true. 

3. Based on known axioms, definitions, theorems, formulas, and the assumption of 
Item 2, one arrives at a contradiction (deduces some obviously false statement). 

4. One concludes that the assumption of Item 2 is false and hence the original state- 
ment S is true, which was to be proved. 


Example. (Euclid’s proof of the irrationality of the square root of 2 by contradiction.) 


1. It is required to prove that \/2 is an irrational number, that is, a real number that cannot be represented 
as a fraction p/q, where p and q are both integers. 


2. Assume the opposite: v2 is a rational number. This means that /2 can be represented as a fraction 


V2 = p/q. (1.7.1.1) 


Without loss of generality the fraction p/q is assumed to be irreducible, implying that p and q are mutually 
prime (have no common factor other than 1). 
3. Square both sides of (1.7.1.1) and then multiply by q? to obtain 


6 =p (1.7.1.2) 


The left-hand side is divisible by 2. Then the right-hand side, p”, and hence pis also divisible by 2. Consequently, 
p is an even number so that 
p= Dns (1.7.1.3) 


where n is an integer. Substituting (1.7.1.3) into (1.7.1.2) and then dividing by 2 yields 
g =2p. (1.7.1.4) 


Now it can be concluded, just as above, that q” and hence q must be divisible by 2. Consequently, q is an even 
number so that 
q=2m, (1.7.1.5) 


where nm is an integer. 
It is now apparent from (1.7.1.3) and (1.7.1.5) that the fraction p/q is not simple, since p and q have a 
common factor 2. This contradicts the assumption made in Item 2. 


4. It follows from the results of Item 3 that the representation of v2 in the form of a fraction (1.7.1.1) is 
false, which means that V2 is irrational. 


M1.7.2. Mathematical Induction 


The method of proof by (complete) mathematical induction is based on the following 
reasoning: 

1. Let A(n) be a statement dependent on n with n = 1, 2, ... (A is a hypothesis at this 
stage). 

2. Base case. Suppose the initial statement A(1) is true. This is usually established by 
direct substitution n = 1. 

3. Induction step. Assume that A(n)is true for any n and then, based on this assumption, 
prove that A(n + 1) is also true. 

4. Principle of mathematical induction. From the results of Items 2-3 it 1s concluded 
that the statement A(n) is true for any n. 
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BIBLIOGRAPHY FOR CHAPTER M1 13 
Example. 
1. Prove the formula for the sum of odd numbers 
1345 $44 O 1) aa (1.7.2.1) 


for any natural n. 

2. Forn = 1, we have an obvious identity: 1 = 1. 

3. Let us assume that formula (1.7.2.1) holds for any n. To consider the case of n + 1, let us add the next 
term, (2n + 1), to both sides of (1.7.2.1) to obtain 


1+3+5+:--+2n-1)+0n+1)=n+0n+1)=(n+17. 


Thus, from the assumption of the validity of formula (1.7.2.1) for any n it follows that (1.7.2.1) is also valid 
forn +1. 
4, According to the principle of mathematical induction, this proves formula (1.7.2.1). 


Remark. The first step, the formulation of an original hypothesis, is the most difficult part of the method 
of mathematical induction. This step 1s often omitted from the method. 


M1.7.3. Proof by Counterexample 


A counterexample is an example which is used to prove that a statement (proposition) is 
false. Counterexamples play an important role in mathematics. Whereas a complicated 
proof may be the only way to demonstrate the validity of a particular theorem, a single 
counterexample is all that is needed to refute the validity of a proposed theorem. 

In general, the scheme of a proof by counterexample is as follows: 

1. Given a proposition: all elements a that belong to a set A also belong to a set (possess 
a property) B. 

2. Refutation of the proposition: one specifies an element a, (counterexample) that 
belongs to A but does not belong to B. 


Example. Proposition: Numbers in the form 27" +1, where n isa positive integer, were once thought to 
be prime. 
These numbers are prime for n = 1, 2, 3, 4. But for n = 5, we have a counterexample, since 


hae 1 = 4294967297 = 641 x 6700417; 


it is a composite number. 


. . n . . . . 
Conclusion: When faced with a number in the form 2? +1, we are not allowed to assume it is either prime 
or composite, unless we know for sure for some other reason. 
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Chapter M2 
Elementary Functions 


Basic elementary functions: power, exponential, logarithmic, trigonometric, and inverse 
trigonometric (arc-trigonometric or antitrigonometric) functions. All other elementary 
functions are obtained from the basic elementary functions and constants by means of 
the four arithmetic operations (addition, subtraction, multiplication, and division) and the 
operation of composition (composite functions). 

The graphs and the main properties of the basic as well as some other frequently 
occurring elementary functions of the real variable are described below. 


M2.1. Power, Exponential, and Logarithmic Functions 
M2.1.1. Power Function: y = x“ (a is an Arbitrary Real Number) 


> Graphs of the power function. General properties of the graphs: the point (1,1) 
belongs to all the graphs, and y > O for x > 0. For a > 0, the graphs pass through the origin 
(0, 0); for q < O, the graphs have the vertical asymptote x = 0 (y — +00 as x — 0). For 
a = 0, the graph is a straight line parallel to the x-axis. 

Consider more closely the following cases. 

Case 1: y = x*", where n is a positive integer (n = 1, 2, ...). This function is defined 
for all real x and its range consists of all y > 0. This function is even, nonperiodic, and 
unbounded. It crosses the axis Oy and is tangential to the axis Oz at the origin x = 0, y = 0. 
On the interval (—oo, 0) this function decreases, and it increases on the interval (0, +00). It 
attains its minimum value y = 0 at x = 0. The graph of the function y = x” (parabola) is 
given in Fig. M2.1 a. 


j (a) | (b) 


Figure M2.1. Graphs of the power function y = x”, where n is an integer. 


15 
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16 ELEMENTARY FUNCTIONS 
Case 2: y = x2"*!, where n is a positive integer. This function is defined on the entire 
x-axis and its range coincides with the y-axis. This function is odd, nonperiodic, and 
unbounded. It crosses the x-axis and the y-axis at the origin x = 0, y = Q. It is an increasing 
function on the entire axis with no points of extremum, the origin being its inflection point. 
The graph of the function y = x? (cubic parabola) is shown in Fig. M2.1 a. 

Case 3: y = £x”, where n is a positive integer. This function is defined for all x + 0, 
and its range is the semiaxis y > 0. It is an even, nonperiodic, unbounded function having 
no intersection with the coordinate axes. It increases on the interval (=o0, 0), decreases 
on the interval (0, +00), and has no points of extremum. The graph of the function has a 
vertical asymptote x = 0. The graph of the function y = x~ is given in Fig. M2.1 b. 

Case 4: y =x °"*!, where n is a positive integer. This function is defined for all x +0, 
and its range is the entire y-axis. It is an odd, nonperiodic, unbounded function with no 
intersections with the coordinate axes. This is a decreasing function on the entire axis with 
no points of extremum. It has a vertical asymptote x = 0. The graph of the function y = x7! 
is given in Fig. M2.1 b. 

Case 5: y = x” with a noninteger a > 0. This function is defined for all* x > O and 
its range is the semiaxis y > 0. This function is neither odd nor even and it is nonperiodic 
and unbounded. It crosses the axes Ox and Oy at the origin x = 0, y = O and increases 
everywhere in its domain, taking its smallest value at the point x = 0, y = 0. The graph of 


the function y = x!/ is given in Fig. M2.2. 
y 
4 
3 
n = ya y= x12 


Figure M2.2. Graphs of the power function y = x“, where a is a noninteger. 


Case 6: y = x“ with a noninteger a < 0. This function is defined for all x > O and its 
range is the semiaxis y > 0. This function is neither odd nor even, it is nonperiodic and 
unbounded, and it has no intersections with the coordinate axes, which coincide with its 
horizontal and vertical asymptotes. This function is decreasing on its entire domain and has 


no points of extremum. The graph of the function y = x7!/? is given in Fig. M2.2. 


> Properties of the power function. Basic properties of the power function: 
eta? =a (aya) 0, (a = gx, 
for any a and 6, where x > 0, xı > 0, x2 > 0. 


* In fact, the power function y = a /” with an odd integer n is also defined for all x < 0. Here, however, it 
m/n 


1s always assumed that x > 0. A similar assumption is made with regard to the functions of the form y = x f 
where m is a positive integer and m/n is an irreducible fraction. 
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M2.1. POWER, EXPONENTIAL, AND LOGARITHMIC FUNCTIONS 17 
Differentiation and integration formulas: 


atl 


h : 
(12y = age! Jo dr = PETT +C if aF —1, 
Inld+CO. if a=-l. 


The Taylor series expansion in a neighborhood of an arbitrary point zo: 
OO 
e y Coty (x-zro)” for |x-<xol < lzol, 
n=0 


a(a—-1)...(a—-n+l) 


| are binomial coefficients. 
n! 


where C% = 


M2.1.2. Exponential Function: y = a” (a > 0, a #1) 


> Graphs of the exponential function. This function is defined for all x and its range is 
the semiaxis y > 0. This function is neither odd nor even, it is nonperiodic and unbounded, 
and it crosses the axis Oy at y = 1 and does not cross the axis Ox. For a > 1, it is an 
increasing function on the entire x-axis; for O < a < 1, it is a decreasing function. This 
function has no extremal points; the axis Ox is its horizontal asymptote. The graphs of 
these functions have the following common property: they pass through the point (0, 1). 
The graph of y = a” is symmetrical to the graph of y = (1/a)” with respect to the y-axis. 
For a > 1, the function a” grows faster than any power of x as x — +00, and it decays faster 
than any power of 1/x as x — —oo. The graphs of the functions y = 2” and y = (1/2)” are 
given in Fig. M2.3. 


Figure M2.3. Graphs of the exponential function. 


> Properties of the exponential function. Basic properties of the exponential function: 
qu! qa = quite, a pr = (ab)”, (a™1)”2 = qe, 


Number e, base of natural (Napierian) logarithms, and the function e”: 


e Um (1+ 2)" =2.718281..... = dm (1+2) 
n 


n—> CO n— OO n 
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18 ELEMENTARY FUNCTIONS 


The formula for passing from an arbitrary base a to the base e of natural logarithms: 


at = er ina 


The inequality 


ti>ty $6 a>l, 


21 XL. 
a” >a => f 
a if O<a<l. 


The limit relations for any a > 1 and 6 > 0: 


£ 


=00, lim a®|z|? =0. 
L—+00 |? L=>—00 


Differentiation and integration formulas: 


(ey = e”, e” dz = e” + C; 


a” dz = 


(a”) =a" Ina, = 
Ina 


J ; 
Power series expansion: 


00 
2 r? qn ok 


L 
e“ = 1+ — + —+— ho + — +. = Z 
1! 2! 3! n! k! 
k=0 


M2.1.3. Logarithmic Function: y = log, {x (a > 0, a # 1) 


> Graphs of the logarithmic function. This function is defined for all x > O and its range 
is the entire y-axis. The function is neither odd nor even; it is nonperiodic and unbounded; 
it crosses the axis Ox at x = 1 and does not cross the axis Oy. For a > 1, this function is 
increasing, and for O < a < 1, it is a decreasing function; it has no extremal points, and the 
axis Oy is its vertical asymptote. The common property of the graphs of such functions is 
that they all pass through the point (1, 0). The graph of the function y = log, x is symmetric 
to that of y = log; ,, 1 with respect to the x-axis. The modulus of the logarithmic function 


tends to infinity slower than any power of x as x — +00 and slower than any power of 1/x 
as x —> +0. The graphs of the functions y = log, x and y = log; ;, x are shown in Fig. M2.4. 


y 


y = log, x 


Figure M2.4. Graphs of the logarithmic function. 
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> Properties of the logarithmic function. By definition, the logarithmic function is the 
inverse of the exponential function. The following equivalence relation holds: 


=e a <> gag, 


where a > O, a #1. 
Basic properties of the logarithmic function: 


a La Y = y, log, (1112) = log, x; + log, x2, 
lo 
log, (a) = klog, z, log, t = e 2 
b a 


where x > 0, 271 >0,x1,>0,a>0,a+1,b>0,b%1. 
The simplest inequality: 


11>% lf a>l, 
log, xı > log, 12 T ee if O<a<l. 


For any b > 0, the following limit relations hold: 


_ log, x b 
lim =0, lim x log, x =0. 
E=>+00- T xr—+0 


The logarithmic function with the base e (base of natural logarithms, Napierian base) 
is denoted by 
log, x =Inz, 


eps iin m = 2.718281... 


Nn—>00 Tr 
Formulas for passing from an arbitrary base a to the Napierian base e: 


In x 
log, £ = —. 
Ina 


Differentiation and integration formulas: 
a | 
(Ina) = —, ln z dx = xrlng- g+ C. 
£ 


Power series expansion: 


2 3 


z L L n-1 < k-1 © 
A al) “=D “jy A l, 


M2.2. Trigonometric Functions 
M2.2.1. Trigonometric Circle. Definition of Trigonometric Functions 


> Trigonometric circle. Degrees and radians. Trigonometric circle is the circle of unit 
radius with center at the origin of an orthogonal coordinate system Oxy. The coordinate 
axes divide the circle into four quarters (quadrants); see Fig. M2.5. Consider rotation of the 
polar radius issuing from the origin O and ending at a point M of the trigonometric circle. 
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Figure M2.5. Trigonometric circle. 


Let a be the angle between the x-axis and the polar radius OM measured from the positive 
direction of the x-axis. This angle is assumed positive in the case of counterclockwise 
rotation and negative in the case of clockwise rotation. 

Angles are measured either in radians or in degrees. One radian is the angle at the vertex 
of the sector of the trigonometric circle supported by its arc of unit length. One degree is 
the angle at the vertex of the sector of the trigonometric circle supported by its arc of length 
Tr /180. The radians are related to the degrees by the formulas 


180° T 
1 di = ° E = —. 
Sean T 180 


> Definition of trigonometric functions. The sine of a is the ordinate (the projection to 
the axis Oy) of the point on the trigonometric circle corresponding to the angle of a radians. 
The cosine of a is the abscissa (projection to the axis Ox) of that point (see Fig. M2.5). 
The sine and the cosine are basic trigonometric functions and are denoted, respectively, by 
sin & and cos a. 

Other trigonometric functions are tangent, cotangent, secant, and cosecant. These are 
derived from the basic trigonometric functions, sine and cosine, as follows: 


sin Q COS Q 1 1 
tan a = , cota=— , seca ,  coseca = — ; 
COS Q sin Q COS Q sin Q 


Table M2.1 gives the signs of the trigonometric functions in different quadrants. The 
signs and the values of sin a and cos a do not change if the argument a is incremented by 
+27n, where n = 1, 2, ... The signs and the values of tan a and cot a do not change if the 
argument a is incremented by trn, where n = 1, 2, 


TABLE M2.1 
Signs of trigonometric functions in different quarters. 


[oe | eee | in radians sin a COS Q tan a cot a sec Q cosec Q 
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TABLE M2.2 
Numerical values of trigonometric functions for some angles a (in radians). 


Table M2.2 gives the values of trigonometric functions for some values of their argument 
(the symbol co means that the function is undefined for the corresponding value of its 
argument). 


M2.2.2. Graphs of Trigonometric Functions 


> Sine: y = sin x. This function is defined for all x and its range is y e [-1,1]. The 
sine is an odd, bounded, periodic function (with period 27). It crosses the axis Oy at the 
point y = 0 and crosses the axis Oz at the points x = rn, n = 0,+1,+2,... The sine is an 
increasing function on every segment [-5 + 27n, + + 277m] and is a decreasing function on 
every segment [> + 27n, am + 27n]. For x = + +277, it attains its maximal value (y = 1), 
and for x = -5 + 27m it attains its minimal value (y = —1). The graph of the function 
y = sin x is called the sinusoid or sine curve and is shown in Fig. M2.6. 


Figure M2.6. Graph of the function y = sin x. 


> Cosine: y = cos x. This function is defined for all x and its range is y e [-1, 1]. The 
cosine is a bounded, even, periodic function (with period 27r). It crosses the axis Oy at the 
point y = 1, and crosses the axis Ox at the points x = + + mn. The cosine is an increasing 
function on every segment [—7 + 27n, 27] and is a decreasing function on every segment 
Ran, 7 +2rn], n =0,+1,+2,... For x = 277 it attains its maximal value (y = 1), and for 
£ =7+277n it attains its minimal value (y = —1). The graph of the function y = cos x is a 
sinusoid obtained by shifting the graph of the function y = sin x by + to the left along the 
axis Ox (see Fig. M2.7). 


> Tangent: y = tan zx. This function is defined for all x + $ + mn, n =0,+1,+2,..., 
and its range is the entire y-axis. The tangent is an unbounded, odd, periodic function (with 
period 7). It crosses the axis Oy at the point y = 0 and crosses the axis Oz at the points 
x = Tn. This is an increasing function on every interval 5 + mn, + +n). This function 
has no points of extremum and has vertical asymptotes at x = 5 O n = 0,1, +2,... 
The graph of the function y = tan x is given in Fig. M2.8. 
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Figure M2.7. Graph of the function y = cos zx. 


> Cotangent: y = cot x. This function is defined for all x + mn, n=0,+1,+2,...,and 
its range is the entire y-axis. The cotangent is an unbounded, odd, periodic function (with 
period 7). It crosses the axis Ox at the points x = 5 + mn, and does not cross the axis Oy. 
This is a decreasing function on every interval (nn, 7 +71n). This function has no extremal 
points and has vertical asymptotes at x = mn, n = 0,+1,+2,... The graph of the function 


y = cot x is given in Fig. M2.9. 


T T 
> A 3 
| | 
| | 
| | 
| | 
| | 
| | 


Figure M2.8. Graph of the function y = tan x. 


Figure M2.9. Graph of the function y = cot x. 


M2.2.3. Properties of Trigonometric Functions 


> Simplest relations. 


sin? x + cos? x = 1, 


sin(—x) = —sin x, 
sin x 


> Reduction formulas. 


sin(x +2n7) = sin z, 
sin(x + n7) = (-1)” sin z, 
2n+1 


a (« + r) = +(-1)" cost, 


tan x cot z = 1, 
cos(—x) = COS x, 
COS £ 


cot t = — ? 

sin £ 
cot(—x) = —cot x, 
1 


1 +cot? x = E 
sin? x 


cos(x + 2n7) = cos x, 
cos(x nr) = (-1)” cos a, 


2n+1 
(«+ > r) = F(-1)" sin z, 
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2 2 
sin (« a 7) = Yin x Ecos x), COS (a $ 7) = Y2 eos xF sin x), 


tan(x + n7) = tanz, cot(x Enr) = cot xz, 
2n+ 1 2n+1 
tan («+ —=—1) =—cot x, cot («+ ar) = —tan z, 
A +2) tanx + 1 i( +2) cot x+l 
a LE SS a cot| 7+ — | = —, 
4 lF tan x 4 | £ cot x 


where n = 1, 2,... 


> Relations between trigonometric functions of single argument. 


tan x 1 
sin z = ty 1 — cos? 2 = t— = +___ 
V 1 +tan? x V 1 +cot? x 


À 1 cot x 
cos x = ty 1 - sin? x = t———— = t, 
V1+tan? x V1+cot? x 
sin x V 1 — cos? x 1 


tan z = E = t = 


Aa COS x cot x” 
vV1-—sin? x COS £ 1 


sin x acota ana 


The sign before the radical is determined by the quarter in which the argument takes its 
values. 


lI 
I+ 


cot g = 


> Addition and subtraction of trigonometric functions. 


+ t= 
sin 2 +siny = 2sin(= 2) cos( 2), 


2 2 
. (T-Y L+HY 
sin x — sin = 2sin( ) cos( i: 
4 2 2 
£ + x 
cos x + cos y = 2 cos( 2) cos( 2), 
2 2 
_(£+Y\ . [TY 
COS © — COS = -2sin( ) sin ( | 
RR 2 2 
sin? x — sin? y = cos? y — cos? x = sin(x + y) sin(x — y), 
sinó x — cos? y = — cos(x + y) cos(x — y), 
sin(x + sin(y + x 
cioten ia aurons 
COS £ COS Y sin x sin y 


acos x + bsin z = r sin(x + p) = r cos(x — Y). 


Here, r = Va? +b’, sing =a/r, cosy =b/r, siny =b/r, and cosy =a/r. 


> Products of trigonometric functions. 


sin x SIN y = $[cos(a —y)—cos(x + y)l, 
COS £ COS Y = [cos(x — y) + cos(x +y)], 


sin x COS y = t [sin(x — y) + sin(x + y)]. 
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> Powers of trigonometric functions. 


cos? x = + cos 2x + 5, sin? a =-3 cos 2x + 4, 
| 3 EENI | 3 
COS z= 70831 +3 COS £, sin x =—7 SIN 31 + 7 SIN z, 
cost x = $ cos 4x + 4 cos 2x + 2, sinó x = $ cos 4x — + cos 2x + 3, 
Dis as 5 5 rs 5 Sa 
cos“ £ = 7 cos 5x + => 75 COS 3x + y COS g, sin” £ = g sin Sg — 7g SIN 31 + y sinz, 
n-1 
cos?” x = —— : > CE cos[2(n— E ! an 
92n-1 2n 2n? 
k=0 
song Ce 2n-2k+1 
COS “= +1 cOSl(2n — 2k + 1)x1, 
k=0 


- 2n l a n-k O 
sin = a LY 


! 
x, cos[2(n — k)x] a — Os 


sin"! g Den CF, sin[(2n -2k + 1)x1. 


= 


Here, n = 1, 2, ... and Cc. = 


> Addition formulas. 


sin(x + y) = sin z cos y+cos x sin y, 


moen tan x + tan y 
an(x + y) = ==, 
á l+ tan x tan y 


m! 
k!(m- k)! 


are binomial coefficients (0! = 1). 


cos(x + y) = cos x cos y+ SIN x sin y, 


1+ tan x tan y 
cot(x + y) = —————. 
tan x + tan y 


> Trigonometric functions of multiple arguments. 


cos 2x = 2 cos? x-1=1-2sin? x, 


cos 3x = —3 cos £ + 4 cos? x, 


cos 4x = 1 — 8 cos? x + 8 cost x, 


cos 5x = 5 cos x — 20 cos? x + 16 cos? z, 


[mT - 2k 


sin 2g = 2 sin g cos zg, 
sin 3x = 3 sin z — 4 sin? z, 
sin 4x = 4 cos x (sin z —2 sin? x), 


sin 5x = 5 sin x — 20 sin? x + 16 sin? x, 


sin^“ x, 


2 
cos(2nz) = 14+ Ye pyro (nt = 1). 


= (2k)! 


1 ey lr DIE DP FL. 


[(2n+1)?-(2k-1)7] sin2* > 
(2k)! 


cos[(2n+1)x] = cos x 
k=1 


n 1 92 2 
sin(2nx) = 2n cos x sin x + SC 4) AA sin?! J A 
k=1 


n > PR 
sin r+ CD [Gn+1) -1][Qn+1) —3 ] er 


2 7 
sin{(2n+1)2}=Cns+1)4 at [EGn+1)Qk-1)7] sip 24+ > 


k=1 


2 tan x 3 tan x —tan? x 
. a 7 
1—3tan- x 


4 tan x — 4 tan? x 
tan 2g = tan 4z = 


1 —tan x 1 — 6 tan? x + tant x’ 


where n = 1, 2, 
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> Trigonometric functions of half argument. 


y Y  1-coszx p£  1+c0sx 


Si = COS SS 
2 2 2 2 
£ sin x l-cos zx £ sin £ 1+cos x 
tan — = —— = ——_, — = ——— = ——____—_— 
2 1+cos x sin £ 2 l-cos x sin £ 
l 2 tan 5 1 — tan? > 2 tan 5 
MA e A = z tan £ = a 
1 + tan? = 1 + tan? = 1 — tan* = 
2 2 2 
> Differentiation formulas. 
dsin x dcos x dtan x 1 dcot x 1 
— =cos%, ——=-snz, —=-—, — = 
dx dx dx cos? x dx sin? x 
> Integration formulas. 
[ sine dr =-cos.2 +, [cosdr =sine +6. 


J ander =—In eos 21+ C. J cotzde = in|sin + C, 


where C is an arbitrary constant. 


> Power series expansions. 


oses 1- Tg (|x| < 00), 
ina e aye (|x| < 00), 
ao=ar + 2 tog DEP q y (|x| < 7/2), 
coto Lo (Pa ete eal ety...) (0 < |x| <7), 


where Bn are Bernoulli numbers (see Subsection M13.1.2). 


> Representation in the form of infinite products. 
2 2 2 2 
alde llas lie lle ss 
2 4r? 97? nT 
4r? 4r? 4r? Ax 
1- — ]{1-—— })/ 1- wple } ... 
n? 97? 257? (2n + Dr? 


> Euler and de Moivre formulas. Relation to hyperbolic functions. 


sin x 


COS £ 


ey tit = ecos +isina), (cosg +isina)” =cos(nx)+isin(nz), i” =-1, 
sin(x) = i sinh xz, cos(ix)=cosh x, tan(ix)=23tanh x, cot(ix)= — coth z. 
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M2.3. Inverse Trigonometric Functions 
M2.3.1. Definitions. Graphs of Inverse Trigonometric Functions 


> Definitions of inverse trigonometric functions. Inverse trigonometric functions (arc 
functions) are the functions that are inverse to the trigonometric functions. Since the trigono- 
metric functions sin x, cos x, tan x, cot x are periodic, the corresponding inverse functions, 
denoted by Arcsin x, Arccos x, Arctan x, Arccot x, are multi-valued. The following rela- 
tions define the multi-valued inverse trigonometric functions: 


sin(Arcsin x) =z,  cos(Arccos 1) = x, 
tan(Arctan x) =x, cot(Arccot x) = z. 


These functions admit the following verbal definitions: Arcsin x is the angle whose sine 1s 
equal to x; Arccos x is the angle whose cosine is equal to x; Arctan x is the angle whose 
tangent is equal to x; Arccot x is the angle whose cotangent is equal to x. 
The principal (single-valued) branches of the inverse trigonometric functions are denoted 
by 
arcsin x = sin! x (arcsine is the inverse of sine), 


La (arccosine 1s the inverse of cosine), 


arccos © = COS 
arctan x = tan! x (arctangent is the inverse of tangent), 


arccot x =cot!«  (arccotangent is the inverse of cotangent) 


and are determined by the inequalities 


0 < arccos x <7 (-1<x<1); 


O < arccot £ < T (œ < © < OO). 


< arcsin x < 


< arctan £ < 


at a 
2 2? 
L JE 
2 Le 


The following equivalent relations can be taken as definitions of single-valued inverse 
trigonometric functions: 


y=aresnz, —l<x<l <> %r=siny, Sy; 
y=arccosx, —-l<a<l < j«r=cosy, UÚS<yST; 
y=arctant, —00<tT<+0 <>> T=fany, yes; 
y=arccotz, -œ<xz<+0 => ax=coty, U<y<r. 


The multi-valued and the single-valued inverse trigonometric functions are related by 


the formulas 
Arcsin x = 1)” arcsin x + mn, 


Arccos x = tarccos x +21n, 
Arctan x = arctan x + Tn, 
Arccot x = arccot x + Tn, 
where n = 0, +1, +2, ... 
The graphs of inverse trigonometric functions are obtained from the graphs of the 


corresponding trigonometric functions by mirror reflection with respect to the straight line 
y = x (with the domain of each function being taken into account). 
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> Arcsine: y = arcsin x. This function is defined for all x e [-1,1] and its range is 
y € ao al: The arcsine is an odd, nonperiodic, bounded function that crosses the axes 
Ox and Oy at the origin x = 0, y = 0. This is an increasing function in its domain, and it 
takes its smallest value y = -5 at the point x = —1; it takes its largest value y = + at the 
point x = 1. The graph of the function y = arcsin z is given in Fig. M2.10. 


> Arccosine: y = arccos x. This function is defined for all x e [-1, 1] and its range is 
y € [0,7]. Itis neither odd nor even. Itis a nonperiodic, bounded function that crosses the 
axis Oy at the point y = + and crosses the axis Ox at the point x = 1. This is a decreasing 
function in its domain, and at the point x = —1 it takes its largest value y = 7; at the point 
x = 1 it takes its smallest value y = 0. For all x in its domain, the following relation holds: 
arccos x = + — arcsin x. The graph of the function y = arccos x is given in Fig. M2.11. 


T 
2 


y = arccos x 


T 
2 


T 
2, 1. 0 l 
Figure M2.10. Graph of the function y = arcsin x. Figure M2.11. Graph of the function y = arccos x. 


> Arctangent: y = arctan æ. This function is defined for all x, and its range is 
y € (=E> 7): The arctangent is an odd, nonperiodic, bounded function that crosses the 
coordinate axes at the origin x = 0, y = 0. This is an increasing function with no points of 
extremum. It has two horizontal asymptotes: y =— (as x — —oo) and y = 5 (as x — +00). 
The graph of the function y = arctan x is given in Fig. M2.12. 


> Arccotangent: y = arccot x. This function is defined for all x, and its range is 
y € (0,7). The arccotangent is neither odd nor even. It is a nonperiodic, bounded function 
that crosses the axis Oy at the point y = + and does not cross the axis Ox. This is a 
decreasing function on the entire x-axis with no points of extremum. It has two horizontal 
asymptotes y = 0 (as x — +00) and y = 7 (as x — —00). For all x, the following relation 


holds: arccot x = +—arctan x. The graph of the function y = arccot z is given in Fig. M2.13. 


2 10 1 


Figure M2.12. Graph of the function y = arctan z. Figure M2.13. Graph of the function y = arccot z. 


M2.3.2. Properties of Inverse Trigonometric Functions 
> Simplest formulas. 
sin(arcsin x)= x,  cos(arccos x) = x, 
tan(arctan £) = x, cot(arccot ©) = x. 
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> Some properties. 


arcsin(—x) = — arcsin x, 
arctan(—x) = —arctan x, 


L— NT 


arcsin(sin 1) = l EEE EEN 


L— NT 


arccos(cos x) = l aaa ive 


arccos(—x) = 7 — arccos x, 
arccot(—x) = m — arccot x, 


if 2nr<x<(Qn+1), 
if n+ Dr<x<?2%n+1), 


arctan(tanx)=x-=nrT if nr-5<z<nt+3, 


arccot(cot £) = £ — NT 


if nr<zx<(n+l). 


> Relations between inverse trigonometric functions. 


arcsin £z +arccos x = a 


arccos v 1-2? if O<2<1, 
— arccos v 1-2? if -1 <x <0, 
. LE . 
arcsin x = < arctan if -l<2z<l, 
1-2? 
v 1-2? 
arccot ———T if -l<2<0; 
x 
x 
arcsin —==— for any z, 
v1+2? 
1 l 
arccos ——— fx>0, 
E v1+2? 
arctan £x = 1 
— arccos ——— 1f x<0, 
v1+2? 
1 
arccot — if x >0; 
x 


arctan x+arccot x = > : 


arcsin v 1-2? 
T—arcsin v 1-2? 


arccos x aretan V 
T 
arccot ———— 
y 1-2? 
1 
arcsin —==—— 
vV1+22 
l 1 
7 —arcsin ———— 
A. 5) 
arccot z = i Le 
arctan — 
E 


1 
T+arctan — 
Xx 


> Addition and subtraction of inverse trigonometric functions. 


N 


1fO<zx<l, 
if -1 <x <O, 


if O<r<l, 
ESE <1 
if x 20, 
if x <Q, 


if x >Q, 


if «<0. 


arcsin x + arcsin y = arcsin (av Lar aay Te £>) for «2° + y? <1, 
arccos x + arccos y = tarccos [1yFy(1-121-y?)] for xty 20, 


£ 
arctan x + arctan y = arctan 7 


arctan x — arctan y = arctan 


> Differentiation formulas. 


d 1 

7, aresin z == aa 
d i 1 

— arctan x = ——, 
dx l + z2 


+ 
4 for xy <1, 
T = 
E for xzy>-l. 
+ £Y 
d 1 
— arccos £t = -————., 
dx V/ 1 — q? 
1 
— arccot x = -——. 
dx i 1 + 22 
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> Integration formulas. 
J arsina dx = xz arcsin xz + V 1- x? +C, [ sxoc0s a = xarccosz — V 1-zr? +C, 
1 > l 2 
arctan x dx = x arctan x — > Ind +2°)4+C, arccot x dx = x arccot x + a In +^) +C, 


where C is an arbitrary constant. 


> Power series expansions. 


ple 1x30 1x3x30% | 4 1x3x x n=) qn del<D 
arcsin © = £ +- +t ae + Tt + AAÁAÓ XL , 
23 2x45 2x4x6 7 2x4x---xQn) 2n+1 
3 x>’ x! gnl 
t E y AI es ce A o < 1), 
arctan í =v- +=2 >= (1) PE (x| < 1) 
T 1 1 1 1 
t E eee eter A E A A >1). 
m a a oD) (2 IRA! Walco 


The expansions for arccos x and arccot x can be obtained from the relations arccos x = 
5 —arcsin x and arccot x = + — arctan x. 


M2.4. Hyperbolic Functions 
M2.4.1. Definitions. Graphs of Hyperbolic Functions 


> Definitions of hyperbolic functions. Hyperbolic functions are defined in terms of the 
exponential functions as follows: 


T —XL T —XL x XL eX + ent 


ev —e ev +e ev —e 
sinh z = ————-,__ cosh x = ———, tanh x = ———,  coth x = ————. 
2 2 er y 7 el — gt 


The graphs of hyperbolic functions are given below. 


> Hyperbolic sine: y = sinh æ. This function is defined for all x and its range is the 
entire y-axis. The hyperbolic sine is an odd, nonperiodic, unbounded function that crosses 
the axes Ox and Oy at the origin x = 0, y = 0. This is an increasing function in its domain 
with no points of extremum. The graph of the function y = sinh x is given in Fig. M2. 14. 


> Hyperbolic cosine: y = cosh x. This function is defined for all x, and its range 
is y € [1,+00). The hyperbolic cosine is an even, nonperiodic, unbounded function that 
crosses the axis Oy at y = 1 and does not cross the axis Ox. This function is decreasing on 
the interval (—co, 0) and increasing on the interval (0, +00); it takes its smallest value y = 1 
at x = 0. The graph of the function y = cosh x is given in Fig. M2.15. 


> Hyperbolic tangent: y = tanh x. This function is defined for all x, and its range is 
y € (—1, 1). The hyperbolic tangent is an odd, nonperiodic, bounded function that crosses 
the coordinate axes at the origin x = 0, y = 0. This is an increasing function on the entire 
x-axis and has two horizontal asymptotes: y = —1 (as x — —oo) and y = 1 (as x — +00). 
The graph of the function y = tanh x is given in Fig. M2.16. 


> Hyperbolic cotangent: y = cothx. This function is defined for all x + 0, and 
its range consists of all y € (—oo,-1) and y € (1,+00). The hyperbolic cotangent is an 
odd, nonperiodic, unbounded function that does not cross the coordinate axes. This is a 
decreasing function on each of the semiaxes of its domain; it has no points of extremum. It 
has two horizontal asymptotes: y = —1 (as x — —oo) and y = 1 (as x — +00). The graph of 
the function y = coth x is given in Fig. M2.17. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 29 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 30 


30 ELEMENTARY FUNCTIONS 


-2 -1 «© l 2 
Figure M2.14. Graph of the function y = sinh z. Figure M2.15. Graph of the function y = cosh zx. 


Figure M2.16. Graph of the function y = tanh z. Figure M2.17. Graph of the function y = coth x. 


M2.4.2. Properties of Hyperbolic Functions 


> Simplest relations. 


cosh’ x — sinh? x = 1, tanh x coth x = 1, 
sinh(—x) = —sinh x, cosh(—x) = cosh x, 
i h 
tanh x = amen ; coth x = ae ' 
cosh x sinh x 

tanh(—x) = —tanh x, coth(—x) = — coth z, 

1 1 
1 — tanh? z = ——, coth? z -1 = ——. 

cosh? x sinh^ x 


> Relations between hyperbolic functions of single argument (x > 0). 


tanh 1 
sinh z = V cosh? z — 1 = A === 
V 1- tanh? x v coth? x — 1 
1 th 
cosh x = V sinh? z + 1 = ————_——- = ee 
v 1- tanh? x yV coth? x — 1 
sinh x V cosh? x — 1 1 


tanh r = Rm = ————_ = 


any? Pm cosh x coth x 
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vV sinh? x + 1 cosh x 1 


th 2 = m= = ———_—_—_ = 
revs sinh x /eosh2 7-1] ong 
> Addition formulas. 


sinh(x + y) = sinh z cosh y + sinh y cosh z,  coshí(x + y) = cosh x cosh y + sinh z sinh y, 
tanh x + tanh coth x coth y + 1 
1 + tanh x tanh y coth y + coth x 
> Addition and subtraction of hyperbolic functions. 
cry x+y 


sinh «+ sinh y = 2 sinh (2) cosh(—*), 


+ = 
cosh x + cosh y = 2cosh (= 2) cosh(—=2), 
+ Y 


cosh x — cosh y = 2 simh (2) sin (==), 


sinh? x — sinh? y= cosh? z — cosh? y = sinh(x + y) sinh(x — y), 


tanh(x + y) = 


sinh? x + cosh? y = cosh(x + y) cosh(z — y), 
(cosh x + sinh x)” = coshí(nx) + sinh(nzx), 
sinh(x + y) sinh(x + y) 


, coth x + coth y = Ł 


tanh x + tanh y = “sinh z sinh y 


cosh x cosh y 

where n = 0, 1, +2, ... 

> Products of hyperbolic functions. 
sinh x sinh y = 5[cosh(x + y) — cosh(x — y)], 
cosh z cosh y = >[cosh(z + y) + cosh(z — y)l, 
sinh x cosh y = >[sinh(z + y) + sinh(x — y)]. 

> Powers of hyperbolic functions. 


cosh? x = > cosh 2x + >, sinh? z = 5 cosh 2x— >, 
| 3 43. 1 E Bi sie 
cosh” x= 7 cosh 3x + xy cosh zx, sinh” x = z sinh 3x- x sinh z, 
4._1 1 3 34 1 1 3 
cosh x= % cosh 41 +5 cosh 2x +3, sinh x= % cosh 4r-5 cosh 21 +23, 


cosh? x = = cosh 5x + > cosh 31 + > cosh z, sinh’ x = = sinh 5x — > sinh 3x + > sinh x, 


1 n-1 


1 
k n 
EE 2 C», cosh[2(n—k)x]+ Fn mo 


cosh?” z = 
92 


1 n 
cosh?"*! z= oon Sy Cr. ,, cosh[(2n—2k + 1)x], 
k=0 


n-1 

=]1 y” 
Y EDFC; SiGe A A 
k=0 


. 2n ., 
sinh a 


1 n 
sinh?” t! y = T Y CDC} 4, sinh[Qn—2k+1)x]. 
k=0 


Here, n = 1, 2,... and Ge are binomial coefficients. 
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> Hyperbolic functions of multiple argument. 


cosh 2x = 2 cosh? z — 1, sinh 2x = 2 sinh x cosh z, 
cosh 3x =—3 cosh z +4 cosh? É, sinh 3x = 3 sinh z +4 sinh? T, 
cosh 4x = 1 -8 cosh? z + 8 cosh‘ z, sinh 4x = 4 cosh x(sinh x +2 sinh? x), 


cosh 5g =5coshx—20cosh? x+16cosh? z, sinh 5g = 5 sinh z +20 sinh? x +16 sinh? z. 


n [n/2] (-1)**! 
cosh(nx) = 2”! cosh” x + > y ra (cosh 2242, 
[(n-1)/2] 
sinh(nx) = sinh x y O (cosh pA 
k=0 


Here, Ce are binomial coefficients and [A] stands for the integer part of the number A. 


> Hyperbolic functions of half argument. 


ne ene ¡EN eae AA 
2 2 2 2 
dale x sinh x _ cosh x — 1 auth x sinh x _ cosh x +1 
2 coshx+1 sinha ” 2 coshx-1 sinh x 
> Differentiation formulas. 
dsinh x dcosh x í 
———— =coshz, ———— =sinhz, 
dx dx 
dtanhx _ 1 dcothx _ 1 
dx cosh? a dx sinh? x 


> Integration formulas. 


| sion. = cosh +C, [ costado =sinnz +C, 


J sah dz = Incosh.r + C, J coth x dr = In| sinh 2] + C, 


where C is an arbitrary constant. 


> Power series expansions. 


TE r2 rí DAY yrn 
cosn t = ea a a o (|x| < 00), 
ie q g’ x! ent 
sin E A OTE | | (|x| < co), 
3 5 7 2n(72n 2n-1 
A ae 1 202 1)B2nlx 
tanh 7 = r-— + ——_-_ AA E < 7/2), 
es aks CURE E Se On)! a 
3 j 2n 2n-1 
Lf 22 pe | Bon |x 
eae el cl A E A O < T), 
ee g 945 A Cn)! i 


where Bn are Bernoulli numbers (see Subsection M13.1.2). 
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> Relation to trigonometric functions. 


sinh(¿1)=:3sinx, cosh(¿x)=cosx, tanh(ix)=:tanx, coth(ix)=—i cot zx, i? =-1. 


M2.5. Inverse Hyperbolic Functions 
M2.5.1. Definitions. Graphs of Inverse Hyperbolic Functions 


> Definitions of inverse hyperbolic functions. The inverse hyperbolic functions (also 
known as the area hyperbolic functions) are the inverses of the respective hyperbolic 
functions. The following notation is used for inverse hyperbolic functions: 


arcsinh x = arsinh z = sinh! (inverse of hyperbolic sine), 
arccosh x = arcosh x = cosh! x (inverse of hyperbolic cosine), 
arctanh z = artanh x =tanh*x (inverse of hyperbolic tangent), 


arccoth x = arcoth x = coth x (inverse of hyperbolic cotangent). 


Inverse hyperbolic functions can be expressed in terms of logarithmic functions: 


arcsinh z = ln(x + Vx? +1) (a is any); arccosh z = ln(x + vV z?-1) (#21); 


I + 1 +1 
= (|x| < 1); arccoth x = — In = 
I- 2 u-—1l 


Here, only one (principal) branch of the function arccosh z is listed, the function itself being 
double-valued. In order to write out both branches of arccosh x, the symbol + should be 
placed before the logarithm on the right-hand side of the formula. 

The graphs of the inverse hyperbolic functions are given below. These are obtained 
from the graphs of the corresponding hyperbolic functions by mirror reflection with respect 
to the straight line y = x (with the domain of each function taken into account). 


(|x| > 1). 


1 
arctanh x = > In 


> Inverse hyperbolic sine: y = arcsinh x. This function is defined for all x, and its 
range coincides with the y-axis. The arcsinh x is an odd, nonperiodic, unbounded function 
that crosses the axes Ox and Oy at the origin x = 0, y = 0. This is an increasing function 
on the entire x-axis with no points of extremum. The graph of the function y = arcsinh x is 
given in Fig. M2.18. 


> Inverse hyperbolic cosine: y=arccosh zx. This function is defined for all x € [1, +00), 
and its range consists of y e [0, +00). The arccosh x is neither odd nor even; it is nonperiodic 
and unbounded. It does not cross the axis Oy and crosses the axis Oz at the point x = 1. It 
is an increasing function in its domain with the minimal value y = 0 at x = 1. The graph of 
the function y = arccosh z is given in Fig. M2.19. 


y = arccosh x 


O l 2 3 4 


Figure M2.18. Graph of the function y = arcsinh z. Figure M2.19. Graph of the function y = arccosh x. 
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> Inverse hyperbolic tangent: y = arctanh æ. This function is defined for all x e 
(-1, 1), and its range consists of all y. The arctanh x is an odd, nonperiodic, unbounded 
function that crosses the coordinate axes at the origin x = 0, y = 0. This is an increasing 
function in its domain with no points of extremum and an inflection point at the origin. It 
has two vertical asymptotes: x = +1. The graph of the function y = arctanh x is given in 
Fig. M2.20. 


> Inverse hyperbolic cotangent: y = arccoth x. This function is defined for x € 
(—o00,-1) and x € (1,+00). Its range consists of all y + 0. The arccoth is an odd, 
nonperiodic, unbounded function that does not cross the coordinate axes. It is a decreasing 
function on each of the semiaxes of its domain. This function has no points of extremum 
and has one horizontal asymptote y = O and two vertical asymptotes x = +1. The graph of 
the function y = arccoth x is given in Fig. M2.21. 


| 
| 
| y = arccoth x 
| 


y= arctanh x 


| 
| 
| 
| 
| 
| 
| 
l 
| 
| 
| 
| 
| 
| 
| 


| 
| 
| 
| 
| 
| 
| | 
| | 
| O 1 
| 
| | 
| | 
| | 
| | 
| | 
| 


= 
= 
Figure M2.20. Graph of the function y =arctanh z. Figure M2.21. Graph of the function y =arccoth zx. 


M2.5.2. Properties of Inverse Hyperbolic Functions 


> Simplest relations. 
arcsinh(—x) =—arcsinhz, arctanh(—x)=—arctanhz,  arccoth(—x) = —arccoth z. 


> Relations between inverse hyperbolic functions. 


£ 
arcsinh x = arccosh V x2 + 1 = arctanh ———, 
Va? +1 
arccosh x = arcsinh V x4 — 1 = arctanh ————_, 
x 
a 1 1 
arctanh x = arcsinh ———— = arccosh ———— = arccoth —. 
x 


v1-— a? v1-— a? 


> Addition and subtraction of inverse hyperbolic functions. 


arcsinh x + arcsinh y = arcsinh (xV1+y*tyV1+27), 


arccosh x + arccosh y = arccosh [zy + y (2? — 1)(y* - 1) | , 


arcsinh x + arccosh y = arcsinh [xy + y (2? + 1)X(y? - 1) |, 


al y El 
arctanh x + arctanh y = arctanh ,  arctanh x + arccoth y = arctanh : 
EY yir 
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> Differentiation formulas. 


1 
— arcsinh x = ————., — arccosh x = ————., 
E arctanh ( mre 1) arccoth ( cos 1) 
SS y= TL A — L = XL A 
dx ] — z? dx 1 — q? 
> Integration formulas. 
EST xdx = x arcsinh g — yV 1 + z2? +C, 
Jarecosha dx = zarccosh z- Va? -1+ C. 
l 2 
arctanh x dx = x arctanh x + > Ind — 27) + C, 
l 2 
arccoth x dx = x arccoth x + > ln(x —1)+C, 
where C is an arbitrary constant. 
> Power series expansions. 
la. 138 ar 1xX3X On =1) 2 
ro ee ey AA dE <1), 
ener AS C AKK N: Intl E 
11 1x3 1 1x3x---xQn-1) 1 
A O E ee al r a > 1), 
A hie xn). ar SA 
al 1x3 1 1x3x---xQn-1) 1 
Fae a i A A A A > 1), 
A A a 2x4x--x(2n) 2ng?" ao) 
r? xò x! gent 
tanh 7 = O S E e 1), 
arctanh x A er aa Se rar (|z| < 1) 
1 1 1 1 1 
tha = — + — + — + — +- +H > 1). 
A age yee ee geet (2n + 1)x2"41 ae) 
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Chapter M3 
Elementary Geometry 


M3.1. Plane Geometry 
M3.1.1. Triangles 
> Plane triangle and its properties. 


1°. A plane triangle, or simply a triangle, is a plane figure bounded by three straight line 
segments (sides) connecting three noncollinear points (vertices) (Fig. M3.1a). The smaller 
angle between the two rays issuing from a vertex and passing through the other two vertices 
is called an (interior) angle of the triangle. The angle adjacent to an interior angle is called 
an external angle of the triangle. An external angle is equal to the sum of the two interior 
angles to which it is not adjacent. 


(b) 


Figure M3.1. Plane triangle (a). Midline of a triangle (b). 


A triangle is uniquely determined by any of the following sets of its parts: 


. Two angles and their included side. 
. Two sides and their included angle. 
. Three sides. 


OW N = 


Depending on the angles, a triangle is said to be: 


. Acute if all three angles are acute. 
. Right (or right-angled) if one of the angles is right. 
. Obtuse if one of the angles is obtuse. 


W N — 


Depending on the relation between the side lengths, a triangle is said to be: 


. Regular (or equilateral) if all sides have the same length. 
. Isosceles if two of the sides are of equal length. 
. Scalene if all sides have different lengths. 


U N =e 


2”. Congruence tests for triangles: 

1. If two sides of a triangle and their included angle are congruent to the corresponding 
parts of another triangle, then the triangles are congruent. 

2. If two angles of a triangle and their included side are congruent to the corresponding 
parts of another triangle, then the triangles are congruent. 


37 
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3. If three sides of a triangle are congruent to the corresponding sides of another triangle, 
then the triangles are congruent. 


3°. Triangles are said to be similar if their corresponding angles are equal and their corre- 
sponding sides are proportional. 


Similarity tests for triangles: 


1. If all three pairs of corresponding sides in a pair of triangles are in proportion, then the 
triangles are similar. 

2. Iftwo pairs of corresponding angles in a pair of triangles are congruent, then the triangles 
are similar. 

3. If two pairs of corresponding sides in a pair of triangles are in proportion and the 
included angles are congruent, then the triangles are similar. 


The areas of similar triangles are proportional to the squares of the corresponding linear 
parts (such as sides, altitudes, medians, etc.). 


4°. The line connecting the midpoints of two sides of a triangle is called a midline of the 
triangle. The midline is parallel to and half as long as the third side (Fig. M3.1b). 

Let a, b, and c be the lengths of the sides of a triangle; let a, 6, and y be the respective 
opposite angles (Fig. M3.1a); let R and r be the circumradius and the inradius, respectively; 
and let p = +(a + b +c) be the semiperimeter. 

Table M3.1 represents the basic properties and relations characterizing triangles. 


TABLE M3.1 
Basic properties and relations characterizing plane triangles. 


eee The name of property Properties and relations 
A tans act Dada ode | length of any side of a triangle does not exceed 
& q y the sum of lengths of the other two sides 
Sum of angles of 


Law of sines = = =r 
sinq@ sin in sin y 


= ee Ta 


Law of tangents 
tan| HC ~ tan| BCE 


Theorem on projections c=acosB+bcosa 
(law of cosines) E 
-p-d - POSO 
ab ab ” 


ee E 

Trigonometric s27 
angle formulas Saye . ) 
tan E A siny = — OE 


p(p—c) 


3 cos | 5 (a — B)| cos|>(a- 


q 8) 
me) y aN 
7 sin| + (a — B)] heey > 


(a + p) 


Mollweide’s formulas 


COS ( > y) sin 
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Table M3.2 permits one to find the sides and angles of an arbitrary triangle 1f three 
appropriately chosen sides and/or angles are given. From the relations given in Tables M3.1 
and M3.2, one can derive all missing relations by cyclic permutations of the sides a, b, and c 
and the angles a, 6, and y. 


TABLE M3.2 
Solution of plane triangles. 


po MESS Formulas for the remaining parts 
specified 


Three sides First a O A 
a,b,c ; ; A b? + ea? 
One of the angles is determined by the law of cosines, cos a = -e 
C 
Then either the law of sines or the law of cosines is applied. 


Second method. 
One of the angles is determined by trigonometric angle formulas. Further 
proceed in a similar way. 


Remark. The sum of lengths of any two sides must be greater than the length of 
the third side. 


Two sides a, 6 | First method. 
and the included] The side c is determined by the law of cosines, c = y a? + b? — 2ab cos y. 
angle y The angle a 1s determined by either the law of cosines or the law of sines. The 
angle 3 is determined from the sum of angles in triangle, 8 = 180° —a-—y. 


Second method. 
a+ is found from the sum of angles in triangle, a + 8 = 180° — y; 
— —b 
a— is found from the law of tangents, tan A > cot E 
a 
Then a and (@ can be found. The third side c is determined by either the law of 
cosines or the law of sines. 


A side c The third angle y is found from the sum of angles in triangle, y = 180° —a— 6. 
and the two Sides a and b are determined by the law of sines. 
angles a, 3 
adjacent to it 


b 
Two sides a,b | The second angle is determined by the law of sines, sin 8 = — sina. 
a 


and the angle @ | The third angle is y = 180° — a — 2. 3 
Opposite one Zune 


of them The third side is determined by the law of sines, c = a a 

Remark. Five cases are possible: 

1. a > b; i.e., the angle is opposite the greater side. Then a > 5, 6 < 90° (the larger 
angle is opposite the larger side), and the triangle is determined uniquely. 

2. a = b; i.e., the triangle is isosceles and is determined uniquely. 

3. a < band bsina < a. Then there are two solutions, 61 + 6, = 180°. 

4. a < band bsina = a. Then the solution is unique, 8 = 90°. 


5. a < band bsina > a. Then there are no solutions. 


> Medians, angle bisectors, and altitudes of a triangle. A straight line through a 
vertex of a triangle and the midpoint of the opposite side is called a median of the triangle 
(Fig. M3.2a). The three medians of a triangle intersect in a single point lying strictly inside 
the triangle, which is called the centroid or center of gravity of the triangle. This point cuts 
the medians in the ratio 2 : 1 (counting from the corresponding vertices). 

The length of the median m, to the side a is equal to 


1 1 
Ma = ¿VA + (2) - a? = ¿y + 4b? — 4ab cos y. (M3.1.1.1) 
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Figure M3.2. Medians (a), angle bisectors (b), and altitudes (c) of a triangle. 


An angle bisector of a triangle 1s a line segment between a vertex and a point of the 
opposite side and dividing the angle at that vertex into two equal parts (Fig. M3.2b). The 
three angle bisectors intersect in a single point lying strictly inside the triangle. This point 
1s equidistant from all sides and is called the incenter (the center of the incircle of the 
triangle). The angle bisector through a vertex cuts the opposite side in ratio proportional to 
the adjacent sides of the triangle. 

The length of the angle bisector /, drawn to the side a is given by the formulas 


y bc[(b+cy?—a?] y 4p(p-a)be 


E A E 


b+c b+c 
_ 2eboos($a) p _sinpsiny nani) A 
a b+¢ y cos|5(8 —-y)] sin 3 + sin y 


where R is the circumradius (see below). 

An altitude of a triangle is a straight line passing through a vertex and perpendicular to 
the straight line containing the opposite side (Fig. M3.2c). The three altitudes of a triangle 
intersect in a single point, called the orthocenter of the triangle. 

The length of the altitude ha to the side a is given by the formulas 


b 
ha = bsiny = csin b = a 
, A 4 (M3.1.1.3) 
Ra = 2(p — a) cos + cos = cos > = 2(p — b) sin 7 sin 7 cos a 


The lengths of the altitude, the angle bisector, and the median through the same vertex 
satisfy the inequality hg € la € Ma. If ha = la = Ma, then the triangle is isosceles; moreover, 
the first equality implies the second, and vice versa. 


> Circumcircle and incircle. A straight line passing through the midpoint of a segment 
and perpendicular to 1t 1s called the perpendicular bisector of the segment. The circle 
passing through the vertices of a triangle is called the circumcircle of the triangle. The 
center O; of the circumcircle, called the circumcenter, is the point where the perpendicular 
bisectors of the sides of the triangle meet (Fig. M3.3a). The feet of the perpendiculars 
drawn from a point Q on the circumcircle to the three sides of the triangle lie on the same 
straight line called the Simpson line of Q with respect to the triangle (Fig. M3.3b). The 
circumcenter, the orthocenter, and the centroid lie on a single line, called the Euler line 
(Fig. M3.3c). 

The circle tangent to the three sides of a triangle and lying inside the triangle is called 
the incircle of the triangle. The center O, of the incircle (the incenter) is the point where the 
angle bisectors meet (Fig. M3.4a). The straight lines connecting the vertices of a triangle 
with the points at which the incircle is tangent to the respective opposite sides intersect in 
a single point G called the Gergonne point (Fig. M3.4b). 
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Figure M3.4. The incircle of a triangle (a). The incenter and the Gergonne point (b). 


The inradius r and the circumradius F satisfy the relations 


A PP A A ET, 
p 2° 2° 2 2 
a b C 


r= 
Re = Aa OL 
2sna Ê2sinð 2siny  4cos(5a)cos(+/8) cos(+y) 


The distance d between the circumcenter and the incenter is given by the expression 


d= y R*-2Rr. (M3.1.1.6) 


> Area of a triangle. The area S of a triangle is given by the formulas 


S = aha = 3absin y = rp, (M3.1.1.7) 

S = /p(p—a)(p—b)\(p—c) (Heron's formula), (M3.1.1.8) 
b 

ce iF = 2R? sin a sin 8 sin y, (M3.1.1.9) 


sina sin 3 sin a sin 3 
S= ¿LA M3.1.1.10 
Í 2 sin y 2 sin(a + 0) l ) 


> Right (right-angled) triangles. A right triangle is a triangle with a right angle. The 
side opposite the right angle is called the hypotenuse, and the other two sides are called the 
legs (Fig. M3.5). 
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Figure M3.5. A right triangle. 


The hypotenuse c, the legs a and b, and the angles a and ( opposite the legs satisfy the 
following relations: 


a + 8 = 90°; 
. 3 a nf b 
sin & = cos 8 = —, sinG=cosa=-, 
E F (M3.1.1.11) 
a b 
tan q = cot 8 = —, tan p = cota = —. 
b a 
One also has 
a? +b?=«? (PYTHAGOREAN THEOREM), (M3.1.1.12) 
h? = mn, a? = mac, b = NC, (M3.1.1.13) 


where h is the length of the altitude drawn to the hypotenuse; moreover, the altitude cuts 
the hypotenuse into segments of lengths m and n. 

In a right triangle, the length of the median me drawn from the vertex of the right 
angle coincides with the circumradius F and is equal to half the length of the hypotenuse c, 
mesh = Fc. The inradius is given by the formula r = +(a +b- c). The area of the right 


triangle is S = 5ah, = żab (see also formulas (M3.1.1.4), (M3.1.1.5), and (M3.1.1.9)). 
> Isosceles and equilateral triangles. 


1°. An isosceles triangle is a triangle with two equal sides. These sides are called the legs, 
and the third side is called the base (Fig. M3.6a). 


(a) (b) 


a 


Figure M3.6. An isosceles triangle (a). An equilateral triangle (b). 


Properties of isosceles triangles: 


1. In an isosceles triangle, the angles adjacent to the base are equal. 

2. In an isosceles triangle, the median drawn to the base is the angle bisector and the 
altitude. 

3. In an isosceles triangle, the sum of distances from a point of the base to the legs is 
constant. 
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Criteria for a triangle to be isosceles: 


1. If two angles in a triangle are equal, then the triangle is isosceles. 
2. If a median in a triangle is also an altitude, then the triangle is isosceles. 
3. If a bisector in a triangle is also an altitude, then the triangle is isosceles. 


2°. An equilateral (or regular) triangle is a triangle with all three sides equal (Fig. M3.6b). 
All angles of an equilateral triangle are equal to 60°. In an equilateral triangle, the circum- 
radius FR and the inradius r satisfy the relation R = 2r. 


For an equilateral triangle with side length a, the circumradius and the inradius are given 


by the formulas R = VB q, and r = Ba, and the area is equal to S = V3 Q2 
X 3 6 4 


M3.1.2. Polygons 


> Polygons. Basic information. A polygon is a plane figure bounded by a closed broken 
line. The straight line segments forming a polygon are called its sides (or edges). The 
points at which two sides meet are called the vertices (or corners) of the polygon. Two 
sides sharing a vertex, as well as two successive vertices (the endpoints of the same edge), 
are said to be adjacent. A polygon is said to be convex if it lies on one side of any straight 
line passing through two neighboring vertices. In what follows, we consider only simple 
convex polygons. 

An (interior) angle of a convex polygon is the angle between two sides meeting in a 
vertex. A convex polygon is said to be inscribed in a circle if all of its vertices lie on the 
circle. A polygon is said to be circumscribed about a circle if all of its sides are tangent to 
the circle. 

For a convex polygon with n sides, the sum of interior angles is equal to 180°(n — 2). 

One can find the area of an arbitrary polygon by dividing it into triangles. 


> Properties of quadrilaterals. 

1. The diagonals of a convex quadrilateral meet. 

2. The sum of interior angles of a convex quadrilateral equals 360° (Figs. M3.7a and b). 

3. The lengths of the sides a, b, c, and d, the diagonals dı and d2, and the segment 
m connecting the midpoints of the diagonals satisfy the relation a? + b? + œ + œ = 
d+ +d5+4m?. 

4. A convex quadrilateral is circumscribed if and only if a+c=b+d. 

5. A convex quadrilateral is inscribed if and only if a+ y =P +0. 

6. The relation ac + bd = didz holds for inscribed quadrilaterals (PTOLEMY’S THEOREM). 


Figure M3.7. Quadrilaterals. 


> Areas of quadrilaterals. The area of a convex quadrilateral is equal to 


1 
DS 744 sin Y = 4/ p(p — aMp — b)(p — c)(p — d) — abcd cos? a a (M3.1.2.1) 


where y is the angle between the diagonals dı and dz and p = 5(a +b+c+d). 
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The area of an inscribed quadrilateral 1s 


S = y p - a)(p — b)(p - c)(p — d). (M3.1.2.2) 


The area of a circumscribed quadrilateral 1s 


S = 4] abcd sin? En (M3.1.2.3) 


1°. A parallelogram is a quadrilateral such that both pairs of opposite sides are parallel 
(Fig. M3.8a). 


> Basic quadrilaterals. 


(a) (b) 


Figure M3.8. A parallelogram (a) and a rhombus (b). 


Attributes of parallelograms (a quadrilateral is a parallelogram if): 
. Both pairs of opposite sides have equal length. 
. Both pairs of opposite angles are equal. 
. Two opposite sides are parallel and have equal length. 


W N =e 


Properties of parallelograms: 


. The diagonals meet and bisect each other. 

. Opposite sides have equal length, and opposite angles are equal. 

. The diagonals and the sides satisfy the relation di + d? = 2(a? + b°). 
. The area of a parallelogram is S = ah, where h is the altitude. 


UN Re 


2°. A rhombus is a parallelogram in which all sides are of equal length (Fig. M3.8D). 


Properties of rhombi: 


1. The diagonals are perpendicular. 
2. The diagonals are angle bisectors. 
3. The area of arhombus is S = ah = a? sina = ididh. 


3°. A rectangle is a parallelogram in which all angles are right angles (Fig. M3.9a). 


(a) (b) 


Figure M3.9. A rectangle (a) and a square (b). 
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Properties of rectangles: 
1. The diagonals have equal lengths. 
2. The area of a rectangle is S = ab. 


4”. A square is a rectangle in which all sides have equal lengths (Fig. M3.9b). A square is 
also a rhombus with right angles. 


Properties of squares: 
. All angles are right angles. 


. The diagonals are equal to d = avy2. 
. The diagonals meet at a right angle and are angle bisectors. 


. The area of a square is equal to S = a? = $a. 


BR WN e 


5°. A trapezoid is a quadrilateral in which two sides are parallel and the other two sides are 
nonparallel (Fig. M3.10). The parallel sides a and 6 are called the bases of the trapezoid, 
and the other two sides are called the legs. In an isosceles trapezoid, the legs are of equal 
length. The line segment connecting the midpoints of the legs 1s called the median of the 
trapezoid. The length of the median is equal to half the sum of the lengths of the bases, 


m = 5(a +b). 


Figure M3.10. A trapezoid. 


The perpendicular distance between the bases 1s called the altitude of a trapezoid. 


Properties of trapezoids: 
. A trapezoid is circumscribed if and only ifa+b=c+d. 
. A trapezoid is inscribed if and only if it is isosceles. 
3. The area of a trapezoid is S = +(a + bh = mh = 5d1d) sin y, Where y is the angle 
between the diagonals dı and dp. 
4. The segment connecting the midpoints of the diagonals is parallel to the bases and has 
the length +(b — a). 


> Regular polygons. A convex polygon is said to be regular if all of its sides have the 
same length and all of its interior angles are equal. A convex n-gon is regular if and only if 
it is taken to itself by the rotation by an angle of 2r /n about some point O. The point O is 
called the center of the regular polygon. The angle between two rays issuing from the center 
and passing through two neighboring vertices 1s called the central angle (Fig. M3.11). 


ay 


N me 


Figure M3.11. A regular polygon. 
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Properties of regular polygons: 


The center is equidistant from all vertices as well as from all sides of a regular polygon. 
. A regular polygon is simultaneously inscribed and circumscribed; the centers of the 
circumcircle and the incircle coincide with the center of the polygon itself. 
3. Ina regular polygon, the central angle is œ = 360° /n, the external angle is 8 = 360° /n, 
and the interior angle is y = 180° — 6. 
4. The circumradius fF, the inradius r, and the side length a of a regular polygon satisfy 
the relations 


eae 


a= 2V/ R29? = 2Rsin = =2r tan >. (M3.1.2.4) 
5. The area S of a regular n-gon is given by the formula 


1 
DS — = nr? tan > = nR? sin 5 = qna cot - (M3.1.2.5) 


Table M3.3 presents several useful formulas for regular polygons. 


TABLE M3.3 
Regular polygons (a is the side length). 


DEEN k 1 
1 | Regular polygon Ztan = 2 sin = 7 Un 
Triangle a v3, v3 | 2 
3 4 
MESS 1 
uare = ee 
MESS a a 


DEE 
2 2 2 
DES 


M3.1.3. Circle 


> Some definitions and formulas. A circle is the set of all points in the plane that are 
the same fixed distance R from a fixed point O (Fig. M3.12a). The distance R is called the 
radius of the circle and the point O is called its center. A plane figure bounded by a circle, 
including its interior, is called a disk. A segment connecting two points on a circle is called 
a chord. A chord passing through the center of a circle is called a diameter of the circle 
(Fig. M3.12b). The length of a diameter is d = 2R. A straight line that touches a circle 
at a single point is called a tangent, and the common point is called the point of tangency 
(Fig. M3.12c). A straight line that cuts a circle at two points, an extended chord, is called a 
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(a 0) © 
G 
S 


Figure M3.12. A circle (a), a diameter (b) and a tangent (c) of a circle. 


secant. The angle formed by two radii is called a central angle. The angle formed by two 
chords with a common endpoint is called an inscribed angle. 


Properties of circles and disks: 
. The circumference is L =27R=1d=2vyT6. 
. The area of a disk is S = TR? = and? = 3 Ld. 
. The diameter of a circle 1s a longest chord. 


. The diameter passing through the midpoint of a chord is perpendicular to the chord. 
. The radius drawn to the point of tangency is perpendicular to the tangent. 


. An inscribed angle is half the central angle subtended by the same chord, a = {ZB OC 
(Fig. M3.13a). 


(c) (d) 
E A B 
N7 D y 
a A 
C > 
D C 


Figure M3.13. Properties of circles and disks. 


DD Uu E WN — 


7. The angle between a chord, AC’, and the tangent to the circle at an endpoint, A, of the 
chord is equal to 8 = +ZAOC (Fig. M3.13a). 


8. The angle between two chords, BE and CD, is y = 1(BC + ED) (Fig. M3.135). 
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9. The angle between two secants, AD and AF, is a = 1(DE — BC) (Fig. M3.13c). 
10. The angle between a secant, AF, and the tangent, AF’, to the circle at a point, F’, is 


equal to 3 = 4(FE - BF) (Fig. M3.13c). 
11. The angle between two tangents, AB and AC, is a = 1(BDC — BEC) (Fig. M3.13d). 


12. If two chords, BE and CD, meet, then AC - AD = AB- AE = R?-m*,m=OA 
(Fig. M3.13b). 

13. Forsecants, AE and AD, the relations AC- AD = AB- AE =m?2-R? hold (Fig. M3.13c). 

14. Fora tangent, AF’, and a secant, AD, the relation AF? = AC AD holds (Fig. M3.13c). 


> Segment and sector. A plane figure bounded by two radii and one of the subtended 
arcs 1s called a (circular) sector. A plane figure bounded by an arc and the corresponding 
chord is called a segment (Fig. M3.14a). If R is the radius of the circle, / is the arc length, 


(a) (b) 


NUS 


Figure M3.14. A segment (a) and an annulus (b). 


a is the chord length, a is the central angle (in degrees), and h is the height of the segment, 
then the following relations hold: 


a =2\/2hR—h2 =2Rsin 


2 
_R_ y A a ee, 
a tO Rs cos E) y ng (M3.1.3.1) 


E 2r Ra 


= = 0.01745 , 
l 360 0 Ra 


The area of a circular sector is given by the formula 


IR nRa 
2 360 


= 0.00873 Ra, (M3.1.3.2) 


and the area of a segment not equal to a half-disk is given by 


S1 = + Sa, (M3.1.3.3) 


where Sa 1s the area of the triangle with vertices at the center of the disk and at the endpoints 
of the radii bounding the corresponding sector. One takes the minus sign for a < 180 and 
the plus sign for a > 180. 
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The arc length and the area of a segment can be found by the approximate formulas 


8b — 16h2 
= A 


3 3’ (M3.1.3.4) 
_ h(6a + 8b) 


15 


l 


Sy 


where b is the chord of the half-segment (see Fig. M3.14a). 


> Annulus. An annulus is a plane figure bounded by two concentric circles of distinct 
radii (Fig. M3.14b). Let R be the outer radius of an annulus (the radius of the outer bounding 
circle), and let r be the inner radius (the radius of the inner bounding circle). Then the area 
of the annulus is given by the formula 


S = (BR? - r?) = ¿O - @) = 27pô, (M3.1.3.5) 


where D = 2R and d = 2r are the outer and inner diameters, p = +(R + r) 1s the midradius, 
and ô = R—r is the width of the annulus. 

The area of the part of the annulus contained in a sector of central angle p, given in 
degrees (see Fig. M3.14b), is given by the formula 


TP -p2 2 TP j 2 TP 
ga (Rer D ed e M3.1.3.6 
360° ~" = Tago! ) = 1302 ( ) 


M3.2. Solid Geometry 
M3.2.1. Straight Lines, Planes, and Angles in Space 
> Mutual arrangement of straight lines and planes. 


1°. Two distinct straight lines lying in a single plane either have exactly one point of 
intersection or do not meet at all. In the latter case, they are said to be parallel. If two 
straight lines do not lie in a single plane, then they are called skew lines. 

The angle between skew lines is determined as the angle between lines parallel to them 
and lying in a single plane (Fig. M3.15a). The distance between skew lines is the length of 
the straight line segment that meets both lines and is perpendicular to them. 


(a) (b) 


JE LEY 


Figure M3.15. The angle between skew lines (a). The angle between a line and a plane (b). 


2”. Two distinct planes either intersect in a straight line or do not have common points. 
In the latter case, they are said to be parallel. Coinciding planes are also assumed to be 
parallel. If two planes are perpendicular to a single straight line or each of them contains a 
pair of intersecting straight lines parallel to the corresponding lines in the other pair, then 
the planes are parallel. 
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3°. A straight line either entirely lies in the plane, meets the plane at a single point, or has 
no common points with the plane. In the last case, the line is said to be parallel to the plane. 

The angle between a straight line and a plane is equal to the angle between the line 
and its projection onto the plane (Fig. M3.15b). If a straight line is perpendicular to two 
intersecting straight lines on a plane, then it is perpendicular to each line on the plane, 1.e., 
perpendicular to the plane. 


> Polyhedral angles. 


1°. A dihedral angle is a figure in space formed by two half-planes issuing from a single 
straight line as well as the part of space bounded by these half-planes. The half-planes are 
called the faces of the dihedral angle, and their common straight line is called the edge. 
A dihedral angle is measured by its linear angle ABC (Fig. M3.16a), i.e., by the angle 
between the perpendiculars raised to the edge DE of the dihedral angle in both planes 
(faces) at the same point. 


(a) (b) 


Figure M3.16. A dihedral (a) and a trihedral (b) angle. 


2°. A part of space bounded by an infinite triangular pyramid is called a trihedral angle 
(Fig. M3.16b). The faces of this pyramid are called the faces of the trihedral angle, and the 
vertex of the pyramid is called the vertex of a trihedral angle. The rays in which the faces 
intersect are called the edges of a trihedral angle. The edges form face angles, and the faces 
form the dihedral angles of the trihedral angle. As a rule, one considers trihedral angles 
with dihedral angles less than m (or 180°), i.e., convex trihedral angles. Each face angle of 
a convex trihedral angle is less than the sum of the other two face angles and greater than 
their difference. 


Two trihedral angles are equal if one of the following conditions is satisfied: 


1. Two face angles, together with the included dihedral angle, of the first trihedral angle 
are equal to the respective parts (arranged in the same order) of the second trihedral 
angle. 

2. Two dihedral angles, together with the included face angle, of the first trihedral angle 
are equal to the respective parts (arranged in the same order) of the second trihedral 
angle. 

3. The three face angles of the first trihedral angle are equal to the respective face angles 
(arranged in the same order) of the second trihedral angle. 

4. The three dihedral angles of the first trihedral angle are equal to the respective dihedral 
angles (arranged in the same order) of the second trihedral angle. 


3°. A polyhedral angle OABCDE (Fig. M3.17a) is formed by several planes (faces) 
having a single common point (the vertex) and successively intersecting along straight lines 
OA, OB,..., OE (the edges). Two edges belonging to the same face form a face angle of 
the polyhedral angle, and two neighboring faces form a dihedral angle. 
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(a) 


> 4> 


Figure M3.17. A polyhedral (a) and a solid (b) angle. 


Polyhedral angles are equal (congruent) if one can be transformed into the other by 
translations and rotations. For polyhedral angles to be congruent, the corresponding parts 
(face and dihedral angles) must be equal. 

A convex polyhedral angle lies entirely on one side of each of its faces. The sum 
ZAOB + LBOC +--+ ZEOA of face angles (Fig. M3.17a) of any convex polyhedral 
angle is less that 27 (or 360°). 


4°. A solid angle is a part of space bounded by straight lines issuing from a single point 
(vertex) to all points of some closed curve (Fig. M3.17b). Trihedral and polyhedral angles 
are special cases of solid angles. A solid angle is measured by the area cut by the solid angle 
on the sphere of unit radius centered at the vertex. Solid angles are measured in steradians. 
The entire sphere forms a solid angle of 47 steradians. 


M3.2.2. Polyhedra 


> General concepts. A polyhedron is a closed object formed by intersecting planes. In 
other words, a polyhedron is a set of finitely many plane polygons satisfying the following 
conditions: 


1. Each side of each polygon is simultaneously a side of a unique other polygon, which is 
said to be adjacent to the first polygon (via this side). 

2. From each of the polygons forming a polyhedron, one can reach any other polygon by 
successively passing to adjacent polygons. 


These polygons are called the faces, their sides are called the edges, and their vertices are 
called the vertices of a polyhedron. 

A polyhedron is said to be convex 1f it lies entirely on one side of the plane of any of its 
faces; if a polyhedron is convex, then so are its faces. 


EULER’ S THEOREM. If the number of vertices in a convex polyhedron is v, the number 
of edges is e, and the number of faces is f, then v+ f —e = 2. 


> Prism. Parallelepiped. 


1°. An n-sided prism is a polyhedron in which two faces are equal n-gons (the base faces) 
that lie on parallel planes and have respectively parallel sides, and the remaining n faces 
(joining or lateral faces) are parallelograms; see Fig. M3.18a. A right prism is a prism in 
which the lateral faces are perpendicular to the base faces; otherwise it is an oblique prism. 
A right prism is said to be regular if its base faces are regular polygons. 

If / is the lateral edge length, S is the area of the base face, H is the height of the prism 
(perpendicular distance between the planes of the bases), Fxe. 1s the perimeter of a normal 
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(a) (b) 


Figure M3.18. A prism (a) and a truncated prism (b). 


section, one perpendicular to a lateral edge, and Sye. is the area of a normal section, then 
the area of the lateral surface Silat and the volume V of the prism are given by the formulas 


Stat = Psecl 
M3.2.2.1 
VES = Deel. l ) 
The portion of a prism between one of the bases and a plane nonparallel to it is called a 
truncated prism (Fig. M3.18b). The volume of a truncated prism is 


V = LS), (M3.2.2.2) 


where L is the length of the segment connecting the centroids of the base faces and Sj is 
the area of the section of the prism by a plane perpendicular to this segment. 

The volume of a truncated regular prism (its base being a regular n-gon) is expressed as 

lj tin +. +l 
V = O EROS A 
n 

where Ssec is the area of a normal section and l4, l2, ..., ln are the lengths of the lateral 
edges. 


2°. A prism whose bases are parallelograms is called a parallelepiped. All four diagonals 
in a parallelepiped intersect at a single point and bisect each other (Fig. M3.19a). A 
parallelepiped is said to be rectangular if it is a right prism and its base faces are rectangles. 
In a rectangular parallelepiped, all diagonals are equal (Fig. M3.195b). 


(a) (b) 


Figure M3.19. A parallelepiped (a) and a rectangular parallelepiped (b). 


If a, b, and c are the lengths of the edges of a rectangular parallelepiped, then the 
diagonal d can be determined by the formula d? = a? +b? + c°. The volume of a rectangular 
parallelepiped is given by the formula V = abc, and the lateral surface area is Sia; = PH, 
where P is the perimeter of the base face. 


3°. A rectangular parallelepiped all of whose edges are equal (a = b = c) is called a cube. 
The diagonal of a cube is given by the formula d? = 3a?. The volume of the cube is V = a’, 
and the lateral surface area is Sia = 4a?. 
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> Pyramid, obelisk, and wedge. 


1°. A pyramid is a polyhedron in which one face (the base of the pyramid) is an arbitrary 
polygon and the other (lateral) faces are triangles with a common vertex, called the apex of 
the pyramid (Fig. M3.20a). The base of an n-sided pyramid is an n-gon. The perpendicular 
through the apex to the base of a pyramid is called the altitude (height) of the pyramid. 


(a) (b) 
D 


E 


Figure M3.20. A pyramid (a). The altitude DO, the plane DAE, and the side BC in a triangular pyramid (b). 


The volume of a pyramid is given by the formula 
1 
V = 39H, (M3.2.2.3) 


where S is the area of the base and HH is the altitude of the pyramid. 

If DO is the altitude of the pyramid ABCD and DA | BC, then the plane DAE is 
perpendicular to BC (Fig. M3.20b). 

If the pyramid is cut by a plane (Fig. M3.21a) parallel to the base, then 


SA, SB _ _ S0; 
AA BB OO 

7 (M3.2.2.4) 
SABCDEF _ ( SO 
SABC DEW, SO, ) ' 


where SO is the altitude of the pyramid. 

The altitude of a triangular pyramid passes through the orthocenter of its base if and 
only if all pairs of opposite edges of the pyramid are perpendicular. 

Given the length of the edges, DA =a, DB =b, DC =c, BC =p, AC =q, and AB =r, 
of a triangular pyramid (Fig. M3.21b), its volume can be found from the relation 


0 rr 9 a i 


rT 
¡ r? 0 p v 
as gp 0 èe 1l, (M3.2.2.5) 
2 P 2? 1 
1 1 1 1 0 


where the right-hand side contains a determinant. 

A pyramid is said to be regular if its base is a regular n-gon and the altitude passes 
through the center of the base. The altitude (dropped from the apex) of a lateral face is 
called the apothem of a regular pyramid. For a regular pyramid, the lateral surface area is 


1 
Slat = ¿Ph (M3.2.2.6) 


where P is the perimeter of the base and / is the apothem. 
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Figure M3.21. The original pyramid and a pyramid cut off by a plane (a). A triangular pyramid (b). 


(a) (b) (c) 


Figure M3.22. A frustum of a pyramid (a), an obelisk (b), and a wedge (c). 


2°. Ifa pyramid is cut by a plane parallel to the base, then it splits into two parts: a pyramid 
similar to the original pyramid and the frustum (Fig. M3.22a). The volume of the frustum 
1S 


A A? 


where Sı and 5) are the areas of the bases, a and A are two respective sides of the bases, 
and A is the altitude (the perpendicular distance between the bases). 
For a regular frustum, the lateral surface area is 


1 1 : 
V = ZASI +82 + 8152) = Zh (1 ‘4 =) (M3.2.2.7) 


1 
Slat = A + Pi, (M3.2.2.8) 


where P; and P, are the perimeters of the bases and / is the altitude of the lateral face. 


3°. A hexahedron whose bases are rectangles lying in parallel planes and whose lateral 
faces form equal angles with the base, but do not meet at a single point, is called an obelisk 
(Fig. M3.22b). If a, b and a;, bı are the sides of the bases and h is the altitude, then the 
volume of the hexahedron is 


V = 2a + a1)b + (2a; + a)bı]. (M3.2.2.9) 


4°. A pentahedron whose base is a rectangle and whose lateral faces are isosceles triangles 
and isosceles trapezoids is called a wedge (Fig. M3.22c). The volume of the wedge is 


h 
V = ¿de + a1 )b. (M3.2.2.10) 
> Regular polyhedra. A polyhedron is said to be regular if all of its faces are equal 


regular polygons and all polyhedral angles are equal to each other. There exist five regular 
polyhedra (Fig. M3.23), whose properties are given in Table M3.4. 
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Tetrahedron Cube Octahedron 
L EX 
Dodecahedron Icosahedron 


Figure M3.23. Five regular polyhedra. 


TABLE M3.4 
Regular polyhedra (a is the edge length). 


Number of faces | Number Number 
a 


O Gbe | 6squares | | 6squares | 


E 
Octahedron 8 triangles Ja 3 


M3.2.3. Solids Formed by Revolution of Lines 


> Cylinder. A cylindrical surface is a surface in space swept by a straight line (the gen- 
erator) moving parallel to a given direction along some curve (the directrix) (Fig. M3.24a). 


1°. A solid bounded by a closed cylindrical surface and two planes is called a cylinder; the 
planes are called the bases of the cylinder (Fig. M3.24b). 

If P is the perimeter of the base, Pec 1s the perimeter of the section perpendicular to the 
generator, Sec is the area of this section, Spas is the area of the base, and / is the length of 
the generator, then the lateral surface area Slat and the volume V of the cylinder are given 
by the formulas 

Slat = PH = Pecl, 


V = Shas = Ssecl. 


In a right cylinder, the bases are perpendicular to the generator. In particular, if the 
bases are disks, then one speaks of a right circular cylinder. The volume, the lateral surface 


(M3.2.3.1) 
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Figure M3.24. A cylindrical surface (a). A cylinder (b). 


area, and the total surface area of a right circular cylinder are given by the formulas 


V =7R-H, 
Sia = 27 RH, (M3.2.3.2) 
S =2TR(R+H), 


where R is the radius of the base. 

A right circular cylinder is also called a round cylinder, or simply a cylinder. 
2°. The part of a cylinder cut by a plane nonparallel to the base is called a truncated cylinder 
(Fig. M3.25a). 


(a) (b) (c) 


Figure M3.25. A truncated cylinder (a), a “hoof” (b), and a cylindrical tube (c). 


The volume, the lateral surface area, and the total surface area of a truncated cylinder 
are given by the formulas 


We aaa 
2 > 


Stat = TR A, + Ad), 


H)-H,\ 
H,+H+R+ m+ (BoA) | 


(M3.2.3.3) 


Srk > 


where H, and H, are the maximal and minimal generators. 
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3°. A segment of a round cylinder (a “hoof” ) is a portion of the cylinder cut by a plane that 
is nonparallel to the base and intersects it. If R is the radius of the cylindrical segment, h is 
the height of the “hoof,” and b is its width (for the other notation, see Fig. M3.25b), then the 
volume V and the lateral surface area Slat of the “hoof” can be determined by the formulas 


h hR’ in? 
V = 35 [a(3R? a) + 3R*(b— R)a| =- (sin Q — — ae Q COS a) , 
— (M3.2.3.4) 
T 
Slat = ~z [O - Hija + al, 
where a = + is measured in radians. 


4°. A solid bounded by two closed cylindrical surfaces and two planes is called a cylindrical 
tube; the planes are called the bases of the tube. The volume of a round cylindrical tube 
(Fig. M3.25c) is 


V = 7H (BR -r’) =1H0QR-r)=1H0Qr + 0) =27H0)p, (M3.2.3.5) 
where R and r are the outer and inner radii, ô = R—r is the thickness, p = 5(R + r) 1s the 
midradius, and H is the height of the pipe. 
> Conical surface. Cone. Frustum of cone. A conical surface is the union of straight 


lines (generators) passing through a fixed point (the apex) in space and any point of some 
space curve (the directrix) (Fig. M3.26a). 


(a) (b) (c) (d) 


foe 


Figure M3.26. Conical surface (a). A cone (b), a right circular cone (c), and a frustum of a cone (d). 


1°. A solid bounded by a conical surface with closed directrix and a plane is called a cone; 
the plane is the base of the cone (Fig. M3.26b). The volume of an arbitrary cone is given 
by the formula 


1 
V = 34 Ibas» (M3.2.3.6) 


where H is the altitude of the cone and Spas 1s the area of the base. 

A right circular cone (Fig. M3.26c) has a disk as the base, and its vertex is projected 
onto the center of the disk. If / is the length of the generator and R is the radius of the base, 
then the volume, the lateral surface area, and the total surface area of the right circular cone 
are given by the formulas 


1 
= TERR, 
M3.2.3.7 
Sia = TRL = rRvy R2 + H?, ( ) 
S=TR(R +0. 
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2”. If a cone is cut by a plane parallel to the base, then we obtain a frustum of a cone 
(Fig. M3.26d). The length l of the generator, the volume V, the lateral surface area Sat, 
and the total surface area S of the frustum of a right circular cone are given by the formulas 


l= /h?2+(R-r), 

h 
Y= TR +r? + Rr), 
Silat = TUR + r), 


S=r[l(R+r)+R +r”, 
where r is the radius of the upper base and A is the altitude of the frustum of a cone. 


(M3.2.3.8) 


> Sphere. Spherical parts. The torus. 


1°. A sphere is the set of all points in space that are the same distance R from a fixed 
point O (Fig. M3.27a). The distance R is called the radius of the sphere and the point O 
is called its center. A straight line segment that passes through the center of a sphere and 
whose endpoints are on the sphere is called a diameter of the sphere. A solid formed by 
a sphere together with its interior is called a ball. Any section of the sphere by a plane is 
a circle. The section of the sphere by a plane passing through its center is called a great 
circle of radius R. There exists exactly one great circle passing through two arbitrary points 
on the sphere that are not antipodal (1.e., are not the opposite endpoints of a diameter); the 
smaller arc of this great circle is the shortest distance on the sphere between these points. 
The surface area S of a sphere and the volume V of the ball bounded by the sphere are 


given by 
S = 4r R? = nD? = V36nV2, 
4rR? rD? 1 /= (M3.2.3.9) 
V A O A ==. 
3 6 6V T 
where D = 2R is the diameter of the sphere. 
(a) (b) (c) 
h 
R 
2a 


Figure M3.27. A sphere (a), a spherical cap (b), and a spherical sector (c). 


2°. A portion of a ball cut from it by a plane is called a spherical cap (Fig. M3.27b). The 
width a (base radius), the area Slat of the curved surface, the total surface area S, and the 
volume V of a spherical cap can be found from the formulas 


a? =hQR-h), 
Sta = 2 Rh = (a? + h”), 
S = Sta + 7a” = T(2Rh + a?) = n(h? + 2a”), (M3.2.3.10) 


h h? 
Ve Ga +h2)= = BR- h), 


where R and h are the radius and the height of the spherical cap. 
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3°. A portion of a ball bounded by the curved surface of a spherical cap and the conical 
surface whose base is the base of the cap and whose vertex is the center of the ball is called 
a spherical sector (Fig. M3.27c). The total surface area S and the volume V of a spherical 
sector are given by the formulas 


S=7R2h +a), 
(M3.2.3.11) 


2 
V = <7Rh, 
3 
where a is the width of the spherical cap, h is its height, and R is the radius of the sector. 


4°. A portion of a ball contained between two parallel plane secants is called a spherical 
segment (Fig. M3.28a). The curved surface of a spherical segment is called a spherical 
zone, and the plane circular surfaces are the bases of a spherical segment. The radius R of 
the ball, the radii a and 6 of the bases, and the height h of a spherical segment satisfy the 


relation se ene 
-b-h 
R? =a? + (<=) l (M3.2.3.12) 


The curved surface area Slat, the total surface area S, and the volume V of a spherical 
segment are given by the formulas 


Slat = 2r Rh, 
S = Sia + Ta" +07) = HORA + a? + b°), (M3.2.3.13) 


h 
V= Ga? +30? + h2), 


(a) (b) 


Figure M3.28. A spherical segment (a) and a spherical segment without the truncated cone inscribed in it (b). 
A torus (c). 


If V is the volume of the truncated cone inscribed in a spherical segment (Fig. M3.28b) 


and / is the length of its generator, then V — Vj = mh 


5°. A torus is a surface generated by revolving a circle about an axis coplanar with the 
circle but not intersecting it (Fig. M3.28c). If r is the radius of the circle being rotated and 
R is the distance from its center to the axis of revolution (R > r), then the surface area and 
the volume of the torus are given by 


S = 4r° Rr = r° Dd, 


2 m7 
Dd 
V = 27 Rr = A, 
4 
where d = 2r and D = 2R are the diameters of the generating circle and the circle of 


revolution. 
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Chapter MA4 
Analytic Geometry 


M4.1. Points, Segments, and Coordinate Plane 
M4.1.1. Cartesian and Polar Coordinates on Plane 


> Rectangular Cartesian coordinates in the plane. A rectangular Cartesian coordinate 
system consists of two mutually perpendicular directed lines, called coordinate axes, each 
treated as a number line (see Subsection M6.1.1). The point of intersection of the axes is 
called the origin and usually labeled with the letter O, while the axes themselves are called 
the coordinate axes. As a rule, one of the coordinate axes is horizontal, directed from left to 
right, and called the abscissa axis. The other axis is vertical, directed upwards, and called the 
ordinate axis. The two axes are usually denoted by X or OX and Y or OY, respectively, 
and the coordinate system itself is denoted by XY or OXY. The two coordinate axes 
divide the plane into four parts, which are called quadrants and numbered I, II, IM, and IV 
counterclockwise as shown in Fig. M4.1. 


Il I 
yi Sa = -MC Yo) 
| 


II IV 


Figure M4.1. A rectangular Cartesian coordinate system. 


Each point M in the plane is uniquely defined by a pair of real numbers (xo, yo), called 
its coordinates, which specify its projections onto the X- and Y -axes. The numbers xo 
and yo are called, respectively, the abscissa and the ordinate of the point M. 


Remark. Strictly speaking, the coordinate system introduced above is a right rectangular Cartesian 
coordinate system. A left rectangular Cartesian coordinate system can, for example, be obtained by changing 
the direction of one of the axes. A right rectangular Cartesian coordinate system is usually called simply a 
Cartesian coordinate system. 


If A and B are two points in the plane, then the length of the segment AB will be 
denoted | AB). 


> Polar coordinates. A polar coordinate system is determined by a point O called the 
pole, a ray OA issuing from this point, which is called the polar axis, a scale segment 
for measuring lengths, and the positive sense of rotation around the pole. Usually, the 
counterclockwise sense is assumed to be positive (see Fig. M4.2a). 


61 
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The position of each point M on the plane is determined by two polar coordinates, 
the polar radius p = |OM| and the polar angle 0 = ZAOM (the values of the angle 0 are 
defined up to an additive term 27n, where n is an integer). To be definite, one usually 
assumes that O < 0 < 27 or —r < 0 < m. The polar radius of the pole is zero, and its polar 
angle does not have any definite value. 


O A O x X 


Figure M4.2. A polar coordinate system (a). Relationship between Cartesian and polar coordinates (b). 


> Relationship between Cartesian and polar coordinates. Suppose that M is an 
arbitrary point in the plane, (x, y) are its rectangular Cartesian coordinates, and (p, 0) are 
its polar coordinates (see Fig. M4.2b). The transformation from one coordinate system to 
the other is expressed by the formulas 


A ee 
x = pcos 6, ae PENT tY", (M4.1.1.1) 
y = psin 0 tan O = y/z, 


where the polar angle 0 is determined with regard to the quadrant where the point M lies. 


Example. Let us find the polar coordinates p, 0 (0 < 0 < 27) of the point M whose Cartesian coordinates 
are £ = —3, y = —3. 


From formulas (M4.1.1.1), we obtain p = y (3? + (-3)? = 3v2 and tan 0 = == = 1. Since the point M 


lies in the third quadrant, we have 0 = arctan 1 + m = or. 


M4.1.2. Distance Between Points. Division of Segment in Given 
Ratio. Area of a Polygon 


> Distance between points on plane. The distance d between two arbitrary points 
Aj4(21,y1) and A2(x2, y2) on the plane is given by the formula 


d = 4/ (£2 — LY + (y, - y1Y, 


where x and y with the respective subscripts are the Cartesian coordinates of these points, 


and by the formula 
d= p; + ps = 2p1p2 cos(2 = 01), 


where p and @ with the respective subscripts are the polar coordinates of these points. 

> Angles between segments. The angle 6 between arbitrary segments A; Az and A344 
joining the points A1(x21,Y41), Ao(x%2, Y2) and A3(x3, Y3), As(xza, ya), respectively, can be 
found from the relation 


(12 — £1 (14 — 23) + (Y2 — Y1MYa — Y3) 


y (£2 = £1} + (y2 — y1} y (£4 — £3} + (ya — ya) | 


cos O = 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 62 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 63 


M4.1. POINTS, SEGMENTS, AND COORDINATE PLANE 63 


> Division of a segment in a given ratio. Given two points, A(x1,y,) and B(x, yo), 
and a number A, the coordinates of the point M(x, y) dividing the segment AB in the 
ratio A=|AM!| : |M B| are expressed as 


£1 + AX. Yı + Ay 
t = ———_, = ===. M4.1.2.1 

1+A 1+. N ) 

Example. Find the coordinates of the midpoint of a segment AB. 
+ 
The midpoint of the segment corresponds to A=1. Substituting this value into (M4.1.2.1) gives x= => , 
_ YiT+Y 
y aa J Ñ 


> Area of a triangle. The area 53 of the triangle with vertices 41, A2, and Az is given by 
the formula 


1 
£53 = y [E2 — 21 My3 - y1) — (23-202 - y1)] 


1 _ _ 1 21 Yi 1 
= > i B e Y2 B yı = 2 st) Y2 1 ; (M4.1.2.2) 
3 1 Y3-Y1 T3 Y3 1 


where x and y with respective subscripts are the Cartesian coordinates of the vertices, and 
by the formula 


1 , , : 
153 = z [P12 sin(@ — 01) + p2p3 sin(03 — 02) + p3p1 sin(ð1 —03)],  (M4.1.2.3) 


where p and @ with respective subscripts are the polar coordinates of the vertices. In 
formulas (M4.1.2.2) and (M4.1.2.3), one takes the plus sign if the vertices are numbered 
counterclockwise (see Fig. M4.3a) and the minus sign otherwise. 


Figure M4.3. Area of a triangle (a) and of a polygon (b). 


> Area of a polygon. The area S,, of the polygon with vertices A;,..., An is given by 
the formula 


1 
E Sn = z (21 — £2)(yY1 + Ya) + (£2 — 73 Mya + Y3) +- -` + (£n — 21 MYn +y1)], (M4.1.2.4) 


where x and y with respective subscripts are the Cartesian coordinates of the vertices, and 
by the formula 


1 
ESn = z [P1P2 sin(0) — 01) + p2p3 sin(3 — 02) +--+ + pnp sin(01 — 0, )],  (M4.1.2.5) 


where p and 0 with respective subscripts are the polar coordinates of the vertices. In 
formulas (M4.1.2.4) and (M4.1.2.5), one takes the plus sign if the vertices are numbered 
counterclockwise (see Fig. M4.3b) and the minus sign otherwise. 


Remark. One often says that formulas (M4.1.2.2)(M4.1.2.5) express the oriented area of the corre- 
sponding figures. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 63 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 64 


64 ANALYTIC GEOMETRY 


M4.2. Straight Lines and Points on Plane 
M4.2.1. Equations of Straight Lines on Plane 


> Equation of a curve. Given a coordinate system, the set of all points in the plane can 
be treated as the set of various pairs of numbers zx, y. Relations imposed upon x and y 
define subsets of the plane. 
A line in the plane is usually defined using an equation relating the Cartesian coordinates 
x and y. An equation 
F(a, y) =0 


is an equation of a curve in the plane if the coordinates of all the points lying on the curve 
satisfy the equation and the coordinates of all those points that do not lie on the curve do 
not satisfy it. 


Example 1. Derive an equation of the line all of whose points are equidistant from the points A(0, 2) and 
B(4, -2). 
Let M(x, y) be a point that belongs to the line. For the distances to A and B, we have 


AA M=yx+(y-2%  p(B,M)= y (c-4) + (y + 2). 


It follows from the relation p(A, M) = p(B, M) that a+ (y— 2)? =(2-4) + (y+ 27. Expanding and collecting 
similar terms yields y = x — 2, which is an equation that determines a straight line. 


Parametric equations of a curve on the plane have the form 


z=), y=), 
where x and y are treated as the coordinates of some point M for each value of the variable 
parameter t. 
> Slope-intercept equation of a straight line. The slope-intercept equation of a straight 
line in the rectangular Cartesian coordinate system OXY has the form 


y = kx + b, (M4.2.1.1) 


where k = tan y is the slope of the line and b is the y-intercept of the line, i.e., the signed 
distance from the point of intersection of the line with the ordinate axis to the origin. 
Equation (M4.2.1.1) is meaningful for any straight line that is not perpendicular to the 
abscissa axis (see Fig. M4.4a). 


(a) (b) 


Figure M4.4. Straight lines on plane. 
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If a straight line is not perpendicular to the O X-axis, then its equation can be written 
as (M4.2.1.1), but if a straight line is perpendicular to the OX -axis, then its equation can 
be written as 

=a: (M4.2.1.2) 


where a is the abscissa of the point of intersection of this line with the OX -axis (see 
Fig. M4.4b). 
For the slope of a straight line, we also have the formula 


pee (M4.2.1.3) 
LE) — T1 


where A1(x1,y1) and A>(z>, y2) are two arbitrary points of the line. 


> Point-slope equation of a straight line. In the rectangular Cartesian coordinate sys- 
tem OXY, the equation of a straight line with slope k passing through a point A(7, y1) 
has the form 

yY -yı = k(x — x1). (M4.2.1.4) 


If we set x; = 0 and y; = b in equation (M4.2.1.4), then we obtain equation (M4.2.1.1). 


> Equation of a straight line passing through two given points. The equation of a 
straight line passing through two distinct points A; (£1, y1) and A2(x>, y2) has the form 


t-i _ Y-yı 
T2 — T1 y2 -Yı 


(xı + £2, Y; Yo). (M4.2.1.5) 


If x, = x2, this equation degenerates into x = x1. If y; = yo, the equation becomes y = yj. 


Example 2. Let us derive the equation of the straight line passing through the points Aı(5, 1) and A2(7, 3). 
Substituting the coordinates of these points into formula (M4.2.1.5), we obtain 


=>  yel 
ke 


> General equation of a straight line. A linear equation of the form 


or y=x-4, 


Ar+By+C=0 (A*+B’ #0) (M4.2.1.6) 


is called the general equation of a straight line in the rectangular Cartesian coordinate 

system OXY. In rectangular Cartesian coordinates, each straight line is determined by an 

equation of degree 1, and, conversely, each equation of degree 1 determines a straight line. 
If B #0, then equation (M4.2.1.6) can be written as (M4.2.1.1), where k = —A/B and 

b=-C/B. 
Special cases of equation (M4.2.1.6): 

1. If A=0 and B £0, then the equation becomes y = —C/B and determines a straight line 
parallel to the axis OX. 

2. If B=Oand A #0, then the equation becomes x = —C'/A and determines a straight line 
parallel to the axis OY. 

3. If C =0, then the equation becomes Ax + By = 0 and determines a straight line passing 
through the origin. 


> General equation of a straight line passing through a given point. In the rectangular 
Cartesian coordinate system OXY, the general equation of a straight line passing through 
a point M (x1, y;) in the plane has the form 


A(x- 21) + Bly- y1) = 0. (M4.2.1.7) 
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> Parametric equations of a straight line. In the rectangular Cartesian coordinate sys- 
tem OXY, a straight line passing through a point M (x1, y;) in the plane can be represented 
by the parametric equations 


x=x,+At, y=y,+ Bt, (M4.2.1.8) 


where A and B are constants and t is a variable parameter. 
A straight line passing through two points, Mi (x1, y1) and M>(x), y2), can be represented 
by the parametric equations 
x= x,(1-t)+ xt, 


y =y (1-10) + yot. 


> Intercept-intercept equation of a straight line. The general equation of a straight line 
can be rewritten in the form 


(M4.2.1.9) 


€ yY 

—+—=1, 

a b 
which is called the intercept-intercept equation of a straight line. The numbers a and b are 
the x- and y-intercepts of the straight line, 1.e., the signed distances from the origin to the 


points at which the straight line crosses the coordinate axes (see Fig. M4.5). 


Figure M4.5. A straight line with intercept-intercept equation. 


> Equation of a pencil of straight lines. The set of all straight lines passing through a 
fixed point M in the plane is called a pencil of straight lines, and the point M itself is called 
the center of the pencil. The equation determining all straight lines in the pencil is called 
the equation of the pencil. 


1°. Given the Cartesian coordinates of the pencil center M (x1, y1), then the equation of any 
straight line in the pencil has the form (M4.2.1.7), where A and B are arbitrary constants. 


2°. If the equations of two straight lines in the pencil are known, Ax + Byy + C; = 0 
and Ax + Boy + C2 = 0, then the equation of the pencil can be written as 


a(A;x+ Biy +C1)+ G(Arxr + Boy + Cr) = 0, 


where a and 6 are any numbers that are not simultaneously zero. 


M4.2.2. Mutual Arrangement of Points and Straight Lines 


> Condition for three points to be collinear. Suppose there are three distinct points, 
My (x1, y1), Mo(x2, Y2), and M3(x3, y3), given in the Cartesian coordinate system OX Y on 
the plane. They are collinear (lie on the same straight line) 1f and only if 


ry yı 1l 
£2 Ya 1|=21Y2+22Y3 + £3Y1 — T1Y3 — 22Y1 — 23Y2 = Q. 
£3 yz l 
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This condition reflects the fact that the area of the triangle with vertices at the above points 
1s zero; cf. Eq. (M4.1.2.2). 

> Distance from a point to a straight line. The distance d from a point M (xo, yo) to a 
straight line given by the general equation Ax + By + C = 0 can be calculated as 


d= |Axo + Byo + C| 
v A? + B? 


Example 1. Let us find the distance from the point M (2, 1) to the straight line 3x — 4y + 8 = 0. We use 
formula (M4.2.2.1) to obtain 


(M4.2.2.1) 


gj- 3:2-4-1+8| _ 10 


=p 
V32 +4 5 


> Angle between two straight lines. 
1°. If two straight lines are given by the equations 


y= kya + b4, 
y = kax + bo, 


where kı = tan ~ and kz = tan y, are the slopes of the respective lines (see Fig. M4.6), the 
angle a between these straight lines is determined by the formula 


ko — ky 
t = —_—_ kiko 4-1). 
an a re (k1k, 4-1) 


If kı = kp, the straight lines are parallel (a = 0). 
If k, ky =-—1, the straight lines are perpendicular (a = +7). 


Figure M4.6. Angle between two straight lines. 


Example 2. Given a triangle with vertices A(2, 0), B(Q, 4), and C(4, 0), derive the equations of the side 
BC and the altitude AH. 
DL ys 


Using (M4.2.1.5), one finds an equation for the side BC: ao ca: 


the slope of this straight line is kgo =-—2. The above condition for two straight lines to be perpendicular gives 


or y = —2x + 8. It follows that 


1 l l . 
kan = an Using equation (M4.2.1.4), one obtains the equation for the altitude AH: y-0= (x +2) 
BC 
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2”. If two straight lines are defined by the general equations 


Aix+ Biy+C; = 0% 


M4.2.2.2 
Ax + B2y+C)=0, ) 


the angle a between them can be calculated from 


AB,- AB; 


De a A, A, + B,B> #0). 
ED (A, 42 + B1b) #0) 


tan Q 
If A; By — A. Bı = 0 (or 41/42 = B¡/B)), the straight lines are parallel. 
If 414) + Bı B2 = 0, the straight lines are perpendicular. 
> Point of intersection of straight lines. Suppose that two straight lines are defined by 
general equations in the form (M4.2.2.2). Each common solution of equations (M4.2.2.2) 


determines a common point of the two lines. 
If the determinant of system (M4.2.2.2) is not zero, 1.e., 


Ay Bı 


A B = A, Bə — A,B, +0, 


then the system is consistent and has a unique solution; hence, these straight lines are 
distinct and nonparallel and meet at the point A(x£ọ, yo), where 


= By - BoC, Y C1 A> — C2 A 


aa A; By — Ar Bı’ ll A; By — Ar Bı 


> Distance between parallel lines. The distance between the parallel lines given by 
equations 
Ax + Byyt+ Ci =0 and Aix + Biy+ Oy =0 


can be found using the formula 
J- IC, — C| 


M4.3. Quadratic Curves 
M4.3.1. Circle 


> Equations of a circle in the Cartesian coordinate system. The canonical equation of 
a circle in a rectangular Cartesian coordinate system OXY has the form 


r? + y? = a’, (M4.3.1.1) 
where the point O(0, 0) is the center of the circle and a > 0 is its radius (see Fig. M4.7a). 
The circle defined by equation (M4.3.1.1) is the locus of points equidistant (lying at the 


distance a) from its center. 
The circle with radius a and center A(xo, yo) is defined by the equation 


(1-10 + (y -y =a’. (M4.3.1.2) 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 68 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


M4.3. QUADRATIC CURVES 69 


Y (a) 
a M 


Figure M4.7. Circle. 


The circle that passes through three noncollinear points A¡(x1,Yy1), A2(£2, y2), and 
A3(x3, y3) can be described by the determinant equation 


dry xz y 1 


A + Yi zı Yj 1 0 
a. + y T2 Y 1 o 
2 2 1 


T3 + Y; T3 Y3 


The area of the disk bounded by a circle of radius a is given by the formula S = za’. 


The circumference of this circle is L = 27a. The area of the figure bounded by the circle 
and a chord with endpoints M (xo, yo) and N(%o,—yo), shaded in Fig. 4.7b, is expressed as 


2 
TA . Xp 
S = — + z04/a2 — 2? + a? arcsin —. 
2 0 a 


See also Subsection M3.1.3. 
> Other equations of a circle. The equation of the circle (M4.3.1.1) can be represented 
in parametric form as 
x=acosé, y=asinb, 


where the polar angle 0 plays the role of the variable parameter. 
In the polar coordinate system, the equation of the circle (M4.3.1.1) becomes 


p=a. 


Note that it does not contain the polar angle 0. 


M4.3.2. Ellipse 


> Definition and the canonical equation of an ellipse. An ellipse is the locus of points 
in the plane the sum of whose distances to two points, Fi and F>, is a constant quantity, 
denoted 2a; see Fig. M4.8 a. Either of the points F and F> is called a focus of the ellipse 
and the distance between them, p(F, F2) = 2c, is called the focal distance. 

In the rectangular Cartesian coordinate system where the X-axis is the straight line 
passing through the foci, the origin O coincides with the midpoint of the segment F F2, and 
the Y-axis passes through O and is perpendicular to the X-axis, as shown in Fig. M4.8 a, 
the equation of the ellipse has the simplest form 


=1. (M4.3.2.1) 
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Figure M4.8. Ellipse (a). Tangent to an ellipse and the optical property of an ellipse (b). 


Equation (M4.3.2.1) is called the canonical equation of the ellipse. Here, 1t is assumed that 
a=b>0. 

The positive numbers a and b are called, respectively, the semimajor axis and semiminor 
axis of the ellipse, with b = Va*—c?. The number c = va?*-—b? is called the linear 
eccentricity of the ellipse. The number e = c/a = y'1-—b“/a? is called the eccentricity or 
the numerical eccentricity of the ellipse, with O < e < 1. The number p = b?/ a is called the 
focal parameter (or simply the parameter) of the ellipse. 

The point O(0, 0) is called the center of the ellipse. The points of intersection of the 
ellipse with the axes of symmetry, A¡(=a, 0), A2(a, 0) and B¡(0,—b), B2(0, b), are called its 
vertices. The straight line passing through the foci of an ellipse is known as its major axis 
and is sometimes called its focal axis. Either of the straight lines z = ta/e (e + 0) is called 
a directrix of the ellipse. The focus F>(c, 0) and the directrix x = a/e are said to be right, 
and the focus F\(—c, 0) and the directrix x = —a/e are said to be left. 


Remark. For a = b (c = 0), equation (M4.3.2.1) becomes x’ + y? = a” and determines a circle. 


The area of the figure bounded by the ellipse is given by the formula S = mab. The length 


of the ellipse can be calculated approximately by the formula L = 7 BRS (a+ b)— Vab l / 

> Focal and focus-directrix properties of an ellipse. The segments joining a point 
M(x,y) of an ellipse with the foci F1(=c, 0) and F (c, 0) are called the left and right focal 
radii of this point. We denote the lengths of the left and right focal radii by rı = |F; M| and 
r2 = |F,M|, respectively (see Fig. M4.8 b). By the definition of an ellipse, 


ri +r = 2a, 


where rı and r satisfy the relations 


rı =4/(@ +c} +y =a+er, m=1/(e-o+y* =a-ex. 


The ellipse determined by equation (M4.3.2.1) on the plane is the locus of points for 
which the ratio of distances to a focus and the like directrix is equal to e: 


gil gi 
rije +Z = 6 ma == Bs 
e e 


(A focus and a directrix are said to be like if both of them are right or left simultaneously. ) 
> Equation of a tangent and the optical property of an ellipse. The tangent to the 
ellipse (M4.3.2.1) at an arbitrary point Mo(xo, yo) is given by the equation 


ToL de yoy dl 


a? b2 
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The distances dı and dz from the foci Fi (—c, 0) and F(c, 0) to the tangent to the ellipse 
at the point Mo(xo, yo) are expressed as 


dı = foo 
dee adi e (20), (my 
= —j)+(—], 
J l | | r2 a? b2 
= —|1pe -a| = —, 
AN an 
where rı = r¡(Mo) and r2 = r2(Mo) are the lengths of the focal radii of Mo (see Fig. M4.8 b, 
where M = Mo). 
The tangent at an arbitrary point Mo(xo, yo) of an ellipse forms acute angles yı and p>, 
with the focal radii of the point of tangency, and 


dy l . dla 
cas a a ea N 


This fact, written as 
Yi=/2, 


is known as the optical property of an ellipse. It means that a light ray issued from one 
focus of the ellipse will reflect to the other focus (see Fig. M4.8 b, where M = Mo). 


> Equations of an ellipse in polar coordinates and parametric equations. In polar 
coordinates (p, y), with the pole coinciding with the right focus and the polar axis directed 
along the X-axis, the equation of an ellipse has the form 


a TU 
l+ecosp' 


where 0 < ọ < 27, p = b?/a, and e = \/1—b/a?. If the pole is taken at the left focus, this 


equation becomes 
p 


pa l-ecos py 


The equation of an ellipse can also be represented in the parametric form 
x=acost, y=bsint, 


with the parameter t assuming any values from 0 to 27. 


M4.3.3. Hyperbola 


> Definition and the canonical equation of a hyperbola. A hyperbola is the locus of 
points in the plane the absolute difference of whose distances to two points, FF and F>, is 
a constant quantity, denoted 2a; see Fig. M4.9 a. Either of the points F1 and F> is called 
a focus of the hyperbola and the distance between them, p(F1, F2) = 2c, is called the focal 
distance. 

In the rectangular Cartesian coordinate system where the X-axis is the straight line 
passing through the foci, the origin O coincides with the midpoint of the segment F F2, and 
the Y-axis passes through O and is perpendicular to the X-axis, as shown in Fig. M4.8 a, 
the equation of the hyperbola has the simplest form 


y? 
AL (M4.3.3.1) 


| R 
G“ 
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Figure M4.9. Hyperbola (a). The tangent to the hyperbola and optical property of a hyperbola (b). 


and is called the canonical equation of the hyperbola. 

The number a is called the real semiaxis of the hyperbola and the number b is called 
its imaginary semiaxis, with b = Vc? —a*. The number c = Va? + b? is known as the 
linear eccentricity of the hyperbola and the number e = c/a = 4/1 + b?/a? is its eccentricity, 
e > 1. The number p = Dal a is called the focal parameter (or simply the parameter) of the 
hyperbola. 

The point O(0, 0) is called the center of the hyperbola. The points (~a, 0) and (a, 0) at 
which the hyperbola crosses the X -axis are known as the vertices of the hyperbola. Either 
of the straight lines x = ta/e is called a directrix of the hyperbola. The focus F>(c, 0) and 
the directrix x = a/e are said to be right, while the focus F; (=c, 0) and the directrix x =—a/e 
are said to be left. 

A hyperbola consists of two parts, called its branches, lying in the domains x 2 a and 
x <-—a. It has two asymptotes, straight lines the hyperbola approaches at large distances 
from its center, which are given by 


b 
y=—x and y=-—2. 
a a 


The branches of a hyperbola lie within two vertical angles formed by the asymptotes and 
are called its left and right branches. The angle y between the asymptotes of a hyperbola 
is determined by the equation 

p 


tan — = —. 
2 a 


Remark. If a = b (e = V2), then y = ir. In this case, the hyperbola is said to be equilateral or 
rectangular and its asymptotes are mutually perpendicular. The equation of an equilateral hyperbola has the 
form z? — y? = a”. If the asymptotes are taken to be the coordinate axes, then the equation of the hyperbola 
becomes xy = a’/ 2; 1.e., an equilateral hyperbola represents an inverse proportionality dependence. 


> Focal and focus-directrix properties of a hyperbola. The segments joining a point 
M(x,y) of the hyperbola with the foci F\(—c, 0) and F4(c, 0) are called the left and right 
focal radii of this point. We denote the lengths of the left and right focal radii by rı = |F M| 
and r2 = |F>M|, respectively (see Fig. M4.9 b). By the definition of a hyperbola, 


[ri —T2| = 2a, 


where rı and r satisfy the relations 
_ 2 _fatex for x>0, 
o e -a-ex for x<0 
24) Gia Ss 1. for x > 0, 
És e ad a—ex for «<0. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 72 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 73 


M4.3. QUADRATIC CURVES 73 


The hyperbola defined by equation (M4.3.3.1) on the plane is the locus of points for 
which the ratio of distances to a focus and the like directrix is equal to e: 


a -1 a pl 
rije +Z =e, nle- 2 ue. 
e e 


(A focus and a directrix are said to be like if both of them are right or left simultaneously. ) 


> Equation of a tangent and the optical property of a hyperbola. The tangent to the 
hyperbola (M4.3.3.1) at an arbitrary point Mo(xo, yo) is given by the equation 


The distances dı and d from the foci F¡(=c,0) and F>(0,c) to the tangent to the 
hyperbola at the point Mo(%o, yo) are expressed as 


TA Izpetal ry 
ey ON Nay (Ge) +R) 
P lIzge-al r a? 12)” 
aN aN’ 
where rı and 72 are the lengths of the focal radii of the point Mp (see Fig. M4.9 b, where 


M = Mo). 
The tangent at any point Mo(zo, yo) of the hyperbola forms acute angles yı and p2 with 
the focal radii of the point of tangency, and 


sin %1 = a = Em sin y2 = h = 2 
ri aN ra aN 
This fact, written as 
pı = 2, 


is known as the optical property of a hyperbola. It means that a light ray issued from a 
focus of the hyperbola will reflect so as to appear as though issued from the other focus (see 
Fig. M4.9 b, where M = Mo). 

The tangent to a hyperbola at any point bisects the angles between the straight lines 
joining this point with the foci. The tangent to a hyperbola at either of its vertices intersects 
the asymptotes at two points such that the distance between them is equal to 2b. 


> Equations of a hyperbola in polar coordinates and parametric equations. In polar 
coordinates (p, y), with the pole coinciding with the right focus and the polar axis directed 
along the X-axis, the equation of the hyperbola has the form 


pe P 
l—ecosy’ 

where 0 < y < 27, p = b*/a, and e = 4/1 + b?/a?. If the pole is taken at the left focus, the 

equation of the hyperbola becomes 


p 


P= T+ ecos p 
A parametric representation for the right branch of a hyperbola is given by the equations 
x=acosht, y=bsinht, 


with the parameter t assuming any real values. 
A parametric representation that covers both branches of a hyperbola is given by the 
equations 
x=asect, y=btant, 


with —r < t < m and t AAS 
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M4.3.4. Parabola 


> Definition and the canonical equation of a parabola. A parabola is the locus of all 
points in the plane equidistant from a given point F and a given straight line l, with F € l; 
see Fig. M4.10 a. The point F is called the focus of the parabola and the straight line / is 
its directrix. 


Y (c) 


Figure M4.10. Parabola (a). Tangent to a parabola (b). Optical property of a parabola (c). 


Let us draw a straight line through the focus F’ and perpendicularly to the directrix 
and denote the point at which this line crosses the directrix by C. Introduce the following 
Cartesian coordinate system: take the above line to be the X-axis (directed from C to F), 
the midpoint of the segment CF to be the origin O, and the perpendicular line through O 
to be the Y-axis. In this coordinate system, the parabola is determined by the equation 


y” =2px, (M4.3.4.1) 


where p = |FC!| > 0. The number p is called focal parameter and equation (M4.3.4.1) is 
called the canonical equation of the parabola. 

A parabola consists of an infinite branch symmetric about the X-axis. The point O(0, 0) 
is called the vertex of the parabola. The directrix of the parabola is given by the equation 
x =-—p/2. The number p/2 is known as the focal distance. The segment joining a point 
M(x,y) on the parabola with the focus F(p/2, 0) is called the focal radius of the point. 
> Focal properties of a parabola. If r denotes the length of the focal radius FM, then 
by the definition of a parabola, 

p 


r=r++. 
2 


As 1s apparent from Fig. M4.10a, the number r also satisfies the relation 


py a 
= —-—) +42. 
d (2 a “I 


> Equation of a tangent and the optical property of a parabola. The tangent to the 
parabola (M4.3.4.1) at an arbitrary point Mo(xọ, yo) is given by the equation 


yyo = p(x + Zo). (M4.3.4.2) 


The angle y between the tangent to the parabola at a point Mo(%o, yo) and the focal 
radius fF’ Mp is determined by 
YO 


COS Y = 
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The same relation holds for the angle between the tangent (M4.3.4.2) and the X-axis. This 
property of a parabola is called its optical property: a light ray issued from the focus reflects 
off the parabola in the direction parallel to the parabola axis (see Fig. M4.10 c). 

> Equation of a parabola in polar coordinates and parametric equations. In polar 
coordinates (p, y), with the pole at the focus of the parabola and the polar axis directed 
along the parabola axis, the equation of the parabola has the form 


ES p 
PeTo 
— COS Y 


where 0 < y < 27. 
Parametric equations of a parabola are 


x=tpt, y=pt, 


with the parameter t assuming any real values. 


M4.3.5. Transformation of Quadratic Curves to Canonical Form 


> General equation of a quadratic curve. Translation and rotation. A set of points 
in the plane whose coordinates in the rectangular Cartesian coordinate system satisfy the 
general second-order algebraic equation 


4112? + 2a1,1y + amy + 2aı3x + 2a23y + a33 = 0 (M4.3.5.1) 


is called a (bivariate) quadratic curve (or just quadratic); it is also known as a second-order 
curve. If equation (M4.3.5.1) does not determine a real geometric object, this equation 1s 
said to determine an imaginary quadratic curve. 

Equation (M4.3.5.1) may be simplified using the following transformations of the Carte- 
sian coordinate system: 

1. Translation: 


L=XL+%, yYy=yrtyo. (M4.3.5.2) 


It means that the origin O(0, 0) is transferred to the point O(xo, yo) and the coordinate axes 
are moved parallel to the original ones; z and y denote the new coordinates. 
2. Rotation: 


c=Xcosyp-Ysiny, y= ĉsin y + cos g. (M4.3.5.3) 


The coordinate axes are rotated about the origin, which does not move, by the angle y 
counterclockwise; ĉ and ĝ denote the new coordinates. 


> Canonical equations of quadratic curves. The classification table. With transfor- 
mations (M4.3.5.2)(M4.3.5.3), equation (M4.3.5.1) can be reduced to one of the nine 
canonical forms classified in Table M4.1. The first five curves, with 0 + 0, are nondegen- 
erate (their canonical equations contain two quadratic terms proportional to x% and y?). 
The last four curves, with ô = 0, are degenerate (their canonical equations contain only one 
quadratic term, x or y). Curves 3, 5, 7, 8, and 9, with A = 0, split into straight lines; their 
equations can be represented as the product of two factors linear in the coordinates, each 
having the form (a,x + Ony + Yn), on the left-hand side and zero on the right-hand side. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 75 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 76 


76 ANALYTIC GEOMETRY 


TABLE M4.1 
Classification of quadratic curves. 


No. | Curve name Canonical equation Conditions for invariants 


El Ellipse Lo 6>0, IA<0 
Imaginary ellipse 
Pair of 1 imaginary straight lines 
E Hyperbola a Y - 9<0, A#0 


Pair of intersecting straight lines 
L Pair of parallel straight lines ó=A=0,0<0 


Pair of imaginary parallel po, oe x 


> Invariants of quadratic curves. Quadratic curves can be studied using the three 
invariants 


i ihe Q11 0412 013 
> 4 , Az=lap an a3], (M4.3.5.4) 
iS ES Q13 423 433 


Í=a11 + A22, ô 


whose values do not change under parallel translations and rotations of the coordinate axes, 
and the sign of the quantity 


a a a a 
a ee le (M4.3.5.5) 
A13 A33 (123 133 


The invariant A is called the large discriminant of equation (M4.3.5.1). The invariant 
Ô is called the small discriminant. 

The quadratic curves can be classified based on the values of the invariants, specified in 
the last column in Table M4.1. 
> Characteristic equation of quadratic curves. The properties of quadratic curves can 
be studied using the characteristic equation 


ayj-A 412 


=0 or A-IA+8=0. (M4.3.5.6) 
412 a22 — À 


The roots A; and Az of the characteristic equation (M4.3.5.6) are eigenvalues of a real 
symmetric matrix, [a;;], and hence are real. 
The invariants J and ô are expressed in terms of the roots A; and Az as follows: 


e A1 + A, 0= A1 A. (M4.3.5.7) 


> Nondegenerate case 6 + 0. Reduction of quadratic curves to canonical form. First, 
by applying the translation transformation (M4.3.5.2) with 


B o 012 ¿e ie 
ZO === == 


` j= — 
023 pal id Ô 1012 023 
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one reduces equation (M4.3.5.1) to the form 
a117? + 2an Ty + any + = = 0. (M4.3.5.8) 
Then, with the rotation transformation (M4.3.5.3) where x and y are substituted for x and y 
and the angle y determined by 


2 
tan 2 = ra A (if aii =a22, then p= T), 
411 — 022 4 


equation (M4.3.5.8) is transformed into 
A 
12? + M0? + E = 0, 


where A, and A, are the roots of the characteristic equation (M4.3.5.6). 
Note the following formulas for an ellipse: 
1 A A 1 A A 
Ar Ô ALAS A 0 Ay A2 
where a and b are the semimajor and semiminor axes of the ellipse. 
Similar formulas for a hyperbola have the form 
1 A A 1 A A 
a TER, === > — (A; 2 42). 
A1 Ô AJA Az Ô AJAZ 
> Degenerate case 0 = 0. Reduction of quadratic curves to canonical form. If ô = 0, 
equation (M4.3.5.1) can be rewritten as 


(ax + By) + 24131 + 2423Y + a33 = Q. (M4.3.5.9) 


If the coefficients a¡3 and a23 are respectively proportional to a and 65, i.e., a13 = ka and 
a23 = kp, then equation (M4.3.5.9) becomes (ax + By) +2k(ax + By) +433 = 0, and hence 


ax + By = —k + y k? — a33, 


which determines a pair of real (or imaginary) parallel straight lines. 
If a¡3 and a23 are not proportional to a and 5, then equation (M4.3.5.9) can be rewritten 
as 
(ax + By + y)? + 2k(0x -ax +q) = 0. (M4.3.5.10) 


The parameters k, y, and q can be determined by comparing the coefficients in equa- 
tions (M4.3.5.9) and (M4.3.5.10). If the line az + Py + y = 0 is treated as the axis OX and 
the line Gx — ax + q = 0 as the axis OY and the new coordinates are expressed as 


Br-ar+q ax + py+y 


ty/q2 + 82 ¡as +4/o2 + 82 ' 


then equation (M4.3.5.10) acquires the form 


T= 


Y =2pô, 


where p=|k|/y/a? + 8%. The axis OX points to the half-plane where the sign of Br-axz+q 
is opposite to that of k. 

The focal parameter p of a parabola is expressed in terms of the invariants J, ô, and A 
and the roots A; and Az (A; > Az) of the characteristic equation (M4.3.5.6) as follows: 


LA 1 PA 
== /-2 50, »=0. 
eSI T aN a 2 
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M4.4. Coordinates, Vectors, Curves, and Surfaces 
in Space 
M4.4.1. Vectors and Their Properties 


> Notion of a vector. A directed line segment connecting an initial point A and a terminal 


point B (see Fig. M4.11) is called a vector and denoted AB. The nonnegative number 
equal to the length of the segment AB is called the length (or magnitude) of the vector 


AB and denoted AB |. The vector BA is said to be opposite to the vector AB; it has the 
same magnitude but opposite direction. Vectors are usually denoted by a single lowercase 
letter, either with an arrow above (e.g., @) or without (e.g., a); the latter is the most common 
notation for vectors, in which case a boldface lowercase letter is used. 


B 


A 


Figure M4.11. Vector AB. 


Two vectors are said to be collinear (parallel) if they lie on the same straight line or 
on parallel lines. Three vectors are said to be coplanar if they lie in the same plane or 
in parallel planes. A vector 0 whose initial and terminal points coincide is called the zero 
vector (or null vector); its length is zero (|0| = 0) and its direction is assumed to be arbitrary. 
A vector e of length one is called a unit vector. 

Two vectors are called equal is they are collinear and have the same magnitude and 


direction. It follows that, for any vector a and any point A, there exists a unique vector AB 
with its start point at A that is equal to a. For this reason, vectors in analytical geometry are 
defined up to their position, so that all vectors obtained from each other by parallel transport 
are considered to be the same. 


> Sum and difference of vectors. The sum a + b of vectors a and b is defined as the 
vector directed from the initial point of a to the terminal point of b where the start of b is 
placed at the tip of a. This method of the addition of vectors 1s called the triangle rule (see 
Fig. M4.12 a). The sum a + b can also be found using the parallelogram rule as shown in 
Fig. M4.12 b. The difference a—b of vectors a and b is defined as the vector that must be 
added to b to get a: b + (a—b) = a (see Fig. M4.12 c). 


a, (b) 


, 


Figure M4.12. The sum of vectors: triangle rule (a) and parallelogram rule (b). The difference of vectors (c). 


The product Aa of a vector a by a number A is defined as the vector whose magnitude 
is equal to |Aa| = |A|[a| and direction coincides with that of a if A > 0 or is opposite to it if 
A <Q 


Remark. Ifa = 0 or A = 0, then the resulting product is the zero vector. In this case, the direction of the 
product Aa is undetermined. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 78 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 79 


M4.4. COORDINATES, VECTORS, CURVES, AND SURFACES IN SPACE 79 


Main properties of operations with vectors. 

a + b = b + a (commutativity). 

a + (b +c) = (a + b) + c (associativity of addition). 

a + 0 = a (existence of zero vector). 

a + (—a) = 0 (existence of opposite vector). 

A(a + b) = Aa + Ab (distributivity with respect to addition of vectors). 
(A + a= Aa + pa (distributivity with respect to addition of constants). 
Aya) = (Ay)a (associativity of product). 

la = a (multiplication by unity). 


SIAKKRWN-V 


M4.4.2. Coordinate Systems 


> Cartesian coordinate system. Some useful formulas. A rectangular Cartesian 
coordinate system (also called just rectangular coordinate system or Cartesian coordinate 
system) is defined by three pairwise perpendicular directed straight lines OX, OY , and OZ 
(the coordinate axes) concurrent at a single point O (the origin). 


Figure M4.13. A point in a rectangular Cartesian coordinate system. 


For an arbitrary point M in space, let us draw through it three planes parallel to the 
planes OY Z, OXZ, and OXY. These planes will intersect the coordinate axes OX, 
OY, and OZ at three points. Denote by xo, yo, and zo the distances from these points 
to the origin O (see Fig. M4.13). The numbers xo, yo, and zo are, respectively, called 
the x-coordinate (or abscissa), the y-coordinate (or ordinate), and the z-coordinate of the 
point M. One usually uses the notation M (xo, yo, zo) to specify that the point M has the 
coordinates (£o, Yo, Zo). 

Planes parallel to the coordinate planes are coordinate surfaces on which one of the 
coordinates is constant. Straight lines parallel to the coordinate axes are coordinate lines 
along which only one coordinate varies and the other two remain constant. Coordinate 
surfaces meet at coordinate lines. 

Each point M in three-dimensional space uniquely defines a vector OM , which is called 
the position vector of the point M. The coordinates of the position vector coincide with 


those of M and one usually writes r = OM = (xo, Yo, 20): 
The distance between two points, 4(71, Y1, 21) and Mo(x2, Y2, 22), 18 given by the 


formula 
d= y (22-21 +(y2 - y) + (22-21) = |r2 -r1 


where r) = OM > and rı = OM ¡ are the position vectors of the points Mı and M3, 
respectively (see Fig. M4.14). 

Any triple of numbers (x, y, z) can be identified with a point P and a position vector OP 
whose coordinates are these numbers. An arbitrary vector (x, y, z) can be represented as 


(M4.4.2.1) 


(2, Y, 2) = 11 + yj + zk, 
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Figure M4.14. Distance between points. 


where i = (1,0, 0), j = (0, 1,0), and k = (0, 0, 1) are the unit vectors with the same directions 
as the coordinate axes OX, OY, and OZ (basis vectors). 

Two vectors ry = (£1, Y1, 21) and r? = (£2, Y2, 22) are equal to each other if and only if 
the relations 


Ti 5 2, Y=Y, 21572 


hold simultaneously. The coordinates of the sum or difference of vectors and the product 
of a vector by a scalar are calculated as 


(£1, Y1, 21) £ (22, Y2, 22) = (21 E £2, Y1 Fy, 21 22), 
Q(x, Y, Z) = (ax, QY, QZ). 


If a point M divides a directed segment Mı M) in a ratio A, then the coordinates of this 
point are given by 


£1 HAT) Yı + Aya zı + À22 rı + Ar 
=. a ee = == = ——,_ (M4.4.2.2 
1+ á 1+A 1+4A = i 1+ l ) 
where A=| Mı M|/|M M)|. The special case where M is the midpoint of Mı M3 corresponds 
toA=1. 
The angles a, 6, and y between Mi M) and the coordinate axes OX, OY, and OZ are 
determined by 
cosa = —2 “1 , cos p= AT , cosy= a 
lr) -rı lr) —r Ir. -ril 
with 


cos” a + cos? 8 + cos? y = 1. 


g — 
The numbers cos qa, cos 5, and cos y are called the direction cosines of the vector Mi Mo. 


The angle y between two vectors Mı Ma and M3 M4 defined by the points Mi (£1, Y1, 21), 
Mhz, Ya, 22), M3(£3, Y3, 23), and Mg(x4, ya, 24) can be found from 


(12 — £1 )(X4 — 23) + (Y2 — Yi Mya — Y3) + (22 — 21)(Z4 — 23) 


a lr) —r7| |r4 — 13] 


The area of the triangle with vertices M1, M2, and M3 is given by the formula 
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The volume of the pyramid with vertices Mı, M2, M3, and M4 is equal to 


l ti Yy 21 


1 121 Y-Y 22-21 il & 2 
V =-=|DI, D= (13-21 YY 23-41|=|; ae a 
6 T4=X1] Y4-Y1 4-21 — ae 
l Za Y4 24 
and the volume of the parallelepiped spanned by vectors Mı M2, Mı M3, and Mi M4 is 


equal to 
V=(|DI. 


> Cylindrical coordinates. Cylindrical coordinates are a generalization of polar coor- 
dinates (see Subsection M4.1.1) that adds a third dimension. If a point M is specified by 
its cylindrical coordinates, they are the polar coordinates p and y of the projection of M 
onto a base plane (usually OXY ) and the distance (usually z) of M from this base plane 
(see Fig. M4.15 a). It is usually assumed that O < y < 27 (or -r < y < r). For cylindrical 
coordinates, the coordinate surfaces are planes z = const perpendicular to the axis OZ, 
half-planes y = const bounded by the axis OZ, and cylindrical surfaces p = const with 
axis OZ. 


Figure M4.15. Point in cylindrical (a) and spherical (b) coordinates. 


Let M be an arbitrary point in space with its Cartesian coordinates (x, y, z) and cylindri- 
cal coordinates (p, y, z). The conversion formulas from Cartesian to cylindrical and from 
cylindrical to Cartesian coordinates are as follows: 


XL = pcos f, p= T? +y?, 
y = psiny, tan y =y/2, 
Sy, En 


where the polar angle y is taken with regard to the quadrant in which the projection of the 
point M onto the base plane lies. 


> Spherical coordinates. The spherical coordinates of a point M are defined as the 
length r = OM | of its position vector, the azimuthal angle p from the positive direction of 
the axis OX to the projection of M onto the plane OXY, and the zenithal angle 0 from 
the positive direction of the axis OZ to M (see Fig. M4.15 b). It is usually assumed that 
O<sp<?2radO0<0<rT (or -r < <r and0 <0 < 7). For spherical coordinates, 
the coordinate surfaces are spheres r = const centered at the origin, half-planes y = const 
bounded by the axis OZ, and cones 0 = const with vertex O and axis OZ. 

The conversion formulas from the Cartesian coordinates (x, y, z) to the spherical coor- 
dinates (r, y, 0) and back are as follows: 


x = r sin 0 cos y, r= /r? +y? +2, 


y = r sin 0 sin y, tan p = y/2, 


z =rcosð, tan 0 = \/22 +y/z, 
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where the angle y is determined from the same considerations as in the case of cylindrical 
coordinates. 


M4.4.3. Scalar, Cross, and Scalar Triple Products of Vectors 


> Scalar product of two vectors. The scalar product (also known as the dot product) of 
two vectors a and b, is defined as the product of their magnitudes by the cosine of the angle 
between the vectors (see Fig. M4.16), 


a- b= |a||b| cos y. 


It follows that a - b > O if the angle between a and b is acute, a - b < O if it is obtuse, and 
a- b = Oif it is right. 


Remark. The scalar product of a vector a by a vector b is also denoted by (a - b), (a, b), and ab. 


b 
Pa 
Figure M4.16. Scalar product of two vectors. 


Properties of the scalar product: 

a-b=b- a (commutativity). 

. a-(b+c)=a-b+a-c (distributivity with respect to addition of vectors). This property 
holds for any number of summands. 

3. If a and b are collinear, then a - b = t|a||b|. (The plus sign is taken if a and b have the 

same direction, and the minus sign is taken if they have opposite directions.) 

(Aa) - b = Aa : b) (associativity with respect to a scalar factor). 

a-a=|al*. The scalar product a - a is denoted by a? (the scalar square of the vector a). 

The magnitude of a vector is expressed via the scalar product as 


al = /a-a= Va’. 


7. Two nonzero vectors a and b are perpendicular if and only if a- b = 0. 
8. The scalar products of the basis vectors are 


ae 


oS 


i-j=i-k=j-k=0, i-1=j-j=k-k=1. 
9. If vectors are given by their coordinates, a = (az, dy, az) and b = (bz, by, bz), then 
a- b = (azi + ayj + azK)(bzi + byj + 62K) = azbr + Ayby + azbz. 
10. The Cauchy—Schwarz inequality 
ja - b| < Jal|b]. 


11. The Minkowski inequality 
la + b| < Jal + |b]. 


12. The angle p between vectors a and b is determined by the formula 


a-b Ardy + Ayby + azbz 


ja||b| Vaz + ae + az bZ + b2 + b2 
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> Cross product of two vectors. The cross product of a vector a by a vector b is defined 
as the vector e denoted by axb (see Fig. M4.17), satisfying the following three conditions: 


1. Its absolute value (magnitude) is equal to the area of the parallelogram spanned by the 
vectors a and b; 1.e., 
[e| = |a x b| = |a||b] sin y. 


2. Itis perpendicular to the plane of the parallelogram; 1.e., c L a and c L b. 
3. The vectors a, b, and e form a right-handed trihedral; i.e., the vector e points to the side 
from which the sense of the shortest rotation from a to b is counterclockwise. 


c=axb 


Figure M4.17. Cross product of two vectors. 


Remark. The cross product of a vector a by a vector b is also denoted by e = [a, b]. 


Properties of cross product: 


l. axb = -b x a (anticommutativity). 

2. ax(b+c)=axb+waxc (distributivity with respect to the addition of vectors). This 
property holds for any number of summands. 

Vectors a and b are collinear if and only if a x b = O. In particular, ax a = 0. 

(Aa) x b = a x (Ab) = A(a x b) (associativity with respect to a scalar factor). 

The cross products of basis vectors are 


ane ole 


ixi=jxj=kxk=0, ixj=k, jxk=i1, kxi=j. 


6. If the vectors are given by their coordinates a = (az, a,,a,) and b = (bz, by, bz), then 


ij k 
axb=|az ay Gz| = (aybz-—azby)i + (azbz — Azbz)j + (Az by — aybr)k. 
by by b: 


7. The area of the parallelogram spanned by vectors a and b is equal to 


Cy, ei 


by bz 


2 
Ay Az 


by bz 


Ay Ay p 


S =|axb] = ary 


8. The area of the triangle spanned by vectors a and b is equal to 


1 1 
S=-ljaxb|=-=+w 
do 


Cy, a 


Da bz 


2 
Ay Az 


by be | * 


2 
Ayr QU 
+|,” ar 


by by 


> Conditions for vectors to be parallel or perpendicular. 
A vector a is collinear to a vector b if 


b=Aa or axb=0. 
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A vector a is perpendicular to a vector b if 
a-b=0. 


Remark. In general, the condition a - b = 0 implies that the vectors a and b are perpendicular or one of 
them is the zero vector. The zero vector can be viewed to be perpendicular to any other vector. 


> Scalar triple product of three vectors. The scalar triple product of vectors a, b, and 
c is defined as the scalar product of a by the cross product of b and c: 


[abc] = a - (b x ©). 


Remark. The scalar triple product of three vectors a, b, and c is also denoted by abc. 


Properties of scalar triple product: 


1. [abc] = [bca] = [cab] = —[bac] = —[cba] = —[acb]. 

2. [aab] = [bab] =0 or a-(axb)=b-(axb)=0. 

3. [(a + b)cd] = [acd] + [bcd] (distributivity with respect to addition of vectors). This 
property holds for any number of summands. 

4. [Aabc] = A[abc] (associativity with respect to a scalar factor). 

5. If the vectors are given by their coordinates a = (az,a,,az), b = (bz, by, bz), and 


€ = (Cy, Cy, Cz), then 
da Ay az 
by by bz 


Cy Cy Cz 


[abc] = 


6. The scalar triple product [abc] is equal to the volume V of the parallelepiped spanned by 
the vectors a, b, and c taken with the sign + if the vectors a, b, and e form a right-handed 
trihedral and the sign — if the vectors form a left-handed trihedral, 


[abe] = +V. 


7. Three nonzero vectors a, b, and c are coplanar if and only if [abc] = 0. In this case, 
the vectors a, b, and c are linearly dependent; they satisfy a relation of the form 
aa + Gb+ye =Q. 


M4.5. Line and Plane in Space 
M4.5.1. Plane in Space 


> General equation of a plane. In a Cartesian coordinate system, a plane is given by a 
first-order algebraic equation. 
The general (complete) equation of a plane has the form 


Ax+By+Cz+D=0, (M4.5.1.1) 


where A? + B? + C? #0. 

1. For D = 0, the equation defines a plane passing through the origin. 

2. For A = 0 (respectively, B = 0 or C = 0), the equation defines a plane parallel to the 
axis OX (respectively, OY or OZ). 

3. For A = D = 0 (respectively, B = D = 0 or C = D = 0), the equation defines a plane 
passing through the axis OX (respectively, OY or OZ). 

4. For A = B = Q (respectively, A = C = 0 or B = C = 0), the equation defines a plane 
parallel to the plane OX Y (respectively, OX Z or OY Z). 
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> Intercept equation of a plane. A plane Ax + By+Cz+D =0 that is not parallel to the 
axis OX (1.e., A #0) meets this axis at a (signed) distance a = -D/A from the origin (see 
Fig. M4.18). The number a is called the x-intercept of the plane. Similarly, one defines the 
y-intercepts b = -D/B (for B + 0) and the z-intercept c= —D/C (for C #0). Then such a 
plane can be defined by the equation 


which is called the intercept equation of the plane. 


a 
X 


Figure M4.18. A plane with intercept equation. 


Remark. A plane parallel to the axis OX but nonparallel to the other two axes is defined by the equa- 
tion y/b + z/c = 1, where b and c are the y- and z-intercepts of the plane. A plane simultaneously parallel to 
the axes OX and OY can be represented in the form z/c = 1. 


> Equation of the plane passing through a point Mo and perpendicular to a vector N. 
The equation of the plane passing through a point Mo(%o, yo, zo) and perpendicular to a 
vector N = (A, B, C) has the form 


A(x — 29) + B(y — yo) + C(z — 20) = 0, or (r—ro):N =0, (M4.5.1.2) 
where r and rọ are the position vectors of the points M(x,y,z) and Mo[zo, Yo, zo), re- 


spectively (see Fig. M4.19). The vector N is called a normal vector. Its direction cosines 
are 


A B a 
——, cosb = ——, cosy = ————.. 
V A2 + B2 + C? V A2 + B2 + C2 V A2 + B2 + C2 


COS Q = 


Figure M4.19. Plane passing through a point Mo and perpendicular to a vector N. 
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> Equation of the plane passing through a point and parallel to another plane. The 
plane that passes through a point Mo (xo, yo, zo) and is parallel to a plane Ax+By+Cz+D=0 
is given by equation (M4.5.1.2). 

> Equation of the plane passing through three points. The plane passing through three 
points Mı (£1, Y1, 21), Ma(£2, Y2, 22), and M3(£3, Y3, 23) (see Fig. M4.20) is described by 
the equation 


t-i Yy=Y1 6741 
t= YY 2=4|=0, or |r -rir —11)(r3 —r1)] = 0, (M4.5.1.3) 
13=Y1 Y3-Y1 23-41 
where r, rj, r2, and r3 are the position vectors of the points M(x,y,z), Mi(x1,Y1, 21), 
Mo(22,Y2, 22), and M3(x3, Y3, 23), respectively. 


M) 


M; Ms 


Figure M4.20. Plane passing through three points. 


Remark 1. Equation (M4.5.1.3) means that the vectors Mı M, Mı M2, and Mı M3 are coplanar. 


Remark 2. Ifthe three points Mi (21, Y1, 21), M2 (£2, Y2, 22), and M3(x3, y3, z3) are collinear, then equation 
(M4.5.1.3) is satisfied identically. 


Example 1. Let us construct an equation of the plane passing through the three points (/\(1, 1, 1), 
M(2, 2,1), and M3(1, 2, 2). 
Obviously, the points Mı, M2, and M3 are not collinear, since the vectors Mı Mh = (1,1,0) and Mı M3 = 
(0, 1, 1) are not collinear. According to (M4.5.1.3), we have 
x-1 y-1 z-1 
1 1 0 
0 1 1 


whence the desired equation is x-y +z-1=0. 


=0, 


> Equation of the plane passing through two points and parallel to a straight line. 
The plane passing through two points Mi(x1,y1, 21) and Mo(x2, Y2, 22) and parallel to a 
straight line with direction vector R = (l, m, n) (see Fig. M4.21) is given by the equation 


t-r] Y-Y 4741 
mor Y2-Yı 22-2) =O, or Gr — ri), — rı)R| = 0, (M4.5.1.4) 
l m n 
where r, rı, and r, are the position vectors of the points M(x,y,z), Mı(£1, Y1, 21), and 
M(x, Y2, 22), respectively. 
Remark. If the vectors Mi M) and R are collinear, then equations (M4.5.1.4) become identities. 


Example 2. Find an equation of the plane passing through the points M1(0,1,0) and M2(1, 1,1) and 
parallel to the straight line with direction vector R = (0, 1, 1). 
According to (M4.5.1.4), we have 


whence the desired equation is --y+2z+1=0. 
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R 
— a OA O O_O O_O O O OKÁKÁKÁÉÁ 


Figure M4.21. Plane passing through two points and parallel to a line. 


> Equation of the plane passing through a point and parallel to two straight lines. 
The plane passing through a point Mo(zo, yo, zo) and parallel to two straight lines with 
direction vectors R; = (h4, m1, n1) and R; = (l2, M2, n2) is given by the equation 


L—-~L0 Y=Y0 7-70 
ly 1 Ny = 0, or [r = ro)R¡R)| = 0, 


where r and ro are the position vectors of the points M (x, y, z) and Molxzo, yo, zo), respec- 
tively. 

The equation of the plane passing through a point Mo(%o, yo, zo) and parallel to two 
noncollinear vectors Ry = (l1, m1, n1) and R; = (l2, m2, n2) can be represented in the form 
(M4.5.1.2) with A, B, and C being the coordinates of the vector R = R, x Ro. 


Example 3. Find an equation of the plane P that passes through the point Mo(2,—1, 1) and is perpendicular 
to the planes P; and P, defined by 3x + 2y -z +4 = 0andz+y+z-3=0. 

The vectors N; = (3,2,—1) and N: = (1, 1, 1) are normal to P, and P, and parallel to P. Their cross product 
1S 


ij k 
N=N/xN>»=|3 2 -1|=3i-4j+1k. 
111 


The vector N is perpendicular to the desired plane P, which therefore satisfies the equation 
3(a —2)-4(y + 1) + (¢-1) =0 or 3x-4y+2-11 =0. 


> Equation of the plane passing through two points and perpendicular to a given 
plane. The plane passing through two points Mi(x1,y1, 21) and M2(%2, Y2, 22) and per- 
pendicular to the plane Ax + By + Cz + D = 0 (see Fig. M4.22) is determined by the 
equation 


t-i yYy-y 6741 
2-2, Y-oy zZz2—2zı|=0, or (r -rı )\(r2 — r¡)N| =Q, (M4.5.1.5) 
A B C 


where r, rı, and r, are the position vectors of the points M(x,y,z), Mi(x1,Y1, 21), and 
M>(x2, Y2, 22), respectively. 
Remark. If the straight line passing through the points Mı (£1, Y1, 21) and M2 (£2, Y2, 22) is perpendicular 


to the original plane, then the desired plane is undetermined and equations (M4.5.1.5) become identities. 


> Equation of the plane passing through a point and perpendicular to two planes. 
The plane passing through a point Mi (x1,y1, 21) and perpendicular to two (nonparallel) 
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Figure M4.22. Plane passing through two points and perpendicular to a given plane. 


planes Aix + Biy + Ciz + D¡ =0and Azz + Boy + Caz + D2 =0 (see Fig. M4.23) is given 
by the equation 


Ay Bı CG |=0, or [(r—-riNiN,|=0, (M4.5.1.6) 


where N; = (Aj, B1, C1) and No = (A2, B2, C2) are normals to the given planes and r and 
rı are the position vectors of the points M (x, y, z) and Mi (x1,Y1, 21), respectively. 


Figure M4.23. Plane passing through a point and perpendicular to two planes. 


Remark 1. Equations (M4.5.1.6) mean that the vectors Mı M , Ni, and N2: are coplanar. 


Remark 2. If the original planes are parallel, then the desired plane is undetermined. In this case, 
equations (M4.5.1.6) become identities. 


Example 4. Let us find an equation of the plane passing through the point M;(0, 1, 2) and perpendicular 
to the planes x —- y + z - 3 = O0 and -x +y +z+4=0. 
According to (M4.5.1.6), we have 


x-0 y-1 z-2 


whence the desired equation is x + y-— 1 = 0. 
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> Equation of planes passing through the line of intersection of planes. The planes 
passing through the line of intersection of the planes Ax + Biy + Ciz + Dı = 0 and 
Ax + By + Caz + D; = 0 are given by the equation 


(A 12 + Biy + Ciz + D¡)+ B(Aox + Boy + Coz + D2) = 0, 


which is called the equation of a pencil of planes. Here a and p are arbitrary parameters 
(a? + 3° #0). 


M4.5.2. Line in Space 


> Parametric equations of a straight line. The parametric equations of the line that 
passes through a point Mi (21, yj, 21) and is parallel to a direction vector R = (l, m, n) (see 
Fig. M4.24) are 


c=a,tlt, y=ytmt, z=z+nt, or r=r,+tkR, (M4.5.2.1) 


where r = OM and rj = OM ¡. As the parameter t varies from —oo to +00, the point M with 
position vector r = (x, y, z) determined by formula (M4.5.2.1) runs over the entire straight 
line in question. It 1s convenient to use parametric equations (M4.5.2.1) 1f one needs to find 
the point of intersection of a straight line with a plane. 


Figure M4.24. Straight line passing through a point and parallel to a direction vector. 


The numbers l, m, and n characterize the direction of the straight line in space; they are 
called the direction coefficients of the straight line. For a unit vector R = R®, the coefficients 
l, m, n are the cosines of the angles a, 3, and y formed by this straight line (the direction 
vector R?) with the coordinate axes OX, OY, and OZ. These cosines can be expressed 
via the coordinates of the direction vector R as 


l m n 
cos A = ———————, cos 6 = ——, cos V7 = ——. 
12 + m2 +n? 12 + m2 +n? 12 + m2 +n? 
> Canonical equations of a straight line. The equations 


AAA LL or (r=rm)xR=0, (M4.5.2.2) 


l m n 


are called the canonical equations of the straight line through the point Mı (21, Y1, 21) with 
the position vector rı = (£1, Y1, 21) and parallel to the direction vector R = (l, m, n). 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 89 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 90 


90 ANALYTIC GEOMETRY 
Remark 1. One can obtain canonical equations (M4.5.2.2) from parametric equations (M4.5.2.1) by 
eliminating the parameter t. 


Remark 2. In the canonical equations, all coefficients l, m, and n cannot be zero simultaneously, since 
|R| #0. But some of them may be zero. If one of the denominators in equations (M4.5.2.2) is zero, this means 
that the corresponding numerator is also zero. 


> General equation of a straight line. The general equation of a straight line in space 
defines it as the line of intersection of two planes (see Fig. M4.25) and is given analytically 
by a system of two linear equations 

Arz F Bıy F Ciz + Dı =0, 


M4.5.2.3 
Ax + Boy + Caz + Dz = 0. l ) 


The normals to the planes are N; = (A1, B1, C1) and No = (A2, Bo, C2). The direction 
vector R is equal to the cross product of the normals N; and N3; 1.e., 


R=N, XN), (M4.5.2.4) 


and its coordinates /, m, and n can be obtained by the formulas 


By, Ci; 
By Cy 


|C Aj 


E _ 141 By 
[= o m= Œ A l 


> PEJA Ba 


Remark 1. Simultaneous equations of the form (M4.5.2.3) define a straight line if and only if the coeffi- 
cients A;, B1, and C in one of them are not proportional to the respective coefficients A2, B2, and C% in the 
other. 


Remark 2. For Dı = D2 = 0 (and only in this case), the line passes through the origin. 


Figure M4.25. Straight line as intersection of two planes. 


Example. Let us reduce the equation of the straight line 
+2y-z2+1=0, z—y+2+3=0 


to canonical form. 
We choose one of the coordinates arbitrarily; say, x = 0. Then 


2y-2+1=0, —y+2+3=0, 


and hence y = 4, z =—7. Thus the desired line contains the point M (0, —4, —7). We find the cross product of the 
vectors N; = (1, 2, -1) and N: = (1, —1, 1) and, according to (M4.5.2.4), obtain the direction vector R = (1, —2, —3) 
of the desired line. Therefore, with (M4.5.2.2) taken into account, the equations of the line become 


LT y. z+7 


1 —2 —3 
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> Equations of a straight line passing through two points. The canonical equa- 
tions of the straight line (see Fig. M4.26) passing through two points Mi (x1,Y1, 21) and 
M»(x2, Y2, 22) are 

T-081 _ YY _ 2-21 


= = f or (r —r¡)x (1, —r¡)=0, (M4.5.2.5) 
22241 Y2=Y1 22741 


where r, rı, and r, are the position vectors of the points M(x,y,z), M¡(x1,Y1, 21), and 
M(x, Y2, 22), respectively. 
The parametric equations of this line are 


x= 2x1(1-t)+ xt, 
y =Y1(l -t) + yt, or r=(1-?¢)r, +tro. (M4.5.2.6) 
z= 21 -t) + zt, 


Remark. Eliminating the parameter t from equations (M4.5.2.6), we obtain equations (M4.5.2.5). 


Figure M4.26. Straight line passing through two Figure M4.27. Straight line passing through a point 
points. and perpendicular to a plane. 


> Equations of a straight line passing through a point and perpendicular to a plane. 
The equations of the straight line passing through a point Mo(zo, yo, zo) and perpendicular 
to the plane given by the equation Ax + By + Cz + D = 0 (see Fig. M4.27) are 


To _ Y-Yo _ 2-20 


A B C ` 


M4.5.3. Mutual Arrangement of Points, Lines, and Planes 


> Angles between lines in space. Consider two straight lines determined by vector 
parametric equations r = rı + tR; and r = r, + tR32. The angle y between these lines (see 
Fig. M4.28) can be obtained from the formulas 


R,-R _ JR; x R2| 


2 ; 
> sin Y = Ri] R2 : 


COS — AA 
r RIR 


If the lines are given by the canonical equations 


a SN d A (M4.5.3.1) 
ly my NI l ma n2 
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then the angle y between the lines can be found from the formulas 


lil) + m,m> + n1N> 


a al 2 2 2. [7p 7 q 
bs +m; +niv by +m3+n 
ma m no b ly ma 
sin Y = 


2 2 2. /72 2 2 
yb + mi + nv La +m; +05 


Example 1. Let us find the angle between the lines 


DT. Yy-2. Z+1 z_y-2_2z+1l 
i 2° @ mE oa d 
Using the first formula in (M4.5.3.2), we obtain 
1-04+2-34+2-4 14 


ee VEER VOT +e 15” 
and hence y = 0.3672 rad. 


Figure M4.28. Angle between two lines in space. 


> Conditions for two lines to be parallel. Two straight lines given by vector parametric 
equations r =r, + tR; and r = r + tR; are parallel if 


R, = AR, or R- xR; = 0, 
1.e., 1f their direction vectors R; and R; are collinear. This can be written as 
ly 7 mM] _ 721 
h m m` 
Remark. If parallel lines have a common point (i.e., rı = r2 in parametric equations), then they coincide. 


> Conditions for two lines to be perpendicular. Two straight lines given by vector 
parametric equations r = rı + tR; and r = r? + tR, are perpendicular if 


R, - Ro = 0. (M4.5.3.3) 
This condition can be written as 
Lb + m1m> + nn, = 0. (M4.5.3.4) 
Example 2. Let us show that the lines 
t-l Ys Z G=2 _y+l.2 
¿A O LA 


are perpendicular. 
Indeed, condition (M4.5.3.4) is satisfied, 


2-14+1-24+2-(2)=90, 


and hence the lines are perpendicular. 
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> Theorem on the arrangement of two lines in space. Two straight lines in space can: 
a) be skew; 

b) lie in the same plane and not meet each other, 1.e., be parallel; 

c) meet at a point; 

d) coincide. 


A general characteristic of all four cases 1s the determinant of the matrix 


1221 Y-Y 22-21 
ly mMm] 111 3 (M4.5.3.5) 
l mo na 


whose entries are taken from the canonical equations of the lines (M4.5.3.1). 
In cases a-d of the theorem, for the matrix (M4.5.3.5) we have, respectively: 
a) the determinant is nonzero; 
b) the last two rows are proportional to each other but are not proportional to the first row; 
c) the last two rows are not proportional, and the first row is their linear combination; 
d) all rows are proportional. 
In cases b-d the determinant is zero. 


> Angle between planes. Consider two planes given by the general equations 


Ax + Biy + Ciz + Dj = 0: 


M4.5.3.6 
Ax + By + Caz + D2 =0. ) 


Figure M4.29. Angle between two planes. 


The angle between two planes (see Fig. M4.29) is defined as any of the two adjacent 
dihedral angles formed by the planes (1f the planes are parallel, then the angle between 
them is by definition equal to O or 7). One of these dihedral angles is equal to the angle y 
between the normal vectors N; = (41, B1, C1) and No = (A2, Bo, C2) to the planes, which 
can be determined by the formula 


Aj Ar + By Bo + CC _ N; - N> 
SV Rear l 
VA? +B? +0? V/A + B2+C2 [Nil [N2] 
> Conditions for two planes to be parallel. Two planes given by the general equa- 


tions (M4.5.3.6) are parallel if and only if the following condition for the planes to be 
parallel is satisfied: 


COS Y = 


Ap B 0 D. 
A) B Q Dy’ 
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in this case, the planes do not coincide. 

Two planes coincide if they are parallel and have a common point. Two planes given 
by the general equations (M4.5.3.6) coincide if and only if the following condition for the 
planes to coincide is satisfied: 


A Bi OY Di 
Ay By Cy Dy 
> Conditions for two planes to be perpendicular. Planes are perpendicular if their 
normals are perpendicular. Two planes determined by the general equations (M4.5.3.6) are 
perpendicular if and only if the following condition for the planes to be perpendicular 1s 
satisfied: 
A, Ao + By Bo + C1O™ = 0 or N,-N>o =0, (M4.5.3.7) 


where N; = (41, B1, C1) and N2 = (A2, Bo, C2) are the normals to the planes. 


Example 3. Let us show that the planes x — y + z = 0 and x — y—2z +5 = 0 are perpendicular. 
Since condition (M4.5.3.7) is satisfied, 


letah- EN 6 
we see that the planes are perpendicular. 
> Angle between a straight line and a plane. Consider a plane given by the general 
equation 
Ax+ By+Cz+D=0 (M4.5.3.8) 
and a line given by the canonical equations 
ee A (M4.5.3.9) 
l m n 
The angle between the line and the plane (see Fig. M4.30) is defined as the complemen- 
tary angle 0 of the angle y between the direction vector R = (l,m, n) of the line and the 
normal N = (A, B, C) to the plane. For this angle, one has the formula 
[Al + Bm + Cn] _ |N-RI 


V A2 + B?+02V12 + m? + n? — [N|[R|' 


sin 0 = | cos ~| = 


Figure M4.30. Angle between a straight line and a plane. 


> Conditions for a straight line and a plane to be parallel. A plane given by the general 
equation (M4.5.3.8) and a line given by canonical equations (M4.5.3.9) are parallel if the 
following two conditions hold: 
Al+Bm+Cn = 0, 
Ax] + By +Cz,+D#0. 
The first condition means that the direction vector of the straight line is perpendicular to 


the normal to the plane and the second condition means that the line is not contained in the 
plane. 
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> Condition for a straight line and a plane to be perpendicular. A line given by 
canonical equations (M4.5.3.9) and a plane given by the general equation (M4.5.3.8) are 
perpendicular if the line is collinear to the normal to the plane (is a normal itself), 1.e., 1f 
A B C 
= SS AS or N = AR. 
l m n 


> Intersection of a straight line and a plane. Consider a plane given by the general 
equation (M4.5.3.8) and a straight line given by parametric equations 


x=a2j,tlt, y=ytmt, 2=2,+n!f. 


The coordinates of the point Mo(xo, yo, zo) of intersection of the line with the plane (see 
Fig. M4.30), if the point exists at all, are determined by the formulas 


£o = z1 +lto, Yo=Y1+Mto, 2 = 21 + Nto, 


where 
Ax] + By F Cz + D 


Al+ Bm+ Cn 
> Distance from a point to a plane. The distance from a point Mo(%o, yo, zo) to a plane 


given by the general equation (M4.5.1.1) is determined by the formula 
_ [Azo + Byo + Cz + D| 
> Distance between two parallel planes. We consider two parallel planes given by the 


general equations Ax + By + Cz + Dı = 0 and Ax + By + Cz + D = 0. The distance 
between them is 


OS 


d 


Dı - D2 
V A? + B? +C? 


> Distance from a point to a straight line. The distance from a point Mo(zo, yo, zo) to 
a line given by canonical equations (M4.5.2.2) 1s determined by the formula 


2 n l l m 2 


Z1 — z0 T1 — To 


m n 
Yı — Yo zı — Z0 


£1 — o Yi- YO 


d= 
12 + m2 +n? 
> Distance between straight lines. Consider two nonparallel lines given in the canonical 
form 
t-I yYy=Y1 _ 727-71 
li my ny 
EZ Y-Y _X—22 
lb ma na 


The distance between them can be calculated by the formula 


Li = 22 YY 21 — 22 
+ ly mi nı 
l m n 
O A (M4.5.3.10) 
ly m1 2 mi nı 2 nı l 2 
I> m2 m2 M2 na h 


(minus sign should be taken if the determinant is negative). The condition that the deter- 
minant in the numerator in (M4.5.3.10) is zero 1s the condition for the two lines in space to 
meet. 
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M4.6. Quadric Surfaces (Quadrics) 
M4.6.1. Quadrics and Their Canonical Equations 


> Central surfaces. A segment joining two points of a surface is called a chord. If there 
exists a point in space, not necessarily lying on the surface, that bisects all chords passing 
through it, then the surface is said to be central and the point is called the center of the 
surface. 

The equations listed below for central surfaces are given in canonical form; 1.e., the 
center of a surface is at the origin, and the surface symmetry axes are the coordinate axes. 
Moreover, the coordinate planes are symmetry planes. 


> Ellipsoid. An ellipsoid is a central surface defined by the equation 


y? 
Poa = 1, (M4.6.1.1) 


x 

al b 
where the numbers a, b, and c are the lengths of the segments called the semiaxes of 
the ellipsoid (see Fig. M4.31 a). The coordinates of all points of the ellipsoid satisfy the 
inequalities —a < x <a, —b < y <b, and —c < z < c. 


Figure M4.31. Triaxial ellipsoid (a) and spheroid (b). 


If a +b £c, then the ellipsoid is said to be triaxial, or scalene. If a = b + c, then the 
ellipsoid is called a spheroid; it can be obtained by rotating the ellipse 1/a? + 2/c? = 1, 
y = 0 lying in the plane OX Z about the axis OZ (see Fig. M4.31 b). If a = b > c, then the 
ellipsoid is an oblate spheroid, and if a = b < c, then the ellipsoid is a prolate spheroid. If 
a = b =c, then the ellipsoid is the sphere of radius a given by the equation z% +y? + 2* =a’. 

An arbitrary plane section of an ellipsoid is an ellipse (or, in a special case, a circle). 

The volume of an ellipsoid is equal to V = 4 tabe. 

Remark. About the sphere, see also Subsection M3.2.3. 
> Hyperboloids. A one-sheeted hyperboloid is a central surface defined by the equation 

y 2 2 
TE Y z 
a =1, (M4.6.1.2) 


where a and b are the real semiaxes and c is the imaginary semiaxis (see Fig. M4.32 a). 
A two-sheeted hyperboloid is a central surface defined by the equation 


PE A y (M4.6.1.3) 
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Z (a) 


Figure M4.32. One-sheeted (a) and two-sheeted (b) hyperboloids. 


where c is the real semiaxis and a and b are the imaginary semiaxes (see Fig. M4.32 b). A 
two-sheeted hyperboloid consists of two parts whose points lie at z < —c and z 2 c. 
A hyperboloid approaches the surface 


which is called an asymptotic cone, infinitely closely. 

A plane passing through the axis OZ intersects each of the hyperboloids (M4.6.1.2) and 
(M4.6.1.3) in two hyperbolas and the asymptotic cone in two straight lines, which are the 
asymptotes of these hyperbolas. The section of a hyperboloid by a plane parallel to OXY 
is an ellipse. The section of a one-sheeted hyperboloid by the plane z = O is an ellipse, 
which is called the gorge or throat ellipse. 

For a = b, we deal with the hyperboloid of revolution obtained by rotating a hyperbola 
with semiaxes a and c about its focal axis 2c (which is an imaginary axis for a one-sheeted 
hyperboloid and a real axis for a two-sheeted hyperboloid). If a = b = c, then the hyperboloid 
of revolution is said to be right, and its sections by the planes OX Z and OY Z are equilateral 
hyperbolas. 


> Cone. A cone is a central surface defined by the equation 


o 

as Y B 
> 4 a O. (M4.6.1.4) 
The cone (see Fig. M4.33) defined by (M4.6.1.4) has vertex at the origin, and for its base we 
can take the ellipse with semiaxes a and b in the plane perpendicular to the axis OZ at the 
distance c from the origin. This cone is the asymptotic cone for the hyperboloids (M4.6.1.2) 


and (M4.6.1.3). For a = b, we obtain a right circular cone. 


Remark. About the cone, see also Subsection M3.2.3. 


> Paraboloids. In contrast to the surfaces considered above, paraboloids are not central 
surfaces. For the equations listed below, the vertex of a paraboloid lies at the origin, the 
axis OZ is the symmetry axis, and the planes OX Z and OY Z are symmetry planes. 
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Figure M4.33. A cone. 


An elliptic paraboloid (see Fig. M4.34 a) is a noncentral surface defined by the equation 
“42 =2:, (M4.6.1.5) 


where p > 0 and q > O are parameters. All points of an elliptic paraboloid lie in the domain 
z20. 


Figure M4.34. Elliptic (a) and hyperbolic (b) paraboloids. 


The sections of an elliptic paraboloid by planes parallel to the axis OZ are parabolas, 
and the sections by planes parallel to the plane OXY are ellipses. If p = q, then we have a 
paraboloid of revolution, which is obtained by rotating the parabola 2pz = x? lying in the 
plane OX Z about its axis. 

The volume of the part of an elliptic paraboloid cut by the plane perpendicular to its 
axis at a height h is equal to V = smabh, 1.e., half the volume of the elliptic cylinder with 
the same base and altitude. 
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A hyperbolic paraboloid (see Fig. M4.34 b) is a noncentral surface defined by the 
equation 


where p > 0 and q > 0 are parameters. 
The sections of a hyperbolic paraboloid by planes parallel to the axis OZ are parabolas, 
and the sections by planes parallel to the plane OX Y are hyperbolas. 


M4.6.2. Quadrics (General Theory) 


> General equation of a quadric. Translation and rotation. A quadric is a set of points 
in three-dimensional space whose coordinates in the rectangular Cartesian coordinate system 
satisfy a second-order algebraic equation 


a112+a097y2+0332+2a1912y+201302+2093y2+20143+20274Y4+20342+044 =0, (M4.6.2.1) 
Or 


(4117 + 4124 + 0132 + 014) + (0217 + ary + 0232 + 024)y 
+ (4310 + 0324 + 0332 + 034)2 + 047 + 0424 + 0432 + a44 = 0, 


with symmetric coefficients, aj; = aji (1,7 = 1,2,3,4); the factors 2 appearing in some 
terms are introduced for further convenience. If equation (M4.6.2.1) does not define a real 
geometric object, then one says that this equation defines an imaginary quadric. 
Equation (M4.6.2.1) can be simplified using the transformations of translation and 
rotation. 
1. Translation: 
L=L+X%, Y=Y+HVY0 2=2+20. (M4.6.2.2) 


This transformation means that the origin O(0, 0, 0) is translated to the point O(zo, yo, z0) 
with the new axes of coordinates remaining parallel to the original ones; x, y, and z are the 
new coordinates. 

2. Rotation: 


v= exh + e129 + €132, y= e21? + e29 + €232, zZz = es 7 $ €329 + e332. (M4.6.2.3) 


This transformation means that all points are rotated about the origin O, with e11, €21, €31 
being the direction cosines of the axis OX, e12, €22, €32 those of the axis OY , and €13, €23, €33 
those of the axis OZ in the initial coordinate system OXY Z. 


> Classification of quadrics. With successive application of transformations (M4.6.2.2)— 
(M4.6.2.3), equation (M4.6.2.1) can be reduced to one of the following 17 canonical forms, 
each of which is associated with a certain class of quadrics (see Table M4.2). The first six 
surfaces, with ô + O, are nondegenerate; their canonical equations contain three quadratic 
terms proportional to x, y, and 22. The other surfaces, 7-17, with 6 = 0, are degenerate; 
their canonical equations contain only two (proportional to r? and y) or even one (z?) 
quadratic term. The last five surfaces, 13-17, disintegrate into planes (real or imaginary); 
their equations can be represented as the product of two factors linear in coordinates on the 
left-hand side and zero on the right-hand side. 
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Z 


Surface 


Ellipsoid 


Imaginary ellipsoid 


One-sheeted hyperboloid 


Two-sheeted hyperboloid 


Real cone 


Elliptic paraboloid 


Hyperbolic paraboloid 


Elliptic cylinder 


— 


—_ 
—_— 


Hyperbolic cylinder 


N 


Parabolic cylinder 


p— 


Pair of imaginary planes 


Pair of real parallel planes 


15 
16 


Imaginary cone with real vertex 


Imaginary elliptic cylinder 


Pair of real intersecting planes 


intersecting in a real straight line 


Pair of imaginary parallel planes 


Pair of real coinciding planes 


ANALYTIC GEOMETRY 


TABLE M4.2 
Classification of quadrics. 


x? 


— + 
a? 


a |S 


N 
<< 
N 


<| 


2 


Aik 


y 
b2 


| <Q 


+ 


om 
1) 


y 


Canonical equation Conditions for invariants 


6#0, A<0, SÓó>0, T>0 
6#0, A>0, Só>0, T>0 
6#0, A=0, 506>0, T>0 


q? y z 6#0, A>0, 
P are ae Sô > 0 or T > 0 (not both > 0) 


6#0, A<O, 

Só > 0 or T > 0 (not both > 0) 
0%0, A=0, 

Só > 0 or T > 0 (not both > 0) 


r2 2 
— + =2z (p,q>0) 6=0, A<0, T>0 
p 
Loy 2z (p,q>0) 5=0, A>0, T<0 
p 

2 
=1 ó=A=0, T'>0, So<0 


z -5=0 $=A=0,T<0,0=0 
a 
2 
A 
a 


2; 2 
£ =a 


> Invariants of quadrics. The shape of a quadric can be identified using four invariants 
and two semi-invariants without reducing equation (M4.6.2.1) to canonical form. 


The four main invariants are 


S =@11 + 022 + 433, 


014 


12 
a22 
12 
022 
23 
12 
a22 
23 
24 


+ 011 
431 
0413 
a23 |, 
433 
113 
23 
433 
134 


413 
433 


014 
24 
134 
0.44 
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whose values are preserved under parallel translations and rotations of the coordinate axes. 
The semi-invariants are 
og = Ai, + Ay + A33, 
as alee see oe eal 
Q41 44 042 44 Q43 044 
whose values are preserved only under rotations of the coordinate axes, with A;; being the 
cofactor of the entry a;¿ in A. 
The last column in Table M4.2 allows the classification of the quadrics in accordance 
with the values of the invariants S, T, 6, and A and semi-invariants g and >. 


> Characteristic quadratic form of a quadric. The characteristic quadratic form 
Eye y= 1127 + any” + 033.27 + 241213Yy + 201322 + 02342 


corresponding to equation (M4.6.2.1) and its characteristic equation 


a1I=A ay 413 
0412 04972 — A A23 = 0, or AS — Sr +TA-0=0 (M4.6.2.8) 
413 a23  a33=A 


permit studying the main properties of quadrics. 

The roots A;, A2, and A3 of the characteristic equation (M4.6.2.8) are the eigenvalues of 
the real symmetric matrix [a;;] and hence are always real. The invariants S, 7’, and ô can 
be expressed in terms of the roots A;, Az, and A3 as follows: 


S = A1 +A. + A3, T = A1 À2 + À1A3 + A243, Ô = A1 A2A3. 


The expressions of the parameters of the main quadrics via the invariants T, 6, and A 
and the roots A1, A2, and A3 of the characteristic equation are listed in Table M4.3. 


TABLE M4.3 
Expressions of the parameters of the main quadrics via the invariants 
(M4.6.2.4)-(M4.6.2.7) and the roots of the characteristic equation (M4.6.2.8). 


m DA a A 
a = 


a2b2c, 
Ellipsoid 
At 2A2 = A3 > O 


One-sheeted a 2 6, 


hyperboloid A` >A. > O> Az 


Two-sheeted a 2 b, 


hyperboloid M>0>»>A 


Elliptic ee E 


paraboloid M>A>A35=0 


p>0, q>0, 


Hyperbolic 
paraboloid 


Ay > Ar = O> Az 
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Chapter M5 
Algebra 


M5.1. Polynomials and Algebraic Equations 
M5.1.1. Polynomials and Their Properties 


> Definition of a polynomial. A polynomial of degree n of a scalar variable x is an 
expression of the form 


f(t) = ant" + Gn 2") +--+ +a,L+a9 (an #0), (M5.1.1.1) 


where ag, ..., An are real or complex numbers (n = 0, 1, 2, ...). Polynomials of degree 
zero are nonzero numbers. 

Two polynomials are equal if they have the same coefficients of like powers of the 
variable. 


> Main operations over polynomials. 


1°. The sum (difference) of two polynomials f(x) of degree n and g(x) of degree m is the 
polynomial of degree | < max{n, m} whose coefficient of each power of x is equal to the 
sum (difference) of the coefficients of the same power of x in f(x) and g(x), i.e., if 


1 


Q(x) = bmt” +bm- 0 +--+ +b, x + bo, (M5.1.1.2) 


then the sum (difference) of polynomials (M5.1.1.1) and (M5.1.1.2) is 


TL) g(a) = ca + ea +---+¢C;%+cC9, Where cy =aztb (k=0,1,..., D. 


If n > m then bm+1 =+- = bn = 0; if n < m then an+1 =*** = Am =Q. 


2”. To multiply a polynomial f(x) of degree n by a polynomial g(x) of degree m, one 
should multiply each term in f(x) by each term in g(x), add the products, and collect 
similar terms. The degree of the resulting polynomial is n+m. The product of polynomials 
(M5.1.1.1) and (M5.1.1.2) is 


i+j=k 


f(x)g(£) = Coat + Cn+m-l gr feet C1T + Co, Ck = y ajb;, 


i,j=0 
where k = 0, 1, ..., 2 +™. 


3°. Each polynomial f(x) of degree n can be divided by any other polynomial p(x) of 
degree m (p(x) #0) with remainder, i.e., uniquely represented in the form f(x) = p(x)q(x)+ 
r(x), where q(x) is a polynomial of degree n — m (for m < n) or q(x) = O (for m > n), 
referred to as the quotient, and r(x) is a polynomial of degree / < m or r(x) = 0, referred to 
as the remainder. 

If r(x) = 0, then f(x) is said to be divisible by p(x) (without remainder). 

If m >n, then q(x) = 0 and r(x) = f(x). 
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> Methods for finding quotient and remainder. 


1°. Horner’s scheme. To divide a polynomial f(x) of degree n (see (M5.1.1.1)) by the 
polynomial p(x) = x — b, one uses Horner’s scheme: the coefficients of f(x) are written out 
in a row, starting from an; b is written on the left; then one writes the number a,, under ay, 
the number anb + an-1 = bn-1 under a,_1, the number 0,160 + an2 = bn, under an2, ..., 
the number b;b + ay = bp under ag. The number by is the remainder in the division of f(x) 
by p(x), and ay, bn-1, ..., b1 are the coefficients of the quotient. 


Remark. To divide f(x) by p(x) = ax +b (a #0) with remainder, one first uses Horner’s scheme to divide 
by pi(1) = x — EL); now if gi(a) and rı are the quotient and remainder in the division of f(x) by pi(x), then 
q(x) = iq (x) and r = rı are the quotient and remainder in the division of f(x) by p(x). 


Example 1. Let us divide f(x) = x? — 2a” — 10x + 3 by p(x) = 2x +5. 
We use Horner’s scheme to divide f(x) by pi(x) = x + 5/2: 


|1 -2 -10 3 


o a 2 uk 
2 2 4 8 
Thus f(x) = p(x)q(x) + r(x), where 
Apy 9 Sy. E 29 5 o 1 
(=> (8-z0+7)= 0-03, =T 


POLYNOMIAL REMAINDER THEOREM. The remainder in the division of a polynomial 
f(x) by the polynomial p(x) = x—b is the number equal to the value of the polynomial f(x) 
atx =b. 


2”. Long division. To divide a polynomial f(x) of degree n by a polynomial p(x) of degree 
m <n, one can use long division. 


Example 2. Let us divide f(x) = x? + 8x* + 14x — 5 by p(x) = r° + 3z — 1. 


We use long division: 
a + 8a" + 14@ — S| r + 32-1 
PFI =g x+5 


o Sa? 41525 
Sa? + 15x-5 
0 
Thus f(x) = p(x)q(x) + r(x), where q(x) = x +5 and r(x) = 0; i.e., f(x) is divisible by p(x). 


Example 3. Let us divide f(x) = £? — 4a” + x + 1 by p(x) = x° +1. 


We use long division: 
4a? +a 41[a7 +1 
r’ +r x—4 


_ —da? +1 
ba 4 
5 


Thus f(x) = p(x)q(x) + r(x), where q(x) = x — 4 and r(x) = 5. 


> Expansion of polynomials in powers of a linear binomial. For each polynomial f(x) 
given by equation (M5.1.1.1) and any number c, one can write out the expansion of f(x) in 
powers of x — c: 


fa) = bn(£ -0 + bnl -o + +bi(£- e) + bo. 


To find the coefficients bọ, ..., bn of this expansion, one first divides f(x) by x — c with 
remainder. The remainder is bg, and the quotient is some polynomial go (x). Then one divides 
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go(x) by x — c with remainder. The remainder is bı, and the quotient is some polynomial 
gi(x). Then one divides gı (x) by x -— c, obtaining the coefficient b) as the remainder, etc. It 
is convenient to perform the computations by Horner’s scheme (see above). 

The coefficients in the expansion of a polynomial f(x) in powers of the difference x -— c 
are related to the values of the polynomial and its derivatives at x = c by the formulas 


/ Nl (n) 
=f, = 29, =F | E 


1 


where the derivative of a polynomial f(x) = anx” + Gnu" +---+17 + xo with real or 


complex coefficients ao, ... , an is the polynomial f’. (x)= nand lEn- Dapat +: +44, 
na (x) = [£.(x)1,,, etc. (see Subsection M6.2.1). 
M5.1.2. Linear and Quadratic Equations 
> Linear equations. The linear equation 
ar+b=0 (a0) 
has the solution : 
TSc, 
a 
> Quadratic equations. The quadratic equation 
art+br+c=0 (a 4 0) (M5.1.2.1) 
has the roots 
—b + Vb? — 4ac 
[9 
2a 
The existence of real or complex roots is determined by the sign of the discriminant 


D =b? — 4ac: 
Case D > Q. There are two distinct real roots. 
Case D < 0. There are two distinct complex conjugate roots. 
Case D = 0. There are two equal real roots. 


VIETE THEOREM. The roots of a quadratic equation (M5.1.2.1) satisfy the following 
relations: 


Ti + £2 =-—, T12 = : 
a 


SG 


M5.1.3. Cubic Equations 
> Incomplete cubic equation. 


1°. Cardano’s solution. The roots of the incomplete cubic equation 
y? +py+q=0 (M5.1.3.1) 


have the form 


1 
y =Á+B, jae ara AB 
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where 


A=(-4+vbD)", BD), a (PLD ea 
2 2 3 2 
and A, B are arbitrary values of the cubic roots such that AB = -4 p. 
The number of real roots of a cubic equation depends on the sign of the discriminant D: 
Case D > 0. There is one real and two complex conjugate roots. 
Case D < 0. There are three real roots. 
Case D = 0. There is one real root and another real root of double multiplicity. 


2°. Trigonometric solution. If an incomplete cubic equation (M5.1.3.1) has real coefficients 
p and q, then its solutions can be found with the help of the trigonometric formulas given 
below. 

(a) Let p < 0 and D < 0. Then 


p Q p a T 
= 2,/-= cos =, TE E ($ + =), 
Y1 3 COS 3 Y2,3 3 COS 3773 


where the values of the trigonometric functions are calculated from the relation 
q 


21/Ap/37 
(b) Let p > 0 and D > 0. Then 


p p V3 
=2,/ 0000, a= 4/2 [eott2a) +i], 
Yı 3 cot(20),  Y23 3 cot(2a) On 


where the values of the trigonometric functions are calculated from the relations 


T 6 T T 
t = | tan — O E Sos ee ; < —, < —. 
an a (tan > an 6 a la| 3 |6| 5 


COS Q = — 


(c) Let p < 0 and D > 0. Then 


p i p 1 
A E. A = ,/-4 |- +i V3 cot(20)|, 
a m0) A A A 


where the values of the trigonometric functions are calculated from the relations 
BNIA l 2/ p\3/2 T T 
tan a = (tan Z) , Snp = =(£) , lal < —, < —. 
> B=—(-3) > lasg WS5 
In the above three cases, the real value of the cubic root should be taken. 


> Complete cubic equation. The roots of a complete cubic equation 
az? +bx* +cxr+d=0 (a¥0) (M5.1.3.2) 


are calculated by the formulas 


vk = Gk~ 37> k= 1s 2. 3; 


where yy are the roots of the incomplete cubic equation (M5.1.3.1) with the coefficients 
B ete) ae -2 (2) bc d 
LES ka a “TN 3a? a 
VIETE THEOREM. The roots ofa complete cubic equation (M5.1.3.2) satisfy the following 


relations: 


d 


C 
Cito ISA Dy FL Fe = =; LILIT = 
a a a 
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M5.1.4. Fourth-Degree Equation 
> Special cases of fourth-degree equations. 


1°. The biquadratic equation 

axt + ba*+c=0 
can be reduced to a quadratic equation (M5.1.2.1) by the substitution € = x?. Therefore, 
the roots of the biquadratic equations are given by 


—b + V b2 —4ac —b — Vb? — 4ac 
£12 =t E 134 =1X A 
a a 


2”. The reciprocal (algebraic) equation 
ax* + bai + cx* +b +a =0 
can be reduced to a quadratic equation by the substitution 


ie Sao 
The resulting quadratic equation has the form 
ay? + by +c—2a = 0. 
3°. The generalized reciprocal equation 
ax’ + ba? + cx? + Aba + 17a = 0 
can be reduced to a quadratic equation by the substitution 
Yy=+—. 
x 
The resulting quadratic equation has the form 
ay? + by +c-2aA = 0. 
> General fourth-degree equation. 


1°. Reduction of a general fourth-degree equation to an incomplete equation. The general 
fourth-degree equation 


azt + ba? + cx? +dr +e =0 (a #0) 
can be reduced to an incomplete equation of the form 


yt +py’ +qytr=0 (M5.1.4.1) 
by the substitution 
b 
L=Y- re 


2°. Descartes—Euler solution. The roots of the incomplete equation (M5.1.4.1) are given 
by the formulas 


n=3(Va+rva+rva3) v=3ilVa-v2-423), 
y =la tva) Ya=3(-Va-vV2+ 423), 
where z1, 22, 23 are the roots of the cubic equation (cubic resolvent of equation (M5.1.4.1)) 
x + 2p2* + (p? — 4r)z — g =Q. (M5.1.4.3) 
The signs of the roots in (M5.1.4.2) are chosen from the condition 


v 21/22/23 =-4. 
The roots of the fourth-degree equation (M5.1.4.1) are determined by the roots of the 
cubic resolvent (M5.1.4.3); see Table M5.1. 


(M5.1.4.2) 
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TABLE M5.1 
Relations between the roots of an incomplete equation of fourth-degree and the roots of its cubic resolvent. 


Cubic resolvent (M5.1.4.3) Fourth-degree equation (M5.1.4.1) 


All roots are real: one is positive and two are negative* | Two pairs of complex conjugate roots 
One real root and two complex conjugate roots Two real roots and two complex conjugate roots 


* By the Viète theorem, the product of the roots z1, 22, 23 is equal to q” > 0. 


3°. Ferrari solution. Let z be any of the roots of the auxiliary cubic equation (M5.1.4.3). 
Then the four roots of the incomplete equation (M5.1.4.1) are found by solving the following 
two quadratic equations: 


+2 
y -ynyr 2 + 4 =0, 


2 aa 


Fz 
y+ yayr 2 G=0. 


2. 2a 


M5.1.5. Algebraic Equations of Arbitrary Degree and Their 
Properties 


> Simplest equations of degree n and their solutions. 


1°. The binomial algebraic equation 
z’*—-a=0 (a#0) 


has the solutions 
2k 2k 
a!/” (cos = + 7sin =r) for a >0, 
n n 


Tk+1 = 
2k+1 2k+1 
jal!” (cos o + ¿sin ettor) for a <0, 
n n 


where k = 0,1,...,n— 1 and i? = -1. 


2°. Equations of the form 


r” +az”+b=0, 

a” + ac” +br”+c=0, 

a” + are” + bx?" +cr”+d=0 
are reduced by the substitution y = x” to a quadratic, cubic, and fourth-degree equation, 
respectively, whose solution can be expressed by radicals (see Subsections M5.1.2-M5.1.4). 


Remark. In the above equations, n can be noninteger. 
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3°. The generalized reciprocal (algebraic) equation 


2n-1 1 


aa tam Eee a eae 


2 


i Nae EN a oa ee ae aS 0 (ao #0). 


can be reduced to an equation of degree n by the substitution 
y=rt—. 
x 


Example 1. The equation 
ax? + br? +cx' +dr? +cr +br+a=0, 
which is a special case of the reciprocal equation with n = 3 and A = 1, can be reduced to the cubic equation 
ay + by + (c-3a)yy+d-2b=0 
by the substitution y = x + 1/z. 


> Equations of general form and their properties. An algebraic equation of degree n 
has the form 


1 


Ant” +an 1L +:-::+a;x+a9=0 (a, #0), (M5.1.5.1) 


where aj are real or complex coefficients. Denote the polynomial of degree n on the 
left-hand side in equation (M5.1.5.1) by 


P, (2) = Ant” +ani +.--+ajz+ao (an #0). (M5.1.5.2) 


A value x = xı such that P,(x1) = O is called a root of equation (M5.1.5.1) (and 
also a root of the polynomial F,,(x)). A value x = xj is called a root of multiplicity m if 
Py, (a) = (2-21) Qn-m(«), where m is an integer (1 < m <n), and Qn-m(£) is a polynomial 
of degree n — m such that Q,-m(11) 4 0. 


THEOREM | (FUNDAMENTAL THEOREM OF ALGEBRA). Any algebraic equation of degree 
n has exactly n roots (real or complex), each root counted according to its multiplicity. 


Thus, the left-hand side of equation (M5.1.5.1) with roots #1, £2, .. . , £s of the respective 
multiplicities k1, ko,..., ks (ky + k2 +--- +k; = n) can be factorized as follows: 


P,(a) = an(@ — 21)" (a — 20)” ...(a@— 25)". 


THEOREM 2. Any algebraic equation of an odd degree with real coefficients has at least 
one real root. 


THEOREM 3. Suppose that equation (M5.1.5.1) with real coefficients has a complex 
root x; = 0 +16. Then this equation has the complex conjugate root x. = a—i(, and the 
roots x1, xı have the same multiplicity. 


THEOREM 4. Any rational root of equation (MS.1.5.1) with integer coefficients ag is an 
irreducible fraction of the form p/q, where p is a divisor of ay and q is a divisor of ay. If 
an = 1, then all rational roots of equation (M5.1.5.1) (if they exist) are integer divisors of 
the free term. 


THEOREM 5 (ABEL—RUFFINI THEOREM). Any equation (M5.1.5.1) of degree n < 4 is 
solvable by radicals, i.e., its roots can be expressed via its coefficients by the operations of 
addition, subtraction, multiplication, division, and taking roots (see Subsections M5,.1.2— 
M5S.1.4). In general, equation (M5.1.5.1) of degree n > 4 cannot be solved by radicals. 
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> Relations between roots and coefficients. Discriminant of an equation. 
VIETE THEOREM. The roots of equation (M5.1.5.1) (counted according to their multi- 
plicity) and its coefficients satisfy the following relations: 


ci 2S. ELO uy 


n 


where Sy are elementary symmetric functions of £1, £2, ..., En: 


n n n 
SLS ) Ci. = ) Lili 235 ) DD Cta Da LD Oe 
i=l 


1<<7 1<:<3<k 


Note also the following relations: 


k 


(n — k)an- 4 + y dar =O: (R= 1, 2 cry NR) 
j=1 


n : 

. . . a J 

with symmetric functions s; = > Tr 
q= 


2n—2 


The discriminant D of an algebraic equation is the product of as; 


Vandermonde determinant A(v1,72,...,,,) of its roots: 


and the squared 


D= ay Aerie i =a7 e 


1<3<i<n 
The discriminant D is a symmetric function of the roots £1, £2, ..., £n, and is equal to zero 
if and only if the polynomial P,,(x) has at least one multiple root. 
> Bounds for the roots of algebraic equations with real coefficients. 


1°. All roots of equation (M5.1.5.1) in absolute value do not exceed 
A 
N = 1 + —, (M5.1.5.3) 


where A is the largest of lagl, lail, ..., lan-1l. 
The last result admits the following generalization: all roots of equation (M5.1.5.1) in 
absolute value do not exceed 


A 
N=p+=, (M5.1.5.4) 
lan] 
where p > Q is arbitrary and A, is the largest of 
lan-2|  lan-3l lao] 
rl; 9 2 5 ce eg —— 


pP P 
For p = 1, formula (M5.1.5.4) turns into (M5.1.5.3). 


Remark. Formulas (M5.1.5.3) and (M5.1.5.4) can also be used for equations with complex coefficients. 
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Example 2. Consider the following equation of degree 4: 
P(x) = 9x — 9x7 — 36a + 1. 


Formula (M5.1.5.3) for n = 4, la, | = 9, A = 36 yields a fairly rough estimate N = 5, i.e., the roots of the 
equation belong to the interval [-5, 5]. Formula (M5.1.5.4) for p = 2, n = 4, |an| = 9, Ai = 9 yields a better 
estimate for the bounds of the roots of this polynomial, N; = 3. 


2°. A constant K is called an upper bound for the real roots of equation (M5.1.5.1) or the 
polynomial P„(x) if equation (M5.1.5.1) has no real roots greater than or equal to K; ina 
similar way, one defines a lower and an upper bound for positive and negative roots of an 
equation or the corresponding polynomial. 

Let 

Kı be an upper bound for the positive roots of the polynomial P,,(x), 

K3 be an upper bound for the positive roots of the polynomial P,,(=x), 

K3 > 0 be an upper bound for the positive roots of the polynomial z” P, (1/1), 

K4 > 0 be an upper bound for the positive roots of the polynomial z” P, (1/1). 
Then all nonzero real roots of the polynomial P,,(x) (if they exist) belong to the intervals 
(—K2,-1/K4) and (1/K3, Kı). 

Next, we describe three methods for finding upper bounds for positive roots of a 
polynomial. 


Maclaurin method. Suppose that the first m leading coefficients of the polynomial 
(M5.1.5.2) are nonnegative, 1.€., Ay > Q0, an-1 2 0, ..., An-m+1 2 Q, and the next coefficient 
is negative, Arm < 0. Then 

By1/m 
K=1+ (=) 


An 


(M5.1.5.5) 


is an upper bound for the positive roots of this polynomial, where B is the largest of the 
absolute values of negative coefficients of P,,(x). 

Example 3. Consider the fourth-degree equation from Example 2. In this case, m = 2, B = 36 and 
formula (M5.1.5.5) yields K = Kı =1+(36/9)!/? =3. Now, consider the polynomial Pr(=x) =9x*-91?+36%+1. 
Its positive roots has the upper bound K> =1+(9/ 9)!/? =2. For the polynomial x* P4(1 Jays a*-36x*-9x*+09, 
we have m = 1, K3 =1+36 = 37. Finally, for the polynomial a Pa(-1/2) = 12*+36x7 -9x? +9, we have m=2, 
ka = 1 +9! =4, Thus if Pa(x) has real roots, they must belong to the intervals (-2, -1/4) and (1/37, 3). 


Newton method. Suppose that the polynomial P,,(x) and all its derivatives P’ (x), ..., 
P(x) take positive values for x = c. Then c is an upper bound for the positive roots 
of P(x). 

Example 4. Consider the polynomial from Example 2 and calculate the derivatives 
P(x) = 9x* -91*-362+1, Pi(x) = 362° — 182-36, Pi'(x) = 10827 -18, Pi (x) = 2162, Py (a) = 216. 


It is easy to check that for x = 2 this polynomial and all its derivatives take positive values, and therefore c = 2 
is an upper bound for its positive roots. 


> Theorems on the number of real roots of polynomials. The number of all negative 
roots of a polynomial P,,(x) is equal to the number of all positive roots of the polynomial 
Py(-2). 


1°. The exact number of positive roots of a polynomial whose coefficients form a sequence 
that does not change sign or changes sign only once can be found with the help of the 
Descartes theorem (rule of signs). 


DESCARTES THEOREM. The number of positive roots (counted considering their multi- 
plicity) of a polynomial P,,(x) with real coefficients is either equal to the number of sign 
alterations between consecutive nonzero coefficients or is less than it by a multiple of 2. 


Applying the Descartes theorem to P,(=x), we obtain a similar theorem for the negative 
roots of the polynomial P, (x). 
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Example 5. Consider the cubic polynomial 
Psx) = a — 32 +a* (a #0). 


Its coefficients have the signs + — +, and therefore we have two alterations of sign. Therefore, the number of 
positive roots of P(x) is equal either to 2 or to 0. Now, consider the polynomial Px(=x) = -x° + 3x + a”. The 
sequence of its coefficients changes sign only once. Therefore, the original equation has one negative root. 


2°. A stronger version of the Descartes theorem. Suppose that all roots of a polynomial 

P,,(a) are real“; then the number of positive roots of P,,(x) is equal to the number of sign 

alterations in the sequence of its coefficients, and the number of its negative roots is equal 

to the number of sign alterations in the sequence of coefficients of the polynomial P (=x). 
Example 6. Consider the characteristic polynomial of the symmetric matrix 


=) -7r 1 1 
Pla)=| 1 lx 3 |=-a° +142 +20, 
1 3 l-g 


which has only real roots. The sequence of its coefficients changes sign only once, and therefore it has a single 
positive root. The number of its negative roots is equal to two, since this polynomial has three nonzero real 
roots and only one of them can be positive. 


3°. If two neighboring coefficients of a polynomial P,,(x) are equal to zero, then the roots 
of the polynomial cannot be all real (in this case, the stronger version of the Descartes 
theorem cannot be used). 

4”. The number of real roots of a polynomial P,, (x) greater than a fixed c is either equal to 


the number of sign alterations in the sequence P,,(c), ..., P(o) or is by an even number 
less. If all roots of Pa (x) are real, then the number of its roots greater than c coincides with 


the number of sign alterations in the sequence F,,(c), ..., Po), 
Example 7. Consider the polynomial 
Pa(x) = rÍ —3a° +22 -2ata+a. 


For x = 1, we have Py(1) =-a?, Pj(1) = -1-2a7, P (1) =-2, P” (1) = 6, Pj’"(1) = 24. Thus, there is a single 
sign alteration, and therefore the polynomial has a single real root greater than unity. 


M5.2. Determinants and Matrices 

M5.2.1. Determinants 

> Second-order, third-order, and nth-order determinants. 

1°. The second-order determinant is a number A associated with 4 scalar quantities a11, a12, 


471, 422, arranged in a 2 x 2 square table. It is denoted and calculated as 


a a 
NE 11 12 
a2) 02 
The numbers a11, @12, @21, and a», are called elements of the determinant A. 


= 411422 — 412021. 


2°. The third-order determinant is a number A associated with a 3 x 3 square table of 
9 scalar quantities; it is denoted and calculated as 


Q11 G12 013 
A=|az 422 493 


431 432 433 


= 011422433 + 412023031 + 013091032 — 4134922031 — 412021033 — 011023032. 


* This is the case, for instance, if we are dealing with the characteristic polynomial of a symmetric matrix. 
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This expression is obtained by the triangle rule (Sarrus scheme), illustrated by the following 
diagrams, where entries occurring in the same product with a given sign are joined by 


segments: 
| | | 


3°. The nth-order determinant is a number A associated with an n x n square table of 
n? scalar quantities; it is denoted by 


411 12 din 
491 42 `>? n 

ña A (M5.2.1.1) 
Ani Gn2 *** Gann 


The numbers a;¿ are elements of the determinant A. 
The determinant (M5.2.1.1) is calculated using the formulas 


A= 051 Ail + aj Aja dE y Qin Ain M5 T 2) 
= a,j Al; + G2; Aj +: ** + GnjAn; duo i. 


for any ¿th row and jth column. Here, A;,; is the cofactor of the element a;;, which is 
defined as A;; = (—1)**9 Mij, where Mi; is the minor corresponding to a;;. The minor Mij 
is defined as the (n—1)st-order determinant of size (n—1)x(n-1) obtained from the original 
determinant by removing the zth row and the 7th column (1.e., the row and the column that 
intersect at a;;). It follows from (M5.2.1.2) that the calculation of an nth-order determinant 
is reduced to the calculation of n determinants of order n — 1. 

The first formula in (M5.2.1.2) is called the cofactor expansion of the determinant along 
row i and the other one is called the cofactor expansion of the determinant along column 7. 


> Properties of determinants. 

1. If a determinant contains a row (column) consisting of all zeroes, then this determinant 
is equal to zero. 

2. If a determinant has two proportional rows (columns), then the determinant is zero. 

3. If a determinant has a row (column) that is a linear combination of its other rows 
(columns), then the determinant is zero. 

4. If two rows (columns) are interchanged, the determinant changes its sign. 

5. If each element of a row (column) is divisible by a common number, this number can 
be factored out of the determinant. 

6. The determinant does not change if a linear combination of some of its rows (columns) 
is added to another row (column). 


Remark. The determinant is equal to zero if and only if its rows (columns) are linearly dependent. 
> Calculation of determinants. 


1°. Determinants can be calculated using the above properties. 


Example 1. Find the determinant 


-13 25 17 
A=| 26 -34 -26 
36 -33 -24 
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We first factor out the common divisor 2 of the elements in the second row, then add the resulting second 
row to the first one and then add the second row multiplied by —2 to the third one to obtain 


-13 25 17 0 8 4 
A=2|13 -17 -13|=2/|13 -17 -13|. 
36 -33 -24 10 1 2 


In the last determinant, by adding the third column multiplied by —2 to the second one and by using the cofactor 
expansion along the first row, one obtains 


0 0 4 E 
A=2|13 9 -13)=2x4| 19 | =8(39-90)=-1032. 
10 -3 2 


2”. Determinants are often calculated using the cofactor expansion formulas (M5.2.1.2). 
To this end, its is convenient to take a row or a column that contains many zero elements. 


Example 2. Find the third-order determinant 


Ll 2 
A=|6 1 5 
ate ed 


We perform the cofactor expansion along the second column: 


6 5 


> 4 +(-1)” i 


3 
det A = X C) ar Mr = ED x (1) x 
k=1 


1 2 3+2 1 2 
E A E xx le Al 


=1x[6x(24)-5x2]+1x[1x(4)-2x2]+1x[1x5-2x6] = 49. 


M5.2.2. Matrices. Types of Matrices. Operations with Matrices 


> Definition of a matrix. Types of matrices. A matrix of size (or dimension) m X n 1s 
a rectangular table with entries aij (îi = 1, 2, ..., m; j =1, 2, ..., n) arranged in m rows 
and n columns: 


di dia + Qn 
a an2 ‘+ An 

A=| 0 7 Y (M5.2.2.1) 
Ami Am2 *** Gmn 


Note that, for each entry a;;, the index 1 refers to the ¿th row and the index j to the jth 
column. Matrices are briefly denoted by uppercase letters (for instance, A, as here), or by 
the symbol [a;;], sometimes with more details: A=[a;;](@=1, 2, ..., m; j=1, 2, ..., n). 
The numbers m and n are called the dimensions of the matrix. 

The null or zero matrix is a matrix whose entries are all equal to zero: aij = 0 (i = 
A 0 E A 0) 

A column vector or column is a matrix of size m xX 1. A row vector or row is a matrix 
of size 1 xn. Both column and row vectors are often simply called vectors. 

A square matrix is a matrix of size n x n, and n is called the dimension of this square 
matrix. The main diagonal of a square matrix 1s its diagonal from the top left corner to the 
bottom right corner with the entries a11 a22 ... Ann. Table M5.2 lists the main types of 
square matrices. 


> Basic operations with matrices. Two matrices are equal if they are of the same size 
and their respective entries are equal. 


The sum of two matrices A = [a;;] and B =[b;¿] of the same size m x n is the matrix 
C = [cij] of size m x n with the entries 


Cij = Qij + Diz: 
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TABLE M5.2 
Some types of square matrices. 


Bee bt eas ae [og 


Unit (identity) ee ee t= J, 
I = [0:5] LO, 449 


(0;; is the Kronecker delta) 


Lower triangular 
(subdiagonal) 


Hermitian 


(self-adjoint) Qij = aji (aj; is the complex conjugate of a number aji) 


The sum of two matrices is denoted by C = A + B, and the operation is called addition of 
matrices. 
Properties of addition of matrices: 


A+O=A (property of zero matrix), 
A+B=B+A (commutativity), 
(A+ B)+C=A+4+(B+C) (associativity), 


where matrices A, B, C, and zero matrix O have the same size. 
The difference of two matrices A = [a;;] and B = [b;;] of the same size m x n is the 
matrix C = [c;;] of size m x n with entries 


Cij = Qij — bij (i= 1, 2: ss dd J= | Jera T): 
The difference of two matrices is denoted by C = A — B, and the operation is called 
subtraction of matrices. 
The product of a matrix A = [a;;] of size m x n by a scalar A is the matrix C = [c;;] of 
size m X n with entries 


Cij = Alij GSR Zer IE IA, 2) 


The product of a matrix by a scalar is denoted by C = AA, and the operation is called 
multiplication of a matrix by a scalar. 
Properties of multiplication of a matrix by a scalar: 


DA=0 (property of zero), 

(Au)A = A(u A) (associativity with respect to a scalar factor), 
A(A+ B)=AA+AB_ (distributivity with respect to addition of matrices), 
(A+ pA=AA+pA (distributivity with respect to addition of scalars), 


where A and y are scalars, matrices A, B, C, and zero matrix O have the same size. 
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The product of a matrix A = [a;¿] of size m x p and a matrix B = [b;;] of size p x n is 
the matrix Č = [c;;] of size m x n with entries 


P 


TD ad Cl dm dm 
k=1 


i.e., the entry c;; in the ¿th row and jth column of the matrix C is equal to the sum of 
products of the respective entries in the ¿ith row of A and the jth column of B. Note that 
the product 1s defined for matrices of compatible size; 1.e., the number of columns in the 
first matrix should be equal to the number of rows in the second matrix. The product of 
two matrices A and B is denoted by C = AB, and the operation is called multiplication of 
matrices. 


Example 1. Consider two matrices 


I 2 0 10 1 
A= (5 5) ou B=( 0.5 20): 
The product of the matrix A and the matrix B is the matrix 
1 2 0 10 1 
C=AB=(¢ 4) (< —0.5 50) 
= ( 1x0+2x(6) 1 x 10 + 2 x (—0.5) 1x1+2x20 er 9 a 
~ \6x0+4+(-3)x(-6) 6x10+(-3)x(-0.5) 6x1+(-3)x20/ \ 18 61.5 -54)' 


Properties of multiplication of matrices: 


AO = 0; (property of zero matrix), 

(AB)C = A(BC) (associativity of the product of three matrices), 

AI=A (multiplication by unit matrix), 

A(B+C)=AB+AC (distributivity with respect to a sum of two matrices), 
MAB) =(AA)B = A(AB) (associativity of the product of a scalar and two matrices), 
SD=DS (commutativity for any square and any diagonal matrices), 


where A is a scalar, matrices A, B, C, square matrix S, diagonal matrix D, zero matrices O 
and O,, and unit matrix / have the compatible sizes. 

Two square matrices A and B are said to commute if AB = B A, i.e., if their multiplication 
is subject to the commutative law (in general, this is not the case). 


> Transpose, orthogonal, and adjoint matrix. The transpose of a matrix A = [a;;] of 
size m Xx n is the matrix C = [c;;] of size n x m with entries 


Cij = Qji O A ahs 2s ea). 


The transpose is denoted by C = A’. 
Z r_ (a 
Example 2. If A = (a¡,a2) then A` = ol 


Properties of transposes: 
(A+B) =A'+B*, QA) =)A', (Af) =A, 
(AC) =C7 A’, O? =O), Fal 


where A is a scalar; matrices A, B, and zero matrix O have size m x n; matrix C has size 
n xl, zero matrix O, has size n x m. 
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THEOREM (DECOMPOSITION OF MATRICES). For any square matrix A, the matrix S¡ = 
S(A + A?) is symmetric and the matrix S) = 5(A — A’) is skew-symmetric. The represen- 
tation of A as the sum of symmetric and skew-symmetric matrices is unique: A = 5S, + 5S». 


A square matrix A is said to be orthogonal if Al A= AA! =T,ie., A? = A, where 
A”! is the inverse of A (see Subsection M5.2.3). 
Properties of orthogonal matrices: 
1. If A is an orthogonal matrix, then A? is also orthogonal. 
2. The product of two orthogonal matrices is an orthogonal matrix. 
3. Any symmetric orthogonal matrix is involutive, 1.e., AA = I. 


The complex conjugate of a matrix A = [a;;] of size m x n is the matrix C = [e;¿] of 
size m X n with entries 


where a;; is the complex conjugate of a;;. The complex conjugate matrix is denoted 
by C= A. 


The adjoint matrix of a matrix A = [a;¿] of size m x n is the matrix C = [e;¿] of size 
n Xm with entries 


Cij = Qji Gal Zac We a le 2h nee 


The adjoint matrix is denoted by Č = 4*. 
Properties of adjoint matrices: 


(A+ B)* = A* + B*, QÍ=24*% (A* =A, 
(AC) = C* A", O* = 0}, I=], 


where A is a scalar; matrices A, B, and zero matrix O have size m x n; matrix C has size 
n xl; zero matrix O; has size n x m. 


Remark. If a matrix is real (i.e., all its entries are real), then the corresponding transpose and the adjoint 
matrix coincide. 


A square matrix A is said to be normal if A* A = AA*. A normal matrix A is said 
to be unitary if A*A = AA* = I, i.e., A* = AT! where A? is the inverse of A (see 
Subsection M5.2.3). 


> Trace of a matrix. The trace of a square matrix A = [a;;] of size n x n is the sum of 


1ts diagonal entries, 
n 


Tr(A) = ` Aii. 


i=1 


If A is a scalar and square matrices A and B have the same size, then 
Tr(A + B) = Tr(A)+ T(B), Tr(A4)= ATr(4), Tr(AB)= Tr(BA), 


> Minors. Rank and defect of a matrix. In a square or rectangular matrix, let us select 
k arbitrary rows and k arbitrary columns to make up a square submatrix. The kth-order 
determinant formed by the entries where the selected rows and columns intersect is called 
a kth-order minor of the matrix. 
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The rank of a matrix A is the maximum order of nonzero minors of A. The rank of a 
matrix A is denoted rank(A). If all entries of a matrix are zero, the rank of the matrix is 
taken to be zero. 


Properties of the rank of a matrix: 

1. The rank of a matrix does not change if: a row (column) whose entries are all zero 
is deleted; some rows (columns) are interchanged; a row (column) is multiplied by a 
nonzero number; the entries of one row (column) multiplied by any number are added to 
the respective entries of another row (column); and the rows are substituted by columns 
while the columns are substituted by the respective rows (for square matrices). 


12 3 6 
Example 3. Find the rank of the matrix A = ( 2 3 1 6 
en R p 

Subtract the sum of the first three columns from column 4 and then delete the resulting column, whose 
LAO 

entries are now all zero, to obtain the matrix A; = | 2 3 i) , which has the same rank as A. Since 
3. Me 2 


det(A;) = —18 + 0, we have rank(A,) = 3, and hence rank(A) = 3. 


2. For any matrices A and B of the same size the following inequality holds: 
rank(A + B) < rank(A) + rank( B). 


3. For a matrix A of size m x n and a matrix B of size n x k, the Sylvester inequalities 
hold: 
rank(A) + rank(B)-n < rank(AB) < min{rank(A), rank(B)}. 


For a square matrix A of size n x n, the value d = n —rank(A) is called the defect of the 
matrix A, and A is called a d-fold degenerate matrix. The rank of a nondegenerate square 
matrix A = [a;;] of size n x n is equal to n. 


4. Let r be the rank of a matrix; basic minor of this matrix is its nonzero minor of the order 
r. Basic rows (columns) of the matrix are the rows (columns) forming the basic minor. 


THEOREM ON BASIC MINOR. Basic rows (resp., basic columns) of a matrix are linearly 
independent. Any row (resp., any column) of a matrix is a linear combination of its basic 
rows (resp., columns). 


> Linear dependence of row vectors (column vectors). A row vector (column vector) 


B is a linear combination of row vectors (column vectors) A;,..., A; if there exist scalars 
Q1,..., Œk such that 
B=a,A, +-->+azpAp. 
Row vectors (column vectors) A;, ..., Az are said to be linearly dependent if there 
exist scalars a1,..., Ax (at +-+ a? + 0) such that 


MA] +- +QLAr=0, 


where O is the zero row vector (column vector). 
Row vectors (column vectors) Aj, ..., Az are said to be linearly independent if, for 
any Q1,..., Qk (at +--+ +a? #0) we have 


ayjA,+-:::+a,A;z ŁO. 


Remark. Row vectors (column vectors) A1, ..., Ax are linearly dependent if and only if at least one of 
them is a linear combination of the others. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Page 118 


Page 118 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 119 


M5.2. DETERMINANTS AND MATRICES 119 


> Determinant of a matrix. For any square matrix A of the form (M5.2.2.1), one can 
calculate its determinant (M5.2.1.1), denoted det A, det(A), or |A|. 


The determinant of a matrix has the following properties: 

1. The determinant of a triangular (upper or lower) and a diagonal matrices is equal to the 
product of its entries on the main diagonal. In particular, the determinant of the unit 
matrix is equal to 1. 

2. The determinant of the product of two matrices A and B of the same size is equal to the 
product of their determinants, 


det(AB) = det A det B. 
3. The determinant is invariant under matrix transposition: 


det A = det A’. 


M5.2.3. Inverse Matrix. Functions of Matrices 


> Inverse matrices. Let A be an n x n square matrix and let J be the unit matrix of the 
same size. 
A square matrix A is called nonsingular or nondegenerate if det A # 0. 


THEOREM. A square matrix 1s nondegenerate if and only if its rows (columns) are 
linearly independent. 


A square matrix A is called invertible if one can find a matrix B such that AB = BA=TI. 
The matrix B is called the inverse of A and denoted A7!. An invertible matrix A has a 
unique inverse. 


THEOREM. A square matrix A is invertible if and only if its determinant is nonzero (1.e., 
A is nonsingular). 


If the matrix A is defined by the table (M5.2.2.1), then its inverse is calculated as 


Ay Asi Ani 
det A det A det A 
Az Ay |... An 
At‘ = det A det A det A (M5.2.3.1) 
Ain Arn aye xa Aaa. 
det A det A det A 


where A;; is the cofactor of the element a;; of the determinant of A; the definition of A; 
can be found after formula (M5.2.1.2). 
Properties of the inverse of a matrix: 


(ABY! = BA, (AA! = Ar, 
(AY! =A, (ADF = ADO MY =A), 


where the square matrices A and B are assumed to be nonsingular and the scalar A to be 
nonzero. 
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> Powers of square matrices. The product of several identical square matrices A can be 
written as a positive integer power of the matrix A: AA = A*, AAA = A*A = A? etc. For 
a positive integer k, one defines AF = 4“ A as the kth power of A. For a nondegenerate 
matrix A, one defines A? = 447! = I, A™® =(A7!)*. Powers of a matrix have the following 
properties: 
AP AY = APt2, (API = API, 

where p and q are arbitrary positive integers and A is an arbitrary square matrix; or p and q 
are arbitrary integers and A is an arbitrary nondegenerate matrix. 

There exist matrices A* whose positive integer power is equal to the zero matrix, even 
if A + O. If AF = O for some integer k > 1, then A is called a nilpotent matrix. 

A matrix A is said to be involutive if it coincides with its inverse: A = 47! or A? = I. 


> Polynomials and functions of matrices. A polynomial with matrix argument is the 
expression obtained from a scalar polynomial f(x) by replacing the scalar argument x with 
a square matrix X: 

f(X) = aol +a, X +X’ +---, 


where a; (2=0, 1, 2, ...) are real or complex coefficients. The polynomial f(X) is a square 
matrix of the same size as X. 
The exponential function of a square matrix X can be represented as the following 
convergent series: 
X? xX — X* 
» ee eee: erasers A anes 
Ce ag age = r 


The inverse matrix has the form 
X? X? = Xk 
O =) Ci. 


Pare 


X in general. The relation e%e* = e*** holds only for commuting 


Remark. Note that e% eY #e*%e 
matrices X and Y. 


Some other functions of matrices can be expressed in terms of the exponential function: 
l o | Los 
sin X = mae Hee), COs = ae +e’), 
a 


1 1 
sinh X = ae -e%) cosh X = JN Pe“) 


M5.2.4. Eigenvalues and Characteristic Equation of a Matrix. The 
Cayley—Hamilton Theorem 


> Eigenvalues and spectra of square matrices. An eigenvalue of a square matrix A is 
any real or complex A for which the matrix F(A) = A — AI is degenerate. The set of all 
eigenvalues of a matrix A is called its spectrum, and F(A) is called its characteristic matrix. 
The inverse of an eigenvalue, u = 1/A, is called a characteristic value. 

A square matrix is nondegenerate if and only if all its eigenvalues are different from 
zero. 

A nonzero (column) vector X satisfying the condition 


AX = AX 


is called an eigenvector of the matrix A corresponding to the eigenvalue A. Eigenvectors 
corresponding to distinct eigenvalues of A are linearly independent. 
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> Characteristic equation of a matrix. The algebraic equation of degree n 


Mi=A ay vee din 
421 aa=A ++ Mn 
FAA) = det(A — AL) = det [aij = Adi; ] = 7 =0 
Gi an2 ee a A 


is called the characteristic equation of the matrix A of size n x n, and f1(A) is called its 
characteristic polynomial. The spectrum of the matrix A (i.e., the set of all its eigenvalues) 
coincides with the set of all roots of its characteristic equation. 


Example 1. The characteristic equation of the matrix 
4 -8 1 
A=|5 -9 1 
4 -6 -l 
4-A -8 1 


puoy= e 5 -9-A 1 ) omo 010 FDA +0 
4 46. sn 


Therefore the spectrum of the matrix A consists of three eigenvalues: A; =—1, A2 = —2, and A3 = 3. 


has the form 


Let A; be an eigenvalue of a square matrix A. Then: 
1) aA; is an eigenvalue of the matrix aA for any scalar a; 
2) NP isan eigenvalue of the matrix A? (p=0,+1,...,+.N for a nondegenerate A; otherwise, 


p=0,1,..., N), where N is a natural number; 
3) a polynomial f(A) of the matrix A has the eigenvalue f(A). 


OO OO 
The matrix power series Y` œg 4* is convergent if and only if the power series Y ay dF 
k=0 k=0 
is convergent for each eigenvalue A; of A. 
Regarding bounds for eigenvalues, see Subsection M5.1.5. 


Let the positive integer s; be the multiplicity of the eigenvalue A; of the characteristic 
equation of the matrix A of size nx n. Note that > s; =n. 


2 
The determinant det A is equal to the product of all eigenvalues of A, each eigenvalue 
counted according to its multiplicity, 1.e., 


det A = Dz. 


The trace Tr(A) is equal to the sum of all eigenvalues of A, each eigenvalue counted 
according to its multiplicity, 1.e., 


Tr(4) = y Si\i. 
i 
> Cayley-Hamilton theorem. Sylvester theorem. 
CAYLEY-HAMILTON THEOREM. Fach square matrix A satisfies its own characteristic 
equation; i.e., f 4(A) = 0. 
Example 2. Let us illustrate the Cayley—Hamilton theorem by the matrix in Example 1: 


f(A) =-A?-64*-114-61 


70 -116 19 -20 34 -5 4 -8 1 1.0.0 
--(1 -117 9) -6 (22 35 s) -u k —9 1) -6(« 1 0) =o. 
64 -102 11 -18 28 -l1 4 6 -l 0 0 1 
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A scalar polynomial p(A) is called an annihilating polynomial of a square matrix A if 
p(A) = 0. For example, the characteristic polynomial f(A) is an annihilating polynomial 
of A. The unique monic annihilating polynomial of least degree is called the minimal 
polynomial of A and is denoted by ~(A). The minimal polynomial is a divisor of every 
annihilating polynomial. 

By dividing an arbitrary polynomial f(A) of degree n by an annihilating polynomial p(A) 
of degree m (p(A) # 0), one obtains the representation 


F(A) = PAA) + r); 


where g(A) is a polynomial of degree n-m (if m < n) or q(A) = 0 Gf m > n) and r(A) is a 
polynomial of degree l < m or r(A) = 0. Hence 


F(A) = p(A)q(A) + r(A), 
where p(A) = 0 and f(A) = r(A). The polynomial r(A) in this representation is called the 
interpolation polynomial of A. 


Example 3. Let 
f(A) = A* +44? +2A’- 124-101, 


where the matrix A is defined in Example 1. Dividing f(A) by the characteristic polynomial f4(\) = —A? — 
6d” — 11A — 6, we obtain the remainder r(A) = 3A% + 4 + 2. Consequently, 


f(A) = r(A) = 3A? +4A 421. 
The Cayley—Hamilton theorem can also be used to find the powers and the inverse of a 
matrix A (since if f4(A) = 0, then AF £1(4) = 0 for any positive integer k). 
Example 4. For the matrix in Examples 1-3, one has 
fa(A) =-A? -64° -11A -6I = 0. 


Hence we obtain 
A? =-6A’ -11A-61. 


By multiplying this expression by A, we obtain 
A‘ =-6A°-11A°-6A. 
Now we use the representation of the cube of A via lower powers of A and eventually arrive at the formula 
A? = 25A° + 60A + 361. 
For the inverse matrix, by analogy with the preceding, we obtain 
A’ fa(A) = A (-A? -64° -11A -6I) =-A° -6A -11I -6A” =0. 
The definitive result is 


A” = (4 +6A+111). 


THEOREM. Every analytic function of a square n x n matrix A can be represented as a 
polynomial of the same matrix, 


1 n 
A) = o V AAE, 
di BO ew) 2 i 


where A (A1, A2, . . . , An) 18 the Vandermonde determinant 


1 E ase J 

E DE 
Adra Aa Pelee TO Dy) 

so 1<j<i<n 

Nees ae er 
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and A; is obtained from A by replacing the (i + 1)st row by (f(A1), FA92),..., f(An))- 


In some cases, an analytic function of a matrix A can be computed by a formula in the 
following theorem. 


SYLVESTER’S THEOREM. If all eigenvalues of a matrix A are distinct, then 


“ Lizg(A - AD 
A)= ALIZ Ek, Zg = =M. 
f(A) Y Fl k)Zk k OE 


k=1 


M5.3. Systems of Linear Algebraic Equations 
M5.3.1. Consistency Condition for a Linear System 


> Notion of a system of linear algebraic equations. A system of m linear equations 
with n unknown quantities has the form 


011721 +A12%2 + FO: TÍ Fee FANG = bi, 


09171 +0220. +++ $ALE +`: + danXn = bo, (M5.3.1.1) 


Am1L1 + Am242 +++ FOAmkTk +" *+GAmnTn = Om, 


where a11, 412, ..., Amn are the coefficients of the system; bı, b2, ..., bm are its constant 
terms; and 21, £2, ..., Y, are the unknown quantities. 

System (M5.3.1.1) is said to be homogeneous if all its constant terms are equal to 
zero. Otherwise (1.e., if there is at least one nonzero free term) the system is called 
nonhomogeneous. 

If the number of equations is equal to that of the unknown quantities (m = n), sys- 
tem (M5.3.1.1) 1s called a square system. 

A solution of system (M5.3.1.1) is a set of n numbers 21, £2, ..., £n satisfying the 
equations of the system. A system is said to be consistent if it admits at least one solution. 
If a system has no solutions, it is said to be inconsistent. A consistent system of the 
form (M5.3.1.1) 1s called a determined system if it has a unique solution. A consistent 
system with more than one solution is said to be undetermined. 

It is convenient to use matrix notation for systems of the form (M5.3.1.1), 


AX =B, (M5.3.1.2) 


where A = [a;¿] is a matrix of size m x n called the basic matrix of the system; X = [zx;] is 
a column vector of size n; B = [b;] is a column vector of size m. 


> Consistency condition for a general linear system. System (M5.3.1.1) or (M5.3.1.2) 
is associated with two matrices: the basic matrix A of size m xn and the augmented matrix 
A, of size mx(n+1) formed by the matrix A supplemented with the column of the constant 


terms, 1.€e., 
ai) 1) din a11 41 din bı 
A= -i r Ñ ‘ ree . Ay ES da e i : ren 2 | (M5.3.1.3) 
Ami Am2 --- mn Ami Um? +++ Amn bm 


KRONECKER-CAPELLI THEOREM. A linear system (M5.3.1.1) or (M5.3.1.2) is consistent 
if and only if its basic matrix and its augmented matrix (M5.3.1.3) have the same rank, i.e., 


rank(A¡) = rank(A). 
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> Equivalent systems of equations. The elementary transformations. Two systems 
are said to be equivalent if their sets of solutions coincide. 

Systems of linear equations can be simplified using the following three types of elemen- 
tary transformations: 


1. Interchange of two equations (or the corresponding rows of the augmented matrix). 

2. Multiplication of both sides of one equation (or the corresponding row of the augmented 
matrix) by a nonzero constant. 

3. Adding to both sides of one equation both sides of another equation multiplied by 
a constant (adding to some row of the augmented matrix its other row multiplied by 
a constant). 
Under the above elementary transformations, a system of linear equations reduces to an 

equivalent system of equations. 


M5.3.2. Finding Solutions of a System of Linear Equations 
> System of two equations with two unknown quantities. A system of two equations 
with two unknown quantities has the form 


ar + biy = G], (M5.3.2.1) 
ax + boy =C>. A 


Depending on the coefficients az, bk, Ck, the following three cases are possible: 
1°. If A = aib — a2b1 + 0, then system (M5.3.2.1) has a unique solution, 
_ &b2-c2b1 _ A102 — ancy 
p a1b, — a2b1 ? 7 a1b, — arb l 


2°. If A = aib — ab; = 0 and aic — a2c1 = O (the case of proportional coefficients), then 
system (M5.3.2.1) has infinitely many solutions described by the formulas 


— aıt 
cai. ys ERa ~ (bı #0), 


where t is arbitrary. 
3°. If A = aib — abı = 0 and aic — anc, #0, then system (M5.3.2.1) has no solutions. 


> General square system of linear equations with m = n. A square system of linear 
equations has the form (M5.3.1.1) with m = n. 


1°. Cramer's rule. If the determinant of the matrix of system (M5.3.1.1) with m = n is 
different from zero, i.e., A = det A # 0, then the system admits a unique solution, which is 
expressed by formulas 


Aj A> LN 

MESA DIES RR ae A M5.3.2.2 
where Az (k = 1, 2, ..., n)1s the determinant of the matrix obtained from A by replacing 
its kth column with the column of constant terms: 

0411 412 sss arka. OF Gipi <== Gin 

491 422 ses kar 02 Goes +.» Gop 

Ag=| . a l l 
Ani An2 +». Ank- On Ank+l -> Ann 
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Example 1. Using Cramer’s rule, let us find the solution of the system of linear equations 


241+ 22 +4x3=16, 
34, +24%2+ z3 = 10, 
21+ 3x2 + 3x3 = 16. 


The determinant of its basic matrix is different from zero, 


2 1 4 
A= 3 2 1 = 26 +0, 
1 3 3 
and we have 
16 1 4 2 16 4 2 1 16 
Ape 102 1Li=26, -Azs 3- 10 11252. A353 22. 10178: 
16. 3 3 1 16 3 1 3 16 
Therefore, by Cramer’s rule (M5.3.2.2), the only solution of the system has the form 
eo A 126 _ me mie nu Be B_; 
ZA 96 eR OG OI e 


2°. System (M5.3.1.1) with m = n can be treated in the matrix form (M5.3.1.2) where A 
is a square matrix. If det A + 0, the system has a unique solution 


X=A"'B, 


expressed in terms of the inverse A”! which can be found by formula (M5.2.3.1). 


3°. Reduction of a system to a triangular form (Gaussian method). Suppose that det A + 0. 
The Gaussian method is based on elementary transformations (see Subsection M5.3.1) used 
for the reduction of a given system to an equivalent system having the triangular form 


L1 + 2X2 + 04303 ++- + Qin En = Ah, 
L2 + 09323 +`- + 099 Tp = fr, 

LTn-1 + An-1nTn = Drei: 
Ln = Bn 


This system can be easily solved: inserting £n = 0, (from the last equation) into the 
preceding (n — 1)st equation, one finds £n-1. Then, inserting the values obtained for £n, 
Ln_1 into the (n—2)nd equation, one finds £n-2. Proceeding in this way, one finally finds x1. 
This back substitution process 1s described by the formulas 


n 
£k = Pk — >. ArsTs (k=n-1,n-2,...,1). 
s=k+1 
Example 2. Solve the system 
zı + 22-223 =-2, 
2%1+3%2+ 23=09, 
3x1 + 2x2 +243 =7. 
Multiply the first equation by —2 and add to the second one. Multiply the first equation by —3 and add to 
the third one. As a result, the first equation together with the two obtained make up the equivalent system 
C1 + £2 — 2x3 = -2, 
v2 + 5x3 = 13, 
—x2 + 8x3 = 13. 
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Adding together the last two equations and dividing the result by 13, one arrives at the triangular system 


LL TFT — 223 = —2, 
£2 + 523 = 13, 


T3 = 2. 
Solving this system from bottom to top, one finds that 
Goal. m= h3 = S53. 41=2=00+28=>=1 


4°. The Jordan—Gauss method. Let us introduce some definitions. An unknown 7; is called 
resolved or basic if it enters only in one equation of the system with coefficient 1 and is not 
contained in the other equations. 

If each equation of the system contains a resolved unknown, this system is called 
resolved. The unknowns of the system that are not basic are called free. 

In order to find all solutions of a consistent system of linear equations, it suffices to find 
an equivalent resolved system. If all the unknowns happen to be basic, the resolved system 
gives the values of these unknowns. Otherwise, the basic unknowns are expressed in terms 
of the free ones. 

Description of the method. Let us write down the system of linear equations (M5.3.1.1) 


as the table 
011 as Aik nae Ain by 
Ar Ja ark ay Arn by 
Am1 aise Amk y Amn Om 


For a resolving entry apk 40, the following procedure is called the Jordan transformation: 

1) multiply the rth row of the table by 1/a,,; 

2) add the resulting rth row multiplied by —a; y. to the first row; 

3) add the rth row multiplied by —a;, to the second row; and so on for all remaining 
rows. 

After that, the unknown x; becomes resolved, with all entries of the kth column equal 
to zero except that a, = 1. 

By choosing other resolving entries in different rows and performing the respective 
Jordan transformations, one arrives at a resolved system equivalent to the original one. 

If, at some point, the coefficients of the unknowns in a row become all zero and the free 
term of that row is nonzero, then the system of equations is inconsistent. If all entries of a 
row, including the free term, become zero, then this row is crossed out from the table. 


Example 3. Solve the system of equations 


241 — 3x2 + 5x3 
21 + 22) — 323 
3 


I, 
=, 
221 +5x 4. 


Rewrite this system as a table and reduce it to a resolved form in six steps: 
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In the tables above, the resolving entries are boxed. The following sequence of actions has been performed: 
(1) double the second row has been subtracted from the first and third ones, (2) the first row has been subtracted 
from the third one, (3) the third row has been divided by 3, (4) the third row multiplied by 7 (resp., by —2) 
has been added to the first (resp., second) one, (5) the first row has been divided by 11, and (6) the first row 
multiplied by 3 has been added to the second one. Thus, the original system acquires the resolved form 
O-47,+0-a24+1-43= 2 
l.21+0-122+0-2x3 =-3, 
D-2i+1-22+0:-23= 1. 
The resulting solution is x; =-3, x2 = 1, x3 = 2. 
Example 4. Solve the system of equations 


2721 +71, + 323 + L4= 6, 
321 + 5x2 + 223 + 2x4 = 4, 
9x1 + 4x2 + T3 + 7x4 = 2. 


With Jordan transformations, this system is reduced to the resolved form 


{ —1llx-53x3+x4= —10, 
1+ 942 +423 = 8. 


Hence, the set of all solutions to the original system is given by 

x1=8-9x-4x3, x4 =-104 11x2 +523, 
with x2 and x3 assuming any real values. 
> General system of m linear equations with n unknown quantities. Suppose that 
system (M5.3.1.1) is consistent and its basic matrix A has rank r. First, in the matrix A, 
one finds a submatrix of size r xr with a nonzero rth-order determinant and drops the m-—r 
equations whose coefficients do not belong to this submatrix (the dropped equations follow 
from the remaining ones and can, therefore, be neglected). In the remaining equations, 
the n — r unknown quantities (free unknown quantities) that are not involved in the said 
submatrix should be transferred to the right-hand sides. Thus, one obtains a system of r 
equations with r unknown quantities, which can be solved by any of the methods described 
above in the current subsection. 


Remark. If the rank r of the basic matrix and the rank of the augmented matrix of system (M5.3.1.1) are 
equal to the number of the unknown quantities n, then the system has a unique solution. 


> Existence of nontrivial solutions of a homogeneous system. Consider the homoge- 
neous system (M5.3.1.1), with 6; = b2 = --- = bm = 0. This system is always consistent, 
since it always has the so-called trivial solution x, = £2 = +++ = £n = 0. 


THEOREM. A homogeneous system has a nontrivial solution if and only if the rank of 
the matrix A is less than the number of the unknown quantities n. 


It follows that a square homogeneous system has a nontrivial solution if and only if the 
determinant of its matrix of coefficients is equal to zero, det A = 0. 


M5.4. Quadratic Forms 
M5.4.1. Quadratic Forms and Their Transformations 


> Quadratic form with n variables. A real quadratic form is ahomogeneous polynomial 
of degree 2 in n variables 71, £2, ..., £n Of the form 


n 


Anile En) = y AD (M5.4.1.1) 
i,j=1 


with real coefficients a;; satisfying the symmetry condition a;; = aji. 
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The quadratic form (M5.4.1.1) can be conveniently written in short matrix notation 
An(X) = X! AX, (M5.4.1.2) 


where X = [x;] is a column vector consisting of n elements, X+ is its transpose, and 
A = [aij] is an n xn symmetric matrix, called the matrix of the quadratic form. 


A real-valued quadratic form A,,(X) is said to be: 
a) positive definite (resp., negative definite) if A,(X )>0 (resp., A,(X) <0) for any X +0; 
b) indefinite if there exist vectors X and Y such that 4,(X) > 0 and A,(Y) < 0; 
c) nonnegative (resp., nonpositive) if A,(X) = 0 (resp., An(X) < 0) for all X 4 0. 

The determinant det A of the matrix A is called the discriminant of the quadratic form 
A,(X). A quadratic form is called degenerate if its discriminant is zero. 


> Criteria of positive and negative definiteness of a quadratic form. 


1°. Areal quadratic form A,,(X ) is positive definite, negative definite, indefinite, nonnega- 
tive, nonpositive if the eigenvalues A; of its matrix A = [a;;] are all positive, are all negative, 
some are positive and some negative, are all nonnegative, are all nonpositive, respectively. 


2°. Sylvester criterion. A real quadratic form A,(X) is positive definite if and only if it 
satisfies the conditions 


My =a e0; AS 


a a 
11 2| >0, oo, An=detA>0. 
a21 422 


If the signs of the minor determinants alternate, 
A, <0, A» >Q, Ar O 
then the quadratic form is negative definite. 


> Transformations of a real quadratic form. Let us find out how the coefficient matrix 
changes under a linear transformation of the variables 


o onie CS, (M5.4.1.3) 
k=1 


where b; are real numbers. In matrix notation, transformation (M5.4.1.3) becomes 
X= BY, (M5.4.1.4) 


where Y = [y;] is a column vector of size n and B = [6;;] is a transformation matrix of size 
nxn. 
Substituting (M5.4.1.4) into (M5.4.1.2) gives 


A,(X) = YT BT ABY =Y7 AY = A,(Y), 


where a 
A=B*AB. (M5.4.1.5) 


It follows that the discriminant of a quadratic form changes according to the rule 
det A = det A (det B}. 


In what follows, only nondegenerate transformations of variables are considered, 1.e., 
those with det B + 0. The rank of the coefficient matrix remains unchanged under such 
transformations. The rank of the coefficient matrix is usually said to be the rank of the 
quadratic form. 
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M5.4.2. Canonical and Normal Representations of a Quadratic Form 


> Canonical representation of a quadratic form. Any real quadratic form (M5.4.1.1) 
can be reduced to the form 


A,(X) = 3 My? = Ap(Y) (M5.4.2.1) 


1=1 


using an appropriate nondegenerate linear transformation (M5.4.1.3). 

This representation is called a canonical representation of the quadratic form, the real 
coefficients A1,..., Ay are called the canonical coefficients. 

Reduction of the quadratic form (M5.4.1.1) to the canonical form (M5.4.2.1) is not 
unique and can be performed using various linear transformations of the form (M5.4.1.3). 


LAW OF INERTIA OF QUADRATIC FORMS. The number of terms with positive coefficients 
and the number of terms with negative coefficients in any canonical representation of a real 
quadratic form does not depend on the method used to obtain such a representation. 


The index of inertia of a real quadratic form is the integer r equal to the number of 
nonzero coefficients in its canonical representation (this number coincides with the rank 
of the quadratic form). Its positive index of inertia is the integer p equal to the number 
of positive coefficients in the canonical representation of the form, and its negative index 
of inertia is the integer q equal to the number of its negative canonical coefficients. The 
integer s = p — q is called the signature of the quadratic form. 

A real quadratic form A,,(X ) is 
a) positive definite (resp., negative definite) if p = n (resp., q = n); 

b) indefinite if p 40 and q 40; 
c) nonnegative (resp., nonpositive) if q = 0, p < n (resp., p = 0, g <n). 


THEOREM. For any real symmetric quadratic form A,,(X ) there exists a real orthogonal 
transformation (M5.4.1.3), whose matrix B possesses the property Bt B = BB* = I, that 
reduces the quadratic form to the canonical form (M5.4.2.1). The canonical coefficients 
Aj, ..., An are eigenvalues of the quadratic form matrix A. 


> Lagrange” method of reduction of a quadratic form to a canonical form. For the 
canonical form (M5.4.1.1), consider the following two cases. 
Case 1. Suppose that amm + 0 for some m (1 < m < n). By letting 


n 2 
A,(X) = = 03 omar) + An1(X), (M5.4.2.2) 


a 
mm \ k=] 


one can easily verify that the quadratic form A,_;(X) does not contain the variable £m (it 
contains n — 1 variables or fewer). This method of isolating a perfect square in a quadratic 
form can always be applied if the matrix [a;;] (îi, j =1, 2, ..., n) contains nonzero diagonal 
elements. 

Case 2. Suppose that amm = Ass = 0, but ams + 0. In this case, the quadratic form can 
be represented as 


1 n 2 1 n 2 
An(X)= pcre o ama +Ano(X), (M5.4.2.3) 
k=1 ms | k=l 


Dae 
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where A,_2(X) does not contain the variables £m and x, (it contains n — 2 variables), and 
the linear forms in square brackets are linearly independent (and therefore can be taken as 
new independent variables or coordinates). 

By combining the above two procedures, the quadratic form A,(X) can always be 
represented in terms of squared linear forms; these forms are linearly independent, since 
each contains a variable which is absent from the other linear forms. By taking the linear 
forms to be new independent variables, one obtains the canonical representation of the 
quadratic form (M5.4.2.1). 

Note that the main formulas (M5.4.2.2) and (M5.4.2.3) can be rewritten as 


2 
A,(X) = An + An 1(X), (M5.4.2.2a) 
hamm OLR, 
1 [/3An O4n\? (OAn 04m Y 
noe E O aoc. 542.30 


Example. Reduce the quadratic form 
A3(X) = 4r + 2) + 23 — 44122 — 421273 + 42223 


to a canonical form. 
Using formula (M5.4.2.2a) with m = 1, we get 


AX) = 4 (8x1 — 4x2 — 4x3) + 22283 = (2x1 — 22-23) + A(X). 
Further applying formula (M5.4.2.3a) with m = 2 and s = 3 to A(X) = 2%2%3, we obtain 
AUX) = 20203 = 4 (2x2 + 203)” — 1003-20, = 4 (a2 + z3) — 4 (a2 — 23). 
The two formulas just obtained yield a canonical representation of the original form: 
AX) = yt + 392- 393, 


where 
yi = 2901-02-23, Y2=U2+D3, Ys = T2- T3. 


> Jacobi’s formula. Introduce the following notation: 


k 

A( Pe a Ajjt;L; 
Yı Y2 --- Yk = 
1,j=1 


Let 


tO ane i 
De=A(j ~ n) #0 E E 


where r is the rank of the quadratic form (M5.4.1.1). Then the form (M5.4.1.1) admits the 
canonical representation 


An(X)= i+) a 
where 
12... k-1«k 
Yk = CkkTk + Ck 41 Tk41 ++ FCknTn, Al, dns ica a 


E De ast 12 AG = eg A A 
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> Normal representation of a real quadratic form. Any real quadratic form (M5.4.1.1) 
admits the normal representation 


An(X) = Y TA 
1=1 


where 21, ..., Zn are the new variables and £1, ..., €, are coefficients taking the values 
—1, 0, 1. 

A normal representation can be obtained by the following transformations: 

1. One obtains the canonical representation (M5.4.2.1), for example, by Lagrange’s 
method. 


2. With the nondegenerate coordinate transformation 


= Zi for A > 0, 


yi = l zi for A; <9, 


Zi for Aj = 0, 


the canonical representation can be converted to a normal representation. 
> Simultaneous reduction of two quadratic forms to sums of squares. 


THEOREM. Let A,(X) and B,(X) be real symmetric quadratic forms in n variables 
and let B,,(X) be positive definite. Then there exists a real transformation (M5.4.1.3) that 
reduces the two forms to 


A(X)= Ayp B(X)=) Yp 


k=1 k=1 


where y, are new variables. The set of real 1, ..., A, coincides with the spectrum of 
eigenvalues of the matrix B7lA; this set consists of the roots of the algebraic equation 


det(A — AB) = 0. 


M5.5. Linear Spaces 
M5.5.1. Concept of a Linear Space. lts Basis and Dimension 


> Definition of a linear space. A linear space or a vector space over a field of scalars 
(usually, the field of real numbers or the field of complex numbers) is a set Y of elements 
X, y, Z,... (also called vectors) of any nature for which the following conditions hold: 
I. There is a rule that establishes correspondence between any pair of elements x, y € Y 
and a third element z e V, called the sum of the elements x, y and denoted by Z = X + y. 
II. There is a rule that establishes correspondence between any pair x, A, where x is an 
element of V and A is a scalar, and an element u e VY, called the product of a scalar A 
and a vector x and denoted by u = Ax. 
INI. The following eight axioms are assumed for the above two operations: 


1. Commutativity of the sum: x+y = y +X. 
2. Associativity of the sum: (x+y)+Z=x+(y+z). 
3. There is a zero element O such that x + 0 = x for any x. 
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4. For any element x there is an opposite element x’ such that x + x’ = 0. 
5. A special role of the unit scalar 1: 1 - x = x for any element x. 
6. Associativity of the multiplication by scalars: Aux) = (Au)x. 
7. Distributivity with respect to the addition of scalars: (A + u)x = AX + ux. 
8. Distributivity with respect to a sum of vectors: A(x + y) = Ax + Ay. 


This is the definition of an abstract linear space. We obtain a specific linear space if 
the nature of the elements and the operations of addition and multiplication by scalars are 
concretized. 


Example 1. Consider the set of all free vectors in three-dimensional space. If addition of these vectors 
and their multiplication by scalars are defined as in analytic geometry (see Subsection M4.5.1), this set becomes 
a linear space denoted by B3. 


Example 2. Consider the n-dimensional coordinate space R”, whose elements are ordered sets of n 
arbitrary real numbers (71,...,%n). The generic element of this space is denoted by x, 1.e., x = (21,..., Tn), 
and the reals £1, ..., &n are called the coordinates of the element x. From the algebraic standpoint, the set R” 
may be regarded as the set of all row vectors with n real components. 

The operations of addition of elements of R” and their multiplication by scalars are defined by the following 
rules: 

(£1,..., n) AO Seay = Gi +Y1,... En +Yn), 
Nis a As NO) 


Remark. If the field of scalars A, u, ...in the above definition is the field of all real numbers, the 
corresponding linear spaces are called real linear spaces. If the field of scalars is that of all complex numbers, 
the corresponding space is called a complex linear space. In many situations, it is clear from the context which 
field of scalars is meant. 


The above axioms imply the following properties of an arbitrary linear space: 


The zero vector is unique, and for any element x the opposite element is unique. 

The zero vector O is equal to the product of any element x by the scalar 0. 

For any element x, the opposite element is equal to the product of x by the scalar —1. 
The difference of two elements x and y, 1.e., the element z such that z + y = x, is unique. 


oo ha 


> Basis and dimension of a linear space. Isomorphism of linear spaces. An element 
y is called a linear combination of elements X1, ..., X; of a linear space Y if there exist 
scalars a1, ..., a; such that 

y =01X] + +++ + AEX. 


Elements X1, ..., Xp of the space V are said to be linearly dependent if there exist scalars 
Q1,..., 0 such that Jai? +--+ lal #0 and 


1X1 +--- +QkXk =Q, 


where 0 is the zero element of V. 
Elements x,,..., Xy of the space V are said to be linearly independent if for any scalars 
(1, ..., 0 such that jai? +--- +]a;|* #0, we have 


01X1 +++: + az,x;, #0. 
Remark 1. Elements x1, ..., Xx of a linear space V are linearly dependent if and only if at least one of 


them is a linear combination of the others. 


Remark 2. If at least one of the elements X1, ..., Xx is equal to zero, then these elements are lin- 
early dependent. If some of the elements X1, ..., x, are linearly dependent, then all these elements are 
linearly dependent. 
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Example 3. The elements i; = (1,0,...,0),1, =(0,1,...,0),...,in =(0,0,...,1) of the space R” (see 
Example 2) are linearly independent. For any x = (£1,...,£n) € R”, the vectors x, i;,...,i, are linearly 
dependent. 


A basis of a linear space Y is defined as any system of linearly independent vectors 
€;,..., €n such that for any element x of the space Y there exist scalars x1, ..., £n Such 
that 

X = 11€ +--+ Fyn. 


This relation is called the representation of an element x in terms of the basis ej, ..., en, 
and the scalars x;,..., £n are called the coordinates of the element x in that basis. 


UNIQUENESS THEOREM. The representation of any element x € V in terms of a given 
basis €41, ..., €n 18 unique. 


Let €41, ... , €, be any basis in Y and vectors x and y have the coordinates £1, ..., £n and 
Yi, --- > Yn In that basis. Then the coordinates of the vector x + y in that basis are xı + y1, 
..-, Zn + Yn, and the coordinates of the vector Ax are Ax1,..., Az, for any scalar A. 


Example 4. Any three noncoplanar vectors form a basis in the linear space B3 of all free vectors. The n 
elements i; = (1,0,...,0), i2 = (0, 1,...,0),..., in =(0,0,...,1) form a basis in the linear space R”. 


A linear space Y 1s said to be n-dimensional if it contains n linearly independent elements 
and any n + 1 elements are linearly dependent. The number n is called the dimension of 
that space, n = dim V. 

A linear space VY is said to be infinite-dimensional (dim V = oo) if for any positive 
integer N it contains N linearly independent elements. 


THEOREM 1. If V is a linear space of dimension n, then any n linearly independent 
elements of that space form its basis. 


THEOREM 2. If a linear space V has a basis consisting of n elements, then dim Y = n. 


Example 5. The dimension of the space 63 of all free vectors is equal to 3. The dimension of the space 
R” is equal to n. 


Two linear spaces Y and V’ over the same field of scalars are said to be isomorphic 
if there is a one-to-one correspondence between the elements of these spaces such that if 
elements x and y from Y correspond to elements x’ and y” from V’, then the element x + y 
corresponds to x’ + y’ and the element Ax corresponds to Ax’ for any scalar A. 


Remark. If linear spaces Y and Y” are isomorphic, then the zero element of one space corresponds to the 
zero element of the other. 


THEOREM. Any two n-dimensional real (or complex) spaces V and V' are isomorphic. 


> Affine space. An affine space is a nonempty set A that consists of elements of any 

nature, called points, for which the following conditions hold: 

I. There is a given linear (vector) space V, called the associated linear space. 

II. There is a rule by which any ordered pair of points A, B e A is associated with an 
element (vector) from V; this vector is denoted by AB and is called the vector issuing 
from the point A with endpoint at B. 

Ill. The following conditions (called axioms of affine space) hold: 
1. For any point A e A and any vector a e V, there is a unique point B e A such that 
AB =a. 
2. AB + BC = AC for any three points A, B,C € A. 


By definition, the dimension of an affine space A is the dimension of the associated 
linear space Y, dim A = dim V. 
Any linear space may be regarded as an affine space. 
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In particular, the space IR” can be naturally considered as an affine space. Thus if A = 
(aj,...,Qn) and B =(b1,...,b,,) are points of the affine space IR”, then the corresponding 


vector AB from the linear space R” is defined by AB = (bi —a,,...,0n — an). 

Let A be an n-dimensional affine space with the associated linear space V. A coordinate 
system in the affine space A is a fixed point O e A, together with a fixed basis ej, ..., 
en € V. The point O is called the origin of this coordinate system. 

Let M be a point of an affine space A with a coordinate system Oe, ...€,. One says 


that the point M has affine coordinates (or simply coordinates) £1, ..., £n in this coordinate 
system, and one writes M =(21,...,tn)1f 11,... £n are the coordinates of the radius-vector 
OM in the basis e4, ... , en, i.e., OM = 1101 +--+ Znen. 


M5.5.2. Subspaces of Linear Spaces 


> Concept of a linear subspace and a linear span. A subset £ of a linear space VY is 
called a linear subspace of V 1f the following conditions hold: 


1. If x and y belong to £, then the sum x + y belongs to £. 
2. If x belongs to £ and A is an arbitrary scalar, then the element Ax belongs to £. 


The null subspace in a linear space Y is its subset consisting of the single element zero. 
The space Y itself can be regarded as its own subspace. These two subspaces are called 
improper subspaces. All other subspaces are called proper subspaces. 


Example 1. A subset B2 consisting of all free vectors parallel to a given plane is a subspace in the linear 
space B3 of all free vectors. 


The linear span L(X1,..., Xm) of vectors X1,..., Xm In a linear space Y is, by definition, 
the set of all linear combinations of these vectors, 1.e., the set of all vectors of the form 


Q1X1 + fe AS + AmXm> 


where Q1,..., @m are arbitrary scalars. The linear span L(X1,..., Xn) 1S the least subspace 
of Y containing the elements xj, ..., Xm. 

If a subspace £ of an n-dimensional space Y does not coincide with V, then dim £ < 
n = dim V. 

Let elements e;, ..., ez form a basis in a k-dimensional subspace of an n-dimensional 
linear space V. Then this basis can be supplemented by elements e741), ..., €n of the space 
V, so that the system e;,,..., €k, €x+1, .--, €, forms a basis in the space Y. 


THEOREM ON THE DIMENSION OF A LINEAR SPAN. The dimension of a linear span 
L(X1,...,Xm) of elements X1, ..., Xm is equal to the maximal number of linearly indepen- 
dent vectors in the system Xj, ..., Xm. 


> Sum and intersection of subspaces. The intersection of subspaces L; and £2 of one 
and the same linear space Y is, by definition, the set of all elements x of Y that belong 
simultaneously to both spaces £L; and £2. Such elements form a subspace of V. 

The sum of subspaces £; and £2 of one and the same linear space Y is, by definition, 
the set of all elements of Y that can be represented in the form y + z, where y is an element 
of Vı and z is an element of £2. The sum of subspaces is also a subspace of V. 


THEOREM. The sum of dimensions of arbitrary subspaces Lı and £) of a finite- 
dimensional space V is equal to the sum of the dimension of their intersection and the 
dimension of their sum. 


Example 2. Let B3 be the linear space of all free vectors (in three-dimensional space). Denote by £; the 
subspace of all free vectors parallel to the plane OXY, and by £2 the subspace of all free vectors parallel to 
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the plane OX Z. Then the sum of the subspaces £L; and £2 coincides with B3, and their intersection consists 
of all free vectors parallel to the axis OX. 

The dimension of each space £; and L2 is equal to two, the dimension of their sum is equal to three, and 
the dimension of their intersection is equal to unity. 


M5.5.3. Coordinate Transformations Corresponding to Basis 
Transformations in a Linear Space 
> Basis transformation and its inverse. Let e;,...,e, and e;,..., €, be two arbitrary 


bases of an n-dimensional linear space V. Suppose that the elements €, ..., €, are 
expressed via e, ..., €, by the formulas 


O 
— 
II 


A11€1 + 012€) +- + 01]ntp,> 


© 
¡9 
| 


= 091€] + 022€) +- Amen, 


Thus, the transition from the basis e4, ..., e€» to the basis e;, ..., €n is determined by the 


matrix 
d11 412 +++ Qin 
a21 a22 i Amn 
A= 
Ani Gn2 *** Gann 


Note that det A + 0, i.e., the matrix A is nondegenerate. 
The transition from the basis e¡, ..., €, to the basis e1, ..., €, is determined by the 
matrix B = [b;;] = A`}. Thus, we can write 


n 


Go) age See bpe k= 2M). (M5.5.3.1) 
j=1 j=1 


> Relations between coordinate transformations and basis transformations. Suppose 
that in a linear n-dimensional space Y, the transition from its basis e;, ..., e€» to another 
basis €¡, ..., €, is determined by the matrix A (see above). Let x be any element of 
the space Y with the coordinates (x1,...,T,) In the basis e;, ..., €» and the coordinates 
(71,..., @) in the basis e,,..., €n, 1.€., 


X=2/0,+:::+2,€, = LIC, +:::+7,€,. 


Then using formulas (M5.5.3.1), we obtain the following relations between these coordi- 
nates: 


n n 
Lj = ; aa tr = ; T1bik, j,k = 1, O hs 
1=1 l=1 


In terms of matrices and row vectors, these relations can be written as follows: 
(51). 2n) = (En... ENA, — (El... Zn)=(01,... En) A 

or, in terms of column vectors, 

PSA Gisenca aya Aea) = (A) A 3 


rta a) 


where the superscript T’ indicates the transpose of a matrix. 
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M5.5.4. Euclidean Space 


> Definition and properties of a Euclidean space. A real Euclidean space (or simply, 
Euclidean space) is a real linear space Y endowed with a scalar product (also known as 
inner product and dot product), which is a real-valued function of two arguments x e V, 
y € Y denoted by x-y, and satisfying the following conditions (axioms of the scalar product): 

l. Symmetry: X-y =y-X. 

2. Distributivity: (x; +X2):Y=X1: y +X):Yy. 

3. Homogeneity: (Ax) - y = AX - y) for any real A. 

4. Positive definiteness: x - x = O for any x, and x - x = Q if and only if x = Q. 

Example 1. Consider the linear space 63 of all free vectors in three-dimensional space. The space B3 
becomes a Euclidean space if the scalar product is introduced as in analytic geometry (see Subsection M4.5.3): 
x- y = |x|ly|cos y, 

where y is the angle between the vectors x and y. 
Example 2. Consider the n-dimensional coordinate space R” whose elements are ordered systems of n 
arbitrary real numbers, x = (£1, .. ., £n). Endowing this space with the scalar product 
X: yY = TTY: +LMnYn, 
we obtain a Euclidean space. 


THEOREM. For any two elements x and y of a Euclidean space, the Cauchy—Schwarz 
inequality holds: 
ap? Saxy: y). 
Here equality holds if and only if one of the vectors is O or one vector is a multiple of the 
other. 


A linear space Y is called a normed space if it is endowed with a norm, which is a 
real-valued function of x e V, denoted by ||x|| and satisfying the following conditions: 
1. Homogeneity: ||Ax|| = |A| ||x|| for any real A. 
2. Positive definiteness: ||x|| =O and ||x|| = 0 if and only if x = 0. 
3. The triangle inequality (also called the Minkowski inequality) holds for all elements 
x and y: 
Ix + yl] < [Ix/] + [ly]. (M5.5.4.1) 


The value ||x|| is called the norm of an element x or its length. 
THEOREM. Any Euclidean space becomes a normed space if the norm is introduced by 
|x|] = vx- x. (M5.5.4.2) 
COROLLARY. In any Euclidean space with the norm (M5.5.4.2), the triangle inequality 


(M5.5.4.1) holds for all its elements x and y. 
The distance between elements x and y of a Euclidean space is defined by 


d(x, y) = |Ix— yl. 
One says that y is the angle between two elements x and y of a Euclidean space 1f 
X - y 
cos Y = ————_.. 
ixil lly 


Two elements x and y of a Euclidean space are said to be orthogonal if their scalar product 
is equal to zero, x- y = 0. 


PYTHAGOREAN THEOREM. Let X1, ...Xm be mutually orthogonal elements of a Eu- 
clidean space, i.e., X;-X; = 0 fori + j. Then 


[xy += + Xml? = [|x1]14+- >> + [xml]. 
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Example 3. In the Euclidean space 63 of free vectors with the usual scalar product (see Example 1), the 
following relations hold: 
llal| =la], (a-b < alib, |a +b] < Ja] + Ib]. 
In the Euclidean space R” of ordered systems of n numbers with the scalar product defined in Example 2, 
the following relations hold: 


Ixl = yat +22, 


(21Y tes + EnYn) S (ap + ++ Yi + ya), 
JF E any EV a gia typ. 


> Orthonormal basis in a finite- dimensional Euclidean space. For elements X¡,..., Xm 
of a Euclidean space, the mth-order determinant det[x;-x;] 1s called their Gram determinant. 
These elements are linearly independent if and only if their Gram determinant is different 
from zero. 
One says that n elements ij, ..., in of an n-dimensional Euclidean space Y form its 
orthonormal basis if these elements have unit norm and are mutually orthogonal, 1.e., 
i i= { for 2 = J, 
es) O forz #7. 
THEOREM. In any n-dimensional Euclidean space V, there exists an orthonormal basis. 


Orthogonalization of linearly independent elements: 

Lete,,...,€, be n linearly independent vectors of an n-dimensional Euclidean space V. 
From these vectors, one can construct an orthonormal basis of Y using the following 
algorithm (called Gram—Schmidt orthogonalization): 

i 
. Si ki . 
il; = ———, where g;=e,- ) (e;-1,)l; @=1,2,..., mn). (M5.5.4.3) 
2 gi Qi A g; 2 2 2. 2 2) 


Remark. In any n-dimensional (n > 1) Euclidean space V, there exist infinitely many orthonormal bases. 


Properties of an orthonormal basis of a Euclidean space: 

1. Leti, ..., 1, be an orthonormal basis of a Euclidean space V. Then the scalar product 
of two elements x = 2111 +--+ Znin and y = yiii + ++: + Ynin is equal to the sum of 
products of their respective coordinates: 

X: y= 1141 t:e + TnYn- 

2. The coordinates of any vector x in an orthonormal basis 1;,..., 1, are equal to the scalar 
product of x and the corresponding vector of the basis (or the projection of the element 
x on the axis in the direction of the corresponding vector of the basis): 

Tk =X- İk (k= l, Ze hea n). 


Remark. In an arbitrary basis €i, ..., €n of a Euclidean space, the scalar product of two elements 
X = 11€ +--+ + Znen and y = yie +--+ + Yn€n has the form 


KE y de QijTiYj, 


i=l j=l 
where aij = €; : €j G= 1, 2, a n). 


Two Euclidean spaces Y and V are said to be isomorphic if one can establish a one-to-one 
correspondence between the elements of these spaces satisfying the following conditions: 


if elements x and y of Y correspond to elements x and y of V, then the element x + y 
corresponds to x + y; the element Ax corresponds to Ax for any A; the scalar product (x- y)y 
is equal to the scalar product (x - ys 


THEOREM. Any two n-dimensional Euclidean spaces Y and V are isomorphic. 
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Chapter M6 
Limits and Derivatives 


M6.1. Basic Concepts of Mathematical Analysis 
M6.1.1. Number Sets. Functions of Real Variable 


> Real axis, intervals, and segments. The real axis is a straight line with a point O 
chosen as the origin, a positive direction, and a scale unit. 

There is a one-to-one correspondence between the set of all real numbers R and the set 
of all points of the real axis, with each real x being represented by a point on the real axis 
separated from O by the distance |x| and lying to the right of O for x > 0, or to the left of O 
for x < 0. 

One often has to deal with the following number sets (sets of real numbers or sets on 
the real axis). 

1. Sets of the form (a, b), (oo, b), (a, +00), and (—co, +00) consisting, respectively, of 
all x e R such that a < x < b, x < b, x >a, and zx is arbitrary are called open intervals 
(sometimes simply intervals). 

2. Sets of the form [a, b] consisting of all x € R such that a < x < b are called closed 
intervals or segments. 

3. Sets of the form (a, b], [a, b), (—co, b], [a, +00) consisting of all x such that a < x < b, 
a <x x< b,x <b, x = aare called half-open intervals. 

A neighborhood of a point xy € R is defined as any open interval (a, 6) containing xo 
(a < xo < b). A neighborhood of the “point” +00, —oo, or oo is defined, respectively, as 
any set of the form (b, +00), (=00,c) or (-o00,-a) U (a, +00) (here, a > 0). 


> Lower and upper bound of a set on a straight line. The upper bound of a set of real 
numbers is the least number that bounds the set from above. The lower bound of a set of 
real numbers is the largest number that bounds the set from below. 

In more details: let a set of real numbers X e R be given. A number / is called its 
upper bound and denoted sup X if for any x e X the inequality x < 6 holds and for any 
Bı < Ø there exists an xı € X such that x; > 61. A number a is called the lower bound 
of X and denoted inf X if for any x e X the inequality x 2 a holds and for any a; >a 
there exists an x; € X such that xı < Q;. 


Example 1. For a set X consisting of two numbers a and b (a < b), we have 
inf X =a, sup xX =b. 
Example 2. For intervals (open, closed, and half-open), we have 


inf(a, b) = infla, b] = inf(a, b] = infla, b) = a, 
sup(a, b) = sup[a, b] = sup(a, b] = sup[a, b) = b. 


One can see that the upper and lower bounds may belong to a given set (e.g., for closed intervals) and may not 
(e.g., for open intervals). 


The symbol +00 (resp., —oo) is called the upper (resp., lower) bound of a set unbounded 
from above (resp., from below). 


139 
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> Real-valued functions of real variable. Methods of defining a function. 


1°. Let D and £ be two sets of real numbers. Suppose that there is a relation between the 
points of D and E such that to each x e D there corresponds some y € E, denoted by 
y = f(x). In this case, one speaks of a function f defined on the set D and taking its values 
in the set E. The set D is called the domain of the function f, and the subset of E consisting 
of all elements f(x) is called the range of the function f. This functional relation is often 
denoted by y= f(x), f:D=—= E, f:x => y. 

The following terms are also used: x is the independent variable or the argument; y is 
the dependent variable. 


2°. The most common and convenient way to define a function is the analytic method: the 
function is defined explicitly by means of a formula (or several formulas) depending on the 
argument x; for instance, y = 2 sin x + 1. 

Implicit definition of a function consists of using an equation of the form F(x, y) = 0, 
from which one calculates the value y for any fixed value of the argument z. 

Parametric definition of a function consists of defining the values of the independent 
variable x and the dependent variable y by a pair of formulas depending on an auxiliary 
variable t (parameter): x = p(t), y = q(t). 

Quite often functions are defined in terms of convergent series or by means of tables or 
graphs. There are some other methods of defining functions. 


3°. The graph of a function is the representation of a function y = f(x) as a line on the plane 
with orthogonal coordinates x, y, the points of the line having the coordinates x, y = f(x), 
where x is an arbitrary point from the domain of the function. 


> Single-valued, periodic, odd and even functions. 


1°. A function is single-valued if each value of its argument corresponds to a unique value 
of the function. A function 1s multi-valued if there is at least one value of its argument 
corresponding to two or more values of the function. In what follows, we consider only 
single-valued functions, unless indicated otherwise. 


2°. A function f(x) is called periodic with period T (or T'-periodic) if f(x + T) = f(x) for 
any x. 


3°. A function f(x) is called even if it satisfies the condition f(x) = f(—x) for any x. A 
function f(x) is called odd if it satisfies the condition f(x) =—f(—2x) for any zx. 


> Decreasing, increasing, monotone, and bounded functions. 


1°. A function f(x) is called increasing or strictly increasing (resp., nondecreasing) on a set 
D C Rif for any x1, x2 E€ D such that x1 > x2, we have f(x) > f(x) (resp., f(x1)> f(x2)). 
A function f(x) is called decreasing or strictly decreasing (resp., nonincreasing) on a set 
D if for all x1, 72 € D such that x; > 22, we have f (x1) < f(x2) (resp., f(x1)< f(a) ). All 
such functions are called monotone functions. Strictly increasing or decreasing functions 
are called strictly monotone. 


2°. A function f(x) is called bounded on a set D if |f(x)| < M for all x e D, where M is 
a finite constant. A function f(x) is called bounded from above (bounded from below) on a 
set Dif f(x) < M (M < f(x)) for all x e D, where M is a real constant. 


> Composite and inverse functions. 


1°. Consider a function u = u(x), x e D, with values u e E, and let y = f(u) be a function 
defined on E. Then the function y = f (u(x)) , £ E€ D,1is called a composite function or the 
superposition of the functions f and u. 
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2°. Consider a function y = f(x) that maps x e D into y e E. The inverse function of 
y = f(x) is a function x = g(y) defined on E and such that x = g(f(x)) for all x e D. The 
inverse function is often denoted by g = f. 

For strictly monotone functions f(x), the inverse function always exists. In order to 
construct the inverse function g(y), one should use the relation y = f(x) to express x 
through y. The function g(y) is monotonically increasing or decreasing together with f(x). 


M6.1.2. Limit of a Sequence 


> Some definitions. Suppose that there is a correspondence between each positive integer 
n and some (real or complex) number denoted, for instance, by £n. In this case, one says 
that a numerical sequence (or, simply, a sequence) £1, £2, ..., Zn, ...18 defined. Such a 
sequence is often denoted by {£n}; £n 1s called the generic term of the sequence. 


Example 1. For the sequence fn? — 2), we have x; =-1, x2 = 2, £3 = 7, x4 = 14, etc. 


A sequence is called bounded (bounded from above, bounded from below) 1f there is a 
constant M such that |x,,| < M (respectively, x, < M, 2, > M) for all n = 1, 2,... 


> Limit of a sequence. A number b is called the limit of a sequence £1, £2, ..., £n, .. 1 
for any £ > 0 there is N = N (e) such that |x,, — b] < e for all n > N. 
If b is the limit of the sequence {£n}, one writes lim zx, = b or £n —> bas n —> 00. 
TN CO 


The limit of a constant sequence {£n = c} exists and is equal to c, i.e., lim c= c. In 
N—>00 


this case, the inequality |x, — c| < e takes the form 0 < e and holds for all n. 


Example 2. Let us show that lim Tsj 
nc n +1 


1 1 1 
Consider the difference | 2E | = ——. The inequality < £ holds for all n > — — 1 = N (e). 
n+1 n+1 n+l € 


Therefore, for any positive e there exists an N = — — 1 such that for n > N we have | — 1 <E. 
E n 


+1 


It may happen that a sequence {£n} has no limit at all. For example, this is the case for 
the sequence {zn} = {(-1)”}. A sequence that has a finite limit is called convergent. 


THEOREM (BOLZANO-CAUCHY). A sequence x, has a finite limit if and only if for any 
€ > 0, there is N such that the inequality 


Haale 


holds for alln > N andm> WN. 


> Properties of convergent sequences. 

1. Any convergent sequence can have only one limit. 

2. Any convergent sequence is bounded. From any bounded sequence one can extract 
a convergent subsequence.* 

3. If a sequence converges to b, then any of its subsequences also converges to b. 

4. If {x,y}, {yn} are two convergent sequences, then the sequences {%,+Yn}, {n° Ynf; 
and {£n/Yn} (in this ratio, it is assumed that y,, + 0 and Um Yn +0) are also convergent 


* Let {£n} be a given sequence and let {n+ } be a strictly increasing sequence with k and nz being natural 
numbers. The sequence {£n, } is called a subsequence of the sequence {£n}. 
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and 
lim (£n Ey.) = lim zn £ lim yp; 
Nn—>00 N— CO Nn—>00 


lim (cxn) =c lim £n (c = const); 
N—>00 N—>00 


lim (£n :Yn) = lim zn: lim yp; 
nN CO TN CO TL CO 


5. If {£n}, {Yn} are convergent sequences and the inequality £n < Yn holds for all n, 
then lim zn < lim yp. 


N—>00 N—>00 
6. If the inequalities £n € Yn € Zn hold for all n and lim zn = lim z, = b, then 
N—>00 N—>00 
lim Yn = b. 


1—>00 


> Increasing, decreasing, and monotone sequences. A sequence {£p} is called in- 
creasing or strictly increasing (resp., nondecreasing) if the inequality £n+1 > £n (resp., 
Ln+1 2 Ly) holds for all n. A sequence {x,,} is called decreasing or strictly decreasing 
(resp., nonincreasing) if the inequality 2,,+1 < £n (resp., En+1 < £n ) holds for all n. All such 
sequences are called monotone sequences. Strictly increasing or decreasing sequences are 
called strictly monotone. 


THEOREM. Any monotone bounded sequence has a finite limit. 


1\” we 
Example 3. It can be shown that the sequence i (1 + —) \ is bounded and increasing. Therefore, it is 
n 


convergent. Its limit is denoted by the letter e: 


n —> CO 


e= lim (i+-)" (e = 2.71828). 
Tr 


Logarithms with the base e are called natural or Napierian, and log, x is denoted by 
In x. 


> Properties of positive sequences. 


1°. If a sequence £n (£n > 0) has a limit (finite or infinite), then the sequence 
A Y ee on 

has the same limit. 

2°. From property 1° for the sequence 


i XY LX 3 Un, Ln+1 
l>; —, —, AS ON 
XY XY Ln-1 Un, 


we obtain a useful corollary 


. ; Ln+l 
lim ín = lim —., 


1—>00 Nn—>00 En, 


under the assumption that the second limit exists. 
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Example 4. Let us show that lim =e. 


D 
n=œ Vn! 
n 


Taking £n = oat and using property 2°, we get 
n! 


lim —== lim 2 = lim (+=) =e. 
noo Wn! n>% Ln n> n 
> Infinitely small and infinitely large sequences. A sequence £n converging to zero is 
called infinitely small or infinitesimal. 
A sequence £n whose terms infinitely grow in absolute values with the growth of n 
is called infinitely large or “tending to infinity.” In this case, the following notation is 


used: lim x, = o. If, in addition, all terms of the sequence starting from some number 
Nn—>00 
are positive (negative), then one says that the sequence x, converges to “plus (minus) 


infinity,” and one writes lim £n =+00 ( lim £n = -00). For instance, lim -1)%n?=00, 
Nn—>00 Nn—>00 Nn—>00 
lim yn =+00, lim (=n) = —oo. 
TUM— CO TUM— CO 
THEOREM (STOLZ). Let x, and y, be two infinitely large sequences, Yn — +00, and Yn 
increases with the growth of n (at least for sufficiently large n): Yn+1 > Yn. Then 


provided that the right limit exists (finite or infinite). 


Example 5. Let us find the limit of the sequence 


Pd 


Zn = 
kt 


k+ 


Taking £n = [eo poeta” and Ue =n l in the Stolz theorem, we get 


k 


lim zn = lim > 
n—00 n—>oo n oD (n — 1)++1 
Since (n —1)**! = n®*! —(k + Dn* +... , we have n**! —(n—1)**! = (k + Dn* +---, and therefore 
lim lim a 
a —— = —. 
n—00 noo (k+1In*+--- k+l 


> Upper and lower limits of a sequence. The limit (finite or infinite) of a subsequence 
of a given sequence £p 1s called a partial limit of xn. In the set of all partial limits of any 
sequence of real numbers, there always exists the largest and the least (finite or infinite). 
The largest (resp., least) partial limit of a sequence is called its upper (resp., lower) limit. 
The upper and lower limits of a sequence £p are denoted, respectively, 


lim Zp, lim Zp. 
ae n—00 


Example 6. The upper and lower limits of the sequence £n = (-1)” are, respectively, 


lim xn =1, lim £n =-1. 
A sequence £p has a limit (finite or infinite) if and only if its upper limit coincides with 
its lower limit: 


lim x, = lm z,= lim 2,. 
N—>00 N—>00 n—>00 
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M6.1.3. Limit of a Function. Asymptotes 
> Definition of the limit of a function. One-sided limits. 


1°. One says that b is the limit of a function f(x) as x tends to a if for any e > O there is 
Ô = 0(€) > 0 such that | f(x) — b| < e for all x such that 0 < |x — a] < ô. 
Notation: lim f(x) = bor f(x) —bas z — a. 


One says that b is the limit of a function f(x) as x tends to +00 if for any e > O there is 
N = N(e) > 0 such that | f(x) — 6] < e for all x > N. 
Notation: lim f(x) = bor f(z) > bas x — +00. 


In a similar way, one defines the limits for x — —oo or x — 00. 
THEOREM (BOLZANO-CAUCHY 1). A function f(x) has a finite limit as x tends to a 
(a is assumed finite) if and only if for any e > Q there is ô > O such that the inequality 


If(a1) — f(| <€ (M6.1.3.1) 


holds for all xı, x2 such that |x, — al < ô and |x — al < ô. 


THEOREM (BOLZANO—CAUCHY 2). A function f(x) has a finite limit as x tends to +00 
if and only if for any e > O there is A > Q such that the inequality (M6.1.3.1) holds for all 
zı > A and zx), > A. 


2°. One says that 6 is the left-hand limit (resp., right-hand limit) of a function f(x) as x 
tends to a if for any e > 0 there is ô = 0(€) > 0 such that |f(x)—b| < e for a—d < x < a (resp., 
fora<x<a+ó0). 

Notation: lim f(x) = bor f(a—0) = b (resp., lim | f(x) = bor f(a +0) = b). 


> Properties of limits. Let a be a number or any of the symbols oo, +00, —00. 
1. If a function has a limit at some point, this limit is unique. 
2. If cis a constant function of x, then lim c= c. 


3. If there exist lim f(x) and lim g(x), then 


lim | f(x) + g(a)] = lim f(a) + lim g(a); 
lim cf(x)=c lim f(z) (c= const); 
lim f(x): g(x) = lim f(x): lim g(x); 


f(z) lim (2) 
m —— = —"—__ (if g(x) #0, lim g(x) #0). 
va g(a) — lim g(x) E A 
4. Let f(x) < g(x) in a neighborhood of a point a (x + a). Then lim f(x) < lim g(x), 


provided that these limits exist. 
5. If f(x) < g(x) < h(x) in a neighborhood of a point a and lim f(x) = lim h(x) = b, 


then lim g(x) = b. 
These properties hold also for one-sided limits. 


> Limits of some functions. 


sin x 
= 1. 


First noteworthy limit: lim 
0 T 


|N 
Second noteworthy limit: — lim (1 + —) = €. 
LOO C 
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Some other frequently used limits: 


(+31 Ane” + ap an +---+a,;x+a9 An 

lim ————— =n, lim oe a = ae ae es 

~  jl-cosx 1 tan x -arcsin x arctan x 

lim ——— = —, lim =1, lm — =], lim — =l, 
xr—0 r2 2 0 £ xr—0 £ x—0 £ 

. ev-il . a@a%-—l . In(l+zx) . log (1+2) 
lim =1, lim =Ina, lm ——e=l]1, lim Ea = log, €, 
xr—0 Xx xr—0 E xr—0 E xr—0 Xx 

—  simhz tanh x — arcsinh x -~ arctanh x 

lim =1, lim =1, lim ——e=]1, lim — — =l, 
xr—0 Xx xr—0 a r—0 T x—0 Xx 


lim x*Inz =0, lim « “Inz = 0, lim x%e*=0, lim 2” =1, 
r— +0 L—+00 L=+00 +0 


where a > 0 and b„ + 0. 


> See Subsection M6.2.3, where L’ Hospital rules for calculating limits with the help of 
derivatives are given. 


> Asymptotes of the graph of a function. An asymptote of the graph of a function 
y = f(x) is a straight line whose distance from a point (x, y) on the graph of y = f(x) tends 
to zero if at least one of the coordinates (x, y) tends to infinity. 

The line x = a is a vertical asymptote of the graph of the function y = f(x) if at least 
one of the one-sided limits of f(x) as x — a +0 is equal to +00 or —oo. 

The line y = kz + b is an oblique asymptote of the graph of y = f(x) if at least one of 
the limit relations holds: 


lim [f)-kx-—b]=0 or lim [ f(a) — kx — b] = 0. 


If there exist finite limits 


i IO. 
im ——= 


L—+00 L 


k, lim [ f(x) -— kx] = b, (M6.1.3.2) 


then the line y = kx +b is an oblique asymptote of the graph for x — +00 (in a similar way, 
one defines an asymptote for £x — —oc). 


Example. Let us find the asymptotes of the graph of the function y = 2 
XT — 


2 


1°. The graph has a vertical asymptote x = 1, since lim = 00. 


x—1 z— 1 


2°. Moreover, for x — too, there is an oblique asymptote y = kx + b whose coefficients are determined by 
the formulas (M6.1.3.2): 


a. de lim ( 


x—too Be 1 xx itoo 


xa—1 -2) Pee a x-1 


Thus, the equation of the oblique asymptote has the form y = +1. Fig. M6.1 shows the graph of the function 
under consideration and its asymptotes. 
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2 
x l 
7 and its asymptotes. 
T = 


Figure M6.1. The graph of the function y = 


M6.1.4. Infinitely Small and Infinitely Large Functions 
> Definitions. A function f(x) is called infinitely small for x — aif lim f(x) = 0. 


A function f(x) is said to be infinitely large for x — a if for any K > 0 the inequality 
|f(a)| > K holds for all x + a in a small neighborhood of the point a. In this case, one writes 
f(x) — œas x — aor lim f(x) = oo. (In these definitions, a is a finite number or any of 


the symbols oo, +00, —00.) If f(x) is infinitely large for x — a and f(x) > 0 (f(x) < 0) in 
a neighborhood of a (for x + a), one writes lim f(x) = +00 (resp., lim f(x) = —oo). 


> Properties of infinitely small and infinitely large functions. 

1. The sum and the product of finitely many infinitely small functions for x — a is an 
infinitely small function. 

2. The product of an infinitely small function f(x) for x — a and a function g(x) which 
is bounded in a neighborhood U of the point a (1.e., |g(x)| < M for all x e U, where M >Q 
is a constant) is an infinitely small function. 

3. lim f(x) = b if and only if f(x) = 6+ g(x), where g(x) is infinitely small for x — a. 


4. A function f(x) is infinitely large at some point if and only if the function g(x) = 
1/ f(x) is infinitely small at the same point. 


> Comparison of infinitely small quantities. Symbols of the order: O and o. Func- 
tions f(x) and g(x) that are infinitely small for x — a are called equivalent near a if 
im —— 
ra g Ip 
Examples of equivalent infinitely small functions: 


= 1. In this case one writes f(x) ~ g(x). 


(l+e)"-1l~ne, a’ -1~elna, log,(1 +£) ~ elog, e, 


sine ~e, tanerne, l—-cosern Les, arcsine “e, arctane ~ e€, 


where e = e(x) is infinitely small for x — a. 
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Functions f(x) and g(x) are said to be of the same order for x — a, and one writes 
f(x) = O(g(x)) if lim a = K,0<|K|<a.* 
z>a G(x 


A function f(x) is of a higher order of smallness compared with g(x) for x — a if 


J@) 


= 0, and in this case, one writes f(x) = o(g(2)). 


M6.1.5. Continuous Functions. Discontinuities of the First and the 
Second Kind 


> Continuous functions. A function f(x) is called continuous at a point x = a if it is 
defined at that point and its neighborhood and lim f(x) = f(a). 


For continuous functions, a small variation of their argument Az = x — a results in a 
small variation of the function Ay = f(x) — f(a), i.e., Ay — 0 as Az — 0. (This property 
is often used as a definition of continuity.) 

A function f(x) is called right-continuous at a point x = a if it is defined at that point 
(and to its right) and lim 3 f(x) = f(a). A function f(x) is called left-continuous at a point 

tar 


x = aif it is defined at that point (and to its left) and im | f(x) = f(a). 


> Properties of continuous functions. 
1. Suppose that functions f(x) and g(x) are continuous at some point a. Then the 


functions f(x) + g(x), cf(x), f(x)g(x), = (g(a) + 0) are also continuous at a. 


2. Suppose that a function f(x) is continuous on the segment [a, b] and takes values of 
different signs at its endpoints, i.e., f(a) f(b) < 0. Then there is a point c between a and b 
at which f(x) vanishes: 

fo=0  (a<c<b). 


3. If f(x) is continuous at a point a and f(a) > 0 (resp., f(a) < 0), then there is ô > 0 
such that f(x) > 0 (resp., f(x) < 0) for all x e (a—0,a+0). 

4. Any function f(x) that is continuous at each point of a segment [a,b] attains its 
largest and its smallest values, M and m, on that segment. 

5. A function f(x) that is continuous on a segment [a, b] takes any value ce [m, M] on 
that segment, where m and M are, respectively, its smallest and its largest values on [a, b]. 

6. If f(x) is continuous and increasing (resp., decreasing) on a segment [a, b], then on 
the segment | f(a), f(b) (resp., l f(b), f(a) ) the inverse function x = g(y) exists, and is 
continuous and increasing (resp., decreasing). 

7. If u(x) is continuous at a point a and f(u) is continuous at b = u(a), then the composite 
function f (u(x)) is continuous at a. 


Remark. Any elementary function is continuous at each point of its domain. 


> Points of discontinuity of a function. A point a is called a point of discontinuity of the 
first kind for a function f(x) if there exist finite one-sided limits f(a +0) and f(a -— 0), but 
the relations lim f(x)= im | f(x) = f(a) do not hold. The value | f(a + 0) — f(a —0)| is 


xr—at0 


called the jump of the function at the point a. In particular, if f(a +0) = f(a—0)% f(a), 
then a is called a point of removable discontinuity. 


* There is another definition of the symbol O. Namely, f(x) = O(g(x)) for x — a if the inequality 
|f(x)| < K|g(x)|, K = const, holds in some neighborhood of the point a (for x + a). 
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Examples of functions with discontinuities of the first kind. 


1. The function f(x) = f O TEN has a jump equal to 1 at the discontinuity point x = 0. 
1 forx=0 
2. The function f(x) = f : a K has a removable discontinuity at the point x = 0. 


A point a is called a point of discontinuity of the second kind if at least one of the 
one-sided limits f(a +0) or f(a — 0) does not exist or is equal to infinity. 


Examples of functions with discontinuities of the second kind. 


1. The function f(x) = sin — has a second-kind discontinuity at the point x = 0 (since this function has 
E 


no one-sided limits as x — +0). 
2. The function f(x) = 1/2 has an infinite limit as x — 0, so it has a second-kind discontinuity at the point 
x =0. 


M6.1.6. Convex and Concave Functions 
> Definition of convex and concave functions. 


1°. A function f(a) defined and continuous on a segment [a, b] is called convex (or convex 
downward) if for any x1, £2 in [a, b], the Jensen inequality holds: 


(=) < f@n+ fer) 


M6.1.6.1 
7 J ( ) 


The geometrical meaning of convexity 1s that all points of the graph curve between two 
graph points lie below or on the rectilinear segment joining the two graph points (see 


Fig. M6.2 a). 
» 0) 
fœ) fO) 
¡pa 
f(x) tf) ral Ex 
2 a 
ES 
f(x) fœ) 


Figure M6.2. Graphs of convex (a) and concave (b) functions. 


If for xı # x2, condition (M6.1.6.1) holds with < instead of <, then the function f(x) is 
called strictly convex. 


2°. A function f(x) defined and continuous on a segment [a, b] is called concave (or convex 
upward) if for any x1, x2 in [a, b] the following inequality holds: 


(=) > f@n+ fer) 


M6.1.6.2 
J J ( ) 
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The geometrical meaning of concavity 1s that all points of the graph curve between two 
graph points lie above or on the rectilinear segment joining the two graph points (see 
Fig. M6.2 b). 

If for x; # x2, condition (M6.1.6.2) holds with > instead of >, then the function f(x) is 
called strictly concave. 


> Some properties of convex and concave functions. 

1. The product of a convex (concave) function and a positive constant is a convex 
(concave) function. 

2. The sum of two or more convex (concave) functions 1s a convex (concave) function. 

3. A non-constant convex (resp., concave) function f(x) on a segment [a, b] cannot 
attain its largest (resp., smallest) value inside the segment. 

4. A function f(x) that is continuous on a segment [a, b] and twice differentiable on the 
interval (a, b) is convex downward (resp., convex upward) if and only if f“(x) > 0 (resp., 
f(x) < 0) on that interval. 


M6.1.7. Convergence of Functions 


> Pointwise, uniform, and nonuniform convergence of functions. Let ([f,,(x)) be a 
sequence of functions defined on a set X C R. The sequence { f,,(x)} is said to be pointwise 
convergent to f(x) as n — oo if for any fixed x e X, the numerical sequence {f,(x)} 
converges to f(x). The sequence {f,,(x)} is said to be uniformly convergent to a function 
f(x) on X as n — oo if for any e > 0 there is an integer N = N(e) such that for all n > N 
and all x e X, the following inequality holds: 


lin(x) — FŒ < e. (M6.1.7.1) 


Note that in this definition, N is independent of x. For a sequence {fn(x)} pointwise 
convergent to f(x) as n — ov, by definition, for any e > O and any x e X, there is 
N = N(e, x) such that (M6.1.7.1) holds for all n > N(e, x). 

If one cannot find such an N independent of x and depending only on e (1.e., one cannot 
ensure (M6.1.7.1) uniformly; to be more precise, there is an £ > O such that for any N > 0 
there is a ky > N and zy € X such that |f,, (7y) — f(«y)| 2 €), then one says that the 
sequence { f,(x)} converges nonuniformly to f(x) on the set X. 


> Basic theorems. Let X be an interval on the real axis. 


THEOREM. Let f(x) be a sequence of continuous functions uniformly convergent to 
f(x) on X. Then f(x) is continuous on X. 


COROLLARY. If the limit function f(x) of a pointwise convergent sequence of contin- 
uous functions { f,(x)} is discontinuous, then the convergence of the sequence { f,(x)} is 
nonuniform. 


Example. The sequence { fn(x)} = fx") converges to f(x) = 0 as n — oo uniformly on each segment 
[0, a], 0 < a < 1. However, on the segment [0, 1] this sequence converges nonuniformly to the discontinuous 


function f(x) = G rea ee <1, 


CAUCHY CRITERION. A sequence of functions { f,,(x)} defined on a set X e R uniformly 
converges to f(x) as n — oo if and only if for any £ > Q there is an integer N = N(e) > 0 
such that for all n > N and m > N, the inequality |fn(£)— fim(x)] < £ holds for all x e X. 


> Geometrical meaning of uniform convergence. Let f (x) be continuous functions on 
the segment [a, b] and suppose that { f,,(x)) uniformly converges to a continuous function 
f(x) as n — œ. Then all curves y = f,,(x), for sufficiently large n > N, belong to the strip 
between the two curves y = f(x)— e€ and y = f(x) + £ (see Fig. M6.3). 
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Figure M6.3. Geometrical meaning of uniform convergence of a sequence of functions (ff. (x)) to a continuous 
function f(x). 


M6.2. Differential Calculus for Functions of a Single 
Variable 


M6.2.1. Derivative and Differential: Their Geometrical and Physical 
Meaning 


> Definition of derivative and differential. The derivative of a function y = f(x) ata 
point x is the limit of the ratio 


. Ay . f(@t+Az)- f(x) 
f = = ss ee 
J = oun Ax A Ax i 


where Ay = f (x+ Ax)- f(x) is the increment of the function corresponding to the increment 
df (x) 


d 
of the argument Ax. The derivative y’ is also denoted by y/., Y, ma Fo), 


Example 1. Let us calculate the derivative of the function f(x) = x. 
By definition, we have 


2 2 
o= Jn, EA im, + Aa) = 2x 

The increment Az is also called the differential of the independent variable x and is 
denoted by dz. 

A function f(x) that has a derivative at a point x is called differentiable at that point. 
The differentiability of f(x) at a point x is equivalent to the condition that the increment 
of the function, Ay = f(x + dx) — f(x), at that point can be represented in the form 
Ay = f'(x) dx + o(dx) (the second term is an infinitely small quantity compared with dx as 
dx — 0; see Subsection M6.1.4). 

A function differentiable at some point x is continuous at that point. The converse is 
not true, in general; continuity does not always imply differentiability. 

A function f(x) is called differentiable on a set D (interval, segment, etc.) if for any 
x € D there exists the derivative f'(x). A function f(x) is called continuously differentiable 
on D if it has the derivative f'(x) at each point x e D and f'(x) is a continuous function 
on D. 

The differential dy of a function y = f(x) is the principal linear part of its increment Ay 
at the point x, so that dy = f'(x)dx, Ay = dy + o(dz). 

The approximate relation Ay = dy or f(a + Ax) = f(x) + f'(~)Ax (for small Az) is 
often used in numerical analysis. 
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> Physical and geometrical meaning of the derivative. Tangent line. 


1°. Let y = f(x) be the function describing the path y traversed by a body by the time x. 
Then the derivative f'(x) is the velocity of the body at the instant zx. 


2°. The tangent line or simply the tangent to the graph of the function y = f(x) at a point 
M (x0, yo), Where yo = f (xo), is defined as the straight line determined by the limit position 
of the secant MN as the point N tends to M along the graph. If a is the angle between 
the x-axis and the tangent line, then f'(xp) = tan a is the slope ratio of the tangential line 


(Fig. M6.4). 


Figure M6.4. The tangent to the graph of a function y = f(x) at a point (Zo, yo). 


Equation of the tangent line to the graph of a function y = f(x) at a point (xo, yo): 
/ 
y — Yo = f (Xo) — Xo). 
Equation of the normal to the graph of a function y = f(x) at a point (xo, yo): 


y -y = 


CA 
f'(Xo) 


zo). 


M6.2.2. Table of Derivatives and Differentiation Rules 


The derivative of any elementary function can be calculated with the help of derivatives of 
basic elementary functions and differentiation rules. 


> Table of derivatives of basic elementary functions (a = const). 


(ay =0, 
(ey =e, 
1 
(Ingy ==, 
£ 
(sin £) = cos x, 
(tan £y = - 
cos? x 
1 


(arcsin x)’ = 


Vl-a2' 


(arctan x)’ = ———, 
1+ x2 


(sinh x)’ = cosh x, 


(zey = ax! , 


(a”) =a” Ina, 


(log, £y = , 
xlna 


(cos x) = -sin z, 


(cot x)’ =-——, 
Sin” Y 
1 


VI- r? 


(arccos £) = — 


arccot 7)’ = -———, 
l 1 + x? 


(cosh x)’ = sinh z, 
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1 
(tanh x)’ = -3 (coth x)’ = DEFE 
cosh” x sinh” x 
1 1 
(arcsinh x)’ = (arccosh x)’ = ——, 


ET r? -1 


2 / 
oL: arccoth x) = 
jo ( ) ( ) 17 
> Differentiation rules. 
1. Derivative of the sum (difference) of functions: 


(arctanh z) 


(w(x) + v(x)]' = u(x) + (2). 
2. Derivative of the product of a function and a constant: 
[aula] = au (x) (a = const). 
3. Derivative of the product of functions: 
ura = ula) + ua (x). 
4. Derivative of the quotient of functions: 


ES | _ u(ax)u(x) — u(x)u'(x) | 


TOLE v(x) 
5. Derivative of a composite function: 
[FUE] = falto. 


6. Derivative of a parametrically defined function x = x(t), y = y(t): 


7. Derivative of an implicit function defined by the equation F(x, y) = Q: 
Ya == (Fz and Fy are partial derivatives). 


8. Derivative of the inverse function x = x(y) (for details see footnote*): 
iaa 
de 


9. Derivative of a composite exponential function: 


Vv 
[u(y OY = uva +v'u? Inu = u” (u +v In u). 
u 


* Let y = f(x) be a differentiable monotone function on the interval (a, b) and f'(xo) #0, where xo € (a, b). 


1 
Then the inverse function x = g(y) is differentiable at the point yo = f(xo) and g'(yo) = Fan)” 
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10. Derivative of a composite function of two arguments: 
| f (w(x), u(x) |’ = f,(u,v)u + folu, vv! (fu and f, are partial derivatives). 
11. Logarithmic derivative: 
w (x) 


[In u(x)]’ = ey 


Example 1. Let us calculate the derivative of the function mE 
Using the rule of differentiating the ratio of two functions, we obtain 
oy! (Y (2r+1)-z (2+1)  2g2x+1)-2z° 2g” +2r 
E. 7 (2x + 1)? = Qa+1y ~~ (Qa +1)?" 
Example 2. Let us calculate the derivative of the function In cos zx. 
Using the chain rule or the logarithmic derivative formula, we get 


(cos x) = -tan x. 


1 
(In cos x)’ = 
COS £ 


Example 3. Let us calculate the derivative of the function x”. Using the rule of differentiating the 
composite exponential function with u(x) = v(x) = x, we have 


-1 


(Y = x° lng+rr™ =2" (na +1). 


M6.2.3. Theorems about Differentiable Functions. L'Hospital Rule 


> Main theorems about differentiable functions. 

ROLLE THEOREM. If the function y = f(x) is continuous on the segment [a, b], differ- 
entiable on the interval (a,b), and f(a) = f(b), then there is a point c e (a,b) such that 
fo) = 0. 

LAGRANGE THEOREM. If the function y = f(x) is continuous on the segment [a, b] and 
differentiable on the interval (a,b), then there is a point c e (a,b) such that 


f(b) - f(a) = f(Ob- a). 
This relation is called the formula of finite increments. 

CAUCHY THEOREM. Let f(x) and g(x) be two functions that are continuous on the 
segment [a,b], differentiable on the interval (a,b), and g'(x) + 0 for all x e (a,b). Then 
there is a point c e (a,b) such that 

fO)- fa) _ fo 
glb)- gla) gc) 
> L’Hospital’s rules on indeterminate expressions of the form 0/0 and oo/oo. 


THEOREM 1. Let f(x) and g(x) be two functions defined in a neighborhood of a point 
a, vanishing at this point, f(a) = g(a) = 0, and having the derivatives f'(a) and g'(a), with 


g'(a) #0. Then 
fg Oo 
za g(x) g(a) 


a dd sin x 
Example 1. Let us calculate the limit lim 7 TE 
zT> =E 
Here, both the numerator and the denominator vanish for x = 0. Let us calculate the derivatives 
f'(x) = (sin £y = cos x — f£(0=1, 


g(x)=U-e) =2" => g(0)=2%0. 


By the L’ Hospital rule, we find that 
. / 
tim SI _ f (0) _ 1 
a0 1-e*r  g(0) 2 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 153 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 154 


154 LIMITS AND DERIVATIVES 


THEOREM 2. Let f(x) and g(x) be two functions defined in a neighborhood of a point 
a, vanishing at a, together with their derivatives up to the order n — 1 inclusively. Suppose 
also that the derivatives f(a) and g™ (a) exist and are finite, g(a) + 0. Then 


fæ) _ © 
m —— = : 
roa g(a) g(a) 


THEOREM 3. Let f(x) and g(x) be differentiable functions and g'(x) + 0 in a neighbor- 
hood of a point a (x + a). If f(x) and g(x) are infinitely small or infinitely large functions 


for x — a, 1.e., the ratio at the point a is an indeterminate expression of the form 0 


00 
or —, then 
00 


TE e 0) 
im — = lim 
za G(x) za g'(x) 


(provided that there exists a finite or infinite limit of the ratio of the derivatives). 


Remark. The L’ Hospital rule 3 is applicable also in the case of a being one of the symbols oo, +00, —o0. 
> Methods for interpreting other indeterminate expressions. 


1°. Expressions of the form 0-oo and oo—oo can be reduced to indeterminate expressions 


0 
0 or = by means of algebraic transformations, for instance: 
OO 
u(x) 
U(x) U(x) = transformation rule 0-00 => —, 
1/v(x) 0 
(x) — U(x) transformation rule => 
ulx)-vlx)= | —— - —— | : ——— ule œœ- 00 —. 
v(x) ux)) uwla) 0 


2°. Indeterminate expressions of the form 19, 00%. 0% can be reduced to expressions of 


0 l 
the form 0 or = by taking logarithm and using the formulas Inu” = v Inu = 2 
00 


1/v 
Example 2. Let us calculate the limit lim (cos x)! a 


We have the indeterminate expression 1%. We find that 


. x2 . x2 . l . ] l . —t 1 
nS, (cosa)! = lig infos a)" = tig AES = ty TE = fy, SE =m 
2 1 
Therefore, li 1 == —, 
erefore, lim (cos x) e YE 


M6.2.4. Higher-Order Derivatives and Differentials. Taylor’s Formula 
> Derivatives and differentials of higher orders. The second-order derivative or the 
second derivative of a function y = f(x) is the derivative of the derivative f'(x). The second 


d 
derivative is denoted by y” and also by y” E f" (x). 
Ñ 


TL? 


The derivative of the second derivative of a function y = f(x) is called the third-order 
derivative, y” = (y”y. The nth-order derivative of the function y = f(x) is defined as the 
derivative of its (n — 1)th derivative: 


ya = (yO VY. 
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The nth-order derivative 1s also denoted by yo. ae f Ma). 
x 


The second-order differential is the differential of the first-order differential, d*y = 
d(dy). If x is the independent variable, then dy = y" - (day. Ina similar way, one defines 
differentials of higher orders. 


> Table of higher-order derivatives of some elementary functions. 


(1398 = a(a-1)...(a-n+ Da”, = (a2) = (naa, 
1 -1)! 1 
M2 = (A =, (log, 2) = a Y E 
£ Ina 2 
(sin ay” = sin (« + >) (cos x) = cos € + >) 
l (n) __ fcoshx if nis odd, (n) _ eae if n is even, 
(sinh x)" = { sinha if nis even, cotas sinha if nis odd. 


> Rules for calculating higher-order derivatives. 
1. Derivative of a sum (difference) of functions: 


(u(x) tU = u(x) £0 (2). 
2. Derivatives of a function multiplied by a constant: 
[aula] = au (x) (a = const). 
3. Derivatives of a product: 
[Dual =u (ara) + 2u'(x)u' (£) + u(x yv” (a), 
UD” = u” (ua) + 3u” (ou (e) + 3u (au (£) + (au (a), 
[ulaula] = 3 Cua Ba (Leibniz formula), 
k=0 


where Os are binomial coefficients, u® (x) = u(x), v(x) = v(x). 
4. Derivatives of a composite function: 


[SED] = fr (Ue)? + fatza 
FU” = aD + 3y + He 
5. Derivatives of a parametrically defined function x = x(t), y = y(t): 


p Ya hEn CV Yi TY + BMW Y m YOON 
a aa i A 
(x) (2) Lo 
6. Derivatives of an implicit function defined by the equation F(x,y)=0 
I l 2 2 
= (Py Fez + 2Fg Ey Foy — Eg Fyy)» 
y 


mo l 


ds (—F Foe + 3Fg F? Fay — 3F2 ES Foyy + ES Fy Eyyy + 3F Fez Fey 
y 


2 2 p2 3 m2 2 
IE F? Fyz Fyy OE FS = 3h F2, + 9F2 E Ea): 


where the subscripts denote the corresponding partial derivatives. 
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7. Derivatives of the inverse function x = x(y): 


" ml N" \2 
1 
o ==> der ; oo = si +3 ex) > g = ST a 
(Yz) (y4) (yz) Yr 


> Taylor’s formula. Suppose that in a neighborhood of a point x =a, the function y = f(x) 
has derivatives up to the order (n + 1) inclusively. Then for all x in that neighborhood, the 
following representation holds: 


a pan 


f(z) = fa) + (1 -a) + (z-a +>: 


where R, (1) 18 e remainder term in Taylor’s neat. 
The remainder term can be represented in different forms: 


me ———(x¢-a)" + Ry(2), (M6.2.4.1) 


Rana) = o| (£ - a)”] (Peano), 

R,(2) = Pa zae (Lagrange), 

R,(2) = ES eye (Cauchy), 

R,(2) = Pee Ay HP (a ay (Schlómilch and Roche), 
R,(2) = L / . FAVAL- H" dt (integral form), 


where 0 < k < 1 and p > 0; k depends on «x, n, and the structure of the remainder term. 
The remainders in the form of Lagrange and Cauchy can be obtained as special cases of the 
Schlömilch formula with p = n + 1 and p = 1, respectively. 

For a = 0, the Taylor’s formula (M6.2.4.1) turns into 


1! (n) 
fo, LO 2... f° 
2 n! 


f(x) = fO) + £” + Rnz) 


and is called the Maclaurin Pi 
The Maclaurin formula for some functions: 
2 3 n 


SE NN EE 
e ria ica + 7 t Ealo), 
3 5 7 2n+1 
A ee 
ET + T + + (-1) Ona bl Ft, 
2 4 6 gn 
EE AA EN 
CSG O EST id + (-1) On en: | sen): 


M6.2.5. Extremal Points. Points of Inflection 


> Maximum and minimum. Points of extremum. Let f(x) be a differentiable function 
on the interval (a,b) and f'(x) > 0 (resp., f'(x) < 0) on (a,b). Then f(x) is an increasing 
(resp., decreasing) function on that interval*. 

Suppose that there is a neighborhood of a point xy such that for all x + xo in that 
neighborhood we have f(x) > f(x) (resp., f(x) < f(xo)). Then xo is called a point of local 
minimum (resp., local maximum) of the function f(x). 

Points of local minimum or maximum are called points of extremum. 


* At some isolated points of the interval, the derivative may vanish. 
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> Necessary and sufficient conditions for the existence of extremum. Suppose that 
f(x) is continuous in some neighborhood (xo — 6, xo + 0) of a point xy and differentiable 
at all points of the neighborhood except, possibly, xo. 


NECESSARY CONDITION OF EXTREMUM. A function f(a) can have an extremum only at 
points in which its derivative either vanishes or does not exist (or 1s infinite). 


FIRST SUFFICIENT CONDITION OF EXTREMUM. If f'(x) > 0 for x € (x9 — 6, Xp) and 
f(x) < 0 for x € (xo, Yo + ô), then xo is a point of local maximum of this function. If 
f(x) <0 for x e (xq —6, Xo) and f'(x) > 0 for x € (xo, Lo + ô), then xo is a point of local 
minimum of this function. 

If f'(x) is of the same sign for all x # xy, x € (1-9, zo +0), then xq cannot be a point 
of extremum. 

SECOND SUFFICIENT CONDITION OF EXTREMUM. Let f(x) be a twice differentiable 
function in a neighborhood of xy. Then the following statements hold: 


(i) fíxo)=0 and f(x9)<0 => f(a) has a local maximum at the point xo; 
(ii) fío) =0 and f'(x9)>0 => f(a) has a local minimum at the point xo. 


THIRD SUFFICIENT CONDITION OF EXTREMUM. Let f(x) be a function that is n times 
differentiable in a neighborhood of a point x9 and f'(xo) = f"(xo) = --- = f(a) = 0, 
but f'(x9) #0. Then the following statements hold: 


(i) nis even and f™(x9)<0 => f(x) has a local maximum at the point xo; 
(ii) nis even and f™(zọ)>0 => f(x) has a local minimum at the point xo. 


If n 1s odd, then xy cannot be a point of extremum. 


> Largest and the smallest values of a function. Let y = f(x) be continuous on the 
segment [a, b] and differentiable at all points of this segment except, possibly, finitely many 
points. Then the largest and the smallest values of f(x) on [a, b] belong to the set consisting 
of f(a), f(b), and the values f(x;), where x; e (a,b) are the points at which f'(x) is either 
equal to zero or does not exist (is infinite). 


> Direction of the convexity of the graph of a function. The graph of a differentiable 
function y = f(x) is said to be convex upward (resp., convex downward) on the interval 
(a, b) if for each point of this interval, the graph lies below (resp., above) the tangent line at 
that point. 

If the function y = f(x) is twice differentiable on the interval (a, b) and f”(x) < 0 (resp., 
f(x) > 0), then its graph is convex upward (resp., downward) on that interval. (At some 
isolated points of the interval, the second derivative may vanish.) 

Thus, in order to find the intervals on which the graph of a twice differentiable function 
f(x) is convex upward (resp., downward), one should solve the inequality f”(x) < 0 (resp., 


f'(x) > 0). 


> Inflection points. An inflection point on the graph of a function y = f(x) is defined as 
a point (zo, f(xo)) at which the graph passes from one side of its tangent line to another. 
At an inflection point, the graph changes the direction of its convexity. 

Suppose that the function y = f(x) has a continuous second derivative f(x) in some 
neighborhood of a point xo. If f”(xo) = 0 and f”(x) changes sign as x passes through the 
point xy, then (zo, f(xo)) is an inflection point. 
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M6.2.6. Qualitative Analysis of Functions and Construction of 


Graphs 


> General scheme of analysis of a function and construction of its graph. 


L. 


oe ee A 


Determine the domain in which the function is defined. 

Determine whether the function is odd or even and whether it is periodic. 
Find the points at which the graph crosses the coordinate axes. 

Find the asymptotes of the graph. 

Find extremal points and intervals of monotonicity. 

Determine the directions of convexity of the graph and its inflection points. 
Draw the graph, using the properties | to 6. 


, A In x 
Example. Let us examine the function y = —— and construct its graph. 
x 


We use the above general scheme. 

1. This function is defined for all x such that 0 < x < +00. 

2. This function is neither odd nor even, since it is defined only for x > O and the relations f(—x) = f(x) 
or f(-x) = —f(x) cannot hold. Obviously, this function is nonperiodic. 

3. The graph of this function does not cross the y-axis, since for x = 0 the function is undefined. Further, 
y = 0 only if x = 1, i.e., the graph crosses the x-axis only at the point (1, 0). 


ne 
4. The straight line x = 0 is a vertical asymptote, since lim = —oo. We find the oblique asymptotes: 
x 


x—+0 


k= lim 2=0, b= lim (y-kx)=0. 


z>+00 T +00 


Therefore, the line y = 0 is a horizontal asymptote of the graph. 


oe l—Inzx , , 
5. The derivative y = vanishes for In x = 1. Therefore, the function may have an extremum at 


q? 


x =e. For x e (0, e), we have y” > 0, i.e., the function is increasing on this interval. For x e (e, +00), we have 
y’ < 0, and therefore the function is decreasing on this interval. At x = e the function attains its maximal value 


Ymax = — 


One should also examine the points at which the derivative does not exist. There is only one such point, 
x = 0, and it corresponds to the vertical asymptote (see Item 4). 


6. The second derivative y” = 


and therefore the graph is convex upward on this interval. For x e (e 
the graph is convex downward on this interval. The value x = e 
graph, with the ordinate y = že 


21 -3 , , 
AA vanishes for x = e*/?. On the interval (0, e?/”), we have y” < 0, 
x 


3/2 +00), we have y” > 0, and therefore 


3/2 corresponds to an inflection point of the 


3/2 


7. Using the above results, we construct the graph (Fig. M6.5). 


Figure M6.5. Graph of the function y = Y2. 


T 
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> Transformations of graphs of functions. Let us describe some methods which in 
many cases allow us to construct the graph of a function 1f we have the graph of a simpler 
function. 

1. The graph of the function y = f(x) + a is obtained from that of y = f(x) by shifting 
the latter along the axis Oy by the distance la]. For a > O the shift is upward, and for a < 0 
downward (see Fig. M6.6 a). 


y (a) (b) y 


Figure M6.6. Transformations of graphs of functions. 


2. The graph of the function y = f(x + a) is obtained from that of y = f(x) by shifting 
the latter along the Ox by the distance |a|. For a > 0 the shift is to the left, and for a < 0 to 
the right (see Fig. M6.6 b). 
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3. The graph of the function y =-—f(x) is obtained from that of y = f(x) by symmetric 
reflection with respect to the axis Ox (see Fig. M6.6 c). 

4. The graph of the function y = f(=x) is obtained from that of y = f(x) by symmetric 
reflection with respect to the axis Oy (see Fig. M6.6 d). 

5. The graph of the function y = f(kx) for k > 1 is obtained from that of y = f(x) 
by contracting the latter k times to the axis Oy, and for 0 < k < 1 by extending the latter 
1/k times from the axis Oy. The points at which the graph crosses the axis Oy remain 
unchanged (see Fig. M6.6 e). 

6. The graph of the function y = k f(x) for k > 1 is obtained from that of y = f(x) by 
extending the latter k times from the axis Ox, and for 0 < k < 1 by contracting the latter 1/k 
times to the axis Ox. The points at which the graph crosses the axis Ox remain unchanged 
(see Fig. M6.6 f). 

7. The graph of the function y = |f (x)| is obtained from that of y = f(x) by preserving 
the parts of the latter for which f(x) > 0 and symmetric reflection, with respect to the axis 
Ox, of the parts for which f(x) < 0 (see Fig. M6.6 g). 

8. The graph of the inverse function y = f(x) is obtained from that of y = f(x) by 
symmetric reflection with respect to the straight line y = x (see Fig. M6.6 h). 


M6.2.7. Approximate Solution of Equations 
(Root-Finding Algorithms for Continuous Functions) 


> Preliminaries. For a vast majority of algebraic (transcendental) equations of the form 
f(x) = 90, (M6.2.7.1) 


where f(x) is a continuous function, there are no exact formulas for the roots. 

When solving the equation approximately, the first step 1s to bracket the roots, 1.e., find 
sufficiently small intervals containing exactly one root each. Such an interval [a, b], where 
the numbers a and b satisfy the condition f(a)f(b) < O (which is assumed to hold in what 
follows), can be found, say, graphically. 

The second step is to compute successive approximations £n € [a,b] (n= 1, 2, ...) to 
the desired root c = Mm Ly, Usually by one of the following methods. 


> Bisection method. To find the root of equation (M6.2.7.1) on the interval [a,b], we 
+b +b +b 
bisect the interval. If f ( : ) = 0, then c = is the desired root. If f (==) +0, 


+b +b 
then of the two intervals a, k > | and = 7 b we take the one at whose endpoints the 


function f(x) has opposite signs. Now we bisect the new, smaller interval, etc. As a result, 
we obtain either an exact root of equation (M6.2.7.1) at some step or an infinite sequence 
of nested intervals [a,, b1], [a2, b2], ... such that f(an)f (bn) < 0. The root is given by the 
formula c = Mim > Mm b,,, and the estimate 


1 
O<c-a,< an 6-4) 


is valid. 
The following two methods are more efficient. 


> Regula falsi method (false position method). Suppose that the derivatives f'(x) and 
f” (x) exist on the interval [a,b] and the inequalities f'(x) + 0 and f”(x) #0 hold for all 
x € la, bl. 
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If f'(a)f"(a) > O, then we take xy = a for the zero approximation; the subsequent 
approximations are given by the formulas 


$) 


If f'(a)f"(a) < 0, then we take xo = b for the zero approximation; the subsequent 
approximations are given by the formulas 


fam) 
f(a) _ (Tn) 


The regula falsi method has the first order of local convergence as n — oo, that is, 


(b— Tn), AO ee 


Intl = En 


Inti =D (A — Tn), n=0,1,... 


[Enti = c| < k|£n => cl, 


where k is a constant depending on f(x) and cis the root of equation (M6.2.7.1). 

The regula falsi method has a simple geometric interpretation. The straight line (secant) 
passing through the points (a, f(a)) and (b, f(6)) of the curve y = f(x) meets the abscissa 
axis at the point x1; the value x,,,1 1s the abscissa of the point where the line passing through 
the points (zo, f (xo)) and (£n, f(x, )) meets the x-axis (see Fig. M6.7 a). 


y (b) 


Figure M6.7. Graphical construction of successive approximations to the root of equation (M6.2.7.1) by the 
regula falsi method (a) and the Newton—Raphson method (b). 


> Newton—Raphson method. Suppose that the derivatives f'(x) and f” (x) exist on the 
interval [a, b] and the inequalities f'(x) +0 and f”(x) #0 hold for all x e [a,b]. 

If f(a) f” (a) > O, then we take xo = a for the zero approximation; if f(b) f”(b) > 0, then 
xo = b. The subsequent approximations are computed by the formulas 


_ f@n) 
FE) 
If the initial approximation xo is sufficiently close to the desired root c, then the Newton— 
Raphson method exhibits quadratic convergence: 


En+1 = Tn n=0, lo 


M 2 
In41 = c| A |En — c] > 


2m 
where M = max |f” (x)| and m = min |f (æ). 
a<x<b a<x<b ; 
The Newton—Raphson method has a simple geometric interpretation. The tangent to the 
curve y = f(x) through the point (£n, f(x, )) meets the abscissa axis at the point 7,4; (see 
Fig. M6.7 b). 


The Newton—Raphson method has a higher order of convergence than the regula falsi 
method. Hence the former is more often used in practice. 
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M6.3. Functions of Several Variables. Partial Derivatives 
M6.3.1. Point Sets. Functions. Limits and Continuity 


> Sets on the plane and in space. The distance between two points A and B on the plane 
and in space can be defined as follows: 


p(A, B)= y (x4 - 1B) +(Ya —YBY (on the plane), 
PA, B)=4/ (£A -zB} +(y4-yB)} + (24 —2B) (in three-dimensional space), 


PA, B) = y (£14 — 18) +: +(£nA-— nB) (in n-dimensional space), 


where x4, ya and xp, yp, and Za, Ya, 24 and £B, YB, ZB, and 214, ..., Tna and 
T1B, ---, Ing are Cartesian coordinates of the respective points. 

An e-neighborhood of a point My (on the plane or in space) is the set consisting of all 
points M (resp., on the plane or in space) such that p(M, Mo) < e, where it is assumed 
that e > 0. An e-neighborhood of a set K (on the plane or in space) is the set consisting 
of all points M (resp., on the plane or in space) such that jot. p(M, Mo) < e, where it is 

e 


assumed that e > 0. 

An interior point of a set D is a point belonging to D, together with some neighborhood 
of that point. An open set is a set containing only interior points. A boundary point of a 
set D is a point such that any of its neighborhoods contains points both inside and outside D. 
A closed set is a set containing all its boundary points. A set D is called a bounded set 
if p(A, B) < C for any points A,B e D, where C is a constant independent of A, B. 
Otherwise (1.e., if there is no such constant), the set D is called unbounded. 


> Functions of two or three variables. A (numerical) function on a set D is, by definition, 
a relation that sets up a correspondence between each point M e D and a unique numerical 
value. If D is a plane set, then each point M e D is determined by two coordinates x, y, 
and a function z = f(M) = f(z, y) is called a function of two variables. If D belongs to 
a three-dimensional space, then one speaks of a function of three variables. The set D on 
which the function is defined is called the domain of the function. For instance, the function 
z = 4/1 — 2? — y? is defined on the closed circle x* + y? < 1, which is its domain. 

The graph of a function z = f(x, y) is the surface formed by the points (x, y, f(x, y)) in 
three-dimensional space. For instance, the graph of the function z = ax + by + cis a plane, 


and the graph of the function z = y 1 — x? — y? is a semisphere. 

A level line of a function z = f(x,y) is a line on the plane x, y with the following 
property: the function takes one and the same value z = c at all points of that line. Thus, the 
equation of a level line has the form f(x, y) =c. A level surface of a function u = f(z, y, z) 
is a surface on which the function takes a constant value, u = c; the equation of a level 
surface has the form f(z, y, z) = c. 

A function f(M) is called bounded on a set D if there is a constant C such that 
IF(M)| < C for all M e D. 


> Limit of a function at a point and its continuity. Let M be a point that comes infinitely 
close to some point Mo, i.e., p = p(Mo, M) — 0. It is possible that the values f(M) come 
close to some constant b. 

One says that b is the limit of the function f(M) at the point Mo if for any (arbitrarily 
small) e > 0, there is ô > 0 such that for all points M belonging to the domain of the function 
and satisfying the inequality 0 < p(Mo, M) < 0, we have |f(M) — b| < e. In this case, one 


writes lim M) = 0. 
p(M,Mo)—0 K ) 
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A function f(M) is called continuous at a point Mo if ai ; f(M) = f(Mo). A 
P »LVLQ )— 


function is called continuous on a set D if it is continuous at each point of D. Any 
continuous function f(M) on a closed bounded set is bounded on that set and attains its 
smallest and its largest values on that set. 


M6.3.2. Differentiation of Functions of Several Variables 


For the sake of brevity, we consider the case of a function of two variables. However, all 
statements can be easily extended to the case of n variables. 


> Total and partial increments of a function. Partial derivatives. A total increment of 
a function z = f(x, y) at a point (x, y) is 


Az = f(x + Ax, y + Ay)— f(x,y), 


where Az, Ay are increments of the independent variables. Partial increments in x and in 
y are, respectively, 


Azz = f(x + Az, y)- f(x, y), 
Ayz = f(x,y + Ay) - f(x, y). 
Partial derivatives of a function z with respect to x and to y at a point (x, y) are defined 


as follows: 

A ie 

Ox Az>0 Az ” Oy Ay—0 Ay 
(provided that these limits exist). Partial derivatives are also denoted by zz, and zy, 0,2 
and 0,2, or f(x, y) and f(x, y). 


> Differentiable functions. Differential. A function z = f(z, y) is called differentiable 
at a point (x, y) if its increment at that point can be represented in the form 


Az = A(z, yAzx + B(x, yAy + o(p), p = /(Azx)? + (Ay), 


where o(p) is a quantity of a higher order of smallness compared with p as p — O (Le., 
o(p)/p — 0 as p — 0). In this case, there exist partial derivatives at the point (x, y), and 
Zz = A(x, y), zy = B(x, y). 

A function that has continuous partial derivatives at a point (x, y) is differentiable at that 
point. 

The differential dz of a function z = f(x, y) is defined as follows: 


dz z ACZ y)Az + fy(z, y)Ay. 
Taking the differentials dx and dy of the independent variables equal to Ax and Ay, 
respectively, one can also write dz = f(x, y) dx + f(x, y) dy. 
The relation Az = dz + o(p) for small Az and Ay is widely used for approximate 
calculations, in particular, for finding errors in numerical calculations of values of a function. 


Example 1. Suppose that the values of the arguments of the function z = x”y° are known with the error 
x=23+0.01, y = 1 +0.01. Let us calculate the approximate value of the function. 

We find the increment of the function z at the point x = 2, y = 1 for Ax = Ay = 0.01, using the formula 
Az=dz=2-2-1%-0.01+5-2*-1*.0.01 = 0.24. Therefore, we can accept the approximation z = 4 + 0.24. 


If a function z = f(x, y) is differentiable at a point (xo, yo), then 
f(x,y) = f(xo, yo) + falo, yox — Xo) + fy (Xo, yoy — Yo) + olp). 
Hence, for small p (1.e., for x = Zo, Y = yo), we obtain the approximate formula 
f(x,y) = f(zo, Yo) + fx(£0, Yo Mx — LO) + Fy (zo, YoY — Yo). 


The replacement of a function by this linear expression near a given point is called lin- 
earization. 
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> Composite function. Consider a function z = f(x, y) and let x = z(u, v), y = y(u, v). 
Suppose that for (u, v) e D, the functions x(u, v), y(u, v) take values for which the function 
z = f(x, y) is defined. In this way, one defines a composite function on the set D, namely, 
z(u, v) = f (x(u, v), y(u, v)) . In this situation, f(x, y) is called the outer function and z(u, v), 
y(u, v) are called the inner functions. 

Partial derivatives of a composite function are expressed by 


dz _ Of ae , af By 
Ou Ox du Oy ðu’ 
Oz _ af Ox , a ay 
ðv Ox Ov Oy Ov 


For z = z(t, x, y), let x = x(t), y = y(t). Thus, z is actually a function of only one 


variable t. The derivative E 1s calculated by 


dz _ Oz _ Oz dx | dz dy 
dt Ot Ox dt Oy dt 


This derivative, in contrast to the partial derivative E 1s called a total derivative. 


> Second partial derivatives and second differentials. The second partial derivatives 
of a function z = f(x, y) are defined as the derivatives of its first partial derivatives and are 
denoted as follows: 


Oz O*z 

E = Zee = (Zz)z» Ox Oy = Zry = (Zz )y> 
O*z 3z 

Oy Ox Oy 


The derivatives zz, and zyx are called mixed derivatives. If the mixed derivatives are 
continuous at some point, then they coincide at that point, zz, = 2yx- 

In a similar way, one defines higher-order partial derivatives. 

The second differential of a function z = f(x, y) 1s the expression 


dez = d(dz) = (d2)¿Az + (dz)yAy = zal AX)” + 2zry ALAY + Zyy(Ay). 


In a similar way, one defines dz, d*z, etc. 


> Implicit functions and their differentiation. Consider the equation F (zx, y) = 0 with 
a solution (xo, yo). Suppose that the derivative F,(x, y) is continuous in a neighborhood 
of the point (Zo, yo) and F(x, y) # 0 in that neighborhood. Then the equation F(x, y) = 0 
defines a continuous function y = y(x) (called an implicit function) of the variable x in a 
neighborhood of the point xo. Moreover, if in a neighborhood of (xo, yo) there exists a 
continuous derivative Fy, then the implicit function y = y(x) has a continuous derivative 
dy Eo 
dx Py 

Consider the equation F(x, y, z) = O that establishes a relation between the variables 
£, Y, 2. If F (£0, yo, 20) = 0 and in a neighborhood of the point (xo, Yo, zo) there exist contin- 
uous partial derivatives Fy, Fy, Fz such that F,(xo, yo, zo) + 0, then equation F(x, y, z) = 0, 
in a neighborhood of (xo, Yo), has a unique solution z = y(x, y) such that y(%o, yo) = Zo; 


expressed by 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 164 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 165 


M6.3. FUNCTIONS OF SEVERAL VARIABLES. PARTIAL DERIVATIVES 165 


moreover, the function z = (x,y) is continuous and has continuous partial derivatives 


expressed by 
Of. £3 Oz Fy 
dc Fl 0. F, 

Example 2. For the equation x siny + z +e” = 0 we have F, = 1 +e” #0. Therefore, this equation 
defines an implicit function z = y(x, y) on the entire plane, and its derivatives have the form 2z =— — 2 A 
Oz _ _TCOS Y 
Oy l+e2 


> Jacobian. Dependent and independent functions. Invertible transformations. 


1°. Two functions f(x, y) and g(x, y) are called dependent if there is a function ®(z) such 
that g(x, y) = (f(x, y)); otherwise, the functions f(x, y) and g(x, y) are called independent. 

The Jacobian is the determinant of the matrix whose elements are the first partial 
derivatives of the functions f(x, y) and g(x, y): 


o 
Of,g) _| 3z dy 
O(x, y) oo. Og 


(M6.3.2.1) 


1) If the Jacobian (M6.3.2.1) in a domain D is identically equal to zero, then the 
functions f(x, y) and g(x, y) are dependent in D. 

2) If the Jacobian (M6.3.2.1) is nonzero in D, then the functions f(x, y) and g(x, y) are 
independent in D. 


2°. Functions fk(£1, £2,..., £n), k = 1,2,...,n, are called dependent in a domain D if 
there is a function ®(z1, z2,..., Zn) such that 


D(fi (11, 22, . : tin): A ee . rey ae ee Jn (iD ` sila) = 0 (in D); 


otherwise, these functions are called independent. 
The Jacobian is the determinant of the matrix whose elements are the first partial 


derivatives: A a 

AA, farm) = det Ofi (M6.3.2.2) 

OlT Tisis Dn) Ox ; 
The functions fi(x1,%2,...,YT,) are dependent in a domain D if the Jacobian (M6.3.2.2) 
is identically equal to zero in D. The functions fk(£1, 72,..., £n) are independent in D if 
the Jacobian (M6.3.2.2) does not vanish in D. 
3°. Consider the transformation 

VS IEA oa le ae. (M6.3.2.3) 


Suppose that the functions fọ are continuously differentiable and the Jacobian (M6.3.2.2) 
differs from zero at a point (x;,1),...,T,). Then, in a sufficiently small neighborhood of 
this point, equations (M6.3.2.3) specify a one-to-one correspondence between the points 
of that neighborhood and the set of points (y1, Y2,..., Yn) consisting of the values of 
the functions (M6.3.2.3) in the corresponding neighborhood of the point (y;, Y5,- - -> Yn). 
This means that the system (M6.3.2.3) 1s locally solvable in a neighborhood of the point 
(£7, 1), ...,T,), 1.e., the following representation holds: 


Ek = kU Uss Yn) BAA 2a, 


where gj; are continuously differentiable functions in the corresponding neighborhood of 
the point (y7, Y5» - -> Yn). 
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M6.3.3. Directional Derivative. Gradient. Geometrical Applications 


> Directional derivative. One says that a scalar field is defined in a domain D if any 
point M(x, y) of that domain is associated with a certain value z = f(M) = f(x, y). Thus, 
a thermal field and a pressure field are examples of scalar fields. A level line of a scalar 
field is a level line of the function that specifies the field (see Subsection M6.3.1). Thus, 
isothermal and isobaric curves are, respectively, level lines of thermal and pressure fields. 
In order to examine the behavior of a field z = f(x,y) at a point Mo(zo, yo) in the 
direction of a vector a = {a ;,a2}, one should construct a straight line passing through 
Mo in the direction of the vector a (this line can be specified by the parametric equations 
L=X9+a;t, Y = yo+ art) and study the function z(t) = f (xo + ait, yo + art). The derivative 
of the function z(t) at the point Mo (1.e., for t = 0) characterizes the change rate of the field 


at that point in the direction a. Dividing z’(0) by la] = y at + a2, we obtain the so-called 


derivative in the direction a of the given field at the given point: 


21 = wy [e fo. 9) + a2 fy(Lo, Yo) |. 
The gradient of the scalar field z = f(x, y) 1s, by definition, the vector-valued function 
grad J = fala, y) + f(x, y), 
where i and j are unit vectors along the coordinate axes x and y. At each point, the 
gradient of a scalar field is orthogonal to the level line passing through that point. The 
gradient indicates the direction of maximal growth of the field. In terms of the gradient, the 
directional derivative can be expressed as follows: 


Of a 

— = — grad f. 

da lal grad 
The gradient is also denoted by Vf = grad f. 


Remark. The above facts for a plane scalar field obviously can be extended to the case of a spatial scalar 
field. 


> Geometrical applications of the theory of functions of several variables. 
1. The equation of the tangent plane to the surface z = f(x, y) at a point (xo, Yo, 20), 
where zo = f (xo, yo), has the form 
z= f(xo, yo) + flo, Yo Mt — xo) + fy (to, yoy — Yo). 
The vector of the normal to the surface at that point 1s 
n= [=f, (20, Yo), =fy (to, Yo), 1}. 
2. If a surface is defined by the equation P(zx, y, z) = O, then the equation of its tangent 
plane at the point (Zo, Yo, zo) has the form 
D(X, Yo, Zox — Lo) + Py (Xo, Yo, 20 MY — Yo) + Bz (Xo, Yo, Zo)(z — z0) = 0. 
A normal vector to the surface at this point is 
n = {®,(20, yo, 20), Py (Lo, Yo, 20), P(Lo, Yo, 20) }. 
3. Consider a surface defined by the parametric equations 
T=XU O) YSU)...  ¿=2(4,.0) 
or, in vector form, r=r(u, v), where r=(zx, y, z}, and let Mo (x(uo, vo), Y(ug, VO), z(uo, vo)) 
be the point of the surface corresponding to the parameter values u = uo, v = Uo. Then the 
vector of the normal to the surface at the point Mo can be expressed by 


Or Or i j k 
n(u, v) = Su x a, =D Di ey 
la Yv  “v 


where all partial derivatives are calculated at the point Mo. 


> 
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M6.3.4. Extremal Points of Functions of Several Variables 
> Conditions of extremum of a function of two variables. 


1°. Points of minimum, maximum, or extremum. A point (xo, Yo) is called a point of local 
minimum (resp., maximum) of a function z = f(x, y) if there is a neighborhood of (xo, yo) 
in which the function is defined and satisfies the inequality f(x,y) > f(zo, yo) (resp., 
f(x,y) < f (0, yo)). Points of maximum or minimum are called points of extremum. 


2°. A necessary condition of extremum. If a function has the first partial derivatives at a 
point of its extremum, these derivatives must vanish at that point. It follows that in order 
to find points of extremum of such a function z = f(x,y), one should find solutions of the 
system of equations 


falx, y)=0, fy(x,y)=0. 


The points whose coordinates satisfy this system are called stationary points. Any point of 
extremum of a differentiable function is its stationary point, but not every stationary point 
is a point of its extremum. 


3°. Sufficient conditions of extremum are used for the identification of points of extremum 
among stationary points. Some conditions of this type are given below. 

Suppose that the function z = f(x,y) has continuous second derivatives at a stationary 
point. Let us calculate the following quantity at this point: 


A= Fax Syy = oy 
The following statements hold: 


1) If A>0, frr>0, then the stationary point is a point of local minimum; 
2) If A>0, fre <0, then the stationary point is a point of local maximum; 
3) If A<O, then the stationary point cannot be a point of extremum. 


In the degenerate case, A = 0, a more delicate analysis of a stationary point is required. In 
this case, a stationary point may happen to be a point of extremum and may not. 


Remark. In order to find points of extremum, one should check not only stationary points, but also points 
at which the first derivatives do not exist or are infinite. 


4°. The smallest and the largest values of a function. Let f(x,y) be a continuous function 
in a closed bounded domain D. Any such function takes its smallest and its largest values 
in D. 

If the function has partial derivatives in D, except at some points, then the follow- 
ing method can be helpful for determining the coordinates of the points (£min, Ymin) and 
(Xmax> Ymax) at which the function attains its minimum and maximum, respectively. One 
should find all internal stationary points and all points at which the derivatives are infinite 
or do not exist. Then one should calculate the values of the function at these points and 
compare these with its values at the boundary points of the domain, and then choose the 
largest and the smallest values. 


> Extremal points of functions of three variables. For functions of three variables, 
points of extremum are defined in exactly the same way as for functions of two variables. 
Let us briefly describe the scheme of finding extremal points of a function u = ®(2, y, z). 
Finding solutions of the system of equations 


DP (1,Y,2)=0, Dylx,y,2)=0, P¿(x,y,z)=0, 
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we determine stationary points. For each stationary point, we calculate the values of 


$ $ Prr Diy Prz 
A = Prr, A) = ag D ’ A3 = Pry Pyy Dz 
me ve Gz YZ 22 


The following statements hold: 


1) If A; >0, Az >0, Az >0, then the stationary point is a point of local minimum; 
2) If A; <0, Ay >0, A3 <0, then the stationary point is a point of local maximum. 


> Conditional extremum of a function of two variables. Lagrange function. A point 
(Zo, Yo) is called a point of conditional or constrained minimum (resp., maximum) of a 
function 

z= f(x,y) (M6.3.4.1) 


under the additional condition* 
p(x, y) = 0 (M6.3.4.2) 


if there is a neighborhood of the point (xo, yo) in which f(x, y) > f (xo, Yo) resp., f(x, y) < 
f(xo, yo)) for all points (x, y) satisfying the condition (M6.3.4.2). 
For the determination of points of conditional extremum, it is common to use the 
Lagrange function 
B(x, y, A) = f(x, y) + Ap(z, y), 


where is the so-called Lagrange multiplier. Solving the system of three equations (the 
last equation coincides with the condition (M6.3.4.2)) 

28 9 84 a, 

Ox Oy OX 
one finds stationary points of the Lagrange function (and also the value of the multiplier A). 
The stationary points may happen to be points of extremum. The above system yields 
only necessary conditions of extremum, but these conditions may be insufficient; it may 
happen that there is no extremum at some stationary points. However, with the help of other 
properties of the function under consideration, it is often possible to establish the character 
of a critical point. 


Example 1. Let us find an extremum of the function 
LS (M6.3.4.3) 


under the condition 
T+Y=A (a>0, n>0, x20, y 20). (M6.3.4.4) 


Taking y(x, y) = x + y — a, we construct the Lagrange function 
(z, y, A) =1"Yy +A +y-a). 
Solving the system of equations 
®, =n y+A=0, 
®,=2"+r=0, 
Pd, =x+y-a=0, 


we find the coordinates of a unique stationary point, 


q. 7 4 St an NX” 
° n+l’ A aN a n+t1) 


n+l n 


atn 
(n + 131" 


which corresponds to the conditional maximum of the given function, Zmax = 


* This condition is also called a constraint. 
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Remark. In order to find points of conditional extremum of functions of two variables, it is often convenient 
to express the variable y through x (or vice versa) from the additional equation (M6.3.4.2) and substitute the 
resulting expression into the right-hand side of (M6.3.4.1). In this way, the original problem is reduced to the 
problem of extremum for a function of a single variable. 


Example 2. Consider again the extremum problem of Example 1 for the function of two variables 
(M6.3.4.3) with the constraint (M6.3.4.4). After the elimination of the variable y from (M6.3.4.3)(M6.3.4.4), 
the original problem is reduced to the extremum problem for the function z = x"(a— x) of one variable. 


> Conditional extrema of functions of several variables. Consider a function u = 
f(x1,...,Tn) of n variables under the condition that x1, ..., £n satisfy m equations 
(m <n): 


y1(£1, OS , Tn) = 0, 
PAT, . e... sUn) = O, 


Om Cerist) E. 


In order to find the values of x1, ..., 1, for which f may have a conditional maximum or 
minimum, one should construct the Lagrange function 


(z1, ..., En; Àl; -3 Am) = f + A191 + A2G2 °° + AmOm 


and equate to zero its first partial derivatives with respect to the variables x1,..., £n and the 
parameters A;,..., Am. From the resulting n +m equations, one finds z1, ..., £n (and also 
the values of the unknown Lagrange multipliers A1,..., Am). As in the case of functions of 
two variables, the question whether the given function has points of conditional extremum 
can be answered on the basis of additional investigation. 


Example 3. Consider the problem of finding the shortest distance from the point (xo, yo, zo) to the plane 
Ar+By+Cz+D=0. (M6.3.4.5) 

The squared distance between the points (xo, Yo, zo) and (x, y, z) is equal to 
R =(x£- 20) +(y- Y) + (2-20). (M6.3.4.6) 


In our case, the coordinates (x, y, z) should satisfy equation (M6.3.4.5) (this point should belong to the plane). 
Thus, our problem is to find the minimum of the expression (M6.3.4.6) under the condition (M6.3.4.5). The 
Lagrange function has the form 


D=(2-20 + (y—yo) +(2- 20) + A(Ax + By + Cz + D). 


Equating to zero the derivatives of ® with respect to x, y, z, and A, we obtain the following system of algebraic 
equations: 


2(1—-0)+AA=0, Zy-—y)+BA=0, 22-z)+CA=0, Ax+ By+Cz+D=0. 


Its solution has the form 


1 1 1 Z(Axo + Byo + Czo + D 
T=x0-—AÁA, y=yo— 7 BA, 2=x0 04, as ee 


M6.3.4.7 
> ( ) 


Thus we have a unique answer, and since the distance between a given point and the plane can be realized at a 
single point (x, y, z), the values obtained should correspond to that distance. Substituting the values (M6.3.4.7) 
into (M6.3.4.6), we find the squared distance 


= (Axo + Byo + Czo + Dy 


2 
i A+B? +O 
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M6.3.5. Differential Operators of the Field Theory 


> Hamilton's operator and first-order differential operators. Hamilton's operator, 
commonly known as the nabla vector operator or the gradient operator, is the symbolic 
vector 


This vector can be used for expressing the following differential operators: 
1) gradient of a scalar function u(x, y, z): 


O O 
grad ui = Vu: 
2) divergence of a vector field a = Pi+Qj+Rk: 
P 
des ee, 
Ox Oy Oz 


(scalar product of the nabla vector and the vector a); 
3) rotation of a vector field a = Pi+Qj+Ak: 


i j k 
curl a = a 5 o: =Vxa 
P Q R 


(vector product of the nabla vector and the vector a). 
Each scalar field u(x, y, z) generates a vector field gradu. A vector field a(x, y, z) 
generates two fields: the scalar field div a and the vector field curl a. 


> Second-order differential operators. The following differential identities hold: 


1) curlgradu=0 or (VxWV)u=0, 
2) divcula=0 or V.(Vxa)=0. 


The following differential relations hold: 


l u Eu u 
1) a ea eer O 


2) curlcurla = grad div a — Aa, 


where A is the Laplace operator, Au = V - (Wu) = V?u. 
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Chapter M7 
Integrals 


M7.1. Indefinite Integral 
M7.1.1. Antiderivative. Indefinite Integral and lts Properties 


> Antiderivative. An antiderivative (or primitive function) of a given function f(x) on 
an interval (a, b) is a differentiable function F(x) such that its derivative is equal to f(x) for 
all x e (a,b): 

F (a) = f(a). 


Example 1. Let f(x) = 2x. Then the functions F(x) = x? and F\(x) = x? — 1 are antiderivatives of f(x), 
since (x?) = 2” and (x? — 1)’ = 22. 


THEOREM. Any function f(x) continuous on an interval (a, b) has infinitely many con- 
tinuous antiderivatives on (a,b). If F(x) is one of them, then any other antiderivative has 
the form F(x) + C, where C is a constant. 


> Indefinite integral. The indefinite integral of a function f(x) is the set, F(x) + C, of 
all its antiderivatives. This fact is written as 


| fae = F(x)+C. 


Here, f(x) is called the integrand (or the integrand function). The process of finding an 
integral is called integration. The differential dx indicates that the integration is carried out 
with respect to x. 


Example 2. J 61” dx = 2x? + C, since (2?) = 62”. 


> Most important corollaries of the definition of the indefinite integral. Differentiation 


is the inverse of integration: 
d 
£ (f roan) = f(x). 
£ 


Integration is the inverse of differentiation:* 


Pro d= flay. 


The latter formula serves to make up tables of indefinite integrals. The procedure 1s 
often reversed here: an integral is first given in explicit form (1.e., the function f(x) on the 
right-hand side is prescribed), and then the integrand is obtained by differentiation. 


* Integration recovers the function from its derivative, to an additive constant. 
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M7.1.2. Table of Basic Integrals. Properties of the Indefinite Integral. 


Examples of Integration 


> ‘Table of basic integrals. Listed below are most common indefinite integrals, which are 
important for the integration of more complicated expressions: 


get! 
Jri +0 (a#-1), 
a+1 
dx 


a 


= 


e” dou=e 4G; 


— arctan = —+C, 
a 


x 
= arcsin — + C, 
a 


Inzde=xlnx-x+C, 
sin x dx =- cos z +C, 


tan x dx = —Inicos z| + C, 


= In tan =| +C, 
sin £ 


E: 
li 
| 
| 
| 
| 
J a 
[= =-cotx+C, 
| 
| 
| 
| 
| 
| 
| 


arcsin x dx = x arcsin x + V1—274+C, 

1 
arctan x dx = x arctan x — > Ind +2 OE C, 
sinh z dx = cosh z + C, 


tanh xz dx = ln cosh z + C', 


dx 


sinh x 


area +C, 


-coth z + C, 


sinh? x 


arcsinh x dx = xarcsinh z — vV 1 + x? + C, 


[E =1121+0. 
x 
dx 1 r-a 
E£ slato, 
E a kerä 


-= = Inlx+vVx?+a|+C, 


fe a= Z +C, 
Ina 


Inaxdx =xlnaxr-2+VC, 
cos x dx = sing + C, 


cot x dx = ln |sin z| + C, 


L T 
nft +—})/+C, 
COS £ = Inftan( + T) 


cos? x 


J 
J 
J 
la 
J 
mA xdg = x arccos x — V1- £? +C, 
fasccoto dz = = g arccot x + > Ind +x ESO 
[cosh de = sinh x + C, 
[otha dx = In|sinhz|+C, 
/ 
J 


= 2 arctan e” +C, 


= tanh z + Č, 


cosh? x 


fasccosta dx =xarccoshx-—va?t-1+C, 


1 1 
J ssotann x dx = xarctanh x + > In(1 — x’) +C, Jasccot x dx = xarccoth x + > ln(z’ -1)+C, 


where C is an arbitrary constant. 


A more extensive table of indefinite integrals can be found in Section S1.1. 


> Properties of the indefinite integral. 


1. A constant factor can be taken outside the integral sign: 


feta des a | fe) dx (a = const). 


2. Integral of the sum or difference of functions (additivity): 


i f(a) + g(a)] de = / Ore J a 
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3. Integration by parts: 


J ORTE / Fago de. 


4. Repeated integration by parts (generalization of the previous formula): 


J fag P (x) dx = f(x)g™(a) Ms + EOI) 
nel / FDO de, n=0,1,... 


5. Change of variable (integration by substitution): 


J f(x)dx = J FYD (tdt, x£= pt) 


On computing the integral using the change of variable x = y(t), one should rewrite 
the resulting expression in terms of the original variable x using the inverse substitution 


t=y (2). 
> Examples of direct integration of elementary functions. 


1°. With simple algebraic manipulation and the properties listed above, the integration may 
often be reduced to tabulated integrals. 


— 1 4 
Example 1. |= d= | (2ve-—) do=2 f adz f dr go en ee 


2°. Tabulated integrals can also be used where any function y(x) appears in place of x; for 
example, 


Je eer" = pe dy(x) = er) aC: 


d Pi 
[ S=intci+c = J a Saale. 
T 


sin x 


The reduction of an integral to a tabulated one may often be achieved by taking some 
function inside the differential sign. 


Example 2. Jinzao=/ med =p =- | L = —In |cos x| + C. 


COS £ COS £ COS £ 


d d 
3°. Integrals of the form J es, / — "can be computed by making 
az? +br+e J Var?+br+c 
a perfect square: 


2 b 2 b? 
ax” + o+o=a(e+>-) ETA 


Then one should replace dx with the equal differential d(x + 2) and use one of the four 


formulas in the second and third rows in the table of integrals given at the beginning of the 
current subsection. 

dx B dx 7 d(x — 1) 
=: ii" l- (4-1? 


Example 3. = arcsin(x — 1) + C. 
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4”. The integration of a polynomial multiplied by an exponential function can be accom- 
plished by using the formula of integration by parts (or repeated integration by parts) given 
above. 


Example 4. Compute the integral | (Ba + 1)e% dx. 


Taking f(x) = 3x + 1 and g'(x) = e”, one finds that f'(x) = 3 and g(x) = 
expressions into the formula of integration by parts, one obtains 


ze”, On substituting these 


[Grr D de=SGrene—5 [dr 5604 e" Je" += (52-7) rar Ok 


Remark 1. More complex examples of the application of integration by parts or repeated integration by 
parts can be found in Subsection M7.1.6. 


Remark 2. Examples of using a change of variable (see Property 5 above) for the computation of integrals 
can be found in Subsections M7.1.4 and M7.1.5. 


M7.1.3. Integration of Rational Functions 


> Partial fraction decomposition of a rational function. A rational function (also 
known as a rational polynomial function) 1s a quotient of polynomials: 


Pr (x) 
Qm(x) 


R(x) = (M7.1.3.1) 


where 
P (£) = Gna" +--+ + a,x + a0, 


Qm(x) = bya" +--+ +b, x + bo. 
The fraction (M7.1.3.1) is called proper if m > n and improper ifm <n. 
Every proper fraction (M7.1.3.1) can be decomposed into a sum of partial fractions. To 


this end, one should factorize the denominator @),,,(x) into irreducible multipliers of the 
form 


(xa, tH 12 wk: (M7.1.3.2a) 
(x? + Bjr +y), j=1,2,...,8, (M7.1.3.2b) 


where the p; and q; are positive integers satisfying the condition pı +: + :+pz+2(q1+:**+Qs)= 
m; 6; —4y; <Q. The rational function (M7.1.3.1) can be represented as a sum of irreducibles 
and to each irreducible of the form (M7.1.3.2) there correspond as many terms as the power 


Pi OF qi: 
A: A, Åi p, 
ES A E (M7.1.3.3a) 
L-A; (x-a) (x —0Q)Pi 
B;ix + D; B;ax + D; Doa FD i 
Se o E A S 
w+ pjer rrp (a? + Bjx + yj)” 


The constants 4; 1, Bjr, Dj, r are found by the method of undetermined coefficients. 
To that end, one should equate the original rational fraction (M7.1.3.1) with the sum of 
the above partial fractions (M7.1.3.3) and reduce both sides of the resulting equation to a 
common denominator. Then, one collects the coefficients of like powers of x and equates 
them with zero, thus arriving at a system of linear algebraic equations for the A;;, Bj; r, 
and Dj y. 
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Example 1. This is an illustration of how a proper fraction can be decomposed into partial fractions: 


bs + bazl t+ bzr? t+ hoa +biz+bo Ait q AO, 80 A23 Bz+D 


(x +.a)(x + o (a? + k?) gta ate (+09 («+03 224k? 


> Integration of a proper fraction. 


1°. To integrate a proper fraction, one should first rewrite the integrand (M7.1.3.1) in the 
form of a sum of partial fractions. Below are the integrals of most common partial fractions 
(M7.1.3.3a) and (M7.1.3.3b) (with q; = 1): 


/ 2 dx = Aln |z- al, l= = A: 
L— OL (x — ÓN (p — Diz — ay 


Ba+D B B 2x + 
¡<= i m2 ne ae 
+Br+y 2 4y — 82 


(M7.1.3.4) 


The constant of integration C has been omitted here. More complex integrals of partial 
fractions (M7.1.3.3b) with q; > 1 can be computed using the formula 
Ba+D P d 
= = UNE == (M7.1.3.5) 
(1? + (22 + Ba + ya + yy? (122 + Bx + yr! r? + Bx + 


where P(x) is a polynomial of degree 2qg—3. The coefficients of P(x) and the constant A can 
be found by the method of undetermined coefficients by differentiating formula (M7.1.3.5). 


Remark. The following recurrence relation may be used in order to compute the integrals on the left-hand 
side in (M7.1.3.5): 


Bx+ D E (2D—BB)x+ DG-2By (2q —3)2D—- BB) 
O NS J (a+ Puga 
Example 2. Compute the integral i aoe dx. 
r? +8 
Let us factor the denominator of the integrand, x? + 8 = (x + 2)(a” —2x + 4), and perform the partial fraction 
decomposition: 


sp) oo JA A Bx+ D 
(£ +2)\(a2-274+4) 23+2. a2-20+4' 


Multiplying both sides by the common denominator and collecting the coefficients of like powers of x, we 
obtain 


(A+ B-3)13+(24+2B+D+ Dx +44+2D+2=0. 


Now equating the coefficients of the different powers of x with zero, we arrive at a system of algebraic equations 
for A, B, and D: 


A+B-3=0, 24+2B+D+1=0, 44+2D+2=0. 


Its solution is: A = 1, B = 2, D=-3. Hence, we have 


3x7 —2 —2 1 2x —3 
ES | — d A 
J pes ~ l= o j 


= Info +2] + In(a? —20 +4) - arctan = 


Here, the last integral of (M7.1.3.4) has been used. 
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2°. The integrals of proper rational functions defined as the ratio of a polynomial to a power 
function (x — a)” are given by the formulas 


PG Pq) 
a A a S S o l; 
|== 7 2 ka a ic 
n-1 (k) (n) 
(x-a) 5 km ka — a)n- n! 


where P,(x) is a polynomial of degree n and PPa) is its kth derivative at x = a. 


3°. Suppose the roots in the factorization of the denominator of the fraction (M7.1.3.1) are 
all real and distinct: 


Qm (XL) = bmt” +--+ bix + bo = bm(£ -a1 (£ —097)...(1-0m) Qi $ Qj. 
Then the following formula holds: 


BD q $ PACH ite oul +0 
Ak 


where m > n and the prime denotes a derivative. 
> Integration of improper fractions. 


1°. In order to integrate an improper fraction, one should first isolate a proper fraction by 
division with remainder. As a result, the improper fraction is represented as the sum of a 
polynomial and a proper fraction, 


Ant” +--+ +a,x+ao 
Om IT” +---+6,2 + do 


n—m 


SEA ESA ESO 
NS SS A + ——wqm— 


> 
bin IP +--+ +b x + bo Orn) 


which are then integrated separately. 


2 


— de. 


Example 3. Evaluate the integral I = J 


Let us rewrite the integrand (improper fraction) as the sum of a polynomial and a proper fraction: de 
ds == 


1 1 
c+1+ Hence, T= | (2414 ) do=30+2+Inlo—11+C. 
x—1 x—1l 


2°. The integrals of improper rational functions defined as the ratio of a polynomial to a 
simple power function (x — a)” are evaluated by the formula 


CZs : Pr (a) ti O 
(12-ay” qa @ 0 =D =D> TA) Den a al 
m-—2 (k) 
E 


5 k!(m-k-1)(x- qr 


where n > m. 


Remark 1. The indefinite integrals of rational functions are always expressed in terms of elementary 
functions. 


Remark 2. Some of the integrals reducible to integrals of rational functions are considered in Subsections 
M7.1.5 and M7.1.6. 
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M7.1.4. Integration of Irrational Functions 


The integration of some irrational functions can be reduced to that of rational functions using 
a suitable change of variables. In what follows, the functions R(x, y) and R(x1,..., TÍ) are 
assumed to be rational functions in each of the arguments. 

> Integration of expressions involving radicals of linear-fractional functions. 


1°. The integrals with roots of linear functions 
[Rl Vaz +b) dx 


are reduced to integrals of rational functions by the change of variable z = Vaz + b. 


Example 1. Evaluate the integral / = J xv l-r drz. 


With the change of variable v1 — x = z, we have x = 1—z” and dx =-2z dz. Substituting these expressions 
into the integral yields 


a farra iO A O 


2”. The integrals with roots of linear-fractional functions 
3 b 

/ («x os dx 
cx+d 


are reduced to integrals of rational functions by the substitution z = 


„| ax +b 
cx +d 


3°. Integrals containing the product of a polynomial by a simple power function of the form 
(x — a)? are evaluated by the formula 


bs po) 
Proa = ay dx = y EE a aye 
k=0 


where FP,,(x) is a polynomial of degree n, Pa) is its kth derivative at x = a, and 0 is any 
positive or negative proper fraction (to be more precise, 6 *-1,—2,...,—n-—1). 


> Euler substitutions. Trigonometric substitutions. We will be considering integrals 
involving the radical of a quadratic trinomial: 


[Rl V az? + bx +c) dx, 


where b? + 4ac. Such integrals are expressible in terms of elementary functions. 


1°. Euler substitutions. The given integral is reduced to the integral of a rational fraction 
by one of the following three Euler substitutions: 


1) Var-+brt+c=ttr/a if a>O; 
2) Vaxr-+brt+c=attVJVc if c>O0; 
3) Var-+br+c=t(x-2)) if dac—b* <0, 
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where 2} is a root of the quadratic equation ax*+bx+c=0. In all three cases, the variable x 


and the radical V ax? + bx + care expressible in terms of the new variable t as (the formulas 
correspond to the upper signs in the substitutions): 


-c vat +bt+cya Vat +bt+cy/a 
1) ¢=———., Var? +br+c= AS a 
dd 2yat+b ose = Wat+b = (2,/at +b)? 


2y/ct-b AE t* —bt t” —bt 
a 


_ 742 a—t2 : (a —{2)2 
2 2 bYe 
3) r= Cron yV az? +br+e EE dx = 2 dt. 
a 2_@ —a 


2°. Trigonometric substitutions. The function v ax? + bx + c can be reduced, by making a 
perfect square in the radicand, to one of the three forms: 


1) va4/(x-p} +q? if a>o; 
2) yay(=-p?-q? if a>0; 


3) „—a4/q?-(x-p}? if a<0, 


where p = -4b/ a. Different trigonometric substitutions are further used in each case to 
evaluate the al 


dt 
1) x-p=qtant, 1/(2-p+ q? = e , dx = 2 > 
cos t cos? t 
sin t dt 
2) t-p= E , y (u-pr-q = qtant, dz = A 
cos t cos? t 
3) x-p=qsint, 1/q2-(2-pY=qcost, dxr=qcostdt. 


Example 2. Evaluate the integral J V6 + 4r -— 2r? dz. 


This integral corresponds to case 3 with a = —2, p = 1, and q = 2. The integrand can be rewritten in the 


form: 
V6 + 4a — 22? = V2 V3 422-2? = V24/4- (z - 1). 


Using the trigonometric substitution x-1 = 2 sin t and the formulas V3 + 2” — xz? =2 cos t and dæ =2 cos t dt, 
we obtain 


| VEF- de = AVF | cos tat = 22 | (1 + cos 24) at 
= 24 H + V2 sin 2t + C = 2V2 arcsin — 
= 2V2 arcsin ~ 


1 + V2 sin (2 aresin R +C 


= ‘Ze 4-(z-1} +C. 


> Integral of a differential binomial. The integral of a differential binomial, 


[er + bx")? dz, 
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where a and 6 are constants, and n, m, p are rational numbers, is expressible in terms of 
elementary functions in the following three cases only: 

1) If pis an integer. For p 2 0, removing the brackets gives the sum of power functions. 
For p < 0, the substitution x = t", where r is the common denominator of the fractions 
m and n, leads to the integral of a rational function. 

2) If mtl is an integer. One uses the substitution a+bx" = t£, where k is the denominator 
of the fraction p. 

3) If mtl + p is an integer. One uses the substitution ax” + b = tf, where k is the 
denominator of the fraction p. 


Remark. In cases 2 and 3, the substitution z = x” leads to integrals of the form 3° above. 


M7.1.5. Integration of Exponential and Trigonometric Functions 
> Integration of exponential and hyperbolic functions. 
1. Integrals of the form | R(e*”, e) dx, where R(x, y) is a rational function of its 


arguments and p, q are rational numbers, may be evaluated using the substitution z*” = e”, 
where m 1s the common denominator of the fractions p and q. In the special case of integer 
p and q, we have m = 1, and the substitution becomes z = e”. 


e” dx 


et +2 
This integral corresponds to integer p and q: p = 1 and q = 3. So we use the substitution z = e”. Then 


Example 1. Evaluate the integral / 


x = ln z and dz = EA Therefore, 
Zz 


3x 2 

eda Zz dz 4 i Lo . . 

— = T—o = == ) = — —2 4] 2 = — =) 41 2 f 
jon 13 16 ase dz 70 2+41In|2+2]+C 7° e” +4In(e +2)+C 


2. Integrals of the form / R(simh ax, cosh ax) dx are evaluated by converting the 


hyperbolic functions to exponentials, using the formulas sinhax = +(e" —e™) and 
cosh ax = +(e +e“), and performing the substitution z = e*”. Then 


1 21 2+11d 
J Risinn ax, cosh ax) dx = AE f e 2 
a 22 2z Z 


. PR ax 
Alternatively, the substitution ¢ = tanh (=) can also be used to evaluate integrals of 


the above form. Then 


2 2t 1+t?\ dt 
J Risinn ax, cosh ax) dx = JE e A 
a Let? T=PJ1=P 


> Integration of trigonometric functions. 


1. Integrals of the form / R(sin ax, cos ax) dx can be converted to integrals of rational 


l : ; dd ax 
functions using the fundamental trigonometric substitution ¢ = tan (5) : 


2 2t 1-t?\ dt 
| Resin as. cos ax) dx = jn il er 
a LE 14%/14# 
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dx 


Example 2. Evaluate the integral J —. 
2+sin x 


Using the fundamental trigonometric substitution ¢ = tan z we have 


/ de -2 | dt a} dt _, f _d@t+) 
2+sing 2t REA (2t+1) +3 
(2+ lA 


2 2t+1 2 1 
= — arctan za + C = —~ arctan tan a + =) +C. 


2 
V3 V3 V3 ES 2 y3 
2. Integrals of the form J R(sin? ax, cos? ax, tan ax) dx are converted to integrals of 


rational functions with the change of variable z = tan ax: 


1 2 1 d 
J Resi’ ax, cos? ax, tan ax) dx = — Jr == —, z ao 
a 1+2? 1+2 l + 22 


3. Integrals of the form 
/ sin ax cos bx du, / cos ax cos ba dx, J sin ax sin bx dx 


are evaluated using the formulas 


sin cos O = >[sin(a + 3)+sin(a—)], 
cos acos Ó = >[cos(a + 6) + cos(a — 0)l, 


sina sin 6 = > [cos(a — 6) — cos(a + 5)l. 


4. Integrals of the form J sin” x cos” x dx, where m and n are integers, are evaluated 


as follows: 
(a) if m is odd, one uses the change of variable cos x = z, with sin x dx = -dz; 
(b) if n is odd, one uses the change of variable sin x = z, with cos x dx = dz; 
(c) if m and n are both even nonnegative integers, one should use the degree reduction 
formulas 


2 2 


sin? £ = 50 — cos 2x1), cost x= 50 +C0821), sinxcosx = 5 sin 27. 
Example 3. Evaluate the integral / sin’ x dx. 


This integral corresponds to odd m: m = 5. With simple rearrangement and the change of variable 
COS x = z, we have 


[ sia’ cde = [ (sin? 2) sine dx =~ [cos 2 dcos =- | 0-2) de 


3 5 3 5 
=42z -iz -z +C = 4 cos T— + cos £- cost +C. 


Remark. In general, the integrals J sin” x cos? x dx are reduced to the integral of a differential binomial 


by the substitution y = sin z. 
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M7.1.6. Integration of Polynomials Multiplied by Elementary 
Functions 


Throughout this section, P,,(x) designates a polynomial of degree n. 


> Integration of the product of a polynomial by exponential functions. General 


formulas: 
J Pawe“ de = es [HD D pe +(— E P] +C, 
a a 
J P, (x) cosh(ax) dx = sinh(az) 22 D, Ro, | —cosh(azx) ES EA i +C, 
/ P,,(x) sinh(ax) dx = cosh(az) 22 D, rae |- sinh(ax) E nl) q s l LO 


These formulas are obtained by repeated integration by parts; see Property 4 from Subsection 
M7.1.2 with f(x) = P (x) for g7+P (x) = e®, g'"*) (x) =cosh(ax), and g "+ (x) = sinh(az), 


respectively. 
In the special case P,,(x) = x”, the first formula gives 
n 
EIA x 
n ax Oe 
fe e~ dx =e y a qr” +C. (M7.1.6.1) 
k=0 


> Integration of the product of a polynomial by a trigonometric function. 


1°. General formulas: 


a? a? at 


/ P,, (1) sin(ax) dx = sin(ax) [> - fu) e l — cos(ax) 22. a os l +C. 


J P, (æ) costaz) de = sin(az)| n@) A, + + costa) |= ne) _ Fa) x + Ho 


These formulas are obtained by repeated integration by parts; see Property 4 from Subsection 
M7.1.2 with f(x) = P (x) for g*) (x) = cos(ax) and g"+*V (x) = sin(ax), respectively. 


2”. To evaluate integrals of the form 
J P, (x) cos” (ax) dz, / Pax) sin” (az) dz, 


with m = 2, 3, ..., one should first use the trigonometric formulas 
| k-1 
cos?" (ax) = JkT y E cos[2(k —2)ax] + JIk L or (m = 2k), 
1=0 
k 


cos”** (qx) = ar Y Cipa COS[(2k —24 + Daz] (m = 2k + 1), 


1=0 
k-1 


l 1 
sin?" (ax) = T Da p : y cos[2(k — 2)azx] Do — Ch, (m = 2k), 
1=0 


sinHaz) = or Ye 1) Cipy Sin[Qk -2i + Daz] (m = 2k +1), 


thus reducing the above integrals to those considered in Item 1°. 
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3°. Integrals of the form 


/ P, (x) e°” sin(bx) dx, / P(x) e°” cosíbx) dx 


can be evaluated by repeated integration by parts. 
In particular, 


n+1 
J ne’? sin(bx) = e°” y ED! ak sin(ba + k0)+ C 
ve xr)=e 1l : 
= (n—k +1)! (a2 + b2)k/2 E 
* 
n+1 (1)! sii 
a"e”” cosíbx) = e ie cos (br + k0)+C, 
| un RD ) 
where . 
sinó =-———, cosl = à 


a? + b? Va? +b? 
> Integrals involving power and logarithmic functions. 


1°. The formula of integration by parts with g'(x) = P,(x) is effective in the evaluation of 
integrals of the form 


[Po In(ax) dx = Qn+1(2) In(ax) — a | Qm dx, 


where Qn+1 (£) = / P,(x) dx is a polynomial of degree n+1. The integral on the right-hand 


side is easy to take, since the integrand 1s the sum of power functions. 


Example. Evaluate the integral i In x dz. 
1 

Setting f(x) = lnx and g'(x) = 1, we find f'(x) = — and g(x) = x. Substituting these expressions into 
x 


the formula of integration by parts, we obtain i ln x dx = x ln x — J dx =xInx-x+C. 


2°. The easiest way to evaluate integrals of the more general form 


Ts [Eras (> bad) dx, 
i=0 j=0 


where the (;; are arbitrary numbers, is to use the substitution z = In(az), so that 
= a 1) (Bi :+1)z 
r= [De (Y ie) dz 
i=0 i=0 


By removing the brackets, one obtains a sum of integrals like J x"e”” dx, which are easy 
to evaluate by formula (M7.1.6.1). 
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M7.2. Definite Integral 


M7.2.1. Basic Definitions. Classes of Integrable Functions. 
Geometrical Meaning of the Definite Integral 


> Basic definitions. Let y = f(x) be a bounded function defined on a finite closed interval 
[a, b]. Let us partition this interval into n elementary subintervals defined by a set of points 
{£0, T1,..., Zn} such that a = zo < 11 <--: < £n = b. Each subinterval [2 71, ck] will be 
characterized by its length Av, = £k — 2x1 and an arbitrarily chosen point Ep € [£k-1, £k]. 
Let us make up an integral sum (a Cauchy—Riemann sum, also known as a Riemann sum) 


n= > FEAT — (Up S Ex S BH). 


k=1 


If, as Ax; — O for all k and, accordingly, n — oo, there exists a finite limit of the 
integral sums spn and it depends on neither the way the interval [a,b] was partitioned, nor 


b 
the selection of the points €g, then this limit is denoted J f(x)dx and is called the definite 
integral (also the Riemann integral) of the function y = f(x) over the interval [a,b]: 


b 
J f(x) dx = Jim Six ( max Ar, > 0). 


In this case, the function f(x) is called integrable on the interval [a, b]. 


> Classes of integrable functions. 

1. If a function f(x) is continuous on an interval [a,b], then it is integrable on this 
interval. 

2. If a bounded function f(x) has finitely many jump discontinuities on [a, b], then it is 
integrable on [a, b]. 

3. A monotonic bounded function f(x) on [a,b] is always integrable on [a, b]. 


> Geometric meaning of the definite integral. If f(x) > 0 on [a, b], then the integral 


b 
J f(x) dx is equal to the area of the domain D = {a < x < b, O < y < f(x)} (the area of the 
curvilinear trapezoid shown in Fig. M7.1). 


y =f (x) 


Figure M7.1. The integral of a nonnegative function f(x) on an interval [a, b] is equal to the area of the shaded 
region. 
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M7.2.2. Properties of Definite Integrals and Useful Formulas 


> Qualitative properties of integrals. 

1. Ifa function f(x) is integrable on [a, b], then the functions cf (x), with c = const, and 
|f (x)| are also integrable on [a, b]. 

2. If two functions f(x) and g(x) are integrable on [a,b], then their sum, difference, 
and product are also integrable on [a, b]. 

3. If a function f(x) is integrable on [a,b] and its values lie within an interval [c, d], 
where a function g(y) is defined and continuous, then the composite function g(f(x)) is also 
integrable on [a, b]. 

4. If a function f(x) is integrable on [a,b], then it is also integrable and on any subin- 
terval [a, 6] C [a,b]. Conversely, if an interval [a,b] is partitioned into a number of 
subintervals and f(x) is integrable on each of the subintervals, then it is integrable on the 
whole interval [a,b]. 

5. If the values of a function are changed at finitely many points, this will not affect the 
integrability of the function and will not change the value of the integral. 


> Properties of integrals in terms of identities. 
1. The integral over a zero-length interval is zero: 


f f(x) dx =Q. 


2. Antisymmetry under the swap of the integration limits: 


b a 
/ f(x) dx =- | f(x) dx. 
a b 


3. Linearity. If functions f(x) and g(x) are integrable on an interval [a, b], then 


b b b 
| [Af@t Bow)jae =a | flayde + Bf g(x) dx 


for any numbers A and B. 
4. Additivity. If ce [a,b] and f(x) is integrable on [a, b], then 


b c b 
| t@da= | Harder | f(x) dx. 


Remark. This property is also valid in the case where c € [a, b]. 
5. Differentiation with respect to a variable upper limit. If f(x) is continuous on [a, b], 
£ 
then the function P(x) = J f(t) dt is differentiable on [a,b], and ®’(x) = f(x). This fact 
a 


can be written as P : 
=(/ fede) = 50 
£ a 


6. Newton—Leibniz formula: 


b b 
/ f(x) dx = F(x) j = F(b) - F(a), 


where F(x) is an antiderivative of f(x) on [a, 6]. 
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7. Integration by parts. If functions f(x) and g(x) have continuous derivatives on [a, b], 
then 


b b b 
/ og (o) dx = Fow] - J Fog) de. 


8. Repeated integration by parts: 
b b 
fi od = | Fag(a) - f@)g°P@ + + DF @s@)] | 


b 
+C” / FDO de, n=0,1,... 


9. Change of variable (substitution) in a definite integral. Let f(x) be a continuous 
function on [a,b] and let x(t) be a continuously differentiable function on [a, $]. Suppose 
also that the range of values of x(t) coincides with [a, b], with x(a) = a and x(() = b. Then 


b 6 
/ f(a) dx = / (att) (0 de 


dx 
(1-8 Vx+1 


Perform the substitution x + 1 = t?, with dx = 2t dt. We have t = 1 at x = 0 and t = 2 at x = 3. Therefore, 


3 
Example. Evaluate the integral / 
0 


2 


[ da P üd [ dt _1,|t-3 
o (2-8vx+1 y (6-9 jp -9 3 lees 


M7.2.3. Asymptotic Formulas for the Calculation of Integrals 


Below are some general formulas, involving arbitrary functions and parameters, that may 
be helpful for obtaining asymptotics of integrals. 


> Asymptotic formulas for integrals with weak singularity as e — 0. We will consider 


integrals of the form 
a 0-1 
I(e) = / af) dx, 
0 (x E g)? 


where 0 < a < œo, PB > 0, f(0) 4 0, and e > 0 is a small parameter. 
The integral diverges as £ — 0 for a > p, that is, n I(€) = oo. In this case, the leading 
ES> 


term of the asymptotic expansion of the integral (e) is given by 


Ie) = O HOE +O(e°) if Q>0, 
I(e) = -f(0) Ine + O(1) if a=, 


where I'(5) is the gamma function and o = min[G-—a+ 1, O]. 


> Asymptotic formulas for Laplace integrals of special form as A — +00. Consider 
a Laplace integral of the special form 


IO) = / a exp(-A19%) f(x) da, 
0 


where 0 < a < oo, a > 0, and 8 >Q. 
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The following formula, called Watson’s asymptotic formula, holds as A — +00: 


(k) 
ee D Í = AN Ei EP) pra X OO ers), 


Remark. Watson’s formula also holds for improper integrals with a = oo if the original integral converges 
absolutely for some Ao > 0. 
> Asymptotic formulas for Laplace integrals of general form as A — +00. Consider 
a Laplace integral of the general form 


b 
HA) = / f(x) exp[Ag(x)] dx, (M7.2.3.1) 


where [a, b] is a finite interval and f(x), g(x) are continuous functions. 

Leading term of the asymptotic expansion of the integral (M7.2.3.1) as A — +00. 
Suppose the function g(x) attains a maximum on [a, b] at only one point xo e [a, b] and is 
differentiable in a neighborhood of xo, with g'(xo) = 0, g” (xo) #0, and f(x0) #0. Then the 
leading term of the asymptotic expansion of the integral (M7.2.3.1), as A — +00, is given 
by 

IN) = feo- 
=e 
0 o» g” (x 0) 


1 E 
KA) = z J (Zo) “FT a > explAg(zo0)] if zo =a or xr = b. 


Note that the latter formula differs from the former by the factor 1/2 only. 

Under the same conditions, if g(x) attains a maximum at either endpoint, xy = a or 
xo = b, but g'(xo) + O, then the leading asymptotic term of the integral, as A — +00, is 
f(xo) 1 
\g’(xo)l A 


For more accurate asymptotic estimates for the Laplace integral (M7.2.3.1), see below. 


exp[Ag(xo)] if a<x < b, 
(M7.2.3.2) 


HA) = exp[Ag(xo)], where xo =a or % = b. (M7.2.3.3) 


> Asymptotic formulas for a power Laplace integral. Consider the power Laplace 
integral, which is obtained from the exponential Laplace integral (M7.2.3.1) by substituting 


In g(x) for g(x): 
b 
IO) = l FDEN dz, (M7.2.3.6) 


where [a,b] is a finite closed interval and g(x) > 0. It is assumed that the functions f(x) 
and g(x) appearing in the integral (M7.2.3.6) are continuous; g(x) 1s assumed to attain a 
maximum at only one point xy = [a, b] and to be differentiable in a neighborhood of x = zo, 
with g'(xo) = 0, g” (xo) +0, and f(x0) #0. Then the leading asymptotic term of the integral, 
as A — +00, is expressed as 


TX) = flao|—< OPTA if aco <b 
TA) = z ) po lao? if zo =a or zo =b 
ZI CON EI = 


Note that the latter formula differs from the former by the factor 1/2 only. 
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Under the same conditions, if g(x) attains a maximum at either endpoint, 79 = a or 
xo = b, but g'(xo) + O, then the leading asymptotic term of the integral, as A — +00, is 


I) = fx) 1 


| Floor, where 2%) =a or xq = b. 


M7.2.4. Mean Value Theorems. Properties of Integrals in Terms of 
Inequalities 
> Mean value theorems. 


THEOREM 1. If f(x) is a continuous function on [a,b], there exists at least one point 
c € (a,b) such that 


b 
/ f(x) da = f(c) - a). 


The number f(c) is called the mean value of the function f(x) on [a,b]. 


THEOREM 2. If f(x) is a continuous function on [a,b], and g(x) is integrable and of 
constant sign (g(x) 2 0 or g(x) < 0) on [a,b], then there exists at least one point c e (a,b) 
such that 


b b 
/ f(x)g(a) dx = f(c) / g(x) dx. 


> Properties of integrals in terms of inequalities. 
1. Estimation theorem. If m < f(x) < M on [a,b], then 


b 
mb-=a)s | f(x) dx < M(b- a). 


2. Inequality integration theorem. If p(x) < f(x) < g(x) on [a, b], then 


b b b 
J aada < | Haydes | g(a) dx. 


b 
In particular, if f(x) > 0 on [a, b], then J f(x) dx 20. 


Further on, it is assumed that the integrals on the right-hand sides of the inequalities of 
Items 3-6 exist. 


3. Absolute value theorem (integral analogue of the triangle inequality): 


b b 
J Dile / Ho) de. 


4. Bunyakovsky’s inequality (Cauchy—Schwarz—Bunyakovsky inequality): 


b 2 b b 
( / Fog de) < / Pa) de / EOL 


5. Cauchy’s inequality: 


b 1/2 b 172 b 1/2 
(| Fæ) + oP de) < (| f(x) de) +(/ Pwde) i 


6. Minkowski’s inequality (generalization of Cauchy’s inequality): 


b 1 b 1 b 
( J FE + 92)P de) <( J FOP de) +( / GaP a ) . pou 


3 |— 
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M7.2.5. Geometric and Physical Applications of the Definite Integral 


> Geometric applications of the definite integral. 

1. The area of a domain D bounded by curves 

y = f(x) and y = g(x) and straight lines x = a and x = b in the xy-plane (see Fig. M7.2 a) 
is calculated by the formula 


b 
S= | [100-490] de 


If g(x) = 0, this formula gives the area of a curvilinear trapezoid bounded by the x-axis, the 
curve y = f(x), and the straight lines x = a and x = b. 


Figure M7.2. (a) A domain D bounded by two curves y = f(x) and y = g(x) on an interval [a,b]; (b) a 
curvilinear sector. 


2. Area ofa domain D. Let x= x(t) and y= y(t), with tı <t<t2, be parametric equations 
of a piecewise-smooth simple closed curve bounding on its left (traced counterclockwise) 
a domain D with area S. Then 


t t 1 t 
S=- / y(x (t) dt = J x(t)y’(t) dt = 5 J KO (t)— OPA) dt. 
fi ti ti 


3. Area of a curvilinear sector. Let a curve p = f (p), with y € [a, 6], be defined in the 
polar coordinates p, y. Then the area of the curvilinear sector [a < y < 6; O< p< f(y)} 
(see Fig. M7.2 b) is calculated by the formula 


1 fÊ A 
S=3 | OP de. 


4. Area of a surface of revolution. Let a surface of revolution be generated by rotating 
a curve y = f(x) 20, x € [a,b], about the z-axis; see Fig. M7.3. The area of this surface is 


calculated as 
S= an | Fay /1+[fM01 dx. 


5. Volume of a body of revolution. Let a body of revolution be obtained by rotating 
about the x-axis a curvilinear trapezoid bounded by a curve y = f(x), the x-axis, and straight 
lines x = a and x = b; see Fig. M7.3. Then the volume of this body is calculated as 


b 
V = r | [fo dx. 
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Figure M7.3. A surface of revolution generated by rotating a curve y = f(x). 


6. Arc length of a plane curve defined in different ways. 
(a) If a curve is the graph of a continuously differentiable function y = f(x), x e [a, b], 
then its length is determined as 


b 
b= | \/14+[f'(x)P dz. 


(b) If a plane curve is defined parametrically by equations x = x(t) and y = y(t), with 
te [a, 2] and z(t) and y(t) being continuously differentiable functions, then its length is 


calculated by 
B 
B= | OP +OP dt 


(c) If a curve is defined in the polar coordinates p, y by an equation p = p(y), with 
y € [a, 5], then its length is found as 


B 
L= / y eo) + [o (1? dy. 


7. The arc length of a spatial curve defined parametrically by equations x = x(t), 
y =y(t), and z= z(t), with te [a, 6] and x(t), y(t), and z(t) being continuously differentiable 
functions, is calculated by 


B 
he J Jr OR + OL + OR de. 


> Physical applications of the integral. 

1. Work of a variable force. Suppose a point mass moves along the x-axis from a point 
x = a to a point x = b under the action of a variable force F(x) directed along the x-axis. 
The mechanical work of this force is equal to 


b 
a= f Pla) dz. 
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2. Mass of a rectilinear rod of variable density. Suppose a rod with a constant cross- 
sectional area S occupies an interval [0, /] on the x-axis and the density of the rod material 
is a function of x: p = p(x). The mass of this rod is calculated as 


l 
m = s | p(x) dx. 
0 


3. Mass of a curvilinear rod of variable density. Let the shape of a plane curvilinear rod 
with a constant cross-sectional area S be defined by an equation y = f(x), with a < x < b, 
and let the density of the material be coordinate dependent: p = p(x, y). The mass of this 


rod is calculated as 5 
m=S / p(x, (0) y 1+ [y'@)P de. 


If the shape of the rod is defined parametrically by x = x(t) and y = y(t), then its mass 


is found as j 
m=S J p(x(t), yt) \/ LOR + O dt. 


4. The coordinates of the center of mass of a plane homogeneous material curve whose 
shape is defined by an equation y = f(x), with a < x < b, are calculated by the formulas 


b b 
vez | a 1+ [y (x)? dz, u=z/ fŒ 1+ [y (01 dz, 


where L is the length of the curve. 
If the shape of a plane homogeneous material curve is defined parametrically by x = x(t) 
and y = y(t), then the coordinates of its center of mass are obtained as 


1 la ee 
Te = > / ty lr 0 + [yO dt, Ye = T / y(t)y/ [L'O [y OY de. 


5. The coordinates of the center of mass of a homogeneous curvilinear trapezoid 
bounded by a curve y = f(x), the x-axis, and the straight lines x = a and x = b (see 
Fig. M7.1) are given by 


1 b 1 b > b 
wry f x f(x) dx, m= 55 | [Aa dx, s= | f(x) dx, 


where S is the area of the trapezoid. 


M7.2.6. Improper Integrals with Infinite Integration Limits 


An improper integral is an integral with an infinite limit (limits) of integration or an integral 
of an unbounded function. 


> Integrals with infinite limits. 
1°. Let y = f(x) be a function defined and continuous on an infinite interval a < x < oo. If 
b 
there exists a finite limit a 1 f(x) dx, then it is called a (convergent) improper integral 
00 Za 


of f(x) on the interval [a, oo) and is denoted 
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/ z f(x)dx. Thus, by definition 


OO b 
J TO)dr= lim / HAL, (M7.2.6.1) 


If the limit is infinite or does not exist, the improper integral 1s called divergent. 

The geometric meaning of an improper integral is that the integral / i f(x)dx, with 
f(x) > 0, is equal to the area of the unbounded domain between the curve y = f(x), its 
asymptote y = 0, and the straight line x = a on the left. 


2°. Suppose an antiderivative F(x) of the integrand function f(x) is known. Then the 
improper integral (M7.2.6.1) is 


(1) convergent if there exists a finite limit lim F(x) = F(oo); 
LOO 


(1) divergent if the limit is infinite or does not exist. 


In case (1), we have 


/ f(x) dz = F(£)| = F(o)- F(a). 


Example 1. Let us investigate the improper integral J = J a >Q. 


£ 
A? 
G £ 


1 
The integrand f(x) = x7? has an antiderivative F(x) = ao if A #1. Depending on the value of the 


1 — 
parameter A, we have 
E 1 l 1-A 0 if A>1 
= — | = { . y 
de a co if A<1. 
1-A 


=e and if A < 1, the 


Therefore, if A > 1, the integral is convergent and is equal to [ = F'(co) — F(a) = y 


integral is divergent. It is easy to show that the integral is also divergent if A = 1. 


3°. Improper integrals for other infinite intervals are defined in a similar way: 


b b 
J f(x) dx = lim J f(x) dx, 


f Tdr = [ faydes f f(x) dx, 


where c is an arbitrary number. Note that if either improper integral on the right-hand side 
of the latter relation is convergent, then, by definition, the integral on the left-hand side 
is also convergent. If at least one of the integrals on the right-hand side is divergent, the 
integral on the left is called divergent. 


4”. Properties 2-4 and 6-9 from Subsection M7.2.2, where a can be equal to —oo and b can 
be oo, apply to improper integrals as well; it is assumed that all quantities on the right-hand 
sides exist (the integrals are convergent). 


> Sufficient conditions for convergence of improper integrals. In many problems, it 
suffices to establish whether a given improper integral is convergent or not and, if yes, 
evaluate it. The theorems presented below can be useful in doing so. 
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THEOREM 1 (CAUCHY’S CONVERGENCE CRITERION). For the integral (M7.2.6.1) to be 
convergent it is necessary and sufficient that for any £ > O there exist a number R such that 


the inequality 
B 
Joa 


THEOREM 2. If O < f(x) < g(x) for x = a, then the convergence of the integral 
J g(x) dx implies the convergence of the integral J f(x) dx; moreover, J f(x)dx < 


< € 


holds for any P > a > R. 


/ = g(x) dx. If the integral l j f(x)dx is divergent, then the integral 1 a g(x) dx is also 


divergent. 


THEOREM 3. If the integral J ~ | f(x)| dx is convergent, then the integral J = f(x)dx 
a a 
is also convergent; in this case, the latter integral is called absolutely convergent. 


sin £ 
2 


sin x 
2 


dl 1 
Example 2. The improper integral i dx is absolutely convergent, since | | < ao and the 


1 


Mey ol 
integral J — dx is convergent (see Example 1). 
rog 


THEOREM 4. Let f(x) and g(x) be integrable functions on any finite interval a < x < b 
and let there exist a limit, finite or infinite, 


lim Tœ) = K. 
too G(x) 
Then the following assertions hold: 
1. IfO< K < œ, both integrals 
/ ~ f(a) dz, / ~ g(x) dat (M7.2.6.2) 


are convergent or divergent simultaneously. 

2. If 0 < K < œ, the convergence of the latter integral in (M7.2.6.2) implies the 
convergence of the former integral. 

3. If 0<K <œ, the divergence of the latter integral in (M7.2.6.2) implies the divergence 
of the former integral. 


THEOREM 5 (COROLLARY OF THEOREM 4). Given a function f(x), let its asymptotics 
for sufficiently large x have the form 


jas ds) 


pr 
Then: (i) if A > 1 and y(x) < c < oo, then the integral J i f(x)dx is convergent; (ii) if 
A < 1 and y(x) > c > 0, then the integral is divergent. 


THEOREM 6. Let f(x) be an absolutely integrable function on an interval [a, oo) and let 
g(x) be a bounded function on [a, co). Then the product f(x)g(x) is an absolutely integrable 
function on [a, oo). 


THEOREM 7 (ANALOGUE OF ABEL’S TEST FOR CONVERGENCE OF INFINITE SERIES). Let 
f(x) be an integrable function on an interval [a, oo) such that the integral (M7.2.6.1) is 
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convergent (maybe not absolutely) and let g(x) be a monotonic and bounded function on 
[a, co). Then the integral 


/ ~ F(a) g(a) de (M7.2.6.3) 
1s convergent. 


THEOREM 8 (ANALOGUE OF DIRICHLET’S TEST FOR CONVERGENCE OF INFINITE SE- 
RIES). Let (i) f(x) be an integrable function on any finite interval [a, A] and 


< K < œ (a < Á< œ); 


E f(x) dx 


(11) g(x) be a function tending to zero monotonically as x — oo: lim g(x) = 0. Then the 
T->00 


integral (M7.2.6.3) 1s convergent. 


Example 3. Let us show that the improper integral / ~~ dx is convergent for a > 0 and A > 0. 
a. “HE 
Set f(x) = sin x and g(x) = a and verify conditions (1) and (11) of Theorem 8. We have 


(i) 


= |cos a — cos Å| < 2; 


A 
T sin x dx 
a 


(11) since A > 0, the function x” 


A is monotonically decreasing and tends to zero as £ — 00. 


So both conditions of Theorem 8 are met, and therefore the given improper integral is convergent. 


M7.2.7. Improper Integrals of Unbounded Functions 
> Basic definitions. 


1°. Let a function f(x) be defined and continuous for a < x < b, but im | 4) = co. Tf 
a—b- 
A 
there exists a finite limit an. / f(x) dx, it is called the (convergent) improper integral 
— b— a 


of the unbounded function f(x) over the interval [a, b]. Thus, by definition 


b A 
/ Had = sim, | f(a) da. (M7.2.7.1) 


If no finite limit exists, the integral is called divergent. 
If lim | f(x) = oo, then, by definition, it is assumed that 


rat 


b b 
/ f(x)dx = lim J f(x) dx. 
E y>a+0 y 


Finally, if f(x) is unbounded near a point c e (a,b) and both integrals / : f(x) dx and 


b 
J f(x) dx are convergent, then, by definition, 


b c b 
| t@d= | Harder | f(x) dx. 


If at least one of the integrals on the right-hand side is divergent, the integral on the left-hand 
side is called divergent. 
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2°. The geometric meaning of an improper integral of an unbounded function and also 
sufficient conditions for convergence of such integrals are similar to those for improper 
integrals with infinite limit(s). 


> Convergence tests for improper integrals of unbounded functions. Presented below 
are theorems for the case where the only singular point of the integrand function is the right 
endpoint of the interval [a, b]. 


THEOREM 1 (CAUCHY’S CONVERGENCE CRITERION). For the integral (M7.2.7.1) to be 
convergent it is necessary and sufficient that for any £ > O there exist a number ô > 0 such 
that for any 0; and ô satisfying O < 0, < ô and O < ô < å the following inequality holds: 


b-0) 
/ f(x) dx 
b-01 


THEOREM 2. If O < f(x) < g(x) for a < x < b, then the convergence of the inte- 
b b b 
gral / g(x)dx implies the convergence of the integral i f(x) dx, with / f(x)dx < 


on 


b b b 
g(x)dx. If the integral / f(x)dx is divergent, then the integral J g(x)dx is also 


divergent. 
. l ! . i dx 
Example. For any continuous function y(x) such that (1) = 0, the improper integral / 
0 pAa)+vl-z 
is convergent and does not exceed 2, since < while the integral / 1S 
p(£)+ vl -£ vVl-a o vl-z 


convergent and is equal to 2. 


THEOREM 3. Let f(x) and g(x) be continuous functions on [a, b) and let the following 
limit exist: 
f(x) 


lim — = K 0< K <oo). 
x—b g(x) 


Then both integrals 
[ fara, f’ gd 

are either convergent or divergent simultaneously. 

THEOREM 4. Let a function f(x) be representable in the form 

w > 0), 

where y(x) is continuous on [a,b] and the condition (b) + O holds. 

Then: (1) if A< 1 and y(x) < c < oo, then the integral [ j f(x)dx is convergent; (11) if 
A = 1 and y(x) = c > 0, then this integral is divergent. 


M7.2.8. Approximate (Numerical) Methods for Computation of 
Definite Integrals 


b 
For approximate computation of an integral like J f(x) dx, let us break up the interval 


, , b-a , 
[a,b] into n equal subintervals with length h = ——. Introduce the notation: x9 = a, £1, 


n 
.., Zn = b (the partition points), y; = f (xi), t =0, 1, ..., n. 
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1°. Rectangle rules: 


b 
J f(x) dx = h(yo + yi + +++ + Yn), 


b 
J fæ) da = hyi +yz +: + Yn). 
The error of these formulas, Rn, is proportional to h and is estimated using the inequality 
|Ral < 5Ab-aJM1,  M¡=max|f'(x). 
a<x<b 


2°. Trapezoidal rule: 
b 
+ Yn 
| f(x) dx = ne — + yı yt + Yna) 


The error of this formula is proportional to h? and is estimated as 
IRnl < qph*(b-@)M2, Mh = max| f(a). 
a<x<b 


3°. Simpson’s rule: 


b 
J f(a) dx = Fhlyo + yn + 4MY1 + y3 +-+- + Yn) + UY + Ya +-+- + Yn), 


where n is even. The error of approximation by Simpson’s rule is proportional to h4: 


Ral < gh 0— Ma, Ma = max | f(a)]. 


Simpson’s rule yields exact results for the case where the integrand function is a polynomial 
of degree two or three. 


M7.3. Double and Triple Integrals 
M7.3.1. Definition and Properties of the Double Integral 


> Definition and properties of the double integral. Suppose there is a bounded set of 
points defined on the plane, so that it can be placed in a minimal enclosing circle. The 
diameter of this circle is called the diameter of the set. Consider a domain D in the zy- 
plane. Let us partition D into n nonintersecting subdomains (cells). The largest of the cell 
diameters is called the partition diameter and is denoted A = A(D,, ), where Dn stands for 
the partition of the domain D into cells. Let a function z = f(x, y) be defined in D. Select 
an arbitrary point in each cell (x;, yi), 2 = 1, 2, ..., n, and make up an integral sum, 


Sn =D (tii) AS, 
i=l 
where AS; is the area of the ith subdomain. 
If there exists a finite limit, Y, of the sums sn as A — O and it depends on neither the 


partition D,, nor the selection of the points (xi, yi), this limit is denoted J le f(a, y) dx dy 
and is called the double integral of the function f(x, y) over the domain D: 


Jj f(x, y) dx dy = lim Spy. 
D A—0 


This means that for any £ > O there exists a ô > 0 such that for all partitions D,, such that 
A(D,,) < 6 and for any selection of the points (x;, y;), the inequality |s,, — J| < e holds. In 
this case, the function f(x, y) is called integrable over the domain D. 
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> Classes of integrable functions. Further on, it is assumed that D is a closed bounded 
domain. 
1. If f(x, y) is continuous in D, then the double integral J ll f(a, y) dx dy exists. 


2. If f(x, y) is bounded and the set of points of discontinuity of f(x, y) has a zero area 
(e.g., the points of discontinuity lie on finitely many continuous curves in the xy-plane), 
then the double integral of f(x, y) over the domain D exists. 


> Properties of the double integral. 
1. Linearity. If functions f(x, y) and g(x, y) are integrable in D, then 


J| [atenta drdy=a |] Fæpdedytb |] g(a. de dy 


where a and b are any numbers. 
2. Additivity. If the domain D is split into two subdomains D; and D; that do not have 
common internal points and if the function f(x, y) is integrable in either subdomain, then 


| Flary)de dy = || Hay dedy+ || f(x, y) dx dy. 
D D; Dy 


3. Estimation theorem. If m < f(x,y) < M in D, then 


ms < |] f(x, y)dx dy < MS, 
D 


where S is the area of the domain D. 
4. Mean value theorem. If f(x, y) is continuous in D, then there exists at least one 
internal point (x, y) e D such that 


JJ f(x,y) dx dy = f(z, y) S. 


The number f(x, y) is called the mean value of the function f(x, y) in D. 
5. Integration of inequalities. If p(x, y) < f(x, y) < g(a, y) in D, then 


Jj Ae. y)dedy < J| Flary)dedy < || g(x, y) dx dy. 
D D D 


In particular, if f(x, y) = 0 in D, then J i f(x, y) dx dy = 0. 


6. Absolute value theorem 
< | | f(a, y)| de dy. 
D 


> Geometric meaning of the double integral. Let a function f(x,y) be nonnegative 
in D. Then the double integral / l- f(x, y) dx dy is equal to the volume of a cylindrical 


body with base D in the plane z = 0 and bounded from above by the surface z = f(x, y); 
see Fig. M7.4. 


| f(x, y) dx dy 
D 
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Figure M7.4. A double integral of a nonnegative function f(x, y) over a domain D is equal to the volume of 
a cylindrical body with base D in the plane z = 0 and bounded from above by the surface z = f(x, y). 


M7.3.2. Computation of the Double Integral 
> Use of iterated integrals. 


1°. Ifa domain D is defined in the xy-plane by the inequalities a < x <b and yı (x) Sy < y2(a) 
(see Fig. M7.5 a), then* 


b 2(x) 
J f(x, y) dx dy a. dx f f(x, y) dy. (M7.3.2.1) 
D a y1(x) 


The expression on the right-hand side is called an iterated integral. Note that the variable x 
in the inner integral is considered constant when integrating. 


y (b) 


x =x,(y) 


Figure M7.5. Computation of a double integral using iterated integrals: (a) illustration to formula (M7.3.2.1), 
(b) illustration to formula (M7.3.2.2). 


2°. If D={cesy<d, x1(y)< zx < x2(y)} (see Fig. M7.5 b), then 


x2(y) 
JJ f(a, y) dx dy = [ ay ff j f(x, y dx. (M7.3.2.2) 
x1(y) 


Example 1. Compute the integral 
m E _dxdy _ 
(ax + by)?’ 


where D={0<a2<1, 1<y< 3} isa rectangle, a > 0, and b > 0. 


* Tt is assumed that in (M7.3.2.1) and (M7.3.2.2) the double integral on the left-hand side and the inner 
integral on the right-hand side exist. 
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Using formula (M7.3.2.2), we get 


JJ dx dy -fa [ dx 
plar+by? Ji Jo (ax + by? 


Lic UL 
o lar+by?  alar+by)|,, alby by+a) 
1 ee | 1 1 3(a+b) 
I= —-— |dy=—1 
a J e >) I= ab” a+3b 
3°. Consider a domain D inscribed in a rectangle {a < x <b, c < y < dj. Let the boundary 
of D, within the rectangle, be intersected by straight lines parallel to the coordinate axes 


at two points only, as shown in Fig. M7.6a. Then, by comparing formulas (M7.3.2.1) and 
(M7.3.2.2), we arrive at the relation 


b y(x) d x2(y) 
af pewdy= a] sepa 
a yi(x) c x1(y) 


which shows how the order of integration can be changed. 


Compute the inner integral: 


It follows that 


y (b) 


Figure M7.6. Illustrations to the computation of a double integral in a simple (a) and a complex (b) domain. 


4°. In the general case, the domain D is first split into subdomains considered in Items 1° 
and 2°, and then the property of additivity of the double integral is used. For example, the 
domain D shown in Fig. M7.6 b is divided by the straight line x = a into three subdomains 
Dı, D2, and D3. Then the integral over D is represented as the sum of three integrals over 
the resulting subdomains. 


> Change of variables in the double integral. 


1°. Let x = x(u,v) and y = y(u,v) be continuously differentiable functions that map 
one-to-one a domain D; in the uv-plane onto a domain D in the xy-plane, and let f(x, y) 
be a continuous function in D. Then 


JJ f(x, y) dx dy = JJ f (x(u, v), y(u, v)) |J (u, v)| du dv, 


where J(u, v) is the Jacobian (or Jacobian determinant) of the mapping of D; onto D: 


Oy | Fe Fe | 0r0y ðr ay 


= O(u,v) oy oy = Ou Ov Ov Ou’ 


J(u, v) 


The fraction before the determinant is a common notation for a Jacobian. 
The absolute value of the Jacobian characterizes the extension (contraction) of an 
infinitesimal area element when passing from x, y to u, v. 
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2°. The Jacobian of the mapping defining the change from the Cartesian coordinates x, y 
to the polar coordinates p, y, 


L=pcosy, y=psiny, (M7.3.2.3) 


is equal to 
J(p, p) = P. (M7.3.2.4) 


Example 2. Given a sphere of radius R and a right circular cylinder of radius a < R whose axis passes 
through the sphere center, find the volume of the figure the cylinder cuts out of the sphere. 
The volume of this figure is calculated as 


v=2/f Y R — a? — y? dx dy. 
22+y2<a? 


Passing in the integral from x, y to the polar coordinates (M7.3.2.3) and taking into account (M7.3.2.4), we 


obtain ; 
v=2f VRTA pdpdg = RAR, 
o Jo 


M7.3.3. Geometric and Physical Applications of the Double Integral 


> Geometric applications of the double integral. 
1. Area of a domain D in the xy-plane: 


s= || dx dy. 
D 


2. Area of a surface defined by an equation z = f(x, y) with (x, y) € D (the surface is 
projected onto a domain D in the xy-plane): 


s= ff (+ (Z) + dz dy. 


3. Calculation of volumes. If a domain U of the three-dimensional space is defined by 
{(x, y)e D, f(x,y)<z < ga, y)}, where D is a domain in the xy-plane, the volume of U 
1s calculated as 


The three-dimensional domain U is a cylinder with base D bounded by the surface z= f(z, y) 
from below and the surface z = g(x, y) from above. The lateral surface of this body consists 
of segments of straight lines parallel to the z-axis. 

4. Area of a surface defined parametrically by equations x = x(u,v), y = y(u, uv), 
z= z(u,v), with (u,v) e Dy: 


s= || V EG — F? du dv. 
D; 


2 2 2 
E= Ox E oy + Oz ; 
Ou Ou Ou 
2 2 2 
G = Ox g: Oy $ Oz ; 
Ov Ov Ov 
= Ou dv Oudv Ou dv’ 


Notation used: 
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5. Area of a surface defined by a vector equation r = r(u, v) = x(u, v)1i + yu, Vv) J + 


z(u, v)k, with (u,v) € Dy: 
9E / In(u, v)| du dv, 
D; 


where n(u, v) = ry, X ry is a normal vector to the surface; the subscripts u and v denote the 
respective partial derivatives. 


Remark. The formulas from Items 4 and 5 are equivalent—they define one and the same surface in two 
forms, scalar and vector, respectively. 


> Physical applications of the double integral. Consider a flat plate that occupies a 
domain D in the xy-plane. Let y(x, y) be the surface density of the plate material (the case 
“y = const corresponds to a homogeneous plate). 


1. Mass of a flat plate: 
m = Jj y(x, y) dx dy. 
D 


2. Coordinates of the center of mass of a flat plate: 


1 1 
DA / / ry(xz,y)dxdy, Ye = — / | yy(x, y) de dy, 
m D m D 


where m is the mass of the plate. 
3. Moments of inertia of a flat plate about the coordinate axes: 


r= J] yx, y) dz dy, A x(x, y) dx dy. 
D D 


The moment of inertia of the plate about the origin of coordinates is calculated as [9 = 1, +1. 


M7.3.4. Definition and Properties of the Triple Integral 


> Definition of the triple integral. Let a function f(x, y, z) be defined in a domain U of 
the three-dimensional space. Let us break up U into n subdomains (cells) that do not have 
common internal points. Denote by A = A(Un ) the diameter of the resulting partition Un, 1.e., 
the maximum of the cell diameters (the diameter of a domain in space 1s the diameter of the 
minimal sphere enclosing the domain). Select an arbitrary point, (£i, Yi, 2;),2=1, 2, ..., N, 
in each cell and make up an integral sum 


Sn = y (ai. Yi» Zi) AV; 


i=1 


where AV; is the volume of the ith cell. If there exists a finite limit of the sums sn 
as A(Un) — O that depends on neither the partition Un nor the selection of the points 
(£i, Yi, Zi), then it is called the triple integral of the function f(x,y,z) over the domain U 


and is denoted 
JJ f(x,y, z) dx dy dz = lim s,,. 
U A—0 


> Properties of the triple integral. The properties of triple integrals are similar to those 
of double integrals. 
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1. Linearity. If functions f(x, y, z) and g(x, y, z) are integrable in a domain U, then 


JIJ laf (a, Y, 2) + bg(a, y, z)| dx dy dz 
U 


=a ||| Fæv 2 dzdydz+b ||| o(e.y.2 de dy dz, 
U U 


where a and b are any numbers. 
2. Additivity. If a domain U is split into two subdomains, U; and U2, that do not have 
common internal points and if a function f(x, y, z) is integrable in either subdomain, then 


/ f(x,y, z) dx dy dz = Jj f@æy 2 dedydz+ || f(x,y, z) dx dy dz. 
U U, U 


3. Estimation theorem. If m < f(x,y, z) < M in a domain U, then 


mvs |f f(x,y, z)dx dy dz < MV, 
U 


where V is the volume of U. 
4. Mean value theorem. If f(x, y, z) is continuous in U, then there exists at least one 
internal point (x, y, z) e U such that 


/ f(x,y, z) dx dy dz = f(z, y, 3 V. 
U 


The number f(x, y, Z) is called the mean value of the function f in the domain U. 
5. Integration of inequalities. If p(x, y, z) < f(x,y,z) < g(a, y, z) in a domain U, then 


JJ Ae, y.2)de dy de < || Flor. y.2)dedy dz < ||| g(x, y, z) dx dy dz. 
U U e 


6. Absolute value theorem: 


JI f(z, y, z) dx dy dz <J) | f(x, y, 2)| dz dy dz. 
id U 


M7.3.5. Computation of the Triple Integral. Some Applications. 
Iterated Integrals and Asymptotic Formulas 


> Use of iterated integrals. 


1°. Consider a three-dimensional body U bounded by a surface z = g(x, y) from above and 
a surface z = h(x, y) from below, with a domain D being the projection of the body onto the 
xy-plane. In other words, the domain U is defined as ((x,y) € D : A(z, y) < z < g(a, y)}. 


Then 
g(x,y) 
Jj Flor. y.2) die dy dz = || dedy | FG) ae. 
U D h(x,y) 


2°. If, under the same conditions as in Item 1°, the domain D of the xy-plane is defined as 
{a <x <b, y(x) Sy < y2(x)f, then 


b y2(x) g(t,y) 
Jj f(x,y, 2) dx dy dz -| ix | iy | TEO 
U a yı (x) h(x,y) 
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> Change of variables in the triple integral. 


1°. Let x = x(u,v,w), y = y(u, v, w), and z = z(u,v, w) be continuously differentiable 
functions that map, one to one, a domain Q of the u,v, w space onto a domain U of the 
£, y, z space, and let a function f(x,y,z) be continuous in U. Then 


Jj f(x, y, 2) dx dy dz =)/ f (x(u, v, w), y(u, v, w), z(u, v, w)) |J(u, v, w)| du du dw, 
sl Q 


where J(u, v, w) is the Jacobian of the mapping of (2 onto U: 


ðr Ox Ox 
Ou Ov Ow 


ies lez Du. ee 
Olu, v, w) E E 
Ou Ov Ow 
The expression in the middle is a common notation for a Jacobian. 
The absolute value of the Jacobian characterizes the expansion (or contraction) of an 


infinitesimal volume element when passing from 2, Y, z to u, v, w. 


2°. The Jacobians of some common transformations in space are listed in Table M7.2. 


TABLE M7.2 
Some curvilinear coordinates in space and the respective Jacobians. 


Name of coordinates Transformation Jacobian, J 


Cylindrical coordinates p, y, z L=pcosy, y= | wee vetoes | Os 27 


Generalized cylindrical ae a = 
coordinates p,p, z =apcosy, y=opsmy, z= 


Spherical coordinates r, p, O x=rcosy sind, y = r sin ọ sind, z=rcosé r? sin NNF 


Parabolic cylinder 
coordinates 0,7, Z 


Generalized ears x=arcosy sin, y=obrsing sin 90, fet eat 
coordinates r, y, 0 ~=ercosé abcr” sin 


> Some geometric and physical applications of the triple integral. 


1. Volume of a domain U: 
v=/// dx dy dz. 
U 


2. Mass of a body of variable density yy = y(x, y, z) occupying a domain U: 


m= fff y dx dy dz. 
U 


3. Coordinates of the center of mass: 


1 1 1 
== fff xy dx dy dz, u=— J] yy dí dy dz, z= — fff zy dx dy dz. 
qe U phe U ye U 


4. Moments of inertia about the coordinate axes: 


r=] 0, dx dy dz, 1,= |f} py dx dy dz, i= fff Pyy dx dy dz, 
U U U 


where pas =y4 +27, p,=x%+2, and Pai =g? +y. 


If the body is homogeneous, then y = const. 
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Example. Given a bounded homogeneous elliptic cylinder, 
e y 
— + m = 
find its moment of inertia about the z-axis. 
Using the generalized cylindrical coordinates (see the second row in Table M7.2), we obtain 


27 pl 
Lp = rf] (17 + y") dx dy dz = yy FF p (a cos” y +b? sin? y)abp dp dy dz 


= Lay ff (a? cos - oth sin? yp) dy dz = gary f T (a? cos” p+b sin” yp) dz dy 
0 k 


= Labia f (a cos” p + b” sin’ p) dy = ¿aba? +b )hy. 
0 


5. Potential of the gravitational field of a body U at a point (x, y, z): 


dE dnd 
ara en ra rr 


where y = y(€,n,C) is the body density. A material point of mass m is pulled by the 
gravitating body U with a force F. The projections of F onto the x-, y-, and z-axes are 
given, respectively, by 


E, = kin = km [EL 16 i 
F; = kin = km ||] ve, no 


F, = kin = km f| Em OS de dn dé, 


where k is the gravitational constant. 


M7.4. Line and Surface Integrals 
M7.4.1. Line Integral of the First Kind 
> Definition of the line integral of the first kind. Let a function f(x,y,z) be defined 


on a piecewise smooth curve AB in the three-dimensional space R°. Let the curve AB 
be divided into n subcurves by points A = Mo, Mı, Mo, ..., Mn = B, thus defining a 
partition Ln. The longest of the chords Mo Mı, M,Mo,..., Mn-1 Mn is called the diameter 


of the partition L, and is denoted A = A(£,,). Let us select on each arc M. a M; an arbitrary 
point (£i, Yi, zi) t= 1, 2, ..., n, and make up an integral sum 


> EU A; 
i=l 
where Al; is the length of M, cai M;. 
If there exists a finite limit of the sums s» as A(L,,) — O that depends on neither the 
partition Ln nor the selection of the points (xi, Yi, zi), then it is called the line integral of 


the first kind of the function f(x, y, z) over the curve AB and is denoted 


„y, 2) dl = lim Sy. 
E lim s 


A line integral is also called a curvilinear integral or a path integral. 
If the function f(z, y, z) is continuous, then the line integral exists. The line integral 


of the first kind does not depend of the direction the path AB is traced; its properties are 
similar to those of the definite integral. 
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> Computation of the line integral of the first kind. 
1. If a plane curve is defined in the form y = y(x), with x e [a, b], then 


b 
| P f(x,y) dl = / f(x, y(x)) V1 + (yl)? dz. 


2. If a curve AB is defined in parametric form by equations x = x(t), y = y(t), and 
z= z(t), with t e [a, 6], then 


6 
E ah / f(x), yd), 20) y (ey + yp? +p? dt. (M7.4.1.1) 


If a function f(x,y) is defined on a plane curve x = x(t), y = y(t), with t e [a, 6], one 
should set z, = 0 in (M7.4.1.1). 


Example. Evaluate the integral J xy dl, where AB isa quarter of an ellipse with semiaxes a and b. 
AB 
Let us write out the equations of the ellipse for the first quadrant in parametric form: 


x=acost, y=bsint (O<t<7/2). 


We have 1/ (24)? + (yi? = y a? sin? t + b? cos? t. To evaluate the integral, we use formula (M7.4.1.1) with 
/ 
Z4 = O: 


T/2 
/ xy dl = (a cos t) (b sin t) y/ a? sin? t + b? cos? t dt 
AB 0 


i f ; l a ae 
-Ff sin 2t q cos20) + FU +cos20dt= E f a = A b a 7 


ab 2 2 a+b a Pe 
4 b-a23 2 p) 


ab a? +ab+b 
3 a+b 


-1 


> Applications of the line integral of the first kind. 
1. Length of a curve AB: 
L= J dl. 
AB 


2. Mass of a material curve AB witha given line density y = y(x, y, 2): 


n= y dl. 
AB 


3. Coordinates of the center of mass of a material curve AB: 
1 1 1 
Le = — zydl, y.==— yydl, Z= zy dl. 
m JAB m JAB m JAB 


To a material line with uniform density there corresponds y = const. 
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M7.4.2. Line Integral of the Second Kind 


> Definition of the line integral of the second kind. Let a vector field 
a(x, y, 2) = P(x, y, z)1+ Q(z, y, 2)j + R(x, y, z)k 


and a piecewise smooth curve AB be defined in some domain in R°. By dividing the curve 
by points A = Mo, Mı, M2, ..., Mn = B into n subcurves, we obtain a partition Ln. Let 


us select on each arc M;_¡ Mi an arbitrary point (£i, Yi, zi), 1 = 1,2,...,n, and make up a 
sum of dot products 


n 

— 

Sn = ; alti, Yis Zi) ; M;i Ms, 
i=1 


called an integral sum. 

If there exists a finite limit of the sums s» as A(L,) — O (A is the diameter of the 
partition; see Subsection M7.4.1) that depends on neither the partition £,, nor the selection 
of the points (£i, Yi, zi), then it is called the line integral of the second kind of the vector 


field a(x, y, z) along the curve AB andis denoted 


f ade, or / P dx + Q dy + Rdz. 
AB AB 


The line integral of the second kind depends on the direction the path is traced, so that 


/ adr =— | a- dr. 
AB BA 


A line integral over a closed contour C is called a closed path integral (or a circulation) 
of a vector field a around C and is denoted 


fade 
C 


Physical meaning of the line integral of the second kind: i a- dr determines the work 
done by the vector field a(x, y, z) on a particle of unit mass when it travels along the arc AB. 


> Computation of the line integral of the second kind. 


1°. For a plane curve AB defined as y = y(x), with x e [a, b], and a plane vector field a, 
we have 


b 
s a-dr= J |P (zx, y(x)) + Q(z, y(x)) y, (x)| dx. 


2°. Let AB be defined by a vector equation r = r(t) = (Di + y()j + zk, with t e [a, 61. 
Then 


f aware | P dx + Q dy + Rdz 
AB AB 


b 
= 1) | P (x(t), YO, 2) A (H+ Q (xt), YO, zD) OR, yO, z) z) dt. (M7.4.2.1) 


For a plane curve AB anda plane vector field a, one should set 2'(t) = O in (M7.4.2.1). 
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> Potential and curl of a vector field. 


1°. A vector field a = a(x, y, z) is called potential if there exists a function P(z, y, z) such 
that 
0, ð, 00 


= grad O, a= —1+—Jj+ 
a = gra or Sy i Dy j De 


The function P(x, y, z) is called a potential of the vector field a. The line integral of the 
second kind of a potential vector field along a path AB is equal to the increment of the 


potential along the path: 
a-dr=®/_—-®©|.. 
L E a 


2°. The curl of a vector field a(x, y, z) = Pi + QJ + Rk is the vector defined as 


i j 
[ƏR 0QN, fOP OR\, (0Q ƏP\ la a e 
A A (SPS k= O Oe 


The vector curl a characterizes the rate of rotation of a and can also be described as the 
circulation density of a. Alternative notations: curla = V x a = curl a. 


> Necessary and sufficient conditions for a vector field to be potential. Let U be a 
simply connected domain in R? (i.e., a domain in which any closed contour can be deformed 
to a point without leaving U) and let a(x, y, z) be a vector field in U. Then the following 
four assertions are equivalent to each other: 

(1) the vector field a is potential; 


(2) curla = 0; 
(3) the circulation of a around any closed contour C e U is zero, or, equivalently, 
$ a- dr = 0; 


(4) the integral 1 pa dr is independent of the shape of ABe U (it depends only on 


the initial and final points). 


M7.4.3. Surface Integral of the First Kind 


> Definition of the surface integral of the first kind. Let a function f(x, y, z) be defined 
on a smooth surface D. Let us break up this surface into n elements (cells) that do not have 
common internal points and let us denote this partition by D,,. The diameter, A(Dn), of a 
partition D,, 1s the largest of the diameters of the cells (see Paragraph M7.3.4-1). Let us 
select in each cell an arbitrary point (xi, Yi, zi), 2 = 1, 2, ..., n, and make up an integral 
sum 


=D) EAS 
i=l 


where AS; is the area of the ith element. 
If there exists a finite limit of the sums s, as A(D,,) — O that depends on neither the 
partition D,, nor the selection of the points (£i, Yi, zi), then it is called the surface integral 


of the first kind of the function f(x,y,z) and is denoted / I, f(x,y, z) dS. 
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> Computation of the surface integral of the first kind. 


1°. If a surface D is defined by an equation z = z(x,y), with (x, y) e Dj, then 


Jj Hayads= || f(x, y, z(£,y)) 1 + (21)? + (2? de dy. 
D D, 


2°. Ifa surface D is defined by a vector equation r =r(x, y, z)=x(u, v) I+y(u, v)j+z(u,v)k, 
where (u,v) € Do, then 


Jj i632) do = Jj f (x(u, v), y(u, v), z(u, v)) In(u, v)| du dv, 
D D, 


where n(u, v) = r, X r, is a normal to the surface D; the subscripts u and v denote the 
respective partial derivatives. 


> Applications of the surface integral of the first kind. 


Sp= ff as. 


2°. Mass of a material surface D with a surface density y = y(x, y, z): 


n= Jj y(x, y, z) dS. 
D 


3°. Coordinates of the center of mass of a material surface D: 


1 1 1 
== ff LY aS; w=— J] yy ds, == ff zy ds. 
mM SID We J JD mM JID 


To the uniform surface density there corresponds y = const. 


1°. Area of a surface D: 


M7.4.4. Surface Integral of the Second Kind 


> Definition of the surface integral of the second kind. Let a vector field a(x, y, z) = 

Pi+Q3+Rk be defined on a smooth oriented surface D. Let us perform a partition, Dn, of 

the surface D into n elements (cells) that do not have common internal points. Also select 

an arbitrary point M;(x;,y;, zi), t = 1,2,...,n, for each cell and make up an integral sum 
n 


=> anz) n? AS;, where AS; is area of the ith cell and n is the unit normal to 
i=1 
the surface at the point M;, the orientation of which coincides with that of the surface. 

If there exists a finite limit of the sums s,, as A(D,,) — O (A is the diameter of the 
partition, see Subsection M7.4.3) that depends on neither the partition D,, nor the selection 
of the points M;(x;, Yi, zi), then it is called the surface integral of the second kind (or the 
flux of the vector field a across the oriented surface D) and is denoted 


Jj a(x, y, 2): dS, or Jj P dy dz + Q dx dz + Rdz dy. 
D D 


Note that the surface integral of the second kind changes its sign when the orientation of 
the surface 1s reversed. 
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> Computation of the surface integral of the second kind. 


1°. If a surface D is defined by an equation z = z(x, y), with (x, y) e D>, then the normal 
n(x, Y) = rg X Yy = —Zzi — zyj + K orients the surface D “upward,” in the positive direction 
of the z-axis; the subscripts x and y denote the respective partial derivatives. Then 


[fa =+ ff P-20+R dz dy, 


where P = P(x, aly, y)) QERQ (a Us y)) , and R= R(x, IRALA y)). The plus sign 
is taken if the surface has the “upward” orientation, and the minus sign is chosen in the 
opposite case. 


M7.4.5. Integral Formulas of Vector Calculus 


> Ostrogradsky—Gauss theorem (divergence theorem). Let a vector field a(x, y, z) = 
P(a,y,z)i+ Q(x, y, 2)j + R(x, y, z)k be continuously differentiable in a finite simply 
connected domain V C R? and let S denote the surface of V oriented by an outward 
normal. Then the Ostrogradsky—Gauss theorem (or the divergence theorem) holds: 


[ [B= |f| diva dedyaz, 


where div a is the divergence of the vector a, which is defined as follows: 

OP OQ OR 

— += +=. 

Ox Oy Oz 

Thus, the flux of a vector field across a closed surface in the outward direction is equal 


to the triple integral of the divergence of the vector field over the volume bounded by the 
surface. In coordinate form, the Ostrogradsky—Gauss theorem reads 


[[ Pude+ Qdede+ Rao dy - JIJ, (Z. %2) dx dy dz. 
Zz 


> Stokes’s theorem (curl theorem). 


diva= 


1°. Let a vector field a(x, y, z) be continuously differentiable in a domain of the three- 
dimensional space R? that contains an oriented surface D. The orientation of a surface 
uniquely defines the direction in which the boundary of the surface is traced; specifically, 
the boundary is traced counterclockwise when looked at from the direction of the normal to 
the surface. Then the circulation of the vector field around the boundary C of the surface D 
is equal to the flux of the vector curl a across D: 


faar= |] omaa. 


In coordinate notation, Stokes’s theorem reads 
P P 

f, Parra dy+Rdz= IHS = dy dz+ Cece dx dz+ Oe dx dy. 
Oz Oz Ox Ox Oy 


2°. For a plane vector field ds y) = P(x,y)1 + Q(z, y) j, Stokes’s theorem reduces to 


Green’s theorem: j a 
f, Pir+Qdy= i (22-2) dedy 
Oy 


where the contour C of the domain D on the xy-plane is traced counterclockwise. 
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Chapter M8 
Series 


M8.1. Numerical Series and Infinite Products 
M8.1.1. Convergent Numerical Series and Their Properties. 
Cauchy's Criterion 


> Basic definitions. Let {a,,} be a numerical sequence. The expression 


Oo 


a +a, +: :+adp+::=5 an 
n=1 
is called a numerical series (infinite sum, infinite numerical series), a, is the generic term 
of the series, and 
n 
Sy =A, +02 +++ An =X Op 
k=1 


is the nth partial sum of the series. If there exists a finite limit lim s, = S, the series 
n—>00 

is called convergent, and S is called the sum of the series. In this case, one writes 

CoO 

Y an = S. If lim sp does not exist (or is infinite), the series is called divergent. The 

n=1 He te 


series An41 + An+2 + An43 +--+ 18 called the nth remainder of the series. 


CO 
Example 1. Consider the series ` ag” =a+aq+aq +--+ whose terms form a geometric progression 
n=1 


with ratio q. This series is convergent for |q| < 1 (its sum has the form S = al and is divergent for |g| > 1. 


> Necessary condition for a series to be convergent. Cauchy’s criterion. 


OO 
1. A necessary condition for a series to be convergent. For a convergent series X` an, 
n=1 
the generic term must tend to zero, lim a, =O. If lim an #0, then the series is divergent. 


1 —>00 N—>00 


Example 2. The series y cos — is divergent, since its generic term an = cos — does not tend to zero as 
n=l n n 
n — 00. 


The above necessary condition is insufficient for the convergence of a series. 


See | E ; 1 . 
Example 3. Consider the series X` —=. Its generic term tends to zero, lim —= = 0, but the series 
=1 n —> CO 
2 to, are 
> —= is divergent because its partial sums are unbounded, 
n=l n 
1 Al 1 en 1 E 1 dn 
Sy = a tt et tt nS ENO CO as n-—o00. 
SE We vn vn 
OO 
2. Cauchy’s criterion of convergence of a series. A series X` an is convergent if and 
n=l 


only if for any £ > O there exists an N = N(e) such that for all n > N and any positive 
integer k, the following inequality holds: la,,,1 +-- + + an+kl < €. 


211 
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> Properties of convergent series. 
1. If a series is convergent, then any of its remainders is convergent. Removal or 
addition of finitely many terms does not affect the convergence of a series. 
2. If all terms of a series are multiplied by a nonzero constant, the resulting series 
preserves the property of convergence or divergence (its sum is multiplied by that constant). 
OO OO 


3. If the series X` an and > b, are convergent and their sums are equal to S1 and 5), 
n=1 n=1 


OO 
respectively, then the series X` (an bn) are convergent and their sums are equal to S4 +S}. 
n=1 
4. Terms of a convergent series can be grouped in successive order; the resulting series 
has the same sum. In other words, one can insert brackets inside a series in an arbitrary 
order. The inverse operation of opening brackets is not always admissible. Thus, the series 
(1-D+(4-1)+--- is convergent (its sum is equal to zero), but, after removing the brackets, 
we obtain the divergent series 1-1+1-1+--- (ats generic term does not tend to zero). 


M8.1.2. Convergence Criteria for Series with Positive (Nonnegative) 
Terms 


> Basic convergence (divergence) criteria for series with positive terms. 
1. The first comparison criterion. If O < a, < bn (starting from some n), then the 


OO OO 
convergence of the series X` bn implies the convergence of X` an; and the divergence of 
n=1 n=1 


OO OO 
the series > an implies the divergence of X` by. 
n=1 n=1 
2. The second convergence criterion. Suppose that there exists a finite limit 
An 


lim — =o, 
n— CO n 


where 0 < o < co. Then > a, is convergent (resp., divergent) if and only if > bn is 
n=1 n=1 
convergent (resp., divergent). 
Corollary. Suppose that an+1/an € bn+1/bn starting from some N (i.e., for n > N). 


Then convergence of the series X` b,, implies convergence of X` an, and divergence of 
n=l n=1 


OO OO 
X` an implies divergence of > by. 
n=1 n=1 
3. D’Alembert criterion. Suppose that there exists the limit (finite or infinite) 


; An+1 
lim —— = D. 
n—>00 An 


CO 
If D < 1, then the series X` a, is convergent. If D > 1, then the series is divergent. For 
n=1 
D = 1, the d’ Alembert criterion cannot be used for deciding whether the series is convergent 
or divergent. 


CoO 
Example 1. Let us examine the convergence of the series > > n*a” with x > 0, using the d’Alembert 
n=1 
criterion. Taking an = n"x”, we get 
Un+1 


k 
1 

=|l+=|x=>zxwx as n= o. 
an n 
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Therefore, D = x. It follows that the series is convergent for x < 1 and divergent for x > 1. The series is 
divergent for x = 1, since an does not tend to zero as n — 00. 


4. Cauchy criterion. Suppose that there exists the limit (finite or infinite) 


lim Va, = K. 


n— CO 


OO 

For K < 1, the series X` a, is convergent; for K > 1, the series is divergent. For K = 1, 
n=1 

the Cauchy criterion cannot be used to establish convergence of a series. 


Remark. The Cauchy criterion is stronger than the d’ Alembert criterion, but the latter is, in many cases, 
simpler than the former. 


5. Gauss’s criterion. Suppose that the ratio of two consecutive terms of a series can be 
represented in the form 


a 1 
ie = eee — as n= 00. 
An+1 n n 


OO 
The series X` an is convergent if A > 1 or if À = 1 and u > 1. The series is divergent if A< 1 


n=1 
orifA=1and u<l. 
6. Maclaurin—Cauchy integral criterion. Let f(x) be a nonnegative nonincreasing 
continuous function on the interval 1 < x < oo. Let f(1)=a1, [(Q)=a»,..., f(n)=an,... 


Then the series X` an is convergent if and only if the improper integral i; a f(x) dz is 


n=1 
conver gent. 
. E yl 1 1 nIe f . tl 
Example 2. The harmonic series Y” — =1+ > + 3 + - ++ is divergent, since the integral — dx is 
=] n 1 £ 

$ CO 

divergent. In a similar way, one finds that the series >. — is convergent for a > 1 and divergent for a < 1. 
n 
n=1 


M8.1.3. Convergence Criteria for Arbitrary Numerical Series. 
Absolute and Conditional Convergence 


> Arbitrary series. Leibniz, Abel, and Dirichlet convergence criteria. 
OO 


1. Leibniz criterion. Suppose that the terms a,, of a series X` an have alternating signs, 
n=1 
their absolute values form a nonincreasing sequence, and a, — 0 as n — oo. Then this 
“alternating” series is convergent. If S is the sum of the series and s,, is its nth partial sum, 
then the following inequality holds for the error |S — sn| < |@n41]. 


1 1 1 
a'g p y 


1 
we obtain the error less than a5 = 55 = 0.00032. 


Example 1. The series 1 — 
1 1 
Be De ay Pag ae 


2. Abel criterion. Consider the series 


—+++ 1s convergent by the Leibniz criterion. Taking 


Y anbn = ab) + ab. + +++ +anbn +>, (M8.1.3.1) 


n=1 


where an and b,, are two sequences or real numbers. 
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Series (M8.1.3.1) 1s convergent 1f the series 
Y bp = by + by t+ + bn te (M8.1.3.2) 
n=) 


is convergent and the an form a bounded monotone sequence (|a,,| < K). 
3. Dirichlet criterion. Series (M8.1.3.1) 1s convergent if partial sums of series 
(M8.1.3.2) are bounded uniformly in n, 


Nr | <M si 
k=l 


and the sequence an — 0 is monotone. 


CO 
Example 2. Consider the series X` an sin(nx), where an — 0 is a monotonically decreasing sequence. 
n=1 


Taking bn = sin(nx) and using a well-known identity, we find the partial sum 


R OTA 1 
Sa ` sin(kx) = cos(pa) -cos| (z + 7)m] (1 2mr; m=0,+1,+2,...). 


afd 
= 2 sin ( 5 a) 

This sum is bounded for x + 2mm: 

snl € 717 

© [sin(72)| 
CO 

Therefore, by the Dirichlet criterion, the series >> an sin(nx) is convergent for any x #2mz. Direct verification 

n=1 


shows that this series is also convergent for x = 2m7 (since all its terms at these points are equal to zero). 


Remark. The Leibniz and the Abel criteria can be deduced from the Dirichlet criterion. 


> Absolute and conditional convergence. 
CoO 


1. Absolutely convergent series. A series X` ay, (with terms of arbitrary sign) is called 


n=l 
00 


absolutely convergent if the series X` |an| is convergent. 
n=1 
Any absolutely convergent series is convergent. In order to establish absolute conver- 
gence of a series, one can use all convergence criteria for series with nonnegative terms 


given in Subsection M8.1.2 (in these criteria, a, should be replaced by |a,|). 


1 1 1 1 1 
Example 3. The series 1 + nm RR + = + ae is absolutely convergent, since the series with 
the absolute values of its terms, > > 5 is convergent (see the second series in Example 2 of Subsection M8.1.2 
n=1 N 
for a = 2). 
CoO 
2. Conditionally convergent series. A convergent series X` an is called conditionally 
=1 
a n 
convergent if the series > |an] is divergent. 
n=1 
l bod l ee oe 
Example 4. The series 1 — > + a +--+ is conditionally convergent, since it is convergent (by the 


Leibniz criterion), but the series with absolute values of its terms is divergent (it is a harmonic series; see 
Example 2 in Subsection M8.1.2). 

Any rearrangement of the terms of an absolutely convergent series (in particular, a 
convergent series with nonnegative terms) neither violates its absolute convergence nor 
changes its sum. Conditionally convergent series do not possess this property: the terms of 
a conditionally convergent series can be rearranged in such order that the sum of the new 
series becomes equal to any given value; its terms can also be rearranged so as to result in 
a divergent series. 
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M8.1.4. Multiplication of Series. Some Inequalities 
> Multiplication of series. Cauchy, Mertens, and Abel theorems. A product of two 


CoO OO 
infinite series X` an and > bn is understood as a series whose terms have the form anbm 
n=0 n=0 
(n,m = 0, 1, ...). The products a,,b,, can be ordered to form a series in many different 
ways. The following theorems allow us to decide whether it is possible to multiply series. 


OO OO 
CAUCHY THEOREM. Suppose that the series X` an and > by, are absolutely convergent 
n=0 n=0 
and their sums are equal to A and B, respectively. Then any product of these series 
is an absolutely convergent series and its sum is equal to AB. The following Cauchy 


multiplication formula holds: 


(Sa) (So) = (Dent) (M8.1.4.1) 


n=0 n=0 *m=0 


MERTENS THEOREM. The Cauchy multiplication formula (M8.1.4.1) is also valid if 


OO OO 


one of the series, X` a, or » bn, is absolutely convergent and the other is (condition- 
n=0 n=0 
ally) convergent. In this case, the product is a convergent series, possibly, not absolutely 


convergent. 

ABEL THEOREM. Consider two convergent series with sums A and B. Suppose that the 
product of these series in the form of Cauchy (M8. 1.4.1) is a convergent series with sum C. 
Then Č = AB. 


> Inequalities. 
1. Generalized triangle inequality: 


CoO CoO 
Z an] £ So lonl 
n=1 n=1 


2. Cauchy inequality (Cauchy—Schwarz—Bunyakovsky inequality): 


OO 


(Sant) < (Na) 2 2). 


n= n=1 
3. Minkowski inequality: 


OO 


00 4, 1 1 
(Sian +P)? < (ar (Sr. p21 
1 


= n= n=1 


In all these inequalities itis assumed that the series on the right-hand sides are convergent. 


M8.2. Function Series 
M8.2.1. Pointwise and Uniform Convergence of Function Series 


> Convergence of a function series at a point. Convergence domain. A function series 
is a series of the form 


U(E) + UT) ++ +un(a) +=) uno), 
n=1 
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OO 
where un (x) are functions defined on a set X C R. The series > u,(x) is called convergent 


n=1 
00 


at a point xy e X if the numerical series > un(z0) is convergent. The set of all x e X for 
n=) 

which the function series is convergent is called its convergence domain. The sum of the 

series is a function of x defined on its convergence domain. 

In order to find the convergence domain for a function series, one can use the convergence 
criteria for numerical series described in Subsections M8.1.2 and M8.1.3 (with the variable x 
regarded as a parameter). 

OO 


CO 
A series X` un(x) is called absolutely convergent on a set X if the series > |un(x)| is 
n=1 n=1 


convergent on this set. 


Example. The function series 
L+H +T + 
1 


is convergent for —1 < x < 1 (see Example 1 in Subsection M8.1.1). Its sum is defined on this interval, S = 


=D 
CO CO 
The series X` uz(x) is called the remainder of a function series X` un(x). For a series 
k=n+1 n=1 


convergent on a set X, the relation S(x) = s,(x1) + r,(x), where s,,(x) is the partial sum of 
the series and r,(x) is the sum of its remainder, implies that lim r,(x) =0forx e xX. 
TNL CO 


> Uniformly convergent series. Condition of uniform convergence. A function series 
is called uniformly convergent on a set X if for any e > O there exists an N (dependent on e 
but not on x) such that for all n > N, the inequality 


Sula) 


k=n+1 


[LE 


holds for all x e X. 
A necessary and sufficient condition of uniform convergence of a series. A series 


X` Un(x) is uniformly convergent on a set X if and only if for any e > 0 there exists an N 
n=1 
(independent of x) such that for all n > N and all m = 1, 2, ..., the inequality 

n+m 

> UL(ÍI) < E 

k=n+1 


holds for all x e X. 


M8.2.2. Basic Criteria of Uniform Convergence. Properties of 
Uniformly Convergent Series 


> Criteria of uniform convergence of series. 


OO 
1. Weierstrass criterion of uniform convergence. A function series X` u,(x) is uni- 
n=1 
CoO 
formly convergent on a set X C R if there is a convergent number series X` a, with 
n=1 
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nonnegative terms such that lu,,(x)] < an for all sufficiently large n and all x e X. The 


series Y a, is called a majorant series for X` un(2). 
n=1 n=1 
3 ee AS =. x n sin na 1 
Example. The series > (1) 7 — is uniformly convergent for —oo < x < oo, since E) 5 | Ses 
nel n n n 


oo. I 
and the numerical series > — is convergent (see the second series in Example 2 in Subsection M8.1.2). 
n 


n=1 


2. Abel criterion of uniform convergence of function series. Consider a function series 


Y Un (20n (x) = uy (LVL) + UTW) + +++ + Un(Z)Un(@) +++,  (M8.2.2.1) 
n=1 
where u,,(x) and 1, (1) are sequences of functions of the real variable x e [a,b]. 
Series (M8.2.2.1) is uniformly convergent on the interval [a, b] if the series 
Y Un(a) = v1 (8) + VAL) + +++ + Un(@) ++ (M8.2.2.2) 
n=1 
is uniformly convergent on [a,b] and the functions u,,(x) form a monotone sequence for 
each x and are uniformly bounded (1.e., lu, (x)] < K with a constant K independent of n, x). 
3. Dirichlet criterion of uniform convergence of function series. Series (M8.2.2.1) 1s 
uniformly convergent on the interval [a, b] if the partial sums of the series (M8.2.2.2) are 
uniformly bounded, 1.e., 


n 
Y onto)! < M = const ela. R=Ll Load 
k=1 
and the functions u,(x) form a monotone sequence (for each x) that uniformly converges 
to zero on [a,b] as n — oo. 


OO 
> Properties of uniformly convergent series. Let X` u,(x) be a function series that 
n=1 
is uniformly convergent on a segment [a, b], and let S(x) be its sum. Then the following 
statements hold. 


THEOREM 1. If all terms u,,(x) of the series are continuous at a point xo e [a,b], then 
the sum S(x) is continuous at that point. 


THEOREM 2. If the terms u,(x) are continuous on [a,b], then the series admits term- 
by-term integration: 


b b OO 00 b 
J Ud = / 03 unta) de= »/ Un(x) dx. 
q y n=1 n=1 “0 


Remark. The condition of continuity of the functions un (x) on [a, b] can be replaced by a weaker condition 
of their integrability on [a, b]. 


THEOREM 3. If all terms of the series have continuous derivatives and the function series 


X` ul (x) is uniformly convergent on [a, b], then the sum S(x) is continuously differentiable 
n=) 
on [a,b] and 


S'(x) = 2 unta) =S a) (2) 
n=1 n=1 


(1.e., the series admits term-by-term differentiation). 
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M8.3. Power Series 
M8.3.1. Radius of Convergence of Power Series. Properties of 
Power Series 


> Abel theorem. Convergence radius of a power series. A power series is a function 
series of the form 


OO 
Sige? = aj +02 + aX + a3? +++ (M8.3.1.1) 
n=0 
(the constants ag, a1, ... are called the coefficients of the power series), and also a series of 
a more general form 
OO 
Y an(a — 20)" = ag + ay (x — x9) + a(€ — £0)? + a3(£ — £0) +-+, 
n=0 


where Xo is a fixed point. Below, we consider power series of the first form, since the 
second series can be transformed into the first by the replacement £ = x — xo. 


OO 
ABEL THEOREM. A power series X` a,x” that is convergent for some x = x; is absolutely 
n=0 
convergent for all x such that |x| < |x|. A power series that is divergent for some x = x2 is 
divergent for all x such that |x| > |x>1. 


n 


CO 
Remark. There exist series convergent for all x, for instance, > E There are series convergent only 


n=1 
for x = 0, for instance, D nia”. 
n=1 

For a given power series (M8.3.1.1), let R be the least upper bound of all |x| such that 
the series (M8.3.1.1) is convergent at point x. Thus, by the Abel theorem, the series is 
(absolutely) convergent for all |x| < R, and the series is divergent for all |x| > R. The 
constant F is called the radius of convergence of the power series, and the interval (—R, R) 
is called its interval of convergence. The problem of convergence of a power series at the 
endpoints of its convergence interval has to be studied separately in each specific case. If a 
series 1s convergent only for x = O, the convergence interval degenerates into a point (and 
R = 0); if a series is convergent for all x, then, obviously, R = oo. 


> Formulas for the radius of convergence of power series. 


1°. The radius of convergence of a power series (M8.3.1.1) with finitely many zero terms 
can be calculated by the formulas 


R= lim (obtained from the d’ Alembert criterion for numerical series), 
NO} An+1 
. 1 . IE l E 
R= lim (obtained from the Cauchy criterion for numerical series). 


n00 Vlanl 
OO n 
Example 1. For the power series Y. — x”, using the first formula for the radius of convergence, we get 
n 


n=1 


3 . 
Therefore, the series is absolutely convergent on the interval -4 < £< + and is divergent outside that interval. 
00 n 

C1) 


At the left endpoint of the interval, for x = —3, We have the conditionally convergent series $` 


R= lim 


n—=>00| Un+1 


. n+l 1 
= lim | 


n — Co n 


, and at the 


n=1 
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| 
right endpoint, for x = L, we have the divergent numerical series X —. Thus, the series under consideration 
n=1 
1 


1s convergent on the semi-open interval [5 ; 3). 


If the number of zero coefficients in a power series is infinite, the above formulas for R 
are inapplicable. In such cases, one can directly apply the d’ Alembert or Cauchy criteria to 


the series. 
CO 4” 
Example 2. For the power series > — gz”, the d' Alembert criterion gives 
n=1 de 
| Cina er Ana ; 
lim = = 42x". 
n—00 anx?” n=o0| n +1 


Then the given series is absolutely convergent if 4x% < 1, or on the interval -4 <2 < L, and hence R = L, (It 
is easily seen that the original series diverges at both endpoints of the interval of convergence.) 


2°. Suppose that a power series (M8.3.1.1) is convergent at a boundary point of its conver- 
gence interval, say, for x = R. Then its sum is left-continuous at that point, 


OO OO 


Example 3. Having the expansion 


2 3 


Wener r anae n ARE 
2 3 n 


in the domain —1 < x < 1 and knowing that the series 
1 


1 1 1 
¡PA AA A SEO 
2 3 oY n 


is convergent (by the Leibniz criterion for series with terms of alternating sign), we conclude that the sum of 
the last series is equal to In 2. 


> Properties of power series. On any closed segment belonging to the (open) convergence 
interval of a power series, the series 1s uniformly convergent. Therefore, on any such 
segment, the series has all the properties of uniformly convergent series described in 
Subsection M8.2.2. Therefore, the following statements hold: 


1. A power series (M8.3.1.1) admits term-by-term integration on any segment [0, x] for 
Iz] < R, 


2 a 
y n ntl 
n+l 


n=0 


a= 
ATN 
Me 
& 
3 
8 
3 
SN 
Q 
8 
II 


Fe ea lay rere al 
0 3 n+l 
Remark 1. The value of x in this formula may coincide with an endpoint of the convergence interval 
(x = -R and/or x = R), provided that series (M8.3.1.1) is convergent at that point. 


a 


Remark 2. The convergence radii of the original series and the series obtained by its term-by-term 
integration on the segment [0, x] coincide. 


2. Inside the convergence interval (for |x| < FR), the series admits term-by-term differ- 
entiation of any order, in particular, 


CO 
) na, a! 
n=1 


=a, +20,1 + 303% 


a, 
Ja 
ETN 
Ma 
a 
3 
2 
3 
Ne ae 
II 


2 1 


+e ANAL +- 


Remark 1. The sum of a power series is a function that has derivatives of any order inside the interval of 
convergence. 
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Remark 2. The convergence radii of the original series and the series obtained by its term-by-term 
differentiation coincide. 


M8.3.2. Taylor and Maclaurin Power Series 


> Basic definitions. Let f(x) be an infinitely differentiable function at a point x9. The 
Taylor series for this function is the power series 


OO 


1 1 
y UNE — x0)" = f (z0) + f (xa — xo) + ¿Pa Acc, 


n=0 


where 0! = 1 and ¿W(zxo) = f(xo). 
A special case of the Taylor series (for xy = 0) is the Maclaurin series: 


> DS = f+ fOr + Or aaa 
n=0 ` 


A formal Taylor series (Maclaurin series) for a function f(x) may be: 


1) divergent for x # xo, 
2) convergent in a neighborhood of xy to a function different from f(x), 
3) convergent in a neighborhood of xo to the function f(x). 


In the last case, one says that f(x) is expandable in a Taylor series in the said neighborhood, 


and one writes 
OO 


1 
FE) = dF TNE - zo). 


n=0 


> Conditions of expansion in Taylor series. A necessary and sufficient condition for a 
function f(x) to be represented by its Taylor series in a neighborhood of a point xo is that the 
remainder term in the Taylor formula* should tend to zero as n — oo in this neighborhood 
of To. 

In order that f(x) could be represented by its Taylor series in a neighborhood of Zo, 
it suffices that all its derivatives in that neighborhood be bounded by the same constant, 
| f™(x)| M for all n. 

Uniqueness of the Taylor series expansion. If afunction f(x) is representable by the sum 
of a power series, the coefficients of this series are determined uniquely (since this series 1s 


(n) 
O eenst | ae | 


n! 
Therefore, in problems of representing a function by a power series, the answer does not 
depend on the method adopted for this purpose. 


the Taylor series of f(x) and its coefficients have the form 


> Representation of some functions by the Maclaurin series. The following represen- 
tations of elementary functions by Maclaurin series are often used in applications: 


A a? r q” 

E LA r a re 
2! 3! n! 

l r? a r’ H pri gen1 ` 

SIN L = £ — — A a ae = Č E a 
3! 5! (2n — 1)! 


* Different representations of the remainder in the Taylor formula are given in Subsection M6.2.4. 
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2 qí In 
— ll ra! — — * o o _1)\% ts 28 
og gy ee oe 
3 > gnl 
A rr per Oe 
2 q 2n 
hra i i cee TS, 
ds 2! 4! (2n)! f 
-1 -1)...(a-n+1 
ee A EA il E A AA E D ara 
2! n! 
2 3 m 
(nea e e 
2 3 n 
3 5 2n—1 
L T 
t = a E E Tep 
arctan £ = £ 3 z (1) Ea 


The first five series are convergent for —oo < x < œ (R = 00), and the other series have unit 
radius of convergence, R = 1. 


M8.3.3. Operations with Power Series. Summation Formulas for 
Power Series 


> Addition, subtraction, multiplication, and division of power series. 


OO OO 
1. Addition and subtraction of power series. Two series X` apx” and > b,x" with 
n=0 n=0 


convergence radii Ra and Rọ, respectively, admit term-by-term addition and subtraction on 
the intersection of their convergence intervals: 


Yi e CAD. El tbe: 


n=0 n=0 


The radius of convergence of the resulting series satisfies the inequality Re = min[ Ra, Rp]. 
OO 


OO 
2. Multiplication of power series. Two series X` apx” and X` b,x", with the respective 
n=0 n=0 


convergence radii Ra and Ry, can be multiplied on the intersection of their convergence 
intervals, and their product has the form 


(> an) (> bra") = A Cr... C= 5 akbank. 
n=0 k=0 


n=0 n=0 


The convergence radius of the product satisfies the inequality He > min[ Ra, Fol. 


3. Division of power series. The ratio of two power series 5 anx” and 3 bax”, bo #0, 
n=0 n=0 
with convergence radii Ra and Ff, can be represented as a power series 


OO 

S ana” e 

= =cot qatar t+---= eps”, (M8.3.3.1) 
D bna” n=0 
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whose coefficients can be found, by the method of indefinite coefficients, from the relation 
(ag + a,x + ax +. -) = (bo + b,x + boa? + >> ‘(Co + C1 £ + Con +: ). 


Thus, for the unknown c,,, we obtain a triangular system of linear algebraic equations 
n 
PE DEO leo 
k=0 


which is solved consecutively, starting from the first equation: 


ao ajbo — apbj Ay | 
== =. (oS he bi b n-k» = il 
CO A C1 bp C bo bo 2 kCn-k n 
The convergence radius of the series (M8.3.3.1) is determined by the formula 
Ep p | 
mi = min | Ra, M+1)' 


where p is any constant such that O < p< fy; p can be chosen arbitrarily close to Ry; and M 
is the least upper bound of the quantities |b,,, /bp|p'” (m = 1, 2, ...), so that [bm /bolp”” < M 
for all m. 


> Composition of functions representable by power series. Consider a power series 
CoO 
z=f(y)=antayytay +- = y any” (M8.3.3.2) 
n=0 
with convergence radius FR. Let the variable y be a function of x that can be represented by 
a power series 


OO 
y = p(x) = bo + bix + azz? +. = bD Dad (M8.3.3.3) 
=0 
with convergence radius r. It is required to represent z as a power series of x and find the 


convergence radius of this series. 
Formal substitution of (M8.3.3.3) into (M8.3.3.2) yields 


a Flo) = 5> An ( Y bra?) = Ao+ Aj + Ara ++. = Y Anz”, (M8.3.3.4) 
n=0 k=0 n=0 


where r 
Ao = ao + a1bo + azb +++ > 5 


Ay = aby + 2470001 E 3a3b5b1 Paea 
A> = aib + an (by + 26962) E 3a3(bob? + bobo) E 


THEOREM ON CONVERGENCE OF SERIES (M8.3.3.4). 

(1) If series (M8.3.3.2) is convergent for all y (1.e., R = 00), then the convergence radius 
of series (M8.3.3.4) coincides with the convergence radius r of series (M8.3.3.3). 

(11) If O <|bo| < R, then series (M8.3.3.4) is convergent on the interval (—R¡, R¡), where 


pR - C- b01)p 
E n 
M + R- |bol 
and p is an arbitrary constant such that O < p < r; p can be chosen arbitrarily close to r; and 
M is the least upper bound of the quantities |b,,,|p'" (m = 1, 2, ...), so that |b,,|0" < M for 


all m. 
(111) If |bo| > R, then series (M8.3.3.4) is divergent. 
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Remark. Case (1) is realized if, for instance, (M8.3.3.2) has finitely many terms. 


> Simplest summation formulas for power series. Suppose that the sum of a power 


series is known, 
CO 


> aya" = S(o). (M8.3.3.6) 
k=0 


Then, using term-by-term integration (on the convergence interval), one can find the fol- 
lowing sums: 


CO d mM 
y a = (£) S(x); 


k=0 

= d 

` ajínk + mac! = — Paa 

dx 
k=0 
ee ae / sad, n>0, m>0; (M8.3.3.7) 
nk +m 0 

k=0 

= k d 
y ak Ven == pat ra del, n>0, m>o0; 

nk +m dx 0 

k=0 

= k i d 
y Ok AA / r?" — Pog dx, n>0, s>0. 

= nk +s 0 dx 


CO 
Example 2. Let us find the sum of the series Y ka*”, 
k=0 
We start with the well-known formula for the sum of an infinite geometrical progression: 


yes = (| < 1). 
Xx 


k= 


© 


This series is a special case of (M8.3.3.6) with az = 1, S(x) = 1/(1 — x). The series >> kx” can be obtained 
k=0 

from the left-hand side of the second formula in (M8.3.3.7) for m = 0 and n = 1. Substituting S(x) = 1/(1 — x) 

into the right-hand side of that formula, we get 


yi Se ES, A (| < 1). 
k=0 


~ dril-x (1—-2x/ 


M8.4. Fourier Series 


M8.4.1. Representation of 27-Periodic Functions by Fourier Series. 
Main Results 


> Dirichlet theorem on representation of a function by Fourier series. A function 
f(a) is said to satisfy the Dirichlet conditions on an interval (a, b) if: 

1) this interval can be divided into finitely many intervals on which f(x) is monotone 
and continuous; 

2) at any discontinuity point xy of the function, there exist finite one-sided limits 


f (Xo + 0) and f(Xo = 0). 
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DIRICHLET THEOREM. Any 27 -periodic function that satisfies the Dirichlet conditions 
on the interval (~r, m) can be represented by its Fourier series 


ae y (a, cos nx + bn sin nx) (M8.4.1.1) 
n=l 


whose coefficients are defined by the Euler—Fourier formulas 


1 T 
a=) f(x)cos nze dx, (7 oC ees Denes aera 
A a (M8.4.1.2) 
bn = — | f(x) sin nx dx, Dl eae ree 
US T 


At the points of continuity of f(x), the Fourier series converges to f(x), and at any 
discontinuity point x9, the series converges to >| f(xo +0) + f(x0 — 0)]. 
The coefficients a,, and b,, of the series (M8.4.1.1) are called the Fourier coefficients. 


Remark. Instead of the integration limits —7 and m in (M8.4.1.2), one can take c and c+ 27, where c is 
an arbitrary constant. 


> Lipschitz and Dirichlet-Jordan convergence criteria for Fourier series. LIPSCHITZ 
CRITERION. Suppose that f(x) is continuous at a point xy and for sufficiently small e > 0 
satisfies the inequality |f (xo + e) - f(xo)| < Le”, where L and o are constants, 0 < ø < 1. 
Then the representation (M8.4.1.1)(M8.4.1.2) holds at x = xo. 


In particular, the conditions of the Lipschitz criterion hold for continuous piecewise 
differentiable functions. 


Remark. The Fourier series of a continuous periodic function with no additional conditions (for instance, 
of its regularity) may happen to be divergent at infinitely many (even uncountably many) points. 


DIRICHLET-JORDAN CRITERION. Suppose that f(x) is a function of bounded variation 
on some interval (xo — h, xo + h) € (r, m) (1.e., f(x) can be represented as a difference of 
two monotonically increasing functions). Then the Fourier series (M8.4.1.1)—(M8.4.1.2) of 


the function f(x) at the point xo converges to the value a f(xo +0) + f(x — 0)]. 
> Asymptotic properties of Fourier coefficients. 


1°. Fourier coefficients of an absolutely integrable function tend to zero as n goes to infinity: 
An — Oand b, > Oas n > œ. 


2°. Fourier coefficients of a continuous 27-periodic function have the following limit 
properties: 

lim (nan) = 0, lim (nb,,) = 0, 

Nn—>00 Nn—>00 


i.e., Ay = 0(1/n) and bn = 0(1/n). 


3°. If a continuous periodic function is continuously differentiable up to the order m — 1 
inclusively, then its Fourier coefficients have the following limit properties: 


lim (nan) = 0, lim (n”b,,) = 0, 


des o(n™) and b, = o(n™). 
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M8.4.2. Fourier Expansions of Periodic, Nonperiodic, Even, and Odd 
Functions 


> Expansion of 2/-periodic and nonperiodic functions in Fourier series. 


1°. The case of 2/-periodic functions can be easily reduced to that of 27-periodic functions 
by changing the variable x to z = == In this way, all the results described above for 


27-periodic functions can be easily extended to 2/-periodic functions. 
The Fourier expansion of a 2/-periodic function f(x) has the form 


_ a0 = NTE o NTT 
f(x) = > + Es (an COS a + b,, sin EE ) (M8.4.2.1) 
where 
1 f! NTL ae i w NTX 
in = 7 f(x) cos T dx, TA- 7 f(x) sin dx. (M8.4.2.2) 
s] -l 


l 


2°. A nonperiodic (aperiodic) function f(x) defined on the interval (—l,l) can also be 
represented by a Fourier series (M8.4.2.1)—(M8.4.2.2); however, outside that interval, the 
sum of that series S(x) may differ from f(x)*. 


> Fourier expansion of even and odd functions. 


1°. Let f(x) be an even function, 1.e., f(—x) = f(x). Then the Fourier expansion of f(x) 
on the interval (El, l) has the form of the cosine Fourier series: 


OO 


ao NTE 
f(x) = > + Y an COS ES 


n=1 


where the Fourier coefficients have the form 
») l 
On = $ / f(x) cos — dz (by =O). 
0 


2°. Let f(x) be an odd function, i.e., f(=x) = —f(x). Then the Fourier expansion of f(x) 
on the interval (—l, l) has the form of the sine Fourier series: 


ia NTE 
= Dn in —— 9 
f(x) 3 sin 7 


where the Fourier coefficients have the form 


NT 


— dx (An = 0). 


») l 
Di = =j f(x) sin 
l Jo 
* The sum S(x) is a 2l-periodic function defined for all x, but f(x) may happen to be nonperiodic or even 


undefined outside the interval (—I, l). 
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Example. Let us find the Fourier expansion of the function f(x) = x on the interval (—7, 7). 
Taking l = m and f(x) = x in the formula for the Fourier coefficients and integrating by parts, we obtain 


® x 1 f" 2 
b= Ed ie x sin(nx) dx = E (o cos(nx) +— / cos(nx) de) = i cos(nT) = Ent —. 
T Jo TA Nn o n Jo n n 


Therefore, the Fourier expansion of f(x) = x has the form 


LN a Sin(na) 
f(a) =2 > (Cy — (41 <a <7). 


n=1 


3°. If f (x) is defined on the interval (0, l) and satisfies the Dirichlet conditions, it can be 
represented by the cosine Fourier series, as well as the sine Fourier series (with the help of 
the above formulas). The cosine Fourier expansion of f(x) on the interval (0, /) corresponds 
to the extension of f(x) to the interval (—l, 0) as an even function: f(—x) = f(x). The sine 
Fourier expansion of f(x) on (0, l) corresponds to the extension of f(x) to the interval (—/, 0) 
as an odd function: f(—x) =—f (x). Both series on the interval (0, l) give the values of f(x) 
at points of its continuity and the value a f (#09 +0)+ f(zo—0)] at points of its discontinuity; 
outside the interval (0, /), these two series represent different functions. 


> Fourier series in complex form. The complex Fourier expansion of a function f(z) 
on an interval (—/,/) has the form 


loss ene, 
where 
L f 
= a C= zl Tae “Ue, m0 Al Pen 
l os 


The expressions e’”"” are called complex harmonics, the coefficients cn are complex am- 
plitudes, w,, are wave numbers of the function f(x), and the set of all wave numbers {wpn} 
is called the discrete spectrum of the function. 


M8.4.3. Criteria of Uniform and Mean-Square Convergence of 
Fourier Series 


> Criteria of uniform convergence of Fourier series. 

LIPSCHITZ CRITERION. The Fourier series of a function f(x) converges uniformly to that 
function on an interval |-l, l] if on a wider interval [—L, L] (-L < -l < l < L) the following 
inequality holds: 


|f(x1)- f(| < Klay -x27 forall 21,22 € [-L, Ll, 


where K and o are constants, O0 <o < 1. 


Corollary. The Fourier series of a continuous function f(x) converges uniformly to 
that function on an interval [-l, 1] if on a wider interval the function f(x) has a bounded 
derivative f'(x). 


For any continuously differentiable 2/-periodic function f(x), its Fourier series [defined 
by formulas (M8.4.2.1)—(M8.4.2.2)] is uniformly convergent to f(x). 
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> Fourier series of square-integrable functions. Parseval identity. 


1°. For a continuous 27-periodic function f(x), its Fourier series (M8.4.1.1)—(M8.4.1.2) 
converges to f(x) in mean square, i.e., 


J MO de mes, 


rn 
where f, (1) = Lao +) (aj cos ka + by sin kx) is a partial sum of the Fourier series. 
k=1 


2°. If f(x) is integrable on the segment [—7, 7] and the integral / . f(x) dx exists as 


an improper integral with finitely many singularities, then the Fourier series (M8.4.1.1)- 
(M8.4.1.2) is mean-square convergent to f(x). 


3°. Let f(x) e L*[-1, 7] be a square-integrable function on the segment [—7, 7]. Then its 
Fourier series (M8.4.1.1)—(M8.4.1.2) is mean-square convergent to f(x), and the Parseval 
identity holds: 


2 OO T 
Ao 2.32, 1 2 
ae A, (x) dx, 


n=l 


where an, bn are defined by (M8.4.1.2). Note that the functions considered in Items 1° 
and 2° belong to L?[—rr, r]. 
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Chapter M9 
Functions of Complex Variable 


M9.1. Complex Numbers 


M9.1.1. Definition of a Complex Number. Arithmetic Operations with 
Complex Numbers 


> Definition of a complex number. Geometric interpretation. The set of complex 
numbers is an extension of the set of real numbers. An expression of the form z = x + iy, 
where x and y are real numbers, is called a complex number, and the symbol 7 is called 
the imaginary unit, which possesses the property i? = —1. The numbers x and y are called, 
respectively, the real and imaginary parts of z and denoted by 


x=Rez and y=Imz. 


The complex number x + 20 is identified with real number x, and the number O + ty is 
denoted by zy and is said to be pure imaginary. Two complex numbers zı = xı + iyı and 
Z2 = 2 + iy are equal if x1 = xı and y] = yo. 

The complex number z = x — ty is said to be conjugate to the number z. 

A complex number z = x + ty can be conveniently represented as a point (x, y) in a 
two-dimensional Cartesian coordinate system (see Fig. M9.1). The axes OX and OY are 
called the real and imaginary axis, respectively, and the plane OX Y is called the complex 
plane. The notions of a complex number and a point on the complex plane are identical. 


Figure M9.1. Geometric interpretation of acomplex Figure M9.2. The sum and difference of complex 
number. numbers. 


> Addition, subtraction, multiplication, and division of complex numbers. The sum 
or difference of complex numbers z1 = xı + iyı and z, = x2 + iy is defined as the number 


zı zo = £1 Ex + ily Ey). 


The geometric meaning of the operations of addition and subtraction of complex num- 
bers is as follows: the sum and the difference of complex numbers z; and 22 are the vectors 
equal to the directed diagonals of the parallelogram spanned by the vectors z; and 22 
(Fig. M9.2). The following inequalities hold (Fig. M9.2): 


y a-z] 2 |l211-|2]. (M9.1.2.1) 


la + 22| < |z1| + l2 


229 
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Inequalities (M9.1.2.1) become equalities if and only if the arguments of the complex 
numbers zı and z2 coincide (1.e., arg 2; = arg z2; see Subsection M9.1.2) or one of the 
numbers is zero. 
The product z1 22 of complex numbers z1 = xı + iyı and z2 = 22 + iy is defined to be 
the number 
2120 = (1102 — yr yo) + ULT] Y2 + 2241). 
The product of a complex number z = x + ty by its conjugate is always nonnegative: 


Ze =g +y. 


If z2 #0, then the quotient of zı and z, 1s defined as 


L1 x2 + 1241 — Y 
Al, S HR CTA (M9.1.1.1) 
22 Ly +Y) Ly t Yz 


Relation (M9.1.1.1) can be obtained by multiplying the numerator and the denominator of 
the fraction z1 /22 by 22. 


M9.1.2. Trigonometric Form of Complex Numbers. Powers and 
Radicals 

> Modulus and argument of a complex number. There is a one-to-one correspondence 

between complex numbers z = x + iy and points M with coordinates (x,y) on the plane 


with a Cartesian rectangular coordinate system OXY or with vectors OM connecting the 
origin O with M (Fig. M9.1). The length r of the vector OM is called the modulus (also 
magnitude and absolute value) of the number z and is denoted by r = |z|, and the angle y 
formed by the vector OM and the positive direction of the OX -axis is called the argument 
(also phase) of the number z and is denoted by y = Arg z. 

The modulus of a complex number is determined by the formula 


lz] = 4/22 + y2. 


The argument Arg z is determined up to a multiple of 27, Arg z = arg z +2kr, where k is 
an arbitrary integer and arg z 1s the principal value of Arg z determined by the condition 
—7 < arg z <7. The principal value arg z is given by the formula 


arctan(y/x) for x > 0, 
m+arctan(y/x)  forx<0,y>0, 
argz=x3 -r + arctan(y/x) forx<0,y<0, 
T2 for x = 0, y > 0, 
-T /2 for x = 0, y <0. 


For z = 0, Arg z is undefined. 


> Trigonometric form of complex numbers. Since x = r cos y and y =r sin y, it follows 
that the complex number can be written in the trigonometric (or polar) form 


z = x +iy = r(cos y + ising). 


For two complex numbers written in trigonometric form, z1 = rı(cos y1 + tsin y1) and 
z2 = ra[cos Y2 + i sin y2), the following arithmetic rules are valid: 


7” za r 7 
2122 = r1r2 |cos(p1 + p2) + i sin(y + Y2)], F [cos((p1 — p2) + i sin(p1 — (pa). 


In the latter formula, it is assumed that z2 + 0. 
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> Powers and radicals. For any positive integer n, the nth power of z is calculated by de 
Moivre’s formula 
z” =r"(cos no +isinny), 


For z + 0 and positive integer n, there are exactly n distinct values of the nth root of 
z = r(cos Y + i sin y), which are determined by 


2k +2k 
Yz=z "= yr (cos LE + isin T) (k=0,1,2,...,n—1). 
n n 


Example. Let us find all values of V7. 
Let us represent the complex number z = 7 in trigonometric form. We have r = |z| = 1 and ọ = arg z= 7. 
The distinct values of the cube root are calculated by the formula 


5 +2rk 5 +2rk 
we = V1 (cos 2 + isin 25) (k =0,1,2), 


so that 
AET EE Sia PI 
6 6 2 2 
A E E ma 
6 6 2 17 


3m _ 37 
w = COS — + isin — = —į. 
2 2 


The roots are shown in Fig. M9.3. 


Figure M9.3. The roots of Vi. 


M9.2. Functions of Complex Variables 


M9.2.1. Basic Concepts. Differentiation of a Function of a Complex 
Variable 


> Some concepts and definitions. A subset D of the complex plane such that each point 
of D has a neighborhood contained in D (.e., D is open) and two arbitrary points of D 
can be connected by a broken line lying in D (1.e., D is connected) is called a domain in 
the complex plane. Each point of D is its interior point. A point that does not lie in D but 
whose arbitrary neighborhood contains points of D is called a boundary point of D. The 
set of all boundary points of D is called the boundary of D. The union of a domain D 


with its boundary is called a closed domain and denoted by D. The boundary of a domain 
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can consist of finitely many closed curves, segments, and points; the curves and cuts are 
assumed to be piecewise smooth. 

The simplest examples of domains are neighborhoods of points on the complex plane. 
A neighborhood of a point a on the complex plane is understood as the set of points z such 
that |z — al] < R, 1.e., the interior of the disk of radius R > O centered at the point a. The 
extended complex plane is obtained by augmenting the complex plane with the fictitious 
point at infinity. A neighborhood of the point at infinity 1s understood as the set of points z 
such that |z| > A (including the point at infinity itself). 

If to each point z of a domain D there corresponds a single point w (resp., a number of 
points w), then one says that there is a single-valued (resp., multi-valued) function w = f(z) 
defined on the domain D. If we set z = x + iy and w = u + iv, then defining a function 
w = f(z) of the complex variable z is equivalent to defining two functions Re f = u = u(x, y) 
and Im f =v = v(x, y) of two real variables. If the function w = f(z) 1s single-valued on D 
and the images of distinct points of D are distinct, then the mapping determined by this 
function is said to be schlicht. The notions of boundedness, limit, and continuity for single- 
valued functions of a complex variable do not differ from the corresponding notions for real 
functions of two real variables. 


> Differentiability. The Cauchy—Riemann conditions. Let a single-valued function 
w = f(z) be defined in a neighborhood of a point z. If there exists a limit 


i f(z+h)- fe) 
mM —_—__——— 
h—0 h 


= (2), 


then the function w = f(z) is said to be differentiable at the point z and f?(z) is called its 
derivative at the point z. 


Cauchy—Riemann conditions. If the functions u(x, y) = Re f(z) and v(x, y) = Im f(z) 
are differentiable at a point (x, y), then the Cauchy—Riemann conditions 


Ou Ov Ou Ov 
See, A M9.2.1.1 
Ox Oy Oy Ox we 


are necessary and sufficient for the function w = f(z) to be differentiable at the point z=x+y. 


If the function w = f(z) is differentiable, then 
w, = Ug + Wg = Uy — Wy = Ug — Wy = Vy + Wy, 


where the subscripts x and y indicate the corresponding partial derivatives. 
Remark. The Cauchy—Riemann conditions are sometimes also called the d’ Alembert—Euler conditions. 


The rules for arithmetic operations on the derivatives and those for taking the derivative 
of a composite function and the inverse function (if it exists) have exactly the same form as 
in the case of functions of a real variable: 

1. la fit 6 ROL, = aL + BL, where a and 8 are arbitrary complex 
constants. 

2. [fil], = ADAE + AOAN, 

/ / E / 
3 pa R ERICA Alp, Fale) #0). 
fo(%) Z La (2) 

4. If a function w = f(z) is differentiable at a point z and a function W = Fw) is 
differentiable at the point w = f(z), then the composite function W = F(f(z)) is 
differentiable at the point z and W; = [F(f(z))], = Fr DEC. 
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5. If a function w = f(z) is differentiable at a point z and the inverse z = g(w) = f(w) 
exists and is differentiable at the point w, then 


1 
O = Fao (FL) # 0). 


> Analyticity. The maximum modulus principle. The Liouville’s theorem. A single- 
valued function differentiable in some neighborhood of a point zp is said to be analytic 
(regular, holomorphic) at this point. 

A function w = f(z) is analytic at a point zo if and only if it can be represented by a 


power series 
OO 


FO = X crlz- zo)" 


k=0 


converging in some neighborhood of zo. 
A function analytic at each point of the domain D is said to be analytic in D. 
A function w = f(z) is said to be analytic at the point at infinity if the function 
F(z) = f(1/z) is analytic at the point z = 0. 
A function w = f(z) is analytic at the point at infinity if and only if this function can be 
represented by a power series 
OO 
Kosz o" 
k=0 


converging for sufficiently large |z]. 

If a function w = f(z) is analytic at a point zy and f}(zo) #0, then f(z) has an analytic 
inverse function z(w) defined in a neighborhood of the point wo = f(z). If a function 
w = f(z) is analytic at a point zp and the function W = F(w) is analytic at the point 
wo = f(z), then the composite function W = F[f(z)] is analytic at the point zp. Ifa 
function is analytic in a domain D and continuous in D, then its value at any interior point 
of the domain is uniquely determined by its values on the boundary of the domain. The 
analyticity of a function at a point implies the existence and analyticity of its derivatives of 
arbitrary order at this point. 

Single-valued functions, as well as single-valued branches of multi-valued functions, 
are analytic everywhere on the domains where they are defined. It follows from (M9.2.1.1) 
that the real and imaginary parts u(x, y) and v(x, y) of a function analytic in a domain are 
harmonic in this domain, 1.e., satisfy the Laplace equation 


Af = for + fyy =9 


in this domain. 


Remark. If w(x, y) and v(x, y) are two arbitrary harmonic functions, then the function f(z) = u(x, y) + 
¿w(x, y) is not necessarily analytic, since for the analyticity of f(z) the functions u(x, y) and u(x, y) must satisfy 
the Cauchy—Riemann conditions. 


Example 1. The function w = z? is analytic. 


Indeed, since z = x + iy, we have w = (x +iy) = x° -y + i2zy, u(x, y) = x" —y”, and v(x, y) = 2xy. The 
Cauchy—Riemann conditions 
Un = Vy =2%, Uy =-—Ug =-2y 


2 


are satisfied at all points of the complex plane, so the function w = z” is analytic. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 233 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 234 


234 FUNCTIONS OF COMPLEX VARIABLE 


Example 2. The function w = Z is not analytic. 
Indeed, since z = x + iy, we have w = x — ty, u(x, y) = x, v(x, y) = —y. The Cauchy—Riemann conditions 
are not satisfied, 
Uz = 1 # -1 = vy, Uy = —Uz = 0, 


so the function w = Z is not analytic. 


MAXIMUM MODULUS PRINCIPLE. If a function w = f(z) that is not identically constant 


is analytic in a domain D and continuous in D, then its modulus cannot attain a maximum 
at an interior point of D. 


LIOUVILLE’ S THEOREM. If a function w = f(z) is analytic and bounded in the entire 
complex plane, then it is constant. 


Remark. The Liouville theorem can be stated in the following form: 
if a function w = f(z) is analytic in the extended complex plane, then it is constant. 


> Geometric meaning of the derivative. Geometric meaning of the absolute value of the 
derivative. Suppose that a function w = f(z) is analytic at a point zọ and f!(zo) + 0. Then 
the value |f} (zo)| determines the dilatation (similarity) coefficient at the point zo under the 
mapping w = f(z). The value |f/(z0)| is called the dilatation ratio if |f'(20) > 1 and the 
contraction ratio if |f} (20) < 1. 

Geometric meaning of the argument of the derivative. The argument of the derivative 
F (zo) is equal to the angle by which the tangent at the point zy to any curve passing 
through Zo should be rotated to give the tangent to the image of the curve at the point 
wo = f (zo). For y =arg f(z) > 0, the rotation is counterclockwise, and for y = arg f!(z) <0, 
the rotation is clockwise. 


> Elementary functions. 
1°. Consider the functions w = z” and w = */z for positive integer n. The function 


(Ua 
is single-valued. It is schlicht in the sectors 27k /n <p <21(k + 1)/n, k=0,1,2,..., each 
of which is transformed by the mapping w = z” onto the plane w with a cut on the positive 
real semiaxis. 

The function 

w= Vz 
is an n-valued function for z + 0, and its value is determined by the value of the argument 
chosen for the point z. If a closed curve C does not surround the point z = 0, then, as the 
point z goes around the entire curve C, the point w = (/z for a chosen value of the root 
also moves along a closed curve and returns to the initial value of the argument. But if the 
curve Č surrounds the origin, then, as the point z goes around the entire curve C in the 
positive sense (in the counterclockwise direction), the argument of z increases by 27 and the 
corresponding point w = ~/z does not return to the initial position. It will return there only 
after the point z goes n times around the entire curve C’. If a domain D does not contain a 
closed curve surrounding the point z = 0, then one can single out n continuous single-valued 
functions, each of which takes only one of the values w = (/z; these functions are called the 
branches of the multi-valued function w = ~/z. One cannot single out n separate branches 
of the function w = */z in any neighborhood of the point z = 0; accordingly, the point z = 0 
is called a branch point of this function. 


2°. The Zhukovskii function 
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is defined and single-valued for all z + 0; it is schlicht in any domain that does not 
simultaneously contain any points zı and z2 such that z122 = 1. 


3°. The exponential function w = e* is defined by the formula 
w = e” =e" = e*(cos y + isin y). 


The function w = e* is analytic everywhere. For the exponential function, the usual 
differentiation rule is preserved: 
(67), =". 
The basic property of the exponential function is also preserved: 


en ea = Brite. 

_ For x =O and y = y, the definition of the exponential function implies the Euler formula 
e'f? = cos Y + i sin y, which permits one to write any complex number with modulus r and 
argument ~ in the exponential form 


z=r(cosy + isin p) = re’. 


The exponential function is periodic with imaginary period 277, and the mapping w = e* 
is schlicht in the strip O < y < 27. 


4”. The logarithm is defined as the inverse of the exponential function: if e” = z, then 
w = Lnz. 


This function is defined for z # 0. The logarithm satisfies the following relations: 


21 
En zı + Ln z = Ln(z122), Ln zı -Ln z2 = Ln —, 
22 


1 
La(z”)=nLnz, Ln Yz=—Lnz. 
n 
The exponential form of complex numbers readily shows that the logarithm is infinite- 
valued: 


En z =In|z|+7Arg z =In|z|+72argz+27ki, k=0, +1, +2, ... (M9.2.1.2) 


The quantity In z = In |z| + 2 arg z is taken to be the principal value of this function. Just as 
with the function w = (/z, we see that if the point z = 0 is surrounded by a closed curve C, 
then the point w = Ln z does not return to its initial position after z goes around Č in the 
positive sense, since the argument of w increases by 277. Thus if a domain D does not 
contain a closed curve surrounding the point z = 0, then in D one can single out infinitely 
many continuous and single-valued branches of the multi-valued function w = En z; the 
differences between the values of these branches at each point of the domain are equal to 
27k1, where k is an integer. This cannot be done in an arbitrary neighborhood of the point 
z = 0, and this point is called a branch point of the logarithm. 


5°. Trigonometric functions are defined in terms of the exponential function as follows: 


e7” +e zE 
COS Z = 5 ; sin z = E 

sin Z eet? COS Z er pe? 
es cosz el 4 ele’ ee sinz ete 
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These are properties of the functions cos z and sin z: 


1. They are analytic for any z. 
2. The usual differentiation rules are valid: 


(sin z), =cosz, (cos zy, = -sin z. 
zZ Z 


3. They are periodic with real period T = 27. 
4. sin z 1s an odd function, and cos z 1s an even function. 
5. In the complex plane, they are unbounded. 
6. The usual trigonometric relations hold: 
cos? z + sin? z = l, cos2z= cos? z — sin? z, etc. 


The function tan z 1s analytic everywhere except for the points 


zr = > + ke, R20: EN ecu: 


and the function cot z 1s analytic everywhere except for the points 
ESRT, al 0 a AT 
The functions tan z and cot z are periodic with real period T = 7. 


6”. Hyperbolic functions are defined by the formulas 


Z —Z 
e +e ESO 
cosh z = — sinh z = Tz 
dl sinh z ete? i cosh z e~+e~* 
anh z = —— = ———_ coth z = — A 
coshz e+e’ sinhz e” -e 


For real values of the argument, each of these functions coincides with the corresponding 
real function. Hyperbolic and trigonometric functions are related by the formulas 


cosh z = cos iz, sinhz=-7sinzz, tanhz=-vtanzz, coth z =7cot2z. 


7°. Inverse trigonometric and hyperbolic functions are expressed via the logarithm and 
hence are infinite-valued: 


Arccos z = -i Ln(z + v 22-1), Arcsin z = —i Ln(iz + v 1- 22), 


l 4i , a5 
Arctan z === Ln e Arccot z =-- Ln Í = 

2 l-—2z 2 21 
arccosh z = Ln(z + V 22 - 1), arcsinh z = Ln(z + v 22 - 1), 

1 1+ 1 +1 
arctanh z = — Ln , arccoth z = — Ln á ; 

2 LZ 2 z=1 


The principal value of each of these functions is obtained by choosing the principal 
value of the corresponding logarithmic function. 


8°. The power function w = z7 is defined by the relation 


Se (M9.2.1.3) 


where y = a + iĝ is an arbitrary complex number. Substituting z = ret? into (M9.2.1.3) 
yields 


O een) tops a ine k=0, +1, +... (M9.2.1.4) 


It follows from relation (M9.2.1.4) that the function w = z7 has infinitely many values 
for 6 #0. 
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9°. The general exponential function is defined by 
way =e 7 = ¿ami rt Arg Y (M9.2.1.5) 


where y = a + iĝ is an arbitrary nonzero complex number. The function (M9.2.1.5) is a set 
of separate mutually independent single-valued functions that differ from one another by 
the factors e2*7%% k =0, +1, +2, 
Example 3. Let us calculate the values of some elementary functions at specific points: 
cos 2i = $(e*" +7) = H(e* + e°) = cosh2 = 3.7622. 
In(—2) = In 2 + 27, since | — 2| = 2 and the principal value of the argument is equal to 7. 
Ln(-2) is calculated by formula (M9.2.1.2): 

Ln(2) =In2+in+2rki=In2+(14+2k)in (k=0, +1, +, ...). 
dai a Ol PDs. a), 


A T 


The main elementary functions w = f(z) = u(x, y) + 2u(x, y) of the complex variable 
z = x + iy are given in Table M9.1. 


TABLE M9.1 
Main elementary functions w = f(z) = u(x, y) + iv(x, y) of the complex variable z = x + iy. 


Complex 


function Algebraic form 


Zeros of nth order Singularities 


o f(2) =u(z, y) + va, y) 


q 
x+ty 
2 0)n=2 | 
= 2=0, n= 
ida is a second-order pole 


2 sD L—L0 . —(y—-Yyo) z = Lo + Yo 
(xo, yo are | (aa + (y-y0)} (ao)? + (yyy is a first-order pole 


y +i— ay Z= CO; n= 2 oo 
(a> +Y (+y? is a second-order pole 


z = 0 is a first-order 
5 a 4|( ZtVv x+y? Jti ( + y £? +y? Fl z = 0 is a branch branch point 
2 2 point z = œ is a first-order 
branch point 


real numbers) 


a x me ae z = oo Is an essential 
e e” cosy +ie sin y no zeros l 
singular point 


2=1, n= 1 Logarithmic 
In |z| + ¿(arg z + 2k7), (for the branch 
q Lnz k=O TLE corresponding branch points 
to k = 0) forz=0,z=00 
: , , = = z = 00 is an essential 
sin z sin x cosh y +7 cos x sinh y 4 
== pees singular point 
=o = z = oo is an essential 
COS Z cos x cosh y + 2(— sin x sinh 2=>31+7Tk, n=l 
DES pa Y) (k =0,+1,+2,...) singular point 


6 ie ; A in + Tk 
sin Lx : sin Y Z=Tk, ME 1 
— ti =0.+1.+ 
10 an cos 2x + cosh 2y “cos 2a + cosh 2y (k =0,+1,+2,...) a 
are first-order poles 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Page 237 


Page 237 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 238 


238 FUNCTIONS OF COMPLEX VARIABLE 


> Analytic continuation. Let two domains Dı and Dy have a common part y of the 
boundary, and let single-valued analytic functions f¡(z) and f2(z), respectively, be given in 
these domains. The function f(z) is called a direct analytic continuation of f¡(z) into the 
domain D; if there exists a function f(z) analytic in the domain D; Uy U D, and satisfying 


the condition 
fitz) forze Dy, 


ae Bore for z e Dp. 


If such a continuation is possible, then the function f(z) is uniquely determined. If the 
domains are simply connected and the functions f(z) and f2(z) are continuous in Dı U y 
and D, U y, respectively, and coincide on y, then f2(z) is the direct analytic continuation 
of fı(z) into the domain D2. In addition, suppose that the domains D, and D> are allowed 
to have common interior points. A function f(z) is called a direct analytic continuation 
of fi(z) through y if f¡(2) and f2(z) are continuous in D; U y and D> U y, respectively, 
and their values on y coincide. At the common interior points of Dı and D3, the function 
determined by relation (M9.2.1.6) can be double-valued. 


(M9.2.1.6) 


M9.2.2. Integration of Functions of Complex Variables 


> Definition and properties of the integral of a function of a complex variable. Sup- 
pose that an oriented curve Č connecting points z = a and z = bis given on the complex 
plane and a function w = f(z) of the complex variable z is defined on the curve. We divide 
the curve C into n parts, a = Zo, 21, ..., Zn-1, Zn = b, arbitrarily choose € € [Zķ, Zk+1], and 


compose the integral sum 
n-1 


EA — Zk). 


k=0 


If there exists a limit of this sum as max lzz.,+1 — zx] — 0, independent of the way it is 
partitioned and the choice of the points £g, then this limit is called the integral of the 
function w = f(z) over the curve C and is denoted by 


/ f(z) dz. (M9.2.2.1) 
C 


Properties of the integral of a function of a complex variable: 

If a, 8 are arbitrary constants, then fo [a f(z)+Bg(z)l dz =a fo fF(2)dz+8 fo g(2) dz. 
If C is the same curve as C but with the opposite sense, then de f(z)dz=- fo f (2) dz. 
If C = Cy U---U Ch, then Jo f(z)dz = la, f(z)dz+--- + fon f(z) dz. 

4. If |f(~)| < M at all points of the curve C, then the following estimate of the absolute 
value of the integral holds: j) c (2) de |< M1, where lis the length of the curve C. 


A 


If C is a piecewise smooth curve and f(z) is bounded and piecewise continuous, then 
the integral (M9.2.2.1) exists. If z= x + iy and w = u(x, y) +%v(x, y), then the computation 
of the integral (M9.2.2.1) is reduced to finding two ordinary curvilinear integrals: 


/ Hide = / u(x, y) dx — v(x, y) dy + 1 / v(x, y) dx + u(x, y) dy. (M9.2.2.2) 
C C C 
Remark. Formula (M9.2.2.2) can also be written in a form convenient for memorizing: 


J Ho dz = J (u+2u)(dx + i dy). 
C G 
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If the curve C is given by the parametric equations x = x(t), y = y(t) (tı < t < t2), then 


ta 
A ft) dz = FUNDA dt, 
ti 


where z = z(t) = x(t) + iy(t) is the complex parametric equation of the curve C. 
If f(z) is an analytic function in a simply connected domain D containing the points 
z = a and z = b, then the Newton—Leibniz formula holds: 


b 
/ f(z) dz = F(0) - F(a), 


where F(z) is a primitive of the function f(z), i.e., F"(z) = f(z) in the domain D. 
If f(z) and g(z) are analytic functions in a simply connected domain D and z = a and 
z = bare arbitrary points of the domain D, then the formula of integration by parts holds: 


b b 
J f(z)dg(z) = f(b)g(b) — f (a)g(a) — : g(z) df (z). 


If an analytic function z = g(w) determines a single-valued mapping of a curve C onto 
a curve C, then 


/ Ha) dz = [ tawongsc do. 
C C 


> Cauchy’s theorems. 
CAUCHY’S THEOREM FOR A SIMPLY CONNECTED DOMAIN. If a function f(z) is analytic 


in a simply connected domain D bounded by a contour C and is continuous in D, then 
j) cJ(z)dz =0. 

CAUCHY’ S THEOREM FOR A MULTIPLY CONNECTED DOMAIN. Ifa function f(z) is analytic 
in a multiply connected domain D bounded by a contour Č consisting of several closed 


curves and is continuous in D, then Je f(z) dz = 0 provided that the sense of all curves 
forming Č is chosen in such a way that the domain D lies to the same side of the contour. 


> Cauchy’s integral and related integrals. Morera’s theorem. If a function f(z) is 


analytic in an n-connected domain D and continuous in D, and C is the boundary of D, 
then for any interior point z of this domain the Cauchy integral formula holds: 


l FE) 


Ini co &-2 


f) = 


de. (M9.2.2.3) 


(Here integration is carried out in the positive sense of C’; i.e., the contour C is traced so 
that the domain D lies to the left of the contour.) Under the same assumptions as above, 
the derivatives of arbitrary order of the function f(z) at any interior point z of the domain 
are expressed as 


ma nl FE) A 
PO = / Ea MLR.) (M9.2.2.4) 


For an arbitrary smooth curve C’, not necessarily closed, and for a function f(€) every- 
where continuous on C’, possibly except for finitely many points at which this function has 
an integrable discontinuity, the right-hand side of formula (M9.2.2.3) defines a Cauchy-type 
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integral. The function F(z) determined by a Cauchy-type integral is analytic at any point 
that does not belong to C. If C divides the plane into several domains, then the Cauchy-type 
integral generally determines different analytic functions in these domains. 

Formulas (M9.2.2.3) and (M9.2.2.4) allow one to calculate the integrals 


/ 6) > de = De). / HE) de = EM, (M9.2.2.5) 
C C (€ 


E-z = (E= zyl 


Example 1. Let us calculate the integral 


J Im z dz, 
C 


where C is the semicircle |z| = 1,0 < arg z < 7 (Fig. M9.4). 


Figure M9.4. The semicircle |z| = 1,0 < arg z < m. 


Using formula (M9.2.2.2), we obtain 


a 
| imzdo= | yaz+iay = | ydz+i | ydy= | Vl- dr-i-0=-—. 
C C C C 1 2 


Example 2. Let us calculate the integral 
J dz 
o Z- 2 


where C is the circle of radius R centered at a point zo with counterclockwise sense. 
Using the integral formula (M9.2.2.5), we obtain 


1 
/ dz =2mt. 
C Z=%Z0 


Example 3. Let us calculate the integral 
J dz 
pe ek 


where C is the circle of unit radius centered at the point 2 with counterclockwise sense. 
To apply the Cauchy integral formula (M9.2.2.3), we transform the integrand as follows: 


Dae EE E A 


l+2  (-DG+0 ztiz-i 2-1 Z+1 


The function f(z) = 1/(z + i) is analytic in the interior of the domain under study and on its boundary; hence 
the Cauchy integral formula (M9.2.2.3) and the first of formulas (M9.2.2.5) hold. From the latter formula, we 


obtain ; 
la are -| 2 ÍO) z dz = mif O = 24 = 


Formulas (M9.2.2.3) and (M9.2.2.4) imply the Cauchy inequalities 


(n) FQ) n!Mi 
as ll ls ear 
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where M = max i (2)! is the maximum modulus of the function f(z) in the domain D, R 
ZE 


is the distance from the point z to the boundary C’, and / is the length of the boundary C. 
If, in particular, f(z) is analytic in the disk D = |z — zp] < R, and bounded in D, then we 

obtain the inequality 

n!M 


! 
Rr 


KEDE MD 


MORERA’S THEOREM. If a function f(z) is continuous in a simply connected domain D 
and fo f(z) dz =0 for any closed curve C lying in D, then f(z) is analytic in the domain D. 


M9.2.3. Taylor and Laurent Series 


> Taylor series. If a series 


N h) (M9.2.3.1) 
n=0 


of analytic functions in a simply connected domain D converges uniformly in this domain, 
then its sum 1s analytic in the domain D. 


If a series (M9.2.3.1) of functions analytic in a domain D and continuous in D converges 


uniformly in D, then it can be differentiated termwise any number of times and can be 
integrated termwise over any piecewise smooth curve C lying in D. 


ABEL’S THEOREM. If the power series 


OO 


ss Cy(z—a)” (M9.2.3.2) 


n=0 


converges at a point zo, then it also converges at any point z satisfying the condition 
|z — al < |zo — al. Moreover, the series converges uniformly in any disk |z — a| < q|zo — al, 
whereO <q <1. 


It follows from Abel’s theorem that the domain of convergence of a power series is an 
open disk centered at the point a; moreover, this disk can fill the entire plane. The radius of 
this disk is called the radius of convergence of a power series. The sum of the power series 
inside the disk of convergence is an analytic function. 


Remark. The radius of convergence R can be found by the Cauchy—Hadamard formula 
SS lim \, nis 
Roo 
where lim denotes the upper limit. 


If a function f(z) is analytic in the open disk D of radius R centered at a point z = a, 
then this function can be represented in this disk by its Taylor series 


OO 


f= dp ne-a, 


n=0 
whose coefficients are determined by the formulas 


a) 1 / FE) 


n! 2mi Jo (E-ay" 


de  (n=0,1,2..., 
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where C is the circle |z —a] =qR,0<q<1. In any closed domain belonging to the disk D, 
the Taylor series converges uniformly. Any power series expansion of an analytic function 
is its Taylor expansion. The Taylor series expansions of some elementary functions in 
powers of z are as follows: 


2? 2 
ESB hay hm (|z| < 00), (M9.2.3.3) 
2 4 3 5 
Z Z : Z Z 
c0s2=1= 37 + gp... sinz =z- =p ta (Iz| < 00), (M9.2.3.4) 
z2 zí . 2 2 
coshz=1+ +7 +--+ e (|z] < oo), (M9.2.3.5) 
2 
n1+2)=2- 3 ta... (z| < 1), (M9.2.3.6) 
—] —1)\(a-—2 
dra la OOP Ry, del <1D). (M9.2.3.7) 


The last two expansions are valid for the single-valued branches for which the values of the 
functions for z = O are equal to O and 1, respectively. 


Remark. Series expansions (M9.2.3.3)(M9.2.3.7) coincide with analogous expansions of the correspond- 
ing elementary functions of the real variable (see Subsection M8.3.2). 


To obtain the Taylor series for other branches of the multi-valued function Ln(1 + 2), 
one has to add the numbers 2kri, k = +1,+2, ...to the expression in the right-hand side: 


2 23 


Z 
En(1 +2) = 2kri +z- — + — - 
n(1 +2) TU + 2 5 3 


CoO 
> Laurent series. The domain of convergence of the function series 5) c,(z-a)” isa 
N=-00 
circular annulus K : r < |z—a| < R, where O< r < R< oo. The sum of the series is an 
analytic function in the annulus of convergence. Conversely, in any annulus K where the 
function f(z) is analytic, this function can be represented by the Laurent series expansion 


OO 


f= Y», enla” 
with coefficients determined by the formulas 
1 
en JD de SS OD 3% (M9.2.3.8) 


y 2ri y (E- ay 


where y is the circle |¿-al = p, r< p< R. In any closed domain contained in the annulus kK, 
the Laurent series converges uniformly. 
The part of the Laurent series with negative numbers, 


-1 00 6 
n -n 
Cn(z-a) = —, 
Y entrar =o 
N=-00 n=1 
is called its principal part, and the part with nonnegative numbers, 


OO 


x Cy(Z = a)”, 


n=0 
is called the regular part. Any expansion of an analytic function in positive and negative 
powers of z — a is its Laurent expansion. 
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Example 1. Let us consider Laurent series expansions of the function 


1 


He) = 12) 


in a Laurent series in the domain 0 < |z| < 1. This function is analytic in the annulus O < |z| < 1 and hence can 
be expanded in the corresponding Laurent series. We write this function as the sum of elementary fractions: 


1 1 1 
E TES ee 


Since |z| < 1, we can use formula (M9.2.3.7) and obtain the expansion 


1 1 2 
=—+l+z+z +.. 
z(l-z) z 


Example 2. Let us consider Laurent series expansions of the function 


feo = e? 


in a Laurent series in a neighborhood of the point a = 0. To this end, we use the expansion (M9.2.3.3), where 
we should replace z by 1/z. Thus we obtain 


M9.2.4. Zeros and Isolated Singularities of Analytic Functions 


> Zeros of analytic functions. A point z = a is called a zero of a function f(z) if f(a) =0. 
If f(z) is analytic at the point a and is not zero identically, then the least order of nonzero 
coefficients in the Taylor expansion of f(z) centered at a, in other words, the number n 
of the first nonzero derivative f(a), is called the order of zero of this function. In a 
neighborhood of a zero a of order n, the Taylor expansion of f(z) has the form 


{DH C26) O A +... (Cn #0, n= 1). 


In this case, f(z) = Cn(z — a)" g(z), where the function g(z) is analytic at the point a and 
g(a) #0. A first-order zero is said to be simple. The point z = œ is a zero of order n for a 
function f(z) if z = 0 is a zero of order n for F(z) = f(1/z). 

If a function f(z) 1s analytic in a neighborhood of its zero a and is not identically zero in 
any neighborhood of a, then there exists a neighborhood of a in which f(z) does not have 
any zeros other than a. 


UNIQUENESS THEOREM. If functions f(z) and g(z) are analytic in a domain D and their 
values coincide on some sequence aj of points converging to an interior point a of the 
domain D, then f(z) = g(z) everywhere in D. 


ROUCHE’S THEOREM. If functions f(z) and g(z) are analytic in a simply connected 


domain D bounded by a curve C, are continuous in D, and satisfy the inequality | f (z)|>|g(z)| 
on C’, then the functions f(z) and f(z) + g(z) have the same number of zeros in D. 


> Isolated singularities of analytic functions. A point a is called an isolated singularity 
of a single-valued analytic function f(z) if there exists a neighborhood of this point in which 
F(z) is analytic everywhere except for the point a itself. The point a is called 
1. A removable singularity if lim f(z) exists and is finite. 

Za 


2. A pole if lim f(z) = œ. 


3. An essential singularity if lim f(z) does not exist. 
2>0 
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A necessary and sufficient condition for a point a to be a removable singularity of a 
function f(z) is that the Laurent expansion of f(z) around a does not contain the principal 
part. 

If a function f(z) is bounded in a neighborhood of an isolated singularity a, then a is a 
removable singularity of this function. 

A necessary and sufficient condition for a point a to be a pole of a function f(z) 1s that 
the principal part of the Laurent expansion of f(z) around a contains finitely many terms: 


Cp C] == eh 
LO emer aaa cree + DoH ay. (M9.2.4.1) 


The order of a pole a of a function f(z) is defined to be the order of the zero of the 
function F(z) = 1/f(z). If c-n #0 in expansion (M9.2.4.1), then the order of the pole a of 
the function f(z) is equal to n. For n = 1, we have a simple pole. 

A necessary and sufficient condition for a point a to be an essential singularity of a 


function f(z) is that the principal part of the Laurent expansion of f(z) around a contains 
infinitely many nonzero terms. 


SOKHOTSKI’S THEOREM. Ifa is an essential singularity of a function f(z), then for each 
complex number A there exists a sequence of points zg — a such that f(z) — A. 


Example. Let us consider some functions with singular points of different kind. 


1°. The function f(z) = (1 — cos z)/ z” has a removable singularity at the origin, since its Laurent expansion 
about the origin, 
l=cosz 1 e Z 
a mt 707 
does not contain the principal part. 


2°. The function f(z) =1/( pe”) has infinitely many poles at the points z =tyQk + 1)772 (k =0, +1, +2,...). 


2 . 
All these poles are simple poles, since the function 1/f(z) = 1+ e* has simple zeros at these points. (Its 
derivative is nonzero at these points.) 


3°. The function f(z) = sin(1/z) has an essential singularity at the origin, since the principal part of its Laurent 
expansion 


contains infinitely many terms. 


The following two simplest classes of single-valued analytic functions are distinguished 
according to the character of singular points. 

1. Entire functions. A function f(z) is said to be entire if it does not have singular 
points in the finite part of the complex plane. An entire function can be represented by an 
everywhere convergent power series 


OO 


HE) y Gee 


n=0 


An entire function can have only one singular point at z = oo. If this singularity is a pole of 
order n, then f(z) is a polynomial of degree n. If z = œ is an essential singularity, then f(z) 
is called an entire transcendental function. If z = oo is a regular point (1.e., f(z) is analytic 
for all z), then f(z) is constant (Liouville’s theorem). All polynomials, the exponential 
function, sin z, cos z, etc. are examples of entire functions. Sums, differences, and products 
of entire functions are themselves entire functions. 
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2. Meromorphic functions. A function f(z) is said to be meromorphic if it does not 
have any singularities except for poles. The number of these poles in each finite closed 
domain D is always finite. 


Suppose that a function f(z) is analytic in a neighborhood of the point at infinity. The 
definition of singular points can be generalized to this function without any changes. But 
the criteria for the type of a singular point at infinity related to the Laurent expansion are 
different. 


THEOREM. In the case of a removable singularity at the point at infinity, the Laurent 
expansion of a function f(z) in a neighborhood of this point does not contain positive 
powers of z. In the case of a pole, it contains finitely many positive powers of z. In the case 
of an essential singularity, it contains infinitely many powers of z. 


Let f(z) be a multi-valued function defined in a neighborhood D of a point z = a except 
possibly for the point a itself, and let f(z), fo(z), ... be its branches, which are single- 
valued continuous functions in the domain where they are defined. The point a is called 
a branch point (ramification point) of the function f(z) if f(z) passes from one branch to 
another as the point z goes along a closed curve around the point z in a neighborhood of D. 
If the original branch is reached again after going around this curve m times (in the same 
sense), then the number m — 1 is called the order of the branch point, and the point a itself 
is called a branch point of order m — 1. 

If all branches f(z) tend to the same finite or infinite limit as z — a, then the point a is 
called an algebraic branch point. (For example, the point z = 0 is an algebraic branch point 
of the function f(z) = “/z.) In this case, the single-valued function 


Fo = f(z +a) 


has a regular point or a pole for z = 0. 

If the limit of f(z) as z — a does not exist, then the point a is called a transcendental 
branch point. For example, the point z = 0 is a transcendental branch point of the function 
f(z) =exp(7/1/z). 

In a neighborhood of a branch point a of finite order, the function f(z) can be expanded 
m a fractional power series (Puiseux series) 

OO 
f= > alzar”. (M9.2.4.2) 
k=-00 

If a new branch is obtained each time after going around this curve (in the same sense), 
then the point a is called a branch point of infinite order (a logarithmic branch point). For 
example, the points z = 0 and z = oo are logarithmic branch points of the multi-valued 
function w = Ln z. A logarithmic branch point is classified as a transcendental branch point. 

For a # oo, the expansion (M9.2.4.2) contains finitely many terms with negative k 
(infinitely many in the case of a transcendental point). 


M9.2.5. Residues. Calculation of Definite Integrals 


> Residue of an analytic function at an isolated singular point. The residue res f(a) 
of a function f(z) at an isolated singularity a is defined as the number 


res f(a) = — $ f(z) dz, (M9.2.5.1) 


where the integral is taken in the positive sense over a contour C surrounding the point a 
and containing no other singularities of f(z) in the interior. 
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Remark. Residues are sometimes denoted by res[ f(z); a] or reSz=a f(z). 


The residue res f(a) of a function f(z) at a singularity a is equal to the coefficient of 


(z —a)! in the Laurent expansion of f(z) in a neighborhood of the point a, 


Ne 


> 


1 
res f(a) = mp fo de SC: 


Basic rules for finding the residues: 


. The residue of a function at a removable singularity is zero. 
. If a is a pole of order n, then 


n-1 


d 
res f(a) = =D lim 3 Ea”. (M9.2.5.2) 


. For a simple pole (n = 1), 


res f(a) = lim [f()2-a)]. 


. If f(z) is the quotient of two analytic functions, 


plz) 


FG) = VO 


in a neighborhood of a point a and y(a) + 0, w(a) = 0, but wi (a) +0 (i.e., a is a simple 
pole of f(z)), then 

pla) 
wha) 


res f(a) = (M9.2.5.3) 


. If a is an essential singularity of f(z), then to obtain res f(a), one has to find the 


coefficient c_¡ in the Laurent expansion of f(z) in a neighborhood of a. 


Basic theorems on residues. 
A function f(z) is said to be continuous on the boundary C of the domain D if for each 


boundary point zo there exists a limit lim f(z) = f(z) as z > z, z€ D. 
Z— z0 


CAUCHY’S RESIDUE THEOREM. Let f(z) be a function continuous on the boundary C 


of a domain D and analytic in the interior of D everywhere except for finitely many points 


is 


„an. Then 


/ f(2) dz =2ni 5 res far), (M9.2.5.4) 
C 


k=1 


where the integral is taken in the positive sense of C. 


The logarithmic residue of a function f(z) at a point a is by definition the residue of its 


logarithmic derivative 


MAS, 
[In f(2)], = SN 


THEOREM. The logarithmic derivative f!(z)/ f(z) has first-order poles at the zeros and 


poles of f(z). Moreover, the logarithmic residue of f(z) at a zero or a pole of f(z) is equal 
to the order of the zero or minus the order of the pole, respectively. 
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The residue of a function f(z) at infinity is defined as 


1 
res f (Co) = mp fede 


where I'is a circle of sufficiently large radius |z| = p and the integral is taken in the clockwise 
sense (so that the neighborhood of the point z = oo remains to the left of the contour, just 
as in the case of a finite point). 

The residue of f(z) at infinity is equal to minus the coefficient of z* in the Laurent 
expansion of f(z) in a neighborhood of the point z = oo, 


res f(oo) = —c1. 


THEOREM. Ifa function f(z) has finitely many singular points in the extended complex 
plane, then the sum of all its residues, including the residue at infinity, 1s zero: 


res f(00) + Y res f(ay) = 0, (M9.2.5.5) 
k=1 


where a1, ..., a, are finite singular points. 


Example 1. Let us calculate the integral 
l 
$ n(z : 2) a 
C Z 
In the disk |z| < 4 


z» there is only one singular point of the integrand, z = 0, which is a second-order pole. 
The residue of f(z) at z = 0 is calculated by the formula (M9.2.5.2) 


pea 


where C is the circle |z| = L. 


= lim [In(z +21 = lim a > 


0) = Ii 
tes (O= lim dor”) 


Using formula (M9.2.5.1), we obtain 
T 1 p) In(z +2) De $ aes | es 
C C 


22m ge 2 
> Jordan’s lemma. Calculation of definite integrals using residues. Suppose that 


we need to calculate the integral of a real function f(x) over a (finite or infinite) interval 
(a,b). Let us supplement the interval (a, b) with a curve I’ that, together with (a, b), bounds 


a domain D, and then analytically continue the function f(z) into D. Then the residue 
theorem can be applied to this analytic continuation of f(z), and by this theorem 


b 
/ flayde+ | fdz = 2nd, 
a ¡E 


where A is the sum of residues of f(z) in D. If Je f(z) dz can be calculated or expressed 


in terms of the desired integral ie f(x) dx, then the problem will be solved. 


When calculating integrals of the form ee f(x) dx, one should apply (M9.2.5.4) to 
the contour C that consists of the interval (-R, R) of the real axis and the arc Cp of the 
semicircle |z| = R in the upper half-plane. Sometimes, it is only possible to find the limit 
as R — oo of the integral over the contour Cp rather than to calculate it, and often it turns 
out that the limit of this integral is equal to zero. 


LEMMA. If a function f(z) is analytic for |z| > Ro and z f(z) — 0 as |z| — oo for y > 0, 
then 


f(z)dz = 0, 


lim 
R—= 00 Cr 


where Cp is the arc of the semicircle |z| = R in the upper half-plane. 
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THEOREM. Let a function f(x) be defined on the whole real axis —oo < x < œo and let it 
can be analytically continued to the upper half-plane Im z > 0 so that the continuation f(z) 
satisfies the conditions of the previous lemma. Then the improper integral i f(a) dx 
exists and 1s equal to 


l i f(x) da = 2ri X res f(ax), (M9.2.5.6) 
Bi k=1 


where the aj, are singular points of f(z) in the upper half-plane. 


I= | A 
œ~ ID 
The analytic continuation of the integrand into the upper half-plane is f(2)=(1+ z*) 1: it satisfies the conditions 


of the above lemma. The function f(z) has two singular points, a; = e’”/* and a, =e*7/*, in the upper half-plane 
(both points are first-order poles). Using formulas (M9.2.5.3) and (M9.2.5.6), one finds 


fø 1 my2 
T= 2ri( 57 amid ~ E 


Example 2. Calculate the integral 


pl 
z=e 1/4 423 


JORDAN’S LEMMA. Ifa function g(z) tends to zero uniformly with respect to arg z along 
a sequence of circular arcs Cpr, : |z| = Ry, Im z > —a (where Rn — oo and a is fixed), then 


lim ae” dz =0 


N— Oo 
Rn 


for any positive number A. 


Example 3 (Laplace integral). To calculate the integral 


 cosx 
eer dz, 
o Ta 


one uses the auxiliary function 


iz 


e iz 
f(z) = pag =glz)Je", g(z)= Page 


and the contour shown in Fig. M9.5. Since g(z) satisfies the inequality |g(z)| < (R? — a’)! on Crp, it follows 
that this function uniformly tends to zero as R — ov, and by Jordan’s lemma with A = 1 we obtain 


Fea) dz = J g(z)e dz + 0 
an On 


as R — 00. 


Cr 


-R R X 


Figure M9.5. The contour for the calculation of the Laplace integral. 
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By the residue theorem 


Eig 
R T +a Eg 2ar 


R ix —a 
J i, f(z) dz =2mi< 


for any R > a. (The residue at the singular point z = az of the function f(z), which is a first-order pole and the 
only singular point of this function lying inside the contour, can be calculated by formula (M9.2.5.3).) In the 


limit as R — ov, we obtain 
CO er” T 
x? +a? oae aet ` 
=00 


Separating the real part and using the fact that the function is even, we obtain 
E cosg TT 
/ > ae . 
o BEA 2ae” 
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Chapter M10 
Integral Transforms 


M10.1. General Form of Integral Transforms. Inversion 
Formulas 


Normally an integral transform has the form 
a b 
FO) = J p(z, ) f (a) de. 


The function FO) is called the transform of the function f(x) and y(x, A) is called the 


kernel of the integral transform. The function f(x) is called the inverse transform of f(A). 
The limits of integration a and b are real numbers (usually, a = 0, b = co or a =—00, b = 00). 


For brevity, we rewrite the integral transform as follows: FA) =LA f): 
General properties of integral transforms (linearity): 


Lt{kf(x)p = kLi Jo) y, 
Lif) E ga)y = Lif a)y E LA glo) y. 


Here, k is an arbitrary constant; it is assumed that integral transforms of the functions f(x) 
and g(x) exist. 

In Subsections M10.2-M10.4, the most popular (Laplace, Fourier, Mellin, etc.) integral 
transforms are described. These subsections also describe the corresponding inversion 
formulas, which normally have the form 


e J te, FO) ad 


and make it possible to recover f(x) if f(A) is given. The integration path C can lie either 
on the real axis or in the complex plane. 

In many cases, to evaluate the integrals in the inversion formula—1in particular, to find 
the inverse Laplace, Mellin, and Fourier transforms—methods of the theory of functions 
of a complex variable can be applied, including the theorems about residue and Jordan’s 
lemma, which are outlined in Subsection M9.2.5. 


M10.2. Laplace Transform 
M10.2.1. Laplace Transform and the Inverse Laplace Transform 


> Laplace transform. The Laplace transform of an arbitrary (complex-valued) func- 
tion f(x) of a real variable x (x = 0) is defined by 


f(p) = / er ar, (M10.2.1.1) 
0 
where p = s + to is a complex variable. 


251 
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The Laplace transform exists for any continuous or piecewise-continuous function 
satisfying the condition |f(x)| < Me” with some M > 0 and oo > 0. In the following, 
Og often means the greatest lower bound of the possible values of go in this estimate; this 
value is called the growth exponent of the function f(x). 


For any f(x), the transform f(p) is defined in the half-plane Rep > do and is analytic 
there. 
For brevity, we shall write formula (M10.2.1.1) as follows: 


fo=S{f@} o f@M=L{f@), p}. 


> Inverse Laplace transform. Given the transform F(p), the function f(x) can be found 
by means of the inverse Laplace transform 


1 EPO _ 
Ha) = — / f(p)e” dp, i? =-1, (M10.2.1.2) 
2m1 c-i00 

where the integration path is parallel to the imaginary axis and lies to the right of all 


singularities of f(p), which corresponds to c > do. 
The integral in inversion formula (M10.2.1.2) is understood in the sense of the Cauchy 
principal value: 
CHICO CHW 
J fo)e" dp = lim fpe” dp. 
In the domain x < 0, formula (M10.2.1.2) gives f(x) = 0. 

Formula (M10.2.1.2) holds for continuous functions. If f(x) has a (finite) jump dis- 
continuity at a point x = xo > O, then the right-hand side of (M10.2.1.2) evaluates to 
a f(®o —0) + f (ao + 0)] at this point (for xy = 0, the first term in the square brackets must 
be omitted). 

For brevity, we write the Laplace inversion formula (M10.2.1.2) as follows: 


f@=2'{fo} oo f@=f£1{f@, 2}. 


There are tables of direct and inverse Laplace transforms (see Sections S2.1 and S2.2), 
which are handy in solving linear differential and integral equations. 


M10.2.2. Main Properties of the Laplace Transform. Inversion 
Formulas for Some Functions 


> Convolution theorem. Main properties of the Laplace transform. 


1°. The convolution of two functions f(x) and g(x) is defined as an integral of the form 
J, F(t)g(x — t) dt, and is usually denoted by f(x) * g(x), so that 


f(x) * g(x) = / F(t) g(a — t) dt. 


By performing substitution x -t = u, we see that the convolution is symmetric with respect 
to the convolved functions: f(x) * g(x) = g(x) x f(x). 
The convolution theorem states that 


LADO == LONE 


and is frequently applied to solve Volterra equations with kernels depending on the difference 
of the arguments. 
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2”. The main properties of the correspondence between functions and their Laplace trans- 
forms are gathered in Table M10.1. 


3°. The Laplace transforms of some functions are listed in Table M10.2; for more detailed 
tables, see Section $2.1 and the list of references at the end of this chapter. 


> Inverse transforms of rational functions. Consider the important case in which the 
transform is a rational function of the form 


Ss R(p) 
iD) = (M10.2.2.1) 
Qp) 
where Q(p) and R(p) are polynomials in the variable p and the degree of Q(p) exceeds that 


of R(p). 
Assume that the zeros of the denominator are simple, 1.e., 


Qp) = const (p — A Mp= Az)... (p= An). 


Then the inverse transform can be determined by the formula 


Z RA 
T= y at exp(A;,2), (M10.2.2.2) 
k=1 


where the primes denote the derivatives. 
If Q(p) has multiple zeros, i.e., 


Qp) = const (p— A1)"'(p— Az)? . . . P- Am), 


then 
i m 1 dsk-! sF i 
Ja: 2 en a dps! [p — Az)" f (p)e i (M10.2.2.3) 


Example 1. The transform 
~ b 
LADA (a and b real numbers) 
p-a 
can be represented as the fraction (M10.2.2.1) with R(p) = b and Q(p) = (p—a)(p + a). The denominator Q (p) 


has two simple roots, A; = a and A2 = —a. Using formula (M10.2.2.2) with n = 2 and Q’(p) = 2p, we obtain 
the inverse transform in the form 


b b b 
f(x) = a = one = A sinh(ax). 
Example 2. The transform 
f(p) = = (a and 6 real numbers) 


can be written as the fraction (M10.2.2.1) with R(p) = b and Q(p) = (p—ia)(p + ia), i =—1. The denominator 
()(p) has two simple pure imaginary roots, A; = ia and A, = —ia. Using formula (M10.2.2.2) with n = 2, we 
find the inverse transform: i ; ; 
f(x) = — e a ee = — sin(ax). 
2ia 214 a 
Example 3. The transform 7 
f(p) = ap”, 

where n is a positive integer, can be written as the fraction (M10.2.2.1) with R(p) = a and Q(p) = p”. The 
denominator @(p) has one root of multiplicity n, A; = 0. By formula (M10.2.2.3) with m = 1 and sı = n, we 
find the inverse transform: 


z a n-1 
fu) = ne * 


Remark. Fairly detailed tables of inverse Laplace transforms can be found in Section S2.2. 
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TABLE M10.1 
Main properties of the Laplace transform. 


afi(a) + bfx) siamese — bhO) 
PA a/a), a>0 © aiaa | Saling | 


f(x - a), ap Shift of 
+ feso lor eca 
DR 
Snes MP 
CE A: A ee 


pf (p)— f(+0) | Differentiation | 


Mg) p ii (p) — 2 p" fe (+0) Differentiation 
a” f(r), m=1,2,... [ED ip F(p) - 2 a (+0)] Differentiation 


< oT (2)], man ED"p" £F (p) Differentiation 
al 


CAT 


TABLE M10.2 
The Laplace transforms of some functions. 


AO T a 
eee 
Mat b+ eS 


Pi a 


CEE. 1 A ae 
E IONES IS CI E 
Pf me ae OOO 
cy 
Cc E ACC 
CIEN ET 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 254 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 255 


M10.3. VARIOUS FORMS OF THE FOURIER TRANSFORM 255 


M10.2.3. Limit Theorems. Representation of Inverse Transforms as 
Convergent Series 


> Limit theorems. 


THEOREM 1. Let 0 < x < œ and F(p) = { f (1) } be the Laplace transform of f(x). If 
a limit of f(x) as x — O exists, then 


lim f(x) = lim [pf(p) . 
x—0 pro 
THEOREM 2. If a limit of f(x) as x — oo exists, then 
lim f(x) = lim [pf(p) . 
L— Oo p—0 
> Representation of inverse transforms as convergent series. 


THEOREM l. Suppose the transform F(p) can be expanded into series in negative powers 
of p, 


convergent for |p| > R, where R is an arbitrary positive number; note that the transform 
tends to zero as |p| — co. Then the inverse transform can be obtained by the formula 


where the series on the right-hand side is convergent for all x. 


THEOREM 2. Suppose the transform F(p), |p| > R, is represented by an absolutely 
convergent series, 


fm) = Y. (M10.2.3.1) 


n=0 


where {An} is any positive increasing sequence, 0 < Ay < Ay <--- — 00. Then it is possible 
to proceed termwise from series (M10.2.3.1) to the following inverse transform series: 


OO 


Hu) = Y il (M10.2.3.2) 
n=0 ds 


where 1(A) is the Gamma function. Series (M10.2.3.2) is convergent for all real and 
complex values of x other than zero (if Ao = 1, the series is convergent for all x). 


M10.3. Various Forms of the Fourier Transform 
M10.3.1. Fourier Transform and the Inverse Fourier Transform 


> Standard form of the Fourier transform. The Fourier transform is defined as follows: 


fu) = = J ayer de. (M10.3.1.1) 
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For brevity, we rewrite formula (M10.3.1.1) as follows: 
F= or fu) = BL fF@), u 


Given F(u), the function f(x) can be found by means of the inverse Fourier transform 
f(x) ño A (M10.3.1.2) 
r) = —— u)e U. Oks 
V 2T J- 


Formula (M10.3.1.2) holds for continuous functions. If f(x) has a (finite) jump 
discontinuity at a point x = xq, then the right-hand side of (M10.3.1.2) evaluates to 
> l f(xo—0)+ f (£o + 0)| at this point. 

For brevity, we rewrite formula (M10.3.1.2) as follows: 


f@=S4fM} o fw =F {Ff r}. 


> Convolution theorem. Main properties of the Fourier transform. 


1°. The convolution of two functions f(x) and g(x) is defined as 
flax) * ger) = = fosa 
x£) * g(x) = —— x —t)g . 

V 2a —OO 


By performing substitution x —t = u, we see that the convolution is symmetric with respect 
to the convolved functions: f(x) * g(x) = g(x) x f(x). 
The convolution theorem states that 


SLI) * g@)} = KF (a)} FL g@}. 


2°. The main properties of the correspondence between functions and their Fourier trans- 
forms are gathered in Table M10.3. 


TABLE M10.3 
Main properties of the Fourier transform. 


a f(a/a), a>0 afl) p Sealing 


Differentiation 
f™ 
El Cont, 


Fito) 
St O wiw | hitferentition 
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M10.3.2. Fourier Cosine and Sine Transforms 
> Fourier cosine transform. 


1°. Let a function f(x) be integrable on the semiaxis 0 < x < co. The Fourier cosine 
transform is defined by 


feu) = y? / i f(x)cos(zu)dz,  0O<u<oo. (M10.3.2.1) 
0 


Given felu), the function f(x) can be found by means of the Fourier cosine inversion 
formula 


f(x) = a / k f.(u)cos(zu)du, O<x<oo. (M10.3.2.2) 
0 


The Fourier cosine transform (M10.3.2.1) is denoted for brevity by felu) = Sel f (£)}. 


2”. Some other properties of the Fourier cosine transform: 


d2” 
sa TaN = -D"——F-{f(@)}, n=1,2...; 


dy2” 


SAD) =-w Fel fE. 


The function f(x) here is assumed to vanish sufficiently rapidly (exponentially) as 7 — oo. 
In the latter formula, the condition f'(0) = 0 is assumed to hold. 
Parseval’s relation for the Fourier cosine transform: 


/ 3. f(a)} Fe{g(x)} du = / f(a)g(a) de. 


There are tables of the Fourier cosine transform (see Section S2.3 and the references 
listed at the end of the current chapter). 


> Fourier sine transform. 


1°. Leta function f(x) be integrable on the semiaxis 0 < x < co. The Fourier sine transform 
is defined by 


f.(u) = y? / i fla)sin(zu) de,  0O<u<oo. (M10.3.2.3) 
0 


For given f(u), the function f(x) can be found by means of the inverse Fourier sine 
transform 


f(x) = y? / i f(u) sin(zu)du, 0< g<. (M10.3.2.4) 
0 


The Fourier sine transform (M10.3.2.3) is briefly denoted by f(u) = Ss! f (x)}. 
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2°. Some other properties of the Fourier sine transform: 


G2” 
SS TRO}, n=b2..-5 


SAO) =-w Ff f@}. 


The function f(x) here is assumed to vanish sufficiently rapidly (exponentially) as x — oo. 
In the latter formula, the condition f(0) = 0 is assumed to hold. 
Parseval’s relation for the Fourier sine transform: 


/ 3 fa)} 5 {g(a} du = / f(x)g(a) de. 


There are tables of the Fourier sine transform (see Section 52.4 and the references listed 
at the end of the current chapter). 


M10.4. Mellin Transform and Other Transforms 
M10.4.1. Mellin Transform and the Inversion Formula 


> Mellin transform. Suppose that a function f(x) is defined for positive x and satisfies 
the conditions 


1 00 
/ lf £) a da < oo, J | f(x)| al dx < 00 
0 1 


for some real numbers oj and 09, 01 < 0. 
The Mellin transform of f(x) is defined by 


JO / 7 aja ae. (M10.4.1.1) 
0 


where s = 0 +27 is a complex variable (9, < o < 02). 
For brevity, we rewrite formula (M10.4.1.1) as follows: 


f= Mif} or f(s) =M{ f(a), sy. 


> Inverse Mellin transform. Given f (s), the function f(x) can be found by means of the 
inverse Mellin transform 


O+10CO 
TTE — / KOLA ds (01 <0 <02), (M10.4.1.2) 
where the integration path is parallel to the imaginary axis of the complex plane s and the 
integral is understood in the sense of the Cauchy principal value. 

Formula (M10.4.1.2) holds for continuous functions. If f(x) has a (finite) jump dis- 
continuity at a point x = xo > O, then the right-hand side of (M10.4.1.2) evaluates to 
5 l f(xo—0)+ f(£o + 0)| at this point (for xo = 0, the first term in the square brackets must 
be omitted). 

For brevity, we rewrite formula (M10.4.1.2) in the form 


f@=M'{fis)} or f(a) =DT'{ f(s), x}. 
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M10.4.2. Main Properties of the Mellin Transform. Relation Among 
the Mellin, Laplace, and Fourier Transforms 


> Main properties of the Mellin transform. The main properties of the correspondence 
between the functions and their Mellin transforms are gathered in Table M10.4. 


TABLE M10.4 
Main properties of the Mellin transform. 


7 Shift of the argument 
Ee e | 
Inversion of the argument 
A 3 -Sta , (E + *) 
x f (ax P a>0,6%0 z0 A Pl B Power law transform 


ee E a con 


Cara 
0 


> Relation among the Mellin, Laplace, and Fourier transforms. There are tables of 
direct and inverse Mellin transforms (see the references listed at the end of the current 
chapter) that are useful in solving specific integral and differential equations. The Mellin 
transform 1s related to the Laplace and Fourier transforms by 


M{ f(x), s} = LX fle"), -s} + Life”), s} = Fife"), is}, 


which makes it possible to apply much more common tables of direct and inverse Laplace 
and Fourier transforms. 


M10.4.3. Summary Table of Integral Transforms 


Table M10.5 summarizes the integral transforms considered above and also lists some other 
integral transforms; for the constraints imposed on the functions and parameters occurring 
in the integrand, see the references given at the end of this section. 
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TABLE M10.5 
Summary table of integral transforms. 


E 0 C “Hee CAT 


Laplace—Carson N -pæ P O) 
transform Fo =p | 4 LONE fu) = zÍ ET e p a 
Two-sided 2 00 1 crio 
Laplace Fuo= | e” fla) de fo] Fo 


transform -ioo 


transform 


Fourier sine 
f(u)= e A sin(xu) f(x) dx f(x)= ip f sin(xu) f(u) du 


F E a 
A Tn ST 


Hartley pg _ 1 Ja : a 1 =L l ae 
Fr(u)= Apes Be xu + sin xu) f(x) dx | f(x)= == E xu + sin zu) frlu) du 


Fourier f(u)= <= |. et” F(x) dx f@)=T— 1 Je O An 


Mellin Fisy= [0 flo) da fess [Rede 


transform Po 


ee fu(w)= e xJ xw)f(x)dzx Ha)= T wi, (aw) f (w) dw 
0 0 


Mejj er Cc+LOO 


transform Ktor=1/2 | Vr Kuso) fa) de f(x)= = Vs L(sx) f(s) ds 
0 C-100 


(K -transform) 


Kontorovich— ss ) des 
Lebedev F(Tr)= 1 Ki-(x) f(x)dx T= TE / TSIMO(TT)K Ax) PT) dr 
0 0 


transform 


NOTATION: ¿=vV-1; J,(x) and Y,.(x) are the Bessel functions of the first and the second kind, respectively; 
I (x) and K,(x) are the modified Bessel functions of the first and the second kind, respectively; and 


29 13 v+2j+1 
H,(x)= ` Ek a ee is the Struve function. 
r (j + 3)T (v +3+ 5) 
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Chapter M11 
Ordinary Differential Equations 


M11.1. First-Order Differential Equations 


M11.1.1. General Concepts. The Cauchy Problem. Uniqueness and 
Existence Theorems 


> Equations solved for the derivative. General solution. A first-order ordinary differ- 
ential equation* solved for the derivative has the form 


Y, = f(£, y). (M11.1.1.1) 


Sometimes it is represented in terms of differentials as dy = f(x, y) dz. 

A solution of a differential equation is a function y(x) that, when substituted into 
the equation, turns it into an identity. The general solution of a differential equation is 
the set of all its solutions. In some cases, the general solution can be represented as a 
function y = y(x, C’) that depends on one arbitrary constant C'; specific values of C define 
specific solutions of the equation (particular solutions). In practice, the general solution 
more frequently appears in implicit form, P(zx, y, C) = 0, or parametric form, x = x(t, C), 
y = yt, C). 

Geometrically, the general solution (also called the general integral) of an equation is 
a family of curves in the zy-plane depending on a single parameter C’; these curves are 
called integral curves of the equation. To each particular solution (particular integral) there 
corresponds a single curve that passes through a given point (xo, yo) 1n the plane. 

For each point (x, y), the equation yi, = f(x, y) defines a value of y/., i.e., the slope of the 
integral curve that passes through this point. In other words, the equation generates a field 
of directions in the xy-plane. From the geometrical point of view, the problem of solving 
a first-order differential equation involves finding the curves, the slopes of which at each 
point coincide with the direction of the field at this point. 

Figure M11.1 depicts the tangent to an integral curve at a point (xo, yo); the slope of the 
integral curve at this point is determined by the right-hand side of equation (M11.1.1.1): 
tan a = f (xo, yo). The little segments show the field of tangents to the integral curves of the 
differential equation (M11.1.1.1) at other points. 


> Equations integrable by quadrature. The process of finding a solution to a differen- 
tial equation is called integration of this equation. The problem of integration of equation 
(M11.1.1.1) can often be reduced to the problem of finding indefinite integrals, or quadra- 
tures. A solution is expressed as a quadrature 1f it expressed in terms of elementary functions 
and the functions appearing in the equation using a finite set of the arithmetic operations, 
function compositions, and indefinite integrals. An equation is said to be integrable by 
quadrature if its general solution can be expressed in terms of quadratures. 


* In what follows, we often call an ordinary differential equation a “differential equation” or, even shorter, 
an “equation.” 
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Figure M11.1. The direction field of a differential equation and the integral curve passing through a point 
(Zo, Yo). 


> Cauchy problem. The uniqueness and existence theorems. The Cauchy problem: 
find a solution of equation (M11.1.1.1) that satisfies the initial condition 


y=yo at T= £0, (M11.1.1.2) 


where yo and xo are some numbers. 

Geometrical meaning of the Cauchy problem: find an integral curve of equation 
(M11.1.1.1) that passes through the point (Zo, yo); see Fig. M11.1. 

Condition (M11.1.1.2) is alternatively written y(xo) = Yo or Yla=x., = Yo- 


THEOREM (EXISTENCE, PEANO). Let the function f(x,y) be continuous in an open 
domain D of the xy-plane. Then there is at least one integral curve of equation (M11.1.1.1) 
that passes through a point (xo, yo) e D; each of these curves can be extended at both ends 
up to the boundary of any closed domain Do C D such that (xo, yo) belongs to the interior 
of Do. 


THEOREM (UNIQUENESS). Let the function f(x,y) be continuous in an open domain D 
and have in D a bounded partial derivative with respect to y (or the Lipschitz condition 
holds: |f(x,y)- f(a, z)| < Mly — z|, where M is some positive number and (x, z) e D). 
Then there is a unique solution of equation (M11.1.1.1) satisfying condition (M11.1.1.2). 


> Equations not solved for the derivative. The existence theorem. A first-order 
differential equation not solved for the derivative can generally be written as 


Play. Y,)=0. (M11.1.1.3) 


THEOREM (EXISTENCE AND UNIQUENESS). There exists a unique solution y = y(x) of 
equation (M11.1.1.3) satisfying the conditions Ylw==» = Yo and Yi,la=x, = to, Where to is 
one of the real roots of the equation F(xo, yo, to) = O if the following conditions hold in a 
neighborhood of the point (xo, yo, to): 


1. The function F(x, y, t) is continuous in each of the three arguments. 
2. The partial derivative F; exists and is nonzero. 
3. There is a bounded partial derivative with respect to y, |F,,| < M. 


The solution surely exists if |x — xp] < a, where a is a (sufficiently small) positive number. 


> Singular solutions. A point (x, y) at which the uniqueness of the solution to equa- 
tion (M11.1.1.3) is violated is called a singular point. If conditions 1 and 3 of the existence 
and uniqueness theorem hold, then 


F(a,y,t)=0, F(z, y,t) = 0 (M11.1.1.4) 
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simultaneously at each singular point. Relations (M11.1.1.4) define a t-discriminant curve 
in parametric form. In some cases, the parameter t can be eliminated from (M11.1.1.4) to 
give an equation of this curve in implicit form, V(x, y) = 0. If a branch y = w(x) of the 
curve W(x, y) = 0 consists of singular points and, at the same time, is an integral curve, 
then this branch is called a singular integral curve and the function y = y(x) is a singular 
solution of equation (M11.1.1.3). 

The singular solutions can be obtained by finding the envelope of the family of integral 
curves, P(x, y, C) = 0, of equation (M11.1.1.3). The envelope is part of the C-discriminant 
curve, which is defined by the equations 


P(x,y, C)=0, Polzx,y,C)=0. 


The branch of the C’-discriminant curve at which 


(a) there exist bounded partial derivatives, |®,| < Mı and |®,| < M2, and 
(b) |®,|+|®,| #0 


is the envelope. 


M11.1.2. Equations Solved for the Derivative. Simplest Techniques 
of Integration 


> Equations with separated or separable variables. 


1°. An equation with separated variables (a separated equation) has the form 


Fwy, = 90). 


Equivalently, the equation can be rewritten as f(y) dy = g(x) dx (the right-hand side depends 
on x alone and the left-hand side on y alone). The general solution can be obtained by 
integration: 


| f@dy= | gd +C, 
where C is an arbitrary constant. 


2°. An equation with separable variables (a separable equation) is generally represented 
by 
way, = fa). 


Dividing the equation by f>(y)91(x), one obtains a separated equation. Integrating yields 


fi(y) / g(x) 
dy = d O. 
Po Jaa 


Remark. Solutions corresponding to f2(y) = O may be lost when dividing the equation by f(y)gi(x). 
Therefore, the case of f2(y) = 0, should be treated separately. 


Many ordinary differential equations are reduced to separable equations. 


Example. The equation 
/ Ax k 
Ya =yfle y) 


Aen, to a separable equation: z4 = Az + kz f(z). 


can be reduced, with the substitution z = e 


Some other equations reducible to separable equations are considered below. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 263 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 264 


264 ORDINARY DIFFERENTIAL EQUATIONS 


> Equation of the form y’, = f(ax + by). For b = 0, it is an equation with separated 

variables. For b + 0, the substitution z = ax + by brings the equation to a separable equation, 
qe 

Zy =bf(z)+a. 


> Homogeneous equation. A homogeneous equation remains the same under simulta- 
neous scaling (dilation) of the independent and dependent variables in accordance with the 
rule x — az, y — ay, where q is an arbitrary constant (œ + 0). Such equations can be 
represented in the form 


The substitution u = y/x brings a homogeneous equation to a separable one, zu”, = f(u)—u. 


Remark. The equations of the form 


Yz = f 


j (eros) 
arx + boy + co 


can be reduced to a homogeneous equation. To this end, for ax + biy + k(a2x + boy), one should use the 
change of variables € = x — £o, n = Y — yo, where the constants xo and yo are determined by solving the linear 
algebraic system 

aixo + biyo + c1 =0, 


a2Xo + bo yo +Q = 0. 
As a result, one arrives at the following equation for 7 = n(£): 
a1€ + bin 
ne = f Gas : 
a£ + ban 


On dividing the numerator and denominator of the argument of f by €, one obtains a homogeneous equation 
whose right-hand side is dependent on the ratio n/£ only: 


AS atbin/é 
dl e) 


> Generalized homogeneous equation. 


1°. A generalized homogeneous equation remains the same under simultaneous scaling of 
the independent and dependent variables in accordance with the rule x > ax, y — a*y, 
where a +0 is an arbitrary constant and k is some number. Such equations can be represented 
in the form 


ae ge). 


The substitution u = yx brings a generalized homogeneous equation to a separable 
equation, ru, = f(u)— ku. 


Example. Consider the equation 


y, =ax y" + by’. (M11.1.2.1) 

Let us perform the transformation z = a, y = a" y and then multiply the resulting equation by a!” to 
obtain 

Te 2 at $ ba g. (M11.1.2.2) 


It is apparent that if k = —1, the transformed equation (M11.1.2.2) is the same as the original one, up to notation. 
This means that equation (M11.1.2.1) is generalized homogeneous of degree k = —1. Therefore, the substitution 
u = xy brings it to a separable equation: xu’, = auf + bu? + u. 


2°. Alternatively, a generalized homogeneous equation can be represented as 
y 
Un = wey) 


The substitution z = x” y™ leads to a separable equation: xz/, = nz + mz f(z). 
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> Linear equation. A first-order linear equation is written as 


y, + f(xy = glo). (M11.1.2.3) 


The solution is sought in the product form y = uv, where v = v(x) is any function that 
satisfies the “truncated” equation v’, + f({xWw = 0 [as v(x) one takes the particular solution 
v=e*, where F = | f(x) dx]. As a result, one obtains the following separable equation 
for u = u(x): v(x)ul, = g(x). Integrating it yields the general solution: 


y(x) = er el e? g(x) da+C), F 6) dx, 


where C is an arbitrary constant. 


> Bernoulli equation. A Bernoulli equation has the form 
y’, + f(xy = g(a)y", a#0, 1. (M11.1.2.4) 


(For a = 0 and a = 1, it is a linear equation; see above.) The substitution z = y!" brings it 
to a linear equation, z/. + (1 — a) f (x)z = (1 — a)g(x). With this in view, one can obtain the 
general integral: 


Vee =08" + (1 -aje* | ef g(a) dx, where F=(1 -a) | f(z) dz. 


> Equation with exponential nonlinearity reducible to a linear equation. Consider 
the equation 


yl, = f(me Y + g(x). 


The substitution u = e^ leads to a linear equation: wu, =—Ag(x)u — Af (x). 


M11.1.3. Exact Differential Equations. Integrating Factor 


> Exact differential equations. An exact differential equation has the form 


O O 
f(x,y) dz + g(x, y)dy = 0, where os mee (M11.1.3.1) 
Oy Ox 
The left-hand side of the equation is the total differential of a function of two variables 
U(x, y). In this case, the general integral is given by 


U(zx, y) = C, 
where C is an arbitrary constant and the function U is determined from the system 
OU OU 
—=f, —=9 
Ox Oy 


Integrating the first equation yields U = f f(x, y) dx +V(y) (while integrating, the variable y 
is treated as a parameter). On substituting this expression into the second equation, one 
identifies the function Y (and hence, U). As a result, the general integral of an exact 
differential equation can be represented in the form 


f EEDE [ geo. dn =C. (M11.1.3.2) 


where xo and yo are any numbers (from the domain of definition of the equation). 
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TABLE M11.1 


An integrating factor y = u(x, y) for some types of ordinary differential equations f dx + g dy = 0, where 
f = f(x,y) and g = g(x,y). The subscripts x and y indicate the corresponding partial derivatives. 


Conditions for f and g Integrating factor 
= E e xf -yg #0; 
f ie f + ig is an analytic function 
ee ee ~ Pe of the complex variable x + iy 


du-se =9x 


= p(x) = exp ra p(x) ra | ote) is any function is any | ote) is any function 


Ate = oy) = exp|- f p(y) dy] p(y) is any function 


= w=exp[f p(z2) dz], z= zy 


lu so ty) | u=exp[} f ye) dz], z= r+? 


La] fy -9s =vl)9-vwf | p=exp|f pla)dx+ f (y) dy] 


Example. Consider the equation 


(ay” +bx)y, +by+cx” =0, or (byt+cx™) dx + (ay” + ba) dy =0, 
defined by the functions f(x, y) = by + cx™ and g(x,y) = ay” + bx. Computing the derivatives, we have 


a ee OF £09 
ðy Ox Oy Ox 
Hence the given equation is an exact differential equation. Its solution can be found using formula (M11.1.3.2) 


with xo = Yo = O: 
a 


po =C. 
n+1 


n+1 C 
+ bxy + 
ed TYT m+l 


> Integrating factor. An integrating factor for the equation 


f(x, y) dx + g(x, y) dy = 0 


is a function u(x, y) # O such that the left-hand side of the equation, when multiplied by 
u(x, y), becomes a total differential, and the equation itself becomes an exact differential 
equation. 

An integrating factor satisfies the first-order partial differential equation, 


„u_u (Af _ 29 
78x Oy \dOy 0x)'” 


which is not generally easier to solve than the original equation. 
Table M11.1 lists some special cases where an integrating factor can be found in explicit 
form. 
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M11.1.4. Riccati Equation 


> General Riccati equation. A Riccati equation has the general form 


y, = fala)y* + fly + foto). (M11.1.4.1) 


If f2 =0, we have a linear equation, and if fọ =0, we have a Bernoulli equation (see equation 
(M11.1.2.4) for a = 2), whose solutions were given previously. For arbitrary f2, f1, and fo, 
the Riccati equation is not integrable by quadrature. 


> Use of particular solutions to construct the general solution. 


1°. Given a particular solution yo = yo(x) of the Riccati equation (M11.1.4.1), the general 
solution can be written as 


1 
y = yo(x) + O(a) Ic - | æfa) da (M11.1.4.2) 
where C is an arbitrary constant and 
D(a) = exp} [ 2h@yole) + fi@)] de}. (M11.1.4.3) 


To the particular solution yo(x) there corresponds C = 00. 


2°. Let yı = yi(x) and y = ya(x) be two different particular solutions of equation 
(M11.1.4.1). Then the general solution can be expressed as 


_ Cy + U@)y 
C+ U(x) 

To the particular solution y;(x), there corresponds C = 00; and to y2(x), there corresponds 
C= 0. 
3°. Let yı = yi(2), y = yo(x), and y3 = y3(x) be three distinct particular solutions of 
equation (M11.1.4.1). Then the general solution can be found without quadrature: 

yYy-y Y3-Y1 _ 

Y-Y Y-Y 


, where U(x) =exp| | fa ya) del. 


> Some transformations. 
1°. The transformation (Y, Y1, Y2, Y3, and 44 are arbitrary functions) 
y DUO 

Wa(Eyu + v1(§) 


reduces the Riccati equation (M11.1.4.1) to a Riccati equation for u = u(£). 


x= p(§), 


2°. Let yo = yo(x) be a particular solution of equation (M11.1.4.1). Then the substitution 
y = yo + 1/w leads to a first-order linear equation for w = w(x): 


we + [2f2(x)yo() + fila) w + fala) = 0. 
For solution of linear equations, see Subsection M11.1.2. 
> Reduction of the Riccati equation to a second-order linear equation. The substitu- 
tion 
u(x) = exp (- / foy da) 
reduces the general Riccati equation (M11.1.4.1) to a second-order linear equation: 
foun, [GD + fifo], + fofsu = 0, 


which often may be easier to solve than the original Riccati equation. 
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M11.1.5. Equations Not Solved for the Derivative 


> Method of “integration by differentiation.” In the general case, a first-order equation 
not solved for the derivative, 
F(a, Y, ys.) = 0, (M11.1.5.1) 


can be rewritten in the equivalent form 
F(a, y,t) = 0, ae (M11.1.5.2) 


We look for a solution in parametric form: x = x(t), y = y(t). In accordance with the first 
relation in (M11.1.5.2), the differential of F' is given by 


F, dx + F, dy + F, dt =0. (M11.1.5.3) 


Using the relation dy = t dx, we eliminate successively dy and dx from (M11.1.5.3). Asa 
result, we obtain the system of two first-order ordinary differential equations: 


dx F; dy thy 
ee. Eee, M11.1.5.4 
dt  F,+th, dt  F,+tF, i / 


By finding a solution of this system, one thereby obtains a solution of the original equa- 
tion (M11.1.5.1) in parametric form, x = x(t), y = y(t). 


Remark 1. The application of the above method may lead to loss of individual solutions (satisfying the 
condition Fy + tFy = 0); this issue requires further investigation. 


Remark 2. One of the differential equations of system (M11.1.5.4) can be replaced by the algebraic 
equation F(x, y,t) = 0; see equation (M11.1.5.2). This technique is used further for solving some equations. 


> Equations of the form y = f(y/,). This equation is a special case of equation 
(M11.1.5.1), with F(x, y,t) = y — f(t). The method of “integration by differentiation” 
yields 
def) 
dt t 
Note the original equation is used here instead of the second equation in system (M11.1.5.4); 
this is convenient because the first equation in (M11.1.5.4) does not depend on y explicitly. 
Integrating the first equation in (M11.1.5.5) yields the solution in parametric form, 


~ y=). (M11.1.5.5) 


10 
[Paso ye) 


> Equations of the form x = f(y;,). This equation is a special case of equation 
(M11.1.5.1), with F(x,y,t) = x — f(t). The method of “integration by differentiation” 
yields 
dy / 

x = f(t), ÓN tf ©). (M11.1.5.6) 
Note the original equation is used here instead of the first equation in system (M11.1.5.4); 
this is convenient because the second equation in (M11.1.5.4) does not depend on x explic- 
itly. 

Integrating the second equation in (M11.1.5.6) yields the solution in parametric form, 


x = f(t), y= | tf'@dt+C. 
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> Clairaut’s equation y = ry’, + f(y;,). Clairaut's equation is a special case of 
equation (M11.1.5.1), with F(x, y, t) = y—at — f(t). It can be rewritten as 


y=att+ ft, t=yf.. (M11.1.5.7) 


This equation corresponds to the degenerate case /;,+tF,, =0, where system (M11.1.5.4) 
cannot be obtained. One should proceed in the following way: the first relation in 
(M11.1.5.7) gives dy = z dt + t dx + f'(€) dt; performing the substitution dy = t dx, which 
follows from the second relation in (M11.1.5.7), one obtains 


[x + f/(t)] dt = 0. 


This equation splits into dt = 0 and x + f'(t) = 0. The solution of the first equation is 
obvious: t = C; it gives the general solution of Clairaut’s equation, 


y = Cx + f(C), (M11.1.5.8) 
which is a family of straight lines. The second equation generates a solution in parametric 
form, 

xr=-f (©, y=tf'®+ fo, (M11.1.5.9) 


which is a singular solution and is the envelope of the family of lines (M11.1.5.8). 


Remark. There are also “compound” solutions of Clairaut’s equation; they consist of part of the curve 
(M11.1.5.9) joined with the tangents at finite points; these tangents are defined by formula (M11.1.5.8). 


> Lagrange” equation y = xf (y4) + g(y/,). Lagrange's equation is a special case 
of equation (M11.1.5.1), with F(x, y, t) = y —x f(t) — g(t). In the special case f(t) = t, it 
coincides with Clairaut’s equation. 
The method of “integration by differentiation” yields 
dr f'@ g(t) 
— + i= 
dt f(t)-t t— f(t) 
Here, the original equation is used instead of the second equation in system (M11.1.5.4); 
this is convenient because the first equation in (M11.1.5.4) does not depend on y explicitly. 
The first equation of system (M11.1.5.10) is linear and can easily be integrated to obtain 
a solution to Lagrange’s equation in parametric form. 


y = zf) + g(t). (M11.1.5.10) 


Remark. With the above method, solutions of the form y = t,x + g(t), where the tz are roots of the 
equation f(t)—t =0, may be lost. These solutions can be particular or singular solutions of Lagrange’s equation. 


M11.1.6. Approximate Analytic Methods for Solution of Equations 


> Method of successive approximations (Picard’s method). The method of successive 
approximations consists of two stages. At the first stage, the Cauchy problem 


Y, = f(x,y) (equation), (M11.1.6.1) 
yYy(xo) = Yo (initial condition) (M11.1.6.2) 
is reduced to the equivalent integral equation: 
y(a) = yo + f Sy) dt (M11.1.6.3) 
Then a solution of equation (M11.1.6.3) is sought using the formula of successive approxi- 


mations: > 
Yn+(2) = yo+ / ftyn))dts  n=0,1,2,... 


The initial approximation yo(x) can be chosen arbitrarily; the simplest way is to take 
yo(x) = yo. The iterative process converges as n — oo, provided the conditions of the 
theorems in Subsection M11.1.1 are satisfied. 
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> Method of Taylor series expansion in the independent variable. A solution of the 
Cauchy problem (M11.1.6.1)1M11.1.6.2) can be sought in the form of the Taylor series in 
powers of (x — xo): 
/ Ya (LO) 2 
y(x) = y(Xo) + Y (To)(T — Lo) + e — z0) +. (M11.1.6.4) 
The first term y(xo) in solution (M11.1.6.4) is prescribed by the initial condition (M11.1.6.2). 
The values of the derivatives of y(x) at x = xo are determined from equation (M11.1.6.1) 
and its derivative equations (obtained by successive differentiation), taking into account the 
initial condition (M11.1.6.2). In particular, setting x = xp in (M11.1.6.1) and substitut- 
ing (M11.1.6.2), one obtains the value of the first derivative: 


y. (20) = f (Xo. Yo). (M11.1.6.5) 
Further, differentiating equation (M11.1.6.1) yields 
Uno = fal, y) + ful, y) (M11.1.6.6) 


On substituting x = zo, as well as the initial condition (M11.1.6.2) and the first deriva- 
tive (M11.1.6.5), into the right-hand side of this equation, one calculates the value of the 
second derivative: 


Yra(0) = falto, yo) + f (Lo, yo) fy(Xo, Yo). 


Likewise, one can determine the subsequent derivatives of y at x = Zo. 
Solution (M11.1.6.4) obtained by this method can normally be used in only some 
sufficiently small neighborhood of the point x = Zo. 


Example. Consider the Cauchy problem for the equation 
y, =e” +cosx 


with the initial condition y(0) = 0. 

Since xo = 0, we will be constructing a series in powers of x. It follows from the equation that y/.(0) = 
e” +cos0 =2. Differentiating the original equation yields y””,, = eYy/ — sinx. Using the initial condition 
and the condition y/.(0) = 2 just obtained, we have y/.,.(0) = e x 2—sin0 = 2. Similarly, we find that 


yr, = ety, + e (yy — cos x, whence yo... (0) = e° x2 +e x 27 —cos0 =5. 


Substituting the values of the derivatives at x = O into series (M11.1.6.4), we obtain the desired series 
representation of the solution: y = 2x + a? + ag +... 


M11.1.7. Numerical Integration of Differential Equations 


> Method of Euler polygonal lines. Consider the Cauchy problem for the first-order 
differential equation 


Ve = 050) 


with the initial condition y(xoọ) = yo. Our aim is to construct an approximate solution 
y = y(x) of this equation on an interval [%o, £4]. 
—. We 
n 
seek approximate values y1, Y2, ..-, Yn Of the solution y(x) at the partition points 71, £2, 
ee ee 

For a given initial value yo = y(xọ) and a sufficiently small Az, the values of the unknown 
function y, = y(x;,) at the other points x, = ty + kAzx are calculated successively by the 
formula 


Let us split the interval [zpo, x.] into n equal segments of length Az = 


Yk+1 = Yk + Hr YR)AL (Euler polygonal line), 


where k = 0, 1, ..., » — 1. The Euler method is a single-step method of the first-order 
approximation (with respect to the step Az). 
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> Single-step methods of the second-order approximation. Two single-step methods 
for solving the Cauchy problem in the second-order approximation are specified by the 
recurrence formulas 


Yk+1 = Yk + Cae + lAr, Yk + 5fAx)Az (first method), 
Yu =Yr +3 [fx + fers, Yk + fp Ax) Az (second method), 
where fk = f (£k, yr) k=0, 1, ..., n-1. 


> Runge-Kutta method of the fourth-order approximation. This is one of the widely 
used methods. The unknown values yz, are successively found by the formulas 


Yki = Yk + Elfi + 2f2 +2f3 + faJAz, 
where 
Ai=f@r yr), J= fart Az, yp t+ 5 fi Ax), 
fs = f(tet+ 5 Az, y +3 Ao),  fa= flee + Ax, yp + f3A3). 


Remark 1. All methods described in Subsection M11.1.7 are special cases of the Runge—Kutta method 
(a detailed description of this method can be found in the monographs listed at the end of the current chapter). 


Remark 2. In practice, calculations are performed on the basis of any of the above recurrence formulas 
with two different steps Az, 5Az and an arbitrarily chosen small Ax. Then one compares the results obtained 
at common points. If these results coincide within the given order of accuracy, one assumes that the chosen 
step Az ensures the desired accuracy of calculations. Otherwise, the step is halved and the calculations are 
performed with the steps + Ax and + Ag, after which the results are compared again, etc. (Quite often, one 
compares the results of calculations with steps varying by a factor of ten or more.) 


M11.2. Second-Order Linear Differential Equations 
M11.2.1. Formulas for the General Solution. Some Transformations 
> Homogeneous linear equations. Formulas for the general solution. 

1°. Consider a second-order homogeneous linear equation in the general form 


fi... + fio, + fo(x)y = 0. (M11.2.1.1) 


The trivial solution, y = Q, is a particular solution of the homogeneous linear equation. 
Let y¡(x), y2(x) be a fundamental system of solutions (nontrivial linearly independent 
particular solutions) of equation (M11.2.1.1). Then the general solution 1s given by 


y = Ciyi(x) + Cryo(x), (M11.2.1.2) 
where C4 and C% are arbitrary constants. 


2°. Let yı = yı(x) be any nontrivial particular solution of equation (M11.2.1.1). Then its 
general solution can be represented as 


-F 

Y =Y] Q + 0) l — de) : where F = Ji dx. (M11.2.1.3) 
yí h 

> Wronskian determinant and Liouville’s formula. The Wronskian determinant (or 

Wronskian) is defined by 


Wi yile) y(x) 

DY Y 

where y¡(x), y2(x) is a fundamental system of solutions of equation (M11.2.1.1). 
Liouville’s formula: 


= Yi (Y), — Yo (Yi), 


W(x) = W (£o) exp - AW de | 


XL a(t) 
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> Simplest second-order linear equations and their solutions. 


1°. The second-order linear equation with constant coefficients 
Yn, + ay, +Hby=0 (M11.2.1.4) 
has the following fundamental system of solutions: 


yi(x) = exp(-5ax) sinh(42 a? - 4b), y(r) = exp(-3ax) co sh(4x 2 if a’ > Ab; 

yi(x) =exp(-5ax) sin(+2V4b=a2),  yr(x) =exp(->ax) cos(+x 

yi(u) = exp (42), YL) =£ exp(— Lax) if a? = 4b. 
Remark. In physics equation (M11.2.1.4) is often called an equation of damped oscillations. 


2”. The Euler equation 
zy’, +azy, + by =0 (M11.2.1.5) 


is reduced by the change of variable x = ke’ (k # 0) to the second-order linear equation 
with constant coefficients y;, + (a — 1)y, + by = 0, which is treated in Item 1°. 
Equation (M11.2.1.5) has the following fundamental system of solutions: 


La de 
gto =le 2 +4, y(x) = |e 2 7# if (1-ay? > 4b, 


l-a l-a 
y (£) = |r] 2, yx) = |r] Z In |z| if (1 - a}? = 4b, 


l-a l-a 
yi(a) = le] 2 sin(ulnlz), y2(x)=|2| 2 cos(uIn|zl) if (1-a) < 4b, 


where u = 5|(1 — ay? — 40)}/?. 
> Bessel equation and related equations. 
1°. The Bessel equation has the form 


a + BY, + (x? j vy = 0. 


It often arises in numerous applications. 
Let v be an arbitrary noninteger. Then the general solution of the Bessel equation is 
given by 
y = C1J (2) + C2Y(x), 


where J,(x) and Y, (x) are the Bessel functions of the first and second kind: 


SEDE DY _ J,(«) cos ry — J_,(x) 
a 2 a S sin TV 0 


In the case y =n +> , Where n=0, 1,2,..., the Bessel functions are expressed in terms 
of elementary Aint doae 


A o E, Jawy rn) —, 
2 T x dx x 2 T x dz £ 


Ypa (2) = (1), 1 (2). 


The Bessel functions are described in Section M13.6 in detail. 
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TABLE M11.2 
Some second-order linear equations whose solutions are expressed 
in terms of Bessel functions and modified Bessel functions. 


ayas (o 1) +CoVaY, 1 (Be ") if a<0 
2q q 1 
q= 5(k+2) 
paoar, (Bet) sowie, (Las) 1fa>0 


2q 2q 


[C1J, (2Vbx) + CY (2Vbx)] if ba > 0 
[C11,(2/bx1) +C2K,(24/lbx1)] if ba <0 


l-a 
y=x 2 

l-a 
y=xw 2 
[CJ (vbr) +Y, (vVbx)]  ifb>0 


[Cir (vbl) +CK,(ylblx)] if b<0 


l-a 
2 
l-a 
2 


l-a k+l k+l 
cy, + ayl, + ba*y =0 = 27 | cols uE cr (o an) 
k+1 
The Bessel 


The modified 
LY + LY, (a +1 )y=0 y = Cil (2) +C,K,(x) Bessel 
equation 


Vea + ae? “y = 0 y= Ci Jo(z) + C2Yo(z) - Iva ern /2 


You + (ae* — b)y = 0 LS Cig (tae) ) +Y, zl (2a er?) 


yl, + ayl + (be** +oy=0 |y=e a [Ci J, (247 i pee) + CY, (247 : b eò®/2)] 


2”. The modified Bessel equation has the form 


n + LY — (Es a vy = 0. 


It can be reduced to the Bessel equation by means of the substitution x = ig (i? =-1). 
The general solution of the modified Bessel equation is given by 


y = Ci L(x) + C2K,(2), 
where I (x) and K,(x) are modified Bessel functions of the first and second kind: 


K(x) == 


Ge Ti o)! y(t) 
a É 2 sin Ty 


The modified Bessel functions are described in Subsection M13.7 in detail. 


3°. Table M11.2. lists some second-order linear equations whose solutions are expressed 
in terms of Bessel functions and modified Bessel functions. 
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> Nonhomogeneous linear equations. The existence theorem. A second-order nonho- 
mogeneous linear equation has the form 


fo(@) re + fi(@)y, + folady = g(a). (M11.2.1.6) 


THEOREM (EXISTENCE AND UNIQUENESS). On an open intervala <x <b, let the functions 
fa, fı» fo, and g be continuous and fa #0. Also let 


y(zo) = A, y,(zo)= B 


be arbitrary initial conditions, where xo is any point such that a < xo < b, and A and B are 
arbitrary prescribed numbers. Then a solution of equation (M11.2.1.6) exists and 1s unique. 
This solution is defined for all x e (a,b). 


> Formulas for the general solution. 


1°. The general solution of the nonhomogeneous linear equation (M11.2.1.6) is the sum 
of the general solution of the corresponding homogeneous linear equation (M11.2.1.1) and 
any particular solution of the nonhomogeneous equation (M11.2.1.6). 


2°. Let yy = yi(2), y2 = yo(x) be a fundamental system of solutions of the correspond- 
ing homogeneous equation, with g = 0. Then the general solution of nonhomogeneous 
equation (M11.2.1.6) can be represented as 


g dx 


T 
T ne (M11.2.1.7) 


y = Ciy1 + Cryo + Ya 
where W = y1 (y2), — y2(Y1)~ is the Wronskian determinant. 


Remark. Given a nontrivial particular solution yı = y¡(x) of the homogeneous equation (with g = 0), a 
second particular solution y2 = y2(x) of the homogeneous equation can be calculated from formula (M11.2.1.3). 
Then the general solution of equation (M11.2.1.6) can be constructed by (M11.2.1.3) and (M11.2.1.7). 


3°. Let yı and y, be respective solutions of the nonhomogeneous differential equations 
L[yi] = gı(x) and L[y2] = g2(x), which have the same left-hand side but different right- 
hand sides, where L [y] 1s the left-hand side of equation (M11.2.1.6). Then the function 
y = Yı + Y2 is also a solution of the equation L [y] = g1(&) + g(x). 


M11.2.2. Representation of Solutions as a Series in the Independent 
Variable 


> Equation coefficients are representable in power series form. Let us consider a 
homogeneous linear differential equation of the general form 


Yow + Fly + gy = 0. (M11.2.2.1) 


Assume that the functions f(a) and g(x) are representable, in a neighborhood of a point 
£ = Xo, in power Series form, 


fa)=5 An(a-20)", g) =) Bn(w- 40)”, (M11.2.2.2) 


n=0 n=0 
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on the interval |x — zo| < R, where R, stands for the minimum radius of convergence of the 
two series in (M11.2.2.2). In this case, the point x = xy is referred to as an ordinary point, 
and equation (M11.2.2.1) possesses two linearly independent solutions of the form 


ya) =) ala)", p(x) = bnle- zo)”. (M11.2.2.3) 
n=0 n=0 


The coefficients a,, and b,, are determined by substituting the series (M11.2.2.2) and 
(M11.2.2.3) into equation (M11.2.2.1) followed by matching the coefficients of like powers 
of (x — xo ).* 


> Equation coefficients have poles at some point. Assume that the functions f(x) and 
g(x) are representable, in a neighborhood of a point x = zo, in the form 


f@)= Y An@@—20)", g(a) = X Bala- t0)", (M11.2.2.4) 


n=-1 n=-2 


on the interval |x— xo] < R. In this case, the point x = xy is referred to as a regular singular 
point. Let A; and A, be roots of the quadratic equation 


X +(A1-DA+ By =0. 
Depending on the values of A; and A2, three cases are possible. These cases are considered 
below. 


1. If Ay # à and A; — Az is not an integer, equation (M11.2.2.1) has two linearly 
independent solutions of the form 


OO 


mæ) = le- xo |1+ ante 20)"], 

(M11.2.2.5) 
mæ) = le = ap” [1+ Y bale r0)" |: 

n=1 


2. If Ay = 42 = A, equation (M11.2.2.1) possesses two linearly independent solutions: 


OO 


yo) =le- ro? |1 + > ane a0)" |, 
n=1 
y(x) = y(x) In |x — zo] + [2-0 Y bpla—x0)”. 


n=0 


3. If Ay = A2 + N, where N is a positive integer, equation (M11.2.2.1) has two linearly 
independent solutions of the form 


OO 


yo) = le- ro [1 + Dante an)" |, 


n=1 


y(x) = kyi(x) In |æ — zo| + laxo? Y dnla—x0)”, 


n=0 


where k is a constant to be determined (it may be equal to zero). 


* Prior to that, the terms containing the same powers (x — xo)”, k =0,1,..., should be collected. 
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To construct the solution in each of the three cases, the following procedure should 
be performed: substitute the above expressions of yı (resp., y2) into the original equa- 
tion (M11.2.2.1), taking into account (M11.2.2.4), and equate the coefficients of (x — xo)” 
and (resp., (x — xo)” ln |x — xol) for like values of n to obtain recurrence relations for the 
unknown coefficients. The desired solution can be found from these recurrence relations. 


M11.2.3. Boundary Value Problems 


> First, second, third, and mixed boundary value problems (x1 < x < x2). We consider 
the second-order nonhomogeneous linear differential equation 


Von + Ju), + g@)y = h(a). (M11.2.3.1) 


1°. The first boundary value problem: Find a solution of equation (M11.2.3.1) satisfying 
the boundary conditions 


y=a, at I=21, y=@ at T=T2. (M11.2.3.2) 
(The values of the unknown are prescribed at two distinct points x; and x2.) 


2°. The second boundary value problem: Find a solution of equation (M11.2.3.1) satisfying 
the boundary conditions 

y, =a; at =D, y, =a at SX, (M11.2.3.3) 

(The values of the derivative of the unknown are prescribed at two distinct points x; and x2.) 

3°. The third boundary value problem: Find a solution of equation (M11.2.3.1) satisfying 
the boundary conditions 

'"+kiy=401 at w=), 
a an, (M11.2.3.4) 
y,thy=a, at z=:zx. 


4°. The mixed boundary value problem: Find a solution of equation (M11.2.3.1) satisfying 
the boundary conditions 


soi At BHA y’, =a, at t=T). (M11.2.3.5) 


(The unknown is prescribed at one point, and its derivative at another point.) 
Conditions (M11.2.3.2), (M11.2.3.3), (M11.2.3.4), and (M11.2.3.5) are called homoge- 

neous if a, = a) =Q. 
> Simplification of boundary conditions. The self-adjoint form of equations. 
1°. Nonhomogeneous boundary conditions can be reduced to homogeneous ones by the 
change of variable z = Azz? + Aix+ Ao +y (the constants A>, 41, and Ag are selected using 
the method of undetermined coefficients). In particular, the nonhomogeneous boundary 
conditions of the first kind (M11.2.3.2) can be reduced to homogeneous boundary conditions 
by the linear change of variable 

a2 — 41 

T2 — T1 


TEYS (x - x1) - a. 
2°. On multiplying by p(x) = exp | ii f(x) de , one reduces equation (M11.2.3.1) to the 
self-adjoint form: 
[p(2)y1, + q(2)y = r£). (M11.2.3.6) 
Without loss of generality, we can further consider equation (M11.2.3.6) instead of 


(M11.2.3.1). We assume that the functions p, Ds q, and r are continuous on the interval 
11 S £ < x2, and pis positive. 
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> Green’s function. Linear problems for nonhomogeneous equations. The Green’s 
function of the first boundary value problem for equation (M11.2.3.6) with homogeneous 
boundary conditions (M11.2.3.2) is a function of two variables G(x, €) that satisfies the 
following conditions: 


1°. G(x, €) is continuous in x for fixed €, with zı < x < x2 and x; < E < x2. 


2°. G(x, &) is a solution of the homogeneous equation (M11.2.3.6), with r = 0, for all 
L1 < £ < X exclusive of the point x = £. 


3°. G(x, €) satisfies the homogeneous boundary conditions G(x1,€) = G(x, €) = 0. 
4°. The derivative G’,(a, €) has a jump of 1/p(€) at the point x = £, that is, 


Y 
pE) 


For the second, third, and mixed boundary value problems, the Green’s function is 
defined likewise except that in 3° one adopts, respectively, the homogeneous boundary 
conditions (M11.2.3.3), (M11.2.3.4), and (M11.2.3.5), with a; = a, = 0. 

The solution of the nonhomogeneous equation (M11.2.3.6) subject to appropriate ho- 
mogeneous boundary conditions is expressed in terms of the Green’s function as follows:* 


C ee aaa oF 


y(a) = [Gr yr) de 


> Representation of the Green’s function in terms of particular solutions. We consider 
the first boundary value problem. Let y¡(x) and y2(x) be linearly independent particular 
solutions of the homogeneous equation (M11.2.3.6), with r = 0, that satisfy the conditions 


yi(21)=0, yo(a%2) = 0. 


(Each of the solutions satisfies one of the homogeneous boundary conditions.) 
The Green’s function is expressed in terms of solutions of the homogeneous equation 


as follows: ECE) 
yYıtT)Y2 
E E HOWE for T1 SCE T 
£6) = (M11.2.3.7) 
AA 
p(g)W (E) >. = 


where W(x) = y¡(2)y, (£) — y, (2)y2(x) is the Wronskian determinant. 


Remark. Formula (M11.2.3.7) can also be used to construct the Green’s functions for the second, third, 
and mixed boundary value problems. To this end, one should find two linearly independent solutions, yı (x) 
and y2(x), of the homogeneous equation; the former satisfies the corresponding homogeneous boundary 
condition at x = xı and the latter satisfies the one at x = 22. 


M11.2.4. Eigenvalue Problems 


> Sturm-—Liouville problem. Consider the second-order homogeneous linear differential 
equation 
[p(2)y;1, + IAE) — (2) ly = 0 (M11.2.4.1) 


* The homogeneous boundary value problem, with r(x) = 0 and a; = a2 = Q, is assumed to have only the 
trivial solution. 
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subject to linear boundary conditions of the general form 


"+kiy=0 at x=), 
DEE oe a: (M11.2.4.2) 
SY, +tkıy=0 at x=:2x. 


It is assumed that the functions p, Dies p, and q are continuous, and p and p are positive on 
an interval xı < x < x. It is also assumed that |s;| + |k,| > O and |s2| + |k2| > 0. 

The Sturm—Liouville problem: Find the values An of the parameter A at which problem 
(M11.2.4.1)M11.2.4.2) has a nontrivial solution. Such An are called eigenvalues and 
the corresponding solutions Yn = Yn(x) are called eigenfunctions of the Sturm—Liouville 
problem (M11.2.4.1)(M11.2.4.2). 


> General properties of the Sturm—Liouville problem (M11.2.4.1)—(M11.2.4.2). 


1°. There are infinitely (countably) many eigenvalues. All eigenvalues can be ordered so 
that Ay <A < A3 < ---. Moreover, A, — œ as n — 00; hence, there can only be a finite 
number of negative eigenvalues. 


2°. The eigenfunctions are defined up to a constant factor. Each eigenfunction y, (x) has 
precisely n — 1 zeros on the open interval (x1, 72). 


3°. Any two eigenfunctions y,,(x) and ym (1), n # m, are orthogonal with weight p(x) on 
the interval 11; <x < x2: 


ie AXL)Yn(LX)Ym(x)dx =O if n#m. 


4°. An arbitrary function F(x) that has a continuous derivative and satisfies the boundary 
conditions of the Sturm—Liouville problem can be decomposed into an absolutely and 
uniformly convergent series in the eigenfunctions 


F(a) = >— Fngnlo), 


n=l 
where the Fourier coefficients Fn of F(x) are calculated by 


1 L2 22 
Fn = ra Ja, POP Oma) da, lonl? = f° PEE) de. 
5°. If the conditions 
q(x) 20, sıkı <0, soko 20 (M11.2.4.3) 


hold true, there are no negative eigenvalues. If q = 0 and kı = kz = 0, the least eigenvalue 
is A; = 0, to which there corresponds an eigenfunction y; = const. In the other cases where 
conditions (M11.2.4.3) are satisfied, all eigenvalues are positive. 


6°. The following asymptotic formula is valid for eigenvalues as n — 00: 


nn? mz /p(x) 
àn = —— HD A= —— dz. M11.2.4.4 
y (1) a y a T ( ) 


Remark 1. Equation (M11.2.4.1) can be reduced to the case where p(x) = 1 and p(x) = 1 by the change 
of variables 


c= I y en dx, WO = [pæla] ya). 


In this case, the boundary conditions are transformed to boundary conditions of a similar form. 
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TABLE M11.3 


Example estimates of the first eigenvalue A; in Sturm—Liouville problems with boundary conditions of the first 
kind y(0) = y(1) = 0 obtained using the Rayleigh—Ritz principle [the right-hand side of relation (M11.2.4.6)]. 


yla +r\(4—-2")7y =0 135.317 134.837 


i . A Z =SIN TI 0.54105 7? 0.54032 7? 
Ur AS yl z =x(1-12) 0.55204 7? 0.54032 7? 
TR T — 


Remark 2. The second-order linear equation 


Pla Ye + pra) ya + [A+ Yo(x)]y = 0 


can be represented in the form of equation (M11.2.4.1) where p(x), p(x), and q(x) are given by 


E p(x) 1 p(x) _ p(z) p(x) 
pa) =exp| iG de, p(x)= a) exp| iG) de, q(x) = 20 exp| a de. 


> Problems with boundary conditions of the first kind. Let us note some special 
properties of the Sturm—Liouville problem that is the first boundary value problem for 
equation (M11.2.4.1) with the boundary conditions 


y=0 at x=x1, y=0 at g=: (M11.2.4.5) 


1°. For n — œ, the asymptotic relation (M11.2.4.4) can be used to estimate the eigen- 
values A,. In this case, the asymptotic formula 


Yn(@) _ 4 M4 Tan pe [pa | a Oe o 
altre] in Ef, O +0(5) A=f, y” 


holds true for the eigenfunctions y, (2). 


2°. If q 2 0, the following upper estimate holds for the least eigenvalue (Rayleigh-—Ritz 
principle): 


[roer + aay?) de 


Az = 
i. i playa dx 
x 


lA 


(M11.2.4.6) 


where z = z(x) is any twice differentiable function that satisfies the conditions z(21 )= 2(12)= 
O. The equality in (M11.2.4.6) is attained if z = y¡(x2), where y¡(x) is the eigenfunction 
T(x — 21) | 


corresponding to the eigenvalue A;. One can take z = (x — xı )\(x£x2— x) or z = sin | 
T2 — T1 


in (M11.2.4.6) to obtain specific estimates. 
It is significant to note that the left-hand side of (M11.2.4.6) usually gives a fairly precise 
estimate of the first eigenvalue (see Table M11.3). 


3°. The extension of the interval [x1, x2] results in decreasing the eigenvalues. 
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4”. Let the inequalities 


O < Pmin € P(2) € Pmax» O < Pmin € P(T) S Pmax, O < Amin < Q(L) < Qmax 
be satisfied. Then the following bilateral estimates hold: 


Dad D2, 
Pmin TN (min Pmax TN (max 
A rp es a 


Pmax (£2 — Y 1) Pmax o Pmin (£2 — £ 1) Pmin 


5°. In engineering calculations for eigenvalues, the approximate formula 


nn? 1 zı q(x) zı /p(x) 
An = —— —— dx, A= — d M11.2.4.7 
A m-ar] k pay Ja y pay 


may be quite useful. This formula provides an exact result if p(x)p(x) = const and 
q(x)/p(x) = const (in particular, for constant equation coefficients, p = po, q = qo, and 
p = po) and gives a correct asymptotic behavior of (M11.2.4.4) for any p(x), g(x), and p(x). 
In addition, relation (M11.2.4.7) gives two correct leading asymptotic terms as n — 00 if 
p(x) = const and p(x) = const [and also if p(x) p(x) = const]. 


6°. Suppose that p(x) = p(x) = 1 and the function g(x) has a continuous derivative. The 
following asymptotic relations hold for eigenvalues An and eigenfunctions y, (1) as n — 00: 


TN 1 1 
Vn = + —Q(a1,22)+O(—5), 


241 
TN(T— 11) 1 


(21 202,22) + (@2— 2) Q(a1,2)] cos PEDO), 


L2 — T1 


Yn (1) = sin 
£ — 21 TNn 


where 
Q(u, v) = > f "Aa dz. (M11.2.4.8) 
7°. Let us consider the eigenvalue problem for the equation with a small parameter 
Yza t[At+eq(z)ly=0  (e—>0) 
subject to the boundary conditions (M11.2.4.5) with xı = 0 and z = 1. We assume that 


q(x) = q(-«). 
This problem has the following eigenvalues and eigenfunctions: 


2 
Ak 
n2 — k2 


e? 
72 e 


kin 


1 
+O), Anp =2 [ g(x) sin(rnx) sin(rkax) dx: 


Vile) = V2 sin(mnx) — A y E sin(rkx) + O(e?). 


kin 


Here, the summation is carried out over k from 1 to oo. The next term in the expansion 
of y,, can be found in Nayfeh (1973). 
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M11.3. Second-Order Nonlinear Differential Equations 
M11.3.1. Form of the General Solution. Cauchy Problem 


> Equations solved for the derivative. General solution. A second-order ordinary 
differential equation solved for the highest derivative has the form 


ee (0:01) (M11.3.1.1) 


The general solution of this equation depends on two arbitrary constants, C1 and Ch. In 
some cases, the general solution can be written in explicit form, y = y(x, C1, C2), but more 
often implicit or parametric forms of the general solution are encountered. 


> Cauchy problem. The existence and uniqueness theorem. Cauchy problem: Find a 
solution of equation (M11.3.1.1) satisfying the initial conditions 


y(20)=Yo,  Yz(T0) = Yi. (M11.3.1.2) 


(At a point x = Xo, the value of the unknown function, yo, and its derivative, y1, are 
prescribed.) 


EXISTENCE AND UNIQUENESS THEOREM. Let f(x,y,z) be a continuous function in all its 
arguments in a neighborhood of a point (xo, yo, y1) and let f have bounded partial derivatives 
fy and fz in this neighborhood, or the Lipschitz condition is satisfied: |f (x, y, 2)-f(x, y, 2)1< 
A (ly—yl+12-21) , Where A is some positive number. Then a solution of equation (M11.3.1.1) 
satisfying the initial conditions (M11.3.1.2) exists and 1s unique. 


M11.3.2. Equations Admitting Reduction of Order 


> Equations not containing y explicitly. In the general case, a second-order equation 
that does not contain y explicitly has the form 


F(a, Yes Vow) = 0. (M11.3.2.1) 


Such equations remain unchanged under an arbitrary translation of the dependent variable: 
y — y + const. The substitution y/. = z(x), Y... = Z,(1) brings (M11.3.2.1) to a first-order 
equation: F(x, z, z/.) = 0. 


> Equations not containing x explicitly (autonomous equations). In the general case, 
a second-order equation that does not contain x explicitly has the form 


FUG A 20: (M11.3.2.2) 


Such equations remain unchanged under an arbitrary translation of the independent vari- 
able: x — x + const. Using the substitution y/. = w(y), where y plays the role of the 
independent variable, and taking into account the relations Y; = W; = W,Yy = WyW, one 


can reduce (M11.3.2.2) to a first-order equation: F'(y, w, WWy) =), 


Example 1. Consider the autonomous equation 


You = fly). 
which often arises in the theory of heat and mass transfer and combustion. The change of variable y4 = w(y) leads 
to a separable first-order equation: WW, = f(y). Integrating yields w’ = 2F (y) + C1, where F(y) = f f(y) dy. 
Solving for w and returning to the original variable, we obtain the separable equation y4 = ty2F(y) + Ci. Its 
general solution 1s expressed as 


dy 7 e 
J JIa O. =+7r + Ch, where F(y) = I f(y) dy. 


Remark. The equation y”... = f(y + ax* + bx +c) is reduced by the change of variable u = y + ax” + bx +c 
to an autonomous equation, u%„ = f(u) + 2a. 
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> Equations of the form F (ax + by, y’,, Y...) = 0. Such equations are invariant under 
simultaneous translations of the independent and dependent variables in accordance with 
the rule x — x + bc, y — y — ac, where c is an arbitrary constant. 

For 6 = 0, see equation (M11.3.2.1). For b # 0, the substitution bw = ax + by leads to 
the autonomous equation, F(bw, w, — a/b, wr) = 0, that does not contain x explicitly. 


> Homogeneous equations. 


1°. The equations homogeneous in the independent variable remain unchanged under 
scaling of the independent variable, x — ax, where a is an arbitrary nonzero number. In 
the general case, such equations can be written in the form 


Ely, cy’, xy!) = 0. (M11.3.2.3) 


The substitution z(y) = xy, leads to a first-order equation, F(y, z, zz} — 2) = 0. 


2°. The equations homogeneous in the dependent variable remain unchanged under scaling 
of the variable sought, y — ay, where a is an arbitrary nonzero number. In the general 
case, such equations can be written in the form 


F(z, Ya/ Y Ya /y) = 0. (M11.3.2.4) 


The substitution z(x) = y’, /y leads to a first-order equation, F(x, z, z/, + 2%) = 0. 


3°. The equations homogeneous in both variables are invariant under simultaneous scaling 
(dilatation) of the independent and dependent variables, x — ax and y — ay, where a is 
an arbitrary nonzero number. In the general case, such equations can be written in the form 


F(y/2, Y,» Yra) = 0. (M11.3.2.5) 
The transformation t = In|z|, w = y/x leads to the autonomous equation, 


F(w, w, + w, wi, + w;) = 0, that does not contain t explicitly. 


Example 2. The homogeneous equation 


TU — Ys = 50/2) 


is reduced by the transformation t = In |x|, w = y/x to the autonomous form: w;; = f(w) + w. For solution of 


this equation, see Example 1 above (the notation of the right-hand side has to be changed there). 
> Generalized homogeneous equations. 


1°. The generalized homogeneous equations remain unchanged under simultaneous scaling 
of the independent and dependent variables in accordance with the rule > ax and y > af y, 
where q is an arbitrary nonzero number and k is some number. Such equations can be 
written in the form 


Paty ay ag y = 0. (M11.3.2.6) 
The transformation t = In zx, w = ay leads to the autonomous equation, 


F(w, w, + kw, wy, +Qk- Dw, + k(k-1)w) = 0, 
t tt t 


that does not contain ¢ explicitly. 
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2°. The most general form of representation of generalized homogeneous equations is as 
follows: 
F(a"y™, xy! /y, ay. /y) = 0. (M11.3.2.7) 


The transformation z = 1"y”, u = xy”. /y reduces this equation to the first-order equation 
FZ, u,2(mu+n)u,—Ut u’) ="0; 


Remark. For m + 0, equation (M11.3.2.7) is equivalent to equation (M11.3.2.6) in which k = —n/m. To 
the particular values n = 0 and m = 0 there correspond equations (M11.3.2.3) and (M11.3.2.4) homogeneous 
in the independent and dependent variables, respectively. For n = -m + 0, we have an equation homogeneous 
in both variables, which is equivalent to equation (M11.3.2.5). 


> Equations invariant under scaling—translation transformations. 


1°. The equations of the form 
F(e**y, e “yl ey” )=0 (M11.3.2.8) 


remain unchanged under simultaneous translation and scaling of variables, x — x + a 
and y — By, where 3 = e and a is an arbitrary number. The substitution w = e" y 
brings (M11.3.2.8) to the autonomous equation, F(w, w”,— Aw, w, —2Xw!, + Aw) = 0 
that does not contain x explicitly. 


2°. The equation 
F(e**y”, yl. /y, y” Y) =0 (M11.3.2.9) 


is invariant under the simultaneous translation and scaling of variables, x — x + a and 


y — By, where O = e AM and a is an arbitrary number. The transformation z =e*"y", 


w = y, / y brings (M11.3.2.9) to a first-order equation: F(z, w, z(nw + A)w’, + i) 0. 


3°. The equation 
Fae”, ay, ay!) = 0 (M11.3.2.10) 


is invariant under the simultaneous scaling and translation of variables, x — ax and 
y > y + 5, where a = e P^” and Bis an arbitrary number. The transformation z = x”eY, 
w = ry’, brings (M11.3.2.10) to a first-order equation: F(z, w, (Aw + n)w — w) = 0. 


> Equations of the form F(x, xy), —- y, y,,,,) = 0. The substitution w(x) = ry), — Y 
leads to a first-order equation: F(x, w, wi, /x) = 0. 


M11.3.3. Methods of Regular Series Expansions with Respect to the 
Independent Variable 


A solution of the Cauchy problem 


ae CRU pO) (M11.3.3.1) 
y(Lo) = yo, y),(%0) = Y (M11.3.3.2) 


can be sought in the form of a Taylor series in powers of the difference (x— xo), specifically: 


3! 


saat £o) 


y(ax) = y(x0) + y (ana) + Z (a = 279) + (£x—-z0) +: . (M11.3.3.3) 


The first two coefficients y(xo) and Pm in solution (M11.3.3.3) are defined by the initial 
conditions (M11.3.3.2). The values of the subsequent derivatives of y at the point x = xo are 
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determined from equation (M11.3.3.1) and its derivative equations (obtained by successive 
differentiation of the equation) taking into account the initial conditions (M11.3.3.2). In 
particular, setting x = xo in (M11.3.3.1) and substituting (M11.3.3.2), we obtain the value 
of the second derivative: 


Yra(L0) = f (Lo, Yo, Y1). (M11.3.3.4) 
Further, differentiating (M11.3.3.1) yields 


IA T E AT AN ee (M11.3.3.5) 


On substituting x = xo, the initial conditions (M11.3.3.2), and the expression of y” (xo) 
of (M11.3.3.4) into the right-hand side of equation (M11.3.3.5), we calculate the value of 
the third derivative: 


MI 


Yzza (Lo) = falto, Yo, Y1) + Yi fy(Lo, Yo. Y1) + F(Lo, Yo, Yi) Fy! (Lo, Yo, Y1). 


The subsequent derivatives of the unknown are determined likewise. 
The thus obtained solution (M11.3.3.3) can only be used in a small neighborhood of the 
point x = Zo. 


Example. Consider the following Cauchy problem for a second-order nonlinear equation: 


A eae (M11.3.3.6) 
y(0) = y: (0) = 1. (M11.3.3.7) 


Substituting the initial values of the unknown and its derivative (M11.3.3.7) into equation (M11.3.3.6) 
yields the initial value of the second derivative: 


Ya (0) = 2. (M11.3.3.8) 
Differentiating equation (M11.3.3.6) gives 


AAA 


Yana = YYna + (Ya) + 3Y Yo. (M11.3.3.9) 


Substituting here the initial values from (M11.3.3.7) and (M11.3.3.8), we obtain the initial condition for the 
third derivative: 


1.086. (M11.3.3.10) 
Differentiating (M11.3.3.9) followed by substituting (M11.3.3.7), (M11.3.3.8), and (M11.3.3.10), we find that 
Yezaa (0) = 24. (M11.3.3.11) 


On substituting the initial data (M11.3.3.7), (M11.3.3.8), (M11.3.3.10), and (M11.3.3.11) into (M11.3.3.3), we 
arrive at the Taylor series expansion of the solution about x = 0: 


YE TERA E (M11.3.3.12) 


This geometric series is convergent only for |x| < 1. In this case, summing up the series (M11.3.3.12) gives the 


exact solution of the Cauchy problem (M11.3.3.6)(M11.3.3.7) of the form y(x) = 


l-x 


M11.3.4. Perturbation Methods in Problems with a Small Parameter 


> Preliminary remarks. Perturbation methods are widely used in nonlinear mechanics 
and theoretical physics for solving problems that are described by differential equations with 
a small parameter £. The primary purpose of these methods is to obtain an approximate 
solution that would be equally suitable at all (small, intermediate, and large) values of the 
independent variable as e — 0. 

It is further assumed that the order of the equation remains unchanged at e = 0. 

In many problems of nonlinear mechanics and theoretical physics, the independent 
variable is dimensionless time t. Therefore, in this subsection we use the conventional t 
(0 < t < 00), instead of zx. 
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> Method of regular (direct) expansion in powers of the small parameter. We consider 
an equation of general form with a parameter e: 


Ye + F(t, Y, Yp €) =0. (M11.3.4.1) 


We assume that the function f can be represented as a series in powers of e: 


ui). uN (M11.3.4.2) 


n=0 


Solutions of the Cauchy problem and various boundary value problems for equa- 
tion (M11.3.4.1) with e — 0 are sought in the form of a power series expansion: 


y = >. e"y,,(t). (M11.3.4.3) 
=0 


One should substitute expression (M1 1.3.4.3) into equation (M11.3.4.1) taking into account 
(M11.3.4.2). Then the functions fn» are expanded into a power series in the small parameter 
and the coefficients of like powers of e are collected and equated to zero to obtain a system 
of equations for Yn: 


Yo + folt, Yo. Yo) = 0, (M11.3.4.4) 
Ofo Ofo 
yi + F(t, yo. yoyi + Gt Yo. You + filt, Yo. Yo) =0, F= T , G= a (M11.3.4.5) 


Only the first two equations are written out here. The prime denotes differentiation with 
respect to t. To obtain the initial (or boundary) conditions for yn, the expansion (M11.3.4.3) 
should be taken into account. 

The success in the application of this method is primarily determined by the possibility 
of constructing a solution of equation (M11.3.4.4) for the leading term yo. Itis significant to 
note that the other terms y, with n > 1 are governed by linear equations with homogeneous 
initial conditions. 


Example 1. The Duffing equation 
Yirtytey =0 (M11.3.4.6) 
with initial conditions 
/ 
y(0)=a, y:(0)=0 


describes the motion of a cubic oscillator, 1.e., oscillations of a point mass on a nonlinear spring. Here, y 1s the 
deviation of the point mass from the equilibrium and t is dimensionless time. 

For € — 0, an approximate solution of the problem is sought in the form of the asymptotic expan- 
sion (M11.3.4.3). We substitute (M11.3.4.3) into equation (M11.3.4.6) and initial conditions and expand in 
powers of e. On equating the coefficients of like powers of the small parameter to zero, we obtain the following 
problems for yo and y1: 


yo + yo = 0, yo(0) =a, yo(0) = 0; 
yi ty =-  yi(0)=0, yi(0)=0. 
The solution of the problem for yo is given by 


Yo = acost. 


Substituting this expression into the equation for yı and taking into account the identity cos? t= 1 COS 3t+4 cos t, 
we obtain 
yi +y = -La*(cos 3t + 3 cost), yi(0)=0, yi0) =0. 
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Integrating yields 
yı = 2a%t sin t + 4a (cos 3t —3 cos t). 
Thus the two-term solution of the original problem is given by 


y=acost + ea |-st sin t + + (cos 3t — 3 cos t)| + Ole). 


Remark 1. The term tsint causes yi /yo — oo as t — oo. For this reason, the solution obtained is 
unsuitable at large times. It can only be used for et << 1; this results from the condition of applicability of the 
expansion, Yo > €y1. 

This circumstance is typical of the method of regular series expansions with respect to the small parameter; 
in other words, the expansion becomes unsuitable at large values of the independent variable. Methods that 
allow avoiding this difficulty are discussed below. 


Remark 2. Growing terms as t — oo, like tsint, that narrow down the domain of applicability of 
asymptotic expansions are called secular. 


> Method of scaled parameters (Lindstedt—Poincaré method). This method is usually 
used for finding periodic solutions to equations of the form 


Yer + Woy = Ef (y, Yi), (M11.3.4.7) 


where e < 1. 
A solutions is sought in the form 


= 2(1 ie 3 chun), y(t) = Y Fylo. (M11.3.4.8) 
k=0 k=0 


The constants wz and functions yz(z) are determined; it is assumed that yz41/yx = OC). 
By choosing appropriate w;, one removes the secular terms from the solution. 
Example 2. Consider the Duffing equation (M11.3.4.6) once again. Following (M11.3.4.8), one performs 


the change of variable 
t= z(1+eu;4+---) 


to obtain 
ye I Beer E = 0. (M11.3.4.9) 
The solution is sought in the series form (M11.3.4.8), y = yo(z) + eyi(z) +--+. Substituting it into equa- 


tion (M11.3.4.9) and matching the coefficients of like powers of e, one arrives at the following system of 
equations for two leading terms of the series: 


yo + yo = 0, (M11.3.4.10) 
yi + yı =y — 2wiyo, (M11.3.4.11) 
where the prime denotes differentiation with respect to z. 
The general solution of equation (M11.3.4.10) is given by 
yo = acos(z + b), (M11.3.4.12) 
where a and b are constants of integration. Taking into account (M11.3.4.12) and rearranging terms, we reduce 
equation (M11.3.4.11) to 


yi + yi = —ta? cos[3(z + b)] -2a(¿a” + w1) cos(z + b). (M11.3.4.13) 


For wı + -2a°, the particular solution of equation (M11.3.4.13) contains a secular term proportional to 
zcos(z + b). In this case, the condition of applicability of the expansion, yı /yo = O(1), cannot be satisfied at 
sufficiently large z. For this condition to be met, one should set 


w =a’. (M11.3.4.14) 
In this case, the solution of equation (M11.3.4.13) is given by 
yı = 4a” cos[3(2 + b)]. (M11.3.4.15) 


Subsequent terms of the expansion can be found likewise. 
With (M11.3.4.12), (M11.3.4.14), and (M11.3.4.15), we obtain a solution of the Duffing equation in the 
form 
y = acos(wt + b) + bea cos [3(wt + b)| + O(e’), 


oe [1 — sed + oe =1+ sea + O(e”). 
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> Averaging method (Van der Pol-Krylov—-Bogolyubov scheme). The averaging 
method involves two stages. First, the second-order nonlinear equation (M11.3.4.7) is 
reduced with the transformation 


Y = a COs f, Y; = —Wya sin y, where a=a(t), p= y(t), 


to an equivalent system of two first-order differential equations: 


/ E€ ; . 
a, = -— f (a cos y, —woa sin p) sin p, 
k E (M11.3.4.16) 
p, = we - — f (a cos p, -woa sin p) cos g. 
woa 


The right-hand sides of equations (M11.3.4.16) are periodic in y, with the amplitude a 
being a slow-varying function of time t. The amplitude and the oscillation character are 
changing little during the time the phase y changes by 27. 

At the second stage, the right-hand sides of equations (M11.3.4.16) are being averaged 
with respect to y. This procedure results in an approximate system of equations: 


E 
0 a 7 Isla), 
¡a (M11.3.4.17) 
p, = W0 — — f(a), 
woa 


where 


1 277 
f(a) = — / sin y flacos y, -woa sin p) dy, 
27 JO 


1 271 
fla) = = J cos Y f (a cos y, —woa sin Y) do. 
27 JO 


System (M11.3.4.17) is substantially simpler than the original system (M11.3.4.16)—the 
first equation in (M11.3.4.17), for the oscillation amplitude a, is a separable equation and, 
hence, can readily be integrated; then the second equation in (M11.3.4.17) can also be 
integrated. 


M11.3.5. Galerkin Method and Its Modifications (Projection Methods) 


> General form of an approximate solution. Consider a boundary value problem for 
the equation 


Sly] — fx) =0 (M11.3.5.1) 


with linear homogeneous boundary conditions* at the points x = xı and x = z3 (xı S£ < x2). 
Here, $ 1s a linear or nonlinear differential operator of the second order (or a higher order 
operator); y = y(x) is the unknown function and f = f(x) is a given function. It is assumed 
that §[0] = 0. 

Let us choose a sequence of linearly independent functions (called basis functions) 


Y = Yn(Z) (aT, Dee oN) (M11.3.5.2) 


* Nonhomogeneous boundary conditions can be reduced to homogeneous ones by the change of variable 
z = Ax? + Aix + Ao + y (the constants 47, A;, and Ao are selected using the method of undetermined 
coefficients). 
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satisfying the same boundary conditions as y = y(x). According to all methods that will 
be considered below, an approximate solution of equation (M11.3.5.1) is sought as a linear 
combination 


N 
Yy = > An¥n(2), (M11.3.5.3) 


n=l 


with the unknown coefficients A, to be found in the process of solving the problem. 

The finite sum (M11.3.5.3) 1s called an approximation function. The remainder term 
Ry obtained after the finite sum has been substituted into the left-hand side of equation 
(M11.3.5.1), 


Ry = Slynl—f(2). (M11.3.5.4) 


If the remainder Ry is identically equal to zero, then the function yy is the exact 
solution of equation (M11.3.5.1). In general, Ry # 0. 


> Galerkin method. In order to find the coefficients A,, in (M11.3.5.3), consider another 
sequence of linearly independent functions 


dba) (k=1,2,..., N). (M11.3.5.5) 


Let us multiply both sides of (M11.3.5.4) by Yg and integrate the resulting relation over the 
region V = {x1 <x < x2}, in which we seek the solution of equation (M11.3.5.1). Next, we 
equate the corresponding integrals to zero (for the exact solutions, these integrals are equal 
to zero). Thus, we obtain the following system of algebraic equations for the unknown 
coefficients Apn: 


m p,Rydr=0  (k=1,2,..., N). (M11.3.5.6) 
ti 


Relations (M11.3.5.6) mean that the approximation function (M11.3.5.3) satisfies equa- 
tion (M11.3.5.1) “on the ee (1.e., in the integral sense) with weights Yg. Introducing 
the scalar product (g, h) = J gh dx of arbitrary functions g and h, we can consider equa- 
tions (M11.3.5.6) as the condition of orthogonality of the remainder Ry to all weight 
functions wr. 

The Galerkin method can be applied not only to boundary value problems, but also 
to eigenvalue problems (in the latter case, one takes f = Ay and seeks eigenfunctions yn, 
together with eigenvalues An). 

Mathematical justification of the Galerkin method for specific boundary value problems 
can be found in the literature listed at the end of Chapter M11. Below we describe some 
other methods that are in fact special cases of the Galerkin method. 


Remark. Most often, one takes suitable sequences of polynomials or trigonometric functions as Yn (£) in 
the approximation function (M11.3.5.3). 


> Bubnov—Galerkin method, the moment method, the least squares method. 


1°. The sequences of functions (M11.3.5.2) and (M11.3.5.5) in the Galerkin method can 
be chosen arbitrarily. In the case of equal functions, 


pklx) = Vi (1) (eS 2 fats N) (M11.3.5.7) 


the method is often called the Bubnov—Galerkin method. 
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2°. The moment method is the Galerkin method with the weight functions (M11.3.5.5) 
being powers of x, 
Wr = ok (M11.3.5.8) 


3°. Sometimes, the functions 7; are expressed in terms of yx by the relations 


We = SL Ox] (k=1,2,...), 


where $ is the differential operator of equation (M11.3.5.1). This version of the Galerkin 
method is called the least squares method. 


> Collocation method. In the collocation method, one chooses a sequence of points zz, 
k= 1,...,.N, and imposes the condition that the remainder (M11.3.5.4) be zero at these 
points, 

hope OU. al TSi (ea Ton) (M11.3.5.9) 


When solving a specific problem, the points xg, at which the remainder Fy is set equal 
to zero, are regarded as most significant. The number of collocation points NV is taken equal 
to the number of the terms of the series (M11.3.5.3). This allows one to obtain a complete 
system of algebraic equations for the unknown coefficients A,, (for linear boundary value 
problems, this algebraic system is linear). 

Note that the collocation method is a special case of the Galerkin method with the 
sequence (M11.3.5.5) consisting of the Dirac delta functions: 


We = 0(2— Xp). 


In the collocation method, there is no need to calculate integrals, and this essentially 
simplifies the procedure of solving nonlinear problems (although usually this method yields 
less accurate results than other modifications of the Galerkin method). 


Example. Consider the boundary value problem for the linear second-order ordinary differential equation 
with variable coefficients 


Yza + g(xy — f(x) =0 (M11.3.5.10) 
subject to the boundary conditions of the first kind 
y(-1) = y(1) = 0. (M11.3.5.11) 


Assume that the coefficients of equation (M11.3.5.10) are smooth even functions, so that f(x) = fí(=x) 
and g(x) = g(=x). We use the collocation method for the approximate solution of problem (M11.3.5.10)- 
(M11.3.5.11). 


1°. Take the polynomials 
yla) = "1-2, n=1,2,...N, 


as the basis functions; they satisfy the boundary conditions (M11.3.5.11), y, (+1) = 0. 
Let us consider three collocation points 


tis, EOL. =g (0<a0 <1) (M11.3.5.12) 
and confine ourselves to two basis functions (N = 2), so that the approximation function is taken in the form 
y(x) = A\(1 -= 2”) + Ara (1-20). (M11.3.5.13) 
Substituting (M11.3.5.13) into the left-hand side of equation (M11.3.5.10) yields the remainder 
R(x) = Ai[-2+ (1—2°)g(x)] + A2(2- 1227 +2 (1-2)g(2)] — f(a). 


It must vanish at the collocation points (M11.3.5.12). Taking into account the properties f(c) = f(-o) and 
g(o) = g(-o), we obtain two linear algebraic equations for the coefficients A; and A): 


Ar [-2 + g(0)| +242- f(0)=0 (atx =0), 


Aj |-2 2 Bia wid 2 A E (M11.3.5.14) 
¡(2 +(1-05g0) + A2|2 -120° +0 (1-o0)gl0)] - f(0)=0 (atz = +0). 
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2°. To be specific, let us take the following functions appearing in equation (M11.3.5.10): 
fía)=-1, ga)=1+2”. (M11.3.5.15) 


On solving the corresponding system of algebraic equations (M11.3.5.14), we find the coefficients 


o* +11 a? 


0t+202+11” G4 4202 11 
In Fig. M11.2, the solid line depicts the numerical solution to problem (M11.3.5.10)—(M11.3.5.11), with 


the functions (M11.3.5.15), obtained by the shooting method (see Subsection M11.3.6). The dashed lines 1 
and 2 show the approximate solutions obtained by the collocation method using the formulas (M11.3.5.13), 


Aj = (M11.3.5.16) 


(M11.3.5.16) with o = 5 (equidistant points) and o = a (Chebyshev points*), respectively. It is evident that 
both cases provide good agreement between the approximate and numerical solutions; the use of Chebyshev 
points gives a more accurate result. 


Figure M11.2. Comparison of the numerical solution of problem (M11.3.5.10), (M11.3.5.11), (M11.3.5.15) 
with the approximate analytical solution (M11.3.5.13), (M11.3.5.16) obtained with the collocation method. 


> Method of partitioning the domain. The domain V = (11 < x < x2} is split into N 
subdomains: Vg = {£k S£ S Xp}, k =1,..., N. In this method, the weight functions are 


chosen as follows: 
1 for xe Vp, 


r(x) = F for x Vg. 


The subdomains V;, are chosen according to the specific properties of the problem under 
consideration and can generally be arbitrary (the union of all subdomains V; may differ 
from the domain V, and some Vg and Vm may overlap). 


> Least squared error method. Sometimes, in order to find the coefficients A,, of the 
approximation function (M11.3.5.3), one uses the least squared error method based on the 
minimization of the functional: 


$ = o R2. dx > min. (M11.3.5.17) 
Ti 


For given functions y,, in (M11.3.5.3), the integral ® is a function with respect to the 
coefficients An. The corresponding necessary conditions of minimum in (M11.3.5.17) 


== 0 — 1 eee N . 
9 de (n > > ) 


This is a system of algebraic equations for the coefficients A,,. 


21-1 
* Chebyshev nodes (points) are generally defined by x; = cos ( > r) ,1=1,...,m. In this case, m= 2. 
m 
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M11.3.6. Iteration and Numerical Methods 


> Method of successive approximations (Cauchy problem). The method of successive 
approximations is implemented in two steps. First, the Cauchy problem 


i 1 0, (equation), (M11.3.6.1) 
y(to) = Yo. Yx(X0) = Yo (initial conditions) (M11.3.6.2) 


is reduced to an equivalent system of integral equations by the introduction of the new 
variable u(x) = y/.. These integral equations have the form 


u(x) = yh + ] i f(t,y(t),u(t)) dt, yE) = yo + ] : u(t) dt. (M11.3.6.3) 


Then the solution of system (M11.3.6.3) is sought by means of successive approximations 
defined by the following recurrence formulas: 


As the initial approximation, one can take yo(x) = yo and uo(x) = Yo: 


> Runge-Kutta method (Cauchy problem). For the numerical integration of the Cauchy 
problem (M11.3.6.1) (M1 1.3.6.2), one often uses the Runge—Kutta method. 
Let Az be sufficiently small. We introduce the following notation: 


SORA: YESA Y, TS OY: K=O ds 


The desired values yz. and Yo. are successively found by the formulas 


Yee = Yk +Y AT + (fit fot NAS, 
Ya = Unt efi + 2fo+2f3 + f9HAz, 


where ; 
iad Ge Ue Ue) 
fr =f (04 +3A2, Yu + Uk A, yy + 3/1 Az), 
fa = f (Ek + As, y + FAT + FAAL, y + hdc), 


fa = f (Ep + Az, yg + y, Aa + 5f(A0), y, + f¿Az). 


In practice, the step Ax is determined in the same way as for first-order equations (see 
Remark 2 in Subsection M11.1.7). 


> Shooting method (boundary value problems). In order to solve the boundary value 
problem for equation (M11.3.6.1) with the boundary conditions 


Y(@1) = Y1, Yy(L2) = Ya, (M11.3.6.4) 


one considers an auxiliary Cauchy problem for equation (M11.3.6.1) with the initial condi- 
tions 
Y£) = Y1, y (£1) = 4. (M11.3.6.5) 


(The solution of this Cauchy problem can be obtained by the Runge—Kutta method or some 
other numerical method.) The parameter a is chosen so that the value of the solution 
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y = y(x, a) at the point x = x2 coincides with the value required by the second boundary 
condition in (M11.3.6.4): 
y(X2, a) = ya. 
First, one finds an a; and an a2 (a; < a2) such that 
[y(x2, a1) — yo ]ly(x>, a2) — y2] < 0. 


This implies that the desired a in (M11.3.6.5) belongs to the interval (a1, a2). Then a sequence of numbers an 
such that 
[y(x2, an-1) — y2I[y(@2, an) — y2] < 0 


1s determined numerically, for example, by using the bisection method. The desired a is obtained as: a = 
lim an. 


n —> CO 


In a similar way one constructs the solution of the boundary value problem with mixed 
boundary conditions 


y(x1)=Y;  Yz(€2) + ky(@2) = ya. (M11.3.6.6) 


In this case, one also considers the auxiliary Cauchy problem (M11.3.6.1), (M11.3.6.5). 
The parameter a is chosen so that the solution y = y(x, a) satisfies the second boundary 
condition in (M11.3.6.6) at the point x = 1). 


M11.4. Linear Equations of Arbitrary Order 
and Linear Systems of Equations 
M11.4.1. Linear Equations with Constant Coefficients 


> Homogeneous linear equations. An nth-order homogeneous linear equation with 
constant coefficients has the general form 


yY + an ye? +++ + aryl, + agy =0. (M11.4.1.1) 


The general solution of this equation is determined by the roots of the characteristic 


equation 

P(A)=0, where P(A=)”"+ap 117 +---+a11+00. (M11.4.1.2) 
The following cases are possible: 
1°. All roots Ay, 42, ..., An Of the characteristic equation (M11.4.1.2) are real and distinct. 
yas general solution of the homogeneous linear differential equation (M11.4.1.1) has 


y = C1 exp(A12) + Co exp(A2%) +--+ + Cy exp(A, 2). 


2°. There are m equal real roots Ay = Az = +++ = Am (M < n), and the other roots are real 
and distinct. In this case, the general solution 1s given by 


y = exp(A,2)(C, + Cov +--+ + Cg) 
+ Cm+1 £XPlAm+1 L) + Cm+2 EXPlAm+2 2) + : ++ + Cn exp(AnZ). 


3°. There are m equal complex conjugate roots Aj. = 44120 (2m < n), and the other roots 
are real and distinct. In this case, the general solution 1s 


y = exp(ax)cos(Gx)(A; +43 +--+ + Aa 9 
+ exp(ax) sin(Bx)(B, + Box +- - -+ Ban) 
+ Comat EXP(À2m+1 T) + C2m+2 EXP(A2m+2T) + +++ + Cn exp(An®), 


where Aj,..., Am, B1, -.., Bm, C2m+1> - - -, Cn are arbitrary constants. 
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4”. In the general case, where there are r different roots Ai, A2, ..., Ay of multiplicities 
M1, Ma, ..., My, respectively, the left-hand side of the characteristic equation (M11.4.1.2) 
can be represented as the product 


P(A) = (A= AL A= Any? 6 A Ar), 


where mi +™m2+-::+m, =n. The general solution of the original equation is given by 
the formula 


y= > explApaXCpo + Cp + +++ + Ckm, -12 
k=l 


where Cy are arbitrary constants. 

If the characteristic equation (M11.4.1.2) has complex conjugate roots A, = a, + ips 
and As+1 = Qs — 105, then in the above solution, the corresponding functions exp(A¿x1) and 
exp(As,17) should be replaced with exp(a,x) cos(x) and exp(a,2) sin(x), respectively, 
in a similar way to that in Item 3°. 


Example 1. Find the general solution of the linear third-order equation 
y + ay” L y’ _ ay = O. 

Its characteristic equation is + ad” —\—a = 0, or, in factorized form, 
(A + a)(A—1)(A +1) = 0. 


Depending on the value of the parameter a, three cases are possible. 

1. Case a + +1. There are three different roots, A; =—a, A2 = —1, and A3 = 1. The general solution of the 
differential equation is expressed as y = Cie" + Cre” + Ce”. 

2. Case a = 1. There is a double root, A; = A2 = —1, and a simple root, A3 = 1. The general solution of the 
differential equation has the form y = (C1 + Cyx)e* + C3e”. 

3. Case a = —1. There is a double root, A; = A2 = 1, and a simple root, A3 = —1. The general solution of 
the differential equation is expressed as y = (C1 + Cox)e” + C3e™. 

Example 2. Consider the linear fourth-order equation 


1111 


Yzzxa — Y =Q. 
Its characteristic equation, A* — 1 = 0, has four distinct roots, two real and two pure imaginary, 
Apal Assel 2A=2% ApEn 
Therefore, the general solution of the equation in question has the form (see Item 3°) 
y = Cie” + Cre” + C3 sin xz + C4 cos z. 
> Nonhomogeneous linear equations. Forms of particular solutions. 


1°. An nth-order nonhomogeneous linear equation with constant coefficients has the gen- 
eral form 
yY + any +--+ ay! +aoy = f(a). (M11.4.1.3) 
The general solution of this equation is the sum of the general solution of the corre- 
sponding homogeneous equation with f(x) =0 (see equation M11.4.1.1) and any particular 
solution of the nonhomogeneous equation (M11.4.1.3). 
If the roots A1, A2, ..., An of the characteristic equation (M11.4.1.2) are all real and 
distinct, equation (M11.4.1.3) has the general solution: 


n n Ay T 
= Av & € Av T 
y = 2 CNA a POJ J faye*” de. (M11.4.1.4) 


In the general case, if the characteristic equation (M1 1.4.1.2) has complex and/or multi- 
ple roots, the solution to equation (M1 1.4.1.3) can be constructed using formula (M1 1.4.2.5). 
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TABLE M11.4 
Forms of particular solutions to the nonhomogeneous linear equation with constant coefficients 
(n) (n-1) / = . ; 
Yy F0An-1Y% +- +a1y, + aoy = f(x), that correspond to some special forms of the function f(x). 


Form of the Roots of the characteristic equation Form of 
function f(x) O a 0 particular solution 


Zero is not a root of the ~ 
Pm(&) 
Zero is a root of the rx 
a is not a root of the ~ a 
. 
Pan (2)e q 
(a is a real constant) a is a root of the ES m 
characteristic equation (multiplicity r) £ Pmiuje 

28 is not a root of the P, (x) cos Bx 

characteristic equation + Ox) sin Bx 

P(x) cos Bx + Q(x) sin Bx 


¿8 is a root of the x’ [P.(x) cos Bx 
characteristic equation (multiplicity 7) + Q(x) sin Bx] 


a +18 is not a root of the [P.(x) cos Bx 
characteristic equation i Ox) sin Bx]e** 
[Pn (x) cos Bx + Qr(x) sin Bale”” = 
a +18 is a root of the x [P (x) cos Bx 
characteristic equation (multiplicity r) + Q (£) sin Bale”? 


Notation: Pm and Qk are polynomials of degrees m and k with given coefficients; Pm, Pv, and O, are 
polynomials of degrees m and y whose coefficients are determined by substituting the particular solution 
into the basic equation; v = max{m, k}; and a and 6 are real numbers, al; 


2°. Table M11.4 lists the forms of particular solutions corresponding to some special forms 
of functions on the right-hand side of the linear nonhomogeneous equation. 


3°. Consider the Cauchy problem for equation (M11.4.1.3) subject to the homogeneous 
initial conditions 
y(0) = y/,(0) =--- = yl" (0) = 0. (M11.4.1.5) 


Let y(x) be the solution of problem (M11.4.1.3), (M11.4.1.5) for arbitrary f(x) and let u(x) 
be the solution of the auxiliary, simpler problem (M11.4.1.3), (M11.4.1.5) with f(x) = 1, 
so that u(x) = y(x)| f(7)=1- Then the formula 


y(x) = / fu, (a —t) dt 


holds. It is called the Duhamel integral. 


> Solution of the Cauchy problem using the Laplace transform. Consider the Cauchy 
problem for equation (M11.4.1.3) with arbitrary initial conditions 


yO) =yo, YLO =y, o yl?) = Yna, (M11.4.1.6) 


where Yo, Yi)...» Yn-1 are given constants. 
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Problem (M1 1.4.1.3), (M11.4.1.6) can be solved using the Laplace transform based on 
the formulas (for details, see Section M10.2) 


Yp) = £L {y(a)}, fp) = £{ fa}, where e{f@}= | e P” f(x) dz. 


To this end, let us multiply equation (M11.4.1.3) by e ”” and then integrate with respect 
to x from zero to infinity. Taking into account the formula 


LSO) = pup) ty (40) 
k=1 


and the initial conditions (M11.4.1.6), we arrive at a linear algebraic equation for the 
transform y(p): 


PO) - QP) = Fp), (M11.4.1.7) 


where 
P(p) =p" + dnp"! +---+ap+ao  Q(p) = bnp! +--+ + bip + bo, 
Ok = Yn-k-1 + An-1Yn-k-2 +*** Fapa Fapt R=0,1,...,n—1. 


The polynomial P(p) coincides with the characteristic polynomial (M11.4.1.2) at A = p. 
The solution of equation (M11.4.1.7) is given by the formula 


_10+00) 
P(p) 

On applying the Laplace inversion formula (see in Section M10.2) to (M11.4.1.8), we obtain 

a solution to problem (M11.4.1.3), (M11.4.1.6) in the form 


y(p) (M11.4.1.8) 


1 / ow £0) + QO) ¿po gy (M11.4.1.9) 


y(x) = —— 


271 
Since the transform y(p) (M11.4.1.8) is a rational function, the inverse Laplace transform 
(M11.4.1.9) can be obtained using the formulas from Subsection M10.2.2 or the tables of 
Section S2.2. 


Remark. In practice, the solution method for the Cauchy problem based on the Laplace transform leads to 
the solution faster than the direct application of general formulas like (M11.4.1.4), where one has to determine 
the coefficients C),...,Cn. 


Example 3. Consider the following Cauchy problem for a homogeneous fourth-order equation: 


Your t@y=0;  y(0)=y20)=Yer2(0)=0, Yan(0) =b. 

The Laplace transform reduces this problem to a linear algebraic equation for y(p): (pf + a‘ )y(p) -bp = 0. 
It follows that 
ee 
INP) = pt +as- 
In order to invert this expression, let us use the table of inverse Laplace transforms S2.2.2 (see row 52) and take 
into account that a constant multiplier can be taken outside the transform operator to obtain the solution to the 
original Cauchy problem in the form 


y(x) = 4 sin( =) sinh (=). 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 295 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


296 ORDINARY DIFFERENTIAL EQUATIONS 


M11.4.2. Linear Equations with Variable Coefficients 


> Homogeneous linear equations. Structure of the general solution. The general 
solution of the nth-order homogeneous linear differential equation 


ay + fat ? +--+ fi@yl, + flay =0 (M11.4.2.1) 


has the form 


y = Ciy (s) + Cry2(@) +--+ + Cryn(@), (M11.4.2.2) 
where the functions y¡(1), Yy2(2), ..., Ynlx) are a fundamental system of solutions (the 
y, are linearly independent particular solutions, yg + 0); C1, Ca, ..., Cn are arbitrary 


constants. 
> Utilization of particular solutions for reducing the order of the equation. 


1°. Let y; = y¡(x) be a nontrivial particular solution of equation (M11.4.2.1). The substi- 
tution 


y = yı(2) | 2x) de 
results in a linear equation of order n — 1 for the function z(x). 


2°. Let yı = yı(x) and y, = yo(x) be two nontrivial linearly independent solutions of 
equation (M11.4.2.1). The substitution 
y=y | ywde-y | wda 


results in a linear equation of order n — 2 for w(x). 


3°. Suppose that m linearly independent solutions yı(x), ya(x), ..., Ym(x) of equation 
(M11.4.2.1) are known. Then one can reduce the order of the equation to n — m by 


successive application of the following procedure. The substitution y = Ym(x) J z(x)dx 
leads to an equation of order n — 1 for the function z(x) with known linearly independent 


solutions: 
(2 ) (2 | EN 
21 = > , 22 = MU , aeneis ¿m-1 = ' 
Um 7 T Um 7 Y Um x 


The substitution z = zm-1 (x£) | w(x)dx yields an equation of order n — 2. Repeating this 


procedure m times, we arrive at a homogeneous linear equation of order n — m. 


> Wronskian determinant and Liouville formula. The Wronskian determinant (or 
simply, Wronskian) is the function defined as 


Wa= AD O mW, (M11.4.2.3) 
a + a) 
where y¡(x2), ..., Yn(x) is a fundamental system of solutions of the homogeneous equa- 


ar 
tion (M11.4.2.1); y" (2) = -7 m=l1,...,n-1; k=1,...,n. 
gm 
The following Liouville formula holds: 


W(x) = W (xo) exp - ® ra) de Ñ 


20 fnt) 


where xp is an arbitrary number. 
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> Nonhomogeneous linear equations. Construction of the general solution. 


1°. The general nonhomogeneous nth-order linear differential equation has the form 


OY + ae + fi, + fo(w)y = g(a). (M11.4.2.4) 


The general solution of the nonhomogeneous equation (M11.4.2.4) is obtained as the sum 
of the general solution of the corresponding homogeneous equation (M11.4.2.1) and any 
particular solution of equation (M11.4.2.4). 


2°. Let y(x), ..., Yn(x) be a fundamental system of solutions of the homogeneous equa- 
tion (M11.4.2.1), and let W (x) be the Wronskian determinant (M11.4.2.3). Then the general 
solution of the nonhomogeneous linear equation (M11.4.2.4) can be represented as 


= — ~ Wa) dx 
y = D Cry (a) + 2. ya) | Laa (M11.4.2.5) 


where W,(x) is the determinant obtained by replacing the vth column of the matrix 
(M11.4.2.3) by the column vector with the elements 0, 0, ..., 0, q. 


3°. Superposition principle. A particular solution of a nonhomogeneous linear equation 
m 
zj 
Liyl= > gía) Ly] = fay + fra@yr ++ fy, + foy 
k=1 


is determined by adding together particular solutions, 


m 
y = > Yk» 
k=1 


of m (simpler) equations, 
Lilyk] = 9,(x), NS 71 


corresponding to respective nonhomogeneous terms in the original equation. 


> Euler equation. The nonhomogeneous Euler equation has the form 


n, (n) n-1 (n-1) |, 


T Yr FOUn1T Yr + 012 Y, + aoy = f(x). 


The substitution x = be’ (b + 0) leads to a constant coefficient linear equation of the 
form (M11.4.1.3). 

Particular solutions of the homogeneous Euler equation [with f(x) = 0] are sought in 
the form y = x*. If all k are real and distinct, its general solution is expressed as 


y(x) = Cile! + Cale" +--- + Crie”. 


Remark. To a pair of complex conjugate values k = a+iß there corresponds a pair of particular solutions: 
y = |x|" sin(lx)) and y = |z|“ cos(Blx)). 
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M11.4.3. Systems of Linear Equations with Constant Coefficients 
> Systems of first-order linear homogeneous equations. The general solution. 


1°. In general, a homogeneous linear system of first-order ordinary differential equations 
with constant coefficients has the form 


/ 
Yı = 41141 + 01242 +:** + AinYn, 


REP +a +- +a 
Yı = 042141 + 042242 2nYn (M11.4.3.1) 


where a prime stands for the derivative with respect to x. In the sequel, all the coefficients a; 
of the system are assumed to be real numbers. 

The homogeneous system (M11.4.3.1) has the trivial particular solution y; = y2 = -+ = 
Yn = 0. 

Superposition principle for a homogeneous system: any linear combination of particular 
solutions of system (M11.4.3.1) 1s also a solution of this system. 

The general solution of the system of differential equations (M11.4.3.1) is the sum of 
its n linearly independent (nontrivial) particular solutions each multiplied by an arbitrary 
constant. 


Remark. System (M11.4.3.1) can be reduced to a single homogeneous linear constant-coefficient nth- 
order equation. 


2°. For brevity (and clarity), system (M11.4.3.1) is conventionally written in vector-matrix 
form: 


y! = Ay, (M11.4.3.2) 


where y = (Y1, Y2, .. . Yn)! is the column vector of the unknowns and A = (a; j) is the matrix 
of the equation coefficients. The superscript T denotes the transpose of a matrix or a vector. 
So, for example, a row vector is converted into a column vector: 


(y1 y2)" = des 
y2 


The right-hand side of equation (M11.4.3.2) is the product of the n X n square matrix a by 
the n x 1 matrix (column vector) y. 

Let Yk = (Yi. Yk2» - - -» Ykn)! be linearly independent particular solutions* of the homo- 
geneous system (M11.4.3.1), where k = 1, 2,..., n; the first subscript in Ykm = Ykmí2) 
denotes the number of the solution and the second subscript (m = 1,...,n) indicates the 
component of the vector solution. Then the general solution of the homogeneous system 
(M11.4.3.2) is expressed as 


y =Ciy1 + Cryo +--+ + Cyn. (M11.4.3.3) 


A method for the construction of particular solutions that can be used to obtain the general 
solution by formula (M11.4.3.3) 1s presented below. 


* This means that the condition det |Yxm.(x)] + 0 holds. 
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> Systems of first-order linear homogeneous equations. Particular solutions. Par- 
ticular solutions to system (M11.4.3.1) are determined by the roots of the characteristic 


equation 
a11 -À 01) pd Ain 
Adeo whee DOS) Y “FS “Ge | (M11.4.3.4) 
it Ge oes Ged 


The following cases are possible: 


1°. Let A be asimple real root of the characteristic equation (M11.4.3.4). The corresponding 
particular solution of the homogeneous linear system of equations (M11.4.3.1) has the 
exponential form 


y= Aje™*, y= Are™, ...,. Yn= Ane”, (M11.4.3.5) 


where the coefficients A1, Az, ..., A, are determined by solving the associated linear 
homogeneous system of equations: 


(a11 AA] + 01242 +++: + QjnAn = 90, 


A E A A E nin = 0, 
am Ar + (a22 — A)A2 + +++ + a2 (M11.4.3.6) 


Ani Aj + An? Ad e E (is = AJA» = 0. 


The solution of this system 1s unique to within a constant factor. 
If all roots of the characteristic equation Aj, A2, ..., A, are real and distinct, then the 
general solution of system (M11.4.3.1) has the form 


yı = Are + Aen? +. ++ e 


= A£ ADT e a An £ 
y = Cy Ag el” + C7 Anne?” + «+ Cp Agnes”, (M11.4.3.7) 


where C1, Ca, ..., Cn are arbitrary constants. The second subscript in Amk indicates a 
coefficient corresponding to the root Az. 


2°. For each simple complex root, A =a +23, of the characteristic equation (M11.4.3.4), the 
corresponding particular solution is obtained in the same way as in the simple real root case; 
the associated coefficients A1, 47,..., An in (M11.4.3.5) will be complex. Separating the 
real and imaginary parts in (M11.4.3.5) results in two real particular solutions to system 


(M11.4.3.1); the same two solutions are obtained if one takes the complex conjugate root, 
A=a-1b0. 


3°. Let A be a real root of the characteristic equation (M11.4.3.4) of multiplicity m. The 
corresponding particular solution of system (M1 1.4.3.1) is sought in the form 


y=Pl(me%, y=Pl(me%, ..., Yn = P™ (we, (M11.4.3.8) 


m-1 
where the Pe (x)= >- B nix’ are polynomials of degree m—1. The coefficients of these poly- 
i=0 
nomials result from the substitution of expressions (M11.4.3.8) into equations (M11.4.3.1); 
after dividing by e^” and collecting like terms, one obtains n equations, each representing 
a polynomial equated to zero. By equating the coefficients of all resulting polynomials 
to zero, one arrives at a linear algebraic system of equations for the coefficients 6;,;; the 
solution to this system will contain m free parameters. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 299 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 300 


300 ORDINARY DIFFERENTIAL EQUATIONS 


4°. For a multiple complex root, A = a +16, of multiplicity m, the corresponding particular 
solution is sought, just as in the case of a multiple real root, in the form (M11.4.3.8); here 
the coefficients By. of the polynomials PF (x) will be complex. Finally, in order to obtain 
real solutions of the original system (M11.4.3.1), one separates the real and imaginary parts 
in formulas (M11.4.3.8), thus obtaining two particular solutions with m free parameters 
each. The two solutions correspond to the complex conjugate roots À = ati. 


5°. In the general case, where the characteristic equation (M11.4.3.4) has simple and mul- 
tiple, real and complex roots (see Items 1°—4°), the general solution to system (M11.4.3.1) 
is obtained as the sum of all particular solutions multiplied by arbitrary constants. 


Example 1. Consider the homogeneous system of two linear differential equations 


yi = yt 4yp, 
yo = yt yp. 
The associated characteristic equation, 
l-A 4 
a == 320) 
1 l-A 


has distinct real roots: 
A=3, A2=-1. 
The system of algebraic equations (M1 1.4.3.6) for the solution coefficients becomes 
(1- 1)41 +44 =0, 
(M11.4.3.9) 
Ai +(1-A)A2 = 0. 


Substituting the first root, A = 3, into system (M11.4.3.9) yields Ay = 247. We can set A; = 2 and A2 = 1, 
since the solution is determined to within a constant factor. Thus the first particular solution of the homogeneous 
system of linear ordinary differential equations (M11.4.3.9) has the form 


y =2e%, woe”. (M11.4.3.10) 
The second particular solution, corresponding to A = —1, is found in the same way: 
y=-2e*%, wre. (M11.4.3.11) 


The sum of the two particular solutions (M11.4.3.10) and (M11.4.3.11) multiplied by arbitrary constants, 
Cı and C2, gives the general solution to the original homogeneous system of linear ordinary differential 
equations: 
yi =2010*-2C1e?, mele +e”. 


Example 2. Consider the system of ordinary differential equations 


A y 
q (M11.4.3.12) 
y) = 2y1 + 2y). 


The characteristic equation 
=A -l > 
= -21+2=0 
2. “2X 


has complex conjugate roots: 
A=1+2, Ao =1-1. 
The algebraic system (M1 1.4.3.6) for the complex coefficients A; and Az becomes 
—AA1 — Ar =0, 
2A, +(2-A)A2 =0. 
With A = 1 + i, one nonzero solution is given by A; = 1 and Az = —1 — i. The corresponding complex solution 


to system (M11.4.3.12) has the form 


Ps ga, 


Yı = y, Yy=(-l-2) 
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Separating the real and imaginary parts, taking into account the formulas 
el" = e” (cos x + isin x) = e” cos x + ie” sin z, 
(-1 -elt = +11 + iJe” (cos x + isin x) = e” (sin x — cos x) — ie” (sin x + cos 2), 
and making linear combinations of them, one arrives at the general solution to the original system (M11.4.3.12): 


yı = Cie” cos x + Che” sin z, 


y, = Cie” (sin x — cos x) — Che” (sin x + cos 1). 
> Nonhomogeneous systems of linear first-order equations. 


1°. In general, a nonhomogeneous linear system of first-order differential equations with 
constant coefficients has the form 


yi = 01141 + 01242 + `+ © + GinYn + fils), 


E= + +-+ + , 
Yo = 421Y1 + 02242 d2nYn + f(x) (M11.4.3.13) 


Yn = Ani Yl + An2Y2 ++ >> + Ann Yn + fna). 
For brevity, the conventional vector notation will also be used: 


y = Ay + f(x), 
where f(a) = (fi(x), fo), ..., fra)". 


The general solution of this system is the sum of the general solution to the corresponding 
homogeneous system with f(x) = 0 [see system (M11.4.3.1)] and any particular solution 
of the nonhomogeneous system (M11.4.3.13). 


2°. Let yz, =(Dz1(0), Dei (2), .. ., Din (x))! be particular solutions to the homogeneous lin- 
ear system of first-order constant-coefficient differential equations (M11.4.3.1) that satisfy 
the special initial conditions 


y:(0)=1, Ym) =0 for mzk, k,m=l,...,n. 


Then the general solution to the nonhomogeneous system (M11.4.3.13) is expressed as 


e > / . fr(Q)Dkm(a—t)dt+S—CrDpm(x), m=1,...,n. (M11.4.3.14) 
k=1 k=1 


The solution of the Cauchy problem for the nonhomogeneous system (M11.4.3.13) with 
arbitrary initial conditions, 


y0) =y, Y0) =Y, -> Ynl0)=yY,, (M11.4.3.15) 


is determined by formulas (M11.4.3.14) with Ck =Y,,k=1,...,n. 


M11.5. Nonlinear Equations of Arbitrary Order 
M11.5.1. Structure of the General Solution. Cauchy Problem 


> Equations solved for the highest derivative. General solution. An nth-order differ- 
ential equation solved for the highest derivative has the form 


y = flx, y, yh YE). (M11.5.1.1) 
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The general solution of this equation depends on n arbitrary constants C),...,C,. In 

some cases, the general solution can be written in explicit form as 
yor Opa) (M11.5.1.2) 


> Cauchy problem. The existence and uniqueness theorem. The Cauchy problem: 
find a solution of equation (M11.5.1.1) with the initial conditions 


yao=yo, yi(to=y, ... Ye n= >. (M11.5.1.3) 
(At a point xo, the values of the unknown function y(x) and all its derivatives of orders 
< n — 1 are prescribed.) 


EXISTENCE AND UNIQUENESS THEOREM. Suppose the function f(x, y, 21,..., 2n—1) 1S 


continuous in all its arguments in a neighborhood of the point (xo, yo, ye, shaw ge) and 
has bounded derivatives with respect to Y, 21, ..., 2n-1 íin this neighborhood. Then a 
solution of equation (M11.5.1.1) satisfying the initial conditions (M11.5.1.3) exists and 1s 
unique. 


> Reduction of an nth-order equation to a system of n first-order equations. The 
differential equation (M11.5.1.1) is equivalent to the following system of n first-order 
equations: 


js WSs sy, Vas. Vis = CeO eee, 


where the notation yo = y is adopted. 


M11.5.2. Equations Admitting Reduction of Order 


> Equations not containing y,y’,,..., ye explicitly. An equation that does not 
explicitly contain the unknown function and its derivatives up to order k inclusive can 
generally be written as 


F(a,yf?,...,.y)=0 (Usk4+1<n). (M11.5.2.1) 


Such equations are invariant under arbitrary translations of the unknown function, y — 


y + const (the form of such equations is also preserved under the transformation u(x) = 


+apu"+-+-+a,x+a9, where the am are arbitrary constants). The substitution z(x) = on 
y y Yr 


reduces (M11.5.2.1) to an equation whose order is by k + 1 smaller than that of the original 


equation, F(z, A PORET EA =Q. 


> Equations not containing <x explicitly (autonomous equations). In general, an equa- 
tion that does not explicitly contain x has form 


Elias yy) = 0. (M11.5.2.2) 


Such equations are invariant under arbitrary translations of the independent variable, x — 
x + const. The substitution y’, = w(y) (where y plays the role of the independent variable) 
reduces by one the order of an autonomous equation. Higher derivatives can be expressed 


in terms of w and its derivatives with respect to the new independent variable, y%„ = ww, 


A 1X2 
Yong = WD y, EW) uae 


> Some other equations admitting reduction of order. Table M11.5 lists the above 
nonlinear equations as well as some other equations admitting order reduction. The second 
column gives simple transformations that allow checking whether the equation is one of 
this type. 
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TABLE M11.5 
Some ordinary differential equations that admit order reduction by one. 


ee O) (a is an arbitrary constant) | order of a e a | u=ul(z) 
Fleas ar 
Fea Eh 


F(e**y, Y/Y, Yaa Y.. E 2=%-+ Ina, y=ay 2=e "y, u=y!./y 


n, (n) 


PEA aia >£ Yr )= 0 T=A4L, y=y->5 Ina z= LE a u= LY 


k k+1, / q E? 1! q ktn n k4+1_7 
LOD Uso UD Uan ys”) r=a7, y=a" z=gz"y, u=a yl, 
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Chapter M12 
Partial Differential Equations 


M12.1. First-Order Quasilinear Partial Differential 


Equations 
M12.1.1. Characteristic System. General Solution 


> Equations with two independent variables. General solution. Examples. A first- 
order quasilinear partial differential equation with two independent variables has the 
general form 

Ow Ow 

Ox Oy 


Such equations are encountered in various applications (continuum mechanics, gas dy- 
namics, hydrodynamics, heat and mass transfer, wave theory, acoustics, multiphase flows, 
chemical engineering, etc.). 

If two independent integrals, 


u(x, y, w) = C], u(x, y, w) = Ca, (M12.1.1.2) 
of the characteristic system 
dx B dy B dw 
fy, w) gaz,y,w) hz, y, w) 
are known, then the general solution of equation (M12.1.1.1) is given by 
(u1, u2) = 0, (M12.1.1.4) 


where P(u, v) is an arbitrary function of two variables. With equation (M12.1.1.4) solved 
for u1 or u2, we often specify the general solution in the form 


(M12.1.1.3) 


uk = W(uz_p), 
where k = 1 or 2 and W(w) is an arbitrary function of one variable. 


Remark. In the special case h(x, y, w) = 0, one of the integrals of the characteristic system is w = C4. 
Another integral may be determined from the first equation in (M12.1.1.3). 


Example. Consider the linear constant coefficient equation 


C aaa 

Ox Oy 
The characteristic system for this equation is 

dx dy dw 

Te b 


It has two independent integrals: 
y-ar=C1, w-bx=C,). 


Hence, the general solution of the original equation is given by P(y-ax, w—bx)= 0. On solving this equation 
for w, one obtains the general solution in explicit form 


w = bx + V(y—az), 


where W(u) is an arbitrary function. 


305 
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> Equations with n independent variables. General solution. A first-order quasilinear 
partial differential equation with n independent variables has the general form 


O 
Filer, tn, Woe +---+ fn(£1,..., Tn, W) ad Sigli heses Las W) “(MI2.1455) 
£1 


OL», 
Let n independent integrals, 
Mi O adie Mir E 
of the characteristic system 
dx E E dEn E dw 
Filis... En W) > falzi... En, W)  9(L1,... Zn, W) 
be known. Then the general solution of equation (M12.1.1.5) is given by 
P(uj,..., Un) =O, 


where © is an arbitrary function of n variables. 


M12.1.2. Cauchy Problem 


> Two formulations of the Cauchy problem. Consider two formulations of the Cauchy 
problem. 


1°. Generalized Cauchy problem. Find a solution w = w(x,y) of equation (M12.1.1.1) 
satisfying the initial conditions 


c=hi(f) y=h2(E), w=h3(8), (M12.1.2.1) 


where € is a parameter (œ < € < 5) and the h(E) are given functions. 
Geometric interpretation: find an integral surface of equation (M12.1.1.1) passing 
through the line defined parametrically by equations (M12.1.2.1). 
2°. Classical Cauchy problem. Find a solution w = w(x,y) of equation (M12.1.1.1) 
satisfying the initial condition 
w=W(y) at x=), (M12.1.2.2) 


where (y) is a given function. 
It is convenient to represent the classical Cauchy problem as a generalized Cauchy 
problem by rewriting condition (M12.1.2.2) in the parametric form 


¿SU GSE wW=pl(E). (M12.1.2.3) 
> Procedure of solving the Cauchy problem. The procedure of solving the Cauchy 
problem (M12.1.1.1), (M12.1.2.1) involves several steps. First, two independent inte- 
grals (M12.1.1.2) of the characteristic system (M12.1.1.3) are determined. Then, to find 


the constants of integration C and C3, the initial data (M12.1.2.1) must be substituted into 
the integrals (M12.1.1.2) to obtain 


u1 (hi(), hatE), h3(€)) = C1, u2 (h(E), hato), h3(€)) = C2. (M12.1.2.4) 
Eliminating C and C2 from (M12.1.1.2) and (M12.1.2.4) yields 
u(x, y, w) = Uy (hi (E), h2(€), h3(6)), 

ur(a, y, w) = u2 (hi (£), ha(), halo). 


Formulas (M12.1.2.5) are a parametric form of the solution of the Cauchy problem 
(M12.1.1.1), (M12.1.2.1). In some cases, one may succeed in eliminating the parame- 
ter € from relations (M12.1.2.5), thus obtaining the solution in an explicit form. 


(M12.1.2.5) 
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Example 1. Consider the Cauchy problem for linear equation 


Ow Ow 
— ——— M12.1.2. 
x +a By bw ( 6) 


subjected to the initial condition (M12.1.2.2). 
The corresponding characteristic system for equation (M12.1.2.6), 


dx dy dw 
1l a bw’ 
has two independent integrals 
y-az=Ci1, we" =Q. (M12.1.2.7) 


Represent the initial condition (M12.1.2.2) in parametric form (M12.1.2.3) and then substitute the data 
(M12.1.2.3) into the integrals (M12.1.2.7). As a result, for the constants of integration we obtain C1 = € and 
Cr = (£). Substituting these expressions into (M12.1.2.7), we arrive at the solution of the Cauchy problem 
(M12.1.2.6), (M12.1.2.2) in parametric form: 


y—axr =€, Were pls). 


By eliminating the parameter € from these relations, we obtain the solution of the Cauchy problem (M12.1.2.6), 
(M12.1.2.2) in explicit form: 


w =e p(y - az). 


Example 2. Consider the Cauchy problem for Hopf’s equation 


Ow Ow 
— +w— =0 M12.1.2.8 
Ox iS Oy l ) 
subject to the initial condition (M12.1.2.2). 
First, we rewrite the initial condition (M12.1.2.2) in the parametric form (M12.1.2.3). Solving the 
characteristic system 


CSR (M12.1.2.9) 
1 w 0 
we find two independent integrals, 
w=C1, y-wx=C». (M12.1.2.10) 


Using the initial conditions (M12.1.2.3), we find that C1 = (£) and C2 = £. Substituting these expressions 

into (M12.1.2.10) yields the solution of the Cauchy problem (M12.1.2.8), (M12.1.2.2) in the parametric form 

w = p(£), (M12.1.2.11) 

yY = E + p($)a. (M12.1.2.12) 

The straight lines defined by equation (M12.1.2.12) are called characteristics. They have the slope (£) and 

intersect the y-axis at the points £. On each characteristic, the function w has the same value equal to p(£) 
(generally, w takes different values on different characteristics). 


For y’(€) > 0, different characteristics do not intersect and, hence, formulas (M12.1.2.11) and (M12.1.2.12) 
define a unique solution. 


M12.2. Classification of Second-Order Linear Partial 
Differential Equations 
M12.2.1. Equations with Two Independent Variables 


> Examples of equations encountered in applications. There are three basic types of 
linear partial differential equations— parabolic, hyperbolic, and elliptic. The solutions 
of the equations pertaining to each of the types have their own characteristic qualitative 
differences. 

The simplest example of a parabolic equation 1s the heat equation 


Ow Ow 


— — — = M12.2.1.1 
Ot Ox? o, ) 
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where the variables t and x play the role of time and the spatial coordinate, respectively. Note 

that equation (M12.2.1.1) contains only one highest derivative term. Frequently encountered 

particular solutions of equation (M12.2.1.1) can be found at the end of Subsection M12.4.1. 
The simplest example of a hyperbolic equation is the wave equation 


w vw A 

Ə Oar” 
where the variables t and x play the role of time and the spatial coordinate, respectively. 
Note that the highest derivative terms in equation (M12.2.1.2) differ in sign. The general 


solution of equation (M12.2.1.2) can be found at the end of Subsection M12.4.1. 
The simplest example of an elliptic equation is the Laplace equation 


3w i 3w B 
Ox2 Oy 


where x and y play the role of the spatial coordinates. Note that the highest derivative 
terms in equation (M12.2.1.3) have like signs. Frequently encountered particular solutions 
of equation (M12.2.1.3) can be found at the end of Subsection M12.4.1. 

Any linear partial differential equation of the second order with two independent vari- 
ables can be reduced, by appropriate manipulations, to a simpler equation that has one of the 
three highest derivative combinations specified above in examples (M12.2.1.1), (M12.2.1.2), 
and (M12.2.1.3). 


> Types of equations. Characteristic equations. Consider a second-order partial dif- 
ferential equation with two independent variables that has the general form 

Ow Ow 
Ox” Oy 
where a, b, c are some functions of x and y that have continuous derivatives up to the second 


order inclusive. * 
Given a point (x, y), equation (M12.2.1.4) is said to be 


(M12.2.1.2) 


0, (M12.2.1.3) 


8w 2 2 


ow ow 
— —— == M12.2.1.4 
a(x, y) Fal + 2b(x, y) Indy + c(x, y) ap F (« Y, W, ) : ( ) 


parabolic if -ac =0, 
hyperbolic if b -ac >0, 
elliptic if b*-ac <0 


at this point. 
In order to reduce equation (M12.2.1.4) to a canonical form, one should first write out 
the characteristic equation 


a (dy) — 2bdx dy +c (dx) = 0, 


which splits into two equations 


ady- (b+ Vb? -ac) dx =0 (M12.2.1.5) 
and 
ady -— (b- Vb? -ac ) dx =0, (M12.2.1.6) 


and then find their general integrals. 


* The right-hand side of equation (M12.2.1.4) may be nonlinear. The classification and the procedure of 
reducing such equations to a canonical form are only determined by the left-hand side of the equation. 
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Remark. The characteristic equations (M12.2.1.5) and (M12.2.1.6) may be used if a #0. If a =0, the 
simpler equations 
dx = 0, 


2bdy -cdz =0 


should be used; the first equation has the obvious general solution x = C. 
> Canonical form of parabolic equations (case b? — ac = 0). In this case, equations 
(M12.2.1.5) and (M12.2.1.6) coincide and have a common general integral, 

plz, y) = C. 


By passing from x, y to new independent variables €, 7 in accordance with the relations 


E = y(x, y), n = NX, Y), 


where 7) = n(x, y) is any twice differentiable function that satisfies the condition of nonde- 


generacy of the Jacobian pet in the given domain, we reduce equation (M12.2.1.4) to the 


canonical form 


3w 
On? 
As 7, one can take n= x or n = y. 


It is apparent that the transformed equation (M12.2.1.7) has only one highest-derivative 
term, just as the heat equation (M12.2.1.1). 


one ) (M12.2.1.7) 


=F (Gn aE By 


Remark. In the degenerate case where the function F does not depend on the partial derivative gw, 
equation (M12.2.1.7) is an ordinary differential equation for the variable y, in which € serves as a parameter. 


> Canonical forms of hyperbolic equations (case b? — ac > 0). The general integrals 


plz, y) = C1, w(x, y) = C2 


of equations (M12.2.1.5) and (M12.2.1.6) are real and different. These integrals determine 
two different families of real characteristics. 
By passing from x, y to new independent variables €, y in accordance with the relations 


E = p(z,y) n=V(a,y), 
we reduce equation (M12.2.1.4) to 


a 


Ow Ow 
otan 


= F sih Ws TAn’ ana 
2 (< Ws Ber Be 
This is the so-called first canonical form of a hyperbolic equation. 
The transformation 


E=t+z, MEL 


brings the above equation to another canonical form, 


0? o? 
CA E FP; (szw, 


ðt? Oz 


Ow Ow 
Ot? 8z? 


where F3 = 4F5. This is the so-called second canonical form of a hyperbolic equation. 
Apart from notation, the left-hand side of the last equation coincides with that of the wave 
equation (M12.2.1.2). 

In some cases, reduction of an equation to a canonical form allows finding its general 
solution. 
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> Canonical form of elliptic equations (case b? — ac < 0). In this case the general 
integrals of equations (M12.2.1.5) and (M12.2.1.6) are complex conjugate; these determine 
two families of complex characteristics. 

Let the general integral of equation (M12.2.1.5) have the form 


pla y) + iplz,y)=C,  “=-l, 


where y(x, y) and w(x, y) are real-valued functions. 
By passing from x, y to new independent variables £, 7 in accordance with the relations 
E = pl(z,y) N=V(T,Y), 
we reduce equation (M12.2.1.4) to the canonical form 
Fw w r(e ðw w) 
AR = E E) W, Tyas Os SA a 
dea CASPA GE? An 


Apart from notation, the left-hand side of the last equation coincides with that of the Laplace 
equation (M12.2.1.3). 


M12.2.2. Equations with Many Independent Variables 


Let us consider a second-order partial differential equation with n independent variables 
L1,.-., Zn that has the form 


ue =~) (M12.2.2.1) 


Ow 
y R = F(x W, Oe Derer TA 


1,9=1 


where the a;; are some functions that have continuous derivatives with respect to all 
variables to the second order inclusive, and x = {x1,..., £n}. [The right-hand side of equa- 
tion (M12.2.2.1) may be nonlinear. The left-hand side only is required for the classification 
of this equation. ] 

At a point x = xo, the following quadratic form is assigned to equation (M12.2.2.1): 


Q = X` ass. (M12.2.2.2) 


i,j=1 


By an appropriate linear nondegenerate transformation 
rn 
GS: Game Calhas (M12.2.2.3) 
k=1 
the quadratic form (M12.2.2.2) can be reduced to the canonical form 
n 
Q=>) a, (M12.2.2.4) 
i=l 


where the coefficients c; assume the values 1, —1, and 0. The number of negative and 
zero coefficients in (M12.2.2.4) does not depend on the way in which the quadratic form is 
reduced to the canonical form. 
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TABLE M12.1 
Classification of equations with many independent variables. 


Type of equation (M12.2.2.1) at a point x = xo Coefficients of the canonical form (M12.2.2.4) 
Parabolic (in the broad sense) At least one coefficient of the c; is zero 


Hyperbolic (in the broad sense) All c; are nonzero and some c; differ in sign 
Elliptic All c; are nonzero and have like signs 


Table M12.1 presents the basic criteria according to which the equations with many 
independent variables are classified. 

Suppose all coefficients of the highest derivatives in (M12.2.2.1) are constant, a;; =const. 
By introducing the new independent variables y;,..., Y, in accordance with the formulas 


n 
Yi = >, Bik£k , Where the 6; are the coefficients of the linear transformation (M12.2.2.3), 
k=1 
we reduce equation (M12.2.2.1) to the canonical form 


n 2 
Y PEN (y. o 2), (M12.2.2.5) 
l yı OYn 


The coefficients c; here are the same as in the quadratic form (M12.2.2.4), and y = 
141» e a. 

Specific equations of parabolic, hyperbolic, and elliptic types will be discussed further 
in Sections M12.3, M12.5, and M12.7-M12.9. 


M12.3. Basic Problems for Linear Equations of 
Mathematical Physics 


M12.3.1. Initial and Boundary Conditions. Cauchy Problem. 
Boundary Value Problems 


Every equation of mathematical physics governs infinitely many qualitatively similar phe- 
nomena or processes. This follows from the fact that differential equations have infinitely 
many particular solutions. The specific solution that describes the physical phenomenon 
under study is isolated from the set of particular solutions of the given differential equation 
by means of initial and boundary conditions. 

Throughout this section, we consider linear equations in the n-dimensional Euclidean 
space R” or in an open domain V e R” (exclusive of the boundary) with a sufficiently 
smooth boundary S = OV. 


> Parabolic equations. Initial and boundary conditions. In general, a linear second- 
order partial differential equation of the parabolic type with n independent variables can be 


written as 9 
> ~ Ly lw] = &(x, t), (M12.3.1.1) 
where 
= Pw k Ow 
Ly :[w] = 2 aj (X, Von + 2 bx, Da +X tw, (MI2.3.12) 
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n n 
2 
X= ad y ax, HEE; 2 ee o >Q. 
i,j=l i=l 


Parabolic equations govern unsteady thermal, diffusion, and other phenomena dependent 
on time t. 

Equation (M12.3.1.1) is called homogeneous if P(x, t) = 0. 

Cauchy problem (t > 0, x e R”). Find a function w that satisfies equation (M12.3.1.1) 
for t > O and the initial condition 


w=f(x) at t=0. (M12.3.1.3) 


Example 1. The solution to the Cauchy problem for the one-dimensional heat equation (M12.2.1.1) with 
the initial condition (M12.3.1.3) is given by 


1 fore) _ 2 
w(t) = 5 I OE -£ = ES 


The derivation of this formula is shown in the example of Subsection M12.6.2. 


Boundary value problem* (t 2 0, x e V). Find a function w that satisfies equa- 
tion (M12.3.1.1) for t > 0, the initial condition (M12.3.1.3), and the boundary condition 


Pí¿w]=y(x,t) at xe S$ (t > 0). (M12.3.1.4) 


In general, I’, is a first-order linear differential operator in the space variables x with 
coefficients dependent on x and t. The basic types of boundary conditions are described in 
Subsection M12.3.2. 

The initial condition (M12.3.1.3) is called homogeneous if f(x) = 0. The boundary 
condition (M12.3.1.4) is called homogeneous if g(x, t) = 0. 


> Hyperbolic equations. Initial and boundary conditions. Consider a second-order 
linear partial differential equation of the hyperbolic type with n independent variables of 
the general form 
sa jo toe M12.3.1.5 
O42 + (p(x, ) Ot x tlw] — (x, ), ( eet. ) 
where the linear differential operator Ly + 1s defined by (M12.3.1.2). Hyperbolic equations 
govern unsteady wave processes, which depend on time t. 
Equation (M12.3.1.5) is said to be homogeneous if ®(x, t) = 0. 
Cauchy problem (t > 0, x e R”). Find a function w that satisfies equation (M12.3.1.5) 
for t > O and the initial conditions 


w = fo(x) at t=0, 
Qw = fi(x) at t=0. 


Example 2. The solution to the Cauchy problem for the one-dimensional wave equation (M12.2.1.2) with 
the initial conditions (M12.3.1.6) is given by d’Alembert’s formula: 


xt+t 
weet) = FEO fle- | AOE 

Boundary value problem (t 2 0, xe V). Find a function w that satisfies equa- 
tion (M12.3.1.5) for t > O, the initial conditions (M12.3.1.6), and boundary condition 
(M12.3.1.4). 

The initial conditions (M12.3.1.6) are called homogeneous if fo(x) =0 and f¡(x) =0. 

Goursat problem. On the characteristics of a hyperbolic equation with two independent 
variables, the values of the unknown function w are prescribed; for details, see Subsec- 
tion M12.8.3. 


(M12.3.1.6) 


* Boundary value problems for parabolic and hyperbolic equations are sometimes called mixed or initial- 
boundary value problems. 
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> Elliptic equations. Boundary conditions. In general, a second-order linear partial 
differential equation of elliptic type with n independent variables can be written as 


—Lx[w] = ®(x), (M12.3.1.7) 
where 
3 rw : Ow 
Lx[w] = 2 wO ar + 2. bx + CG (M12.3.1.8) 


` aij (E Ej 2 0 se ao >0. 


i,j=1 i=l 


Elliptic equations govern steady-state thermal, diffusion, and other phenomena independent 
of time t. 
Equation (M12.3.1.7) is said to be homogeneous if ®(x) = 0. 
Boundary value problem. Find a function w that satisfies equation (M12.3.1.7) and the 
boundary condition 
Dy[w] = g(x) at xe sS. (M12.3.1.9) 


In general, I’, is a first-order linear differential operator in the space variables x. The basic 
types of boundary conditions are described below in Subsection M12.3.2. 

The boundary condition (M12.3.1.9) is called homogeneous if g(x) = 0. The boundary 
value problem (M12.3.1.7)(M12.3.1.9) is said to be homogeneous if ® = 0 and g = 0. 


M12.3.2. First, Second, Third, and Mixed Boundary Value Problems 


For any (parabolic, hyperbolic, and elliptic) second-order partial differential equations, it is 
conventional to distinguish four basic types of boundary value problems, depending on the 
form of the boundary conditions (M12.3.1.4) [see also the analogous condition (M12.3.1.9)]. 
For simplicity, here we confine ourselves to the case where the coefficients a;; of equations 
(M12.3.1.1) and (M12.3.1.5), with the operator defined by (M12.3.1.2), have the special 
form E 
z = z sn u =)3, 
ata e GE if e 
This situation is rather frequent in applications; such coefficients are used to describe various 
phenomena (processes) in isotropic media. 


> First boundary value problem. The function w(x, t) takes prescribed values at the 
boundary S of the domain: 


w(x,t)=g1(x,t) for xe S. (M12.3.2.1) 


> Second boundary value problem. The derivative along the (outward) normal is pre- 
scribed at the boundary S of the domain: 


O 

N = (x,t) for xe S. (M12.3.2.2) 
In heat transfer problems, where w 1s temperature, the left-hand side of the boundary 
condition (M12.3.2.2) is proportional to the heat flux per unit area of the surface S. 
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TABLE M12.2 
Boundary conditions for various boundary value problems specified by parabolic 
and hyperbolic equations in two independent variables (xı < x < 22). 


Type of problem Boundary condition at x= x1 Boundary condition at x = x2 
First boundary value problem w = gi(t) w= g(t) 
Second boundary value problem O,w = gi(t) Orw = grt) 


Third boundary value problem O,w + Bw = gi(t) (31 <0) O,w + Gow = g(t) (82 >0) 


> Third boundary value problem. A linear relationship between the unknown function 
and its normal derivative is prescribed at the boundary S of the domain: 


O 

CY Ex tw = 93(x,t) for xes. (M12.3.2.3) 

ON 
It is usually assumed that k(x, t) = const. In mass transfer problems, where w is concentra- 
tion, the boundary condition (M12.3.2.3) with g3 = 0 describes a surface chemical reaction 
of the first order. 


> Mixed boundary value problems. Conditions of various types, listed above, are set at 
different portions of the boundary S. 

If gı =0, g2 =Q, or g3 =0, the respective boundary conditions (M12.3.2.1), (M12.3.2.2), 
and (M12.3.2.3) are said to be homogeneous. 

Boundary conditions for various boundary value problems for parabolic and hyperbolic 
equations in two independent variables x and t are displayed in Table M12.2. The equation 
coefficients are assumed to be continuous, with the coefficients of the highest derivatives 
being nonzero in the range zı < x < x2 considered. 


Remark 1. For elliptic equations, the coefficients a;; as well as the right-hand sides of the boundary 
conditions (M12.3.2.1)-(M12.3.2.3) are independent of time t. 


Remark 2. For elliptic equations, the first boundary value problem is often called the Dirichlet problem, 
and the second boundary value problem is called the Neumann problem. 


M12.4. Properties and Exact Solutions of Linear 
Equations 


M12.4.1. Homogeneous Linear Equations and Their Particular 
Solutions 


> Preliminary remarks. For brevity, in this paragraph a homogeneous linear partial 
differential equation will be written as 


L[w] = 0. (M12.4.1.1) 


For second-order linear parabolic and hyperbolic equations, the linear differential opera- 
tor L[w] is defined by the left-hand side of equations (M12.3.1.1) and (M12.3.1.5), respec- 
tively. It is assumed that equation (M12.4.1.1) is an arbitrary homogeneous linear partial 
differential equation of any order in the variables t, £1, ..., 2, with sufficiently smooth 
coefficients. 
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A linear differential operator £ possesses the properties 


Llw + w2] = Liwi] + Liw], 
£[Aw]= AL[w], A= const. 


An arbitrary homogeneous linear equation (M12.4.1.1) has a trivial solution, w = Q. 

A function w is called a classical solution of equation (M12.4.1.1) 1f w, when substituted 
into (M12.4.1.1), turns the equation into an identity and 1f all partial derivatives of w that 
occur in (M12.4.1.1) are continuous; the notion of a classical solution is directly linked to 
the range of the independent variables. In what follows, we usually write “solution” instead 
of “classical solution” for brevity. 


> Use of particular solutions for the construction of other solutions. Below are some 
properties of particular solutions of homogeneous linear equations. 


1°. Let wı = Ww1(X, t), w2 = W(X, t), ..., Wk = Wk(X, t) be any particular solutions of the 
homogeneous equation (M12.4.1.1). Then the linear combination 


W = Aw] + Aw eae AzWr (M12.4.1.2) 


with arbitrary constants A,, Ao, ..., Az is also a solution of equation (M12.4.1.1); in 
physics, this property is known as the principle of linear superposition. 
Suppose {w} is an infinite sequence of solutions of equation (M12.4.1.1). Then the 
CoO 


series X` wg, irrespective of its convergence, is called a formal solution of (M12.4.1.1). If 
k=1 

the solutions wę are classical, the series is uniformly convergent, and the sum of the series 

has all the necessary partial derivatives, then the sum of the series is a classical solution of 


equation (M12.4.1.1). 


2°. Let the coefficients of the linear differential operator £ be independent of time t. If 
equation (M12.4.1.1) has a particular solution w = w(x, t), then the partial derivatives of w 
with respect to time,* 

Ow Ow Ow 


ETE a SU atk’ ee 
are also solutions of equation (M12.4.1.1). 


3°. Let the coefficients of the linear differential operator £ be independent of the space 
variables £1,..., £n. If equation (M12.4.1.1) has a particular solution w = w(x, t), then the 
partial derivatives of w with respect to the space coordinates 


Ow Ow Ow 0% Ow OEM a 
Ox,’ 017" 0x3" Oat” R102." aka” 
are also solutions of equation (M12.4.1.1). 


If the coefficients of £ are independent of only one space coordinate, say xı, and 
equation (M12.4.1.1) has a particular solution w = w(x, t), then the partial derivatives 


Ow Ow otw 


Ox ox? Ər” 


are also solutions of equation (M12.4.1.1). 


* Here and in what follows, it is assumed that the particular solution w is differentiable sufficiently many 
times with respect to t and x1,..., tn (or the parameters). 
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4”. Let the coefficients of the linear differential operator £ be constant and let equa- 
tion (M12.4.1.1) have a particular solution w = w(x,t). Then any partial derivatives of w 
with respect to time and the space coordinates (including mixed derivatives) 


Ow Ow Ow rw Ow 
Ot’ Ox, - da? Otðzr - da 


are solutions of equation (M12.4.1.1). 


5°. Suppose equation (M12.4.1.1) has a particular solution dependent on a parameter u, 
w = w(x, t; u), and the coefficients of the linear differential operator £ are independent of u 
(but can depend on time and the space coordinates). Then, by differentiating w with respect 
to u, one obtains other solutions of equation (M12.4.1.1), 


ðw EÙ OD 
Ou > Op 2 ee 20.119 Ouk > 
Example 1. A linear heat equation with a source of the form 
au =a Fw + bw 
Ot Ox? 


has a particular solution 
w(x, t) = expl yx + (ap + b)t], 


where u is an arbitrary constant. Differentiating this solution with respect to u yields another solution 
w(x, t) = (x + 2aut) exp[ux + (ap + bye]. 


Let some constants u1, ..., 44 belong to the range of the parameter u. Then the sum 
W = A, w(x, t; u1) IS E Apw(x, o uk), (M12.4.1.3) 


where A, ..., Az are arbitrary constants, is also a solution of the homogeneous linear 
equation (M12.4.1.1). The number of terms in the sum (M12.4.1.3) can be both finite and 
infinite. 


6°. Another effective way of constructing solutions involves the following considerations. 
The particular solution w(x, t; u), which depends on the parameter u (as before, it is 
assumed that the coefficients of the linear differential operator £ are independent of u), is 
first multiplied by an arbitrary function y(u). Then the resulting expression is integrated 
with respect to u over some interval [a, 5]. Thus, one obtains a new function, 


B 
/ xt: pta) de, 


which is also a solution of the original homogeneous linear equation. 

The properties listed in Items 1°—6° enable one to use known particular solutions 
to construct other particular solutions of homogeneous linear equations of mathematical 
physics. 
> Multiplicative separable solutions. Many homogeneous linear partial differential 
equations have solutions that can be represented as the product of functions depending 
on different arguments. Such solutions are referred to as multiplicative separable solu- 


tions; very commonly these solutions are briefly, but less accurately, called just separable 
solutions. 
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TABLE M12.3 
Homogeneous linear partial differential equations that admit multiplicative separable solutions. 


Form of equation (M12.4.1.1) Form of particular solutions 


1 Equation coefficients are 
constant 
> Equation coefficients are 
independent of time t 
Equation coefficients are ia 
of the coordinates x1, 


Equation coefficients are D 
of the coordinates 7,..., Tk 


L¿[w]+ Lx[w] = 0 
operator L+ depends on only t, 
operator Lx depends on only x 


L¿[w]+ Lilw] +--+ Lnalw] = 0 
operator L+ depends on only t, 
operator Ly, depends on only £k 


folxi)Lilw 


operator Li Eae on only t, 
operator Ly, depends on only £k 


] + 2 Fco, [tw] = 


W(X, t) = Aexp(At + 3141 Ae toe 
DB tints: ds 


+ On Ln ) , 
Bn are related by an algebraic equation 


w(x, t) = etx), 


A is an arbitrary constant, x = {£1,..., Zn} 


w(x, t) = exp(Bit1 +--+ + BnEn Yt), 
B1,..., Bn are arbitrary constants 


w(x, t) = explBizi+: -+ OL) (Ll, Tk+1,. - . , En), 
B1,..., Bk are arbitrary constants 


w(x, t) = POYA), 
y(t) satisfies the equation Lily] + Ap = 0, 
w(x) satisfies the equation Ly[Y]- Ay = 0 


w(x, t) = pyp (x1)... Ynl En), 
y(t) satisfies the equation Lily] + Ap = 0, 
Vr (xy) satisfies the equation Ly [We] + Breve = 0 
A+ Bi +---+ Bn =0 


w(x, t) = p(t)y1(x1)..-n(Fn), 
Lily] + Ap = 0, 
Lyl[ve] + Bev, =0, k=2,...,n 


fila)Laldal [Afoler) + Y Afen] = 0 


Table M12.3 presents the most commonly encountered types of homogeneous linear 
differential equations with many independent variables that admit exact separable solu- 
tions. Linear combinations of particular solutions that correspond to different values of the 


separation parameters, A, 61, ..., 


Bn, are also solutions of the equations in question. For 


brevity, the word “operator” is used below to denote “linear differential operator.” 
For a constant coefficient equation (see the first row in Table M12.3), the separation 


parameters must satisfy the algebraic equation 


DOB ass 


, Pn) =9 (M12.4.1.4) 


which results from substituting the solution into equation (M12.4.1.1). In physical appli- 
cations, equation (M12.4.1.4) is usually referred to as a dispersion equation. Any n of the 
n +1 separation parameters in (M12.4.1.4) can be treated as arbitrary. 


Example 2. Consider the telegraph equation 
Ow Ow 
Ot? Ot 


A particular solution is sought in the form 


2 Ow Ow 


Ge A 


w = Aexp(Gx + At). 


This results in the dispersion equation A? + kà = a” 8° + bB + c, where one of the two parameters 8 or À can 


be treated as arbitrary. 


Remark 1. For stationary equations that do not depend on t, one should set A= 0, L¿[w] 


in rows 1, 6, and 7 of Table M12.3. 


= 0, and y(t) = 1 
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Remark 2. Multiplicative separable solutions play an important role in the theory of linear partial differ- 
ential equations; they are used for finding solutions to stationary and nonstationary boundary value problems; 
see Sections M12.5 and M12.7-M12.9. 


> Solutions of some linear equations encountered in applications. 


1°. Some particular solutions of the heat equation 


Ow Ow 


Ot á Ox? 
are listed below: 


w(x) = Ax + B, 
w(x, t) = Ala? + 2at) + B, 
w(x, t) = A(x? + 6atx) + B, 
w(x, t) = Ala? + 12ata? + 12a7t?) + B, 


wíx,t)=x T (ODE, 
k=1 l 
Can Sa O DO a Qn-2k+2). oana 
wWzx,t)=x + 2 ge) T : 
=l 


w(x, t)= A explau’t + ux)+ B, 
2 

w(x, t) = A— exp (7) + B, 
a 


wíx,t)= A exp(=au*t) cos(ux + B)+C, 
w(x, t) = Aexp(—"x) cos(ux — Qapt + B)+C, 


w(x, t) = Aert(—— +B, 


at 


where A, B, C, and u are arbitrary constants, n is a positive integer, and erf z = 


2 Z 
— / exp(-€?) dé is the error function (probability integral). 
VT Jo 
2°. The general solution of the wave equation 


Ow = 5 Ow 


Ot == Ox? 


is given by 
w(x, t) = p(x + at) + y(x- at), 


where py(z1) and Y(z>) are arbitrary functions. 
3°. Particular solutions of Laplace equation (M12.2.1.3) in the Cartesian coordinate system: 


w(x, y) = Ax + By +C, 
w(x, y) = A(x? — y) + Bxy, 
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w(z, y) = Ala? — 3xy*) + BBz y - y), 
w(x, y) = pa HG, 
APY 
w(x, y) = exp(tux)(A cos uy + B sin uy), 
w(x, y) = (A cos ux + B sin ux) exp(tpy), 
w(x, y) = (A sinh wx + B cosh uxX(C cos uy + D sin uy), 
w(x, y) = (Acos ux + B sin ux)(C sinh wy + D cosh uy), 


where A, B, C, D, and u are arbitrary constants. 
Particular solutions of Laplace equation (M12.2.1.3) in the polar coordinate system: 


w(r)= Alnr+ B, 


B 
w(r, p) = (ar + =) (C cos mg + D sin mo), 
pm 


where A, B, C, and D are arbitrary constants, and m = 1, 2, ... 


M12.4.2. Nonhomogeneous Linear Equations and Their Particular 
Solutions 


> Simplest properties of nonhomogeneous linear equations. For brevity, we write a 
nonhomogeneous linear partial differential equation in the form 


Liw] = ®(x, 0), (M12.4.2.1) 


where the linear differential operator £ is defined above (see the beginning of Subsec- 
tion M12.4.1). 

Below are the simplest properties of particular solutions of the nonhomogeneous equa- 
tion (M12.4.2.1). 


1°. If w(x, t) is a particular solution of the nonhomogeneous equation (M12.4.2.1) and 
wo(x, t) is a particular solution of the corresponding homogeneous equation (M12.4.1.1), 
then the sum 

Awo(x, t) + Wwa, t), 


with arbitrary constant A, is also a solution of the nonhomogeneous equation (M12.4.2.1). 
The following, more general statement holds: The general solution of the nonhomogeneous 
equation (M12.4.2.1) is the sum of the general solution of the corresponding homoge- 
neous equation (M12.4.1.1) and any particular solution of the nonhomogeneous equa- 
tion (M12.4.2.1). 


2°. Suppose w; and wą are solutions of nonhomogeneous linear equations with the same 
left-hand side and different right-hand sides, 1.e., 


Llw] = 91(x, £), Llw] = &2(x, t). 
Then the function w = w1 + w is a solution of the equation 


Liw] = ®1(x, t) + B(x, t). 
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> Fundamental and particular solutions of stationary equations. Consider the second- 
order linear stationary (time-independent) nonhomogeneous equation 


L[w] = —®(x). (M12.4.2.2) 


Here, Ly is a linear differential operator of the second (or any) order of general form whose 
coefficients are dependent on x, where x e R”. 
A function $ = ¿(x, y) that satisfies the equation with a special right-hand side 


Lx[6] = -ôx — y) (M12.4.2.3) 


is called a fundamental solution corresponding to the operator Ly. In (M12.4.2.3), d(x) is 
an n-dimensional Dirac delta function and the vector quantity y = {y1,..., Yn} appears in 
equation (M12.4.2.3) as an n-dimensional free parameter. It is assumed that y e IR”. 

The n-dimensional Dirac delta function possesses the following basic properties: 


1. (X) = 0(x21)0(x>)...ó(2,), 
2, [ EIA Y dy = 30, 


where ó(x7.) is the one-dimensional Dirac delta function, P(x) is an arbitrary continuous 
function, and dy = dy; ... dyn. 

For constant coefficient equations, a fundamental solution always exists. 

The fundamental solution ¢ = ¿(x, y) can be used to construct a particular solution of 
the linear stationary nonhomogeneous equation (M12.4.2.2) for arbitrary continuous P(x); 
this particular solution is expressed as follows: 


w(x) = | O(y)&(x, y) dy. (M12.4.2.4) 
RR 


Remark 1. The fundamental solution @ is not unique; it is defined up to an additive term wo = wo(x), 
which is an arbitrary solution of the homogeneous equation Lx[wo] = 0. 


Remark 2. For constant coefficient differential equations, the fundamental solution possesses the property 
(x, y) = ¢(x—Y). 


Remark 3. The right-hand sides of equations (M12.4.2.2) and (M12.4.2.3) are often prefixed with the 
plus sign. In this case, formula (M12.4.2.4) remains valid. 


Example. For the two- and three-dimensional Poisson equations, the fundamental solutions have the forms 


Equations Fundamental solutions 
rw Ow 11 
— + = —® a => . > ’ = — In me 
ow Ow w 


1 
= —D(L1, 02,03) => lTi, £2; T3; Yis Y2: Y3) = 3—» 
4rr 


— + 
2 2 2 
Of, Or ‘Ox; 


where p = y (21 —y1)* + (42 — yo)? and r = y (21 —y1)? + (42 — yr)? + (£3 — ya). 


M12.5. Method of Separation of Variables (Fourier 
Method) 
M12.5.1. Solution of Problems for Parabolic Equations 


> Mathematical statement of the problem. Consider boundary value problems for a 
linear homogeneous parabolic equation of the form 


Ow Oe w Ow 
w AT + o) + [c(x) ii y(t)] w (M12.5.1.1) 
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with homogeneous linear boundary conditions, 


s10,w+kiw=0 at z=21, 
M12.5.1.2 
s0,w+kw=0 at z=2, ) 


and an arbitrary initial condition, 
w= fox) at t=0. (M12.5.1.3) 


We assume that the coefficients of equation (M12.5.1.1) and boundary conditions 
(M12.5.1.2) meet the following requirements: 


a(x), b(x), c(x), and y(t) are continuous functions; a(x) > 0, |sı|+ lkl > 0, |s2|+|A2| > 0. 


Remark. In various applications, equations of the form (M12.5.1.1) may arise with the coefficient b(x) 
going to infinity at the boundary, b(x) — co as x — x1, with the other coefficients being continuous. In this 
case, the first boundary condition in (M12.5.1.2) should be replaced with a condition of boundedness of the 
solution as x — xı. This may occur in spatial problems with central or axial symmetry where the solution 
depends only on the radial coordinate. 


> Derivation of equations and boundary conditions for particular solutions. The 
method of separation of variables is based on searching for particular solutions of equa- 
tion (M12.5.1.1) in the product form 


w(x, t) = p(x) w(t). (M12.5.1.4) 


Let us substitute (M12.5.1.4) into (M12.5.1.1) and divide all terms of the equation by 
(x) w(t). Then we move the terms dependent on t to the left-hand side and those dependent 
on x to the right-hand side to obtain 


Ye d A 
Y p 


This equality is achieved if both sides are equal to the same constant quantity, —A. The 

free parameter A is called the separation constant. Thus, we arrive at the following linear 
ordinary differential equations for y = y(x) and w = y(t): 

AL) y. + UD)", + [A+ cl) lo = 0, (M12.5.1.5) 

Ye + AI) = 0. (M12.5.1.6) 


Substituting (M12.5.1.4) into (M12.5.1.2) yields the boundary conditions for y = y(x): 


sio. +kio=0 at x=, 
a ne i (M12.5.1.7) 
S29; tkp =0 at xr=zx. 


The homogeneous linear ordinary differential equation (M12.5.1.5) in conjunction with the 
homogeneous linear boundary conditions (M12.5.1.7) makes up an eigenvalue problem. 


> Solution of eigenvalue problems. Orthogonality of eigenfunctions. Let (x, A) and 
(02(x, A) be linearly independent particular solutions of equation (M12.5.1.5). Then the 
general solution of this equation can be represented as the linear combination 


p = Cp (a, A) + Capaz, A), (M12.5.1.8) 


where C4 and C% are arbitrary constants. 
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Substituting solution (M12.5.1.8) into the boundary conditions (M12.5.1.7) yields the 
following homogeneous linear algebraic system of equations for C4 and C): 


AJC A)C> = 0, 
OAC) + o12(A)C2 (M12.5.1.9) 
O21 (A)C] + 022(A)C2 = 0, 
where oj;(A) = [sij Y, + kip; =p." For system (M12.5.1.9) to have nontrivial solutions, 
1ts determinant must be zero; we have 


011(A)o22(A) — 042(A)o21 (A) = 0. (M12.5.1.10) 

Solving the transcendental equation (M12.5.1.10) for A, one obtains the eigenvalues X= An, 
where n = 1, 2, ... For these values of A, equation (M12.5.1.5) has nontrivial solutions, 

Pl) = CAN PLL, An) — 011 (An )P2(T, An); (M12.5.1.11) 


which are called eigenfunctions (these functions are defined up to a constant multiplier). 
To facilitate the further analysis, we represent equation (M12.5.1.5) in the form 


[pto 1, + ple) -a)y = 0, (M12.5.1.12) 
where 
exp) [ COMO La [ 2@ 
p(x) = exp | / aay de AS TES exp | J de , p(x) = T exp | J T de. 
(M12.5.1.13) 


It follows from the adopted assumptions that p(x), p⁄.(£x), q(x), and p(x) are continuous 
functions, with p(x) > 0 and p(x) > 0. 

The eigenvalue problem for equation (M12.5.1.12) subject to the boundary conditions 
(M12.5.1.7) is known to possess the following properties: 

1. All eigenvalues Aj, A2, ... are real, and An — co as n — 00; consequently, the 
number of negative eigenvalues is finite. Each eigenvalue is of multiplicity 1. 

2. The system of eigenfunctions (pi(x1), p(x), ... is orthogonal on the interval 
11 < £ < x2 with weight p(x), 1.e., 


T2 
/ AXL)Yn(L)Ym(x)dx =O for n+m. (M12.5.1.14) 


1 


3. If 
q(x) 20, sıkı <0, sk 20, (M12.5.1.15) 


there are no negative eigenvalues. If q =0 and kı = kz = 0, the least eigenvalue is A; = 0 
and the corresponding eigenfunction is yı = const. Otherwise, all eigenvalues are positive, 
provided that conditions (M12.5.1.15) are satisfied; the first inequality in (M12.5.1.15) is 
satisfied if c(x) < 0. 

Subsection M11.2.4 presents some estimates for the eigenvalues A, and eigenfunc- 
tions (p(x). 
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> Series solutions of boundary value problems for parabolic equations. The solution of 
equation (M12.5.1.1) corresponding to the eigenvalues A= Apn and satisfying the normalizing 
conditions 4, (0) = 1 has the form 


t 
Wn(t) = exp nt + / VE) de . (M12.5.1.16) 
0 


Then the solution of the nonstationary boundary value problem for equation (M12.5.1.1) 
with the boundary conditions (M12.5.1.2) and initial condition (M12.5.1.3) is sought in the 
series form 


w(x, t) = X Anpn(T) Yn Ct); (M12.5.1.17) 


n=1 


the A,, are some constant quantities, whose values are determined in the course of solving 
the problem. The functions wn(x, t) = onlx) Yn(t) in (M12.5.1.17) are particular solutions 
of equation (M12.5.1.1) satisfying the boundary conditions (M12.5.1.2). By the principle of 
linear superposition, series (M12.5.1.17) is also a solution of the original partial differential 
equation that satisfies the boundary conditions. 

To determine the coefficients An, we substitute series (M12.5.1.17) into the initial 
condition (M12.5.1.3), thus obtaining 


S| Antonta) = fo(a). 


n=l 


Multiplying this equation by píx)on(x), where the weight function p(x) is defined in 
(M12.5.1.13), then integrating the resulting relation with respect to x over the interval 
11 < £ < x2, and taking into account the properties (M12.5.1.14), we find 


1 22 L2 
An= Toa / panle) fole) dr, len]? = / play (a) dx.  (M12.5.1.18) 


Relations (M12.5.1.17), (M12.5.1.16), (M12.5.1.11), and (M12.5.1.18) give a formal 
solution of the nonstationary boundary value problem (M12.5.1.1)—(M12.5.1.3). 


Example. Consider the first boundary value problem on the interval O < x < l for the heat equation 


oe z = (M12.5.1.19) 
with the general initial condition (M12.5.1.3) and the homogeneous boundary conditions 
w=0 at z=0, we”: Bt s= (M12.5.1.20) 
The functions Yn (t) in solution (M12.5.1.17) are found from (M12.5.1.16) where y(t) = 0: 
Wn(t) = exp CAnt). (M12.5.1.21) 


The functions py, (x) are determined by solving the eigenvalue problem (M12.5.1.5), (M12.5.1.7) with a(x) = 1, 
asise =O, 6 5s = 0, kh =] = Lo = 0 anda = 7 


Crm tA = 0; p=0 at x=0, o= 0. at Bal 


So we obtain the eigenfunctions and eigenvalues: 


2 
oe sin( "=". An = (25) ae (M12.5.1.22) 
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The solution to problem (M12.5.1.19), (M12.5.1.20), (M12.5.1.3) is given by formulas (M12.5.1.17), 
(M12.5.1.18), (M12.5.1.21), and (M12.5.1.22). Taking into account that ||y, |]? =1/2, we obtain 


Oo PAS l 
w(a,t)= Y An sin( "5 ) exp (A) An = if HE) sn( 27E) dë. (M12.5.1.23) 


n=1 


If the function folx) is twice continuously differentiable and the compatibility conditions (see below) 
are satisfied, then series (M12.5.1.23) is convergent and admits termwise differentiation, once with respect 
to t and twice with respect to x. In this case, formula (M12.5.1.23) gives the classical smooth solution of 
problem (M12.5.1.19, (M12.5.1.20), (M12.5.1.3). [If fo(x) is not as smooth as indicated or if the compatibility 
conditions are not met, then series (M12.5.1.23) may converge to a discontinuous function, thus giving only a 
generalized solution. | 


> Conditions of compatibility of initial and boundary conditions. Suppose the func- 
tion w has a continuous derivative with respect to t and two continuous derivatives with 
respect to x and is a solution of problem (M12.5.1.1)(M12.5.1.3). Then the boundary 
conditions (M12.5.1.2) and the initial condition (M12.5.1.3) must be consistent; namely, 
the following compatibility conditions must hold: 


[si fo F kı fola=a, =0, [s2 fo F ko fola=a, = 0. (M12.5.1.24) 


If sı = 0 or sz = 0, then the additional compatibility conditions 


[a(x) fo + 0) fole=a, =O if s¡=0, 


7 / l (M12.5.1.25) 
[a(x) fo + (1) fole=x, =0 if s,=0 


must also hold; the primes denote the derivatives with respect to zx. 


M12.5.2. Solution of Problems for Hyperbolic Equations 


> Solution of problems by the method of separation of variables. Consider a linear 
homogeneous hyperbolic equation of the form 


Ow 


Ow rw Ow 
aay + BO = ala) sz +) + elx) + y(t)] w (M12.5.2.1) 


with homogeneous linear boundary conditions (M12.5.1.2) and arbitrary initial conditions, 


w= fox) at t=0, (M12.5.2.2) 
Ow = fi(x) at t=O. (M12.5.2.3) 


We assume that the coefficients of equation (M12.5.2.1) and boundary conditions 
(M12.5.1.2) meet the following requirements: 


a(t), O), y(t), a(x), b(x), and c(x) are continuous functions, 
a(t)>0, atz)>0, |sil+|ki]>90, [52] +]%2] > 0. 


Let us use the method of separation of variables to solve boundary value problems 
for homogeneous linear equations of the hyperbolic type (M12.5.2.1) with homogeneous 
boundary conditions (M12.5.1.2) and nonhomogeneous initial conditions (M12.5.2.2) and 
(M12.5.2.3). 

The approach is based on searching for particular solutions of equation (M12.5.2.1) in 
the product form (M12.5.1.4). After separating the variables and rearranging (in much the 
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same way as in Subsection M12.5.1 for parabolic equations), one arrives at the following 
linear ordinary differential equations for the functions y = y(x) and y = w(t): 


ALL). + UD. + [A+ c(z)]y = 0, (M12.5.2.4) 
Dpr + BOY; + LA YT = 0. (M12.5.2.5) 


Note that equation (M12.5.2.4) coincides with (M12.5.1.5). 
For hyperbolic equations, the solution of the boundary value problem (M12.5.2.1)- 
(M12.5.2.3), (M12.5.1.2) is sought in the series form 


w(a,t)= nta) [Ann E) + Bntn2®]. (M12.5.2.6) 


n=l 


The A, and B, are some constant quantities, whose values are determined further in the 
course of solving the problem. The functions y,,(x) and the numbers An are determined by 
solving the eigenvalue problem (M12.5.2.4), (M12.5.1.7). The functions w,1(¢) and Yn2(t) 
are particular solutions of the linear equation (M12.5.2.5) for w (with A = An) that satisfy 
the conditions 


YniO)=1, Y (O=0; Ym =0, 4.(0)=1. (M12.5.2.7) 


Substituting solution (M12.5.2.6) into the initial conditions (M12.5.2.2) and (M12.5.2.3) 
yields 


S Antona) = fot), y Bayna) = fila). 


n=1 n=1 


Multiplying these equations by p(x)0,(1), where the weight function p(x) is defined in 
(M12.5.1.13), then integrating the resulting relations with respect to x over the interval 
zı S x < x2, and taking into account the properties (M12.5.1.14), we obtain the coefficients 
of series (M12.5.2.6) in the form 


T2 


1 ne 1 
An = TA. AX) pn(x)fo(x)dx, Bn = e AX) pn(x) fu) da. 


(M12.5.2.8) 
The quantity ||,,|| is defined in (M12.5.1.18). 

Relations (M12.5.2.6), (M12.5.1.11), and (M12.5.2.8) together with the solutions of the 
problems for equation (M12.5.2.5) subject to the initial conditions (M12.5.2.7) give a formal 
solution of the nonstationary boundary value problem for equation (M12.5.2.1) subject to 
the initial conditions (M12.5.2.2) and (M12.5.2.3) and boundary conditions (M12.5.1.2). 


Example. Consider a mixed boundary value problem on the interval 0 < x < l for the wave equation 
Ow e Ow 

Ot dx? 

with the general initial conditions (M12.5.2.2) and (M12.5.2.3) and the homogeneous boundary conditions 


(M12.5.2.9) 


w=0 at xz=0, Ow =O at. mel (M12.5.2.10) 


The solution of this mixed boundary value problem for equation (M12.5.2.9) is sought in the series form 
(M12.5.2.6). The functions n(x) are determined by solving the eigenvalue problem (M12.5.2.4), (M12.5.1.7) 
with a(x) = 1, b(x) = c(x) = 0, sı =k2=0, s2 = kı = 1, zı = 0, and x2 = l: 


Pl, +r\4p=0; g=0 at x=0, gf, =0 at «=l. 
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So we obtain the eigenfunctions and eigenvalues: 
T(2n — 1) 
ME 


The functions Ynı(t) and Yn2(t) are determined by the linear equation [see (M12.5.2.5) with a(t) = 1, 
P(t) = y(t) = 0, and A = An] 


QYn(@) =sin(un®), Hn =VAn = a A (M12.5.2.11) 


Wie + AW = 0 
with the initial conditions (M12.5.2.7). We find 
1 
Yni(t) = cos(WAnt), Wna(t) = e sin(VAn t). (M12.5.2.12) 


The solution to problem (M12.5.2.9), (M12.5.2.10), (M12.5.2.2), (M12.5.2.3) is given by formulas 
(M12.5.2.6), (M12.5.2.11), (M12.5.2.12), and (M12.5.2.8). Taking into account that ||, ||? = 1/2, we have 


w(a,t) = Y [An cos(fnt) + Bn sin(pnt)] sin(unt), pin = > 
a (M12.5.2.13) 


l l 
An = Z / fo(x)sin(unx)dx, Bn = Ea / fi(x) sin, x) dx. 
l 0 lun 0 


If fo(x) and fı(x) have three and two continuous derivatives, respectively, and the compatibility conditions 
are met (see below), then series (M12.5.2.13) is convergent and admits double termwise differentiation. In 
this case, formula (M12.5.2.13) gives the classical smooth solution of problem (M12.5.2.9), (M12.5.2.10), 
(M12.5.2.2), (M12.5.2.3). 


> Conditions of compatibility of initial and boundary conditions. Suppose w is a twice 
continuously differentiable solution of the problem for equation (M12.5.2.1) subject to the 
initial conditions (M12.5.2.2) and (M12.5.2.3) and boundary conditions (M12.5.1.2). Then 
conditions (M12.5.1.24) and (M12.5.1.25) must hold. In addition, the following conditions 
of compatibility of the boundary conditions (M12.5.1.2) and initial condition (M12.5.2.3) 
must be satisfied: 


[si fi ES kı file=a, = 0, [sofy + ko flex, = 0. 


M12.5.3. Solution of Problems for Elliptic Equations 


> Solution of a special problem for elliptic equations. Now consider a boundary value 
problem for the elliptic equation 


On w Ow Ow Ow 
aa) + UD + y + ADE + (c(1) + y(y) w=0 (M12.5.3.1) 


with homogeneous linear boundary conditions (M12.5.1.2) in x and the following mixed 
(homogeneous and nonhomogeneous) boundary conditions in y: 


010,w+11w=0 at y=Y1, (M12.5.3.2) 
o20ywt+inw = f(x) at y=y. a 


We assume that the coefficients of equation (M12.5.3.1) and boundary conditions 
(M12.5.1.2) and (M12.5.3.2) meet the following requirements: 


a(x), b(x), clx) ay), Bly), and y(y) are continuous functions, 
a(x) > 0, aly) > 0, |s1] + [Ai] > 0, [s2] + lk2| > 0, lor] + [vi] > 0, loo] + |v2| > 0. 
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The method of separation of variables is based on searching for particular solutions of 
equation (M12.5.3.1) in the product form 


w(x, y) = v(x) Wy). (M12.5.3.3) 


As before, we first arrive at the eigenvalue problem (M12.5.1.5), (M12.5.1.7) for the function 
Y = y(x); the solution procedure is detailed in Subsection M12.5.1. Further on, we assume 
that the Àn and y,,(x) have been found. The functions Yn = Yn(y) are determined by solving 
the linear ordinary differential equation 


ayy + By, + [y (y) — Ant = 0 (M12.5.3.4) 


subject to the homogeneous boundary condition 
a1 0yW +uy=0 at y=y, (M12.5.3.5) 


which follows from the first condition in (M12.5.3.2). The functions Yn are determined up 
to a constant factor. 

Taking advantage of the principle of linear superposition, we seek the solution to the 
boundary value problem (M12.5.3.1), (M12.5.3.2), (M12.5.1.2) in the series form 


w(z, y) = X | Anvn(a ny); (M12.5.3.6) 


n=1 


The A,, are some constants, which are to be determined. By construction, series (M12.5.3.6) 
will satisfy equation (M12.5.3.1) with the boundary conditions (M12.5.1.2) and the first 
boundary condition (M12.5.3.2). In order to find the coefficients A,,, substitute (M12.5.3.6) 
into the second boundary condition (M12.5.3.2) to obtain 


dn 


> AnBnvn(@) = fe), Ba = 072 dy 


n=1 


F V2Wy(Y2). (M12.5.3.7) 
Y=Y2 


Further, we follow the same procedure as in Subsection M12.5.1. Specifically, multiplying 
(M12.5.3.7) by p(x)p,(x), then integrating the resulting relation with respect to x over the 
interval xı < x < x2 and taking into account the properties (M12.5.1.14), we obtain 


1 £2 T2 
An= BT J NEPE (a) da, enl? = / pa) (2) dx, (M12.5.3.8) 


Tı 1 
where the weight function p(x) 1s defined in (M12.5.1.13). 
Example. Consider the first (Dirichlet) boundary value problem for the Laplace equation 


Ow a 8w 7 
da? Oy? 


(M12.5.3.9) 


subject to the boundary conditions 


w=0 at z=0, w=0 at x=/li; 
(M12.5.3.10) 
w=0. at y=0, w= He) at y=b 


in a rectangular domain0<x</,0<yS la. 
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Particular solutions to equation (M12.5.3.9) are sought in the form (M12.5.3.3). We have the following 
eigenvalue problem for y(x): 
Pra FAQ EO; o= 0 at (2 = 0, p=0 a x=. 


On solving this problem, we find the eigenfunctions with respective eigenvalues 
yn(&) = sin(unt), Hn =VAn = -a IA (M12.5.3.11) 
1 


The functions Wn = Y (y) are determined by solving the following problem for a linear ordinary differential 
equation with homogeneous boundary conditions (at this stage, the functions ~,, are determined up to a constant 
factor each): 

Puy —Anw = 0; w=0 at y=0. (M12.5.3.12) 


It is a special case of problem (M12.5.3.4), (M12.5.3.5) with a(y) = 1, B(y) = y(y) = 0, o1 = 0, and y = 1. 
The nontrivial solutions of problem (M12.5.3.12) are expressed as 


ny) =sinh(uny) Hn = VAn = a n=1,2,... (M12.5.3.13) 


Using formulas (M12.5.3.6), (M12.5.3.8), (M12.5.3.11), (M12.5.3.13) and taking into account the relations 
Bn =YVn(l2) =sinh(u 12), p(x)=1, and ||y,||* =l /2, we find the solution of the original problem (M12.5.3.9), 
(M12.5.3.10) in the form 


TR 


li 
: / f(x) sin(unx)dz, Hn = —. 
l2) Jo 


= An j n i h n > An TI so 
w(x, y) = Y An sin(nx) sinh(piny) On 7 


n=1 
> Generalization to the case of nonhomogeneous boundary conditions. Now con- 
sider the linear boundary value problem for the elliptic equation (M12.5.3.1) with general 
nonhomogeneous boundary conditions 


s10¿W+kiw=fi(y) at z=x1, si0yw+kyw= fly) at =x>, 


010yW+vwW= f(x) at y=Y, 070y/W+1w= falo) at y=y. 
(M12.5.3.14) 
The solution to this problem is the sum of solutions to four simpler auxiliary problems for 
equation (M12.5.3.1), each corresponding to one nonhomogeneous and three homogeneous 
boundary conditions in (M12.5.3.14); in these problems, all but one of the functions fn are 
zero. Each auxiliary problem is solved using the procedure described above in this subsec- 
tion, beginning with the search for solutions in the form of the product of functions with 
different arguments (M12.5.3.3), determined by equations (M12.5.1.5) and (M12.5.3.4). 
The solution to each of the auxiliary problems is sought in the series form (M12.5.3.6). 


M12.6. Integral Transforms Method 


Various integral transforms are widely used to solve linear problems of mathematical 
physics. The Laplace transform and the Fourier transform are in most common use (these 
and other integral transforms are considered in Chapter M10 in detail). 


M12.6.1. Laplace Transform and Its Application to Linear 
Mathematical Physics Equations 
> Laplace and inverse Laplace transforms. Laplace transforms for derivatives. The 


Laplace transform of an arbitrary (complex-valued) function f(t) of a real variable t (t = 0) 
is defined by 


fp)=L{f@}, where L£{f}= / i e™ aye (M12.6.1.1) 
0 


where p = s + to is a complex variable, i =-1. 
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Given the transform F(p), the function f(t) can be found by means of the inverse Laplace 
transform 


C+100 


a ES 1 e 
fH=L'{f@)}, where £f fp} = TS / f(me” dp, (M12.6.1.2) 
TU Jcioo 
where the integration path is parallel to the imaginary axis and lies to the right of all 


singularities of f(p). 
In order to solve nonstationary boundary value problems, the following Laplace trans- 
form formulas for derivatives will be required: 


LIFA} =»f(0)- fO, 
L {F'O} =p’ Fp) -pf - f'O, 


where f(0) and f'(0) are the initial values. 

More details on the properties of the Laplace transform and the inverse Laplace transform 
can be found in Section M10.2. The Laplace transforms of some functions are listed in 
Section $2.1. Tables of inverse Laplace transforms are listed in Section S2.2. Such tables 
are convenient to use when solving linear problems for partial differential equations. 


(M12.6.1.3) 


> Solution procedure for linear problems using the Laplace transform. Figure M12.1 
shows schematically how one can utilize the Laplace transforms to solve boundary value 
problems for linear parabolic or hyperbolic equations with two independent variables in the 
case where the equation coefficients are independent of t (the same procedure can be applied 
to solving linear problems characterized by higher-order equations). Here and henceforth, 
the short notation w(x, p) = L{w(x, t)} will be used; the arguments of w may be omitted. 


partial differential equation for w = w(x, t), 
initial conditions, and boundary conditions 


Original problem = { 


Application of the Laplace transform (PL.5.1.1) 
with respect to ¢ 


ordinary differential equation 


Probl for t f = TE iti 
robilem tor transtorm for w = w(x, p), boundary conditions 


Solution of the ordinary differential equation 
with the boundary conditions 


Finding the transform w = w(x, t) 


Application of the inverse 
Laplace transform (PL.5.1.2) 


Obtaining solution to the original problem: w = w(x, t) 


Figure M12.1. Solution procedure for linear boundary value problems using the Laplace transform. 
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It is significant that with the Laplace transform, the original problem for a partial 
differential equation 1s reduced to a simpler problem for an ordinary differential equation 
with parameter p; the derivatives with respect to t are replaced by appropriate algebraic 
expressions taking into account the initial conditions; see formulas (M12.6.1.3). 


> Solving linear problems for parabolic equations using the Laplace transform. Con- 
sider a linear nonstationary boundary value problem for the parabolic equation 


Ow 8w Ow 
ae Un + AD + c(x)w + Dx, t) (M12.6.1.4) 


with the initial condition (M12.5.1.3) and the general nonhomogeneous boundary conditions 


Ox kyw = gı (t t Sja 
A: Ge, E (M12.6.1.5) 
S2Ôrw +kow = g(t) at x= 2. 


The application of the Laplace transform (M12.6.1.1) results in the problem determined by 
the ordinary differential equation for x (p 1s treated as a parameter) 


a(x)w,., + byw, + [c(x) — p]w + fo(x) + ®(x, p) = 0 (M12.6.1.6) 
with the boundary conditions 


sjw.+tkw=9 at x<=21, 
Re aes gı (p) ; (M12.6.1.7) 
sow, thow=go(p) at z=22. 


Notation used: (x, p) = £ { O(a, t)} and Gn(p) = L {gn(t)} (n= 1, 2). On solving problem 
(M12.6.1.6), (M12.6.1.7), one should apply to the resulting solution w = w(x, p) the inverse 
Laplace transform (M12.6.1.2) to obtain the solution, w = w(x, t), of the original problem. 


Example. Consider the first boundary value problem for the heat equation: 


ðw Ow 

m Əz (x >0, t>0), 
w=0 at t=0 (initial condition), 
w=wo at x=0 (boundary condition), 


w—>0 at x— œo (boundary condition). 


We apply the Laplace transform with respect to t. Let us multiply the equation, the initial condition, and 
the boundary conditions by e?* and then integrate with respect to t from zero to infinity. Taking into account 
the relations 


£L0w) = pÙ — wlt- = pw (used are first property (M12.6.1.3) and the initial condition), 
L{wo} = woL{1} = wo/p (used are the first property of Subsection S2.1.1 and the relation £{1} = 1/p), 
we arrive at the following problem for a second-order linear ordinary differential equation with parameter p: 
We, — pÙ =0, 

w=wo/p at x=0 (boundary condition), 

w=0 at x— œ (boundary condition). 
Integrating the equation yields the general solution w = A,(p)e*Y? + Azr(pje"VP. Using the boundary 
conditions, we determine the constants, Ai(p) = wo/p and A2(p) = 0. Thus, we have 


me wo _ 
w= —e*v?. 


Let us apply the inverse Laplace transform to both sides of this relation. We refer to the table in Subsection S2.2.5, 
row 20 (where x must be replaced by t and then a by 27), to find the inverse transform of the right-hand side. 
Finally, we obtain the solution of the original problem: 


46 2 a 2 
w = wo erfc| — |, where erfc z = —= exp(—& ) dE. 
i a “al pe) a 
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M12.6.2. Fourier Transform and lts Application for Linear Equations 
of Mathematical Physics 


> Fourier transform and its properties. The Fourier transform is defined as follows: 


z 1 00 l 
fa =F{f@)}, where F{f(x)}= Te / fae dx, f= -1. 
TE J—oo 


(M12.6.2.1) 
This relation is meaningful for any function f(x) absolutely integrable on the interval 
(—00, 00). _ 
Given f(u), the function f(x) can be found by means of the inverse Fourier transform 


= zg 1 OO i 
f@=s' {fw}, where F'{fwle Wie J f(we™* du,  (M12.6.2.2) 
TE J—oo 


where the integral 1s understood in the sense of the Cauchy principal value. 
The main properties of the correspondence between functions and their Fourier trans- 
forms are gathered in Table M10.4. 


> Solving linear problems of mathematical physics by the Fourier transform. The 
Fourier transform is usually employed to solve problems for linear partial differential 
equations whose coefficients are independent of the space variable x, —-co < £ < oo. 

The scheme for solving linear boundary value problems with the help of the Fourier 
transform is similar to that used in solving problems with the help of the Laplace transform. 
With the Fourier transform, the derivatives with respect to x in the equation are replaced 
by appropriate algebraic expressions; see Property 4 or 5 in Table M10.4. In the case of 
two independent variables, the problem for a partial differential equation is reduced to a 
simpler problem for an ordinary differential equation with parameter u. On solving the 
latter problem, one determines the transform. After that, by applying the inverse Fourier 
transform, one obtains the solution of the original boundary value problem. 


Example. Consider the following Cauchy problem for the heat equation: 
ðw _ Pw 
Ot = Ox? 


w= f(x) at t=0 (initial condition). 


(00 < x <O00), 


We apply the Fourier transform with respect to the space variable x. Setting w = $fw(x,t)) and taking into 
account the relation 310...wYy = -u Ù (see Property 4 in Table M10.4), we arrive at the following problem for 
a linear first-order ordinary differential equation in ¢ with parameter u: 


w, + ua =0, 
w= f(u) at t=0, 
where f(u) is defined by (M12.6.2.1). On solving this problem for the transform w, we find 
~ ry -utt 
w = fluje `. 


Let us apply the inversion formula to both sides of this equation. After some calculations, we obtain the solution 
of the original problem in the form 


iE = J. Fet te” du = = f T fOe dg ou trius dy 


BPE O 5d O | di _@-&° 
=> a rerag |e du = == J. Oa] = ES 


OO b? 
At the last stage we used the relation / exp (=atu? + bu) du = “E exp (72) , 
a a 


=00 
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M12.7. Boundary Value Problems for Parabolic 
Equations with One Space Variable. Green's 
Function 

M12.7.1. Representation of Solutions via the Green’s Function 


> Statement of the problem (t > 0, x1 < x < x2). In general, a nonhomogeneous 
linear differential equation of the parabolic type with variable coefficients with one spatial 
coordinate can be written as 


2w — Ly tlw] = D(x, t), (M12.7.1.1) 
where 
2 
E = ale, pew + U2, aoe eat a(x, t)>0. (M12.7.1.2) 
Ox? Ox 


Consider the nonstationary boundary value problem for equation (M12.7.1.1) with an 
initial condition of general form 


w= f(x) at t=0, (M12.7.1.3) 


and arbitrary nonhomogeneous linear boundary conditions 


aha +kuw=g(0 at c=, (M12.7.1.4) 
L 
Ow 

515 +kow=go(t) at r=. (M12.7.1.5) 
X 


By appropriately choosing the coefficients s1, s2, k1, and kz in (M12.7.1.4) and (M12.7.1.5), 
one arrives at the first, second, third, and mixed boundary value problems for equation 
(M12.7.1.1). 


> Representation of the problem solution in terms of the Green’s function. The 
solution of the nonhomogeneous linear boundary value problem (M12.7.1.1)—(M12.7.1.5) 
can be represented as 


£ 


t Px 2 
w(x, t) = / / O(y, T)G(a, Y, t, 7) dy dí + f(wG(a, y, t, 0) dy 
0 21 


Tı 


t t 
+ / gi(Tjalx1, TA (2,t, 7) dt + / ítrjalz>, TA (x,t,r)dr. (M12.7.1.6) 
0 0 


Here, G(x, y, t, T) is the Green’s function that satisfies, for t > 7 > O, the homogeneous 
equation 


aa 
Ot 


with the nonhomogeneous initial condition of a special form 


— L(G] = 0 (M12.7.1.7) 


G=0d0(@-y) at t=T (M12.7.1.8) 
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TABLE M12.4 
Expressions of the functions A;(x,t,7) and A2(x,t, T) involved 
in the integrands of the last two terms in solution (M12.7.1.6). 


Type of problem Form of boundary conditions Functions Am(x,t,7) 


First boundary value problem w=git) at r= 2 A(z, t, T) = WG, yt, Ole 
(sı = 82 =0, ki = k2 = 1) w= g(t) at £= 22 M(x, t,T)=-0,G(<, y, t, Dl, 


=2X1 


rm 
Second boundary value problem Orw = gı(t) at £= q1 Ai(z,t, T) =-G(z, £1,t,T) 
(s1=82=1, ki = k2 = 0) Oxw = q(t) at x= 2X An(z,t, T) = G(x, 22, T) 


Third boundary value problem rw + kıw = gı (t) at v= T1 A(z, t, T) =-G(z, £1, t,7) 
(sı =s2=1, kı <0, k >0) rw + kaw = g(t) at £ = x7 A(x, t, T) = G(x, £2,t, T) 


Mixed boundary value problem w = g(t) at £= q1 A(z, t, T) = OyG(a, y, t, o ie 
(sı = k2 =0, s2 = kı =1) Osw = g(t) at © = x2 A(x, t, T) = G(x, £2,t,T) 


Mixed boundary value problem Oxrw = gı(t) at £ = x1 A(z, t, T) = —G(, £1,t,T) 
(s1 = kz = 1, S2 = kı = 0) w = g(t) at L= £2 M(x, t, T) = -OyG(x, y, t, T) a, 


and the homogeneous boundary conditions 


OG 
$15, thG =0 al Y=}, (M12.7.1.9) 
£ 
OG 
a +kG=0 at x=». (M12.7.1.10) 
£ 


The quantities y and 7 appear in problem (M12.7.1.7)—(M12.7.1.10) as free parameters, 
with x; < y < x2, and ó(x) is the Dirac delta function. 
The initial condition (M12.7.1.8) implies the limit relation 


f(z) = lim J Hy)G(z, y, t, T) dy 


for any continuous function f = f(x). 

The functions A(x, t, T) and A2(x, t, 7) involved in the integrands of the last two terms 
in solution (M12.7.1.6) can be expressed in terms of the Green’s function G(x, y, t, 7). The 
corresponding formulas for A,,(x,t,7T) are given in Table M12.4 for the basic types of 
boundary value problems. 

It is significant that the Green’s function G and the functions A4, A» are independent of 
the functions ®, f, g1, and g, that characterize various nonhomogeneities of the boundary 
value problem. 

If the coefficients of equation (M12.7.1.1)1M12.7.1.2) are independent of time t, 1.e., 
the conditions 


a=a(z), b=blx) c=c(z) (M12.7.1.11) 
hold, then the Green’s function depends on only three arguments, 
G(x, yY, t, T) = G(x, y,t —T). (M12.7.1.12) 


In this case, the functions Am depend on only two arguments, Am = Am(£,t-7), m= 1, 2. 

Formula (M12.7.1.6) also remains valid for the problem with boundary conditions of 
the third kind if kı = kı (t) and ky = k2 (t). Here, the relations between Am (m = 1, 2) and the 
Green’s function G are the same as in the case of constant kı and k2; the Green’s function 
itself is now different. 
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Remark. In the first, second, and third boundary value problems that are considered on the interval 
zı S £ < œ, a condition of boundedness of the solution as x — oo is set out. In this case, the solution is 
calculated by formula (M12.7.1.6) with A2 = 0 and A; specified in Table M12.4. 


> Formulas for calculating Green’s functions. Consider the parabolic equation of a 
special form 


O o? O 
= = a2) + ba) + [c(2) + yt) w + (z, t), (M12.7.1.13) 
which is a special case of equation (M12.7.1.1) with operator (M12.7.1.2) where a(x, t) = 
a(x), b(a, t) = b(x), and c(x,t) = cl(x) + y(t). It is assumed that a(x) > 0. 

The solution of the nonhomogeneous linear boundary value problem (M12.7.1.13), 
(M12.7.1.2)1M12.7.1.5) is found by formula (M12.7.1.6), where the Green’s function is 
given by 


G(x, y,t,7)= ply) Y aos 


n=! 


t 
apt- / Oak, (M12.7.1.14) 


where the A, and (p,(x) are the eigenvalues and the corresponding eigenfunctions of the 
Sturm—Liouville problem for the linear ordinary differential equation (M12.5.1.5) with the 
homogeneous linear boundary conditions (M12.5.1.7), and 


1 b 72 
ply) = — exp | (Y) dy lonl? = J pao (a) dx, (M12.7.1.15) 
aly) aly) 21 


Table M12.5 lists Green’s functions for some problems for the nonhomogeneous heat 
equation that corresponds to a(x) = a = const and b(x) = c(x) = y(t) = 0 in (M12.7.1.13). 
The function G(x, y,t — 7) from this table must be substituted for G(x, y, t, 7) in formula 
(M12.7.1.6). 


M12.7.2. Problems for Parabolic Equation 
Ow O | oe 
Lr) = ——|p(xz)=—| - q(x)w+ O(2,t 
plz) 5r = pz PE) a, | - UT) (x, t) 
> General formulas for solving nonhomogeneous boundary value problems. Consider 
a linear parabolic equation of the special form 


Ow O Ow 
py = 7 por — g(x)w + ®(x, t). (M12.7.2.1) 


It is often encountered in heat and mass transfer theory and chemical engineering sciences. 
Throughout this subsection, we assume that the functions p, p, p’,, and q are continuous and 
p > 0, p > Q, and x1 < £ < q2. 

The solution of equation (M12.7.2.1) under the initial condition (M12.7.1.3) and the 
arbitrary linear nonhomogeneous boundary conditions (M12.7.1.4) and (M12.7.1.5) can be 
represented as the sum 


£ 


t Fx 
w(x, t) = / / O(y, T)G(a, y,t —T) dy dí + J 
0 Jax, Ly 


t t 
tpa | gi(T)A1 (x, t— 7) dr tpa) | g2(T)A2(x,t —7) dr. 


PCY) F(Y)G(a, y, t) dy 
(M12.7.2.2) 
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TABLE M12.5 


The Green’s functions for some boundary value problems for the heat equation. 


Type of problem Green’s function, G(x, y, t) 


First boundary 
value problem 


Second boundary 
value problem 


sin) (ms 


eee a B 
4at 


First boundary 
value problem 
(O<x<l) a) 


Aat 


ES 


-= ys dnb) | i - ci yan | } 


Second boundary 
value problem 
(O<2<l) 


Mixed boundary 
value problem 
(O<2<l); 


3 Tee a e A - La a 


21 21 Al? 


n=0 


Looking for 
solution bounded 
as £ — CO 


Looking for 
solution bounded 
as £ — 00 


The first series 
converges rapidly 
at large t and 
the second series 
at small £ 


The first series 
converges rapidly 
at large t and 
the second series 
at small £ 


The first series 
converges rapidly 
at large t and 


335 


O,w setatx =l rat 


wsetata=0and| _ 1 ` CD” Lexp - (1-y+2n1) | ae - a) \ the second series 
ment 4at 4at at small £ 


Here, the modified Green’s function is given by 


G(x, y,t) = Y LLL tant), 


T2 
PAL lpnl? = / Anya dx, (M12.7.2.3) 


n=1 1 


where the A, and ~,(x) are the eigenvalues and corresponding eigenfunctions of the 
following Sturm—Liouville problem for a second-order linear ordinary differential equation: 


[p(x)y', Y, + Apto) - (2) ly = 0, 


S10, +kip=0 at z=x1, (M12.7.2.4) 


soy, + kop =) at Der 


The functions A¡(x,t) and A2(x,t) that occur in the integrands of the last two terms in 
solution (M12.7.2.2) are expressed in terms of the Green’s function (M12.7.2.3). 


Remark. The corresponding formulas for A,» (x,t) for the basic types of boundary value problems can 
be obtained from Table M12.4; to do so, one should set G = G in all formulas of the last column and omit the 
last argument T. 


> Properties of Sturm—Liouville problem (M12.7.2.4). Heat equation with a source. 
The basic properties of the Sturm—Liouville problem (M12.7.2.4), which coincides with 
problem (M12.5.1.12), (M12.5.1.7), are outlined in Subsections M12.5.1 and M11.2.4. In 
particular, there are infinitely many eigenvalues. All eigenvalues are real and different 
and can be ordered so that Ay < Ao < A3 < ---, with A, — œ as n — 00. The different 
eigenfunctions (pn(x) and (pm (x) are orthogonal with weight p(x) on the interval 1, < x£ < x2; 
see formulas (M12.5.1.14). 
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Example. Consider the first boundary value problem in the domain O < x < | for the heat equation with a 
source 
Ow Ow 


oon 


under the initial condition (M12.7.1.3) and boundary conditions 


w=gi(t) at x=0, 
w=g(t) at x=l. 


The above equation is a special case of equation (M12.7.2.1) with p(x) = 1, p(x) = a, q(x) = b, and 
(x,t) = 0. The corresponding Sturm—Liouville problem (M12.7.2.4) has the form 


Adi, t(A—-db)y = 0, p=0 at x=0, p=0 at r=l. 
The eigenfunctions and eigenvalues are found to be 


2 
ento) = sin( TZ), RE TS 


Using formula (M12.7.2.3) and taking into account that ||yo,, ||? = 1/2, we obtain the Green’s function 


A t Sf A . TNy arn 
G(x, y,t) = qe >p sin( =) sin =) exp (EE l 


n=1 


Substituting this expression into (M12.7.2.2) with p(x1) = p(x2) = p(y) = 1, xı = 0, and x2 = l and taking into 
account the formulas 


Ai (x,t) = yG(a,y,H|,_,, MŒ, t) =-dyG(a, yD], 


(see the first row in Table M12.4 and Remark in Subsection M12.7.2), one obtains the solution to the problem 
in question. 


M12.8. Boundary Value Problems for Hyperbolic 
Equations with One Space Variable. Green’s 
Function. Goursat Problem 


M12.8.1. Representation of Solutions in terms of the Green’s 
Function 


> Statement of the problem (t > 0, x1 < x < a2). In general, a one-dimensional 
nonhomogeneous linear differential equation of hyperbolic type with variable coefficients 


1s written as 
2 


o w Ow 
7 p(z, D ~ Ly [w] = (z, t), (M12.8.1.1) 


where the operator Ly ¿[w] is defined by (M12.7.1.2). 


Consider the nonstationary boundary value problem for equation (M12.8.1.1) with the 
initial conditions 


w = fols) at t=0, 


M12.8.1.2 
Qw = f(x) at t=0 l cee 


and arbitrary nonhomogeneous linear boundary conditions (M12.7.1.4) and (M12.7.1.5). 
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> Representation of the problem solution in terms of the Green’s function. The 
solution of problem (M12.8.1.1), (M12.8.1.2), (M12.7.1.4), (M12.7.1.5) can be represented 
as the sum 


t pfx. 
Wt) = | J O(y, T)G(a, y, t, T) dy dT 
0 21 


T2 


£2 O 
- |} fow) Zae, ee r) dy + / LA + foyyly, 0)| G(x, y, t, 0) dy 
T=0 £ 


L1 1 


t t 
+ / gi(T)a(x1, T)A¡(x,t, 7) dt + i g(T)alx2, T)Ar(a,t, 7) dr.  (M12.8.1.3) 
0 0 


Here, the Green’s function G(x, y, t, 7) is determined by solving the homogeneous equation 


PG OG 
= A Gl M12.8.1.4 
apr tAE, D- La slGl = 0 (M12.8.1.4) 


with the semihomogeneous initial conditions 


G=0 a. 1=7, (M12.8.1.5) 
O,G=d(@-y) at t=7, (M12.8.1.6) 


and the homogeneous boundary conditions (M12.7.1.9), (M12.7.1.10). The quantities 
y and T appear in problem (M12.8.1.4)(M12.8.1.6), (M12.7.1.9), (M12.7.1.10) as free 
parameters (11 < y € x2), and (x) is the Dirac delta function. 

The functions A¡(x,t,7) and A>(x,t, 7) involved in the integrands of the last two terms 
in solution (M12.8.1.3) can be expressed in terms of the Green’s function G(x, y, t, 7). The 
corresponding formulas for A,,(x,t,7) are given in Table M12.4 for the basic types of 
boundary value problems. 

It is significant that the Green’s function G and A4, A» are independent of the functions 
9, fo, fi, 91, and g that characterize various nonhomogeneities of the boundary value 
problem. 

If the coefficients of equation (M12.8.1.1) are independent of time t, then the Green’s 
function depends on only three arguments, G(x, y,t,7) = G(x, y,t — T). In this case, one 
can set 4G(z, y,t,7)|__) =-#G(a, y, t) in solution (M12.8.1.3). 


> Formulas for the calculation of Green’s functions. Consider the hyperbolic equation 
of a special form 


Ow | 
Ox? 


aw Ow 
<> + BOS = ala) 


F Wa) + c(1) + y(t)| w + D(zx, t), (M12.8.1.7) 


which is a special case of equation (M12.8.1.1) with operator (M12.7.1.2) where y(x, t) = 
B(t), a(x, t) = a(x), b(x,t) = b(x), and c(x, t) = c(x) + y(t). We assume that a(x) > 0. 

The solution of the nonhomogeneous linear boundary value problem (M12.8.1.7), 
(M12.8.1.2), (M12.7.1.4), (M12.7.1.5) is found by formula (M12.8.1.3), where the Green’s 
function 1s given by 


Gíz, y,t,7)= ply) Y Ee 


n=1 


Un(t, T), (M12.8.1.8) 
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TABLE M12.6 
The Green’s functions for some boundary value problems for the 
2 0%w 


l 2 j l 
wave equation os = a >> in a bounded domain 0 < x < l. 


Type of problem Green’s function, G(x, €, t) 


First boundary . (NT a le ) ! ( nrat ) 
sin sin 
value problem l 


Second boundary 
value problem 


Mixed boundary 


value problem; > A . l 
EE = Ge do i, sin(A,, £) sin(An €) sin(Anat) 


n=1 


O. w is set atx = l 


where the An and y,,(x) are the eigenvalues and the corresponding eigenfunctions of the 
Sturm—Liouville problem for the linear ordinary differential equation (M12.5.1.5) with the 
homogeneous linear boundary conditions (M12.5.1.7); p(y) and ||y,|| are determined by 
(M12.7.1.15), and Y = Yn(t,7) is the solution of equation (M12.5.2.5) with a(t) = 1 and 
A = A, that satisfies the initial conditions 


v=0 at tSn, ial at t=7. 


In the special case O(t) = y(t) = 0, we have Yn(t, T) = A > Sin [An 2 — T)| E 

Table M12.6 lists Green’s functions for some problems for a nonhomogeneous wave 
equation, which corresponds to a(x,t) = a? = const, b(x) = c(x) = B(t) = y(t) = 0 in 
(M12.8.1.7). One should substitute G(x, y, t—7) from this table for G(x, y, t, T) in formula 
(M12.8.1.3). 


M12.8.2. Problems for Hyperbolic Equation 
w _ 9 ðw 
p(x) Ser = Bz PO) Ga | - a(a)w + (z, t) 


> General relations for solving nonhomogeneous boundary value problems. Consider 
a linear hyperbolic equation of the special form 


Ow A o 
ðt ôx 


p(x) poy — g(x)w + ®(x, t). (M12.8.2.1) 


It is assumed that the functions p, p, Dies and q are continuous and the inequalities p > O, 
p > Q0 hold for xı < x < x2. 
The solution of equation (M12.8.2.1) under the general initial conditions (M12.8.1.2) 


and the arbitrary linear nonhomogeneous boundary conditions (M12.7.1.4)(M12.7.1.5) 
can be represented as the sum 


t pfx 
w(x, t) a} J P(E, T)G(x, E, t—T)dE dT 
0 21 
ð 22 L2 
+ [me foerae.g.tras+ | MOOIE Nd 


t t 
+ p(11) / (TA (a2, t —7) dt + p(x2) / gí(TJA2(2,t-T7)d7T. (M12.8.2.2) 
0 0 
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Here, the modified Green’s function is determined by 


day Y LOA) 


T2 
— l [a= J paro (a) dx, (M12.8.2.3) 


n=l 


where the A, and n(x) are the eigenvalues and the corresponding eigenfunctions of the 
Sturm—Liouville problem for the second-order linear ordinary differential equation: 


[pap |, + Ap(2) — ala) lp = 0, 
S10, +kip=0 at z=x1, (M12.8.2.4) 
S2P +kp=0 at r=. 


The functions A¡(x,t) and A2(x,t) that occur in the integrands of the last two terms in 
solution (M12.8.2.2) are expressed in terms of the Green’s function of (M12.8.2.3). 


Remark. The corresponding formulas for A, (x,t) for the basic types of boundary value problems can 
be obtained using Table M12.4; to do so, one should set G = G in all formulas of the last column and omit the 
last argument 7. 


> Properties of the Sturm—Liouville problem. The Klein—Gordon equation. The gen- 
eral and special properties of the Sturm—Liouville problem (M12.8.2.4) are given in Subsec- 
tions M12.5.1 and M11.2.5; various asymptotic and approximate formulas for eigenvalues 
and eigenfunctions can also be found there. 


Example. Consider the second boundary value problem in the domain O < x < / for the Klein—Gordon 
equation 

Ow _ a? w 

ðL Ox? 


under the initial conditions (M12.8.1.2) and boundary conditions 


— bw, 


Orw =g (t) at xr=0, 
Orw=gq(t) at x=l. 


The Klein—Gordon equation is a special case of equation (M12.8.2.1) with p(x) = 1, p(x) = a’, q(x) = b, 
and P(x,t) = 0. The corresponding Sturm—Liouville problem (M12.8.2.4) has the form 


OP OS bio = 0, yp, =0 at x=0, yo, =0 at x=l. 


The eigenfunctions and eigenvalues are found to be 


mata) = cos( 272), Aid SO ae 


Using formula (M12.8.2.3) and taking into account that |lp1 |? = land ||y,||? =1/2 (n= 1, 2, ...), we find 
the Green’s function: 


1 TnE sin (t (arn/1? +b) 
G(x, £, t) = g sin(tvb) + 757 2). os( AAA 


Substituting this expression into (M12.8.2.2) with p(x1) = p(x2) = p(€) = 1, xı = 0, and x2 = l and taking into 
account the formulas 


A(x, t) =—G(x, £1,t) Ao(x,t) = G(x, x2, t) 


(see the second row in Table M12.4 and the above remark), one obtains the solution to the problem in question. 
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M12.8.3. Goursat Problem (a Problem with Initial Data of 
Characteristics) 


> Statement of the Goursat problem. Basic property of the solution. Consider the 
general linear hyperbolic equation in two independent variables which is reduced to the first 
canonical form (see Subsection M12.2.1): 


M 
ðxðy 


where a(x, y), bx, y), C(x, y), and f(x, y) are continuous functions. 
The Goursat problem for equation (M12.8.3.1) 1s stated as follows: find a solution to 
equation (M12.8.3.1) that satisfies the conditions at characteristics 


WL, Yla=e = gy), W(t, Y)|y=y, = h(x), (M12.8.3.2) 


where g(y) and h(x) are given continuous functions that match each other at the point of 
intersection of the characteristics, so that 


gyi) = h(x1). 


Basic properties of the Goursat problem: the value of the solution at any point M (xo, yo) 
depends only on the values of g(y) at the segment AN (which is part of the characteristic 
x = 11), the values of h(x) at the segment BN (which is part of the characteristic y = y1), 
and the values of the functions a(x, y), b(x, y), c(x, y), and f(x, y) in the rectangle NAM B; 
see Fig. M12.2. The domain of influence on the solution at the point M (xo, yo) is shaded 
for clarity. 


+ a(x, yo — + ba, vo + c(x, yw = f(z, y), (M12.8.3.1) 


M (X Yo) 


Figure M12.2. Domain of influence of the solution to the Goursat problem at a point M. 


> Riemann function. A Riemann function, R=R(x, Y; Lo, yo), corresponding to equation 
(M12.8.3.1) is defined as a solution to the equation 


PR 0 
dx0y dx 


that satisfies the conditions 


az, DR - 5 me [be YR] +e, yy R=0 (M12.8.3.3) 


R = exp f aaoo as at £= £0, R = exp J WE wo) de at Y= Yo 
YO To 


(M12.8.3.4) 
at the characteristics x = % and y = yo. Here, (xo, Yo) is an arbitrary point from the domain 
of definition of equation (M12.8.3.1). The xo and yo appear in problem (M12.8.3.3), 
(M12.8.3.4) as parameters in the boundary conditions only. 
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THEOREM. If the functions a, b, c and the partial derivatives a,, by are all continuous, 
then the Riemann function R(x, y; to, yo) exists. Moreover, the function R (20, Yo, £, Y), 
obtained by swapping the parameters and the arguments, is a solution to the homogeneous 
equation (M12.8.3.1), with f = 0. 


Remark. It is significant that the Riemann function is independent of the initial data on characteris- 
tics (M12.8.3.2). 


Example 1. The Riemann function for the equation wz, = 0 is just R = 1. 
Example 2. The Riemann function for the equation 
Way + cw = 0 (c = const) 


is expressed in terms of the Bessel function Jo(z) as 


R= Jo (y 4c(xo — x)(yo — Y) ). 


> Solution representation for the Goursat problem in terms of the Riemann function. 
Given a Riemann function, the solution to the Goursat problem (M12.8.3.1), (M12.8.3.2) 
at any point (Zo, yo) can be written as 


B 


A 
wWíxo, Yo) = (WR)y + / R(g;, + bg) dy +f R(hi, + ah) dx + /I FR dz dy. 
N NAMB 


N 


The first term on the right-hand side is evaluated at the point of intersection of the charac- 
teristics (x1, y1). The second and third terms are integrals along the characteristics y = yı 
(xı S x < xo) and x = xı (yı € y < Yo); these involve the initial data of (M12.8.3.2). 
The last integral is taken over the rectangular domain N AM B defined by the inequalities 
£ı S £ < T0, Yı SY S Yo. 

The Goursat problem for a hyperbolic equation reduced to the second canonical form 
(see Subsection M12.2.1) is treated similarly. 


Example 3. Consider the Goursat problem for the wave equation 


Ow = 5 Ow _ 


Ot? j Ox2 


with the boundary conditions prescribed on its characteristics 


w= f(x) for x-at=0 (OS 2<b), 


(M12.8.3.5) 
w=glx) for x+at=0 (0<zx<cC), 


where f(0) = g(0). 

Substituting the values set on the characteristics (M12.8.3.5) into the general solution of the wave equation, 
w = p(x —at)+ W(x + at), we arrive to a system of linear algebraic equations for y(x) and w(x). As a result, 
the solution to the Goursat problem is obtained in the form 


wie.t)= (5%) (35) _ (0). 


2 2 
The propagation domain of the solution is the parallelogram bounded by the four straight lines 


x-at=0, x+at=0, x-at=2c, x+at= 2b. 
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M12.9. Boundary Value Problems for Elliptic Equations 
with Two Space Variables 
M12.9.1. Problems and the Green's Functions for Equation 


w o’ w Ow 

a(x + + b(x)5— +ce(x)w =-P(x 

DER D va) Ge + c(x)w = B(x, y) 

> Statements of boundary value problems. Consider two-dimensional boundary value 
problems for the equation 


2 2 
aa) pee wa + e(£)w = -8(2, y) (M12.9.1.1) 
Oy? Ox 


with general boundary conditions in x, 


Ow 
815, — iw = fily) at 2=11, 
E (M12.9.1.2) 


O 
s2—+kow= fly) at =x, 
Ox 


and different boundary conditions in y. It is assumed that the coefficients of equation 
(M12.9.1.1) and the boundary conditions (M12.9.1.2) meet the requirements 


a(x), b(x), c(x) are continuous (xı <<); a>O, |si] +1k,¡]> 0,  |s2|+|k2| > 0. 


> Relations for the Green”s function. In the general case, the Green’s function can be 
represented as 


Gay, Em) = pO) Y a 


n=l 


Un (Y, N; An), (M12.9.1.3) 


where 


e 1 | b(x) 
aay LJ ala) 


and the An and y,,(x) are the eigenvalues and eigenfunctions of the homogeneous boundary 
value problem for the ordinary differential equation 


T2 
de, lonl = / pai (x) dx, (M12.9.1.4) 
Tı 


ALL). + blg + [A+ alo) lo = 0, (M12.9.1.5) 
s19, — kig =0: at 2= 21; (M12.9.1.6) 
OA +tkp=0 at r=”. (M12.9.1.7) 


The functions Y, for various boundary conditions in y are specified in Table M12.7. 


Example. Consider a boundary value problem for the Laplace equation 
Ow A Ow = 
da? y 


in a strip O < x < l, —œ0 < y < oo with mixed boundary conditions 


(M12.9.1.8) 


w=fi(y) at x=0, Ow Fe) at w=. 
Ox 
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TABLE M12.7 
The functions Yn in (M12.9.1.3) for various boundary conditions. Notation: on = VAn. 


inciso Asia) conditions Function Y, (y, De An) 
er? sinh(onn) for y > n, 
O<y<o w=0 for y=0 0 (Onn) for y >n 
On le?" sinh(ony) forn > y 
1 =0n y h z f > i 
0< y< œ O,w=0 for y=0 22 = cosh(onn) for y >n 
On Le°”"cosh(ony) for n > y 


e ny = h $ h a fi : 
O<y<oo |O,yw—-k3w=0 for y=0 g [on cosh(onn) + ks sinh(onn)] for y >n 
T + a | eg, cosh(ony) + k3 sinh(ony)] for y > y 


w=0 at 


sinh(on7) sinh[on(h-y)] for y >n, 
w= 0) “al y= i, On EG h) | sinh(ony)sinh[on(h-n)] for y > y 


OS Oyw=0 at y=0, 1 cosh(a,,7) cosh[o,(h—y)] for y >n, 
Sy 9yw=0 at y=h On Sinh(onh) | cosh(ony)coshlon(h-n)] forn > y 


w=0 at y=0, 1 sinh(o,7) cosh[o,(h—y)] for y >n, 
0yw=0 at y=h Oncosh(onh) | sinh(ony)cosh[on(h—7)] for n > y 


This equation is a special case of equation (M12.9.1.1) with a(x) = 1 and b(x) = c(x) = P(x,t) = 0. The 
corresponding Sturm—Liouville problem (M12.9.1.5)(M12.9.1.7) is written as 


Une + Au =0, u=0 at x=0, u, =0 at eS: 
The eigenfunctions and eigenvalues are found as 
2n-1 *(2n —1)° 
ento) = sin| SOP VE = z), py = HR de ee 


Using formulas (M12.9.1.3) and (M12.9.1.4) and taking into account the identities p(€) = 1 and |ly, ||? = 1/2 
(n = 1,2, ...) and the expression for Yn from the first row in Table M12.7, we obtain the Green’s function in 
the form 


G(x, y, Gs n) = I Sy i SIN(On L) sin(on Eje taa, On = UN _ nant) 
l n=1 On l 


M12.9.2. Representation of Solutions to Boundary Value Problems 
via the Green’s Functions 


> First boundary value problem. The solution of the first boundary value problem for 
equation (M12.9.1.1) with the boundary conditions 


w=fiy) at ©=%,  w=f(y) at =22, 
w= fix) at y=0, w= fix) at y=h 
is expressed in terms of the Green’s function as 


ae a nole Gym ala) [ rolg Guy Em dy 


É=2) 


DE DE 
+ f 10) | 5-Gle nen] de - n nofce ne] de 
Ly n=0 Tı 


n=h 


=x] 


z, ph 
: / ; PE, MGE, y, E, n) dn dé. 
xı JO 
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> Second boundary value problem. The solution of the second boundary value problem 
for equation (M12.9.1.1) with the boundary conditions 


On,w = fity) at T=], O,w = fly) at ©=2, 
Oyw = f3(z) at y=0, Oyw= faz) at y=h 


is expressed in terms of the Green’s function as 


h h 
ena / tas / teca 


= J fx(OG(a, y, £, 0) dé + J FOGE, y, E, h) de 


a2 ph 
5 / | BE, EAR 1) de de. 


M12.9.3. Solutions of Problems for the Laplace Equation in the 
Polar Coordinate System 


In the polar coordinates, defined by x = rcosy and y = rsin y, Laplace’s equation 


(M12.9.1.8) becomes 

1 2 
MN E (M12.9.3.1) 
Or r2 Oy 


> First boundary value problem (0 < r < R). A circle is considered. A boundary 
condition 1s prescribed: 
w= fp) at r=R. (M12.9.3.2) 


The solution to equation (M12.9.3.1) subject to the boundary condition (M12.9.3.2) is 
given by 
R2 = r2 


—— d. 
r? —2Rr cos(y — y) + R? id 


1 2n 
wr, p) = de 5 F) 


This formula is conventionally referred to as the Poisson integral. 


> Second boundary value problem (0 < r < R). A circle is considered. A boundary 
condition is prescribed: 
rw = (0) at r=R. (M12.9.3.3) 


The solution to equation (M12.9.3.1) subject to the boundary condition (M12.9.3.3) is 
expressed as 


r? —2Rr cos(y — Y) + R? 


R2 dy +C, 


R 276 
w(r, p) = Fr he Fw) In 


where C is an arbitrary constant; this formula is known as the Dini integral. 


271 
Remark. The function f(~) must satisfy the solvability condition / f(y) do =0. 
0 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 344 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 345 


M12.10. BOUNDARY VALUE PROBLEMS WITH MANY SPACE VARIABLES 345 


M12.10. Problems with Many Space Variables. 
Representation of Solutions via Green's 
Functions 

M12.10.1. Boundary Value Problems for Parabolic Equations 


> Statement of the problem. In general, a nonhomogeneous linear differential equation 
of the parabolic type in n space variables has the form 


2w — Lyt[w] = ®(x, t), (M12.10.1.1) 


where 


de 8w de Ow 
Lx = ys. = bj (x, t , tw, 
[w] 2, aut dr, E (x a, + c(x, Dw 
i (M12.10.1.2) 


n 


X imaan Y a DE zor l o >Q. 
1=1 


ij=l 


Let V be some simply connected domain in R” with a sufficiently smooth boundary S. 
We consider the nonstationary boundary value problem for equation (M12.10.1.1) in the 
domain V with an arbitrary initial condition, 


w=f(x) at t=0, (M12.10.1.3) 
and nonhomogeneous linear boundary conditions, 
Py ¢[w] = 9(x,t) for xes. (M12.10.1.4) 


In the general case, 1”, ¿ is a first-order linear differential operator in the space coordinates 
with coefficients dependent on x and £. 


> Representation of the problem solution in terms of the Green’s function. The 
solution of the nonhomogeneous linear boundary value problem defined by (M12.10.1.1)- 
(M12.10.1.4) can be represented as the sum 


t 
w(x, t) = / / D(y, T)G(x, y, t, 7) dV, dí + J fG, y, t, 0) dV, 
o JV V 


t 
+ 1 J g(y.7)HG, y,t,7)d8, dr, (M12.10.1.5) 
0 JS 
where G(x, y,t,7) is the Green’s function; for t > T = 0, it satisfies the homogeneous 
equation 
OG 
n~ Lx+[G] = 0 (M12.10.1.6) 


with the nonhomogeneous initial condition of special form 


G=0x-y) at t=T (M12.10.1.7) 
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and the homogeneous boundary condition 
Ty:[G]=0 for xe sS. (M12.10.1.8) 


The vector y = (Y1,...,Yny appears in problem (M12.10.1.6)-(M12.10.1.8) as an n- 
dimensional free parameter (y € V), and 0(x—y) = (£1 — y1)...0(@p — Yn) is the n- 
dimensional Dirac delta function. The Green’s function G is independent of the func- 
tions ®, f, and g that characterize various nonhomogeneities of the boundary value prob- 
lem. In (M12.10.1.5), the integration is performed everywhere with respect to y, with 
dV, = dy, ... dyn. 

The function H(x,y,t,7) in the integrand of the last term in solution (M12.10.1.5) 
can be expressed via the Green’s function G(x, y,t,7). The corresponding formulas for 
H(x, y, t, 7) are given in Table M12.8 for the three basic types of boundary value problems; 
in the third boundary value problem, the coefficient k can depend on x and t. The boundary 
conditions of the second and third kinds, as well as the solution of the first boundary value 
problem, involve operators of differentiation along the conormal of operator (M12.10.1.2); 
these operators act as follows: 


OG = 0G OG = OG 


where N = {\,..., Nn} is the unit outward normal to the surface S. In the special case 
where aj;;(x,t) = 1 and a;;(x,t) = O for 2 # y, operator (M12.10.1.9) coincides with the 
ordinary operator of differentiation along the outward normal to S. 


TABLE M12.8 
The form of the function A(x, y, t, 7) for the basic types of nonstationary boundary value problems. 


Type of problem Form of boundary condition (M12.10.1.4) Function H (x,y, t, 7) 


OG 
First boundary value problem w = g(x,t) for xe S H (x,y, t, T) =- JM (x, y, t, T) 
y 


Second boundary value problem a = g(x,t) for xe S A(x, y,t,7) = G(x, y, t, T) 
l Ow 
Third boundary value problem am. * kw = g(x,t) for xe S$ (x,y, t, T) = G(x, y, t, T) 


If the coefficient of equation (M12.10.1.6) and the boundary condition (M12.10.1.8) are 
independent of t, then the Green’s function depends on only three arguments, G(X, y, t, T) = 
G(x, y,t—T). 


Pp 
Remark. Let S; (i = 1,...,p) be different portions of the surface S such that S = X` S; and let boundary 
i=l 
conditions of various types be set on the S;, 
TË [w] = g:(x,t) for xe S;  i=1,...,p. (M12.10.1.10) 


Then formula (M12.10.1.5) remains valid but the last term in (M12.10.1.5) must be replaced by the sum 


p t 
ar) Gly, T) Hix, y, t,7) dSy dr. (M12.10.1.11) 
¿=1 90 Y Si 
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M12.10.2. Boundary Value Problems for Hyperbolic Equations 


> Statement of the problem. The general nonhomogeneous linear differential hyperbolic 
equation in n space variables can be written as 


2 


w Ow 
apr TPG T Llw] = OC t), (M12.10.2.1) 


where the operator Ly tlw] is defined explicitly in (M12.10.1.2). 
We consider the nonstationary boundary value problem for equation (M12.10.2.1) in 
the domain V with arbitrary initial conditions, 


w= fox) at t=0, (M12.10.2.2) 
Qw = fix) at t=0, (M12.10.2.3) 


and the nonhomogeneous linear boundary condition (M12.10.1.4). 


> Representation of the problem solution in terms of the Green’s function. The 
solution of the nonhomogeneous linear boundary value problem defined by (M12.10.2.1)- 
(M12.10.2.3), (M12.10.1.4) can be represented as the sum 


t 
w(x, t) = / / Py, T)G(x, y, t, 7) dV, dí — / foly) 5-6. y, t, n| dVy 
0 JV V a T=0 


+ J, LA + PPY, 0)| G(x, y, t, 0) dV, 
l 
+ / J gly, T)H(x, y, t, T)dSy dr. (M12.10.2.4) 
o Js 


Here, G(x, y, t, T) is the Green’s function; for t >r > 0, it satisfies the homogeneous equation 


PG aG 
Se + KOS Lx: [6] = 0 (M12.10.2.5) 


with the semihomogeneous initial conditions 


G=0 Al. TET. 
O,G=0o(x-y) at t=7, 


and the homogeneous boundary condition (M12.10.1.8). 

If the coefficients of equation (M12.10.2.5) and the boundary condition (M12.10.1.8) 
are independent of time t, then the Green’s function depends on only three arguments, 
G(x, y,t,7) = G(x, y,t — 7). In this case, one can set LGR, y,t, lis = -£G(x, y, t) in 
solution (M12.10.2.4). 

The function H (x,y, t, 7) in the integrand of the last term in solution (M12.10.2.4) can 
be expressed via the Green’s function G(x, y, t, 7). The corresponding formulas for H are 
given in Table M12.8 for the three basic types of boundary value problems; in the third 
boundary value problem, the coefficient k can depend on x and t. 
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M12.10.3. Boundary Value Problems for Elliptic Equations 


> Statement of the problem. In general, a nonhomogeneous linear elliptic equation can 
be written as 


—Lx[w] = P(x), (M12.10.3.1) 
where ; 
ds O . O 
Lslw] = Y a +5 0 + c(x)w. (M12.10.3.2) 
i,j=l i i=1 : 


We consider equation (M12.10.3.1) with operator (M12.10.3.2) in a domain V and 
assume that the equation is subject to the general linear boundary condition 


Ilw] = g(x) for xe S. (M12.10.3.3) 


The solution of the stationary problem (M12.10.3.1)—(M12.10.3.3) can be obtained by 
passing in (M12.10.1.5) to the limit as t — oo. To this end, one should start with equa- 
tion (M12.10.1.1), whose coefficients are independent of t, and take the homogeneous initial 
condition (M12.10.1.3), with f(x) = 0, and the stationary boundary condition (M12.10.3.3). 


> Representation of the problem solution in terms of the Green’s function. The solu- 
tion of the linear boundary value problem (M12.10.3.1)—(M12.10.3.3) can be represented 
as the sum 


w(x) = J P(y)GX, y) dV, + / gly) (x, y) dS,. (M12.10.3.4) 
V S 


Here, the Green’s function G(x, y) satisfies the nonhomogeneous equation of special form 
—Lx[G] = 0(x-y) (M12.10.3.5) 

with the homogeneous boundary condition 
P,G]=0 for xe S. (M12.10.3.6) 


The vector y = {Y1,-.--,Yn} appears in problem (M12.10.3.5), (M12.10.3.6) as an n- 
dimensional free parameter (y e V). Note that G is independent of the functions ® and g 
characterizing various nonhomogeneities of the original boundary value problem. 

The function A (x, y) in the integrand of the second term in solution (M12.10.3.4) can be 
expressed via the Green’s function G(x, y). The corresponding formulas for H for the three 
basic types of boundary value problems can be obtained using Table M12.8, where one 
should consider the functions to be independent of t and 7. The boundary conditions of the 
second and third kinds, as well as the solution of the first boundary value problem, involve 
operators of differentiation along the conormal of operator (M12.10.3.2); these operators 
are defined by (M12.10.1.9); in this case, the coefficients a;; depend on x only. 


M12.10.4. Construction of the Green’s Functions. General Formulas 
and Relations 


Table M12.9 lists the Green’s functions of boundary value problems for second-order 
equations of various types in a bounded domain V. It is assumed that Ly is a second-order 
linear (self-adjoint) differential operator of the form 


n n 


ð ð “ 
Ly[w] = y TA A005" , Where y aj (E Ej 2 0 y ES, o >Q, 
x i=l 


gal 1,3=1 
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TABLE M12.9 
The Green’s functions of boundary value problems for equations of various types in bounded 
domains. In all problems, the operators Lx and [`x are the same; x = {7,...,%n}. 


Initial and , . 
Equation a Green’s function 
boundary conditions 


Elliptic equation P,[w]= g(x) for xe S G(x, y) = > a (Jury) An #0 


—Lx[w] = d(x) (no initial condition required) lla PA; 


Parabolic equation w= f(x) at t=0 G(x, y, t) = ` Un (9urly) exp(—Axt) 


ðw — Lx[w] = D(x, t) Ty[w] = g(x, t) for xe S — juk]? 
w= fox) at t=0 


Hyperbolic equation 7 D G js  un(x)ur(y) . ESA 
w — Lx[w] = B(x, t) w= fi(x) at t=0 (x, y, t) 2, TKA sin (tv Àx ) 
P,[w] = g(x,t) for xe S$ = 


in the space variables x1,..., £n, and I’, is a zeroth- or first-order linear boundary operator 
that can define a boundary condition of the first, second, or third kind; the coefficients of 
the operators Ly and I’, can depend on the space variables but are independent of time t. 
The coefficients A; and the functions u(x) are determined by solving the homogeneous 
eigenvalue problem 


L,[u] + Au = 0, (M12.11.1.1) 
T,{u]J=0 for xe sS. (M12.11.1.2) 


It is apparent from Table M12.9 that, given the Green’s function in the problem for a 
parabolic (or hyperbolic) equation, one can easily construct the Green’s functions of the 
corresponding problems for elliptic and hyperbolic (or parabolic) equations. In particular, 
the Green’s function of the problem for an elliptic equation can be expressed via the Green’s 
function of the problem for a parabolic equation as follows: 


Goy) = | G1(x, y, t) dt. (M12.11.1.3) 
0 


It is assumed here that A = 0 is not an eigenvalue of problem (M12.11.1.1), (M12.11.1.2). 


Remark 1. Formula (M12.11.1.3) can also be used if the domain V is infinite. In this case, one should 
make sure that the integral on the right-hand side is convergent. 


Remark 2. Suppose the equations given in the first column of Table M12.9 contain —Lx[w] — Gw instead 
of —Lx[w], with 6 being a free parameter. Then the Az in the expressions of the Green’s function in the third 
column of Table M12.9 must be replaced by Az — 8; just as previously, the Az and u(x) were determined by 
solving the eigenvalue problem (M12.11.1.1), (M12.11.1.2). 


M12.11. Duhamel's Principles in Nonstationary Problems 
M12.11.1. Problems for Homogeneous Linear Equations 


> Parabolic equations with two independent variables. Consider the problem for the 
homogeneous linear equation of parabolic type 


Ow aw Ow 
Fe = UDF + HO) + ola (M12.11.1.1) 
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with the homogeneous initial condition 


w=0 at t=0 (M12.11.1.2) 

and the boundary conditions 
s¡0¿W+k¡w=g(t) at z=x1, (M12.11.1.3) 
s70,W+kow=0 at I=2X. (M12.11.1.4) 


By appropriately choosing the values of the coefficients s1, s2, k1, and kz in (M12.11.1.3) 
and (M12.11.1.4), one can obtain the first, second, third, and mixed boundary value problems 
for equation (M12.11.1.1). 

The solution of problem (M12.11.1.1)-(M12.11.1.4) with the nonstationary boundary 
condition (M12.11.1.3) at x=; can be expressed by the formula (Duhamel’s first principle) 


o f* t Əðu 
w(x, t) = =f u(x,t —T) g(T) dt - | —(x,t—7T) g(7) dr (M12.11.1.5) 
Ot Jo o Ot 


in terms of the solution u(x, t) of the auxiliary problem for equation (M12.11.1.1) with the 
initial and boundary conditions (M12.11.1.2) and (M12.11.1.4), for u instead of w, and the 
following simpler stationary boundary condition at x = 21: 


s10U+kiu=1l at x=}. (M12.11.1.6) 


Remark. A similar formula also holds for the homogeneous boundary condition at x = x; and a nonho- 
mogeneous nonstationary boundary condition at x = x2. 


Example. Consider the first boundary value problem for the heat equation 


ðw Ow 
a es M12.11.1.7 
Ot Ox? l ) 
with the homogeneous initial condition (M12.11.1.2) and the boundary condition 
w=g(t) at x=0. (M12.11.1.8) 


(The second boundary condition is not required, since 0 < x < oo in this case.) 
First consider the following auxiliary problem for the heat equation with the homogeneous initial condition 
and a simpler boundary condition: 


eee w=0 at t=0, u=1 at x=0. 
This problem has a self-similar solution of the form 
W=Wl: 23 at, 
where the function w(z) is determined by the following ordinary differential equation and boundary conditions: 
Uz, + tzu, =0, u=1 at z=0, u=0 at z=00. 


Its solution is expressed as 


z x 
u(2) = erfe( 5) => ue) = erfe( 7), 


2 ds l / ee l l 
where erfc z = —= J exp(—& 2) d£ is the complementary error function. Substituting the obtained expression 
T Jz 


of u(x, t) into (M12.11.1.5), we obtain the solution to the first boundary value problem for the heat equation 
(M12.11.1.7) with the initial condition (M12.11.1.2) and an arbitrary boundary condition (M12.11.1.8) in the 


form A ; E 
e e y E. | JA 
A | di | rey ¿IPR 
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> Hyperbolic equations with two independent variables. Consider the problem for the 
homogeneous linear hyperbolic equation 


2 2 
am AD = = a) = ba) + cla) (M12.11.1.9) 
ot Ox 


with the homogeneous initial conditions 


w=0 at t=0, 


M12.11.1.10 
O;w = 0 at t = 0, l ) 


and the boundary conditions (M12.11.1.3) and (M12.11.1.4). 

The solution of problem (M12.11.1.9), (M12.11.1.10), (M12.11.1.3), (M12.11.1.4) 
with the nonstationary boundary condition (M12.11.1.3) at £z = x; can be expressed 
by formula (M12.11.1.5) in terms of the solution u(x,t) of the auxiliary problem for 
equation (M12.11.1.9) with the initial conditions (M12.11.1.10) and boundary condi- 
tion (M12.11.1.4), for w instead of w, and the simpler stationary boundary condition 
(M12.11.1.6) atx = xı. 

In this case, the remark made after the boundary condition (M12.11.1.6) remains valid. 


M12.11.2. Problems for Nonhomogeneous Linear Equations 


> Parabolic equations. The solution of the nonhomogeneous linear equation 
— =). aij) 5 de E b; ao +c(x)w + D(x, t) 


with the homogeneous initial condition (M12.11.1.2) and the homogeneous boundary con- 
dition 
P,[w]=0 for xes (M12.11.2.1) 


can be represented in the form (Duhamel’s second principle) 
t 
w(x, t) = / U(x,t—7,7) dr. (M12.11.2.2) 
0 


Here, U(x, t, 7) is the solution of the auxiliary problem for the homogeneous equation 


JU Y a 
eee OZ + Mog +600 


1,j=1 


with the boundary condition (M12.11.2.1), in which w must be substituted by U, and the 
nonhomogeneous initial condition 


U=0(x,7) at t=0, 
where 7 is a parameter. 


Note that (M12.11.2.1) can represent a boundary condition of the first, second, or third 
kind; the coefficients of the operator I’, are assumed to be independent of t. 
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> Hyperbolic equations. The solution of the nonhomogeneous linear equation 


2w Ow = aw i Ow 
eee AN a IEEE pe e al $ 
+ (X) nr 2 Qj (X) oT + 2 6; (x) BE: + c(x)w + D(x, t) 


with the homogeneous initial conditions (M12.11.1.10) and homogeneous boundary con- 
dition (M12.11.2.1) can be expressed by formula (M12.11.2.2) in terms of the solution 
U = U(x,t, 7) of the auxiliary problem for the homogeneous equation 


2U JU E PU < OU 
PA + AD = 2 On T 2 dr + c(x)U 


with the homogeneous initial and boundary conditions, (M12.11.1.2) and (M12.11.2.1), 
where w must be replaced by U, and the nonhomogeneous initial condition 


OQU = ®(x,7) at t=0, 


where 7 is a parameter. 
Note that (M12.11.2.1) can represent a boundary condition of the first, second, or third 
kind. 
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Chapter M13 
Special Functions and Their Properties 


Throughout Chapter M13 it is assumed that n is a positive integer unless otherwise specified. 


M13.1. Some Coefficients, Symbols, and Numbers 
M13.1.1. Factorials. Binomial Coefficients. Pochhammer Symbol 


> Factorial. 
0!=1!=1, n'=1-2-3...mM—-l)n, n=2,3, 4... 


> Double factorial. 
01! = 11! = 1, Qn)!!! =2-4-6...Qn), On+ D)!! =1-3-.5...Qn+ 1), where 
¡DAI eae ees E 
> Binomial coefficients. 
og = (Mm. where k=1 n; 
n Nk? ktm Bo ait 
-1)...(a-k+1 
= (7) = A E where k=1,2,... 
Here, a is an arbitrary real number. 
Remark. In various texts, the binomial coefficients are also denoted C? = nOr = Cn, r). 
> Generalization. Some properties. General case: 
(a+ 1 
u = woe where I(x) is the gamma function. 


Properties: 
c? = 1, Cr =0 for k=-1,2,... or k>n, 


—b 
Oits a Cat Cr = Odi 
"E A S Y 
e TEN STE 
5 . ED 4. AO 
1/2 pont RL (Qn —-2)1’ 
2n+1 na-4n-1 yn n _ nnmn 
1/2 =(-1) 2 2n? Const /2 =2 Cant? 
o _ oe nf _ 2 ¿m19/2 
n To n T n $ 
> Pochhammer symbol. 
(a +n) I-a) 
a 1)... — 1) = —— _ =(-l1)"—————.. 
(@)n = a(a+1)...(@tn-1) = To = Cl" Ea 
355 
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M13.1.2. Bernoulli Numbers 


> Definition. The Bernoulli numbers are defined by the recurrence relation 


n-1 
Bosk. SC RESO, meEZos 
k=0 


Numerical values: 
Bo=1, Bi=-5, B=%, 
Boma, =0 for m=1,2,... 


Bya=-35, Bo=q, Bs=-%» Bio= 


All odd-numbered Bernoulli numbers but B4 are zero; all even-numbered Bernoulli numbers 
have alternating signs. 


> Generating function. 


OO 


ye 
=> B n—> |e] <2n. 
n! 


n=0 


This relation may be regarded as a definition of the Bernoulli numbers. 


M13.2. Error Functions. Exponential and Logarithmic 
Integrals 
M13.2.1. Error Function and Complementary Error Function 


> Integral representations. Definitions: 


2 T£ 
erf x = R / exp(=t?) dt (error function, also called probability integral), 
T JO 


erfc x = 1 — erf x = Si J exp(=t?) dt (complementary error function). 
TT 


Properties: 
erfízx) = —erf x;  erf(0)=0, erfloo)=1;  erfc(0)=1, erfc(co) =0 


> Expansions as  — 0 and x — oo. Definite integral. Expansion of erf x into series 
in powers of x as x — Q: 


q2k+l ) 00 2k q2k+l 


g= e ——. 
ans. =e Oke) “aor de A Ok + DI! 
Asymptotic expansion of erfc x as  — 00: 


(2) m 


erfex = = exp a? [Ze He a +O (lar) NEED cas 


Integral: 
is 1 1 
/ erf t dt = x erf x — — + — exp(=x?). 
0 2 2 
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M13.2.2. Exponential Integral 


> Integral representations. Definition: 


x e OO et 
Biz) = | mu! eo for x <0, 
e Ñ y et 
Ei(x) = Mm 0 — d +/ T de) for x>o0. 
€ 


Other integral representations: 


© esint+tcost 
Ei(=x) =-e > / — dt for x>0, 
0 q? + t2 


© xrsint—tcost 
Ei(-z)= e” / SE for «<0. 
0 q? + t2 


> Expansions as x — 0 and x — oo. Expansion into series in powers of x as x — Q: 


C +In(=x) + no if £ <0, 
Ei(x) = ar 
x 
Cent o if x >O, 
k=1 
where C = 0.5772... is the Euler constant. 
Asymptotic expansion as £ — 00: 
| a (k — 1)! n! 
Eix) =e* Y (-1)* + Ra, Ma: 
o YN a 


k=1 


M13.2.3. Logarithmic Integral 


> Integral representations. Definition: 
” dt 

/ — fO<x<l, 
0 Int 


l-e x 
dt dt 
lim / — + / — if > 1. 
e>+0\ Jo Int i4¢ Int 


> Limiting properties. Relation to the exponential integral. For small x, 


li(x) = 


E 
li(x) = ———. 
M= 
For large x, 
li(a) = —. 
In x 
Asymptotic expansion as x — 1: 
i x 


Hee) = C+ inal + C = 0.5772... 
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M13.3. Sine Integral and Cosine Integral. Fresnel 
Integrals 
M13.3.1. Sine Integral 


> Integral representations. Properties. Definition: 


t t 
Si(x) = = Mo de a si iest 
Specific values: 
Si(0)=0,  Si(oo) = 7 si(oo) = 0 
Properties: 


Si(—x) = —Si(x), s(x) + si(—x) = r, lim si(v) =—T. 


> Expansions as x — 0 and x — oo. Expansion into series in powers of x as x — Q: 
CoO Z= 
(=en r2% 1 


02 e De 


Asymptotic expansion as £ — 00: 


M-1 ee N inm E 
si(x) =—cos x 53 ED”"Gm)! de JE) +sin ge 2 ED"Em=D! ae Ofle) l 


q2m+l q2m 
m=0 m=1 


where M, N =1,2.... 


M13.3.2. Cosine Integral 


> Integral representations. Definition: 


i T E | 
ciiay=- [2 = d=C+ma+ | —— it. 
x 0 


where C = 0.5772... is the Euler constant. 
> Expansions as x — 0 and x — oo. Expansion into series in powers of x as x — 0: 
(-1 Dx 2k 


Ci(x) = cine SEAT HO 


Asymptotic expansion as 7 — 00: 


ym q2m+1 


M- i N-i iym 
Cia) = cos r| X A) since] Y Cem T l 


m=1 m=0 


where M, N =2,3,... 
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M13.3.3. Fresnel Integrals 


> Integral representations. Definitions: 


1 fsi a pv 
S(x) = — / SE psa) = / sin t? dt, 
V27 Jo vt T JO 
1 * cost 2 pve 
ca) =— | a=] cos t? dt. 
V 2T Jo Vt n JO 


> Expansions as x — 0 and x — oo. Expansion into series in powers of x as x — Q: 
(= Dx 2k+1 
S = 
ye Vs 7 aaa (4k +3) Qk+D! 
(-1 Dx 2k 
CO = 
a E coe (4k + 1) (2k)! 


Asymptotic expansion as 7 — 00: 


l] coszx sin £ 
S(x) = = — P(x) - 
EZ gee 
l sina COS £ 
C(@) == P(x) - 
A ae 
Pasi 1x3 1x3x5x7 _ OS o 


M13.4. Gamma Function, Psi Function, and Beta 
Function 


M13.4.1. Gamma Function 


> Integral representations. Simplest properties. The gamma function, 1'(2), is an 
analytic function of the complex argument z everywhere except for the points z = 0, —1, 
= ee 

For Re z > 0, 


(2) = / ter? dt. 
0 


For —(n + 1) < Rez <—n, where n = 0,1, 2,..., 


ros f e- Sn id =| dt. 
0 m=0 


Simplest properties: 


Ti+) =2T(), Pn+bDe=n!, Td)=FQ)=1. 
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Fractional values of the argument: 


r(=) oF r(n+5) = VT on- 


(aa (o 


> Euler, Stirling, and other formulas. Euler formula 


[(z) = lim cs Cn eee 
2) = x—_ a E eee F 
noo zZ(2+1)...(2+n) 


Symmetry formulas: 


tes. Mole. ==, 
Z SIN(TZ) sin(TZ) 
1 1 T 
r(5 = ¿Jr (5 o z) ~ cos(TZ) 
Multiple argument formulas: 
2z-1 
rQ) = Å GT (z į >), 
3z-1/2 
Ros — TEI E + ¿Jr( + =). 
n-1 
Tínz) = Qr)t MP nr? 1] T E + ~), 
k=0 


Asymptotic expansion (Stirling formula): 


T(z) = Vine 27214 bets tex? t+ O(e3)| (argz]<m). 


M13.4.2. Psi Function (Digamma Function) 


Definition: sa D(z) 
ni) _ LG 
Os dz T(z)" 
The psi function is the logarithmic derivative of the gamma function and is also called the 
digamma function. 


Integral representations (Re z > 0): 
W(z) = / [e*-(1+0*]07 dt, 
0 
Wz) = In 2 + | jé*-(-e*y" |e de, 
0 


1 ¡E ql 
W(z)=-C + / dt, 
0 l-t 


where C = —y(1) = 0.5772... is the Euler constant. 
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Values for integer argument: 


n-1 


YD=<, pny=C+S ok" (n=2,3,...). 


k=1 


Asymptotic expansion as z — œ (larg z| < 7): 


eee 1 1 a 1 1 i 1 
AAA ee ee —Á : 
2z 1222 12024 25276 22 - 2nz2” 


where the Bən are Bernoulli numbers. 


M13.4.3. Beta Function 


> Integral representation. Relationship with the gamma function. Definition: 


1 
Oe / EA dt, 
0 


where Re x > 0 and Re y > 0. 
Relationship with the gamma function: 


_ Tay) 


B(x, y) = =—. 
(x, y) eran 
> Some properties. 


B(x, y) = Bly, x); 
Bz, y+) = 2B(e+1,y) = —— Bez, y); 
XL T+Y 


B(z,1 -x)= ————, O<zx<l; 
siIn(Tzx) 
1 1 -1 
Bín,m) J MOn uni = WG nim- = MG nel z as 


where n and m are positive integers. 


M13.5. Incomplete Gamma Function 
M13.5.1. Integral Representations. Recurrence Formulas 


Definitions: 5 
(a, £) = / edb: Rea > 0, 
0 


(a, x) = f ett?! dt =T(a)- (a, £). 


Recurrence formulas: 


Vat+1,x2) = ay(a,x)-x2°e™, 
yla +1, x) = (x + 0)y(a, x) + (1 -—a)zry(a— 1, x), 
T(a+1,x2)=al(a,xz)+2%e™. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Page 361 


Page 361 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


362 SPECIAL FUNCTIONS AND THEIR PROPERTIES 


Special cases: 


n k 
z X _ 
vn 1,2) =n! [Ie 2 =) Ma E IAE 
k=0 
n k 


aiima 7, 10 Tas 
k=0 


Tien, 2) = E 2 tiro, z) — “Soy =| n=1,2,... 


M13.5.2. Expansions as xz — 0 and x — oo. Relation to Other 
Functions 
Asymptotic expansions as x — 0: 


ot 1] yy atm 
y(Q, £) = yo 


e ni(a+n) 
Pía, £) =T(a)- Y aa alle 


Er ni(atn) 


Asymptotic expansions as x — 00: 


yan Mo) antes Y La a +olar™)|, Iene 


m=0 


< (1-0) 
Tío, 2) = 2% le” | y T + O(a) (30 < arg x < àr). 
m=0 


Representation of the error function, complementary error function, and exponential 
integral in terms of the gamma functions: 


1 1 1 1 
erf === (5 x”), erfex = 21 (5, x), Ei(—x) = -I (0, x). 
yr \2 Va \2 AA 


M13.6. Bessel Functions (Cylinder Functions) 

M13.6.1. Definitions and Basic Formulas 

> Bessel functions of the first and the second kind. The Bessel function of the first kind, 
J,(x), and the Bessel function of the second kind, Y (x) (also called the Neumann function), 


are solutions of the Bessel equation 


ay! + £y’, + (x? —v*)y =0 


and are defined by the formulas 


= EI J (x) cos mv — J- Aa) 
A i 0 EE FEF) = M13.6.1.1 
(2) 3 kiTa+k+1) Oe sin Ty l ) 
The formula for Y,(x) is valid for v + 0, +1, +2, ... (the cases v = 0, +1, +2, ... are 


discussed in what follows). 
The general solution of the Bessel equation has the form Z,(x) = C¡J,(x) + CY (x) 
and is called a cylinder function. 
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> Some formulas. 


2VZ,(x) = 214%, 1(2)+ L,4160)), 
1 
Z,(a) = zla) - Zne) =H Za- Zaw); 
L er Za) =e Lyi); ee y(x)] == Zv+ (2), 
a dx 
E BAN 
Ea e" (ay) = 2” Jy-n(2), 4 [a T(x) = (CD) yan). 
xd xd 


> Bessel functions for y = tn + 5, where n = 0, 1,2,... 


oe 4 ae 
J, y (z) = = sin x, J_1/2() = rare COS T, 
12 (1 E 1 
J3y (1) = pa € sin £ — COS r) A 3/2 (1) = a (-- cos © — sin r) : 


[n/2] k 
A p) , NT (-1) (n +2k)! 
ola) Gare apa 


[(n-1) /2] 


, na (-1)*(n+2k +1)! | 

ds SS E Qk+DIm-2k- DI apr |’ 
[n/2] k 
O nr (-1)'(n + 2h)! 
Lena /L) SN a cos (z+ z) 3 (2k)! (n — 2k)! (222 

| Ay QA Caen 2k 0 | 

-sin(x + ER PC E TA Ne 

2) £6 Qk+Din-2k-D1(2) 


| 2 De u 
Yiz) =- aa COS T, Y 1 /2(1) = A sin g, 


Yna 20) = CD" 1/00), Y n1728) = CD” Inst /2(@), 
where [A] stands for the integer part of the number A. 


> Bessel functions for v = +n, where n = 0,1,2,... Letv = n be an arbitrary integer. 
The relations 

Ty (1) = ED Into), Yna) = ED) Yn(z) 
are valid. The function J,,(x) is given by the first formula in (M13.6.1.1) with y = n, 
and Y, (1) can be obtained from the second formula in (M13.6.1.1) by passing to the limit 
v => n. For ii n, Yn(x) can be conan in the form 


where 4Y(1) = -C, Y(n) = C + > kt, C = 0.5772... is the Euler constant, and W(x) = 
1 


[In T(x)]/, is the logarithmic derivative of the gamma function, also known as the digamma 
function (see Subsection M13.4.2). 
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> Wronskians. 
ae 2 
WL, J) S sin(7TV), W(J,, Yy) = 
TE TX 


Here, the notation W(f, g) = fgl, — fg is used. 


M13.6.2. Integral Representations and Asymptotic Expansions 


> Integral representations. The functions /,(x) and Y,(x) can be represented in the 
form of definite integrals (for x > 0): 


TIAL) = / cos(x sin 0 — v0) d@ — sin mv / expí—z sinh t — vt) dt, 
0 0 

ioe) = / sin(x sin 0 — v0) d0 — / (Marrero de 
0 0 


For |v| < 5,1>0, 


10 IE F sin(xt) dt 
y(x) = —— ——, 
Tir -v) Ji (t2 — py +1/2 
y E NS © cos(xt) dt 
v(x) == 1/2771 _ 2 yyvtl/2° 
wile =v) 41 oC ) 
For y > 4, 
Ma /2 y Tr /2 
ACA AE / cos(x cos t) sin” tdt (Poisson’s formula). 
TTG +1) Jo 


Forv=0,x>0, 
JS sin(x cosh £) dt, Yo(x1) = -— cos(x cosh t) dt. 
T JO n JO 
For integer v = n = 0, 1,2,..., 
1 f7 l 
LAL) = — | cos(nt—asint)dt (Bessel’s formula), 
T JO 
) Tr /2 
A = — / cos(x sin t) cos(2nt) dt, 
N JO 


m/2 
Joie) = | sin(x sin t) sin[(2n + 1)t] dt. 
0 


> Asymptotic expansions as |x| — oo. 


TEN 2 A -ry | K PIO y Olle 2M 
A | en (VY, 2m)Qay?” + Ols) 
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4 


V(r) = 2 ( . pde 2 ro [wm PIM y OM 
¿NEL | Me W, 2my ay" + Ole 


Ax —2v7 — ane 
+ cos (==) ev 2m + 1007 + Omer") \. 


4z-2vr -r> [a 
sin (A) | S Dw, 2m + Quay” + Omer" \ 
m=0 


Td+u+m 
where (v, m) = 3 


2. 2- 32 22 A: AAA 
mi 1)(4v* — 3°)... [414 -Qm-1)"] Ao 


For nonnegative integer n and large x, 


VTT Jon (x) = (-1)" (cos x + sin x) + O(a), 
VTT Jona) = (ED (cos z — sin) + O(a”). 
> Zeros of Bessel functions. Each of the functions J,(x) and Y, (x) has infinitely many 
real zeros (for real v). All zeros are simple, except possibly for the point x = 0. 
The zeros ym of Jo(x), 1.e., the roots of the equation Joly”) = 0, are approximately 
given by 
Vm = 2.4 + 3.13(m-1) (m= 1,2,...), 


with a maximum error of 0.2%. 


M13.7. Modified Bessel Functions 
M13.7.1. Definitions. Basic Formulas 


> Modified Bessel functions of the first and the second kind. The modified Bessel 
function of the first kind, 1 (x), and the modified Bessel function of the second kind, K, (£) 
(also called the Macdonald function), of order v are solutions of the modified Bessel 
equation 


T Yir + BY, — (3° +v )y=0 


and are defined by the formulas 


a Gye _ aL («)- 12) 
ty) eee Mion °° "> eng. * 


(see below for K, (x) with y = 0,1,2,...). 
> Some formulas. The modified Bessel functions possess the following properties: 


K_(x) = K,(x); Ln) = CD"), n=0,1,2,... 
2v1,(x) = sH- (x) - Loi (@)I, 2v K(x) = -2| Kv- £) — Ky41(0)1, 


d 1 d 1 
q fu) = e _1(x) + LL (2)), 7, Av kz) = ES _1(1)+ Ky+1(x)). 
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> Modified Bessel functions for v = tn + , where n = 0, 1,2,... 


| 2 02 
Ly (x) = 4/ — sinh z, Lija) = 4/ — cosh a, 
TX TL 
2 Los 2 1 . 
Íza (x) = 4/ — | -— sinh x + cosh x }, £3y(xc)=4/—|-——cosh x + sinh z |, 
TEN F NEN T 


cd fam COim+k)! PE (n +k)! 
Lua ala) == 2 mana Ye 2 | 


21d [as CDMA o niet (n +k)! 
da ie e e (mk)! (2a) ds - ara 


TT T 1 
Wy /2(@) = 4/ >. ae I43/2(@) = 4/ a (1 + Jer, 


= (n+ k)! 
Kus) = Kn ipo) = 1/37 A TEA 


> Modified Bessel functions for v = n, where n = 0,1, 2,... Ifv =n is a nonnegative 
integer, then 
2m-n (n-m -— 1)! 


m! 


n-1 
_ n+1 e 1 3 yn a 
Kas RDF +5 D (5) 
1 A O ntlm p(n+m+1)+ym+1) E 
AU) emp e 


where 7(z) is the logarithmic derivative of the gamma function; for n = 0, the first sum is 
omitted. 


> Wronskians. 
2 1 
W(L, ,)=-— sin(rv), W(U,,K,)=-=—, 
TL £ 
where W(f, g) = fg,- 


M13.7.2. Integral Representations and Asymptotic Expansions 


> Integral representations. The functions 1,(x) and K,(x) can be represented in terms 
of definite integrals: 


V 1 
x 
Lx -- =] exp(—at)(1 — t)! dt (x >0, v >—4), 
een 5 
K(x) = / exp(—x cosh t) cosh(vt) dt (x > 0), 
0 
1 OO 
K(x) = —— | cos(x sinh t) cosh(vt) dt (x >0, -1<v< 1), 
os (+7) 0 
1 OO 
K(x) = EEE / sin(x sinh t) sinh(vt) dt (x >0, -l<v< 1). 
sin(371) 0 
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For integer v = n, 


1 T 
Lite) = = / exp(x cos t) cos(nt) dt (M0 eee E 
0 


dt (x > 0). 


: 2 cosízt) 
Ko(x) = / cos(x sinh t) dt = | 
0 0 t +1 


> Asymptotic expansions as 7 — oo: 


x M 2 2 22 2 2 
ue e art =] 41*-3%)...[44*-Qm-1) a. 
m=1 


V 27x m! (8x) 


M 
Toa (41? — 1)(4v2 — 32)... [4v2 -(2m-1y] 
K(x) = Mo © fis > A, 


m=1 


The terms of the order of O(1x 471) are omitted in the braces. 


M13.8. Degenerate Hypergeometric Functions (Kummer 
Functions) 


M13.8.1. Definitions and Basic Formulas 


> Degenerate hypergeometric functions ®(a, b; x) and © (a,b; x). The degenerate 
hypergeometric functions (Kummer functions) ®(a, b, x) and V(a, b; x) are solutions of the 
degenerate hypergeometric equation 


LY nn + (b- x)yi, -ay = 0. 


In the case b #0, —1, —2, —3, . . . , the function ®(a, b; x) can be represented as Kummer’s 
series: 
O 
(a,b; x)= 1+ — —, 
AAA Deora 
k=1 
where (a), = ala+1)...(a+k-1), (aj = 1. 
Table M13.1 presents some special cases where ® can be expressed in terms of simpler 
functions. 
The function V(a, b; x) 1s defined as follows: 


= (AO) l T'(6-1) 
W(a, b; x) = Toss =D P(a, b; x) + Tía) 


x @(a—b+1, 2-b; x). 


Table M13.2 presents some special cases where Y can be expressed in terms of simpler 
functions. 


> Kummer transformation and linear relations. Kummer transformation: 


(a, b; x) = e* ®(b—a, b; x), Wa, b; £) = 2 °W(1 + a—b,2—b; 2). 
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TABLE M13.1 
Special cases of the Kummer function P(a, b; z). 


Incomplete gamma function 
y(a, 2) -=/ ed 
0 
Error function 


2 a 2 
erf xr = —= exp(—t”) dt 
VT Jo 


Hermite polynomials 


2 


n xx a =. 
Hy(a)=(-1)"e* (07), 
n= Eora 


Laguerre polynomials 
| (a) S En d -£ _N+Q 
-n z l Ln (2£)= n ae (tana), 
a a=b-1, 
(b)n =b(b+1)...(b+n-1) 
O E rare (Z) Lío) 
== + PE V 
dl 2 2 y 2 Modified Bessel functions 
DN ef & Snes I (£x) 
CIOT 


Linear relations for ®: 


(6-—a)®(a—-1,6;x%) + Qa—6b+2x)®(a, b; x) -—a®(a+t 1, b; x) = 0 

b(b— 1)®(a, 6-1; 2) -—b(6-14+ x) O(a, b; x) + (b-a)x®(a,b64+1;x7) =0 
(a—b+1)®(a, 6; x) —a®(a+ 1,6; x7) + (6-1) 8(a, b— 13x) = 0 

bP(a, b; x) — b®(a— 1,6; x) —x®(a,b+1;x7) =0 

b(a + x)®(a, 6; x) —(b- a)x®(a, b+ 137) - ab®(a + 1, b; x) = 0 
(a—1+2)®(a, 6; x) + (6-—a)®(a— 1,6; x) —(b- 1) ®(a, b- 1; 2) = 0 


Linear relations for WV: 


V(a—-1,b;7)-Qa-6+2)V(a, 6; x) + a(a—6b6+ 1)V(a4+1,6; x7) =0 
(6-—a-1)V(a,b—-1;x)-(6-—1+2)V(a, b; 7) + xV(a,b+1;x7) =0 
Ví(a,b;x)-aY(a+1,b;x)-W(a,b—-1;x)=0 
(b—ajJY(a,bix)-xW(a,b+1;x)+ Vía—-1,b;x)=0 

(a+ x)Y(a,b;x)+a(b-a-1)Y(a+1,b;x)-xY(a,b+1;x)=0 
(a—1+2)V(a, b;x)- V(a—-1,6;7) + (a—c+1)V(a,b-1;27) =0 
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M13.8. DEGENERATE HYPERGEOMETRIC FUNCTIONS (KUMMER FUNCTIONS) 


369 


TABLE M13.2 
Special cases of the Kummer function W(a, b; z). 


celica: 1 gamma function 
Tr(a, x£) z e*t dt 


Complementary error function 


Exponential integral 


£ t 
Ei(x) = l — dt 


Logarithmic integral 


a dt 
li z= — 
o t 


Hermite polynomials 
Nn T d” =T 
e 2" Hna) Hna) = (ye? = le >, 
n=. Ll Za 


1/2 ee Modified Bessel functions 
2v+1 2g nm (22y e” K(x) Ko) 


d ds a)n 
q ee Ca) = Día + 1,6+1;2), ar —— (a, b; x) = <a P(a+n,b+n; 1), 


d 
qa 


Wronskian: 


EO). 2 
W(®,V) = pY’ -p Y =- 
iad ae cae 
> Degenerate hypergeometric functions for n = 0, 1, 2 


V(a,n+1;x) = = n+l;x)ln z 


es n-1 
(a) (n-1)! 1)! (a-n)r x" 
+ DT (n+ z [va +r)-Y(1+r)-Y1+n +r)]— 57 TIa) 2 (1-n), r! 


where n =0, 1, 2,... (the last sum is omitted for n = 0), Y(z) = [n r(2)] is the logarithmic 
derivative of the gamma function, 


n-l 
w=, Y(ny=C+ Skt, 
k=1 
where C = 0.5772... is the Euler constant. 
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If b < 0, then the formula 
V(a, b; x) = va —b+1, 2-5; x) 


is valid for any z. 
For b #0, —1, —2, —3, . . . , the general solution of the degenerate hypergeometric equation 
can be represented in the form 


y = C1 O(a, b; x) + C¿W(a, b; x), 
and for b = 0, —-1, —2, —3, ..., in the form 


y =x (Ci ®(a—b+1, 2-b; 2) +C2V(a—-b+1, 2-b; x)]. 


M13.8.2. Integral Representations and Asymptotic Expansions 


> Integral representations. 


(0) ae E 
p = ———— Ss Flee Gl ME A 0? for b 0 
(a, b; x) Ote. e ( ) (for b> a > 0), 


1 OO 
Vía, b; x) = O] / aaa (for a>0, z >0), 
0 


where 1'(a) is the gamma function. 


> Asymptotic expansion as |x| — oo. 


N 
O(a, b; x) = PO) o a > (001 n + | , £>0, 


I (a) a n! 
TO ile dis o 
(a, b; £) = 7 (—x) * p Oa h a) gs | e ELO, 


N 
YWía,bix)=x“ a ER ee + | , —00<I<OO, 


n=0 


where € = O(a 07), 


M13.9. Elliptic Integrals 
M13.9.1. Complete Elliptic Integrals 


> Definitions. Properties. Conversion formulas. Complete elliptic integral of the first 
kind: 
E 


K(k) i da [ d 
do yl=-kRsila Jo A200 222) 


Complete elliptic integral of the second kind: 


T2 are E ee 
E) = | VIE sin? ada = | LA a 
0 o vVl-a2? 
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M13.9. ELLIPTIC INTEGRALS 371 


The argument k is called the elliptic modulus (k? < 1). 
Notation: 


kl=V1-k2, K(k) =K(k’), E(k) = E(k’), 


where k’ is the complementary modulus. 
Properties: 


Kk) = K(k), Ek) = E(k); 
K(k) = K'(k’), = E(k) = E(k’); 
E(k) K’(k) + Elo K(k) — K(k) K'(k) = a 


Conversion formulas for complete elliptic integrals: 


lsk 1+k 
(EE) T A 


Fek 1 ; 
El = ER) +h K(k)], 


1+k’ 
2Vk 


2Vk 2 l IN2 
e( 2) = lí E(k) — (5 7K(k) . 


> Representation of complete elliptic integrals in series form. Representation of 
complete elliptic integrals in the form of series in powers of the modulus k: 


OT Sy E A E Cre LL a 
Ki) = F414 (3) +(35)1 ror {SON E vol, 
T 1\ k? SIRs En-D1 k” 
Ew)=35(1- (3) (2) | (En)! | A! 


> Differentiation formulas. Differential equations. Differentiation formulas: 


dK(k) E(k) K(k) dE(k)  E(k)-K(k) 
odk kk k’? dk k ' 


The functions K(k) and K’(k) satisfy the second-order linear ordinary differential equa- 
tion 
d dK 
— |k -k5 —| -kK =0. 
7h E k*) TL | k 0 


The functions E(k) and E'(k) — K'(k) satisfy the second-order linear ordinary differential 
equation 
dE 


d 
= 2a — — 
(1 Ka (fE) +E 0. 
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M13.9.2. Incomplete Elliptic Integrals 
> Definitions. Properties. Elliptic integral of the first kind: 
dx 


f da f 
“Jy Yi=ksila Je yi-rik. 
Elliptic integral of the second kind: 


p sin Y V1 — k272 
E(y,k) af y 1 — k? sin? ada = D 
0 0 v1-—g? 


F(p, k) 


Elliptic integral of the third kind: 


r da ane dx 
II(y, n, k) = ee SS á— 
o (l-nsin2a)V1-—k?sinza Jo (1 -= nz?) /(1 - 2211 — k22?) 


The quantity k is called the elliptic modulus (k? < 1), k' = V1 — k? is the complementary 
modulus, and n is the characteristic parameter. 
Complete elliptic integrals: 


K(k) = F(Z, k), E(k) = E(>, k), 


pS ze T ad ILA = Y 
K0)=F(5,), E0)=E(>,k). 
Properties of elliptic integrals: 
Pio, k) = -F (9, k), F(nr ip, k) = 2n K(k) + Flo, k); 
E(-y, k) =—-E(y, k), Elnr tọ, k) = 2n E(k) + Ely, k). 


> Conversion formulas. Conversion formulas for elliptic integrals (first set): 
1 
F (v >) = kF (o, k), 


1 1 
E(u, >) = Elo, k) - (kY Feo, k)], 
where the arguments y and 4, which may be treated as angles, are related by sin Y = k sin y, 
cos Y = y1 — k? sin? y 
Conversion formulas for elliptic integrals (second set): 
l-k 
F — | =(1+k\)F(ọ,k 
(v E) ( +k) (9, ), 
TA) 1FK 


where y and y) are related by tan(w — p) = k’ tan y. 
Transformation formulas for elliptic integrals (third set): 


2Vk 
F(v a) =(1+k)F(y, k), 


2Vk 1 sin Y cos p l 
E(w, —— |= 2E(y, k) —(k’)* Flo, k) + 2k 1- ksin? o |, 
(v E) | A ENS aad es ae o| 


(1+ k)sin y 
1 + ksin? y 


El ++) [Eo +k Fo] -E siny, 


where y and Y are related by sin y = 
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M13.10. Orthogonal Polynomials 


All zeros of each of the orthogonal polynomials P,,(x) considered in this section are real 
and simple. The zeros of the polynomials P,,(x) and P,,+1(x) are alternating. 


M13.10.1. Legendre Polynomials and Legendre Functions 


> Explicit and recurrence formulas for Legendre polynomials and functions. The 
Legendre polynomials P,,(x) and the Legendre functions Q,,(x) are solutions of the second- 
order linear ordinary differential equation 


(1-2%)y”,, -2xy!, + n(n + ly =0. 


The Legendre polynomials P,,(x) and the Legendre functions (2, (x) are defined by the 
formulas 


lodo, 7 
Ent) = om ae = 


Qui) = 5 Pala) In À 


+£ «1l 
=" 2 — Pr- (@)Pam la). 


The polynomials P,,(x) can be calculated using the formulas 


Pola)=1, P(x) =2, Py(a) = (32? — 1), 


1 1 
P3(x) = Or - 3z), Py(xr)= 3 35a" — 30x” + 3), 


2n+1 
Pr+1 (2) = 


Pa Ph). 
+1 n+l 


The first five functions @,,(x) have the form 


+2 XL l+zx 
= —] 
mi (21(x) z MT 
3 1 1 5 2 
—x%, Q3(x)= = (52° — 3x) In oes a 
4 l-—z 3 


2 2 
1 1 35 55 
Q4(x) = sa — 302? + 3) In 7 = 3 x 24 oe 


s 


1 1 
Qo(x) = 5 in 1 


1 1 
Qu(a) = 782- 1) n — - 
4 l-zx 


The polynomials P,,(x) have the explicit representation 


[n/2] 
O O a 


m=0 


where [4] stands for the integer part of a number A. 


> Zeros and orthogonality of the Legendre polynomials. The polynomials P,,(x) (with 
natural n) have exactly n real distinct zeros; all zeros lie on the interval -1 < x < 1. The 
zeros of P,,(x) and P,,41(x) alternate with each other. The function @,,(z) has exactly n+ 1 
zeros, which lie on the interval -1 < x < 1. 
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The functions P,,(x) form an orthogonal system on the interval —1 < x < 1, with 


1 0 f nnm, 
/ Fraade E 2 
-1 


2n+1 


if n=m. 


> Generating functions. The generating function for Legendre polynomials is 


1 OO 
SS = > P,,(x)s” (Is| < 1). 
— LSL +S 


The generating function for Legendre functions is 


n=0 


1 => 1—2sx + s? 
——— Nn A 
V1—2sx + s2 v1-— a? 


> Associated Legendre functions with integer indices. Differential equation. The 
associated Legendre functions P?” (x) of order m are defined by the formulas 


| =X Qnr(z)s”  (ls[<1, a > 1) 
n=0 


m 


d 
P™(x) = (1 - Py Palo, n=1,2,3,..., m=0,1,2,... 
gm 
It is assumed by definition that pe (WSPA. 
Properties: 
P'”({x)=0 if m>n, Per) =E)""P, 2). 


The associated Legendre functions P” (x) have exactly n — m distinct real zeros, all of 
which lie on the interval -1 < x < 1. 
Some of the associated Legendre functions P/"(x) with lower indices are 


Pla) = (1-29, Pla) =321-eyP, Pla) = 3-27, 
Pla) = 2(S2?-DA-4YP, P2(@) = 15a(1-27), Pie) = 15(1 - 2)”. 


The associated Legendre functions P?” (x) with n >m are solutions of the linear ordinary 
differential equation 


2 
(1 — A = 23. + n(n +1)- = 
1 — q? 


|u=o. 


> Orthogonality of the associated Legendre functions. The functions P?"(x) form an 
orthogonal system on the interval —1 < x < 1, with 
1 0 if nk, 
n Me = 2 +m)! 
J Pa (@)P, (2) dx (n+ m) ETEN 
2n +1 (n-m)! 


The functions P(x) (with m # 0) are orthogonal on the interval —1 < x < 1 with weight 
(1—22y7, that is, 


J EOLA p= (n+ m)! s 
-1 l — q? ——— if m=k. 
m(n- m)! 
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M13.10.2. Laguerre Polynomials and Generalized Laguerre 
Polynomials 


> Laguerre polynomials. The Laguerre polynomials L£,,(x) satisfy the second-order 
linear ordinary differential equation 


ry, +1 -xy + ny = 0 
and are defined by the formulas 


ee Oi 2 eE (gn e 


1 y 2 1 2 
F T F] = ( ) r” neg! + n (n ) qn 


n! 21 


The first four polynomials have the form 
Lo(z)=1, Li(æ)=-£+1, Lao)=3(0*-40+2), L3(x) = (a? +92 -18x +6). 
To calculate L,,(x) for n > 2, one can use the recurrence formulas 
1 
Lra (£) = — [Qn+1-20)Lp(2)-nEn-1(2)]. 
n+1 


The functions £,,(x) form an orthonormal system on the interval O < x < oo with 


weight e” > | 
I Ee” Lath, adr = f 0 if LAK 
0 l if n=m. 


The generating function is 


—) = 3 Lar. JJei 


> Generalized Laguerre polynomials. The generalized Laguerre polynomials L(x) 
(a. > —1) satisfy the equation 


— (2 
1 Xp 


TY, Hla+1-a)y,+ny=0 


and are defined by the formulas 


sia = nm œ I(n+a+ l1) (—x)'™ 


1 
Le = —Q _ £ UTA o ==. 
nAz) nio gan oe s D(m+a+1) m!(n—m)! 
m= 


Notation: L? (x) = Dil): 
Special cases: 


rn 
Lo(x)=1, Lia)=a+l-=x%, L(2)= (-1)"— 
To calculate L(x) for n 2 2, one can use the recurrence formulas 


1 
Dra) = — (2n+a+1-x) L(x) -(n+ a)Le Œ). 
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Other recurrence formulas: 


L (x)= L2 ,(x)+L2"(a), ES “S (x), E nb, (2) An+a)L,, (2). 


dx dx 
The functions £;,(x) form an orthogonal system on the interval 0 < x < oo with weight 
PRE 
AA 3 0 if nim, 
/ re“ L,(1)L, (1) dx = Torin) an 


The generating function is 


(1 =sy e ' exp(--—) = ro Is] < 1. 


M13.10.3. Chebyshev Polynomials 


> Chebyshev polynomials of the first kind. The Chebyshev polynomials of the first kind 
T,(x) satisfy the second-order linear ordinary differential equation 


(1-2%)y”, -ry +n y=0 


and are defined by the formulas 


1, (1) = cos(n arccos x) = Te /1— x2 Bie (a JE 


(2n)! dx” 
ia (n-m-1)! 
3 250 er ió a)?" (n=0,1,2,...), 


where [4] stands for the integer pani pe a number A. 
An alternative representation of the Chebyshev polynomials: 


T,,(x) = sr a DRA ag. 
The first five Chebyshev polynomials of the first kind are 
To(x)=1, Ti(x)=2, T(x) =227-1, T3(x) = 4027-32, Tila) = 827-827 +1. 
The recurrence formulas: 
Tp) = 201 Ce) PR De 2. 


The functions 7, (x) form an orthogonal system on the interval —1 < x < 1 with weight 


(1-ayi; | 
La TTD g $ E O 
dx = m ún=mx*0, 
=| vler 


2 
T tf n=m=0. 
The generating function is 


1—2sx + 52 >> Tp (1)5" (|s| < 1). 


The functions T,,(x) have only real o zeros, all lying on the interval -1 < x < 1. 

The normalized Chebyshev polynomials of the first kind, 21-"T;,(x), deviate from zero 
least of all. This means that among all polynomials of degree n with the leading coefficient 1, 
the maximum of the modulus max Dr T;,(x)| has the least value, with the maximum being 


equal to 217”. 
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> Chebyshev polynomials of the second kind. The Chebyshev polynomials of the second 
kind U,,(«) satisfy the second-order linear ordinary differential equation 


(l-2*)y”, —-3xy! + n(n+2)y=0 
and are defined by the formulas 
sin[(n + 1) arccos x] _2(n+1)! + 1)! 1 " 
Un (1) = —————— A U j q?) +1/2 
J 1 — 92 One vi L 
ills = m)! 
= A Yo Qxy 27 (n=0, 1, 2,...). 
—2m)! 
The first five le polynomials of the second kind are 
Uolx)=1, Ulx)=2x%, Una)=40%-1, U3(@)=82°-4a, Uala)=161*-120*+1. 
The recurrence formulas: 
Un+1[x) =2xU, (1) -Uni(®), n22. 
The generating function is 


>> U,(x)s” — (\s| < 1). 


] — 1d 


The Chebyshev polynomials of the e aa second kinds are related by 
Unix) = 


owe wee ai Dat (2). 


M13.10.4. Hermite Polynomials 
> Various representations of the Hermite polynomials. The Hermite polynomials 
H,,(x) satisfy the second-order linear ordinary differential equation 
Yorn —2LY,, +2ny = 0 
and are defined by the formulas 
[n/2] 


exp(—x = LG == 20 


q” 
Hala) = 1" exp(x*) — —— i 


dr n 
The first five polynomials are 
Ho(a)=1, Hy(x)=22, Ho(x)=427-2, H3(x)=82°-1227, Ha(a)=161*-482*+12. 


Recurrence formulas: 
Anyi (£) = 21H, (x) - 2n Hn (2), MA2; 
— Hy, (x) = 2n Hn- (2). 
dx 
Integral representation: 
eho 


Han) = —————- ex / exp (t?) t” cos(2xt) dt, 
an(X) T p(x ) E p( ) (22t) 
Ani (2) = EN yr exp (x*) / exp (+ sin(2xt) dt 

Ja : ; 


where n = 0, 1, 2,... 
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> Orthogonality. The generating function. An asymptotic formula. The functions 
H,,(x) form an orthogonal system on the interval —oo < x < œ with weight ea. 


f nnm, 


/ exp (-*) Hn (x) Hin (x) dx = ET if n=m. 


OO 


Generating function: 
OO gn 
exp (-s° + 2s1) = X Hn (x)—. 
= n! 
Asymptotic behavior as n — oo: 


n+l n n 
H, (2) = EE exp (x*) COS (y 2n+1x- irn). 


> Hermite functions. The Hermite functions h,(x) are introduced by the formula 


n 


1 1 d 
hn (a) =exp (52?) Hna) = CD exp( 722) FG epla?) 0 =0,1,2,... 


The Hermite functions satisfy the second-order linear ordinary differential equation 
2 
h” +(Qn+1—-2°)h=0. 
The functions f(x) form an orthogonal system on the interval —co < x < oo: 


f nn, 


/ L Mm (a) da = oe if n=m. 


Bibliography for Chapter M13 


Abramowitz, M. and Stegun, I. A. (Editors), Handbook of Mathematical Functions with Formulas, Graphs 
and Mathematical Tables, National Bureau of Standards Applied Mathematics Series, Washington, D.C., 
1964. 

Bateman, H. and Erdélyi, A., Higher Transcendental Functions, Vol. 1 and Vol. 2, McGraw-Hill, New York, 
1953. 

Bateman, H. and Erdélyi, A., Higher Transcendental Functions, Vol. 3, McGraw-Hill, New York, 1955. 

Gradshteyn, I. S. and Ryzhik, I. M., Tables of Integrals, Series, and Products, Academic Press, New York, 
1980. 

Magnus, W., Oberhettinger, F., and Soni, R. P., Formulas and Theorems for the Special Functions of 
Mathematical Physics, 3rd Edition, Springer-Verlag, Berlin, 1966. 

McLachlan, N. W., Bessel Functions for Engineers, Clarendon Press, Oxford, 1955. 

Polyanin, A. D. and Zaitsev, V. F., Handbook of Exact Solutions for Ordinary Differential Equations, 2nd 
Edition, Chapman & Hall/CRC Press, Boca Raton, Florida, 2003. 

Slavyanov, S. Yu. and Lay, W., Special Functions: A Unified Theory Based on Singularities, Oxford University 
Press, Oxford, 2000. 

Weisstein, E. W., CRC Concise Encyclopedia of Mathematics, 2nd Edition, CRC Press, Boca Raton, Florida, 
2003. 

Zwillinger, D., CRC Standard Mathematical Tables and Formulae, 31st Edition, CRC Press, Boca Raton, 
Florida, 2002. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Page 378 


Page 378 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Chapter M14 
Probability Theory 


M14.1. Basic Concepts and Simplest Probabilistic 
Models 
M14.1.1. Rules and Formulas of Combinatorics 


Below are rules and formulas of combinatorics that are useful in solving problems of 
probability theory. 


> Rule of sum and rule of product. 

Rule of sum. Suppose there is a collection of objects (of arbitrary nature). If an object a 
can be chosen from this collection in m different ways and another object ( can be chosen 
in k ways, then one can choose either object a or object 3 in m + k different ways. 

Rule of product. If an object a can be chosen in m ways and after that an object 5 can 
be chosen in k ways, then one can choose the ordered pair of objects (a, 6) in mk ways. 

Example 1. How many two-digit numbers are there consisting of different digits? 


The first digit can be one of 1, 2, ..., 9 and the other, one of the eight remaining plus 0 (1.e., one of nine 
digits). So, by the rule of product, there are 9 x 9 = 81 two-digit numbers consisting of different digits. 


> Permutations and combinations. 

Given a set of n (distinct) elements, an arrangement of r elements from this set (r < n) 
taken in a certain order is called a permutation. The total number of different permutations 
is equal to 


P? =n(n-1)(n-2)...(n-r+1)= —, 
(n-r)! 


which is also denoted P? = nP, = P(n,r). 


Example 2. How many three-digit numbers can be made up from the six digits 0, 1, 2, 3, 4, 5 without 


repetitions? 
Three out of the six digits (in a certain order) can be selected in P? ways. The triplets that start with 0 (i.e., 
the number of two-digit numbers consisting of 1, ..., 5) must be subtracted from this. So the desired number 


of three-digit numbers is P? — P? = 6-5-4-5-4 = 100. 
Note that the number of different permutations on a set of n elements (1.e., arrangements 
that differ from each other by only the order of selection of the n elements) is equal to 
eS DS cid 
Note that 0! = 1. 


Example 3. How many ways can four people be seated at a table” 
This can be done in Pf = 4! = 1-2-3-4 = 24 ways. 


An arrangement of r elements selected from a set of n elements where the order is not 
important is called a combination. The number of combinations is equal to 


_E, _ en-D(r-2)...m-r+]) _ n! 


Cr = 


O r! © r! (n-=r)! 


and is also denoted C? = „C, = C(n,r) = (""). Note that the relation C7 = CR” holds. 
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Example 4. How many ways can three balls be selected from a box containing six numbered balls? 
The desired number equals the number of combinations of three elements from a set of six elements, or 


3 6-5-4 
= = 20. 
Co E 


M14.1.2. Probabilities of Random Events 


> Random events. Basic definitions. The simplest mutually exclusive outcomes of an 
experiment are called elementary events w;. The set of all elementary outcomes, which we 
denote by the symbol Q, is called the space of elementary events (or the sample space). 
Any subset of Q is called a random event A (or simply an event A). Event A is said to 
occur when the outcome of the experiment is one of the elementary events that make up A. 

Example 1. Suppose the experiment is rolling a six-sided die once. There are six possible mutually 
exclusive outcomes and the space of elementary events is Q = {w1, wo, W3, we, ws, We}, Where elementary 


event wx stands for rolling a k on the die. If event A is rolling an odd number on the die, then A occurs when 
the outcome is one of the elementary events w 1, w3, ws. 


An event A implies an event B (A C B) if B occurs when A occurs. Events A and B 
are said to be equivalent (A = B) if A implies B and B implies A, i.e., if both events A and 
B occur or do not occur simultaneously. 

The union C = AU B = A + B of events A and B is the event that at least one of the 
events A or B occurs. The elementary outcomes of the union A + B are the elementary 
outcomes that belong to at least one of the events A and B. 

The intersection C = A N B = AB of events A and B is the event that both A and B 
occur. The elementary outcomes of the intersection AB are the elementary outcomes that 
simultaneously belong to A and B. 

The difference C = A\ B = A-B of events A and B is the event that A occurs and B does 
not occur. The elementary outcomes of the difference A\B are the elementary outcomes 
of A that do not belong to B. 

The event that A does not occur is called the complement of A, or the complementary 
event, and is denoted by A. The elementary outcomes of A are the elementary outcomes 
that do not belong to event A. 

The set (2 is called a sure event or a certain event (it will always happen). The empty 
set Ø is called an impossible event (it will never happen). 

Two complementary events A and A are said to be opposite; they simultaneously satisfy 
the following two conditions: 


AUA=Q, ANA=@. 


Events A and B are said to be incompatible, or mutually exclusive, if their simultaneous 
realization is impossible, i.e., if AN B = Ø. 

Events Hy, ..., Hn are said to form a complete group of events, or to be collectively 
exhaustive, if at least one of them necessarily occurs for each trial of the experiment, 1.e., if 


Apes) Ay, 


Events H;,..., Hn form a complete group of mutually exclusive or pairwise incompat- 
ible events if exactly one of the events necessarily occurs for each trial of the experiment, 
1e., if 


H,U---UH, =Q and H; N H; = (1 #7). 


Main properties of random events: 
1. AU B= BU Aand AN B= BNA (commutativity). 
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(AUB)NC=(ANC)U(BNC) and (AN B)UC =(AUC)N(B UC) (distributivity). 
(AUB)UC=AU(BUOC)and (AN B)NC=AN(BNC) (associativity). 
AUA=Aand AN A=A. 

AUQ=Qand ANQ=A. 

AUA=Qand ANA =Ø. 

Ø = Q, Q = Ø, and Á = A. 

A\ B=ANB. 

AUB=ANBand AN B= AUB (de Morgan’s laws). 


> Discrete probability space. Classical definition of probability. Suppose that Q = 
{w1,..., Wn} is a finite sample space. To each elementary event w; e Q (1=1,2,...,n) 
there corresponds a number p(w;), called the probability of the elementary event w;. Thus 
a real function satisfying the following two conditions is defined on the set Q: 
1. Nonnegativity condition: p(w;) > O for any w; € Q. 

n 


eo ove 


2. Normalization condition: X` p(w;) = 1. 
i=1 
The probability P(A) of an event A for any subset A C Q is defined to be the sum of 
the probabilities of the elementary events that form A; i.e., 


P(A)= Y poi). (M14.1.2.1) 


w¡€ Å 


Note that the relations O < P(A) < 1, P(Ø) = 0, and P(Q) = 1 are always valid. 

A special case of the definition of probability (M14.1.2.1) is the classical definition of 
probability, in which all elementary events are equally likely: p(w1) =--- = p(w,) = 1/n. 
Then the probability of the event A is 


P(A)= = (M14.1.2.2) 


where m is the number of elementary events making up A (the number favorable outcomes). 


Example 2. In example 1, the probability of rolling an odd number is 
P(A) =2= 3. 


6 2 


Example 3. Let two dice be rolled. Under the assumption that the elementary events are equiprobable, 
find the probability of the event A that the sum of the numbers rolled is greater than 10. Obviously, the sample 
space can be represented as Q = {(2, j) : i, j = 1, 2, 3,4, 5, 6}, where i is the number shown by the first die and 7 is 
that shown by the second die. The total number of elementary events is |Q] = 36. Event A is represented by the 
subset A = {(5, 6), (6, 5), (6, 6)} of Q. Since |A| = 3, formula (M14.1.2.2) gives P(A) = |A|/|Q| = 3/36 = 1/12. 


> Statistical definition of probability. Suppose an experiment has been repeated NV times 
and an event A has occurred k times. The ratio k/N is called the relative frequency of the 
event A in the given series of experiments. The number about which the relative frequency 
oscillates in long series of experiments is called the probability P(A) of the event A. 


> Geometric definition of probability. In the geometric approach to defining probability, 
one takes an arbitrary set on a straight line, in a plane, or in space to be the sample space Q. 
A trial of an experiment is interpreted as a random selection of a point in (2. The occurrence 
of an event A is treated as the occurrence of the point in a subdomain A of (2. It is assumed 
that the probability of selecting a point in the domain A is proportional to the measure of A 
(1.e., to its length, area, or volume) and is independent of the position and shape of the 
domain. The probability of the event A is defined as 


A 
P(A) = measure 


measure Q ` 
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Example 3. A point is randomly dropped inside a circle of radius R = 1. Find the probability of the event 
that the point lands in the circle of radius r = 5 concentric with the larger one. 

Let A be the event that the point lands in the smaller circle. We find the probability P(A) as the ratio of 
the area of the smaller circle to that of the larger one: 


Tr? 1 
P(A) = R2 = 4' 
> Axiomatic definition of probability. The probability of an event is defined to be a 
single-valued real function P(A) satisfying the following three axioms: 
1. Nonnegativity: P(A) = 0 for any A e Q. 
2. Normalization: P(Q) = 1. 


3. Additivity: P (U An) = » , P(A,), provided that A; M.A; = Ø whenever i # j. 


Properties of probability: 
. The probability of an impossible event is zero; i.e., P(O) = 0. 


. The probability of the event A opposite to an event A is equal to P(A) = 1 — P(A). 

. Probability is a bounded function; i.e., 0 < P(A) < 1. 

. If an event A implies an event B (A C B), then P(A) < P(B). 

. If events A,,...,A, form a complete group of pairwise incompatible events, then 


3 P(A) = 1. 
1=1 


UN Eu Dn Re 


M14.1.3. Conditional Probability. Total Probability Formula 


> Probability of the union of events. The probability of realization of at least one of two 
events Hı and H; is given by the formula (addition theorem) 


P(A, UH) = P(A) + P(A) - PCH, O H2). 
In particular, for Hı O H? = Ø, we have 
P(A, U Ao) = P(A) + P(A). 


The probability of realization of at least one of n events is given by the formula 


P(H U---U Bn) = 5° PH- Y P(Hy N Hp) 
k=1 1<k¡<k>,<n 
+ Y PHa OH OH) ED PAN NH). (M14.1.3.1) 


1<k¡<k,<k3<n 


Note that P(H; U A) is also written PCH, + H2). 
For n pairwise incompatible events H1, H2, ..., Hn (Hi O A; = © for i + j), formula 
(M14.1.3.1) simplifies to become 


PH¡U---UH,)= PA) + PULL) +--+ + P(A). 


It may often be convenient to calculate the probability of the sum of events via the 
probability of the product of opposite events: 


P(A, U---U H,) =1- P(A, 2 Ayn --- H). 
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> Conditional probability. The conditional probability P(A|H) of an event A given the 
occurrence of some other event H is defined by the formula 


P(AN H) 
P(A|H) = ———.,_ P(A) > 0. M14.1.3.2 
(AI) = Sap PUD > ) 
Relation (M14.1.3.2) can be rewritten (multiplication theorem) 
P(AN A) = P(A) P(A|H). (M14.1.3.3) 


The probability P(A N H) is also written P(AFA). 
The formula 


P(A, A -++ N An) = P(A1) P(A2|41) PCAz[A1 N A2). . . P(An IAL N ++: Apt) 
is a generalization of (M14.1.3.3). 


Example 1. Two guns shoot one and the same target independently, once each. The probability for the 
first gun to hit the target is 0.8 and that for the second gun is 0.9. It is required to find: 

a) the probability that the target is hit only once and 

b) the probability that the target is hit at least once. 


a) Let A and B denote the events that the first and second guns hit the target, respectively. Then the 
probability that the target is hit only once is P(AB + AB) = P(AB) + P(AB) = P(A)P(B) + P(A)P(B) = 
0.8 (1 — 0.9) + (1 — 0.8) 0.9 = 0.26. 

b) The probability of at least one hitis P(A + B) = P(A)+ P(B)- P(A) P(B) = 0.8 +0.9-0.8 -0.9 = 0.98. 

Note that this result is usually obtained as follows: P(A+B)=1-P(AB)=1-P(A)P(B)=1-0.2-0.1=0.98. 
> Independence of events. Two random events A and B are said to be independent if the 
conditional probability of A, given the occurrence of B, coincides with the unconditional 
probability of A, 

P(A|B) = P(A). 


In this case, P(A NM B) = P(A)P(B). 
Random events A;,..., A, are jointly independent if the relation 


(Aaa) [ra 
k=1 k=1 


holds whenever 1 <2; < ---<im <n and m<m. 

The pairwise independence of the events A; and A; for alli #7 (@,7 =1,2,...,) does 
not imply that the events A,..., An are jointly independent. 

Example 2. Suppose that the experiment is to draw one of four balls. Let three of them be labeled by the 
numbers 1, 2, and 3, and let the fourth ball bear all these numbers. By A; (i = 1, 2,3) we denote the event that 
the chosen ball bears the number 2. Are the events A1, A2, and A3 dependent? 

Since each number is encountered twice, P(A1) = P(A2) = P(A3) = 1/2. Since any two distinct numbers 
are present only on one of the balls, we have P(A; A2) = P(A2A3) = P(A143) = 1/4, and hence the events 
Aj, A2, and Az are pairwise independent. All three distinct numbers are present only on one of the balls, and 
P(A1 A243) = 1/4 # P(A1) P(A2) P(A3) = 1/8. 

Thus we see that the events A;, A2, and A3 are jointly dependent, even though they are pairwise independent. 
> Total probability formula. Bayes’s formula. Suppose that a group of pairwise incom- 
patible events Hy, ..., Hn 1s given and their probabilities P(A), ..., P(Hn) as well as 
the conditional probabilities P(A|H1), ..., P(A|H,,) of an event A are known. Then the 
probability of A can be determined by the total probability formula 


P(A) = X P(H;) P(A|Hy). (M14.1.3.4) 
k=1 
The events Hj, are called hypotheses with respect to the event A. 
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Example 3. There are two urns: the first urn contains a white balls and b black ones, and the second urn 
contains c white balls and d black ones. We take one ball from the first urn and put it into the second urn. After 
this, we draw one ball from the second urn. Find the probability of the event that this ball is white. 

Let A be the event of drawing a white ball. Consider the following group of events: 

H, a white ball is taken from the first urn and put into the second urn. 

Hh, a black ball is taken from the first urn and put into the second urn. Obviously, 


a b c+1 C 
P(A,) = —, P(A) = —; P(AM)= ——, P(AIM) = ——. 
Now by the total probability formula (M14.1.3.4) we obtain 
a c+1 b C 


AAA AA O a a 

If it is known that the event A has occurred as a result of one trial but it is unknown 
which of the events Hy,...,H, has occurred, then the conditional probabilities of the 
hypotheses H;, (under the condition that the event A has occurred) are calculated using 
Bayes’s formula: 


P(A) PAJA 
ponga) = ZEPA oa. 


Example 4. A box contains same parts made by two automats, 40% produced by the first automat and the 
rest by the second. It is known that 3% of the first automat’s products are faulty, while the percentage of faulty 
products made by the second automat is 2%. Find 

a) the probability that a randomly chosen part will be faulty and 

b) the probability that a randomly chosen part was made by the first automat if found faulty. 


Let A denote the event that a randomly chosen part is faulty and let Hı and A) denote the events that a 
part is made by the first and second automat, respectively. Then 
a) the total probability formula gives 


P(A) = PCA) P(A|M1) + P(H2) P(A|H2) = 0.4 - 0.03 + (1 — 0.4) - 0.02 = 0.024; 
b) Bayes’s formula gives 


P(A) P(AJH) _ 0.4-0.03 _ 


PUA) P(A) = gd. 


M14.1.4. Sequence of Trials 


> Bernoulli process. In this case, some event A occurs with probability p = P(A) (the 
probability of success”) and does not occur with probability q = P(A) = 1— P(A) =1-p 
(the probability of “failure”) in each trial. The probability that in n independent trials, the 
event A (“success”) occurs exactly k times is determined by the Bernoulli formula (binomial 
distribution): 


P,(k) =C"p*-p)”™"®  (k=0,1,...,n). (M14.1.4.1) 


Note that the relation > P,,(k) = 1 holds. 
k=0 


Example 1. Find the probability that there will be 5 heads in tossing a coin 10 times. 
We have n = 10, k = 5, and p = L, Then, by the Bernoulli formula, the desired probability is Pio(5) = 


5 0-5 .9.8-7- 
CG HO ER de = $ 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 384 


K10319: A.D.Polyanin and A.I. Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 385 


M14.1. BASIC CONCEPTS AND SIMPLEST PROBABILISTIC MODELS 385 


Example 2 (Banach’s problem). A smoker mathematician has two matchboxes on him, each of which 
initially contains exactly n matches. Each time he needs to light a cigarette, he selects a matchbox at random. 
Find the probability of the event that as the mathematician takes out an empty box for the first time, precisely k 
matches will be left in the other box (k < n). 

The mathematician has taken matches 2n — k times, n out of them from the box that is eventually empty. 
This scheme corresponds to the scheme of 2n — k independent Bernoulli trials with n “successes.” The 
probability of a “success” in a single trial is equal to 0.5. The desired probability can be found by the formula 


a ie n 2n-k 
Pra) = Cha" 1=p = Charh t) 


The probability that the event occurs at least m times in n independent trials is calculated 
by the formula 


n m-1 
P(k>m)= y P,(k) =1- y P,(k). 
k=m k=0 


The probability that the event occurs at least once in n independent trials is calculated 
by the formula 
P,(k 21)=1-(—-p)”. 


The number n of independent trials necessary for the event to occur at least once with 
probability at least P is given by the formula 


In(1 — P) 
“mdp 


> Limit formulas for Bernoulli process. It is very difficult to use Bernoulli’s formula 
(M14.1.4.1) for large n an k. In this case, one has to use approximate formulas for 
calculating P,,(k) with desired accuracy. 

Poisson formula. If the number of independent trials increases unboundedly (n — oo) 
and the probability p simultaneously goes to zero (p — 0) so that their product np is a 
constant (np = A = const), then the probability P,,(k) satisfies the limit relation 


k 
lim P,(k) = ee. 5 (M14.1.4.2) 


7 
n—00 k! 


Local de Moivre—Laplace theorem. Suppose that n — 00, p = const, O < p < 1, and 
0 < c1 S Zn. = (k - np)[np(1 pi? < & < oo; then 


1 (k —npy 
P (k) = —— ep = | ed M14.1.4.3 
O= orp Ha | EOV] ) 


uniformly with respect to £n, € [c1, c2]. 

Integral de Moivre—Laplace theorem. Suppose that n — œo and p = const, O0 < p < 1. 
The probability that the number of successes k in n independent trials is between kı and k2 
can be approximately calculated by the formula 


Pifki<sk<k}=ð (e) _@ (GF) (M14.1.4.4) 


y np(1 — p) y np(1 — p) 


Here 


P(x) = -= [ exp Es dt 


is the cumulative distribution function of the standard normal distribution (also known as 
the Laplace function), which is tabulated. 

The approximate formula (M14.1.4.2) is normally used for n > 50 and np < 10. The 
approximate formulas (M14.1.4.3) and (M14.1.4.4) normally are used for np(1 — p) > 9. 
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> Sequence of n independent trials. In a series of trials, the trials are said to be 
independent 1f the occurring events are independent. 

Let p = P(A,). Then the probability of the event that nı events A1, nz events Ap,..., 
and ny events A; occur in n independent trials is equal to 


| 
A TEE OE —— pr AS (M14.1.4.5) 
NI... MK: 


Remark. The probability (M14.1.4.5) is the coefficient of x7" .. . x," in the expansion of the polynomial 
(pix, +: -+ pkk)” in powers of 21,..., Tk. 


M14.2. Random Variables and Their Characteristics 
M14.2.1. One-Dimensional Random Variables 


> Notion of a random variable. The distribution function of a random variable. Let 
Q = {w} be the space of elementary events. A random variable X is a real number function 
X = X(w) defined on the set (2. 

Any rule (table, function, graph, or otherwise) that permits one to find the probabilities 
of events is usually called the distribution law of a random variable. In general, random 
variables can be discrete or continuous. 

The cumulative distribution function of a random variable X is the function F(x) whose 
value at every point x is equal to the probability of the event {X < x}: 


P(e) = P(X < 2). 


Properties of the cumulative distribution function: 


O< F(x) <1. 

lim F(x)= F(=o00) = 0, lim F(x) = F(t+oo) = 1. 
If x2 > x1, then F (x2) = F(x1). 
P(x < X < x2) = F(a) —- F (x1). 


F(x) 1s continuous from the left, 1.e., lim i F(x) = Fízo). 
L>LQ 


ate ae 


> Discrete random variables. Let X be a discrete random variable assuming the values 
L1, 22, ..., Zn, ... With probabilities p1, p2, ..., Pn, ..., SO its distribution law can be 
defined by the table 


(Lo =1), 


(Here and in what follows, it is assumed that the values of a discrete random variable X are 
arranged in ascending order, so that 11 < £2 < -+ < Lk-1 <TÍ<**:.) 

In this case, the cumulative distribution function of a discrete random variable X is the 
step function defined as the sum 


FSP x <2) = Y Du 


Ln IT 


> Continuous random variables. The probability density function. A continuous 
random variable is defined by either a distribution function F(x) or a probability density 
function p(x), which are related by 


£ 


pz) = F(x), F(x) = / p(z) dz. 


OO 
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Sometimes, the distribution function and probability density function of arandom variable X 
are denoted Fx(x) and px(x), respectively, rather than F(x) and p(x). 
Properties of the probability density function: 


. p(x) 2 0. 
, poo) = p(+00) = 0. 


2 Tp) Pe: 
b 
4. Plas X <b} = J p(x) dx. 
The differential dF (x) = p(x) dx = P(x < X < x + dx) is called a probability element. 


Remark. For continuous random variables, one always has P(X = xo) = 0, but the event {X = xo} is not 
necessarily impossible. 


N e 


> Functions of random variables. Suppose that a random variable Y is related to a 
random variable X by a functional dependence Y = (X). If X is discrete, then, obviously, 
Y is also discrete. To find the distribution law of the random variable Y, it suffices to 
calculate the values y(x;). If there are repeated values among y; = (xi), then these 
repeated values are taken into account only once, the corresponding probabilities being 
added. 

If X is a continuous random variable with probability density function p(x), then, in 
general, the random variable Y is also continuous. The cumulative distribution function 
of Y is given by the formula 


Fy(y) = P(Y < y) = P(X) < y) = J, p(x) dx. (M14.2.1.1) 
plu)<y 


If the function y = (x) is differentiable and monotone on the entire range of the 
argument x, then the probability density function py (y) of the random variable Y is given 
by the formula 


/ 
py (y) = plgly)) lay. 
where g is the inverse of y(x). 
Example 1. Suppose that a random variable X has the probability density 


2 
22/2 
oot 


Gj 
á VT 
Find the distribution of the random variable Y = X?. 
In this case, y = y(x) = x. According to (M14.2.1.1), we obtain 


! es Ae fe? ax ee MY en ay 2 — | et? dt. 
ney V20 Vin Jy V2m Jo Vin Jo vt 
Example 2. Suppose that a random variable X has the probability density 

pla) = exp [E] 
Vro 1g- 


Find the probability density of the random variable Y = e*. 
For y > 0, the cumulative distribution function of the random variable Y = e% is determined by the relations 


Fy (y) = P(Y < y) = Ple? < y)= P(X < lny) = F(Iny). 
We differentiate this relation and obtain 
dFy(y) dF(ny) 1 
eS ln == 
fv(y) T 5 pn y) ra 


The distribution of Y is called the log-normal distribution. 


Fy (y) = 


Example 3. Suppose that a random variable X has the probability density p(x) for x e (00,00). Then 
the probability density of the random variable Y = |X| is given by the formula py (y) = p(x) + p(-«) (y 2 0). In 
particular, if X is symmetric (1.e., the condition P(X <-x)= P(X > x) holds for all x), then py (y) = 2p(x) 
(y 2 0). 
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M14.2.2. Expectation, Variance and Moments of a Random Variable 


> Expectation. The expectation (expected value) EXX Y of a discrete or continuous 
random variable X is the expression given by the formula 


y tD; in the discrete case, 
F{X}=¢ Us (M14.2.2.1) 
: xp(x)dx inthe continuous case. 
=00 


For the existence of the expectation (M14.2.2.1), 1t 1s necessary that the corresponding 
series or integral converge absolutely. 

The expectation 1s the main characteristic defining the “position” of a random variable, 
1.e., the number near which its possible values are concentrated. 


> Expectation of function of random variable. If a random variable Y is related to 
a random variable X by a functional dependence Y = y(X), then the expectation of the 
random variable Y = p(X) can be determined by two methods. The first method is to 
construct the distribution of the random variable Y and then use already known formulas 
to find EX4Y }. The second method is to use the formulas 


y (xj) Di in the discrete case, 


J o(x)p(x)dx in the continuous case 


OO 


1f these expressions exist in the sense of absolute convergence. 
Example. Suppose that a random variable X is uniformly distributed in the interval (~r /2, 7 /2), i.e., 


p(x) = 1/7 for x e (=7/2,7/2) and p(x) = 0 for |x| > 7/2. Then the expectation of the random variable 


Y = sin(X) is equal to 
T/2 


FAY += L olx)p(x) dx = 7 - sin x dx = Q. 


-r /2 


Properties of the expectation: 


Efaj = a for any real number a = const. 

E{axX + 0Y }=aE4{X}+ GE{Y y for any real a and 6. 

FAXY y = E{X}E{Y } for independent random variables X and Y. 
EXA] < EXA]. 

E{X} < ELY Ji X(0)< Y (w), vw € Q. 

g(E{X }) < E{g(X )} for convex functions g(X ). 

The Cauchy—Schwarz inequality (E{|XY|})* < (E{X})(E{Y })* holds. 


l El y Xr} = Y E{X;,} if the series 9 E{|X;]} converges. 
k=1 k=1 k=] 


Y NAKWRWNE 


> Moments. The expectation E{(X — a)"} is called the kth moment of the random 
variable X about the number a. The moments about zero are usually referred to simply as 
the moments of a random variable. (Sometimes they are called initial moments.) The kth 
moment satisfies the relation 


y xe Di in the discrete case, 
A - 
kS EIX TSL ag 
/ a p(x) dx inthe continuous case. 
—00 
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If a = EX X y, then the kth moment of the random variable X about a is called the kth 
central moment. The kth central moment satisfies the relation 


YG — B{X yy Di in the discrete case, 


uk = EX - E{XP"}=4 hoo 
/ (1- E{X })* p(x) dx inthe continuous case. 


OO 


In particular, Wo = 1 and pu; = O for any random variable. 

The number my = E{|X —a|*} is called the kth absolute moment of X about a. 

The existence of a Ath moment a, or ug implies the existence of the moments &m and 
[lm Of all orders m < k; if the integral (or series) for a, or uk diverges, then all integrals 
(series) for am and um of orders m > k also diverge. 

There is a simple relationship between the central and initial moments: 


k k 
i y Clay ag=1; ap= y CG) 
m=0 m=0 
The probability distribution is uniquely determined by the moments ao, a1, ... provided 


OO 
that they all exist and the series X` |a,,|t”"/m! converges for some t > 0. 
m=0 


> Variance. The variance of a random variable, Varf XP, is the measure of the deviation 
of a random variable X from its expectation Ef X y, determined by the relation 


Var{ X} = E{(X - E{X})y’}. 


The variance Var{ X } is the second central moment of the random variable X. The 
variance can be determined by the formulas 


Y (z, — E41 X 1) 0; in the discrete case, 
Var{X}=< 1 
J (x-E{X 1) p(x) dx inthe continuous case. 


The variance characterizes the spread in values of the random variable X about its 
expectation. 


Properties of the variance: 


. Var{a} = 0 for any real number a = const. 

. The variance is nonnegative: Var{X } > 0. 

. Var{ X} = E{X?} -(E{X})’. 

. VaríaX + 6} = a*Var{ X } for any real numbers a and Ø. 

. Var{ X ŁY} = Var{_X } + Var{Y y for independent random variables X and Y. 
. If X and Y are independent random variables, then 


DD U E UN Re 


Var{ XY Y = Va X } Var{Y } + Var{ X ELY P? + Var Y (ELX PP. 


7. min E(X — my y = Var{ X y and is attained for m = EX). 
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> Other numerical characteristics of random variables. The standard deviation (root 
mean square deviation) of a random variable X is the square root of its variance, 


o = 1/ Var{ X}. 


The standard deviation has the same dimension as the random variable itself. 
The coefficient of variation 1s the ratio of the standard deviation to the expected value, 


_ 0 
v= EA 


The asymmetry coefficient, or skewness, 1s defined by the formula 

_ H3 

= Gan 

If y, > 0, then the distribution curve is more flattened to the right of the mode Mode{X y; 


if y, < 0, then the distribution curve is more flattened to the left of the mode Mode{X } 
(see Fig. M14.1). 


yı 


px) px) 
y >0 y <0 


Figure M14.1. Relationship between the distribution curve and the asymmetry coefficient. 


The excess coefficient, or excess, or kurtosis, is defined by the formula 


One says that for y, = 0 the distribution has a normal excess, for y2 > O the distribution has 
a positive excess, and for y, < O the distribution has a negative excess. 


Remark. The coefficients yí and y, + 3 or (y, + 3) /2 are often used instead of y, and y». 


A mode Mode{ X j of a continuous probability distribution is a point of local maximum 
of the probability density function p(x). A mode of a discrete probability distribution is a 
value preceded and followed by values having probabilities smaller than p(Mode{X }). 

Distributions with one, two, or more modes are said to be unimodal, bimodal, or 
multimodal, respectively. 


M14.2.3. Main Discrete Distributions and Their Numerical 
Characteristics 


> Binomial distribution. A random variable X has a binomial distribution with param- 
eters n and p if 


P (k) = P(X =k)=C*p(1-p"*, &=0,1,...,n, 


where 0< p<landn2l. 
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The cumulative distribution function has the form 
1 for x >n, 


PS ys Cp Uap) for m<zxz<m+l (m=1,2,...,n—-1), 


0 for x <0, 


and the numerical characteristics are given by the formulas 


1—2p _ 1-6p(1 — p) 


a Seep ie np(1 — p) 


The binomial distribution is a model of random experiments consisting of n independent 
identical Bernoulli trials. If X 1, ..., Xn are independent random variables, each of which 
can take only two values 1 or O with probabilities p and q = 1 — p, respectively, then the 


E{X}=np, VartXj=np(l —p), 


n 
random variable X = X` X; has the binomial distribution with parameters (n, p). 


k=1 
See also the limit formulas (M14.1.4.2)-(M14.1.4.4) for the Bernoulli process. 


> Geometric distribution. A random variable X has a geometric distribution with 
parameter p (U<p<l1)1f 


PX=k=pd-pY", k=0,1,2,... 


Numerical characteristics for the geometric distribution can be calculated by the formulas 


2 


] — ] — (1-9DQ-p) = 
EXE, Var{X}=—=, qe y=, 
p p p ay 1-p 


The geometric distribution has a maximum at k = 0 and decreases monotonically with 
increasing k. 

The geometric distribution describes a random variable X equal to the number of failures 
before the first success in a sequence of Bernoulli trials with probability p of success in 
each trial. 

The geometric distribution is the only discrete distribution that is memoryless, 1.e., 
satisfies the relation 


72 = 6+ = 


P(X >t+s |X >t)=P(X >s) 


for any s > 0 and t > 0. This property permits one to view the geometric distribution as the 
discrete analogue of the exponential distribution (see Subsection M14.2.4). 


> Hypergeometric distribution. A random variable X has a hypergeometric distribution 
with parameters N, p, and n if 


k n-k 
= Cn p CN (1-p) 


N 


where 0< p<1,0<n< WN, and N >Q. 
The numerical characteristics are given by the formulas 


N-n 


N-1 


E{X}=np, Var{X}= np(1 — p). 
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A typical scheme in which the hypergeometric distribution arises 1s as follows: n ele- 
ments are randomly drawn without replacement from a population of N elements containing 
exactly Np elements of type Z and N (1 — p) elements of type JI. The number of elements 
of type Z in the sample is described by the hypergeometric distribution. 

Kn < N (in practice, n < 0.1), then 

CE Cink 
oR p) as Crd sp uae 


1.e., the hypergeometric distribution tends to the binomial distribution. 
> Poisson distribution. A random variable X has a Poisson distribution with parameter A 
(A > 0) if 
AR 
P(X =k)= dé k=0,1,2,... 


The cumulative distribution function of the Poisson distribution at the points k = 
0,1,2,... 1s given by the formula 


1 OO 
F(k) = af ae da, 


and the numerical characteristics are given by 


E{X}=), Var{X}= a= +À, a3 =AOA74+3A4D), 
Oh = DAOC HOM EINE). =], MH EM. sms Seed’ 


The sum of independent random variables X1,..., Xn obeying the Poisson distributions 
with parameters Aj, ..., An, respectively, has the Poisson distribution with parameter 
Altet An. 


The Poisson distribution is the limit distribution for many discrete distributions such as 
the hypergeometric distribution, the binomial distribution, the negative binomial distribu- 
tion, distributions arising in problems of arrangement of particles in cells, etc. The Poisson 
distribution is an acceptable model for describing the random number of occurrences of 
certain events on a given time interval in a given domain in space. 


> Negative binomial distribution. A random variable X has a negative binomial distri- 
bution with parameters r and p 1f 


PS SC 0 ep, A0 Aut 


r+k- 


where 0 < p < 1 and r >Q. 
The numerical characteristics can be calculated by the formulas 


r(1—p) r(1-p) Z= 6 pr 
E4 X } = ——, Var{ x} = ———, SS = — + ——_., 
{X 7 ar{ X } ra 2 dE) a ss) 


The negative binomial distribution describes the number X of failures before the rth 
success 1n a Bernoulli process with probability p of success on each trial. For r = 1, the 
negative binomial distribution coincides with the geometric distribution. 
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F(x) 
l 


P(x) (a) 


Figure M14.2. Probability density function (a) and cumulative distribution function (b) of a uniform distribu- 
tion. 


M14.2.4. Main Continuous Distributions and Their Numerical 
Characteristics 


> Uniform distribution. A random variable X is uniformly distributed on an interval 
[a, b] (Fig. M14.2 a) if 


1 
p(x) = = for x € [a, b], 
0 for x € [a,b]. 
The cumulative distribution function (see Fig. M14.2 b) has the form 


0 for x <a, 
z=-a 

F(a) = Fan fora < zx <b, 
1 for x > b, 


and the numerical characteristics are given by the expressions 


b b—a) 
Ga, e E. a0. pp. ld 
2 12 
The uniform distribution does not have a mode. 
P(x) (a) F(x) (b) 


Z 


Figure M14.3. Probability density function (a) and cumulative distribution function (b) of an exponential 
distribution for A = 2. 


> Exponential distribution. A random variable X has the exponential distribution with 
parameter A > 0 (Fig. M14.3 a) if 


_ | Ae forx>0, 
p(x) = 
0 for x <0. 


The cumulative distribution function (see Fig. M14.3 b) has the form 


_ ¿AZ 
ra= {I e for x > 0, 
0 for x <0, 
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Figure M14.4. Probability density function (a) and cumulative distribution function (b) of a normal distribution 
for a = 1 and ø = 1/4. 


and the numerical characteristics are given by the formulas 
AF == Var{ t= 55> OD = > V1 = 45 y, = 6. 


The exponential distribution is the continuous analogue of the geometric distribution 
and is memoryless: P(X >t+s |X >t)= P(X >s). 


> Normal distribution. A random variable X has a normal distribution with parameters 
a and 0? (see Fig. M14.4 a) if its probability density function has the form 


a | (x-a) 
V TO 20? 


P(x) = i LE (—O0O, 00). 


The cumulative distribution function (see Fig. M14.4 b) has the form 


o= 1 = (t- ay _l TA 
A r J>- 707 [des 1+er()| 


where erf z 1s the error function (see Section M13.2). 
The numerical characteristics are given by the formulas 


E{X} =a, Var{X}=0°*, Mode{X}=a, %1 =0, %=0, 
= J 9, k=2b=L SL Zin 

PESA Qk-Dilo%*, k=21, 1=1,2... 

a reduces the normal distribution with parameters 


(a, 0?) and cumulative distribution function F(x) to the standard normal distribution with 
parameters (0, 1) and cumulative distribution function 


The linear transformation Y = 


00) = -= J eN dt. (M14.2.4.1) 
T J—co 


The probability that a random variable X normally distributed with parameters (m, 0?) 
lies in the interval (a, b) is given by the formula 


Pa <e <o) = e( 22) a) 
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A normally distributed random variable takes values close to 1ts expectation with large 
probability; this 1s expressed by the sigma rule 


0.3173 fork=1, 
P(X -m| 2 ko) = 2[1- P(k)] = 4 0.0456 fork=2, 
0.0027 fork =3. 


The three-sigma rule is most frequently used. 

The fundamental role of the normal distribution is due to the fact that, under mild 
assumptions, the distribution of a sum of random variables is asymptotically normal as the 
number of terms increases. The corresponding conditions are specified in the central limit 
theorem. 


> Chi-square distribution. A random variable X = x*(n) has a chi-square distribution 
with n degrees of freedom if its probability density function has the form 


l -14n /2 -2/2 
a AN for x > 0, 
p(x) = 3 2”/2T(n/2) (M14.2.4.2) 


0 for x <0, 


where 1'(2) is the Gamma function (see Subsection M13.4.1). 
The cumulative distribution function can be written as 


M l PE 
di Para sh $ = 


and the numerical characteristics are given by the formulas 
ECM} =n, Var{x7*(n)} =2n, ay=n(n+2)-...-[n+2k- DI, 


2 12 
NEAS, n= Mode{x"(n)}=n-2 (n22). 


Main property of the chi-square distribution. For an arbitrary n, the sum 


X= Y X, 
k=1 


of squares of independent random variables obeying the standard normal distribution has 
the chi-square distribution with n degrees of freedom. 
Relationship with other distributions: 


1. For n = 1, formula (M14.2.4.2) gives the probability density function of the square X? 
of a random variable with the standard normal distribution. 
2. Forn = 2, formula (M14.2.4.2) gives the exponential distribution with parameter A = >. 


3. As n — oo, the random variable X = y(n) has an asymptotically normal distribution 
with parameters (n, 27). 


4. As n — oo, the random variable 4/2x2*(n) has an asymptotically normal distribution 
with parameters (v 2n — 1, 1). 
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M14.2.5. Two-dimensional and Multivariate Random Variables 


> Distribution of bivariate random variable. Suppose that random variables X; and X2 
are defined in a probability space Q2; then one says that a two-dimensional random vector 
X = (X1, X2) or a system of two random variables is given. 

The distribution function F'(x1, £2) (also denoted Fx, x,(X1, £2)) of a two-dimensional 
random vector (X1, X2), or the joint distribution function of the random variables X 
and X», is defined as the probability of the simultaneous occurrence (intersection) of the 
events (X; < x1) and (X2 < x2); Le., 


F(£1, £2) = P(X1 < z1, X2 < q2). 


Properties of the joint distribution function of random variables X; and X2: 


The function F'(x1, £2) is a nondecreasing function of each of the arguments. 
F(x1,-00) = Fí=oo, x2) = F(=o00,-—00) = 0. 

F(+00, +00) = 1. 

The probability that the random vector lies in a rectangle with sides parallel to the 
coordinate axes 1s 


ES 


P(aı £€X1<b],0, < X2 < b2) = F(b01,b2)- F(b1, a2) — Fla], b2) + F(a1, a2). 


5. The function F'(x1, £2) is left-continuous in either argument. 


> Discrete bivariate random variables. A bivariate random variable (X1, X2) is said to 
be discrete 1f each of the random variables X, and X> is discrete. 


If the random variable X; takes the values 711, ..., Tim and the random variable X > 
takes the values %21, ..., £2n, then the random vector (X1, X2) can take only the pairs of 
values (£14, £2;) @=1,...,m,j =1,...,n). The entries pj; = P(X, = £ii, X2 = 124) are 


the probabilities of the simultaneous occurrence of the events (Xj = x1;) and (X2 = 224); 

Px, i = Pil + +++ + Pin is the probability that the random variable X; takes the value x1;; 

Px, j = Pij ++++ + Pmj 1s the probability that the random variable X) takes the value x3,. 
The distribution function of a discrete bivariate random variable can be determined by 


the formula 
Pipe) De p 


T]¿<L] 

2 j<L2 
> Continuous bivariate random variables. A bivariate random variable (X1, X>) is said 
to be continuous if its joint distribution function F'(x1, x2) can be represented as 


T2 21 
Fry = | J p(y1, y2) dy1 dy, (M14.2.5.1) 


where the joint probability density function p(x1, x2) is piecewise continuous. 
The joint probability density function can be expressed in terms of the joint distribution 


function as follows: > 


p(£1, %2) = E O 27). (M14.2.5.2) 
0X10X) 


Formulas (M14.2.5.1) and (M14.2.5.2) establish a one-to-one correspondence (up to sets 
of probability zero) between the joint probability density functions and the joint distribution 
functions of continuous bivariate random variables. The differential p(x1, x2) dx, dx, is 
called a probability element. Up to higher-order infinitesimals, the probability element is 
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equal to the probability for the random variable (X1, X2) to lie in the infinitesimal rectangle 
(z1, £1 + Ax) X (22, 22 + AZ). 

Properties of the joint probability density function of random variables X; and X3: 
1. The function p(x1, x2) 1s nonnegative; 1.e., p(x1, £2) 20. 


+00 +00 
2: J / p(x, 22) dx; de, = 1. 


by bz bo by 
3. Pla, < X; <b1, a2 < X2 <b2)= ix, | pæ 1) dra= | de» | p(£1, £2) dx. 
a2 02 41 


4. The probability for a two-dimensional random variable (X1, X2) to lie in a domain 
D C R? is numerically equal to the volume of the curvilinear cylinder with base D 
bounded above by the surface of the joint probability density function: 


P[(A1, A2) € DJ = Jj PX X (£1, £2) dx, d22. 
(x1,07)eE D 


Random variables X, and X3 are said to be independent if the relation 
P(X, € 51, X2 € 52) = P(X] € 51) P(X2 € 82) 


holds for any measurable sets S$; and 5». 


THEOREM. Random variables X, and X are independent if and only if 
F (x1, £2) = Fi (x1) Fo(x2), 


where F) and F are the cumulative distribution functions of X and X232, respectively. 


> Numerical characteristics of bivariate random variables. The expectation of a 
function (X1, X2) of a bivariate random variable (X1, X2) is defined as the expression 
computed by the formula 


` > P(L1i, L2j)Pij in the discrete case, 
i J 


E{y(X1,X)}= 4 o ao 
: J p(x1, £2)p(x1, x2)dxı dx, in the continuous case, 


1f these expressions exist in the sense of absolute convergence; otherwise, one says that 
E{y(X1, X2)} does not exist. 


The moment of order rı + rz of a two-dimensional random variable (X1, X2) about a 
point (a1, a2) is defined as the expectation E{(X1 — aj)" (AS — az)’? }. 


If a, = a, = 0, then the moment of order rı + r2 of a two-dimensional random variable 
(X1, X2) 1s called simply the moment, or the initial moment. The initial moment of order 
rı + r, is usually denoted by O», 755 1.€., Qrir, = E{X,'X,7}. 

The first initial moments are the expectations of the random variables X; and X7; 1.e., 
ayo = E{X} X9} = E{X;} and 001 = E{X? X1} = E{ Xo}. The point (E{X)}, E{X2}) 
on the OX Y -plane characterizes the position of the random point (X1, X2); this position 
spreads about the point (A {X,}, EXA) y). 

If ay = E{X 1} and a, = E{X>}, then the moment of order rı + r2 of the bivariate 
random variable (X1, X>) 1s called the central moment. The central moment of order rı +7» 
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is usually denoted by Uy, r,31.€., lr, r, = B{(X1 — EXA HA) — EL X25)" }. Obviously, 
the first central moments are zero. 
The second central moments are of special interest and have special names and notation: 


Ai, = [2,9 = Var{X1}, 42=u02 = Var{ X2}, 


Ap = Ag = p11 = ELA — ELA (X2 - ELA]. 


The first two of these moments are the variances of the respective random variables, and 
the third one is called the covariance and will be considered below. 


> Covariance and correlation of two random variables. The covariance (correlation 
moment, or mixed second moment) Cov( X1, X2) of random variables X; and X37 is defined 
as the central moment of order (1 + 1): 


Cov(A1, X2) = 01,1 = EXA — ELA DX? — BX pF. 


Properties of the covariance: 

Cov(X1, X2) = Cov( X2, X1). 

Cov(X, X) = Var{X }. 

If the random variables X; and X, are independent, then Cov(X1, X2) = O and if 

Cov(X 1, X2) #0, then the random variables Xy and X3 are dependent. 

4. If Yi = a, X, + bı and Y), = a, X) + b2, then Cov(Y¡, Y2) = aja2Cov( X1, X2). 

5. Cov(X], AX») = E4 X1X2} = E4 X1} EX2}. 

6. |[Cov( X1, X2)| < y Var{ X; }Var{ X2}. Moreover, Cov( X1, X2) = ty Var{ Xj Var X2} 
if and only if the random variables X; and X3 are linearly dependent. 

7. Var{ Xi + X2} = Var{ X} + Var{ X} +2Cov(X1, X2). 


If Cov(X1, X2) = 0, then the random variables X; and X3 are said to be uncorrelated; 
if Cov(X1, X2) # O, then they are correlated. Independent random variables are always 
uncorrelated, but uncorrelated random variables are not necessarily independent in general. 


e ES 


Example. Suppose that we roll two dice. Let X; be the number on the first die and let X2 be the number 
on the second die. We consider the random variables Y; = X¡ + X and Y) = Xı — X2 (the sum and difference 
of the points obtained). Then 


Cov(Y, Y) = E(X + X2- EXA + X2})CX1 As) — FLX, - X2})} 

= E{(Xı - E{Xi}y - (X2 - E{X2})} 

= Var{ Xı }— Var{ X2} = 0, 
since Xı and X are identically distributed and hence Var{Xı} = Var{X2}. But Yı and Y are obviously 
dependent; for example, if Y; = 2 then one necessarily has Y) = 0. 

The covariance of random variables X, and X> characterizes both their dependence 

on each other and their spread around the point (Ef X1j, E1X2}). The covariance of X, 
and X has the dimension equal to the product of dimensions of X; and X2. Along with 
the covariance of X¡ and X232, one often uses the coefficient of correlation p(X1, X2), which 
1s a dimensionless normalized quantity. The correlation coefficient of random variables 
Xj, and X3) is the ratio of the covariance of X¡ and X> to the product of their standard 
deviations, 
Cov(A1, X2) 


0102 


AX1, X2) = 


The correlation coefficient of random variables X; and X% indicates the degree of linear 
dependence between the variables. If p(X;, X2) = 0, then there is no linear relation between 
the random variables, but there may well be some other relation between them. 
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Properties of the correlation coefficient: 


1. p(X, X2) = p(X2, X1). 

2. p(X, X)=1. 

3. If random variables Xi and X3 are independent, then p(X1, X2) = 0. If p(X1, X2) #9, 
then the random variables Xy and X) are dependent. 

4. If Yi =a¡X¡+0b1 and Y) = a2 X2 + b2, then PA) Y2) = £p(X1, X2). 

5. |p(X1, X2)| < 1. Moreover, p(X 1, X2) = +1 1f and only if the random variables X; and 


Xa are linearly dependent. 


The theory of distribution functions of multivariate random variables (random vectors) 
can be developed in a similar way. 


M14.3. Limit Theorems 
M14.3.1. Convergence of Random Variables 
> Convergence in probability. A sequence of random variables X1, X2, ... is said to 


converge in probability to a random variable X (Xn ES ) af 


lim P(X, -X|>8€)=0 


for any e > 0, i.e., if for any e > 0 and ô > 0 there exists a number NV, depending on e and ó, 
such that the inequality 
P(X, -X|2€) <0 


holds for n > N. A sequence of k-dimensional random variables X,, is said to converge in 
probability to a random variable X if each coordinate of the random variable X,, converges 
in probability to the respective coordinate of the random variable X. 


> Convergence in the mean. A sequence of random variables X1, X2, ... with finite qth 
initial moments (L£{ X42} < oo, g=1,2,...) 18 said to converge in the qth mean to a random 
variable X if 


lim E{|X, —X|?} =0. 


Convergence in the qth mean for q = 2 is called convergence in mean square. If Xn — X 
in the qth mean then Xn — X in the q¡th mean for all q; < q. 

Convergence in the gth mean implies convergence in probability. The converse statement 
is generally not true. 


> Convergence in distribution. Suppose that a sequence F(x), F5(x), ... of cumulative 
distribution functions converges to a distribution function F(x), 


lim FE, (2) = F(x), 
Nn—00 
for every point x. In this case, we say that the sequence X1, X2,... of the corresponding 
random variables converges to the random variable X in distribution. The random variables 
X1, X2,... can be defined on different probability spaces. 


A sequence f(x), Fr(x), ... of distribution functions weakly converges to a distribution 
function F(x) (E, — PF) if 


lim L{h(Xn)t = A(X} 


for any bounded continuous function A. 
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Convergence in distribution and weak convergence of distribution functions are equiv- 
alent. 

The weak convergence Fx_ — F for random variables having a probability density 
function means the convergence 


/ g(a)p, (a) da =| ga)p(a) da 


for any bounded continuous function g(x), where p(x) = lim p y (x). 
Tl CO n 


M14.3.2. Limit Theorems 


> Law of large numbers. The law of large numbers consists of several theorems estab- 

lishing the stability of average results and revealing conditions for this stability to occur. 
The notion of convergence in probability is most often used for the case in which the limit 

random variable X has the degenerate distribution concentrated at a point a (P(X =a)= 1) 


and 
1 n 
Aree Y; 
n n y ko 
k=1 
where Y1, Y2, ... are arbitrary random variables. 
A sequence Yj, Y2,... satisfies the weak law of large numbers if the limit relation 
| lo | 
lim P(|= Y” Y; - a > e) = lim PX, -al>8)=0 (M14.3.2.1) 
n—>00 n n— o 
k=1 


holds for any e > 0. 
If the relation 


P(we 0: lim — )0¥i=a) = Plwe Q: lim Xp, =a) =1 


is satisfied instead of (M14.3.2.1), 1.e., the sequence X,, converges to the number a with 
probability 1, then the sequence Yj, Y2, ... satisfies the strong law of large numbers. 
Markov’s inequality. For any nonnegative random variable X that has an expectation 
E{X y, the inequality 
EXA $ 
E 


P(X >8)< (M14.3.2.2) 


holds for any e > 0. It follows from inequality (M14.3.2.2) that 


E{X 
P(X <e)>21- an 
E 
Chebyshev’s inequality. For any random variable X with finite variance, the inequality 
Var{ X 
P(X -FE1XM>09) < = (M14.3.2.3) 
E 


holds for any £ > 0. It follows from inequality (M14.3.2.3) that 


P(X -E[XH<e)>1- biases 
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CHEBYSHEV’S THEOREM. If X1, X2,... is a sequence of pairwise independent random 
variables with uniformly bounded finite variances, Var{_X,} < C, Var{ X2} < C, ..., then 


the limit relation 
Ls IE 
in, P(E x-i e|) 
lim = Xi -9 EIX} <e) =1 
k=1 k=1 
holds for any e > 0. 


BERNOULLI'S THEOREM. Let un be the number of occurrences of an event A (the number 
of successes) in n independent trials, and let p= P(A) be the probability of the occurrence of 
the event A (the probability of success) in each of the trials. Then the sequence of relative 
frequencies n/n of the occurrence of the event A in n independent trials converges in 
probability to p = P(A) as n — oo; i.e., the limit relation 


lim P(|=-p <e) sj 
n—>00 n 
holds for any e > 0. 


POISSON’S THEOREM. If in a sequence of independent trials the probability that an event 
A occurs in the kth trial is equal to pg, then 


5 ARA 
n n 


lim P 


n—> CO 


<e) = 


KOLMOGOROV’ S THEOREM. If a sequence of independent random variables X1, X2,... 
satisfies the condition 


= \, 

y as 
k2 

k=1 


then 1t obeys the strong law of large numbers. 

The existence of the expectation 1s a necessary and sufficient condition for the strong 
law of large numbers to apply to a sequence of independent identically distributed random 
variables. 


> Central limit theorems. A random variable X,, with distribution function Fx, is 
asymptotically normally distributed if there exists a sequence of pairs of real numbers Mn, 
a such that the random variables (Xn — m,)/0, converge in probability to a standard 
normal variable. This occurs if and only if the limit relation 


lim P(m,, +40, < Xn < Mp + bon) = (b) —- Pla), 


1—>00 


where P(x) is the distribution function of the standard normal law (M14.2.4.1), holds for 
any a and b (b > a). 


LYAPUNOV’S CENTRAL LIMIT THEOREM. If X1,..., Xn,... 1S a Sequence of independent 
random variables having finite expectation values Ef. Xx} and finite variances Var{ Xx} and 
satisfying Lyapunov’s condition 


X 
lim D a3( Xk) =Ü 


W200 a] ya Vati Ap} 
where a3(X;,) is the third initial moment of the random variable X;,, then the sequence of 


random variables > 


V dopey Var{ Xk} 


Yn 
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converges in distribution to the normal law, 1.e., the following limit exists: 


n = t 
po < r) = — | e du = B(t). 
V dopey Var{ Xk} V2r Jo 


LINDEBERG’ S CENTRAL LIMIT THEOREM. Let X1, X2,... be a sequence of independent 
identically distributed random variables with finite expectation E{Xķ} = m and finite 


lim P 


n 
variance 0?. Then, as n — 00, the random variable 1 Š Xy has an asymptotically normal 
k=1 
probability distribution with parameters (m, o?/n). 
Let un be the number of occurrences of an event A (the number of successes) in 
n independent trials, and let p = P(A) denote the probability of the occurrence of the 
event A (the probability of success) in each of the trials. Then the sequence of relative 
frequencies 1, /n has an asymptotically normal probability distribution with parameters 


(p, p —p)/n). 
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Chapter P1 
Physical Foundations of Mechanics 


Preliminary remarks. Mechanical motion is change in the location of a body with respect 
to other bodies. This definition implies that mechanical motion is relative. In order 
to describe motion, one should specify a frame of reference, which includes a body of 
reference, a coordinate system fixed relative to the body, and a set of clocks synchronized 
with one another. Mechanics studies motions of model objects, a point particle (or a point 
mass) and a rigid body. The location of these objects 1s determined by a finite set of 
independent parameters; the objects are said to have finitely many degrees of freedom. 
Kinematics deals with the characterization of motion without finding out its reasons. 


P1.1. Kinematics of a Point 
P1.1.1. Basic Definitions. Velocity and Acceleration 


> Point particle. Law of motion. Path, distance and displacement. A body whose 
dimensions can be neglected in studying its motion (compared to the distances of its 
movement) is called a point particle (or just a particle). The position of a point particle at 
an instant of time t is determined by the position vector r from the origin of some reference 
frame to the particle (see Fig. P1.1). As the particle moves, the end of the position vector 
traces a spatial curve, a path (also called a trajectory). In a rectangular Cartesian reference 
frame, the position vector is determined by its projections onto the coordinate axis, its £-, y-, 
and z-coordinates. The motion of a particle is completely determined by specifying its law 
of motion, a single vector function r(t) or three scalar functions x(t), y(t), z(t). A position 
vector (or any other vector) can be conveniently written in terms of its projections using 
unit vectors, i, j, and k, of the respective coordinate axes as follows: r = xi + yj + zk. The 
distance traveled by the particle in a given time interval is measured along the curvilinear 
path. Distance is a scalar quantity; it is nonnegative and nondecreasing with time. The 
displacement of a particle is the vector Ar = r — rọ that connects an original position of the 
particle with a final one and is equal to the difference of the position vectors at the initial 
and final time. 


Figure P1.1. Path and displacement. 


405 
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> Velocity. The (instantaneous) velocity of a particle is the derivative of its position vector 
with respect to time: 
dr 


V= TE 


The velocity is tangent to the path. The (time) average velocity over a finite time interval At 
is defined as the ratio of the displacement to the time interval, Vaye = Ar/At. (The mean 
speed is equal to the ratio of the distance traveled to the time interval.) Motion is called 
uniform if v = const. A uniform motion is a motion along a straight line. A uniform motion 
along a given curvilinear path is a motion with a constant velocity magnitude. (An example 
of such a motion is a uniform motion in a circle.) 


Figure P1.2. Normal and tangential acceleration. 


> Acceleration. The acceleration of a particle is the derivative of the velocity with respect 
to time: 
q dv 
dt 


The vector of acceleration lies in the same plane as the portion of the path where the motion 
takes places and is directed “inward” the path (if the path is a straight line, the acceleration 
is directed along it). The projection of the acceleration on the velocity direction is called the 
tangential acceleration and denoted a; it defines the rate at which the velocity magnitude 
changes with time and equals its time derivative, a, = dv/dt. The other component of 
the acceleration, which is perpendicular to the velocity, 1s called the normal acceleration 
(Fig. P1.2) and denoted a,,; it characterizes the rate at which the velocity direction changes 
and equals a, = v*/R, where R is the radius of curvature of the path (i.e., the radius of the 
circle that is the best approximation to the path at the given point). The average acceleration 
over a time interval At is defined as aave = Av/At. A motion is said to be uniformly 
accelerated if a = const. A uniformly accelerated motion along a given trajectory is a 
motion with a, = const. 


P1.1.2. The Direct and Inverse Problems of Kinematics 


> Direct problem. The problem of determining the characteristics of a motion for a given 
law of motion is called the direct problem of kinematics. 


Example 1. Let the law of motion of a particle be given by x = Rcoswt and y = Rsinwt. Find the 
trajectory equation, velocity, and acceleration of the particle. 

Solution. Eliminating time (by making use of the identity sin? wt + cos” wt = 1) gives the trajectory 
equation: x + y = R? (a circle of radius R). Further, 


d l 
g= “= -wR sin wt, 
dt l 
d (velocity components), 
y 
Vy = — =wRcoswt 
"di 
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a? 
Ax = a = -w Ros wt, 
L (acceleration components). 
aY 2p; 
dpa a Rsinwt 


The magnitude of the velocity, v = ,/v, + vi = wR, and magnitude of the acceleration, a = wR, are 
independent of time and are related by a = vi R. The acceleration is perpendicular to the velocity and directed 


towards the center of the circle: a = w?r. 


> Inverse problem. The problem of determining the law of motion for a given accelera- 
tion a(t) is called the inverse problem of kinematics. For unique solvability of this problem, 
one needs to know the initial conditions—the position and the velocity of the particle at an 
initial instant of time. 


Example 2. Uniformly accelerated motion. Given the acceleration a = const of a particle and its initial 
velocity Vo and initial position ro, find the trajectory and the law of motion of the particle. 
d 


Solution. Integrating the relation <7 V =a gives the velocity: V = vo + fo a dt = vo+at. Integrating <r =y 


gives the position vector of the particle: r = ro + f, vdt = ro + Vot + Sat’. 

The particle moves in the plane of the vectors vo and a in a parabola. This becomes apparent in the 
reference frame where the y-axis is directed along a and the x-axis is perpendicular to a; we have x = £o + Vost 
and y = yo + Voyt + Sat’. 


> Other problems. In the cases where the kinematical problem is neither direct nor 
inverse and not reduced to a direct or inverse problem, one has to consider a differential 
equation. Sometimes this equation can be solved by separation of variables. 


Example 3. Quite often, when solving dynamical problems, one has to deal with an equation like du/dt = 
—av’ (the body slows down with an acceleration proportional to the velocity squared; a is a constant quantity). 
Find the speed of the body versus time if its initial value is vo. Also find the speed versus the displacement s. 

Solution. Separating the variables gives dv/v? = -a dt. Integrating the left-hand side from vp to v and the 
right-hand side from 0 to t, one finds v' — up’ = at, and subsequently v = vo /(1 + wat). Integrating further, 
one could find the law of motion s(t) and then, having eliminated t, determine v(s). However, the result can be 
obtained in an easier way: since v dt = ds, the original separable equation can be rewritten as du/v = ~q ds. 
Integrating gives In(v/vo) = —as, and hence v = vo exp(—as). 


P1.1.3. Circular Motion 


Motion in a circular path can be described using three angular variables: angle of rotation y, 
angular velocity w = dp /dt, and angular acceleration e = dw/dt. If angles are measured 
in radians, then the length of the arc corresponding to the angle y equals s = yR. It follows 


that 5 
dv vU > 
U=Oh.. des ==26Hhs Mdi=="=0 ah 
"dt +A 
In the case of a uniform circular motion, the normal acceleration a,, is sometimes called 
centripetal. 


The above formulas for the normal and tangential accelerations can be derived by writing 
the velocity as v = vT, where T is the unit vector directed along the velocity. Then we have 
a=(du/dt)r +v(dr /dt). Here we should take into account that dr /dt=n(dy/dt)=n(v/R), 
where n is the unit vector perpendicular to the velocity and directed along the radius. This 
holds for an arbitrary path as well, provided that the radius of curvature R, and the unit 
normal direction n are defined by the relation dr = n(ds/R). 


P1.1.4. Relativity of Motion. Addition of Velocities 


If the motion of a particle is considered relative to two frames of reference, K and Kk’, 
whose respective axes remain parallel to each other, then the velocities of the particle in 
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these reference frames, v and v', satisfy the following velocity-addition formula at any 
instant of time: 
v=V+vk, (P1.1.4.1) 


where vg is the velocity of the reference frame K” relative to K. The accelerations satisfy 
a similar addition formula: a = a’ + ax. 


P1.2. Kinematics of a Rigid Body 
P1.2.1. Translational and Rotational Motion. Plane Motion 


> Rigid body. Translational and rotational motion. In mechanics, a rigid body is an 
idealized body the distance between any two points of which does not change (1.e., there 
is no deformation). Special attention is paid to the description of two simple kinds of 
motion of a rigid body: translational and rotational. In translational motion, the segment 
connecting any two points of the body moves parallel to itself at all times. Since all points 
of the body move in the same manner, it suffices to describe the motion of a single point 
only. In rotational motion, all points of the body move in circular paths whose centers lie 
on the same straight line, called the axis of rotation, and the velocities of all points are 
perpendicular to it. The angular velocities of all points are the same at any instant of time; 
therefore, it is convenient to introduce a common vector of angular velocity w, directed 
along the axis of rotation following the right-hand rule. The distribution of linear velocities 
of points of the body is expressed using cross product* 


V=WXr, (P1.2.1.1) 


where the positions vectors are drawn from any point at the axis of rotation. If the axis of 
rotation is fixed, the vector of angular acceleration, e = dw/dt, is also directed along the 
axis. 


> Plane motion of a rigid body. Plane motion of a rigid body is defined as motion 
in which the velocities of all points of the body are parallel to some plane. If there is a 
translationally moving reference frame associated with an arbitrary point of the body (or its 
imaginary continuation), then the relative motion of any other point will be purely rotational 
about a fixed axis perpendicular to the plane of motion. 

Example. Wheel rolling without slipping on a flat surface with a speed v is convenient to represent as 
the combination of a translation motion with the speed v and a rotational motion with an angular velocity w 
(Fig. P1.3). The velocity of any point of the wheel relative to the surface can be found by the velocity-addition 


law (P1.1.4.1). The speed of the lowest point O” must be zero; it follows that v and w are related by v = wR. 
The accelerations of all points are directed toward the wheel center. 


P1.2.2. Instantaneous Axis of Rotation. Addition of Angular 
Velocities. Motion Relative to a Rotational Frame 


> Instantaneous axis of rotation. If some point of a body (or its imaginary continuation) 
is at rest at some instant, then there exists a straight line that passes through this point and 
is at rest at this instant. This straight line is called an instantaneous axis of rotation. The 
velocity distribution at the instant in question is given by (P1.2.1.1). The instantaneous axis 
and w can change their position both in space and relative to the body. In particular, the 
velocities of all points of the wheel in the above example can be obtained as the result of pure 
rotation about the instantaneous axis through contact point O’. The angular acceleration € 
can be nonparallel to the instantaneous axis. 


* This equation is a special case of the important mathematical formula dA /dt = w x A expressing the time 
derivative of any vector A rotating with an angular velocity w. 
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Figure P1.3. Rolling of a wheel can be represented as the sum of its translational and rotational motions or as 
a pure rotation about the instantaneous axis O”. 


> Motion of a rigid body with a fixed point. Addition of angular velocities. The 
motion of a rigid body with a fixed point is, at any instant of time, pure rotation about an 
instantaneous axis. If this motion can be represented as rotation with an angular velocity w2 
relative to a reference frame rotating with an angular velocity w1, then the resulting angular 
velocity equals w = w1 +w. To prove this, one should generalize the velocity-addition law 
(P1.1.4.1) to nontranslational motion of the reference frame: 


V = Vrel + Viransl> (P1.2.2.1) 


where Viransi 18 the translatory velocity of the moving reference frame at the point considered. 
If the reference is rotating, we have 


V= Vel tw] XT. (P1.2.2.2) 


If the relative motion is pure rotation, Vre, = w2 X r, then V= w1 Xr +w Xr = (w1 +w2)Xr 
and so the resulting motion is rotation with the angular velocity w1 + w2. 


Figure P1.4. A cone rolls on a plane. The sum of the rotational motions is a pure rotation about the axis OA. 


Example. A circular cone with a semi-apex angle a is put on its side and rolled without sliding so that its 
axis rotates with an angular velocity w, (Fig. P1.4). Find the total angular velocity and angular acceleration of 
the cone. 

Solution. In the rotating reference frame where the cone axis is at rest, the cone rotates about this axis with 
an angular velocity w2. The relation between w; and w2 can be found from the condition that the point A is at 
rest; we have wil = wr, or w; = w2 sina. It follows that the vector w = w1 +4w is horizontal and directed along 
the line of contact between the cone and the surface; this line is, of course, the instantaneous axis of rotation. 
The angular acceleration is contributed by only the rotation of the vector w2 with the angular velocity w1, so 
that e = dw/dt = w1 X w2 and e = wiw? cosa. 


Formula (P1.2.2.2) is a special case of the formula for the time derivative of an arbitrary 


vector A: 
dA E (E 


— = | — A, PL 2.2.3 
dt dt ). ás i 
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where the first term denotes the rate of change of A relative to the rotating reference frame 
(see also the footnote to formula (P1.2.1.1)). 


In studying motion in noninertial reference frames (see Subsection P1.8.3), we will need the relation 
between the accelerations of a particle in a fixed reference frame and a rotating one. This relation can be 
obtained by applying (P1.2.2.3) to either term in (P1.2.2.2): 


dv = AV rel dr (Qe 


== wx — = +W X Veep +W X (Vie +W XT) = Are + 2W X Vre + w X (w Xr). 
dt dt dt dt ¡3 (Vre ) = Al a) 


The last term, w x (w x r), is the translatory acceleration of the reference frame at the given point (radial or 
centripetal). Note that along with the relative and translatory accelerations, an additional term arises here. This 
term, 2w X Vrei, 18 called the Coriolis acceleration. 


P1.3. Dynamics 
P1.3.1. Newton’s First Law. Mass. Momentum. Force 


> Newton’s first law. Newton’s first law states that there are reference frames in which 
a body not interacting with other bodies is either at rest or in motion in a straight line with 
constant speed. The reference frames postulated by this law are called inertial. 

It follows from the velocity-addition law that any reference frame that moves with a 
constant velocity relative to an inertial reference frame is also inertial. A heliocentric 
reference frame, related to the Sun and distant stars, can be considered inertial virtually 
exactly. The Earth can be treated as an inertial reference frame only approximately — 
the acceleration of the points at its surface amounts to 0.034m/s* due to Earth’s daily 
rotation. In addition, the Earth orbits the Sun but the associated acceleration is three orders 
of magnitude lower (check this as an exercise). 


> Mass. Momentum. From Newton’s first law it follows that in inertial reference frames, a 
body’s acceleration results from interaction of the body with other bodies. This acceleration 
depends on the inertia of the body, or its ability to resist a change in velocity, and also on 
the intensity and direction of action of other bodies. 

The mass of a body, m, is a positive scalar quantity that characterizes the body’s 
inertia. It follows from experiments that when two bodies interact with each other, their 
accelerations in an inertial reference frame, a; and a», are opposite to each other in direction 
and the ratio of their magnitudes, a, /az, is independent of the character and intensity of 
the interaction. This makes it possible to define the ratio of two masses as the reciprocal of 
the ratio of the accelerations resulting from the interaction of the bodies: m/m», = a2/a1. 
In order to express mass numerically, one has to choose a mass unit. In the International 
System of Units (SD, the unit of mass is the kilogram (kg). Mass possesses the property of 
additivity: if a body is divided into a number of parts, the sum of masses of all parts equals 
the mass of the whole body. However, the theory of relativity shows that this property is 
only valid approximately—it is violated if there is strong interaction between parts of the 
body. For example, the mass of a nucleus turns out to be less than the sum of masses of its 
constituting nucleons. 

The momentum (also referred to as linear momentum) of a particle 1s a vector quantity 
that equals the product of the mass of the particle by its velocity: 


p = mv. (P1.3.1.1) 


Definition (P1.3.1.1) applies only if v < c, where c is the speed of light. A more general 
definition that is valid for any v < c 1s introduced in the theory of relativity. 
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> Force. A force acting on a body of mass m interacting with another body is the vector 
quantity F = ma, where a is the acceleration imparted by this force to the body m in 
an inertial reference frame. The more general definition is F = dp/dt. In Newtonian 
mechanics, both definitions are equivalent. However, in the theory of relativity, only the 
latter is valid. In SL force is measured in newtons (N); 1 N = 1kgm/ s, 

The change of momentum in a time interval At, from time 0 to t, under the action of a 


force F equals the integral Ap = p(t) — p(0) = i F dt. This quantity is called the impulse 
produced by the force F in the time interval At. The average force equals Faye = Ap/At. 


P1.3.2. Newton’s Second and Third Laws 


> Newton’s second law. If a particle is acted upon by N bodies with forces F,,..., Fy, 
then the particle acquires an acceleration a determined by the vector sum of the forces: 


E ee dp e 
a=— =— 9 F; Or eae 
J= 


The vector F = n- ¡ F; is called the net force (also known as the resultant force) of the 
forces F4, ..., Fy. Newton’s second law is an equation of motion of a particle, since it 
allows (in principle) the calculation of the motion of the particle 1f the net force applied is a 
known function of time and the particle position (and velocity). Likewise, given a system 
of particles, the set of Newton’s second laws for each of them allows the calculation of 
the motion of the particles if the forces applied are known functions of time and mutual 
positions of the particles. 

Outlined below are the properties of forces that are useful in solving mechanical prob- 
lems. 


> Newton’s third law states that the forces F 4 g and Fp, with which two bodies, A and B, 
act upon each other are directed along the same straight line, opposite in direction, and equal 
in magnitude: 

F1g = -FB4. 


P1.3.3. Action at a Distance. Causality. Natural Forces 


> Action at a distance. Causality. Field. In Newtonian mechanics, Newton’s third law 
is considered to hold regardless of the nature of interaction and of whether the bodies 
are in direct contact with each other or interact at a distance by means of gravitational or 
electromagnetic forces. However, the validity of Newton’s third law for long-range forces 
would mean instantaneous transmission of information about changes in body positions. 
The notion of long-range action contradicts the postulates of the theory of relativity, which 
forbids information transmission at speeds faster than the speed of light. Modern physics 
has rejected the use of the concept of action at a distance. Instead, it has introduced a new 
participant— a force field (e.g., gravitational, electric, etc.) that fills the whole of space. 
A particle at a given point in space is acted upon not by distant bodies but by a field in 
the vicinity of the point; this field is produced by distant bodies (field sources). A change 
in the field is transmitted from point to point and propagates with a final speed (speed 
of light). Newtonian mechanics is valid in low-speed approximation, v < c, and in this, 
nonrelativistic limit, one can use both action at a distance and field. 

It is convenient to study motion of a particle (or a system of particles) in an external 
stationary field generated by sources at rest (e.g., Earth’s gravitational field). A force field 
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is called central if the force exerted by the field on a particle placed in it is directed toward 
a single point called the field origin (force center) and the magnitude of the force depends 
only on the distance r to the origin, so that 


F(r) = Ent), 


where F,(r) is the projection of the force onto the radial direction; F, > 0 corresponds to 
repulsive forces and F, < 0 corresponds to attractive forces. A field is called uniform in a 
region of space if this force is the same (in direction and magnitude) at every point of space: 
F = const. 


> Natural forces. The whole diversity of naturally occurring forces can be reduced to 
a few fundamental types of interaction: gravitational, weak, electromagnetic, and strong. 
However, for practical purposes, this approach is unsuitable. Apart from the fundamental 
long-range forces (gravitational force in mechanics), one needs to know properties of various 
forces arising when macroscopic bodies are in contact with one another. Below is the list 
of forces arising in solving mechanical problems. 

1. Gravitational force mg (the force with which a body at the Earth’s surface is pulled 
to the Earth’s center). 

2. Elastic force. When a body is deformed in a certain direction, the restoring elastic 
force is proportional to the deformation (Hooke’s law): Fẹ = k|Al|, where k is the spring 
constant (body stiffness) and Al is the deformation in this direction. The spring constant 
of an elastic rod is proportional to its cross-sectional area and inversely proportional to its 


length, so that 


r= esi 


where E is Young’s modulus, which depends on the rod material. In the limit of infinitely 
large stiffness, the (normal) reaction force N and the string tension force T' arise; these 
forces are determined from the equations of motion. Such forces are called constraint 
reaction forces or constraint reactions. 

3. Dry friction force. Sliding friction force: Ff- = 11 N, where u1 1s the sliding friction 
coefficient. Static friction force: Ff < 2 N, where uz is the static friction coefficient. It 
is usually assumed that y; = u2 in solving problems. The static friction force is also a 
constraint reaction. 

4. Drag force. Drag refers to forces that oppose the relative motion of a body through 
a liquid or gas. It depends on the relative speed and the transverse size of the body. For low 
relative speeds and small sizes, the drag force is proportional to the speed (viscous drag). 
For large relative speeds, the drag force 1s proportional to the cross-sectional area and the 
speed squared (head-on drag or quadratic drag). 


P1.3.4. Galilean Relativity Principle 


Galilean relativity (also known as Galilean invariance) is a principle that states that all 
laws of mechanics are the same in all inertial reference frames. Suppose a frame K’ moves 
relative to a frame K with a constant velocity V. Let the respective axes of the two frames 
be parallel to each other and let the x- and x’-axes be directed along V (Fig. P1.5). Also 
let time be counted off from the instant when the frames coincide. Then the coordinates 
and time in the frame XK” are expressed in terms of those in the frame K using the Galileo 
transformations 

eg =x-—Vt, y = 4, z =z, t =t. (P1.3.4.1) 
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Figure P1.5. Two inertial reference frames. The mechanical laws have the same form in both frames. 


Under the Galileo transformations, the difference of the velocities of two particles as well as 
the distance between them remain unchanged; this means that the forces acting between the 
two particles also remain the same. Furthermore, the Galileo transformations do not change 
the accelerations of the particles. Consequently, both sides of the equation of Newton’s 
second law remain unchanged. So the equation of motion has the same form in various 
reference frames (invariance under the Galileo transformations). 

The Galileo transformations are based on the assumption that the course of time and the 
lengths of segments are independent of the reference frame, which were considered to be 
inherent properties of space and time. The theory of relativity revises the traditional view of 
space and time and shows that the Galileo transformations are valid for V « c. The more 
general transformations are the Lorenz transformations, which are valid for any V < c. 


P1.4. Law of Conservation of Momentum 
P1.4.1. Center of Mass. Momentum of a System of Particles 


> System of particles. Center of mass. Consider a system of N particles. The forces 
acting on a jth particle can be divided into internal ones, F; p» exerted by the other particles, 
and external ones, the resultant of which will be denoted F?. According to Newton’s third 
law, the sum of the internal forces is zero. Hence, the sum of all forces acting on the system 
equals the sum of external forces. If the particles do not interact with external bodies, then 
the system is called closed (or isolated). 

The center of mass (or center of inertia) of a system of N particles with masses 
m1,..., My and position vectors rj, ..., ry is the point whose position is defined by the 
vector 


(P1.4.1.1) 


A translationally moving reference frame with origin at the center of mass is called a 
center-of-mass frame. 

If the mass of a system is distributed continuously (in space, on surface, or along a 
line), the system can be mentally divided into a large number of small regions to represent 
particles. Further, passing to a limit, one can replace summation by integration. The 
distribution of mass over volume is defined using mass density (or simply density), p(r), 
such that dm = p(r) dV . Then, for continuously distributed mass, the definition of the center 
of mass (P1.4.1.1) becomes 


E f ro(r) dV 
fp) dv © 


A body with constant density across the whole volume is called a uniform body. 


Fem 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 413 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 414 


414 PHYSICAL FOUNDATIONS OF MECHANICS 


> Momentum. The momentum of a system of particles is defined as the sum of momenta 
of the constituting particles: 
p= > Pj 


Differentiating equation (P1.4.1.1) with respect to time, one can find that the momentum of 
the system is expressed in terms of the center-of-mass velocity as 


P = MVem, (P1.4.1.2) 


where m is the total mass of the system. It follows that the momentum of a system of 
particles equals zero in a center-of-mass frame. 

Summing up the Newton’s Second Law equations for each particle, dp, /dt = Fj, and 
taking into account that the internal forces are canceled out, one obtains 


dp 
= = Y E¡ (P1.4.1.3) 


This means that the rate of change of the momentum of the system equals the net external 
force. 


P1.4.2. Law of Conservation of Momentum. Motion of Center of 
Mass 


> Law of conservation of momentum. From equation (P1.4.1.3) it follows that the 
momentum of a closed system is conserved. The law of conservation of (linear) momentum 
is a consequence of uniformity of space (there is no distinguished point in space) and is 
therefore a fundamental law of nature. Although derived within the scope of Newtonian 
mechanics, this law remains valid beyond it. Even with allowance for a finite speed of 
signal propagation, which leads to violation of Newton’s third law, the law of conservation 
of momentum is obeyed exactly, provided that the momentum of the transmitter (force field) 
is taken into account. 

The momentum of an unclosed system is conserved in the following cases: 

1. The net external force is zero. 

2. The net external force is perpendicular to some direction. Then the projection of 
momentum on this direction (not the whole momentum) is conserved. 

3. If the interaction last a very short time At and the net external force F* is bounded,* 
then the change in the momentum of the system, F° At, can be neglected (effectively 
assuming that At — 0). 


> Motion of center of mass. On differentiating equation (P1.4.1.2) with respect to time 
and taking into account (P1.4.1.3), we arrive at the equation of motion of the center of mass 


Maem = »_ FF. (P1.4.2.1) 


It follows that the center of mass moves in the same manner as though it was a single 
particle, whose mass is equal to the mass of the system, moving under the action of the net 
external force. 


* Under these conditions, the momenta of particles can change considerably under the action of large 
internal forces (explosion, impact, etc.). 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 414 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 415 


P1.5. LAW OF CONSERVATION OF ENERGY 415 


Example. A thin rod of length / and mass m rotates in a horizontal plane about one of its ends with an 
angular velocity w. Find the tension force at the middle of the rod. 
Solution. The center of mass of the outer half of the rod moves in a circle of radius 21 under the action of a 


single force, the unknown tension force. It follows from equation (P1.4.2.1) that F' = ($m) w ($1) = mu*l 


Note that the center of mass of a closed system moves with a constant velocity; hence, 
a center-of-mass frame 1s inertial. 


> Spacecraft propulsion. For a spacecraft in outer space (far away from gravitating 
bodies), a change in its velocity is only possible by exhausting part of mass, rocket propellant. 
The equation of motion of a spacecraft under the action of an external force F and a 
propulsive jet can be easily obtained by writing down Newton’s second law in the form 
(P1.4.1.3) in an inertial frame associated with the spacecraft at the current instant: 


mAv+AMu=FAt, 


where u is the jet velocity relative to the spacecraft and AM is the mass of the propellant 
exhausted in time At. Dividing by At, one arrives at the Meshcherskii equation: 


ma = F — uu, 


where y = AM/At = —Am/At is the propellant use in the jet. The latter term on the 
right-hand side 1s called the propulsive force. 

Let us write the Meshcherskii equation for the case of motion in a straight line with no 
external force applied to obtain m(du/dt) = ([dm/dtju. Assuming that u is constant and 
denoting the initial mass of the spacecraft by mg, we find how the speed of the spacecraft 
depends on its mass: v/u = —In(m/mg) (Tsiolkovsky equation). 


P1.5. Law of Conservation of Energy 

P1.5.1. Work and Power. Kinetic Energy 

> Mechanical work is a scalar quantity that is a measure of change in energy. The work 
of external forces equals the change in energy: 


A=E,-É,. (P1.5.1.1) 


Based on this equation, we will define different kinds of energy. (A refinement of this 
principle will be given in Chapter P2.) 

The work of a force on a small portion of a path is defined as the dot product of the force 
by the displacement: 0A = F- dr. The work on the whole path from position 1 to position 2 


equals 
2 2 2 
A= | F-dr= | F, hdr = | F |dr| cosa, 
1 1 1 


where F, is the projection of the force on the direction of motion of the point where the 
force is applied and a is the angle between the force and this direction. In SI, work and 
energy are measured in joules (J) (1J =1Nm). 


Example 1. The work of a constant force F, 


2 2 
A= Prode (e f a) Pme, 
1 1 


equals the dot product of the force by the total displacement and is independent of the path of the point at which 
the force is applied. 
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Example 2. The work of a central force, the force exerted by a central field (see Subsection P1.3.3), equals 


2 T2 
a= f F-dr= | F,(r)dr. 
1 Ti 


It has been taken into account that the projection of dr onto the radial direction is equal to the change in the 
distance r to the origin. The work depends only on the initial, rı, and final, r2, distance to the origin and is 
independent of the path. 


> Mechanical power is the rate at which work is performed. The average power is 
the ratio of the work done to the time interval. The instantaneous work equals the time 
derivative of the work done: 


dA F-dr 
de dt 


Power is measured in watts (W): 1 W = 1 J/s. 


=F y= fu 


> Kinetic energy. The kinetic energy of a particle is the energy it possesses due to its 
motion and depending on its speed. The velocity of a particle changes under the action of 
a net force F, the work of which equals 


2 2 2 du V2 
A= FF. |dr|=m |] a-vdt=m |] —vudt=m vdv = 1mu- Imv?. (P1.5.1.2) 
; i i dt 2 2 2 1 
v] 


It is apparent that, in accordance with the general principle (P1.5.1.1), kinetic energy can 
be defined as Ek = mv?/2. The above equation, stating that the change in the kinetic energy 
equals the work of the net force, is known as the work-energy theorem. 

The kinetic energy of a system of particles is defined as the sum of the kinetic energies 
of all constituting particles. The change in the kinetic energy of the system equals the work 
of all forces acting on its particles. The kinetic energy of a system of particles equals 


2 
MUcm 


Eye > + Eel, (P1.5.1.3) 
where m is the mass of the system, Vem 1s the speed of its center of mass, and Ere; 1s the 
kinetic energy relative to a center-of-mass frame. Equation (P1.5.1.3) is known as König ’s 
theorem. 


P1.5.2. Conservative Forces. Potential Energy 


> Conservative forces. Potential field. A force of interaction between two particles is 
called conservative if the work of this force depends on only the initial and final positions 
of the particles and does not depend on their paths. Forces that do not satisfy this condition 
are called nonconservative. 

An external stationary field is called potential if its work on moving a particle depends 
on only its initial and final positions and does not depend on its path. (It is equivalent to say 
that the work of the field on moving a particle through a closed path is zero.) A potential 
field is a field of conservative forces; it is generated by fixed external sources. As follows 
from example 1, a uniform field is potential. From example 2 it follows that any central 
field is potential. A superposition of several central fields (generated by several sources) 1s 
also a potential field. Hence, an electrostatic field and a stationary gravitational field are 
also potential. From example 2 it also follows that the elastic force produced by a light 
spring is conservative. 

A system of particles with only conservative forces acting between them is referred to 
as a conservative system. 
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> Potential energy is energy stored within a system; it characterizes interaction between 
particles and depends on their mutual positions. The potential energy of a particle in an 
external potential field is defined as follows. Let us define the difference between the 
potential energies of the particle as the work performed by the field to move the particle 
from one position to another: 


Epl(r1) a Ep2) = A). (P1.5.2.1) 


This work is independent of the path. Hence, the change in the potential energies, Ey — Ex, 
equals the negative of the work done by the field. If the particle is moved very slowly by 
an external force, then the work performed by the external force is equal in magnitude and 
opposite in sign to the work of the field, so A), = E2 — Ex in accordance with the general 
principle (P1.5.1.1). 

Equation (P1.5.2.1) defines the difference of potential energies; so the potential energy 
is defined up to an additive constant. To make the definition unambiguous, one should 
specify the value (usually zero) of the potential energy at some point in space. 

Example 1. The work done by the force of gravity mg on lifting a particle of mass m from height h to 
height hz is equal to mgh; — mgh. Consequently, the potential energy of the particle in the gravitational field 


is Ep = mgh, where the height is counted off from a chosen zero level. The potential energy of a system of 
points in the field of gravity equals 


= mghem, 


2 Mh; 
Ey = ` Mjghj = MA 


J 


where m is the mass of the system and hem is the height of its center of mass. 


Example 2. The work done by the elastic force equals f is (-kx) dx = skaj — +kx3, where x; and x2 are 
the initial and final points of the spring deformation. Consequently, the potential energy of the elastic spring is 
Ep = Ske, where zero energy corresponds to the undeformed spring. 

Example 3. The work done by friction or resistive forces is negative on each segment of the path and 
also along a closed path. Consequently, these forces do not satisfy the condition of being conservative and are 
nonconservative. 


The potential energy of conservative interation of two particles can be treated as the 
potential energy of one particle in the field generated by the other. The result is independent 
of which particle is considered to be the field source. 


> Relation between force and potential energy. By writing equation (P1.5.2.1) for two 
close particles lying on the x-axis and separated by a distance dx, one obtains E(x) — 
E,(x + dx) = F, dx. It follows that the projection Fy of the force F onto the x-axis is 
determined by the derivative of the potential energy: 
OE» 
Fry ==. (P1.5.2.2) 
Ox 
The partial derivative means that Æp is treated as a function of only x here. The same is 
obviously valid for projections on any other direction. Consequently, the vector of force 
equals the opposite of the gradient of the potential energy: 
a dE (P1.5.2.3) 
— + —— j + ——k | =- gra i SA 
Ox Oy l Oz i 
where i, j, and k are unit vectors in the x-, y-, and z-axis, respectively. 
For central field, formula (P1.5.2.2) becomes 


D dEp(r) 


qn P1.5.2.4 
a ( ) 
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418 PHYSICAL FOUNDATIONS OF MECHANICS 
P1.5.3. Mechanical Energy of a System of Particles. Law of 
Conservation of Mechanical Energy 


> Mechanical energy. The mechanical energy of a system of particles is defined as 
the sum of its kinetic energy, the internal potential energy due to interaction between the 
particles, and the potential energy in an external field: 


Mj 
E mech = ) 


2 
m 
> 24 Bint >) ES. (P1.5.3.1) 


J j<n J 


According to König’s theorem (P1.5.1.3), the kinetic energy of a system equals the sum of two terms, the 
energy of its motion as a whole, mvzm/2, and the kinetic energy in a center-of-mass frame, Ere. The sum 
of Fe; and the potential energy of particle interactions is sometimes called the internal mechanical energy of 
the system. 


> Change in mechanical energy. The change in the kinetic energy of a system equals 
the total work of all forces applied to the particles (see equation (P1.5.1.2)). The change in 
the potential energy equals the negative of the work of the conservative forces and external 
potential fields. Consequently, the change in the mechanical energy of the system equals 
the work done by the internal nonconservative forces and all external forces, except for the 
potential fields, whose contribution is included into Emech. So we have 


A Emech = Aoc + AS. (P1.5 3 22) 


> Lawof conservation of mechanical energy. The mechanical energy of a closed conser- 
vative system does not change. This statement is a special case of the general fundamental 
principle of conservation of energy: the total energy of a closed system is conserved. Apart 
from the mechanical energy, the total energy also includes the different kinds of internal 
energy: thermal, chemical, and nuclear. The general principle of conservation of energy 
goes far beyond the scope of Newtonian mechanics, within the framework of which the 
law of conservation of the mechanical energy has been obtained. This principle is in close 
connection with the fundamental postulate of uniformity of time (there 1s no selected instant 
in time) and is one of the fundamental principles on which modern physics is based. 


Note that if a conservative system is in an external potential field, the mechanical energy is also conserved, 
provided that the potential energy of the particles in the field is included in it. 


The condition for a system to be conservative is equivalent to the requirement that both 
the mechanical and internal components of the total energy must be conserved individually. 
If, for example, there are friction forces acting in the system, whose work is negative, then 
the mechanical energy is reduced (see equation (P1.5.3.2)) being converted into the internal 
energy; in this case, heat is said to be produced in the system. The mechanical energy can 
change also in the case where there is a mechanism present in the system that can produce 
work at the expense of the internal energy (e.g., an internal combustion engine, a human 
being, etc.). 

Example 1. Elastic collision. In a central elastic impact of two balls, both the momentum of the system 


and its mechanical energy are conserved. If mı and mz are the masses of the balls, vı and v2 are speeds of the 
balls before the collision, and w; and u2 are those after the collision, we have 


M1V1 + M202 = M]U] + MIU), 
mv; mov B miu? muz 
2 2 > 2 2 
Instead of the second equation, it is more convenient to use the condition that the relative speed of the balls does 
not change in magnitude but changes in sign: Viz —U2x = Ue — Uta. This equation can be derived directly from 
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the first two, but it becomes obvious if we consider the motion in a center-of-mass frame (the relative speed 
remains the same here). In this frame, the total momentum of the system is zero and the speed of either ball 
simply reverses after the impact; both conservation laws are obeyed. Then, solving the two linear equations, 
we find the final speeds of the balls: 


(Mmi —™M2)v, + 2m202 (m2 — M12 + 2m) V1 
a = =, Y = =. 
mi + ma mi + ma 
If we replace the second ball with a moving wall (m2 > mı), we get 
Uy =v +20, U2 = V2. 


Example 2. Inelastic collision. Two balls of masses mı and ma with velocities vı and v2 undergo 
a perfectly inelastic collision such that the balls move as one with a velocity u after the collision. (No 
rotation occurs if the impact is central in a center-of-mass frame.) The velocities become equal as a result of 
nonconservative forces, which means that some heat is released in the impact. This can be verified by finding 
the final velocity using the law of conservation of momentum, ™1V1 + mv, = (Mı + mM2)u, and calculating the 
decrease in the mechanical energy: 


2 2 2 2 
MV} A mwy  (mi+m2ju” mm (V1 —V2) 
2 2 2 mi +m 2 


It is even easier to obtain this result considering the motion in a center-of-mass frame, where the balls are at 
rest after the collision. 


P1.5.4. Potential Curves. Stability 


If we know the potential energy Ej(r) of a one-dimensional motion in a potential field 
(an example is shown in Fig. P1.6), then we can find out the following based on relation 
(P1.5.2.2): 

a) The direction of the force (F >0 for 0 <r <rTmin and r > Tmax; F <0 for Tmin <7 <Tmax). 

b) The points of equilibrium (F' = 0 at r = rmin and r = rmax). 

c) Stability of equilibrium. In the vicinity of the point r = rmin, the force is directed 
toward the point, so the equilibrium is stable. At r = rmax, the equilibrium is unstable. A 
stable equilibrium corresponds to a minimum of the potential energy. 


Figure P1.6. Given a potential energy curve, one can determine the direction of the force, the positions of the 
equilibrium points and their stability, and the character of motion. 


d) The character of motion for a given value of the total mechanical energy E. Motion 
is possible only where £' > E, (the kinetic energy is nonnegative). If E < Eploo) (in 
Fig. P1.6, Ep(oo) = 0), motion is finite, so it can occur in a limited range of r. With Æ < 0 
in Fig. P1.6, motion occurs only between the turning points rọ and r3. For E > 0, motion 
is either infinite, where the particle goes to infinity with kinetic energy F after reflecting 
from the turning point rs, or locked by a potential barrier, where the particle moves between 
the turning points rı and r4. In classical mechanics, a potential barrier is impenetrable. In 
quantum mechanics, there is a nonzero probability that a potential barrier can be penetrated 
(tunnel effect). 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 419 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 420 


420 PHYSICAL FOUNDATIONS OF MECHANICS 


P1.6. Law of Conservation of Angular Momentum 
P1.6.1. Moment of Force. Net Force 


> Moment of force. The moment of a force F about a point O is defined as 
M=rxF, (P1.6.1.1) 


where r is the vector from O to the point where the force is applied. A moment of 
force is also called a torque. The moment of force does not change if the force is moved 
along the straight line of its application. The magnitude of the moment of force equals 
M = Fr sina = Fd, where a is the angle between the force vector and the radius vector r, 
and d is the distance between the point O and the line of action of the force; the distance d 
is called the moment arm (Fig. P1.7). 


Figure P1.7. The moment of the force F is perpendicular to the plane of the figure and directed away from the 
reader. The magnitude of the moment equals the product of F by the arm d. 


The most important property of moment of force is that the sum of the moments of 
internal forces in an arbitrary system of particles is zero. This fact follows from Newton’s 
third law (see Subsection P1.3.2), since the forces acting between each pair of particles are 
equal in magnitude, opposite in direction, and directed along the straight line connecting 
the particles. 

Note another property of moment of force: if the sum of forces is zero, then these forces 
produce the same net moment about any point in space. 


> Net force. The net force of a system of forces is the force that equals the vector sum of 
them and is applied so that its moment about any point in space equals the net moment of 
this system of forces. 


Example. Compute the net moment of the forces of gravity acting on the particles of a system: 


M = Sr) Xm; = 03 mar) X 8 = Fem X (Mg), 


where m is the mass of the system, Fem is the radius vector of the center of mass. It is apparent that the net 
force passes through the center of mass; hence, the center of mass is also the center of gravity. 


The moment of force about an axis z is the z-projection, Mz, of the moment of force 
about any point on the axis. If both r and F in (P1.6.1.1) are resolved into two components, 
parallel and perpendicular to the axis z, so that r =r) +r, and F = F) + F1, then the 
components parallel to the axis will not contribute to the projection of the moment onto 
the axis. It follows that M, = (r, xF'),. In the plane perpendicular to the axis, we have 
the same picture as in Fig. P1.7, except that r and F must be replaced with r, and F |. 
Accordingly, the magnitude of the moment about an axis is also equal to the product of the 
force by the moment arm, while the choice of the positive direction along the axis can be 
replaced with the easier choice of the positive direction of rotation about the axis. 
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P1.6.2. Angular Momentum of a Particle. Motion in Central Field 


> Angular momentum. The angular momentum of a particle about a point O is the 


vector quantity 
L=rxp, (P1.6.2.1) 


where r is the vector from O to the position of the particle and p = mv is the (linear) 
momentum of the particle. Angular momentum is also known as moment of momentum. If 
the particle moves with a constant velocity, its angular momentum does not change. The 
magnitude of the angular momentum equals the product of the momentum by the arm. The 
angular momentum about an axis z is the z-projection, L,, of the angular momentum L 
about any point at the axis. The angular momentum about an axis is determined by the 
projection of the momentum on a plane perpendicular to the axis: L; = (r1 xp). These 
properties are similar to those of the moment of force. 
The time derivative of the angular momentum of a particle about a point O, 


dL d d 
Per =vxp+rxF=M, (P1.6.2.2) 


equals the moment of the net force about O (since v and p are parallel to each other, we 
have v x p= 0) 


> Motion in central field. Since the force acting on a particle in a central field (also 
called a central-force field) is directed to the origin of the field, the moment of this force 
about the origin is identically zero. Hence, the vector angular momentum L is conserved. 
It follows from definition (P1.6.2.1) that the motion occurs in one plane perpendicular 
to L and the quantity L = mvr sina is conserved. The magnitude of the angular momen- 
tum is proportional to the rate at which the radius vector r sweeps out area (Fig. P1.8): 
dS/dt = +r(v dt) sin a/dt = +L/m. Consequently, the statement that angular momentum 
is conserved in a central field turns out to be equivalent to Kepler’s second law of planetary 
motion. 


Figure P1.8. The rate at which the radius vector Figure P1.9. Fly-by of a particle near a force field 
sweeps out area is expressed in terms of the angular center; b is the aiming parameter. 
momentum. 


Example 1. Aiming parameter. Conservation of angular momentum in a central field allows one to relate 
the aiming parameter b of a particle approaching the field origin from far away (Fig. P1.9) to the distance of 
closest approach rı to the origin. (The aiming parameter is the distance from the field origin to the straight line 
of particle motion in the absence of interaction.) At the instant of closest approach to the origin, the particle 
velocity is perpendicular to the radius vector, so the law of conservation of angular momentum can be written 
as 

mvob = MUIT], 
where vo is the initial speed of the particle far away from the origin and v; is the particle speed at the instant of 
closest approach. Expressing vı and substituting into the law of conservation of energy, mug = 3mouj + (11), 
one can find rı. 
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Figure P1.10. To the problem of determining the scattering angle 0 in the field F, = A/ r’. 


Example 2. Scattering angle. The problem of particle scattering on a Coulomb (or gravitational) center 
is of significant importance in astrophysics and nuclear physics. Consider a particle of mass m moving toward 
. _ a ai . : A 2 e & : 
a (repulsive) force center F, = A/r” with the initial kinetic energy Ex = 5mvj and aiming parameter b. Find 
the scattering angle 0. 
Solution. From symmetry considerations it is clear that the change in momentum in the whole duration 
of the motion is directed along the z-axis (see Fig. P1.10) and is equal to 


[Apl = Ap, = 2mvo sin(@/2). 
The change in momentum (projected onto the z-axis) in the time dt is 


A A 
dp. = F; dt = F cos p dt = a cos Y = YA cosy do, 
e E L 


where vy = r(dy/dt) is the azimuthal (perpendicular to the radius vector) velocity component (see Fig. P1.11). 
The angular momentum of the particle is expressed in terms of vu, as L = mver. Integrating with respect to y 
from —(1 — 0)/2 to (m — 0)/2 yields 


E 2mA 


cos(0 /2). 
Comparing the two expressions of Ap, and taking into account that L = mvob, we find that 


tan — = 2 
2  2Eb' 


This formula will be used subsequently in the discussion of Rutherford’s experiments. 


O 
Figure P1.11. Radial and azimuthal components of velocity. 
> Effective potential energy. With the laws of conservation of energy and angular 
momentum, one can establish the time dependence of the central distance r by reducing 


the problem to that of one-dimensional motion. To this end, the particle velocity should be 
resolved into two mutually perpendicular components (Fig. P1.11), a radial one, v, = dr /dt, 
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and an azimuthal one, v,. The angular momentum is expressed in terms of the azimuthal 
speed: L = mrvy. Hence, the mechanical energy of the particle can be written as 


mu; + vo) m (dr \2 ES 
E= a + Enp(r) = 5 (—) + a + 20) è 


It is apparent that the dependence r(t) is the same as in a one-dimensional motion with the 


effective potential energy 
[2 


eff _ 
E, =£p+ amp 
The second term is sometimes called the centrifugal energy. The graph of the effective 
potential curve is determined by the value of L, which can be evaluated from the initial 


conditions. 


Figure P1.12. The form of the effective potential curve is determined by the angular momentum magnitude L. 


Figure P1.12 depicts qualitatively the dependence of the effective potential energy ES 


on the distance r for various L (Lo = 0 and L; < Lz < L3) in the case that E, = —b/r. It is 
apparent that, for any L, the condition of finiteness of the motion remains the same: E < 0. 


P1.6.3. Conservation of Angular Momentum for a System of 
Particles 


> Angular momentum of a system of particles. The angular momentum of a system 
of particles about a point O is the vector sum of the angular momenta of the constituting 
particles. It 1s equal to 

L = rem X p + Lie, (P1.6.3.1) 


where Lre 1s the angular momentum in a center-of-mass frame. One of the consequences 
of equation (P1.6.3.1) is that 1f the linear momentum of the system is zero, the angular 
momentum L does not depend on the choice of the point O. Summing up equation 
(P1.6.2.2) over all point of the system and taking into account that the net moment of 
internal forces is zero, we find that 


L 
— = M5, P1.6.3.2 
a ( ) 
or the time derivative of the angular momentum of the system equals the net moment of 


external forces. 
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> Law of conservation of angular momentum. It follows from equation (P1.6.3.2) that 
the angular momentum of a closed system is conserved. The law of conservation of angular 
momentum is a fundamental law based on the postulate of isotropy of space (there is no 
selected direction in space). Just as with the laws of conservation of linear momentum and 
energy, the application of the law of conservation of angular momentum goes beyond the 
scope of Newtonian mechanics, where 1t was derived. 

The angular momentum of a unclosed system is conserved in the following cases: 

1. If the net moment of external forces M' is zero. (Example: a system of interacting 
particles in an external central field.) 

2. If the moment of external forces about an axis is zero, then the angular momentum 
about this axis 1s conserved. 


Example. If a weight of mass m attached to one end of a weightless string moves in a horizontal circle, 
the other end of the string fixed, then the angular momentum about any point at the axis of rotation (except 
for the center of the circle) is not conserved. However, the angular momentum about the axis of rotation is 
conserved, since the moment of the force of gravity and that of the tension force about this axis are both zero. 


3. If the external forces are bounded, then the change in angular momentum AL=M* At 
in the short time of impact At can be neglected. 


P1.6.4. Two-Body Problem. Reduced Mass 


> Reduced mass. Consider a closed system consisting of two interacting particles. 
Solving the problem of motion of these particles (known as the two-body problem) means 
determining the particle positions at any time for given initial conditions. The positions 
of the particles are expressed in terms of the position of their center of mass rem(t) (see 
(P1.4.1.1)) and their relative displacement r12 = rj — rz as follows: 

my mı 


ri = Fem + 12, r2 = Fem — —— P12 
m1 +m) m1 +m? 


The center of mass moves with a constant velocity, with the initial position and velocity 
found from the initial conditions (see equations (P1.4.1.1) and (P1.4.1.2)). Thus, solving 
the two-body problem is reduced to determining r12. 

From the conditions of uniformity and isotropy of space and uniformity of time, it 
follows that the particles interact with central forces such that Fj. = -F21 = F, where F is 
parallel to r12 and the magnitude F’ is dependent on |r12| only. Let us write the equations of 
motion for each particle: 


dri d? r2 


F = mi —, o 
de de 


Subtracting the second equation divided by mz from the first equation divided by mı, we 


get 
1 1 Pri dry. 
— + — |F= or F = 
( dt? de 


1 1 1 
A a A (P1.6.4.1) 
p mi ma my, + ma 


It is apparent that the vector r12 is determined by solving the problem of motion of a particle 
of mass u in a central field. 
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> Linear momenta and kinetic energies of two bodies in a center-of-mass frame. The 
particle momenta in a center-of-mass frame, Pı and Po; are equal in magnitude (the total 
momentum is zero, with p, = —p, and [p,| = |p,| = p) and are expressed in terms of the 
particle relative velocity (independent of the reference frame) as 


(Pr PB \|_ P 
\Vrel | TE ao re. 
my, ma H 


The kinetic energy of the system in the center-of-mass frame can also be expressed in terms 
of the relative velocity as 
ree =I aD 2 
Pe Op Pe Pe 
2m 2m 2p 2 


This formula was already encountered in considering inelastic collision (example 2, Sub- 
section P1.5.3). 


P1.7. Gravitational Field 
P1.7.1. Law of Universal Gravitation. Superposition Principle 


> Newton’s law of universal gravitation. Two particles of masses m1 and mz separated 

by a distance r are pulled to each other with a force of gravity (gravitational force) equal to 

mMm 
pe 


FEG (P1.7.1.1) 
where G = 6.673 x 1071! N m?/kg? is the gravitational constant. The gravitational force is 
a central force; it acts along the line connecting the particles. 

The force exerted on a point mass m in a central field of gravity (gravitational field) 
produced by a fixed mass M can be represented as (see Subsection P1.3.3) 
mM r mM 


oE or F, (r) = -G 2 


F=-G 


(P1.7.1.2) 


Thus, the role of the “charge” for a gravitational field 1s played by the inertial mass m. 
This property is sometimes formulated as the equivalence of gravitational and inertial 
masses. The potential energy of a particle in a central field of gravity can be found 
by using the relation between force and potential energy (formula (P1.5.2.4)); we have 
-GmM /r? =-dE,/dr, so Ep =—GmM_/r +const. The constant is usually set to zero, thus 
taking the potential energy to be zero at infinity: 


mM 
Ep AA (P1.7.1.3) 
> Principle of superposition. If a field of gravity is generated by several point masses, 
Mi, ..., My, then the force acting on a particle m and its potential energy are expressed as 
mM, r-r; 
F = F; = — == . 
mM; el: 


Ep =>» Ep e as ar 


where r is the position vector of the particle m and r; is the position vector of the mass 
point M;. If a gravitational field is generated by a continuously distributed mass, then the 
summation in (P1.7.1.4) must be replaced by integration. 
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P1.7.2. Strength and Potential of Gravitational Field 


> Strength and potential of the gravitational field generated by a point mass. It 
is apparent from equations (P1.7.1.4) that both the force acting on a particle of mass m 
in a gravitational field and the potential energy of the particle are proportional to m. 
Hence, the specific force, F/m, and specific energy, E,/m, are independent of m and so 
characterize the field itself. These are called the strength and potential of the gravitational 
field, respectively, and denoted 


The field strength has a simple physical meaning: it is the acceleration due to gravity, or 
the acceleration acquired by any particle placed at a given point due to the action of the 
gravitational field only. The strength and potential created by a point mass M are expressed 
as 


M 
g=-G[-, y=-G—. (P1.7.2.1) 


The strength and potential of the gravitation field generated by several point masses are cal- 
culated using the principle of superposition. For example, let us write equations (P1.7.2.1) 
for the case of a body with distributed mass: 


gm =- [6 rol oy an)=- | 6 Aw) ay, (P1.7.2.2) 


r-r) rr] Ir — r'| 


where p(r) is the mass density at the position r and the integration is performed over the 
volume occupied by the body. 


Example 1. Show that the gravitational strength inside a hollow spherical layer is zero. 

Solution. For a given point A, consider the contributions to the field strength of the small regions B and C 
cut out from the sphere by a thin cone with apex at A (Fig. P1.13). The ratio of the areas of these regions, and 
hence the ratio of their masses, equals the ratio of the squared distances of the regions to the point A. It follows 
that the strengths produced by the regions B and C at A are equal in magnitude. 


Figure P1.13. The strengths of the gravitational fields generated by opposite regions on a spherical surface 
cancel each other out. 


The field strength produced by a thin hollow sphere of mass M outside the sphere turns 
out to be equal to the strength produced by a point mass M placed at the sphere center. 
Cumbersome integration is required to prove this result (Newton was first to do this). In 
Chapter P3, this statement will be proved using Gauss’s theorem. The same result holds 
true for any spherically symmetric distributed mass and, in particular, for any spherical 
planet. 
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Example 2. Suppose a mass M is uniformly distributed along a segment of length /. Compute the 
gravitational strength and potential at the point lying outside on the continuation of the segment at a distance x 
from its center. 

Solution. The mass of a segment of length dy equals dm = M dy/I. Integrating yields 


x+l/2 M dy M 
(x) =-G —XÉ = -G ——___., 
d caja y 2-72 
e+1/2 M dy M, x+l/2 
(x) = -G —— =-G— In 
i ly Y l a—1/2 


It is apparent that a symmetric but nonspherical body cannot be replaced by a point mass placed at its center. 
This example illustrates also that the strength and potential are linked by the relation gs = —0p/0x, which is 
similar to (P1.5.2.2). 


P1.7.3. Motion in a Central Field of Gravity. Kepler’s Laws. Orbital 
and Escape Velocities 


> Motion in a central field of gravity. Kepler’s laws. Motion in a central field of gravity 
obeys the general laws of motion in a central field. However, it has some specific features 
reflected in Kepler’s first and third laws initially formulated for planets of the solar system. 

Kepler’s first law states that a finite motion (E < 0) of a particle in a central gravitational 
field occurs in a closed path—an ellipse with the force center (the sun) located at one of its 
foci. 

Kepler’s second law affirms the constancy of the areal velocity, 1.e., the rate at which 
the radius vector of the moving particle sweeps area. This law holds for any central field 
and follows directly from the law of conservation of momentum (see Subsection P1.6.2). 

Kepler’s third law states that, for any two particles moving in a central gravitational 
field, the ratio of the squares of their orbital pecas equals the ratio of the cubes of the 
semimajor axes of their orbits: T?/Ty = a; /a5. 

Kepler’s first law should be supplemented with the statement that an infinite motion of 
a particle in a central gravitational field occurs in either a parabola (E = 0) or a hyperbola 
(E > 0). The third law can be supplemented by the relationship between the specific energy 
of orbital motion and the semimajor axis: |E|/m = GM /(2a). It is apparent that the orbital 
period is uniquely determined by the specific energy of the moving particle. 


> Orbital and escape velocities. The orbital velocity (also known as the first cosmic 
velocity) of a small body around a planet is the speed at which the body moves in a circular 
orbit around the planet near its surface, with the atmospheric drag neglected. The orbital 


speed is determined from the equation mg = mv2/R and equals vo = \/gR = \/GM/R, 
where M is the mass of the planet. (For Earth, vo = 7.9 km/s.) 

The escape velocity (also known as the second cosmic velocity) of a body is the minimum 
speed the body must have to “break free” from a planet’s gravitational pull and go to infinity. 
As follows from Subsection P1.6.2, the condition for a motion to be infinite 1s the inequality 
E > 0; hence, the escape velocity is determined by the equation mv?/2-GmM/R=0 and 


equals ve = y 2GM/R = ,/2gR. (For Earth, ve = 11.2 km/s.) 


P1.8. Non-Inertial Reference Frames 
P1.8.1. Definition of Fictitious Forces 


In many cases, it is convenient to solve a dynamics problem in a non-inertial frame of 
reference (a reference frame that is not inertial) instead of recalculating results first obtained 
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in an inertial frame. To this end, fictitious forces (also called inertial forces) are introduced 
as follows. In Newton’s second law for a particle of mass m moving under the action of a 
net force F, the acceleration is first represented as the sum of two components, a = ape] +a", 
where are is the acceleration of the particle in the non-inertial frame. Then the other 
component, multiplied by m, is transferred to the other side of the equation and called the 
fictitious force. So we have 


F = ma, 
F = m(ae] +a”), 
F + (—ma*) = Marel, 
F+ Feet = Mare]. 


The fictitious forces are thus defined by 

Feet = -ma*, (P1.8.1.1) 
where the acceleration a* is determined by the kinematic equation 

A = Are] +a" (P1.8.1.2) 


and is dependent on the non-inertial frame itself and the position and velocity of the particle 
in it. Consider some specific cases. 


P1.8.2. Translationally Moving Non-Inertial Frames 


In this case, a* equals the acceleration of the inertial frame K (see formula (P1.1.4.1)). 
Then the fictitious force is expressed as 


Feet = ma Kk. 


It is apparent that the fictitious force here is equivalent to the force of gravity. So it is 
convenient to combine the two forces together in solving problems. With this done, the 
introduction of a fictitious force turns out to be equivalent to adjusting the acceleration due 
to gravity (see Subsection P1.7.2), so that g is effectively replaced by g* = g+a* =g-ax. 


Example. A container filled with a liquid moves with a constant horizontal acceleration a. Find the 
angle 6 between surface of the liquid and the horizontal plane. 

Solution. In a reference frame associated with the container, the liquid surface is at rest and “horizontal,” 
which means that it is perpendicular to the vector g* = g +a“ = g—a. So we need to find the angle between g 
and g—a. We have tan 3 = a/g. 


The principle of equivalence of inertial and gravitational forces was laid by Einstein at 
the basis of his general theory of relativity, which 1s a relativistic theory of gravitation and 
explains the appearance of gravitational forces by the fact that the space-time continuum is 
curved by external massive bodies. 


P1.8.3. Uniformly Rotating Reference Frame 


In this case the kinematic equation for the acceleration (P1.8.1.2) becomes: a = aye + w x 
(w Xr) + 2w X Vrej (See Subsection P1.2.2). The second term is associated with the rotation 
of the translatory velocity w x r together with the reference frame. This vector is directed 
toward the axis of rotation and its magnitude equals w? R (R is the distance to the axis), and 
hence it is the normal (centripetal) acceleration of the reference frame at the given point. 
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The third term (Coriolis acceleration) is due to, first, the rotation of v;e, together with 
the reference frame and, second, the change in the translatory velocity w x r due to the 
movement of the particle from one point of the rotating non-inertial frame to another. 
Accordingly, the fictitious force (P1.8.1.1) is the sum of two components, the first called 
the centrifugal force and the second called the Coriolis force: 


Feet = Fer + Foor = MWR + 2MV.0 X w. (P1.8.3.1) 


The centrifugal fictitious force is directed outward from the axis of rotation (R is directed 
from the axis and is perpendicular to it). Since it is independent of the particle velocity, 
its action is indistinguishable from a (nonuniform) gravitational field. For example, the 
force of gravity measured at the Earth’s surface is the sum of the gravitational force and the 
centrifugal inertial force. 

The Coriolis force is perpendicular to the particle velocity. For example, in the Northern 
hemisphere, for motions along the Earth’s surface the horizontal component of the Coriolis 
force 1s directed to the right of the motion, which exhibits itself in the formation of cyclones 
(rotate counterclockwise), greater erosion of right river banks, etc. 


Example. Find the deflecting action of the Coriolis force onto a body freely falling on the Earth’s surface 
from a height h at the equator. 

Solution. Since the deviation is small, the “undisturbed” velocity of free falling v = gt can be substituted 
in the Coriolis force (P1.8.3.1). The vector w is perpendicular to v, and hence the Coriolis force is directed 
eastward, its magnitude equal 2mvw, and the horizontal acceleration imparted to the body is east = 2wgt. 
Integrating yields the horizontal speed Veas = gwt” and the horizontal displacement Seast = + gut”. Substituting 


the time of falling t = ,/2h/g gives the final deviation. For example, if the initial height is h = 300 m, the final 
deviation is approximately 10 cm. 


P1.9. Dynamics of Rigid Body 
P1.9.1. Rotation About a Fixed Axis 


For a rigid body consisting of many particles of mass m, and rotating about a fixed axis z 
with an angular velocity w, the magnitude of its angular momentum about the axis (see 
Subsection P1.6.2) equals 


IL = Y Rimjo; =w Y mR = Iw, (P1.9.1.1) 
j j 


where R; 1s the distance from the particle m; to the axis; the relation v; = wh; has been 
used here. The angular momentum direction coincides with that of w (determined by the 
right hand rule). The quantity 


DES mR = pr dm (P1.9.1.2) 
j 


1s called the moment of inertia of the body about the axis z. Differentiating (P1.9.1.1) with 
respect to time and taking into account that dL,/dt = M,, where M, is the moment of 
external forces about the axis of rotation (see equation (P1.6.3.2)), we get 


Me = 15€, (P1.9.1.3) 
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where e = dw/dt is the angular acceleration. This equation is referred to as the basic 
equation of rotational dynamics of a rigid body about a fixed axis. Compute also the kinetic 
energy of the rotating body, 


ae! 
Wg 


Es 2 vA 1 2 
Es=), z =e mi = pla, (P1.9.1.4) 
J J 


and the work done by an external force F on rotating the body, 


A= | dr-F= | wdx: F= | (wdd: xk)= | M: de 


where dy = w dt. 


Example. A body of mass m is attached to one end of a weightless rope wound around a pulley of radius R 
and moment of inertia /. Find the acceleration of the body after it has been released. 

Solution. Let us write Newton’s second law for the body: mg -T = ma. The equation of motion of the 
pulley (P1.9.1.3) is TR = Je. Using the kinematic relation a = €R (the rope does not slide against the pulley) 
and solving the above equations for a, we obtain a = g/(1 + 1/mR?). 


P1.9.2. Properties of Moment of Inertia 


The moment of inertia (P1.9.1.2) 1s a scalar quantity that characterizes the distribution mass 
of the body relative to the axis of rotation. It can be seen from equations (P1.9.1.3) and 
(P1.9.1.4) that the moment of inertia is a measure of the body’s inertia with respect to 
rotational motion; moment of inertia plays the same role as mass in translational motion. 


Example. Compute the moment of inertia of a thin disk of mass m and radius R about its axis of symmetry. 
Solution. Dividing the disk into thin circular rings and integrating, we obtain 


R 2 
= 2 an 2 m o mR 
Ie fr am= | r (5 )2rr dr = 7 


The same result holds also for a homogeneous solid cylinder. 


> Parallel axis theorem. The parallel axis theorem (also known as the Huygens—Steiner 
theorem) relates the moment of inertia / about an arbitrary axis to the moment of inertia ly 
about a parallel axis passing through the center of mass of the body: 


T=Ip+mea’, (P1.9.2.1) 


where m is mass of the body and a is the distance between the axes. For example, the 
moment of inertia of a disk about an axis perpendicular to its plane and passing through its 
edge equals ¿mk? + mR? = 2mR?. The minimum moment of inertia among all parallel 
axes 1s for the axis passing the center of mass. 


> Perpendicular axis theorem. The perpendicular axis theorem asserts that the moment 
of inertia of a plane body about an arbitrary axis z perpendicular to the body plane equals 
the sum of the moments of inertia about mutually perpendicular axes x and y lying in the 
body plane and intersecting z: 

Ly = Lg + Ly. 


For example, the moment of inertia of a thin disk about an axis of symmetry lying in its 
plane equals J, = Ly = +I, = mR. 
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> Moments of inertia of some bodies. Listed below are moments of inertia of some 
bodies of various shape. 

1) Thin ring of radius R (about its axis of symmetry): I = mR?. The same result holds 
for a thin hollow cylinder (without end caps). 

2) Thin rod of length l (about an axis through its center and perpendicular to its axis): 
[= aml 2. A thin rectangular plate has the same moment of inertia about the axis through 
the centers of its opposite sides having the length /. The moment of inertia about a parallel 
axis through one of the ends of the rod equals J = sm’. 

3) A thin rectangular plate (about the axis through its center and perpendicular to its 
plane): J = ama + b*). A rectangular parallelepiped has the same moment of inertia 
about the axis through the centers of 1ts opposite faces. 

4) Thin spherical shell (about its axis of symmetry): J = 3mR?. 


5) Homogeneous solid ball (about its axis of symmetry): J = ¿mR?. 
6) Hollow cylinder with inner radius A, and outer radius R2: I = ¿m(R + R3). 


P1.9.3. Plane Motion of a Rigid Body 


Plane motion of a rigid body is the superposition of translational motion of 1ts center of mass 
and rotational motion in a center-of-mass frame (see Subsection P1.4.2). The motion of the 
center of mass 1s described by Newton’s second law and determined by the net external force 
(equation (P1.4.2.1)), where only real external forces must be taken into account, since the 
moment of fictitious forces relative to the center of mass is zero (just like in the case of the 
forces of gravity in the example of Subsection P1.6.1). The kinetic energy of plane motion 
equals Ex = ¿MU + tow? (see equation (P1.5.1.3)). The angular momentum about a 
fixed axis perpendicular to the plane of motion is calculated as (see equation (P1.6.1.3)): 
L; = EMVemd + low, where d is the arm of the center-of-mass velocity relative to the axis, 
and the plus or minus sign is determined by the positive direction of rotation selected. 


Example 1. Find the acceleration of a round body that rolls down an inclined plane without slipping 
(Fig. P1.14). The radius of the body is R, its mass is m, and the moment of inertia about the central axis is J. 
The angle between the inclined plane and the horizontal surface is a. 


pore 


Figure P1.14. Forces acting on a body rolling down an inclined plane. 


Solution. The equations of motion are: mg sina — Fy, = ma and Fi, R = Ie. The no-slipping condition 
(v = wR) leads to the equation a = €R (see the example in Subsection P1.2.1). Solving the above equations 
gives the acceleration a = g sina/(1+I/mR?’). Since the static friction force does not produce any work, the 
mechanical energy is conserved. 


Example 2. A thin rod of length l and mass M rests on a smooth horizontal plane. A ball of mass m 
moves in the plane and undergoes an elastic collision with an end of the rod perpendicularly to the line of the 
rod. The final speed of the ball, u, and the rod center, V, as well as angular velocity of the rod, w, after the 
collision are determined from the following three equations: 

1) law of conservation of linear momentum: mu = mu + MV, 
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2) law of conservation of energy: mv?/2 = mu?/2 + MV?/2 + (M1%/12)w7/2, 
3) law of conservation of angular momentum (e.g., about the point of impact): 0= MV (1/2)-(M 17) 12)w. 


P1.9.4. Motion with a Fixed Point 


For a rigid body rotating about a fixed point, its angular velocity is directed along the 
instantaneous axis of rotation and changes its direction both in space and relative to the 
body itself. The equation of motion 

dL 

— M*, 

dt 
which is referred to as the basic equation of motion of a rigid body with a fixed point, 
allows us to find out how the angular momentum L changes in time. Since L is generally 
non-parallel to the angular velocity w, we need an equation that relates L and w in order to 
close the system of equations of motion. 

Example. As an inclined dumbbell rotates about a vertical axis (as shown in Fig. P1.15), its angular 

momentum L = rı X p, + r2 X p, is perpendicular to the straight line connecting the masses mı and mz of the 


dumbbell and directed at a non-right angle to the axis of rotation. Also the vector L itself rotates about the 
vertical axis with the angular velocity w. 


Figure P1.15. The vector of angular momentum L can be nonparallel to the axis of rotation (to w). 


> Theorem of principal axes of inertia. The relationship between L and w can be found 
using the theorem of principal axes of inertia which states that for any rigid body and any 
point O there are three mutually perpendicular axes through O such that, when the body 
rotates about any of these axes, the vector L is parallel to the axis: L; = l;w; (@ = 1,2, 3). 
The moments of inertia about these axes are called principal moments of inertia. If the 
rotation occurs about an arbitrary axis through O, the angular velocity can be resolved into 
its projections onto the principal axes, w = w + w2 + w3, and the angular momentum can 
be expressed as 

L= jw] + hw + 1303. (P1.9.4.1) 


(Likewise, L can be resolved into its projections onto the principal axes and then w can be 
expressed in terms of them.) 

If the principal axes are through the center of mass (center of inertia) of the body, they 
are called free axes. When the body rotates about any of the free axes (free rotation), both 
the linear momentum and the angular momentum of the body are conserved, which means 
that there is no need to apply an external force or external moment to maintain rotation. 
(In the above example, the net force is zero; however, there are a couple of forces arising 
at points of support whose moments provide change of L with time.) It should be noted 
that free rotation is stable only about two of the three axes, the ones with the minimum and 
maximum principal moments of inertia. 
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Example 1. When is the choice of the free axes unique? 

Solution. The free axes are uniquely determined only if the three principal moments of inertia are all 
different. If two moments are equal (e.g., /; = [> = I), then any axis that lies in the plane of the two free axes 
is also a free axis, with L = Iw; + [w2 = Iw. If all three principal moments of inertia are equal (e.g., such is a 
homogeneous cube), then any axis through the center of mass is a free axis. 


Example 2. Given three principal moments of inertia (J1, J2, and 13) of a body, find the moment of inertia / 
about the axis that makes angles y, %2, and y3 with the principal axes. 

Solution. The kinetic energy of the body rotating with an angular velocity w about the specified axis can 
be calculated in two ways. On the one hand, it is equal to 

Iw 
E = a 
On the other hand, 
Low (Lew) | hei . ‘ws. Du 
O ae) 2 2’ 

where Lo = Iw is the projection of L onto w. Since wi/w = cos yi, we find that 


E = 


I = I cos” y+h cos? y +13 cos? A 


Example 3. Free symmetric top. Nutation of the Earth’s axis. Let is find out how the position of the 
axis of rotation changes relative to a rotating body (in a reference frame associated with the body). Let us 
confine ourselves to the case of a free symmetric top, or a freely rotating body with Jı = J2 = I1 and /3=1) #11. 
(The Earth is an example of such a top.) For a symmetric top, the vector L = Iw) + Jw lies in the same 
plane as the third axis (axis of symmetry) and the vector w = w)+w_. In an inertial reference frame, the 
angular momentum L is conserved. Consequently, in the rotating top-related reference frame, the vector L 
performs rotation with an angular velocity w at the current time, and hence it obeys the equation 


E =wWxL 


This equation is called Euler’s equation (usually, a system of three scalar equations is written out which is 
obtained by projecting this vector equation onto axes 1, 2, and 3 taking into account relation (P1.9.4.1)). 
The complexity of Euler’s equation is that the vector w is not constant but linked to L by the linear relation 
(P1.9.4.1). For a symmetric top, w x L is perpendicular to the plane (w, L); hence, dL /dt = Ij dw) /dt = 0 
(w), = const). For w1, we have the equation 


dw 
I T = (w| +01)x(U ¡0 +16) = (11 —Ly) wy XW 
Or d I I 
dt dy: 


This equation shows that in the top-related frame, the axis of rotation performs a circular motion about axis 3 
with the angular velocity Q. For the Earth, there is a small relative difference between the moments of inertia 
I and I), which leads to a slow periodic motion of the Earth’s axis (nutation of the Earth’s axis) with a period 
of tens of days. 


> Gyroscopes. A gyroscope is a rigid body that rapidly spins about its axis of symmetry. 
The problem of motion of the gyroscope’s axis can be solved in the so-called gyroscope 
approximation, L = Iw, where both L and w are directed along the axis of symmetry. A 
perfectly balanced gyroscope is a gyroscope whose center of mass is fixed. It possesses the 
property of being inertialess: its axis stops moving as soon as the external action is removed 
(M = 0). This property allows to use such gyroscopes to preserve orientation in space. A 
heavy gyroscope is a gyroscope whose center of mass is displaced by a distance d from the 
fixed point (Fig. P1.16). The moment of the force of gravity acting on a heavy gyroscope is 
perpendicular to L. Since dL/dt L L, the angular momentum L and the gyroscope’s axis 
perform regular rotation about the vertical axis (precession of a gyroscope). The end of the 
vector L moves in a horizontal circle of radius L sin a with the angular velocity 
o ldL/dt| mgdsina mgd 


Lsina Tw sina Ta 


The angular velocity of precession is independent of the angle œ made by the axis of rotation 
with the vertical. 
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Figure P1.16. Gyroscope precession in the field of gravity. 


P1.10. Special Theory of Relativity 
P1.10.1. Basics of the Special Theory of Relativity 


Einstein’s special theory of relativity (STR), also known as special relativity (SR), extends 
the limits of classical Newtonian physics, valid for nonrelativistic velocities (small compared 
to the speed of light c), to any velocities, including relativistic (comparable with c). In 
the classical limit v/c — 0, all results of special relativity reduce to results of classical, 
nonrelativistic physics. 


> Postulates of STR. The special theory of relativity relies on two postulates: 

The principle of relativity: all physical laws, both mechanical and electromagnetic, 
have the same form in all inertial reference frames. This implies that no inertial reference 
frame can be distinguished from any other by any experiments and taken to be the rest 
inertial frame. This postulate is an extension of the Galilean relativity principle (see 
Subsection P1.3.4) to electromagnetic phenomena. 

The principle of invariant light speed: the speed of light in vacuum is the same for any 
inertial frame and equals c = 3 x 10° m /s. This postulate contains two statements: (i) the 
speed of light is independent of the state of motion of the light source and (11) the speed 
of light is independent of which inertial frame is the observer measuring this speed in (1.e., 
independent of the speed of the receiver). 


The invariance of the light speed and its independence of the state of motion of the light source follow from 
Maxwell’s equations of electromagnetic field. It seemed obvious that this statement could hold in only one 
reference frame. From the classical conceptions of space and time, any other observer moving with a speed v 
relative to this frame should measure the speed of light as c + v if moving toward the source or c — v if moving 
away from the source. This result would mean that Maxwell’s equations hold in only one reference frame filled 
with quiescent “ether,” through which electromagnetic waves travel. However, the attempt to detect a change 
in the light speed due to Earth’s motion relative to the ether (Michelson—Morley experiment) failed to detect 
such a change. Einstein put forward the hypothesis that Maxwell’s equations, as well as all physics laws, must 
have the same form in all inertial frames, and hence the light speed must be the same in all inertial frames. This 
hypothesis led to revision of the basic concepts of space and time. 


> Lorentz transformations. The Lorentz transformations link the coordinates and time 
of an event measured in two inertial frames, one of which (K”) moves relative to the other 
(K) with a constant velocity V. If the coordinate axes and the initial instant are chosen 
in the same way as in the Galilean transformations (see formulas (P1.3.4.1)), the Lorentz 
transformations have the form 


=V] 
m A G y =y, ¿=z t 


VE VIE 


t- (V/cha 


VW 


(P1.10.1.1) 
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It is often convenient to use the transformations for the differences of the coordinates and 
time instants of two events: 


Ag’ =y(Ar-VAt), Ay'=Ay, Az =Az, At'=y|[At-(V/c)Arx]. (P1.10.1.2) 


where the notation j 


“AVE 
is used for brevity. The Lorentz transformations reduce to the Galilean transformations 
for V < c. The Lorentz transformations are derived from the second pustulate of STR 
(invariance of light speed) and the requirement of linearity of the transformations (this 
requirement expresses the condition of uniformity of space). The inverse transformations, 
expressing the coordinates and time in K via those in K’, can be obtained from (P1.10.1.1) 
and (P1.10.1.2) by substituting —V for V: 


y>1, (P1.10.1.3) 


Ar=yY«Ar'+VAt), Ay=Ay, Az=AZ, At=y[At'+(V/c?)Az’]. (P1.10.1.4) 


P1.10.2. Consequences of the Lorentz Transformations. STR 
Kinematics 


> Length contraction. The length of a moving segment is defined as the distance between 
the points at which the segment ends were at the same time (i.e., At = 0). Consider a rigid 
body that moves translationally with a speed v and let K’ denote a reference frame associated 
with it. From equation (P1.10.1.2), where one should set V = v and At = 0, one finds that 
the longitudinal dimension of a moving body is reduced: 


b= Io/y =l04/1-v/e?, (P1.10.2.1) 


where lo is the proper longitudinal dimension measured in frame K’, where the body is at 
rest. The transverse dimensions of a moving body do not change. 


Example 1. A square plate moving at the speed v = 0.8 c along one of its sides becomes a rectangular 
with the angle between the diagonals equal to arccot au): 1 —v?/c? = arccot 0.6 = 59°. 


> Time dilation. It can be seen from the Lorentz transformations that time passes 
differently in different inertial frames. In particular, two events occurring simultaneously 
(At = 0) but at different points in frame K may not be simultaneous in frame K’, so 
that At’ = -yV Ax/c* can be positive or negative. This effect is known as relativity of 
simultaneity. A clock that moves together with frame K” (i.e., that rests relative to K’, with 
Ax’ = 0) shows the proper time of this frame. For an observer in frame K, this clock is 
slow (time dilation). Considering two readings of the moving clock as two events, we find 
from (P1.10.1.4) that 
AT 


Vi VIE 


where Ar = At’ is the proper time of the moving clock (to be precise, of the associated 
reference frame). The fact that all reference frames are indistinguishable manifests itself in 
that a clock resting relative to frame K appears to the observer in frame K’ to lag behind 
the observer’s clock in K’. (Note that, to control the moving clock, the stationary observer 
in K uses different clocks at different instants.) 


At=yAr = (P1.10.2.2) 
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The twin paradox consists in that special relativity predicts a change in the age of two 
twins, one of which stayed on the Earth and the other traveled in deep space at relativistic 
speeds and then returned to the Earth (the traveler will be younger). It may seem as though 
this thought experiment violates the principle of indistinguishability of reference frames. In 
fact, the Earth’s twin stayed all the time in one and the same inertial frame but the astronaut 
changed his or her frame to return to the Earth (the astronaut-associated frame was not 
inertial). 

Example 2. The mean proper lifetime of the muon (an unstable subatomic particle) is 7 = 2.2 x 10° s, 
with cr ~ 660 m (c 1s the speed of light). Due to time dilation, from the viewpoint of an Earth’s observer, a 


space muon flying with a relativistic speed v with y > 1 has a mean lifetime of y7 and travels a distance cyt 
from its birth in upper atmosphere, which allows detecting the muon on the Earth’s surface. 


> Velocity addition in special relativity. If a particle moves with velocity v’ relative to 
frame K’, then its velocity relative to frame K can be found by expressing dx, dy, dz, 
and dt from (P1.10.1.4) and substituting into vy = dx/dt, vy = dy/dt, and v, = dz/dt to 
obtain 


vl +V vy Ve es vay 1-V?/c? 
= ——>) w= e. ES 
l+v,V/c? 2 1+0u,V/e É l+w.V/c? 


For nonrelativistic speeds, vz << cand V <c, the above formulas reduce to the nonrelativistic 
velocity-addition law (see equation (P1.1.4.1)). Formulas (P1.10.2.3) have the important 
property that if V and v’ less than c, then v is also less than c. For example, if the particle 
is first accelerated to V = 0.9 c relative to the rest frame and then is further accelerated to 
v' =0.9 cin the moving, particle-associated frame, the resulting speed will be 1.8 c/1.81 < c 
rather than 1.8 c. Itis apparent that the speed of light cannot be exceeded. The light speed 
1s the maximum possible speed at which interactions can be transferred in nature. 


(P1.10.2.3) 


Ux 


> Spacetime interval. Casuality. The Lorentz transformations preserve neither the time 
interval nor the length of a spatial segment. However, it can be shown that the following 
quantity is preserved under the Lorentz transformations: 


si, = (CAH? — (Aa) — (Ay) -(Azy” = (cAty - (Ary. (P1.10.2.4) 


The quantity s1 is called the spacetime interval between events 1 and 2 (At = t) — tı and 
Ar =r —rj). 

If S > 0, the spacetime interval is called time-like. In this case, there is an inertial 
frame where Ar = 0, which means that the events occur at the same place but at different 
times. Such events can have a cause—effect relationship. 

If 5 < 0, the spacetime interval between events is called space-like. In this case, 
there is an inertial frame in which At = 0, so that the events occur simultaneously at 
different locations in space. Such events cannot have a causal relationship. The condition 
c|At| < |Ar|, or clt2 — Til < |r2 — vil, means that a light beam emitted at the instant of the 
earlier event (at t1) from the point rı cannot reach the point r2 by the instant t2. Events 
separated from event 1 by time-like intervals represent its absolute past (if t — tı < 0) or 
absolute future (if tz —t1 > 0); the sequence of events is the same in all inertial frames. The 
sequence of events separated by a space-like interval can be different in different inertial 
frames. 


> Lorentz four-vectors. A quadruple of scalar quantities (Az, Ay, Az, A+) = (A, A-) that 
are transformed, when passing from frame K to frame K’, in the same way as (x, y, z, ct), 
or (see (P1.10.1.1)) 
Arg —(V/c)A, A,-(V/cAg 
A cia A Ay ¡Apo De =P ALS pots (P1.10.2.5) 


J1-Ve ` VI-V ” 
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is called a Lorentz four-dimensional vector (or, for short, four-vector or 4-vector). The 
numbers A, Ay, and A, are called the spatial components of the 4-vector and A, is called 
1ts time component. The sum of two 4-vectors and the product of a 4-vector by a scalar 
number are also 4-vectors. The quantity A* = A? —A?, analogous to the spacetime interval, 
and also the scalar product A, B+ -— A - B are preserved in changing from one inertial frame 
to another. A physical equation written as an equality of two 4-vectors remains valid in all 
inertial frames. 


P1.10.3. STR Dynamics 


> Momentum and energy in special relativity. The velocity components are not trans- 
formed in the same way as the components of a 4-vector (cf. equations (P1.10.2.3) and 
(P1.10.2.5)), since both the numerator and the denominator are transformed in the ex- 
pression v = dr/dt. Consequently, the quantity >_ j MjVj, corresponding to the classical 
definition of momentum, cannot be preserved in all inertial frames. The relativistic 4-vector 
of momentum is defined as 


A a A VETIA 


where dr = dt y/1 — v?/ œ is the infinitesimal change in the proper time of the particle (see 
(P1.10.2.2)), 1.e., the time measured in an inertial frame whose velocity coincides with that 
of the particle at the given instant (dr is independent of which inertial frame the particle is 
observed from). The spatial components of the 4-vector make up the relativistic momentum 


dr m dr = dA) MC 


mv 
VETIA 


while the time component p+ turns out to be equal to E /c, where E is the relativistic energy 
of the particle: 


p = (P1.10.3.1) 


me? 


E = — (P1.10.3.2) 


The 4-vector (p, E/c) is called the momentum-energy four-vector or the four-momentum. 
It is noteworthy that the relativistic energy and momentum are linked by the simple relation 


_ Ev 


Ja (P1.10.3.3) 
C 


p 


In accordance with (P1.10.2.5), in changing from one inertial frame to another, the energy 
and momentum are transformed as 


Pr -VE/c? E=Vbos 
Dy = Poe VEE Py =Py, De =p, E' = ——— (P1.10.3.4) 


VI-V VI-V] 
2 


The relativistic energy of a particle is nonzero at v = 0; it consists of the rest energy, mc”, 
and the kinetic energy, 


mec? 


E = ————_ = mc’ + E. (P1.10.3.5) 


yl- 
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Note that for v/c << 1, the relativistic kinetic energy reduces to the classical kinetic energy 
Ex = mv?/2. Since the quantity (E/c)? — p* is conserved, it can be calculated in a frame 
where the particle is at rest at the given instant: 


E? 
OR -p? = mi? Or E? Se = mc. (P1.10.3.6) 
C 


For particles with zero mass (e.g., photons), the energy-momentum relation becomes 
E = pe (P1.10.3.7) 


(see also (P1.10.3.3)). Substituting E = mc + Ex into (P1.10.3.6) yields a convenient 
relation between momentum and kinetic energy: 


pe = Ex(Ex + 2mce’). 


> Inelastic collision. Relation between energy and mass. Let us write down the law 
of conservation of relativistic energy for a perfectly inelastic collision of two particles of 
mass m each that moved toward each other with identical speeds v. We have 


me me? 2 


M p o. 
yv1-vYc V/1-v4/e C 


It is apparent that the mass M of the combined particle is larger than the total mass of the 
initial particles. The increase in the internal energy at the inelastic collision by AF resulted 
in a mass increase of AE/c?. This example illustrates the general Einstein relationship 
between the relativistic energy of a resting body and its mass: 


E=me?. (P1.10.3.8) 


Relativistic energy includes all kinds of energy. 


Example 1. Suppose the energy of a body at rest equals E. Find the momentum of the body in a reference 
frame moving with a speed —v. 
Solution. In accordance with the relativistic transformation formulas (P1.10.3.4), the momentum equals 


(E/c)v 
J/1=v/e2 


It is seen that we have obtained the formula for relativistic momentum with mass m = E/c?. 


p’ = (EN = 


Example 2. Accelerators with colliding particle beams. Suppose that in order to achieve the threshold 
energy of a nuclear reaction, the particles in colliding beams must be accelerated to a kinetic energy amc’. To 
what kinetic energy must a single particle be accelerated if the other particle is in a stationary target? 

Solution. In the nonrelativistic case, the energy in a center-of-mass frame equals half the energy of the 
oncoming particle. It is this energy that can be spent to the reaction, while the other half is inaccessible — 
it remains as kinetic energy of the system. In the relativistic (an especially ultrarelativistic) limit, the picture 
is cardinally different. Compute the energy of the moving particle (the other particle is at rest). Write the 
energy-momentum invariance condition for E? — p*c’. In a center-of-mass frame, we have E = 2amc* +2mc* 
and p = 0. In a moving inertial frame where one of the particles is at rest, we have E = Ei + mc’ and p = pı, 
with /; and pı being the energy and momentum of the moving particle. On rearranging and taking into account 
the identity E? —pic* = mct, we find the kinetic energy of the oncoming particle as E; -me = 2mc’a(a+2). 
For example, if a = 100, we find that one particle must be accelerated to 20,400 mc”. Approximately, 1 /100 
of the particle energy is available for the reaction. 
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> Basic law of relativistic dynamics. The force exerted on a particle equals, just as in 
the case of classical mechanics, the time derivative of the momentum 

dp 

E P1.10.3.9 

E7 ( ) 
However, the relativistic momentum (P1.10.3.1) is different from the classical one. Under 
the action of the load applied, the momentum can increase unboundedly. However, as seen 
from definition (P1.10.3.1), the speed will be less than c. The work done by the force 
(P1.10.3.9), 


d 
Proa [ Povat= | vap 
/ -d / EdE 
m MC 


equals the change in the kinetic energy. Here we have used formulas (P1.10.3.1) and 
(P1.10.3.2) and also p- dp = EdE/c? (see (P1.10.3.6)). 
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Chapter P2 
Molecular Physics and Thermodynamics 


P2.1. Basic Principles and Definitions 
P2.1.1. Two Approaches to Studying Matter 


> Thermodynamic approach. The thermodynamic approach of studying substances 
consists of establishing links and relations between experimentally determined (phenomeno- 
logical) parameters (called thermodynamic parameters) based on several postulates (laws 
of thermodynmics). 


> Statistical approach. The statistical approach relies on kinetic-molecular postulates 
on the structure of substance (fundamentals of kinetic-molecular theory). These postulates 
include the following: 

1. All bodies consist of a huge number of tiny particles—atoms and molecules. 

2. These molecules are in constant random motion. 

3. The molecules interact with one another: they experience attractive forces at large 
distances and repulsive forces at small enough distances. 

The thermodynamic parameters are calculated within the framework of a specific model 
of internal structure of substance (1.e., the model of motion and interaction of atoms and 
molecules) by averaging over a huge number of states of the system. Statistical physics 
employs methods of probability theory and mathematical statistics. The classical theory 
relies on the classical laws of molecular motion, while quantum statistics relies on the laws 
of quantum mechanics. 


> Amount of substance. Mole. The amount of substance in a system—or the number 
of constituting structural units, atoms and molecules—is measured in moles. One mole of 
any substance contains a certain number of molecules, called Avogadro’s number (or the 
Avogadro constant) and equal to the number of atoms in 12 g of carbon-12. Avogadro’s 
number equals Na = 6.02 x 10% mol*. The number of moles in the system is expressed as 
N m 
pS = (P2.1.1.1) 
Na p 
where N is the number of molecules in the system, m = myN is the mass of the system, 
mo being the mass of a single molecule, and u = mo Na is the molar mass of the substance. 


P2.1.2. Equation of State 


> Equilibrium states. A thermodynamic system that is kept under unchanged external 
conditions comes to an equilibrium state, where there are no fluxes of any kind (e.g., mass 
or energy fluxes). The thermodynamic parameters of the equilibrium state (pressure p, 
temperature 7’, volume V, density p, molar mass u, etc.) are related by an equation of state. 
For example, the ideal gas law (also known as the Clapeyron—Mendeleev equation), which 
is the equation of state of an ideal gas, has the form 


pV =VRT or pV = NET, (P2.1.2.1) 


441 
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where R = 8.31 J/(mol K) is the gas constant and k = R/Na = 1.38 x 10% J/K is the 
Boltzmann constant. This equation was obtained empirically and it describes well the 
behavior of thin real gases (see Subsection P2.5.2). The van der Waals equation, 


2 
(V — vb) (p n = = VRT, (P2.1.2.2) 


1s an equation of state that provides good approximation to the behavior of dense real gases 
(see Section P2.6). 

A process of changing the state of a system is called equilibrium (also quasi-equilibrium 
or quasistatic) if it occurs so slowly that every intermediate state of the system can be treated 
as equilibrium. Equilibrium processes are typically reversible (1.e., can be made to pass 
through all their intermediate states in order); however, irreversible equilibrium processes 
are possible (e.g., for systems with memory). In what follows, when speaking of an 
equilibrium process we imply a reversible equilibrium process. 


> Simple thermodynamic system. A homogeneous and isotropic thermodynamic sys- 
tem whose chemical composition does not change is called (thermodynamically) simple. 
Examples of simple systems are one-component (pure) gases and liquids. A simple system 
has two degrees of freedom, which means that only two of its thermodynamic parameters 
are independent. Equilibrium states of a simple system can be represented by points in a 
plane (e.g., in coordinates p and V) and equilibrium processes, by lines in this plane. The 
work done by a simple system against external forces equals 


v 
JA =pdV, A= / HAV) aV, (P2.1.2.3) 
Vi 
where the relationship p(V ) is called a process equation. Since the work is not a function 
of state, the infinitesimal work increment is denoted by 0A, in order to distinguish it from 
the infinitesimal increment of a function (differential). 
If any three parameters of a simple system are related to one another, due to an equation of state, their 


derivatives are also related by an equation. For example, expressing the infinitesimal increment of T’ in terms 
of those of p and V, we have dT = (OT /OV), dV + (OT /Op)v dp. By applying this expression to isothermal 


process (dT = 0), we obtain 
(ar), (Ge). (av), => 
OT /p \ Op /v \OV /T l 
This equation relates three coefficients 
1 (E 


a=> 5) (thermal volume expansion coefficient), 
p 


V \ oT 
1 / Op : 
paS (22) (thermal pressure coefficient), 
p\ OT /v 
Op , 
K=-V (=) (isothermal bulk modulus). 
OV IT 


> Nonequilibrium systems. Equilibrium thermodynamics deals with equilibrium states 
and processes. It can judge the direction of nonequilibrium processes between the in1- 
tial and final equilibrium states but cannot provide quantitative characterization of these 
processes. Nonequilibrium systems are studied by physical kinetics and nonequilibrium 
thermodynamics. Note that the time in which a system comes to equilibrium (relaxation 
time) decreases with decreasing system size, and therefore the term local equilibrium in a 
small portion of a nonequilibrium system makes sense. Consequently, it is meaningful to 
speak of local thermodynamic parameters (functions of state) that vary from point to point 
in a nonequilibrium system (e.g., temperature 1'(r)). 

An important role in studying nonequilibrium systems is played by the notions of flux 
of a physical quantity (e.g., the number of molecules, mass, momentum, energy, charge, 
etc.) through a given surface and flux density at a given point in space. 
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For instance, energy flux W equals the amount of energy transferred through a surface per unit time 
(measured in J/s, or W). A flux density is a vector quantity that characterizes the direction and intensity of 
transfer of a physical quantity through a given point in space. For instance, energy flux density w equals in 
magnitude to the ratio of the energy flux AW through a small surface to the area AS of this surface (measured 
in W/ m?”) in the limit AS — 0. Among all small surfaces through the given point, one must take one for 
which the above ratio is maximum. The vector w is taken to be perpendicular to this surface and pointing in the 
direction of the energy transfer. The energy flux through a given surface equals W = f w ds, where ds = n - ds, 
with n being the positive unit normal vector at the given point of the surface. Note that in electrodynamics (see 
Subsection P3.7.1), the flux of electric charge is called the electric current J and the flux density, the current 
density j. 


A state of a nonequilibrium system is called stationary if the flux densities of all physical 
quantities at all points are time independent. Recall that in an equilibrium state, there are 
no fluxes, that is, the flux densities at all points are zero. 


P2.2. First Law of Thermodynamics 
P2.2.1. Quantity of Heat. Internal Energy 


> Quantity of heat. Unlike mechanical energy, which can only change through work, 
internal energy can change both due to work and due to contact with bodies having different 
temperatures (in the process of heat exchange). The amount of energy absorbed or lost by 
a system in a thermal contact is called the quantity of heat or just heat and denoted Q. Heat 
is considered positive if energy is received by the system and negative if it is given off. 

In a thermal contact, energy is transferred from a body with a higher temperature to a 
body with a lower temperature. Any temperature scale must satisfy this property. Empirical 
temperature scales are based on indirect measurements, that 1s, on changes in parameters 
monotonically dependent on temperature. A gas scale of temperatures relies on the equation 
of state of the ideal gas (P2.1.2.1). A thermodynamic, or absolute scale, is based on the 
second law of thermodynamics. 


> Internal energy. From the viewpoint of classical kinetic-molecular theory, the internal 
energy U of a thermodynamic system equals the sum of the kinetic energy of motion 
of all its molecules and the potential energy of their interaction. The internal energy, 
U = U(V, T, ...), is a function of state of a thermodynamic system;* it is the most 
important characteristic of the system. 


Thermodynamics must define any quantity phenomenologically, regardless of our knowledge about the 
internal structure of the substance. The concept of an adiabatic envelope can be used to see that this is possible 
in principle. The adiabatic envelope of thermodynamic system allows the shape of the system to be changed 
and work on the system to be done but excludes thermal exchange of the system with external bodies. In this 
case, the work done by the external forces, A‘, as the system performs a transition from state 1 to state 2 is 
independent of the transition process and is only dependent on the initial and final states. This allows us to 
define the internal energy difference as Uz — U; = AY(1 — 2). 


P2.2.2. First Law of Thermodynamics 


The general law of conservation of energy, which takes into account thermal exchange and 
internal energy, reads 
AEmech + AU = AF FQ. (22.221) 


It states that the change in the total (mechanical plus internal) energy equals the work done 
by external forces and the quantity of heat received by the system in thermal exchange 


* The relationship U =U(V, T, ...) 1s called a caloric equation of state, in contract to p= p(V, T), called 
a thermal equation of state. 
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with external bodies. Sometimes, the law of conservation of energy 1s formulated as the 
impossibility of creating a perpetual motion machine of the first kind (that would produce 
energy from nothing). The first law of thermodynamics 1s the special case of the law of 
conservation of energy as applied to thermodynamic systems, whose mechanical energy 
does not change. In addition, in thermodynamics it is customary to use the work done by 
the system against external forces: A =—A*. We have 


Q=AU +A, (P2222) 
which means that the heat supplied to a thermodynamic system is spent to change its internal 
energy and produce work against external forces. 


> First law of thermodynamics for a simple system. Heat capacity. Using equation 
(P2.1.2.3), let us write out the first law of thermodynamics for a simple system that has 
received an infinitesimal quantity of heat: 


$Q = dU +pdV. (P2.2.2.3) 


The ratio of ôQ to the temperature increment dT is called the heat capacity of the system 
in the equilibrium process being considered. Heat capacity is measured in J/K and denoted 


by C. We have 
C dT = dU + pdV. (P2.2.2.4) 
Considering U in (P2.2.2.4) to be a function of two variables (V, T), we can write 
OU OU OU 
Ao er (S>) Par (5) P2.2.2.5 
a Gas 7 OV dd Car OV p l ) 


OU 
where Cy = (57) ? is the heat capacity at constant volume (see equation (P2.2.2.4)). So 
we have 


OU 
CdT =Cy dT + p į ( = ).. dV. (P2.2.2.6) 
It can be seen that the heat capacity for a process V (T) depends on the value of the derivative 
dV/dT. Since the parameters (V, T) can be varied independently, this derivative and, hence, 
the heath capacity at a given point can take any value. 


> Enthalpy. The Joule-Thomson process. If the state of a system is changed as an 
equilibrium process under a constant pressure, then the heat supplied can be expressed as 


Q = AU+pAV = A(U +pV)= AH (p = const). (P2.2.2.7) 


The quantity H = U + pV 1s called the enthalpy of the system. So the heat supplied equals 
the enthalpy difference at the final and initial states. Enthalpy is also used to describe 
the Joule—Thomson process (also called a throttling process), where a substance is forced 
through a porous wall without heat exchange with the environment. This process is used 
to achieve very low temperatures. Enthalpy is conserved in the Joule-Thomson process: 
Ui + p1V1 = U2 + p2V. 


> Thermodynamic cycle. A thermodynamic cycle is a series of thermodynamic processes 
in which a system eventually returns to its initial equilibrium state. At some stage, the system 
absorbs a quantity of heat Qı from higher-temperature bodies (hot reservoir) and at another 
stage, it gives up some heat (2, to lower-temperature bodies (cold reservoir). (This follows 
from the second law of thermodynamics; see Section P2.3.) For a heat engine, a device that 
runs on a thermodynamic cycle, its thermal efficiency is the number defined as 


A = Qı-Q2 =1- Q2 
Qı Qı Qi’ 
where A is the net work done in one cycle. In a thermodynamic cycle, AU = 0, and hence 


(1 = GQ. =A. 


(P2.2.2.8) 
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P2.2.3. First Law of Thermodynamics for an Ideal Gas 


> Internal energy of an ideal gas. The internal energy of an ideal gas depends only on its 
temperature, so that U (p1, V1, T) =U (p2, V2, T). There is experimental evidence supporting 
this statement. 

1. When a gas expands into a void space inside a rigid adiabatic container, both the 
work done by the gas, A, and the heat absorbed, Q, are zero, and hence AU = 0. It was 
found (experiments by Gay-Lussac and Joule) that in this non-equilibrium process, the 
temperature of ideal gases does not change. 

2. The temperature of an ideal gas does not change in the Joule-Thomson process. 

The second law of thermodynamics allows us to prove that (OU /OV yr = 0 based on the 
thermic equation of state (P2.1.2.1). 

From equations (P2.2.2.4) and (P2.2.2.5) we find the increment in the internal energy 
and the first law of thermodynamics for an ideal gas: 


dU=CydT, 6Q=CydT+pdv. (P2.2.3.1) 


Experiments show that Cy is independent of T in a wide range of temperatures. Hence, 
we can write U = CyT + const. 


> Processes in an ideal gas. Consider a few examples to illustrate the application of the 
first law of thermodynamics to specific equilibrium processes in an ideal gas. 
Example 1. Isothermal process (dT = 0). In this case, dU = 0. Hence, 
V2 
ôQ =pdV, Q=A= J p(V)dV =v RT in( 2) (P2.2.3.2) 
Y l 
The heat capacity of this process can be considered infinitely large. 


Example 2. Isobaric process (dp = 0). Introducing the heat capacity at constant pressure and taking 
into account the equation of state (P2.1.2.1), we get 


Cp dT = Cy dT +pdV = Cy dT +vRdT. 


Dividing by dT gives the relation between the heat capacities (Mayer’s relation): 
Cp = Cv +VR, Cpm ëy t a Cp = Cy +R, (P2.2.3.3) 
u 
where c = C /m is the specific heat capacity and C™ = C /v is the molar heat capacity of the gas (measured in 
J/(kg K) and J/(mol K), respectively). 


Example 3. Adiabatic process. If an equilibrium process occurs without heat supply (Q = 0), then 


VRT ny, dr _ RdV 


T=- y dT =- =- . 
Cy d pdV => vCyd T Ca V 


Integrating yields the equation of the adiabatic process (Poisson’s equation): 
TV"? = const or pV” = const, (P2.2.3.4) 


where the dimensionless parameter y = Cp/Cvy = 1+(R/C%) is called the adiabatic index. Using Mayer's 
relation (P2.2.3.3), we can express the molar heat capacities in terms of y as 
R ia R 

ae Cre aie 
y-1 y-1 

Example 4. Polytropic process. A thermodynamic process with constant heat capacity (C = const) is 
called polytropic. We have 

CdT=CydT+pdV = (Cy -C)dT =-pdv. 
Proceeding in the same manner as for the adiabatic process, we arrive at the polytropic process equation 
pV” = const, 
R C=C. oe 

where n = 1 + Cr- Cm = OC is the polytropic index. 

It can be verified that the above thermodynamic processes are special cases of a polytropic process — 
isochoric with n = oo, isobaric with n = 0, isothermal with n = 1, and adiabatic with n = y. 
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Figure P2.1 A Carnot cycle consists of two isothermal processes (1 to 2 and 3 to 4) and two adiabatic processes 
(2 to 3 and 4 to 1). 


Example 5. Carnot cycle. A Carnot cycle is a thermodynamic cycle consisting of two isothermal 
processes (at temperatures 7; and 7> with 7; > 7>) and two adiabatic processes as shown in Fig. P2.1. 
From equation (P2.2.3.2) we have 


Qi = vRT, (7), Q = vRT) in(>). 


From Poisson’s equation (P2.2.3.4) we have 


Ve Soy A 
TV" = RV. 


It follows that V2/Vi = V3/V4. Hence, the thermal efficiency is 


gale = (P2.2.3.5) 
1 


This means that the thermal efficiency of a Carnot cycle depends only on the cold-to-hot reservoir temperature 
ratio. 


P2.3. Second Law of Thermodynamics 
P2.3.1. Formulations 


Below are two most common formulations of the second law of thermodynamics: 

1. It is impossible to construct an engine that would convert 100% of heat extracted 
from a heat reservoir into work in a cyclic process (formulation by William Thomson— 
Lord Kelvin). It is the same to say that it is impossible to create a perpetual motion machine 
of the second kind (that would produce work at the expense of solely the internal energy of 
a heat reservoir). 

2. It is impossible to construct a refrigerator that would produce no other effect than 
the transfer energy from a cooler body to a hotter one (formulation by Rudolf Clausius). 

The Thomson and Clausius formulations are equivalent. 


P2.3.2. Carnot’s Theorem 


In general, a Carnot cycle is a thermodynamic cycle in which the working substance (of a 
heat engine) absorbs heat from a hot reservoir (at a constant temperature 71) and gives up 
heat to a cold reservoir (at a constant temperature 7%). 

Carnot’s theorem states that the thermal efficiency of an arbitrary Carnot cycle cannot 
exceed that of any reversible Carnot cycle operating at the same temperatures 11 and 75. It 
immediately follows that the thermal efficiency of a reversible Carnot cycle depends on 7; 
and ‘> only and is independent of the working substance nature. 
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Let us sketch the proof of Carnot’s theorem. Assume that the thermal efficiency of the reversible heat 
engine is less than that of the irreversible one. Let us choose the amount of the working substance in the 
reversible engine such that the work done in one cycle is the same as the work done by the irreversible engine. 
Using (P2.2.2.8) and the above assumption, we can write the thermal efficiency inequality as A/Q < A/Q”, 
or QY > Qi’. Now let us revert the operation of the reversible engine so that its work is consumed by the 


irreversible engine. In one cycle, the combined engine produces zero work and the hot reservoir receives the 


energy Q1 — Qi’ > 0 completely extracted from the cold reservoir. We have come to a conclusion that 


contradicts the Clausius formulation of the second law. 


Since we know the thermal efficiency of a Carnot engine, the one that runs on an ideal 
gas (see (P2.2.3.5)), we can rewrite Carnot’s theorem as 


Q-Q: . 7,-T Qi Qo 
A a r a (P2.3.2.1) 
Qı Tı T, h 


The equality corresponds to a reversible Carnot cycle. 


> Thermodynamic temperature scale. Carnot’s theorem allows us to introduce a tem- 
perature scale that does not depend on the properties of specific bodies involved. The 
temperature ratio of two bodies can be determined by connecting them with a reversible 
Carnot engine. Since the ratio Q1/Q2 depends only on the two temperatures, it can be 
taken to be equal to the ratio of the thermodynamic temperatures: 01/02 = Q1/Q2. As seen 
from (P2.3.2.1), the ratio of the thermodynamic temperatures equals that of the ideal gas 
temperatures (in the range where the gas scale is defined). 


P2.3.3. Calculation of the Internal Energy 


> Relation between U and V. The second law of thermodynamics allows us to derive 
the important formula for the internal energy of a simple system 


oU Op 
== = T| — = P2.3.3.1 
(av). (7). P» e 


which cannot be obtained based on the first law only. 


Figure P2.2. Infinitesimal Carnot cycle. 


Let us derive formula (P2.3.3.1) from Carnot's theorem. Consider a very small (infinitesimal) reversible 
Carnot cycle for a simple system and plot it in the pV-coordinates. The work done by the system in one 
cycle, equal to the area of the small parallelogram (Fig. P2.2), will not change if we replace the adiabatic 


curves by vertical segments, whose lengths equal (2) AT. Multiplying by the height AV gives 0A = 
V 

(2) ATAV. The heat absorbed at the top isotherm is equal to 0Q; = AU +p dV = (57) AV+pAV, 

i T 
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where AU has been substituted by its expression (P2.2.2.5) at constant temperature. From Carnot's theorem 
and equation (P2.3.2.1) we get 


Op 
== ATAV 
SA AT ear AT 
dQ1 as OU US 
(57), +» a 


which immediately leads to (P2.3.3.1). 


Below are a few examples illustrating the application of formula (P2.3.3.1). 
1 
Example 1. Internal energy of an ideal gas. Let us substitute the equation of state p = y HL into 


(P2.3.3.1) to obtain (57) = 0, which means that the internal energy is independent of volume. 
T 


Example 2. Internal energy of a van der Waals gas. Expressing pressure from the equation of state 


a 
(P2.1.2.2) and substituting into (P2.3.3.1), we obtain (5) = oe, It follows that 
OV/r V? 
av? 


pa NV. 


dU = Cy dT + 


Furthermore, we have 


ARI 


which means that Cv is independent of volume. For the temperature range where Cy is weakly dependent 


on T’, we can write 


av? 


Example 3. General formula for Cp — Cy. Substituting (P2.3.3.1) into (P2.2.2.6) and taking pressure 


to be constant, we find 
Op OV Op av Y 
= = J — = = = EE E > . 


p 
(We have used the relation for the derivatives given at the end of Subsection P2.1.2.) This inequality follows 


from the condition of mechanical stability (2) < 0. 
T 


P2.4. Entropy 
P2.4.1. Clausius Inequality 


Inequality (P2.3.2.1) is a special case of the Clausius inequality, which holds for any 
thermodynamic cycle. If a system absorbs, in a thermodynamic process, some quantities 
of heat Q1, ..., Qy from external reservoirs having temperatures T; a Te then the 
following inequality holds: 


N 
2 <0 or p <0. (P2.4.1.1) 


For a reversible process, the inequality becomes equality and the temperature of the 
reservoir with which the system is in thermal contact at the given point of the cycle is equal 
to the temperature of the system: 7° = T. In this case, 


5Q 
$ z=. (P2.4.1.2) 


Equation (P2.4.1.2) serves to define another function of state —entropy. 
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P2.4.2. Definition of Entropy 


The Clausius equation for a reversible cycle (P2.4.1.2) can be reformulated as the condition 


A 


to be independent of the equilibrium path by which the system passes from state A to 
state B. This allows one to define a state variable, entropy, as 


2 5Q Je 
Sp-Sa= | =, dS=(=) | P2.4.2.1 
ais IF Tla l ) 
To be precise, this relation defines the entropy difference between two states. If there is 
no heat supply in an equilibrium process, entropy does not change; so an adiabatic process 
can be called isentropic. For a simple system in an equilibrium process, the first law of 
thermodynamics (P2.2.2.3) acquires the form 


T dS = dU +pdV. (P2.4.2.2) 


Since 0@ = T dS for any equilibrium process, it is convenient to plot equilibrium processes 
and cycles in the T S-coordinates, where the area under the curve T(S) equals the quantity of 
heat received. For example, a Carnot cycle is represented by a rectangle in 7T S-coordinates. 


> Examples of entropy calculations. 


Example 1. Process with constant heat capacity. The entropy change corresponding to the temperature 


change from 7; to 7> equals 
Car T» 
= 51 = —— =Cln| =>). P2A23 
S2- Sı I a cn( Z) ( ) 


Example 2. Entropy of an ideal gas. Substituting the internal energy equation for an ideal gas (P2.2.3.1) 
into (P2.4.2.2) and taking into account the equation of state pV = y RT’, we obtain 
dT’ dV 


dS = VOY + va, 


_ m h V 
S2 — 61 =1 (cp in( = ) +Rin( 2) | 


Sometimes, entropy is written as S = v(CYy In T + R In V), bearing in mind that an entropy difference actually 
arises in applications. 


(P2.4.2.4) 


Example 3. Entropy of a van der Waals gas. Substituting (P2.3.3.2) into (P2.4.2.2) and taking into 
account the equation of state (P2.1.2.2), we obtain 


2 
as = vop = oa 


p = mall vRdaV 
we Y 
S=v[CyInT + RIn(V -vd)]. 


P2.4.3. Direction of Non-Equilibrium Processes in a Thermally 
Insulated System 

Consider a non-equilibrium process that takes a system from an equilibrium state 1 to an 

equilibrium state 2. Let us set up a cyclic process by returning from 2 to 1 using any 


equilibrium process. Writing down the Clausius inequality (P2.4.1.1) for this cycle and 
taking into account the entropy definition (P2.4.2.1) for the equilibrium process, we get 


2 
J oq < 57-51. (P2.4.3.1) 
1 T° 
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If the non-equilibrium process occurs in an adiabatic envelope, then the left-hand side 
vanishes and then 


S2 2 51, (P2.4.3.2) 


which means that entropy does not decrease in any process without heat supply. The 
equilibrium state of a thermally insulated system corresponds to the maximum of entropy. 


> Examples of non-equilibrium processes. 


Example 1. Heat exchange. Consider heat exchange between two bodies having initial temperatures T; 
and T and identical heat capacities C. From the heat balance equation it follows that the bodies will reach the 
same equilibrium temperature {f = iT + 12). Moreover, according to (P2.4.2.3), the entropy change of the 


system will be positive: 
Tr Ts Tr 
A = ] — l — = l 0; 
S cm( $) +cm( 2) cm( 7) > 


the argument of the logarithm is greater than one, since the arithmetic mean is greater than the geometric mean. 


Example 2. Expansion of an ideal gas into a vacuum. The internal energy and, hence, temperature of 
an ideal gas remain constant when it expands into a vacuum. The entropy change can be found from (P2.4.2.4): 


S2- Sı =vRlIn (2) : (P2.4.3.3) 


1 


Entropy increase in adiabatic expansion into a vacuum (volume increase under constant internal energy) can be 
proved for any simple system. If S in (P2.4.2.2) is treated as a function of U and V, then (57). = = > 0 

Example 3. Gas mixing. Consider a thermally insulated container divided by a partition into two equal 
compartments each containing one mole of an ideal gas under the same temperatures and pressures. When the 
partition is removed, the gases mix with each other. As follows from (P2.4.3.3), the entropy of the system is 
increased by 2R In 2 (entropy of mixing). If the gases are different, the initial state of the system is different 
from the final state; the gases can be separated again by doing work on special pistons letting through only one 
sort of molecules. However, if the gases are identical, the initial and final states of the system are the same, and 
hence the entropy must not change. The absence of a continuous transition when nearly identical molecules 
are replaced by completely identical ones is called the Gibbs paradox. 


P2.4.4. Statistical Meaning of Entropy 


Boltzmann’s entropy formula relates the entropy S of a macroscopic state of a system to the 
statistical weight W of this macrostate (or the number of microstates corresponding to the 
given macrostate): 


S=kInW, (P2.4.4.1) 


where k is the Boltzmann constant. The greater W, the higher the probability of the 
macrostate; in non-equilibrium processes, the systems goes from less probable states to more 
probable states. The logarithm provides for the additivity of entropy: the statistical weight 
of a system consisting of two independent subsystems equals the product of their statistical 
weights. (For more details about the statistical meaning of entropy, see Subsection P7.1.1. 


Example. Identity of particles and the Gibbs paradox. To illustrate the application of formula 
(P2.4.4.1), let us calculate the spatial part of the entropy of an ideal gas. Imagine that the whole vol- 
ume V of the system is divided into small cells of volume v. The corresponding number of indepen- 
dent states equals W = (V/ v)", where N is the number of molecules in the gas. Then the entropy is 
S = kln W = kN In(V/v) = vRIn(V/v). Quantum statistics states that two identical particles are indistin- 
guishable in principle, which means that W must be divided by the number of permutations N !. Finally, the 
spatial part of the entropy becomes S = kN In(V/Nv). It can be seen that this approach allows us to resolve 
the Gibbs paradox. 
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P2.4.5. Third Law of Thermodynamics 


The third law of thermodynamics (also known as Nernst’s theorem) states that as a system 
approaches absolute zero, its entropy tends to a certain constant value independent of the 
values of other thermodynamic parameters. The entropy of a system at T’ = 0 is commonly 
taken to be zero. From the statistical viewpoint this is explained as follows: at 7’ = 0, the 
system is in its lowest energy state whose statistical weight is very low (close to 1) and, 
by Boltzmann formula (P2.4.4.1), the entropy is negligibly small. It follows from this law 
that as 7’ — 0, the heat capacities Cy and Cp of the system as well as its thermal volume 
expansion and pressure coefficients, œa and 5, tend to zero. 


P2.4.6. Thermodynamic Potentials 


> System in a thermostat. Consider a change in the state of a system that is in a thermal 
contact with a thermostat having a constant temperature 7’. The system will have the same 
temperature at its initial and final equilibrium states. With 7 = const and after a sequence 
of transformations 


Q/T<$.-S,; = (W)-U;)+ASTS2-TS}, 
inequality (P2.4.3.1) becomes 
(01 — T'S) —(U2 - T'S) = A (P2.4.6.1) 

> Helmholtz free energy. With the new state variable 

F=U-TS, (P2.4.6.2) 
called the Helmholtz free energy, inequality (P2.4.6.1) becomes 

Fi- h 2 A. 
If the volume of the system does not change in a non-equilibrium process, then 

PST 


and so the free energy does not increase. This fact can be rephrased as follows: an 
equilibrium state of a system of constant volume that is in thermal contact with a thermostat 
corresponds to the minimum of the free energy. For an equilibrium process, both inequalities 
above become equalities. 

If a system placed in a thermostat and having constant volume is used to produce some 
“useful” work (e.g., by connecting internal moving parts of the system with external bodies), 
then the maximum work done by the system as it passes from state 1 to state 2 is equal to 


Amax = Fi - Ez, 


with the maximum work being done in a completely reversible equilibrium process. This 
is why this thermodynamic function is called free energy. 
From formulas (P2.4.6.2) and (P2.4.2.2) it follows that 


dF =-S dT —pdv. (P2.4.6.3) 


Therefore, the natural variables to express free energy are volume and temperature: F' = 
BV ,T). 
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> Gibbs free energy. Suppose that a thermodynamic system is placed in a thermostat 
and is in mechanical contact (e.g., through a light piston or a flexible envelope) with 
the environment that has a fixed pressure p (the system will have the same pressure in 
the equilibrium state). Then the work done by the system to change its volume equals 
A = p(V2 — V¡). From (P2.4.6.1) we get 


E,+pV,>H+pV o  G¡>G», (P2.4.6.4) 


with 
G=F+pV=U-TS+pV. (P2.4.6.5) 


The new thermodynamic function G is called the Gibbs free energy. It does not increase 
in non-equilibrium processes and remains constant in completely reversible equilibrium 
processes. The minimum of G(p, T) corresponds to an equilibrium state. The maximum 
“useful” work that the system can perform (1.e., the total work minus the work done to 
change the volume of the system) equals 


Amax = Gy — G2. 


Since 
dG = —S dT + V dp, (P2.4.6.6) 


the natural variables for the Gibbs free energy are pressure and temperature: G = G(p, T). 


> Chemical potential. If the pressure and temperature are kept constant, the Gibbs free 
energy is proportional to the quantity of substance: G(p, T, m) = mg or G(p, T, N) = Nu, 
where g is the specific Gibbs free energy and u is the thermodynamic potential per molecule, 
or the chemical potential. (Sometimes, the chemical potential per mole is used.) 


> Canonic equations of state. Natural variables. Although the functions U, H, F, 
and G, called thermodynamic potentials, can be expressed in terms of any independent 
variables, there are so-called natural variables associated with each of them. These are 
S and V for internal energy, S and p for enthalpy, V and T for Helmholtz free energy, and 
p and T for the Gibbs free energy. Below are the definitions and the differentials of the 
above functions listed together: 


dU =T dS -pdV +udN; 
H=U+pV; dH =TdS+Vdp+ udN; 
F=U=T5: dF =-=SdT —pdV +udN; 
G=U+pV-TS; dG=-SdI' + Vdp + udN. 


(P2.4.6.7) 


Note that each differential has the additive term u dV, which shows the dependence of each 
function on the number of particles in the system. The expression of a thermodynamic 
potential in terms of its natural variables is called a canonic equation of state. Given 
a canonic equation, one can obtain both the thermic, p = p(V, T), and caloric, U(V, 15, 


OF 
equations of state. For example, (7), gives the expression for p(V, T) and also, having 
OF 
expressed S(V, 7’) = -(= one finds U(V,7)=F+T7'S. 


> Maxwell’s identities. By equating the cross derivatives of any thermodynamic function 
with respect to any two variables, one can obtain useful thermodynamic relations, called 
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Maxwell’s identities. Below are Maxwell’s identities for the thermodynamic potentials: 
le 
V/s  XOS/vV' 


(P2.4.6.8) 


OU ; 
Example 1. With Maxwell ’s identities, it is quite easy to obtain the formula for (=) that was derived 


in Subsection P2.3.3 using an infinitesimally small Carnot cycle. The first equation in (P2.4.6.7) gives 


CH S 


Inserting the third identity in (P2.4.6.8), we arrive at the desired formula. 


Example 2. Find the quantity of heat required for 1 kg of mercury to be isothermally compressed from 
1 atm to 10 atm. The thermal volume expansion coefficient a = 1.8 x 10*K” and the mercury density 
p = 13.55 x 10° kg m” are assumed to be unchangeable. 

Solution. It follows from the last Maxwell ’s identity in (P2.4.6.8) that 


Q=TAS = (57), Ar = (5) Ap = IV— (SF) Ar = E TaAp =-3.6J. 


P2.5. Kinetic Theory of Ideal Gases 
P2.5.1. The Basic Equation of the Kinetic Theory 


> Pressure of an ideal gas. From the viewpoint of kinetic-molecular theory, a gas is 
considered ideal if the potential energy of interaction among its molecules is negligible 
as compared to the kinetic energy and the molecule size is negligible as compared to the 
average distance between the molecules. The pressure on the walls of the container results 
from numerous elastic collisions of the molecules with them. (The collisions can be treated 
as elastic, on the average, since the gas is in thermal equilibrium with the walls.) The basic 
equation of the kinetic theory of an ideal gas expresses pressure in terms of the mean square 
velocity of the molecules: 


p= +npv) = snmoiv-) z Zn(Etrans) (P2.5.1.1) 


where n = N/V is the number of molecules per unit volume, mg is the mass of one molecule, 


p = Mov is its momentum, and (Etrans1) = (mov?) is the mean kinetic energy of translational 
motion of a molecule. 

If the relation between energy and momentum is other than classical, then the expression 
in (P2.5.1.1) is different. For example, |p| = e/c for a photon (see Subsection P1.10.3). As 
a result, pressure is expressed as 


p = nle) (P2.5.1.2) 


for a photon gas. 
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> Number of collisions against the wall. The number of molecules, AN, hitting a wall 
region of area AS in time At equals 


AN nu) 
ASAt 4° 


Calculation formulas. Formulas for the transfer of the number of molecules, momentum, energy, etc. 
through a small area are obtained by dividing molecules into groups and calculating the contribution of each 
group. One of the most common approaches is to group molecules having nearly the same velocity, v. Consider 
the group of molecules having velocity magnitudes in the range from v to v + dv in a solid angle dQ. The 
number of molecules in this group per unit volume equals dn(v, v + dv; dQ) = dn(v, v + dv) dQ/47. In order 
to find how many molecules in this group pass through a plane region of area AS in time At, we should 
construct an oblique cylinder based on this region (Fig. P2.3) whose generatrix has the length vAt and make an 
angle 0 with the x-axis. The molecules from the group concerned that belong to this cylinder only will reach 
its base in time At. Integrating first with respect to angles (dQ = sin 0 d0 dy) and then with respect to v, one 
can obtain formulas (P2.5.1.1), (P2.5.1.3), and others. For example, the energy transferred through area AS in 
time At is expressed as 


(P2.5.1.3) 


AE 


2 


00,3 3 
MON AS At / v dniu, v+ dv) _ moro as At. (P2.5.1.4) 
0 n 


3 
J 2 dn(v,v + dv) e (AS vAt cos 0) 
T 


Figure P2.3. To the calculation of the number of molecules passing through a region of area AS in time At. 


P2.5.2. Temperature and Energy of an Ideal Gas 


> Temperature definition in kinetic theory of gases. It is proved in kinetic theory of 
gases that if two subsystems (consisting of identical or different molecules) can exchange 
energy, their mean kinetic energies of translational motion per molecule are equal to each 
other in equilibrium. Based on this fact, kinetic theory of gases defines temperature as a 
quantity proportional to the average kinetic energy of translational motion of molecules: 


3 
(Etransl) = ake, (P2.5.2.1) 


where k is the Boltzmann constant. The proportionality coefficient is chosen so that the 
equation of state of an ideal gas, 


N 
p=nkT = KT, (P2.5.2.2) 


obtained from the basic equation (P2.5.1.1) and the temperature definition (P2.5.2.1), coin- 
cides with equation (P2.1.2.1), where the gas temperature scale 1s used. 
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> Root mean square velocity. Using (P2.5.1.1) and (P2.5.2.1), one can calculate the root 
mean square velocity of translational motion of molecules: 


Une aul oo) = Do Ae ou (P2.5.2.3) 
Vp Vm Vu 


where p = mon is the gas density. 


> Internal energy of an ideal gas. The number of degrees of freedom of a molecule, 2, is 
an important characteristic of an ideal gas. A monatomic molecule has only three degrees of 
freedom; these correspond to translational motion in three spatial coordinates: 2 = trans = 3. 
A rigid diatomic molecule has two additional, rotational degrees of freedom, associated with 
the rotation about two axes perpendicular to the axis of the molecule: t= trans +trot =3+2=5. 
A rigid multiatomic molecule (whose atoms are not collinear) has three rotational degrees of 
freedom, and therefore 2 = 6. Classical statistical physics proves the equipartition theorem 
(also known as law of equipartition). According to this theorem, an average energy of skT 
per molecule is associated with any degree of freedom to which there corresponds a term 
like ax? or 3&7 in the expression of the molecule energy. Formula (P2.5.2.1) is in complete 
agreement with this theorem. Accordingly, the average energy per one molecule and the 
total internal energy of the gas are expressed as 


eye mk, VENOS S nev RT’. (P2.5.2.4) 


The physical number of degrees of freedom, ?phys, for rigid molecules coincides with the 


mathematical one. However, at sufficiently high temperatures (T ~ 10° K), when molecules 
can no longer be treated as rigid and vibrational energy must be taken into account, an 
average energy of kT will be associated with each vibrational degree of freedom. As a 
result, the total number of degrees of freedom becomes tphys = transi + trot + 22wip, Where iyib 
is the mathematical number of vibrational degrees of freedom in a molecule. For an s-atom 
molecule, ivib = 35 — (ttransı + trot). In particular, for a nonrigid diatomic molecule, we have 
(een =6-(3+2) =1 and ?phys =3+2+2x1=7. 


> Heat capacities of an ideal gas. Using (P2.5.2.4) and the definitions of heat capacities 
at constant volume and constant pressure as well as adiabatic index (see Subsection P2.2.3), 
we find that 


Uphys Uphys +2 Cp Uphys +2 
mo PERT, Ccr=*%- rr, eat ea aa A 


= P2525 
2 p 2 bl Cy Uphys l 


At room temperatures, the heat capacity follows the model of rigid molecules; the rotational degrees of 
freedom are not excited, or, as is often said, “frozen.” However, at temperature increases to ~ 10° K, the heat 
capacity begins to increase, that is, vibrational degrees of freedom “unfreeze.” Furthermore, as temperature 
decreases to several tens of kelvins, the rotational degrees of freedom “freeze out,” which results in decreasing 
heat capacity. The phenomenon of freezing-out of degrees of freedom is explained by quantum mechanics: if 
the average energy of thermal motion, kT, is small compared to the distance to the nearest discrete energy 
level, the kind of motion concerned is not excited. 


> Mixture of ideal gases. Dalton’s law reads: the pressure of a mixture of ideal gases 
equals the sum of their partial pressures. In particular, for two gases, 
p = pi +p = (n + m)KT = (1 +19)RT. 


The internal energy of a mixture equals the sum of the internal energies of its components: 
= 5411 RT + Fizn RT. This formula allows us to introduce the so-called effective 
number of degrees of freedom, 2(v1 + n) = 2111 + 421%, effective molar heat capacity, 
(11 + 19)C,, =11C ¡1 + 12C 2, and effective molar mass, (1) + v)u = vi Hi + vpz. 
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P2.5.3. Maxwell's Distribution 


> Definition and properties of distribution functions. The distribution of molecules 
over their velocities 1s characterized by the following functions: 


dn(Ur, Uy + Uy) 


pP(UY) dv, = RÁ, 
n 
O = (P2.5.3.1) 
n 
A Oe AN(VL, Ve + dg; Vy, Uy + AVY5 Vz, Vz + dvz) | 


n 


The definition of each of the distribution functions is based on the assumption that the 
fraction of molecules that fall (on the average) within a very small interval of a given 
variable (e.g., velocity, its projection onto an axis, energy, etc.) is proportional to the width 
of this interval. Note that dv denotes a physically very narrow, rather than mathematically 
infinitesimal, interval but wide enough to contain a large number of molecules. The mean 
fraction of molecules having a certain property (e.g., having velocities within a given 
interval) can be treated as the probability that an arbitrary molecule possesses this property. 
Therefore, a distribution function is sometimes referred to as a probability density function. 

Listed below are properties of a distribution function (exemplified by f(v)). 

1. The fraction of particles (probability) having velocities within a finite interval (v1 , v2): 


Att) f soya 


2. Normality: 
/ fu) du = 1. (P2.5.3.2) 
0 


3. Computation of the average of any function y(v): 


Odo) = / x(w) f(v) dv. (P2.5.3.3) 
0 
The three distribution functions defined in (P2.5.3.1) are related by 


fu) = Dwr, — Dwr, Vy, Vz) = Vx) (Vy pwz). 


The function y is even, and hence one can write y = (v2). The function ®(v) depends on 
y= ve +v +9 only. The relation between © and ọ is satisfied only if p(v,) = A exp(=C v2). 
The coefficients A and ¢ are determined from two conditions: (a) the normality of y and 


(b) the requirement that (v~) = $v) = kT'/mo; see (P2.5.2.3). Thorough calculations give 


mo \3/2 mov 
FO) = Core ore (- 2kT Jam”. 
The latter expression is referred to as Maxwell’s distribution (Fig. P2.4). The func- 
tion f(v) attains its maximum at Ump = QkT/ mo)! 2. which is called the most probable 
velocity. The value of f(v) at this point is f(Ump) = Ae (2rkT / moy Y 2 For example, it 


(P2.5.3.4) 
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Figure P2.4. Maxwell’s distribution function. 


follows that if T increases by a factor of 4, the most probable velocity doubles and the value 
of the function, f(Ump), is halved; note that the area under the curve f(v) is equal to one. 
The average velocity (arithmetic mean) of molecules is calculated by (P2.5.3.3): 


SI = EE = |= 
0 TIN Tp 


The distribution of molecules over the energies of their translational motion is deter- 


mined by 
_ ante, e +de) 2 € E E 
M rr) y rr) 


Useful integrals. In calculating averages using Maxwell’s distribution, the following integrals often arise: 
Tas SE xr” exp61?) dx (n =0,1,2,...). The first two integrals are Jy = tJ oi? and J; = +B". Other 


integrals can be calculated by differentiating Io or J, with respect to 3. For example, h = -—~ = =./7 ga = 


P2.5.4. Boltzmann’s Distribution 


> Boltzmann’s distribution. If a gas is in an external force field, the concentration 
of molecules depends on the spatial position. It can be obtained from the condition of 
mechanical equilibrium of the gas that 


(P2.5.4.1) 


Ep(r) E Ep(ro) 
kT ? 


n(r) = n(ro) exp - 


where ep(r) is the potential energy of a molecule in the external field. Formula (P2.5.4.1) 
is known as Boltzmann’s distribution. The barometric formula 


h 
p(h) = n(h)kT = po exp (E) , Where n(h) = no exp (- 


mogh 


oa i (P2.5.4.2) 


is a special case of Boltzmann’s distribution. 


Let us illustrate the derivation of Boltzmann’s distribution using the barometric formula as an example. 
The equilibrium condition for a vertical cylinder with the base area s and height dh in the field of gravity is: 
. l _ a l 
s dp = —p(s dh)g. Then, using the equations p = nkT' and p = mon, we obtain T = E n. Integrating 
yields the barometric formula. 


> Maxwell-Boltzmann distribution. Both Maxwell's and Boltzmann’s distributions, 
(P2.5.3.4) and (P2.5.4.1), contain the expression exp(—£/kT). The combined Maxwell- 
Boltzmann distribution expresses the probability that an arbitrary molecule from a container 
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with N molecules is in the spatial region (x, x+dx; y, y+dy; z, z+dz) and has the velocity 
within (vz, Ur + dg; Uy, Uy + dy; Uz, Uz + duz): 


dN d d’? $ 

y” oe = O dir dy = Ap 5) raw, (P2.5.4.3) 
where dr = dx dy dz, Py = dUz duy duz, E = timov? + Ep(r) is the mechanical energy of a 
molecule, A is a coefficient that can be found from the normality condition. The Maxwell— 
Boltzmann distribution applies to any kinds of molecule energy: rotational, vibrational, 
potential, angular orientation dependent, and others. 


P2.6. Real Gases. Van Der Waals Equation 
P2.6.1. Isotherms of a Real Gas 


> Low temperatures, T < Te. If the gas temperature is less than the critical temper- 
ature (see below), then the following processes occur in equilibrium isothermal volume 
contraction (Fig. P2.5): 


Figure P2.5. Isotherms of a real gas. ACB is the region of two-phase equilibrium. 


1. Pressure increases to the point A. If temperature is well below the critical tempera- 
ture, then the ideal gas law works well up to the point A. 

2. Pressure does not change along AB. Some liquid emerges in the container; it is 
separated from the gas by a clear interphase surface. A gas which is in thermodynamic 
equilibrium with its liquid phase is called a saturated vapor. The liquid-to-gas mass ratio 
at a point D on the segment AB equals the ratio between the lengths of the segments 
AD and DB: Mjq/Myap = AD/DB. The isotherm portions AL; and LB correspond to 
metastable states, or states at which the system can remain for some time but then quickly 
passes to a stable state on the segment AB. A gas and liquid in a metastable state are 
called a supercooled vapor and superheated liquid (at constant pressure). The existence 
of metastable states is accounted for by the fact that the formation of tiny nuclei of a new 
phase (liquid in vapor or vapor in liquid) requires a considerable amount of energy, known 
as surface energy (see Subsection P2.8.1). 

3. After the point 6, pressure sharply increases. There is only the liquid phase in the 
container. 
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> Critical temperature, T = Te. The higher the temperature, the shorter the horizontal 
portion of the isotherm. At some critical temperature, T., it reduces to a mere point, C’, the 
inflection point of the isotherm (Fig. P2.5). The pressure at the critical point 1s called the 
critical pressure, pe, and the volume of a single mole of the gas is called the critical molar 
volume, Vz. 

> High temperatures, T > Tę. For higher temperatures, T > T}, the isotherm is a 
smooth monotonic curve. The region above the critical isotherm is called the true gas (it 
cannot be isothermally transferred to a liquid + vapor state). The region below the critical 
isotherm consists of three subregions: liquid, unsaturated vapor, and liquid + saturated 
vapor. It is possible to pass (non-isothermally) from the vapor region to the liquid region 
without entering the liquid + vapor region. So gas and liquid differ from each other by only 
quantitative characteristics. 

The critical parameters of some substances are shown in the table below. 


TABLE P2.1 
Critical parameters of some substances. 


DONE ION IEC EI 


P2.6.2. Van Der Waals Equation 


> Van der Waals equation. The equation of state for one mole of a van der Waals gas is 


(V, —b) (> + =) = RT. (P2.6.2.1) 
Vi 


Note that equation (P2.1.2.2) from Section P2.1 for y moles is obtained by substituting 
V,, = V/v. The positive constant b reflects the fact that not all of the container volume is 
available for the motion of molecules due to their own volume. This constant is taken to 
be the total volume of all molecules multiplied by four: b = 4Na x end, where d is the 


diameter of a molecule. The term a/ v? reflects the fact that the total pressure decreases 
due to mutual interaction of molecules. This can be clearly seen from the expression of the 
internal energy of a van der Waals gas: U = Cuy T -a/V,. 
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The average potential energy of interaction among the molecules is characterized by a model expression 
containing two terms, first corresponding to strong repulsion at small distances (~ 10% m) and second 
corresponding to van der Waals attractive forces at large distances (Fig. P2.6): 


a P 
PO p2 76 
The minimum of Ep corresponds to the average inter-molecule distance in the absence of thermal motion. For 
kT < Emin, the motion of molecules reduces to vibrations about the bottom of the potential well (solid state). 
The case kT’ ~ Emin corresponds to liquid state and the case kT >> Emin corresponds to gaseous state. Since 
the left branch of the potential curve, corresponding to repulsion, is nearly vertical, the minimum distance to 
which molecules approach each other before rebounding is weakly dependent on their average translational 
energy (see also Subsection P1.5.4). 


E See tend 


transl 


Figure P2.6. Potential energy of interaction of molecules. 


> Van der Waals isotherms. Figure P2.7 depicts isotherms predicted by the van der 
Waals equation (P2.6.2.1). At temperatures below the critical value, the isotherms have 
two extrema, Kı and K2. However, for the path AK, 2B of a subcritical isotherm, 
the condition of mechanical stability, (Op/OV)r < O, is violated. In fact, the transition 
between the points A and B occurs along a horizontal line. According to Maxwell’s rule, 
the position of the segment AB is determined by the condition that shaded areas must be 
equal. Otherwise, the isothermal cycle AK K2 BA would perform work, which contradicts 
the second law of thermodynamics. The portions AX; and KB correspond to metastable 
states. 


Figure P2.7. Van der Waals isotherms. 


> Calculation of critical parameters. At the critical point, the following two conditions 


hold: r 
Op Op 
==> 1.20 — =0. P2.6.2.2 
( OV ), OV? 
Expressing p from (P2.6.2.1) and substituting into these equations, we find that 
1 8 
Vo = 36, Pe = ss k 


270° ° 27 BR 
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The critical parameters satisfy the relation p.V. = RT. By introducing the reduced state 
variables v = V/Vo, 7 = p/p¿, and 0 = T/T, one can rewrite the van der Waals equation 


(P2.6.2.1) as i ; 
(v-1) (n+ 2) = 8s 


This equation is the same for all gases. It follows that the van der Waals equation satisfies 
the experimentally established principle of corresponding states. This principle asserts that 
if two respective reduced state variables for two gases coincide, the third will also coincide. 
This law is obeyed very well by most real gases. 


P2.7. Phase Equilibrium. Phase Transitions 
P2.7.1. Conditions for Phase Equilibrium 


> Phase. A phase is a part of a system which is homogeneous in its physical and 
chemical properties. The same substance can be in different phases, although its chemical 
composition does not change. Examples of a two-phase system are: liquid+saturated vapor, 
solid + liquid, and solid + vapor. 


> Three equilibrium conditions. For the phases of a system to be in equilibrium, the 
following conditions must hold: (1) the pressures must be equal (mechanical equilibrium), 
(2) the temperatures must be equal (thermal equilibrium), and (3) the chemical potentials 
must be equal (equilibrium with respect to interphase transitions). The last condition 
corresponds to the minimum of the Gibbs free energy G = uıNı + (NW — Nj) (see 
Subsection P2.4.6) with respect to the number of molecules in one of the phases, N1. 
For a simple system, the condition u:(p, T) = pap, T) determines the equation of the 
two-phase coexistence curve p(T), a simple two-phase system has only one degree of 
freedom. In particular, the pressure of a saturated vapor, determined by the horizontal 
portion of the isotherm (see Subsection P2.6.1), is a single-valued function of temperature 
(the evaporation—condensation curve). The same applies to the dependence of the melting 
temperature on the external pressure (the melting-freezing curve) and also to the temperature 
dependence of the vapor pressure over a solid surface (the sublimation—deposition curve). 


> Triple point. Figure P2.7 depicts a schematic phase diagram for water, which includes 
the three phase-equilibrium curves: evaporation—condensation (I), melting—freezing (II), 
and sublimation—deposition (III). The point of intersection of the three curves is called the 
triple point (for water, T3 =0.01°C and p3 =610.5 Pa). The conditions Hyap(p, T) = uri (p, T) 
and [Wig(p, T’) = Usoi(p, T) must hold simultaneously for a three-phase system to exist. The 
pressure and temperature, identifying the triple point, are determined uniquely by these 
conditions. 


Figure P2.7. Phase diagram for water. 
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P2.7.2. First-Order Phase Transitions 


> Transition heat and entropy. In order to transfer a portion of substance of mass m in a 
two-phase system from one phase to the other, the quantity of heat Q = mq must be supplied 
(or removed) in an equilibrium isobar-isothermal process. This quantity of heat Q is called 
the phase transition heat or latent heat; the quantity q is the specific phase transition heat 
or specific latent heat. When a substance changes to a new phase, its entropy changes by 
AS =Q/T =mq/T and the internal energy, by AU = mq — mpAv, where v = V/m is the 
specific volume. The quantity As=q/T is called the specific entropy of the phase transition, 
and Au = g—pAv is the change in the specific internal energy at the phase transition. 

A transition between phases in a two-phase system in which some heat is absorbed or 
released and an abrupt change in internal energy, entropy, density, volume, etc. occurs is 
called a first-order phase transition. This name is due to the fact that the first derivatives of 
the Gibbs free energy, S =—(OG'/OT), and V = (OG /ðp)r, experience a jump discontinuity. 


> Clausius—Clapeyron relation. If the temperature of a two-phase system is changed, 
then its pressure will adapt so that the chemical potentials (or the specific Gibbs free 
energies) of the phases remain the same: dg; = dg, or —s; dT + v, dp = -s2 dT + v2 dp (see 
Subsection P2.4.6). It follows that the slope of the phase equilibrium curve equals 


do As q 

— = — = —_., P2.7 261 

dr Av TAv l ) 
This equation is referred to as the Clausius—Clapeyron relation. 


Example 1. For the ice—water phase transition at atmospheric pressure, the melting temperature is 273 K, 
q = 3.34 x 10° J/kg, and vw — vi = 0.91 x 10* m?/kg. Consequently dp/dT = -1.1 x 10’ Pa/K. The minus 
sign reflects the anomalous property of water: its density increases in melting. 


Example 2. If heat is continuously supplied to a liquid, intensive evaporation begins across the whole 
volume when the temperature attains the value at which the saturation vapor pressure equals the external 
pressure. This process is called boiling. Equation (P2.7.2.1) determines the dependence between the boiling 
temperature and external pressure. Neglecting the specific volume of the liquid and expressing the specific 
volume of the vapor from the ideal gas law v = A we arrive at the approximate equation El EELA 

Hp dr RTS 
In particular, for water (yu = 18 g/mol) at atmospheric pressure (p = 10° Pa), we have the boiling temperature 


d 
T = 373 K and the specific latent heat of evaporation q = 2.26 x 10° J/kg. If follows that Sr = 3.5x 107 Pa /K. 


> Second-order phase transitions. In a second-order phase transition, density, internal 
energy, and entropy (the first derivatives of the Gibbs free energy) are changed continu- 
ously, while the various derivatives of these thermodynamic functions (such as heat capacity, 
compressibility, dielectric constant, magnetic permeability, etc.) experience a jump discon- 
tinuity or show critical behavior (tend to infinity when approaching the transition point). 
The name is due to the fact that the second derivatives of the Gibbs free energy experi- 
ence a discontinuity. Examples of such transitions are the paramagnetic-to-ferromagnetic 
transition at the Curie point, transition of liquid helium to the superconducting state, super- 
fluid transitions, etc. A second-order phase transition occurs at the whole volume at once 
and is associated with a qualitative change in the internal structure (such as appearance of 
additional symmetries or loss of some symmetries). 


P2.8. Surface Tension 
P2.8.1. Surface Energy 


> Surface tension coefficient. Molecules at the surface of a liquid possess higher potential 
energy as compared to molecules in the bulk, since the former have fewer “neighbors,” the 
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energy of interaction with which is negative (see Fig. P2.6). At constant temperature, the 
additional energy is proportional to the surface area, 2,: 


Fue =0 (DE, (P2.8.1.1) 


where ø is the surface free energy per unit area, called the surface tension coefficient. 

In an equilibrium isothermal change of a rectangular area on the surface, the work 
done by external forces equals the change in the Helmholtz free energy (P2.4.6.2). So 
A = AFsrf = cA’ = oLz, where L is the rectangle side and x is its displacement. It 
follows that a surface tension force acts on the rectangle side which is perpendicular to the 
side and tangent to the liquid surface: 


Jn OL. (P2.8.1.2) 


In equilibrium, the Helmholtz free energy is minimum and, hence, a liquid of a liquid film 
tend to minimize their surface. For example, a drop of liquid tends to a spherical shape at 
Zero gravity. 


> Thermodynamics of surface layer. Since F%,,;¢ is a function of 7’ and 2’, then dFyur¢ = 


d 
odè + s dT. It follows, taking into account (P2.4.6.3), that the surface layer entropy 


and internal energy as well as the heat absorbed by the layer under isothermal area extension 
are expressed as 


do do do 
= AA = = = — = = E ME IN 
S=-3 52, U=F+TS (o TJS, 6Q = Tds =-T—d 


With increasing temperature 7’, the surface tension coefficient o decreases and vanishes at 
a critical temperature. 


P2.8.2. Additional Pressure Under a Curved Surface 


> Spherical surface. It follows from the condition of mechanical equilibrium of the 
surface layer that the pressure inside a convex surface must be higher than outside. For 
a spherical surface of radius R, the additional pressure, Ap, can be found by increasing 
its radius by dR and equating the work done by external forces with the change in the 
Helmholtz energy: ApdV = ø dX and hence Ap AER?) = g d(47R?). Finally, we have 


` 20 


A . P2.8.2.1 
p=- ( ) 


> Young-Laplace formula. The above equation can be generalized to include two 
different radii of curvature: 


1 1 
Ap=0l| — + — 1], P2.8.2.2 
p=0 “E | ( ) 
where Ri and A» are the principal radii of curvature of the surface (1.e., the minimum and 
maximum radii of curvature of the curves obtained by cutting the surface with two mutually 
perpendicular planes at a given point). Relation (P2.8.2.1) is called the Young—Laplace 
formula or Young—Laplace equation. 
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P2.8.3. Wetting. Capillary Effects 


> Contact angle. When a liquid and solid are in contact with each other and both 
are in a gas environment, the liquid surface (liquid-gas interface) and the solid surface 
(solid—gas interface) meet at an angle, which is called the contact angle. The value of 
the contact angle, 0, depends on the surface tension coefficients at the liquid—gas (Ojiq-sas), 
liquid—solid (Ojig-so1), and solid—gas (Usol-gas) Interfaces. It follows from the condition 
of mechanical equilibrium at the line where the three phases meet (see Fig. P2.8) that 
Osol-gas = Olig=sol + Tlig-gas COS O (per unit length). Hence, 


Osol-gas — Olig-sol 
COS 0 = a ee 
O lig-gas 


If 0 <cos@ < 1, or0 < 0 < 90°, the liquid is said to wet the solid surface. If-1 < cos 0 <0, 
or 90° < 0 < 180°, it is said that the liquid does not wet the surface. If the right-hand side of 
the equation is greater than or equal to 1 (0 = 0), the liquid forms a thin molecular film of 
the solid surface (this phenomenon is known as perfect wetting); in a container, the liquid 
makes a zero angle with the solid wall. If the right-hand side of the equation is less than or 
equal to —1 (0 = 180°), this situation is known as perfect non-wetting. 


ol- a * l = ol 


Figure P2.8. Contact angle. 


> Capillary effects. If one end of a thin, capillary tube is immersed in a wetting liquid, 
the liquid will go up the capillary and reach a height h. This height is determined by the 
mechanical equilibrium condition. 

If there is a capillary tube with inner radius r and the radius of curvature of the liquid 
meniscus is R = r / cos 0, the pressure under the meniscus (see (P2.8.2.1)) must be less than 
atmospheric pressure by the value 20/R = 20 cos 0/r. Equating the pressure difference 
20 cos 0 


pgr 


with pgh, we find the height of the liquid column: h = 


P2.9. Transfer Phenomena in Gases 
P2.9.1. Collision of Molecules in a Gas 
> Collision frequency. For a given molecule in a gas, its average number of collisions 


per unit time (collision frequency) with other molecules is equal to 


z = novy v2, (P2.9.1.1) 


where n is the molecule concentration, {v} is the average speed of the molecules, and ø is the 
effective cross-section of elastic collisions. If the molecules are modeled as identical rigid 


balls of diameter d, we have o = md?. The factor V2 accounts for the motion of oncoming 
molecules; this factor is usually omitted in the qualitative theory of transfer phenomena. 
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In order to estimate the collision frequency, the polygonal path of a molecule is usually surrounded by a 
tube of radius d. The moving molecule will collide with any resting molecule whose center is inside the tube. 
In a unit time, the molecule travels the distance (v), the corresponding tube volume equals adv), and the 
number of molecules in the tube is z = 1d7(v)n. 


> Mean free path. The average distance traveled by a molecule between successive 
collisions, the mean free path, 1s equal to 


49 _ 1 
ME: nov? 


The total number of collisions among molecules in a unit volume per unit time is 


A (P2.9.1.2) 


zn nv) _ n2atvy/2 
a) ae o 


(P2.9.1.3) 


Effective cross-section. The effective cross-section of an interparticle collision process (with respect to 
a result of interest, such as scattering within a given solid angle, particle absorption, etc.) is determined as 
follows. Consider a fixed molecule (a scattering center) and an incident beam of molecules with flux / = nv 
(the number of particles passing through a unit area per unit time, with the area perpendicular to the velocity 
vector). The effective cross-section of a process is the ratio between the number of collisions per unit time that 
have led to the desired result, AN, and the incident flux: 


o= AN]/I. (P2.9.1.4) 
The attenuation of the molecule beam traveling through a gas over a distance dx equals 
dI =-Ion dz = “(1 /X) dz, 


where ø is the cross-section of elastic scattering, n dx is the number of scattering centers along the path dx 
(per unit area), and A = 1/(no). Integrating yields the incident flux as a function of the distance traveled: 


I = Ip exp(-nox) = lo expi=x/A). (P2.9.1.5) 


It follows that the probability for a molecule to experience a collision on the interval (x, x + dx) is |dI|/Ip = 
exp(=x /A) d(a/A). The mean distance traveled by a molecule to the first collision equals 


(x) = PE =. 


P2.9.2. Qualitative Model of Transfer Phenomena in Gases 


The phenomena of viscosity, heat conduction, and diffusion are accounted for by the transfer 
of linear momentum, energy, and concentration due to chaotic thermal motion. 


> Viscosity. Fourier’s law. Viscosity is the appearance of frictional forces between 
parallel gas layers as they move relative to each other. If the directed flow velocity, u, is 
parallel to the x-axis and only changes in the y-direction (Fig. P2.9), then a resistive force 
arises which is proportional to the area and the velocity gradient: 


d 
|F,| = nS (P2.9.2.1) 


where 7 1s the coefficient of viscosity (or simply the viscosity). Equation (P2.9.2.1) is known 
as Fourier’s law. The appearance of the resistive force is associated with the transfer of 
the momentum p, along the y-axis by the molecules crossing the contact area due to their 
thermal motion. The force per unit area equals the momentum flux density. 
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y 
dy 


Figure P2.9. A frictional force arises between adjacent gas layers having different relative velocities. 


> Heat conduction. Newton’s law of cooling. If the gas temperature rather than the 
directed flow velocity changes along the y-axis, then the local heat flux density in the 


y-direction is expressed as 


T 
q= a (P2.9.2.2) 
yY 


where « is the thermal conductivity. This equation is known as Newton’s law of cooling. 


> Diffusion. Fick’s law. If the concentration of selected gas molecules, nı, changes along 
the y-axis (the total concentration n must be constant), then the flux density of the selected 
molecules, 7, in the y-direction is given by 


j==-D=, (P2.9.2.3) 


where D is the diffusion coefficient (or diffusivity). This equation is known as Fick’s law of 
diffusion. The quantity 7 is called the diffusion flux density. 


> Flux calculation formulas. Let g(y) denote a quantity whose transfer along the y- 
axis 1s Of interest. Examples of such a quantity are the momentum of directed motion, 
g(y) = mou(y), for viscosity, the mean energy of thermal motion, g(y) = (e) = cy moT 
(cy 1s the specific heat capacity at constant volume), for heat conduction, and the relative 
concentration of selected molecules, g(y) = n1(y)/n, for diffusion. Let us assume that each 
molecule transfers a certain (average) amount of the quantity g through a given surface; this 
amount of g was acquired by the molecule at its latest collision. Then the flux density of g 
in the y-direction can be calculated using the formula 


G = BE TA (P2.9.2.4) 
3 dy 


For rough estimates, it can be assumed that the particles move with velocity (v) in one 
of the six directions determined by the coordinate axes. Then the particle flux through a 
unit area is equal to n(v). It can also be assumed that the particles crossing the area the 
y-level experienced their latest collision at an average distance A (Fig. P2.9). Then we have 


G = entuylgly — )—g(y + A)], and hence G = +ntv)A(dg/dy). 


> Formulas for transfer coefficients in a gas. 
1. Substituting g = mov. into (P2.9.2.4), gives the momentum flux, which is equal to 
the frictional force (P2.9.2.1) for a unit area. Then the coefficient of viscosity is expressed 


as 
n = ¿nmoglo)A = = pw). (P2.9.2.5) 
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2. Substituting g = cymoT' into (P2.9.2.4) and comparing with (P2.9.2.2), we find the 
thermal conductivity: 


k= snmo uycy A = + pduyey A. (P2.9.2.6) 


3. Substituting g = n¡/n into (P2.9.2.4) and comparing with (P2.9.2.3) yields the 
diffusivity: 
D = 3(v)A. (P2.9.2.7) 


There are two important conclusions that can be drawn from formulas (P2.9.2.5)— 
(P2.9.2.1): 

1) The mean free path is inversely proportional to p, which can be seen from equation 
(P2.9.1.2); hence, the viscosity and thermal conductivity of gases at a given fixed temper- 
ature are pressure independent (Maxwell’s law). This conclusion holds true as long as the 
mean free path is small compared to the container size. 

2) The ratio between the viscosity and the thermal conductivity is temperature inde- 
pendent. 


> Extremely rarefied gas. When the mean free path becomes commensurable with the 
container size (rarefied gas), the viscosity and thermal conductivity begin to depend on 
density. For example, consider the heat transfer between two walls having temperatures 7} 
and T> and separated by a distance d << A (extremely rarefied gas). It can be assumed that, 
after its collision with the wall having the temperature 71, each molecule acquires (on the 
average) the energy cymo/J}1, then flies without collisions to the opposite wall and gives 
up the energy cymo(13 — T1). It follows from (P2.5.1.3) that the number of molecules 
reaching the wall in time At is equal to anv) SAt. Consequently, q = + ptu)cy AT, and 


hence k = 7 ocuyey d. 
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Chapter P3 
Electrodynamics 


P3.1. Electric Charge. Coulomb's Law 
P3.1.1. Electric Charge and lts Properties 


> Electric charge is a scalar physical quantity that determines the electromagnetic inter- 
action of subatomic particles. In SI, the unit of charge is the coulomb (C); it is defined in 
terms of the unit of electric current, the ampere (A): 1C = 1 As. 

Properties of electric charge: 

1. The carriers of electric charge are many subatomic particles such as protons and 
electrons (as well as antiprotons and positrons) and some metastable particles as 7-mesons, 
K -mesons, muons, etc. Charged particles interact with each other with forces that decay 
with the distance as slowly as gravitational forces but are much stronger in magnitude. 

2. Proton and electron and many other charged subatomic particles have the same 
electric charge in magnitude. This charge 1s called the elementary charge and denoted e. 
In SI, e = 1.602 x 107?” C. As experiments have shown, the charge of subatomic particles is 
independent of their velocity. 

3. The charge of subatomic particles can be either positive or negative. Particles with 
like charges repel one another and particles with unlike charges attract. By convention, the 
charge of a proton is positive (+e) and the charge of an electron is negative (—e). 

If a macroscopic body includes different numbers of electrons, Ne, and protons, Np, the 
body is charged and its charge is always multiple of the elementary charge: q = e(V,— Ne). 


> Law of conservation of electric charge. A system is called electrically closed if it 
does not exchange charges with external bodies, which means that charges do not cross its 
boundary. The total charge of an electrically closed system, or the algebraic sum of all its 
charges, remains constant. This statement is obvious if there are no elementary particle 
reactions. However, the law of conservation of charge is fundamental—it holds even if 
charged particles are created or destroyed. 


> Charge distribution. The spatial distribution of charge is characterized by its volume 
density p(r), measured in C/m?, surface density o(r), measured in C/m*, and linear 
density Ar), measured in C/m. We have 


dq = pdV, dq=ads, dq = Adl. (P3.1.1.1) 


> Dipole. Dipole moment. A system of charges is called electrically neutral if its net 
charge is zero. An electric dipole is a simple example of an electrically neutral system; 
it consists of two point charges, q and —q, separated by a distance /. The electric dipole 
moment 1s a vector quantity defined as 


p= ql, (P3.1.1.2) 


where I = r, — r_ is the displacement vector from the charge —q to the charge q. The dipole 
moment is measured in Cm. 


469 
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The following definition 1s a generalization to the case of an electrically neutral system: 


p= >= qiri =q(r,—r), 


where q = >, ao Y is the sum of all positive charges, r+ = ee qi>0 UF /q is the center of 
positive charges, and r- =- a<o UY; /q is the center of negative charges. 


P3.1.2. Coulomb’s Law 


Coulomb’s law describes the electrostatic interaction of point charges, 1.e., charged particles 
and bodies whose dimensions can be neglected as compared to the distances between them. 
Coulomb’s law states that, in vacuum, the electrostatic force, F’, acting on a point charge q1 
due to the presence of a point charge q 1s directly proportional to each of the charges and 
inversely proportional to the square of the distance r between them: 


lait laa 

2 
where k is the proportionality coefficient, dependent on the unit system chosen. The force 
is directed along the straight line connecting the point charges; like charges repel and unlike 
charges attract. 

In SI, the coefficient in (P3.1.2.1) equals k = 9.0 x 10? Nm?/C?. Also k = 1/(4re0), 
where £o = 8.85 x 10 F /m is the electric constant. In Gaussian units (CGS system), k is 
taken to be equal to one and the unit of charge is defined by Coulomb’s law. 

The electrostatic force acting on a charge q due to the presence of many point charges, 


F=k 


) (P3.1.2.1) 


Q1, Q2, ..., equals the linear vector superposition of forces 
qQi r-r; 
F = k———— POL: 2:2 
a PA 


where r is the position vector of the charge q and r; is the position vector of the charge Q; 
(Mk 


> On unit conventions in electrostatics. In what follows, all formulas will be given in 
SI. To convert to Gaussian units (CGS system), it will be sufficient to set k = 1 in most 
cases; if a formula contains ey, one should first replace ey with 1/(47k). 


P3.2. Electric Field. Strength and Potential 
P3.2.1. Strength of Electric Field 


> Electromagnetic field. The interaction between charged particles is implemented 
through electromagnetic field. This means that: (a) a charged particle generates an electro- 
magnetic field in the surrounding space and (b) the electromagnetic field exerts a force on 
other charged particles. The field generated by a point charge 1s proportional to 1ts charge; 
the force exerted by the field on a particle is proportional to the charge of this particle. 


> Electric field. An electromagnetic field is a combination of an electric field and a 
magnetic field, which are closely related to each other. The action of an electric field on a 
charged particle does not depend on the particle velocity and that of a magnetic field does. 
The sources of electric fields are any charged particles, while magnetic fields are generated 
by moving charges. The proportion between electric and magnetic fields changes when 
passing from one inertial frame to another. The properties of electric and magnetic fields 
are completely determined by Maxwell’s equations (see Subsection P3.11.1). Maxwell’s 
equations are invariant under relativistic, Lorentz transformations. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 470 


K10319: A.D.Polyanin and A.I. Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 471 


P3.2. ELECTRIC FIELD. STRENGTH AND POTENTIAL 471 


> Test charge. Strength of an electric field. The characteristics of an electromagnetic 
field are studied using the concept of a test charged particle, which is an idealized small 
object whose dimensions and charge are small enough so that, when placed into a field of 
interest, 1t does not distort the field (does not change the positions of the field sources). The 
force acting on a stationary test particle of charge q is proportional to the charge and is only 
determined by the electric field: 


F, = gE. (P3.2.1.1) 


This formula defines the strength of an electric field, E. It also answers the question what 
force the field exerts on any charge q, moving or stationary. In SI, the strength of an electric 
field is measured in N/C or V/m. For brevity, the term electric field is used to mean the 
strength of an electric field whenever this does not lead to confusion. 


> Electrostatic field. Principle of superposition. A stationary electric field generated by 
a system of stationary charges 1s called an electrostatic field. The strength of an electrostatic 
field can be determined using Coulomb’s law (P3.1.2.2). 

1. Electric field of a point charge. If a point charge q is placed in the field of a point 
charge Q, then it follows from (P3.1.2.2) and (P3.2.1.1) that 


Qr 


E = k— 
rr 


E (P3.2.1.2) 
rT 


where £, is the projection of E onto the radial direction. 
2. Electric field of a system of point charges. Using the principle of superposition, we 


get 
Qi r-ri 


SE P3.2.1.3 
or? r-r l ) 


E=E,+E,+---= Sk 


For a continuously distributed charge, the summation must be replaced by integration (see 
(P3.1.1.1)). (Compare with the formulas for the gravitational field in Subsection P1.7.2.) 


Example 1. There is a charge continuously distributed along an arc of a circle of radius R with a linear 
density A (Fig. P3.1). The arc angle is 2007. Find the strength of the electric field generated by the charge, at 
the circle center. 


Figure P3.1. Strength of the electric field generated by a charged arc of a circle. 


Solution. By symmetry, the field strength is directed along the y-axis, which passes through the midpoint 
of the arc and the circle center O. The strength of the field generated by the arc element da at O equals 
dE = k dq/ R°, where dq = AR da. Projecting onto y and integrating yields 


oo  ARda 2A sin ao 
Es Ey= k cos a = k———__.. 
r R? R 
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Figure P3.2. Strength of the electric field generated by a charged segment. 


Example 2. Field of a segment. A charge is evenly distributed along a segment with a linear density A. 
Find the field strength at the point A whose position is determined by the distance y to the straight line of the 
segment and two angles a; and az as shown in Fig. P3.2. 

Solution. The contribution of the element dx to the field strength at A equals dE = kA dx/r?, where 
r is the distance from dx to A. The respective projections on the x- and y-axes are dE cos a and dE sina. 
It is convenient to integrate with respect to the angle a. Substituting r = y/sina and x = -y cota, with 
dx = yda/ sin’ a, and integrating, we obtain the following expressions of E, and Ey: 


A A 
Ex = k— (sin az — sina), Lys a Q1 — COS Q2). 
y 


If a; = 7-0) = a (the point A lies on the straight line perpendicular to the segment through its midpoint), then 
E, = 0 and E, = 2kA cos a/y. If a — 0 (the segment becomes a straight line), then Ey = 2kA/y. If a; = 0 
and az = 7/2 (a ray), then E, = Ey = kA/y. 


P3.2.2. Potential of an Electrostatic Field 


> Definition of potential. An electrostatic field is potential (see Subsection P1.5.3) just 
as any static central field. This means that the work done by the field to move a test charge 
from one point in space to another is independent of the path. This allows us to define the 
potential of an electrostatic field, (r). We have 


Aq(1 => 2) = W,(r1) — W402) = q[p(r1) - p(r2)). (P3.2.2.1) 


where A,(1 — 2) is the work done by the field to transfer the charge q from point rı 
to point r2, Wa) = qy(r) is the potential energy of the charge in the electrostatic field 
(throughout this chapter, energy will be denoted by W). The scalar quantity y(r1)— (r2) is 
called the potential difference between points rı and r2. For W,(r) and y(r) to be uniquely 
defined, one has to choose a point where they are zero. In SI, potential is measure in 
volts (V). 


> Relation between field strength and potential. Given the field strength E(r), one can 
determine the potential difference and potentials as 


p(r1)-— p(r>) = / 


rı 
where rọ is the reference point where the potential is taken to be zero. Given the poten- 
tial y(r), one can find the projection of the field strength onto any direction / (based on 
(P3.2.2.2) for two close points): 


r2 


ro 
Edr, p(r) = / E dr, (P3.2.2.2) 


O 
E, = a (P3.2.2.3) 
Consequently, we can find the field strength vector: 
O O O 
E =-erady =-(i 2 +f kZ), (P3.2.2.4) 
Ox Oy Oz 


where i, j, and k are the unit vectors of the respective coordinate axes. 
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> Principle of superposition for potential. 
1. The potential of the field of a point charge Q) can be calculated using (P3.2.2.3): 


dip dip Q 
Er [A — =-—k— 
dr A dr r2 


Usually, the potential is taken to be zero at infinity. In this case, 


Q 


a . 


=> 07 )= ad + const. 
r 


O(ry=k (P3.2.2.5) 


2. The potential of the field of a system of point charges equals the algebraic sum of the 
potentials of individual charges (principle of superposition for potential): 


=p, pm=Y ke Li (P3.2.2.6) 


For a continuously distributed charge, the summation must be replaced by integration. 


Figure P3.3. To the calculation of the electrostatic field of a charged disk. 


Example 1. Field of a disk. A thin disk of radius R is evenly charged with a surface density o. Find the 
potential and field strength at the point A located on the disk axis at a distance x from the center (Fig. P3.3). 
Solution. The contribution of a thin ring bounded by the circles of radii r and r + dr is 


dq eg LET EP . 

vz? +r? Val + y? 
note that all points of the ring are essentially at the same distance to A. Integrating yields the desired potential 

orr dr 

p= k WM = 2kro (vV r? + R2-2). 
6 Waa ( ) 

Using (P3.2.2.3), we find the field strength (it is directed along x): 

dy a 

Es =-— = 2rko | 1 - ——— }. 
dx are ( V a2 + R? ) 


In the limit R — oo, we arrive at the field strength of a plane: E, = 2rko = ø /Qeo). 


dy =k 


Example 2. Field of a dipole. Find the potential and field strength far away from a dipole shown in 
Fig. P3.4. 
Solution. The potential at a remote point determined by r (r = |r| > l) equals 
kq kg _ ka kq (P: r) 


r) = — == z —— ee —— zk 
ptr) ri mh T-=S Tr+s r3 ’ 


where s = (51 . ir) and p = ql (see Subsection P3.1.1). 
The field strength can be found using the identities grad(1 / r?) =-3r I r’ and grad(p : r) = p. We have 
E= -grady = k| =P _ BY. (P3.2.2.7) 
ig r 
It follows that the magnitude of the field strength equals E = kpr” V3 cos? 6 + 1. 


The same expressions hold true for any electrically neutral system with a nonzero dipole moment (see 
Subsection P3.1.1) at large distances. 
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4 
Figure P3.4. To the calculation of the field of a dipole. 


> Dipole in an external field. A small dipole with dipole moment p = ql in an external 
electrostatic field has the potential energy 


O 
Wp = qp(r,)-qyp(r_) = > 


l = -pF = Ap : E). (P3.2.2.8) 
This energy changes 1f the dipole is turned by an angle—the field exerts a rotational moment 
on the dipole: 

M=1x(qE) =pxE, (P3,2,2.9) 


The energy also changes if the dipole moves in a nonuniform field —+the field exerts the 
force 


OE OE OE OE OE 
F = qK(r,) - qE(r_) = IZ! =p =P 


ma — +p; —. P3.2.2.10 
l Ol Ox + Py Oy Ma Oz l ) 


An equilibrium orientation with minimum potential energy corresponds to p || E. A dipole 
oriented along the field strength vector is pulled into an area where the field is stronger. 


P3.3. Gauss’s Theorem 
P3.3.1. Statement of the Theorem 


> Flux of electric field. The flux of the electric field E through a plane area element ds 
1s defined as 
d® = (E - ds) = Ends = Ecos 0 ds, (P3.3.1.1) 


where ds = nds, n is a normal vector to the plane, @ is the angle between E and n, 
En = Ecos @ is the projection of E onto the normal n. The sign of d® depends on how the 
normal direction is chosen. The flux of the field E through a finite surface S is determined 
as 


b= | Ends (P3.3.1.2) 
S 


If the surface is closed, the normal is taken to point outward. 

Flux additivity: if an electrostatic field is a superposition of several fields, E(r) = 5), Ki, 
then $ = >, 6; for any surface. 

The flux of the electric field generated by point charge Q through an area ds is 


d® = E, cos 0 ds = qe ds; =tkQ dQ, 
p 
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where ds, = |ds cos 6| is the projection of ds onto the plane perpendicular to r, and 
dQ. = ds /r? is the solid angle at which the area ds is seen from the charge Q. The plus 
sign corresponds to an acute angle between n and r, and the minus sign corresponds to an 
obtuse angle. The field flux through a closed surface is equal to 47kQ if the charge is inside 
the surface, and zero if it is outside. 


> Gauss’s theorem. The flux of an electrostatic field through a closed surface is only 
determined by the net charge, genc, enclosed within the surface: 


© = Ankdenc = —. (P3.3.1.3) 
E€ 


0 


> Gauss’s theorem and electric field lines. Electric field lines are useful to visualize 
electric fields. These are drawn using the following rules: (a) the tangent to a field line 
is directed along the vector E at every point in space and (b) the density of field lines 
is proportional to the magnitude of the field at point of interest. The field flux through 
a surface is proportional to the number of field lines piercing the surface. (Lines of any 
vector field can be introduced likewise.) Gauss’s theorem implies that the electric field lines 
must start and finish at charges and also they must be continuous in an empty space. It is 
noteworthy that Gauss’s theorem and continuity of field lines are corollaries of the fact that 
the Coulomb force decays with distance as 1/7?. 

Apart from field lines, equipotential surfaces are also used for visualization of electric 
fields. Equipotential surfaces are everywhere perpendicular to field lines (the work done by 
the field to transfer a test charge along such a surface must be zero). 


P3.3.2. Application of Gauss’s Theorem 


> Calculating the field using Gauss’s theorem. Suppose, from symmetry considerations, 
it is possible to construct an imaginary surface such that E is perpendicular to it and constant 
in magnitude on some part of the surface and is parallel to the surface (E L n) on the other 
part. Such a surface is called a Gaussian surface. Gauss’s theorem can be applied to this 
surface to find the field magnitude £. 


Example 1. Field of a charged string. Find the electric field generated by an infinitely long, evenly 
charged straight string (Fig. P3.5). 


Figure P3.5. To the calculation of the electric field generated by an infinite string using Gauss’s theorem. 


Solution. The electric field is perpendicular to the string at any point in space. The field magnitude Æ, is 
only dependent on the distance r to the string. Evidently, any cylinder of radius r with generatrix of length l 
and the axis lying on the string, can be taken as a Gaussian surface. Writing Gauss’s theorem (P3.3.1.2), we 
find 

2 
E0 2TTEpr r 


(cf. example 2 from Subsection P3.2.1). The potential difference between two points equals 


T2 


= = n . 
m Á 2T€0 71 
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Figure P3.6. To the calculation of the electric field generated by a charged plane using Gauss’s theorem. 


Example 2. Field of a charged plane. Find the electric field generated by an evenly charged plane 
(Fig. P3.6). 

Solution. The field is everywhere perpendicular to the plane and E. is only dependent on the distance 
to the plane. A right cylinder whose bases of area S are symmetric with respect to the plane can be taken as 
a Gaussian surface. The field flux through this surface equals E. (x)5 — Es(=x)5 = 2E,S. Writing Gauss’s 
theorem, we find that 


E0 280 


(see example 1 from Subsection P3.2.2). Taking ọ = 0 at x = 0, we have y(x) = 5 el 
0 


Example 3. Field of a charged ball. Find the electric field of a uniformly charged ball of radius R with 
charge q. 

Solution. The field of a uniformly charged ball is a central field. A concentric sphere of radius r can 
be taken as a Gaussian surface. If r > R, then the surface encloses the entire ball and so qene = q. Hence, 
E, 4nr? = q/eo. If r < R, then qene = qr/ R? and hence E, 4rrr? = qr°/ (eo R°). Finally, we have 


LL = = aes for r > R, 
E pap Jerr 
qr pr 
hos E for r < R, 
where pis the charge density. The radial component of the field equals E, = -dy /dr (see Subsection P3.2.2). 
Hence, 
kt for r> R, 
r 
p= 2 2 3 
“hs + const = “ko + ska for r< R 


The unknown constant is determined from the continuity condition for the potential at the ball surface. 


> Earnshaw’s theorem. Earnshaw’s theorem is a corollary of Gauss’s theorem. It states 
that a charged particle in vacuum cannot be in a stable equilibrium under the action of 
electric forces only. Indeed, if this were the case, the electric fields generated by the other 
charges would all have to point inward a small sphere enclosing the particle (1f its charge 
is positive). But this would contradict Gauss’s theorem (all other charges are outside the 
sphere). 


> Maxwell’s equations in electrostatics. The condition that an electrostatic field must 
be potential, 


$E-dr=0 => curlE=0, 


is one of Maxwell’s equations (in integral and differential forms) written for the special 
case of electrostatics. 
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The second equation is Gauss’s theorem (written for a spatially distributed charge): 


l 
fE- ds=> | pav — divE=*. 
E0 EO 


Substituting E =- grad y in the last equation yields Poisson’s equation for electric potential: 


div grad yp = anes or ho = a 
E0 E0 


P3.4. Conductors and Capacitors 
P3.4.1. Electrostatics of Conductors 


> Field in a conductor. The potential of a conductor. A conductor is a material that 
is capable of carrying electric current. To this end, the material must contain movable 
electric charges that can travel across. Electrostatics deals with states where charges are at 
equilibrium, when there is no directed motion of charged particles—electric current. This 
means that the electric field must be zero everywhere within the conductor. It follows that: 

1. The potential of all point within the conduction has the same value, which is called 
the potential of the conductor. 

2. The conductor surface is an equipotential surface. The electric field lines are per- 
pendicular to it. 

3. The volume charge density in the conductor is zero (it follows from Gauss’s theorem 
that it must be zero charge in any volume within the conductor). The uncompensated 
charges must be distributed on the surface. 

4. The electric field near the conductor surface is related to the local surface charge 


density o by 
O 
E==—. (P3.4.1.1) 
E0 
This formula can be obtained from Gauss’s theorem (P3.3.1.3) by taking as a Gaussian surface a small 
cylinder whose one base is outside the conductor but near its surface and the other is inside. Then we get 


ES=0S i 0% 
> Isolated conductor. The potential of an isolated conductor is proportional to its charge: 
1 
= —4q, P3.4.1.2 
P= od ( ) 


where C is the capacitance of the conductor; it depends on the shape and size of the 
conductor and the dielectric permittivity of the surrounding medium. In SI, the unit of 
capacitance is the farad (F). In CGS, capacitance is measured in centimeters (cm). For 
example, the potential and capacitance of an isolated ball of radius R equal 


l q 
p= Tien Be C = 4reoR. (P3.4.1.3) 
> Connection of conductors. When two conductors having different potentials are 
connected to each other with a conducting wire, their potentials become equal. If the 
conductors are sufficiently far away from each other, their individual potentials can be 
calculated as the potential of an isolated conductor. Then the law of conservation of electric 


charge allows us to find the resulting common potential, y”: 
y Cipi + Cop 
C 1 + Ca 
(the capacitance of the wire and its charge may be neglected). If the capacitance of one 
conductor is much larger than that of the other, its potential remains almost unchanged. 


For example, if a conductor is connected to the earth (it is said to be earthed), its potential 
becomes equal to the Earth’s potential, which is constant and usually taken to be zero. 


Cipi+Cap=Cip +O => 
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> Conductor in an external electric field. When any conductor is placed in an external 
electric field, its movable charges redistribute so that the resulting field (superposition of the 
external and internal fields) within the conductor is zero. For example, if a positive point 
charge is brought near an uncharged conductor, then negative charges will gather on the side 
that 1s closer to the charge and positive charges will move to the side that is further away. 
As a result, the charge and conductor will attract. (This phenomenon is called electrostatic 
induction.) Since the charge distribution on the conductor surface is usually unknown, 
the principle of superposition becomes unsuitable for the calculation of the resulting field. 
Sometimes, the problem may be solved by indirect techniques. 


i p=0 
Figure P3.7. Calculation of the field by the electrostatic image method. 


Example 1. Let us bring a positive point charge q near the surface of an earthed conductor to a small 
distance a compared to the conductor size. In this case, the conductor can be replaced by an infinite conducting 
half-space (Fig. P3.7). There will be induced negative charges at the plane surface. It is required to find the 
field Ej, produced by these charges at any point of the free space. Note that the charge distribution is unknown! 

To begin with, let us find the field E, inside the conductor at the point symmetric to an outside point of 
interest. The field Ep, will compensate the field produced by the charge q at this point. Hence, the field Epi 
inside will exactly coincide with that generated by an imaginary charge —q placed at the same point as q. Now 
we see that the field Ej, produced by the surface charges of the conductor is symmetric relative to the plane. 
Consequently, Epı outside will exactly coincide with the field produced by the imaginary charge —q placed 
symmetrically relative to the charge q. This symmetric charge is called the image of the charge q and the 
method is known as the electrostatic image method. It is now fairly easy to find: (a) the attractive force between 
the charge and the conductor, F = kq”/ (Lay, (b) the electric field everywhere outside the conductor (it is equal 
to the field produced by the charge q and its image —q), and (c) the charge distribution of the surface—once the 
field near the surface is known, we can find the charge density o using formula (P3.4.1.1). 


> Principle of uniqueness. The principle of uniqueness is useful in solving problems with 
unknown charge distribution. This principle states that for a system of conductors, there 
exists a unique surface charge distribution and a unique field E(r) such that the net fields 
inside the conductors vanish and their potentials and charges acquire prescribed values. If 
one guesses a charge distribution or a field configuration that satisfies the above conditions, 
it will be the correct solution. For example, one can notice that the equipotential surface 
Y = 0 of the field produced by two charges, q and —q, coincides with their symmetry 
plane (see Fig. P3.7). Then it can be inferred that the fields produced by the charge q and 
it image —q coincides with that produced by the charge q and the induced charge of the 
conducting plane (see the preceding example). 


Example 2. A conducting ball in a uniform field. Consider an uncharged conducting ball of radius R 
in a unform field Eo. The induced charges on the ball will redistribute so as to generate the field -Eo inside 
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the ball. In order to obtain this distribution, consider two imaginary balls of the same radius but having a 
uniform volume charge, one of density p and the other of density —p. (The field of a uniformly charged ball 
was considered in example 3 from Subsection P3.3.2.) If the center of the positively charged ball is slightly 
displaced by l relative to the center of the negatively charged ball (Fig. P3.8), then the field in the overlapping 
region is 


pr  pr-D pl 
E = -— + =S 
380 380 320 


and hence is uniform. The charge inside the overlapping region is zero. Now by letting 1 — 0 and p — oo so 
that pl/(3z0) = Eo, we obtain the desired induced charge distribution: o = oo cos 0, where oo = pl = 30 Eo. 
Also, we find the field the induced charges produce outside the ball. It coincides with that produced by a point 
dipole with the dipole moment p = (pV )I = 410. R°Eo (see example 2, Subsection P3.2.2). 


N 


NI 


—> 


AL 


Figure P3.8. To the calculation of induced charges on a conducting ball in a uniform electric field. 


P3.4.2. Capacitors 


> Capacitance of a capacitor. A capacitor is an object consisting of a pair of insulated 
conductors, one of which having a charge +q and the other the charge —q. The conductors 
are often called the plates of the capacitor. The charge q is called the capacitor charge. 
The potential difference between the positive and negative plates, U, is called the capacitor 
voltage. The voltage 1s proportional to the capacitor charge: 


1 
U = —a, P3.4.2.1 
ad ( ) 


where C is the electric capacitance (or just capacitance) of the capacitor. 


> Simple capacitors. A capacitor is called simple if: (a) its electric field is concentrated 
within a limited region between the plates (so 1t can be assumed that all field lines start at 
the positive plate and finish at the negative one), (b) the whole region where the field is con- 
centrated is filled with a dielectric material having a dielectric permittivity e. (A dielectric 
weakens the electric field by a factor of e; see Subsection P3.5.1.) 


Example 1. Parallel-plate capacitor. A parallel-plate capacitor is one in which the conductors are 
parallel plates of area S each separated by a small distance b as compared to the plate size (b < VS). The 
electric field between the plates can be regarded as uniform everywhere except for the very edges. The field 
can be found using formula (P3.4.1.1): E = q/(e0€5). The voltage of a parallel-plate capacitor equals U = Eb 
and its capacitance is 
ENES 

b 
Example 2. Spherical capacitor. In a spherical capacitor, its plates are concentric spheres of radii Ry 


and R2. The field between the plates is E = es 
Areger? 


expressed as U = $ E(r) dr and the capacitance equals 
Rı 


ús (P3.4.2.2) 


where r is the distance to the center. The voltage is 


4reoe Ri Ra 
C=. 
R- Ri 


For R2 — oo, this expression reduces to the capacitance of an isolated sphere (see formula (P3.4.1.3)). 
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Example 3. Cylindrical capacitor. In a cylindrical capacitor, its plates are concentric cylinders of radii 


R, and Rz with length l > Rz — R,. The field between the plates is E = - 
2megerl 


The voltage 1s given by 


pues |, E * E(r) dr and the capacitance equals is expressed as 

= QTE 0E l 

~ (R/R) 
> Compound capacitors. By connecting plates of several simple capacitors, one obtains a 
compound capacitor. The capacitance of a compound capacitor is determined by (P3.4.2.1) 
and is expressed in terms of the capacitances of its constituents. 


Figure P3.9. Parallel (a) and series (b) connection of capacitors. 


1. Parallel connection. If n capacitors are connected in parallel with one another as 
shown in Fig. P3.9(a), they form a compound capacitor for which 


U = Uj, e 0= YO, 
= =i 


The voltage of all capacitors is the same. 
2. Series connection. If n capacitors are connected in series as shown in Fig. P3.9(b), 
they form a compound capacitor for which 


q = qi, Day U; SEs 
i=l i=l ~’ 


The total charge at each pair of inner plates is zero. 

3. The capacitance of a compound capacitor can often be found by replacing groups of 
capacitors connected in series or in parallel by an equivalent capacitor, eventually reducing 
the circuit to a series or parallel one. If the circuit cannot be reduced in this manner, the 
method of nodal potentials may be applied. 


Figure P3.10. A capacitor connection irreducible to a serial or parallel circuit. 


Example 4. Consider the circuit shown in Fig. P3.10. Let us take ya = 0. Then ya = U. The three 
connected plates of the capacitors C1, C3, and C's must have the same potential, p1, and their total charge is 
zero. The same holds for the capacitors C2, C4, and Cs. This allows us to write a system of equations for the 
potentials yı and y2: 

(pı —U)C3 + (p1 — Y2)Cs + p1C1 = 0, 
(p2 —U)C4 + (pa — PICs + p202 = 0. 
Solving the system, we find the charge of the compound capacitor, q = C11 + C2(02, and its capacitance 


C=q/U. 
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P3.5. Electrostatics of Dielectrics 
P3.5.1. Polarization of Dielectrics 


> Bound charges. Polarization density. A dielectric is a material that does not conduct 
electric current and, hence, has no free charges (or their number is negligibly small). 
Nevertheless, an electric field becomes weaker inside a dielectric. This indicates that some 
macroscopic charges arise in the volume and on the surface of a dielectric when placed in 
an electric field. These charges are due to polarization of the dielectric—the phenomenon 
where charges bound to individual molecules or the crystal lattice are displaced along the 
field; these charges are called bound charges. The average dipole moment of molecules 
becomes nonzero, which results in a nonzero dipole moment of any volume of the dielectric. 
The degree of polarization is characterized by the polarization density vector, P, which is 
defined as the net dipole moment of the molecules per unit volume: 


e P; 
AV 


P= = np), 


where n is the molecule concentration. 

Macroscopic equations of the electric field in a dielectric can be derived using the 
simplified assumption that all molecules in the small volume AV have the same dipole 
moment (p) = P/n = go. 


> Formation of macroscopic bounded charges. Macroscopic charges distributed over 
surface and volume can be used to describe the electric field produced by a huge number 
of oriented microscopic dipoles. The situation where polarization is uniform (P = const) 
is easiest to study. In this case, the volume of the dielectric remain electrically neutral and 
positive surface charges arise on one side of the dielectric and negative surface charges arise 
on the other side. The vector P is directed from the negative to positive charges and the 
electric field produced will be in opposite direction. 


Figure P3.11. Some charges cross a selected area when the dielectric is polarized. 


Polarized molecules in the volume of a dielectric are displaced from their original 
positions so that some charge, Aq, crosses an arbitrary area As in the perpendicular 
direction. This charge equals 


Ag = n(Asil) cos 0)qo = P As = (P - As) (P3.5.1.1) 


where As(1) cos @ is the volume of a thin cylindrical layer whose molecules cross the area 
(Fig. P3.11). Integrating over any closed surface yields the net bound charge displaced 
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from the enclosed volume (the net bound charge enclosed within the surface will have the 
opposite sign): 


des = -fP -ds or divP= =p”, (P3:3,1:2,) 


where ds = nds is the surface element vector directed along the normal toward the sur- 
rounding space and p° is the volume density of the bound charge. The surface density of 
the bound charge of (P3.5.1.1) 1s given by 


o? = P. (P3.5.1.3) 


> Electric displacement. The macroscopic electric field, E(r), in a polarized dielectric 
is determined by averaging the microscopic field, Emicro (highly varying at interatomic 
distances), over a small volume containing sufficiently many molecules: E(r) = (Emicro). 
The total electric field is determined by both bound charges and free charges brought to the 
dielectric from outside: 


1 
f E- ds = z enc + ghno). (P3.5.1.4) 


Since the bound charge distribution is unknown in advance, 1t is convenient to introduce 
a vector quantity 
D = £E +P, (P3.5.1.5) 


which is called the electric displacement field or just the electric displacement. It follows 
from equations (P3.5.1.2) and (P3.5.1.4) that the electric displacement is determined by the 
free charges only: 


f D- ds = gine (P3.5.1.6) 


This equation is known as Gauss’s law for the electric displacement. In difterential form, 
this law reads 

div D = ø. 
> Isotropic dielectric. The polarization density P at a given point in a dielectric is 
determined by the external electric field E. For not too strong fields, P is linearly dependent 
on E. Furthermore, P || E in an isotropic dielectric, and hence 


P =covE, (P3.5.1.7) 


where y is the electric susceptibility of the dielectric material. Then the electric displacement 
can be expressed as 
D = 0E +P = coE + coxE = eock, (P3.5.1.8) 


where £ = 1 + x is the electric permittivity of the material. 


> Boundary conditions at dielectric interface. For two dielectric media meeting along a 
common interface, the following boundary conditions for tangential and normal components 
hold: 

Eir = Ez,  Pn-Pn=-0°, Di=Dms0. (P3.5.1.9) 


The normal n points from medium 1 to medium 2. If there is no free charge at the interface, 
the normal components of the displacement are equal to each other. The first condition 
in (P3.5.1.9) results from the potentiality of the field E (the work along a closed path is 
zero). The second and third conditions follow from formulas (P3.5.1.2) and (P3.5.1.6), 
respectively. For an isotropic dielectric, we have 


Eir = Enr, E1Ein =€2£2n; Din = Dan, (P3.5.1.10) 


EL Ez 
It can be seen that the field lines are refracted at the interface between dielectric media. Note 
that unlike the electric field, the electric displacement lines are continuous at the interface. 
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> Calculation of fields in the presence of dielectrics. Given the distribution of free 
charges, the field in the whole space is uniquely determined by the equations for E and D 
together with the relation between them (P3.5.1.8) and the boundary conditions (P3.5.1.10). 
The solution has the following important properties: 


-1 
1. Using equations (P3.5.1.2) and (P3.5.1.6) and the formula P = D, which 
E 
follows from (P3.5.1.7) and (P3.5.1.8), we find for a homogeneous isotropic dielectric that 


=i 
pek (P3.5.1.11) 
E€ 


Consequently, surface bound charge only will arise due to polarization in the absence of 
volume free charge. Note that for an inhomogeneous dielectric, for which £ depends on the 
coordinates, volume bound charge arises even 1f there is no volume free charge. 

2. If the boundaries of a homogeneous dielectric coincide with equipotential surfaces 
of the field Eo produced by free charges in the absence of the dielectric, then the solution 


E(r) = Fo(r) 


(P3.5.1.12) 


satisfies the boundary conditions. 


Example 1. Suppose a point charge q is surrounded by a hollow dielectric sphere with inner radius R¡ and 
outer radius R2. The field in the cavity and outside the dielectric will remain the same. Inside the dielectric, 
the field will change so that 


l q ce-l q 
= 3 P= —])E = A 
Arege r? EGS) € Anr2 
b E> 1 q b a= 1 q 
= P(R>) = —. == 
= a An R; E e 4rR? 


. : . ce-l 
The bound charges at the inner and outer surfaces are equal to each other in magnitude: na = an =q 


Example 2. Consider a ball made from a homogeneous dielectric and charged uniformly by a free charge 
with volume density p. The field in the absence of the dielectric was found in example 3, Subsection P3.3.2. 
The field in the dielectric, for r < R, will be weaker by a factor of e: 


eee, Pae 
3E0E 3 
sj =i 
Papago, ges 


T E 
It is not difficult to verify that o”4r R? =-p? ER? , SO the total bound charge is zero, as one would expect. 


Example 3. A dielectric slab is placed in a field Eo so that it enters the slab at the right angle. The electric 
permittivity of the slab varies from £; at one side to e, at the other side. Then we have 


Eo P pez! b dP D de 


D = E = st, = = Sos = A = =— = -—_ —, 
er e(x) e P dx el dx 
=] -1 
a] AE Pesha 
E2 E1 


It is easy to verify that the total bound charge is zero. 


Example 4. If a homogeneous dielectric ball is placed in a uniform field Eo, the ball will polarize 
uniformly (P = const). Indeed, uniform polarization corresponds to two uniformly charged balls whose centers 
are displaced by a small vector l, as was shown in example 2, Subsection P3.4.1. The induced polarization 
field inside the balls is E; = —pl/3e0 = —(q1/V)/3£0 = -P/3£0. Then the total field in the dielectric is 
E = Eo + E; = Eo — P/3¢0. From this equation and the condition P = (€ — 1)e0E, we find that 


3Eo 3eole — 1) 
‘ P = —— E 
€+2 €+2 


E = 0. 


The boundary conditions are all satisfied. 
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P3.5.2. Types of Dielectric and Polarization Mechanisms 


There are three main mechanisms of polarization. Accordingly, three basic types of dielec- 
tric are distinguished. 


> 1. Dipolar polarization in polar dielectrics. The molecules of a polar dielectric 
(polar molecules) have a permanent dipole moment, po, in the absence of electric field. 
Examples of such substances, are water (H20), hydrochloric acid (HCI), ammonia (NH3), 
etc. Due to thermal motion, all dipoles are oriented chaotically in the absence of electric 
field, resulting in a zero average dipole moment. If there is an external field E, dipoles 
tend to orient along the field (see Subsection P3.2.2). The competition between the chaotic 
thermal motion and the orienting action of the electric field results in an average dipole 
moment <p). In a weak field (ppE < kT), the average dipole moment is proportional to E 
and decreases with increasing temperature. 

In gaseous dielectrics, the probability for polar molecules to be oriented along p is 
proportional to exp(-W,/kT'), where W, = “p : E), which follows from Boltzmann's 
distribution (see Subsection P2.5.4). It is apparent that, in an external electric field, the 
average dipole moment must be directed along E and proportional to po F(poE/kT'), where 
f(x) is some function such that f(0) = O and f(x) — 1 as x — oo. The case f(x) — 1 
corresponds to a strong field, where all dipoles are nearly parallel to E. For small x (a 
weak field), we have f(x) = yx and (p) = (D5 /ET) E, so the average dipole moment is 
proportional to E and inversely proportional to T'. The analysis gives y = 1/3. Then, 


P= tnp? /kT) E, and hence the electric permittivity evaluates to 


2 
1 po 
e=l+= 
3 eqQkT 
This formula is known as the Langevin—Debye law. 


> 2. Electronic polarization in nonpolar dielectrics. In the absence of external electric 
fields, the dipole moment of a nonpolar molecule (e.g., H2, O2, No, etc.) is zero. So 
the minimum potential energy corresponds to the state where the center of the negative 
charge (electronic cloud) of the molecule coincides with that of the positive charge. In the 
presence of an electric field, the centers of the negative and positive charges are displaced 
and a force arises that tries to return them to an equilibrium. If the displacement, I, is small, 
the restoring force is proportional to it: F =-—6l (quasielastic force). In equilibrium, gE = Øl 
and the induced dipole moment, p = gol, turns out to be proportional to the field: p = aeoE. 
The coefficient a here is called the molecular polarizability. The polarization density is 
P = np = neoaE, where E is the field acting on a single molecule. In gases, this field can 
be regarded as the average field in the dielectric. Consequently, the electric permittivity 
evaluates to 
e=l+y=lt+an. 


In dense gases as well as liquid and solid dielectrics, one should take into account that the 
field acting on a molecule is different from the average field. The molecular field includes 
the local field produced by the molecule itself, whereas the average field does not. 


> Difference between the local and average fields. Consider a homogeneous dielectric crystal with nonpolar 
molecules. In order to find the field acting on a given molecule, consider a sphere with its center at the molecule. 
If the molecules are arranged in a regular manner (e.g., at the vertices of a cubic lattice), the field produced 
by the molecules included within the sphere is zero at the center. Hence, the local field at a given point is 
Ejo. = E + E, where E is the average macroscopic field (equal to the sum of the external field and the outer 
surface charge field) and E; is the inner surface charge field of the spherical hollow. As follows from example 4 
above, E; = P/3<0, and hence P = neo (E + ze P) , whence 


eonakK 


hee 


3 


P = 
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Taking into account that P = eo(< — 1)E, we get 


na e—l na 
or E 


Se E+2 3 


e-l= 


This result is known as the Clausius—Mossotti relation. 


> 3. Ionic polarization in solid crystal dielectrics. Examples of such dielectrics are 
NaCl, KCl, NaF, KI, etc. In the presence of an external electric field, the sublattice of 
positive ions (e.g., Na*) is shifted, as a whole, along the field and the sublattice of negative 
ions (e.g., CI) is displaced in the opposite direction. 


> Ferroelectrics. Ferroelectric materials are substances that contain small regions (do- 
mains) where all dipoles are spontaneously polarized in the same direction. Ferroelectrics 
demonstrate this property only below a certain phase transition temperature, 7o, called the 
Curie temperature. These materials are electric analogues of ferromagnetic materials. They 
have anomalously large electric permittivity, dependent on the electric field and tempera- 
ture, demonstrate hysteresis properties when polarized, and become usual dielectrics above 
the Curie temperature. (For details about ferromagnetics, see Subsection P3.9.2.) 


P3.6. Energy of Electrostatic Field 
P3.6.1. Energy of a System of Charges 


> Potential energy of interaction of charged particles. The energy of interparticle 
interaction in a system of charged particles 1s defined as the work done by external forces to 
create this system or as the work done by the electric field to destroy this system. The energy 
of interaction between two charged particles equals the potential energy of one particle in 
the field produced by the other: 


4142 
Wi = qupa(r1) = gyi(r2) = a 


The energy of a system of charged particles is 


W=) Wi = > Y Wij = > De qiri), (P3.6.1.1) 


i>J 14) 


where r; is the position vector of the tth particle and y(r;) is the potential created by all 
other particles at r;. For continuously distributed charges with volume density p(r) and 
surface density o(r), the above formula becomes 


W = >) vy(r)p(r) wee y(r)p(r) ds. (P3.6.1.2) 
2 Jv 2 Js 


Although formula (P3.6.1.2) is obtained as a formal generalization of formula (P3.6.1.1), 
there are essential differences between them. In the latter, y(r;) is the potential produced 
by all charges but the 2th, whereas in the former, y(r) is the potential of all the charges 
at r (the contribution of a volume or surface element decreases to zero with the element 
size). However, the most important difference is this. Formula (P3.6.1.1) considers only 
the energy of interaction and if the point charges are moved far away from one another, 
the energy of interaction will be negligibly small but there will still remain the fields of 
individual charges. Unlike this, formula (P3.6.1.2) calculates the total energy of a system 
of continuously distributed charges and 1f the system 1s divided into increasingly smaller 
parts that are moved away to infinity, the total energy of all these parts will tend to zero. 
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Example 1. Calculate the energy of a uniformly charged ball of radius R with total charge q. 
Solution. Substituting the ball field potential (see example 3, Subsection P3.3.2) into (P3.6.1.2) gives 


1 p 5 qr? 3q 2 3 g 
W = = V -= —K = = hi 4 = Sh s 
z | ped El (tz 7) dis TS 


> Energy of an isolated conductor. All charges are on the surface and have the same 
potential, which is the potential of the conductor. From (P3.6.1.2) we have 


qe Cy’ q 


= =— P3.6.1. 
2 2 2C” ae 


where C is the electric capacitance of the conductor (see Subsection P3.4.1). This result 
can also be obtained by directly calculating the work done by the field to take the whole 


charge to infinity: W = f p(q) dq = C fE pdp = 5Cp?. 
Example 2. The energy of an isolated conducting sphere equals 


2 


1 q q 
W = —q- = a 
E AneoR Sneek 


where e is the electric permittivity of the surrounding medium. 


> Capacitor energy. From (P3.6.1.2) we get 


U CU? 2 
WE += => (P3.6.1.4) 


The field in the capacitor can be destroyed by transferring the charge in small portions from 


one plate to the other. So W = f U(q) dq = C IN U dU = ¿CU?. For example, the energy 
of a parallel-plate capacitor is 


Ege E? 


_ EES 
ud 2 


Pre 
META 


Sb. (P3.6.1.5) 


P3.6.2. Energy of an Electrostatic Field 


> Energy density of an electric field. Within a field approach, one should deal with 
the energy of the field surrounding charged particles rather than the energy of interparticle 
interaction. The volume energy density of an electric field, w = dW/dV, in vacuum is only 
dependent on the field strength: 

w= Feo”. (P3.6.2.1) 


This expression holds for any charge distribution (e.g., it can be obtained by considering 
the uniform field of a parallel-plate capacitor). 
With the field equations (see Subsection P3.3.2), formula (P3.6.1.2) can be rewritten as 


1 
W = F J eo? dV, (P3.6.2.2) 


where the integration is performed over the whole space. 

Formulas (P3.6.1.2) and (P3.6.2.2) allow one to calculate the total energy in the whole 
space only if: (a) there are no point or linear charges and (b) the charges are limited to a 
finite region of space. However, formula (P3.6.2.2) calculates not only field energy in the 
whole space but also energy limited to a finite region of space even 1f the total energy is 
infinite. 
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Example 1. When the charged ball energy was calculated (see example 1) using (P3.6.1.2), the integration 
was performed of the ball volume (since p = O outside the ball). However, formula (P3.6.2.2) reveals that not 
all of the field energy is stored within the ball: 


1 2 e] qr 2 2 1 g 
= | >E = —€9 (| —— } (4 dr) = —k >. 
mi J ae / za) AS 


It makes only 1/6 of the total energy while the 5/6 is stored in the surrounding void space: 


1 a Y, 1, q 
= el —— | a = kL. 
de [ 2 ea) id 5 


In a dielectric, the energy density 1s larger by a factor of e: 
w=jeyeb?*=3ED= eE" + heg(e- VE’. 


The first term in the last expression is the field energy in the dielectric itself while the 
second term, equal to ¿E - P, is the work done by the field to polarize the dielectric. This 
expression can be generalized to the case where P (and D) are not proportional to E (e.g., 
for ferroelectrics and strong fields). To this end, one should look at the process of charging 
a parallel-plate capacitor filled with such a dielectric: 


W 1 1 = 


> Law of conservation of energy. Force calculation. To calculate the forces, acting on 
a charged or polarized body in an electric field, one should look at the process of slow 
isothermal change of the body position. The work done by external forces together with 
work done by voltage sources are equal to the change in the field energy. Since the body is 
in mechanical equilibrium, the work done by external forces equals the work done by the 
force exerted by the field, taken with the opposite sign. 

Example 2. A parallel-plate capacitor charged to a voltage U is filled with a liquid or gaseous dielectric 
with permittivity £. Find the force acting on either plate. Also treat the case of a solid dielectric. 


Solution. Assume that the capacitor is disconnected from the voltage source. When the distance between 
the plates is increased by dz, the energy increases by ¿EDS dx and the work done is F dx. Hence, the force 


of attraction equals F = ¿EDS = + Eq, where +E is the field strength in the dielectric produced by either 
plate (E = U/b). However, if the dielectric is a solid slab, then there is an air gap between the dielectric and 
either plate. Then the energy increment equals Leo ES dx and the force is 


1 2 1 1 
F = —e0k5 = =E0DS = 7qÉE 
z £ 09 5) oDS zd 0» 


where + Eo is the field strength produced by one plate within the air gap (Eo = eE = £U /b). 


Example 3. Find the force at which a dielectric slab is pulled into the gap between the plates of a 
parallel-plate capacitor charged to a voltage U (see Fig. P3.12). 


<= 


Figure P3.12. To example 3. 
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Solution. Assume that the respective dimensions of the slab coincide with those of the plates and the slab 
is slightly thinner than the interplate distance, b. We also assume that the capacitor is connected to a constant 
voltage source, U. Let us pull the slab out of the capacitor by a distance dx (Fig. P3.12). The field energy 
within the volume dV = ab dx will change by dW = (50 E* — ec E”) ab dx (a is the slab width and E = U /b 
is the field). The charge at the plates will change by dq = Aca dx = (£0 E — coe E)a dx and the work done by 
the source will be óAsource = U dq, which is twice the field energy increment. Writing the law of conservation 
of energy, F dx + 0 Asource = AW, we find that 


1 
Pacae D)abE?. 


Note that this force arises due to field distortion near the plate edges, although the energy calculation was 
performed without taking into account edge effects. 


P3.7. Direct Current 
P3.7.1. Electric Current in a Circuit 


> Electric current. Current density. Electric current is an ordered motion of electric 
charges. Convection current 1s a motion of charges associated with the motion of a charged 
body. Conduction current is a drift motion of free charges (charge carriers) through 
a substance (conductor) due to an electric field applied. Examples of free charges are 
electrons in metals, ions in electrolytes, electrons and ions in plasma, and electrons and 
“holes” in semiconductors. The positive direction of electric current is conventionally taken 
to be the direction of positive moving charges. 

The charge passing in time dt through an area ds = nds inside a conductor in the normal 
direction n is determined by the average velocity of free charges, (v): 


dq = qontv): ds dt =j- sdt, (P3.7.1.1) 


where qo is the charge of a single charge carrier, n is the carrier concentration, and j = gon<v) 
is the current density. The charge passing through the cross-section, S, of a conductor per 
unit time is called the electric current (or the current) and denoted J: 


dq = I dt = dt E - ds, (P3.7.1.2) 


where the integration is performed over the cross-section. For a linear conductor (S = const), 
the current density is constant, j = const, and formula (P3.7.1.2) gives J = 35. A current is 
said to be constant if I = const. 


The decrease in the total charge within a closed surface equals dqenc = —dt $ j- ds. In differential form, the 


law of conservation of charge is expressed as 22 = —divj. For a constant current, $ j- ds = 0, or div j = 0, so 
g p dE J J J 


the current flows in continuous lines directed along the conductor. 

> Ohm’s law in differential form. To maintain current through a substance, free charges 
must be acted upon by an electromagnetic force F, characterized by an electric field E =F /q0. 
As soon as the force is removed, the average velocity of free charges vanishes in a very 
short time. For not too strong fields, the current density in an isotropic conductor must be 


proportional to E: 

1 

j=0E = —E, (P3.7.1.3) 

p 
where o is the conductivity of the material and p is the resistivity. It follows from the law 
of conservation of charge that if p = const, then $ E - ds = p $ j - ds = 0, or div E = 0. 
Consequently, the field lines in a homogeneous conductor are continuous and in a wire of 
constant cross-section, they are parallel to the wire surface. 
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> Joule—Lenz law in differential form. As current flows through a conductor, the work 
done by the field E on free charges converts completely into thermal energy due to collisions 
with ions. The volume density of the thermal power of the current equals the work done by 
the field on charges per unit time in a unit volume: 


Wtherm = NV- F = gon - E =j - E = cE? = pj’. (P3.7.1.4) 


> Simple circuit segment. Resistance. If current flows through a segment of an electrical 
circuit is due to an electrostatic (Coulomb) field only (pj = Ecoulomb ), this circuit segment 
is called simple. In a homogeneous conductor (p = const), $ E - ds = p $ j - ds = 0, and, 
according to Gauss’s theorem (see Section P3.3), the field producing charge is only on the 
surface. In a wire of constant cross-section, the equipotential surfaces coincide with wire 
cross-sections. The current from a section 1 to section 2 is proportional to the potential 
difference y1 — y2: 


2 2 2 dl 
| Economi dl = J py: dl = rj P= => =O =f. (P3.7.1.5) 
1 1 1 


This result is known as Ohm's law for a simple circuit segment. If I < Q, then current 


flows from section 2 to 1. The quantity R = f (p / S) dl is the electrical resistance of the 
conductor. The SI unit of electrical resistance is the ohm (denoted (2). 

For a homogeneous linear conductor, R = pl/S, where p is the electrical resistivity, 
l is the conductor length, and S is the cross-sectional area. The electrical resistivity is 
temperature dependent; this dependence is practically linear in a wide range of temperatures: 
p = poll + a(1'—To)], where po is the resistivity at the reference temperature Tọ (e.g., 0° C), 
a is the temperature coefficient of resistivity. For many metals, œ = 1/273 (so p = poaT); 
for semiconductors, a < 0. 


> Electromotive force. Although electrostatic forces can maintain current through an 
open circuit segment, the total work done by these forces around a closed circuit 1s zero. 
Consequently, other, nonelectrostatic forces must be present in a closed circuit to compen- 
sate for thermal losses; the total work of these forces around a closed circuit is nonzero, 
and hence these are nonconservative. However, these forces are of electromagnetic nature, 
Fhoncons = GoEnoncons, and their work done to transfer a test charge q from point 1 to point 2 
is proportional to q: 


2 
AJA > 2) = 0] Enoncons * dl = 4617 = +g6, (P3.7.1.6) 
1 


where @ is the so-called electromotive force (or emf for short), which has the dimension of 
voltage and is measured in volts (V). A source of electromotive force is usually regarded as 
a source of current (such as a battery) and denoted in circuit diagrams by a circle with the 
minus and plus signs as shown in Fig. P3.13. The plus sign in formula (P3.7.1.6) 1s taken 
when the nonconservative forces act in the direction from point | to point 2, and the minus 
sign 1s taken otherwise. The power of the nonconservative forces (the power of the emf 


source) equals 


A,(1 — 2) 
Proncons = E = T2. (P3.7.1.7) 


The work done by the nonconservative forces in time dt on all charges in the conductor 
equals the work done to transfer the charge J dt from one end of the conductor to the other. 
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Figure P3.13. Sign rule for an emf (voltage) source. 


> Ohm’s law for a circuit with a current source. In a circuit containing a source of 
current, there are both electrostatic and nonelectrostatic forces acting on charges. In this 
case, Ohm’s law in differential form (P3.7.1.3) reads 


1 
J= z Ecoulomb + Enoncons), (P3.7.1.8) 


Ohm’s law in integral form becomes 


2 2 
dl 
rj re = / (Ecoulomb + Enoncons ) -dl => IR = (yı T p2) + 6712. (P3.7.1.9) 
1 1 


If I < 0, current flows from 2 to 1. The quantity U12 = (%1 — %2) + 12, equal to the work 
done by all forces to transfer a unit charge from cross-section 1 to 2, is called the voltage on 
the selected segment of the circuit. For a simple segment, the voltage equals the potential 
difference. Thus, Ohm’s law states that I R = U12 on any circuit segment. 


> Joule—Lenz law for a circuit segment. The thermal power of electric current on a 
circuit segment can be found using formula (P3.7.1.4): 


2 2 2 dl 
Perm = J wS dl = J oj’ S dl =I’ J pa =PR, (P3.7.1.10) 
1 1 1 


P3.7.2. Current in a Closed Circuit 


> Ohm’s law for an unbranched circuit. The current through an unbranched closed 
circuit is constant, J = const. Adding up equations (P3.7.1.9) for all circuit segments, we 


get 
IN Ri=5) ĉj. (P3.7.2.1) 


For example, if the current source has internal resistance r and the resistance of the remaining 
circuit is R, we have I = ¿/(R +r). The potential difference at the source terminals is 
P+=p-=I1R=é—Ir. The short circuit current of the source (R = 0) equals Tsc =4/r. Ohm's 
law (P3.7.2.1) expresses the law of conservation of energy for an unbranched closed circuit: 
the power of nonconservative forces equals the power of thermal losses at the resistors in 
the circuit. 


> Useful power of a current source. If a current source is used to transmit energy into 
an external circuit, then the total (spent) power equals the power on nonconservative forces: 
Pota = I. The lost power equals the thermal losses at the internal resistance: Post = I 2r, 
Then the useful power is Piset = 61 — 1?r = IAy, where Ay is the potential difference at 
the source terminals. It can be seen that the maximum of Pisefyi is attained at T = ¿/(Qr) 
and is equal to Prax = E) (4r). 

If the potential difference supplied at the ends of a circuit segment is y1 — y2 and the 
segment contains a device that performs work against the external forces (e.g., an electric 
motor), then the total power is Rota = (%1 — p2)£ and the lost power is Pos: = L 2R, 
where œR is the resistance of the motor winding. Hence, the useful power equals Piseful = 
(01 - p2)I — I?R = -pI = GI. The quantities ¢ and I depend on the revolution speed of 
the rotor and the maximum of Pysefy, is attained at I = (y1 — pa) /QR). 
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> Analysis of branched circuits. Kirchhoff”s circuit laws. In order to determine the 
currents at various segments of a branched circuit, one should assign symbols to the unknown 
currents and specify the current directions (in a voluntary way). One of the following two 
methods should be used thereafter: 

l. Node potential method. For a circuit involving N nodes, the nodal potentials are 
taken to be the unknowns (one of the potentials is set to zero). The currents are expressed 
in terms of the potentials using (P3.7.1.9). The law of conservation of charge is written 
for each of the N — 1 unknown nodal potentials in the form >, I; = 0 (the algebraic sum 
of the currents flowing into and out of a node is zero; the summation 1s performed over all 
currents involved). Solving the resulting linear system, one finds the unknown potentials p; 
and then calculates the currents. 

2. Kirchhoff’s laws. In this method, the currents are taken to be the unknowns. First, 
the equation >, L; =0 (known as Kirchhoff’s current law or Kirchhoff’s first rule) is written 
for N — 1 nodes. Then, one chooses an arbitrary closed path and traces it (either clockwise 
or counterclockwise) summing up the equations of the form (P3.7.1.9) for each segment. 
This results in an equation of the form >); LR; = do; j Gij (known as Kirchhoff’s voltage 
law or Kirchhoff’s second rule). This procedure is repeated for all independent closed paths 
to obtain the required number of equations. Finally, the resulting linear system of equations 
is solved for the unknown currents. 

For more details and examples, see Chapter E6. 


> Equivalent resistances and sources. Several resistances R; connected with one another 
can be replaced by a single equivalent resistance R. 

1) For resistances connected in series, R = $; Ri. 

2) For resistances connected in parallel, R! = X`, i 

3) In the general case, the equivalent resistance is calculated by analyzing branched 
circuits. 

Several connected current sources with emf $, and internal resistance r; can be replaced 
by a single equivalent sources with parameters é and r. 

1) For sources connected in series, ¢ = » ,6¿ and r => ,7;. 

2) For sources connected in parallel, €= >, ¢;r;' j a ro! adr =) 

3) In the general case, the equivalent emf and resistance are calculated by analyzing 
branched circuits. 


P3.7.3. Classical Free-Electron Theory of Metals 


> Basic postulates. Conduction of metals is explained by the behavior of valence elec- 
trons. The free valence electrons are assumed to form an electron gas. In the classical 
free-electron theory of Drude—Lorentz, the electron gas is considered to be a classical gas 
whose concentration equals the atomic concentration of the metal and temperature equals 
the metal temperature. Conduction current is calculated by assuming that the electrons 
acquire the drift velocity as they freely move without collisions and that they lose this 
velocity completely at each collision with metal ions. In addition, it is assumed that 
Kw] < (uv) ~ VkT. The average drift velocity is expressed as (v) ~ at /2 = eEr/(2m.), 
where the mean time between collisions 7 is expressed in terms of the mean free path and 
the mean thermal speed: T = A/(v). Using (P3.7.1.1), we get 


enA _ 2mev) 
2mv) p= en — 


A thorough analysis leads to the same result except that the 2 is absent from the numerator; 
however, this is not essential for estimates. 


j=enfv) = 
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> Discussion of the result of the classical free-electron theory. 
1. The theory explains the increase of p with temperature but predicts the behavior 


p ~ VT, which is different from the observed relationship p ~ T. 

2. The theory successfully explains the Wiedemann—Franz law: for all metals, the 
product of the thermal conductivity & (see Subsection P2.9.2) by the electric resistivity p is 
proportional to temperature T (the product xp contains (v)* only). 

3. The mean free path of electrons predicted by the classical theory 1s several orders of 
magnitude larger than the interatomic distance, which contradicts the basic postulates. 

4. The electron contribution to the molar heat capacity (see Subsection P2.5.2) is 
predicted to be ÀR. However, the experimentally found contribution is negligibly small. 


P3.8. Constant Magnetic Field 
P3.8.1. Lorentz Force and Ampère Force 


> Magnetic field. Lorentz force. Magnetic field is one of the two components of the 
electromagnetic field (see Subsection P3.2.1). It acts on moving charged particles, currents, 
and magnetic moments. The sources of magnetic field are moving charged particles, 
currents, magnetic moments, and changing electric field. A magnetic field is characterized 
by a vector quantity B called the magnetic induction (also called the magnetic field or 
magnetic flux density). The vector B is determined by the equation expressing the force 
acting on a moving charged particle in an electromagnetic field: 


F=qE+qvxB. (P3.8.1.1) 


The force F, = qv x B exerted by the magnetic field on a moving charged particle is called 
the Lorentz force. (The electromagnetic force F 1s sometimes also called the Lorentz force 
or generalized Lorentz force.) The Lorentz force perpendicular to the particle velocity and, 
hence, does not produce work. 


In order to determine the magnetic induction B by formula (P3.8.1.1), one should do the following: 

1) measure the force acting on a static particle to isolate the action of the electric field; 

2) find the direction of the velocity v for which the magnitude of the magnetic force 1s maximum at 
constant v; 

3) calculate the magnitude of the magnetic induction as B = Finax /(qu); 

4) for known Fmax and v, find the direction of B by the right-hand rule. 

The magnetic induction can also be determined by the moment of force the magnetic field acts on a small 
loop of electric current. The electric field does not affect the electric current loop. 


The SI unit of magnetic induction is the tesla (T): 1T = 1N/(Am) = 1kg/(A s). 


Example 1. The Hall effect. A conductor with a current flowing through it is immersed in a transverse 
constant magnetic field (perpendicular to the current). An electrostatic field perpendicular to the magnetic 
induction arises within the conductor as shown in Fig. P3.14 (the Hall effect). This field results from dis- 
placement of the drifting free charges by the action of the Lorentz force. The displacement continues until 
the Lorentz force is equalized by the electric force: go(v) x B = —qoE. Multiplying by the concentration of 
free charges, n, we express E in terms of the current density to obtain E = “aa j x B. It can be seen that the 
free charge concentration (for charges of the same type) and the sign of the charges can be obtained from the 
measurement of the magnitude and direction of the electric field E. 


Figure P3.14. A conductor with a current immersed in a magnetic field (the Hall effect). 
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Example 2. Particle in a uniform magnetic field. Consider a nonrelativistic particle of mass m and 
charge q moving with a velocity v in a uniform magnetic field B. Suppose that v makes an angle a with B 
at some instant. The Lorentz force is perpendicular to both v (hence, v = const) and B (hence, the velocity 
projections vj and v, onto B and the plane perpendicular to B are conserved). In the projection onto the 
perpendicular plane, the particle moves in a circle, whose radius can be found from Newton’s second law: 
quí, B = mví/R. The period of revolutions, T = 27 R/v, = 217m/4B, is independent of the speed. So the 
resulting motion occurs in a helical path with radius R and pitch h = vT = 2mmv cos a/(qB). 


> Ampere’s law. The force acting on a current element in a magnetic field (Ampére’s 
force) equals the sum of the forces acting on the moving free charges: 


dF = qo[(v) x B] dN = nao[(v) x B]dV =jxBdV = 1d1xB. (P3.8.1.2) 


This result is known as Ampére’s force law (in differential form). Note the use of formula 
(P3.7.1.1), linking the current density to the mean velocity of free charges, to relate the 
force acting on a volume element dV with current density j and a line element dl with 
current /. The total force acting of a finite volume with distributed current j(r) of a linear 
current-carrying wire is obtained by integrating. For example, the force acting on a wire of 
length 1 with current J in a uniform magnetic field B equals /1x B. The force acting on a 
current-carrying loop is zero: F = $ I dix B = I ($ dl) xB = 0. 


> Magnetic moment of a current-carrying loop. The magnetic moment of a wire loop 
carrying current / is defined as the vector quantity 


Pm = T | nds, (P3.8.1.3) 


where the integration is carried out over any surface spanning the loop and the direction of 
the normal is determined by the right-hand rule. For a plane loop, we have 


Py = Zn = IS. 


The magnetic moment of a loop is a magnetic analogue of the electric dipole moment 
(see Subsections P3.1.1 and P3.2.2); it determines the magnetic field of the loop at large 
distances from it and characterizes the behavior of the loop in a magnetic field. 


Example 3. Consider a rectangular loop with sides a and b, suspended at the side a is a vertical uniform 
magnetic field B (Fig. P3.15). When current J is supplied, the loop will deflect by an angle 6 such that the 
moment of the force of gravity is equalized by the moment of the Ampère force: mgsb sin 8 = IBabcos 6, 
or tan 6 = 21 Ba/(mg). Note that the torque exerted by the magnetic field on the loop equals M = IS x B = 
p, X B. A similar expression was obtained for the torque acting on an electric dipole in an electric field (see 
Subsection P3.2.2). 


Figure P3.15. A rectangular current-carrying loop in a magnetic electric (to example 3). 
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P3.8.2. Calculation of Magnetic Induction 


> Biot-Savart-Laplace law. The magnetic induction created by a current element I dl 
at a point A equals 
_ Ho Tdlxr 


dB = ————, 
4r r’? 


(P3.8.2.1) 


where r is the radius vector from the current element to the point A and pio = 1/(e0c”) = 
4x x10-’ Tm/A (or H/m) is the magnetic constant. This result is known as the Biot-Savart 
law or the Biot-Savart-Laplace law. Equation (P3.8.2.1) can be rewritten for the magnetic 
induction of a volume current element j dV, a surface current element ids, or, on dividing 
by the number of free current carriers, a nonrelativistic particle qv: 


_ Ho qvxr 


ds, dB = 
i 4r y? 


(P3.8.2.2) 


(The surface density of electric current is the current per unit length of the segment perpen- 
dicular to the current: df = i dl.) In order to calculate the magnetic induction produced by 
a finite volume, surface, or wire, one has to perform integration (principle of superposition 
for magnetic induction). 


> On systems of units in electromagnetism. Here and henceforth the formulas are given 
in SI. To convert units to the Gaussian system (CGS), it suffices in most cases to substitute 
B by B/c (and the flux ® by 9/c) and uo by 47 /c?. If a formula involves the Coulomb 
constant k, it must be substituted by 1. The electric constant ey is substituted by 1/(4r). It 
is noteworthy that uo£o = 1/c?. 


Example 1. Find the magnetic force acting between two particle of charges qı and q having identical 
velocities, Vi = V2 = V (v < c), at some instant of time with v being perpendicular to the line connecting the 
charges. 


Solution. The magnitude of the magnetic induction created by the first particle at the point where the 


second particle is located is B = a 2, where r is the interparticle distance. The field is perpendicular to v 
r 


T 

and r. For charges of like sign, the Lorentz force acts in the direction of particle 1 and its magnitude equals 

p = Ho aah 
4r r? 
Example 2. Magnetic field in the center of a circular current. Find the magnetic induction created by 


a circular loop of radius R at its center. The current flowing through the loop is J. 
Solution. The magnetic induction created by an arc element dy equals 


. The ratio of the magnetic force to the electrostatic force 1s p0E0U = 


e 


E Ho [Rdp z pol dp 
4r R? 4r R 


in magnitude and is directed along the axis (the right-hand rule). At its center, the whole loop creates the field 


dB 


Lol 
Be JR 
Example 3. Magnetic field at the axis of a circular current. Find the magnetic induction produced by a 
circular current (of radius R) on its axis at the point A located at a distance y from the loop center (Fig. P3.16). 
Solution. The vector B is directed along the y-axis and the contribution of an arc element dy of the loop 
equals 
_ Ho IR dy R 


47 R2+y? J R2 + y? 


dB, =dBsina 


Integrating with respect to y yields 
_ Ho I R? 
= UR? + y2)3/2 i 
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Figure P3.16. Magnetic field at the axis of a circular current. 
At large distances from the loop (y > R), the magnetic induction 


Bx Uo I R? _ po 2 IR?) 

ly m y 
is expressed in terms of the magnetic moment p,, = JS in a similar manner as the electric field strength is 
expressed via the electric dipole moment (see example 4, Subsection P3.2.2, the case r || p). I can be shown 
that at an arbitrary point r, the magnetic induction of a small plane current-carrying loop equals 


a H (Pat -Pa ) P3.8.2.3 
Arr r2 r=P,, )- ( 0.2. ) 
Example 4. Magnetic field of a linear current segment. Find the magnetic induction produced by a 
linear wire segment at the point A whose location is determined by its distance y to the straight line of the 
segment and two angles a; and a2 as shown in Fig. P3.17. 


Figure P3.17. Magnetic field of a linear current segment. 


Solution. The contribution of the element dx equals dB = a J = 
T Y 


plane through the segment and the point A. It is convenient to integrate with respect to the angle a. Substituting 
r = y/sin a, changing the variable x = -y cota, dx = yda/ sin? a, and integrating, we obtain 


sin œ; the field is perpendicular to the 


I 
D= Po" (cos 1 — COS Q2). (P3.8.2.4) 
Ary 


Setting a; = 0 and a2 = 7, we find the magnetic induction of an infinitely long straight current-carrying wire: 


I 
Ba =. (P3.8.2.5) 
2TTy 


Let us use (P3.8.2.4) to calculate the magnetic induction at the center of a rectangular loop to obtain 


B- Ho 8l ya? +b 


4 ab í 


where a and b are the sides of the rectangle. 
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P3.8.3. Ampere's Circuital Law and Flux of Magnetic Induction 


> Ampere’s circuital law. From the Biot-Savart-Laplace law it can be inferred that the 
circulation of magnetic induction around any closed path is determined by the algebraic 
sum of the currents enclosed by the path (1.e., by the current passing through a surface 
spanning the path): 


fs -dl = polenc = Ho [i - ds. (P3.8.3.1) 


The positive direction of the surface normal is determined by the right-hand rule. 


> Gauss’s law for magnetism. The flux of magnetic induction (magnetic flux) through 
any closed surface is zero: 


fs - ds = 0. (P3.8.3.2) 


This means the magnetic field lines are everywhere continuous, or there are no magnetic 
charges, at which magnetic field lines would start or terminate. 
The magnetic flux through any surface S is defined as 


D= | Beas 
S 


The SI unit of magnetic flux is the weber (Wb), with 1 Wb = 1T m?. Itis noteworthy that 
magnetic flux through a surface spanning a closed path does not depend on the shape of the 
surface. Therefore, it is meaningful to speak about magnetic flux through a closed path. 


Example 1. Magnetic field of a solenoid. A solenoid is a helical coil formed by a long thin wire densely 
wound on a cylinder. A solenoid is characterized by the number of turns per unit length, n. The ideal model of 
a solenoid is an infinitely long thin cylindrical surface carrying current t = nf, with the current perpendicular 
to the axis. It is not difficult to verify that the magnetic field inside an ideal solenoid is everywhere parallel to 
the axis (to this end, one should consider the contributions of any two symmetric current elements). There is 
no magnetic field outside the solenoid. It follows from Ampère’s circuital law and Gauss’s law that B = const 
inside the solenoid. In order to find the magnitude B, one should apply Ampère’s circuital law to a rectangular 
loop one side of which is inside the solenoid and parallel to its axis and the opposite side is outside as shown 
in Fig. P3.18. One finds that Bl = uoil. So the magnetic field inside the solenoid is 


B= uoi = ponl. (P3.8.3.3) 
Y N “N 
; \ 
7 y B / \ 
JA pa) 
\ l l= ni | 
1 l \ l 
\ I \ E 
e F ae E / 
l 


Figure P3.18. The magnetic field inside a solenoid can be found using Ampére’s circuital law. 


Example 2. Magnetic field of a rod. Find the magnetic field of an infinitely long straight rod of radius R 
carrying current J (Fig. P3.19). The magnetic lines are circles. Choose a circle of radius r as the closed 
path for Ampéere's circuital law (P3.8.3.1). For r > R, we get B x 2mr = uol. For r < R, we find that 
Bx2rr= pol(rr/TR?). Hence, 


Hot for r> R, 
B= 2nr 
7 Ir 
= for r< R. 
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Figure P3.19. Magnetic field of a rod. Figure P3.20. Magnetic field of a current plane. 


Example 3. Magnetic field of a current plane. Consider an infinite plane (x, y) carrying current in the 
y-direction with a constant density t. The magnetic field above the plane, z > 0, is directed in the positive 
x-direction and that below the plane, z < 0, is in the negative x-direction (this can be verified by considering the 
contributions of two infinite straight currents symmetric relative to the point of interest). Choose a rectangular 
path with one side above the plane and in the x-direction and the other being symmetrically located below the 
plane (Fig. P3.20). Ampere’s circuital law gives 2B1 = otil, and hence B = 5 uot. 


Figure P3.21. Displacement of a current loop element in a magnetic field. 


> Displacement of a current loop in a magnetic field. When a loop carrying constant 
current / is moved or deformed in a constant magnetic field, the Ampère force performs 
work. The elementary work done by the Ampère force acting on a loop element equals 


0A = dF - dr = I [dl x B] - dr = IB - [dr x dl] = IB - ds, 
where dr is the displacement of the loop element dl, ds is the area element swept out by dl 


(Fig. P3.21). Integrating around the loop yields the elementary mechanical work done by 
the magnetic field in terms of the increment in the magnetic flux ® through the loop: 


Ô Amech = 1 d®. (P3.8.3.4) 
It follows that a potential function, W, = —I®, can be associated with a loop carrying 


current / in a constant magnetic field. A change in this function equals (with the opposite 
sign) the work done by the Ampere force: 


Amech = -A W, W, =-10. (P3.8.3.5) 
For a uniform field or a small plane loop, formula (P3.8.3.5) becomes 
Wp = -Pp : B, (P3.8.3.6) 


where p,, is the magnetic moment of the current loop (see Subsection P3.8.1). Since this 
expression coincides with the potential energy of an electric dipole (see Subsection P3.2.2), 
it is natural to assume that the torque acting on a magnetic dipole and the force acting on a 
magnetic dipole in a nonuniform field should have the same form: 


OB OB OB OB 


M = x B, F = oa Pmr — + — + Pm: —, P3.8.3.7 
Pm Pm On Pm Ox Pmy Oy Pm Oz ( ) 


where n is parallel p,,. The equilibrium orientation of a magnetic dipole corresponds to the 
minimum potential energy, and hence it corresponds to p,, || B. A current loop oriented in 
this manner is pulled into the region of a stronger magnetic field. 
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> Maxwell's equations for a constant magnetic field. In differential form, these equa- 
tions are 


curl B = uoj, div B = 0. 
In integral form, these are equations (P3.8.3.1) and (P3.8.3.2). 


> Vector potential. Maxwell’s equation div B = 0 is satisfied if the magnetic field is sought in the form 
B = curl A. The vector potential A is defined up to an arbitrary constant scalar field x. The potential 
A’ = A + grad x generates the same field B as A; this expression is known as the calibration transformation 
for a vector potential. This transformation allows us to simplify the vector potential equation resulting from 
substituting B = curl A into the first Maxwell equation: grad div A — AA = uoj. By choosing a scalar field x 
such that div A = 0, we arrive at the equation 


AA = —uoj. 


The equation for each projection of A onto the coordinate axes is mathematically identical with the equation 
for the electric scalar potential (see Subsection P3.3.2). Consequently, the solution of these equations is given 


by 
. / / 
aq) e | LO 
4r [r — r?| 


In particular, one can find the field of a small current loop (see (P3.8.2.3)) or prove the Biot-Savart law using 
this expression. 


P3.9. Magnetic Field in Matter 
P3.9.1. Magnetization. Molecular Currents 


> Magnetization of a material. A material is regarded as magnetized if it creates a 
magnetic field inside itself and in the surrounding space in the absence of conduction 
currents. The source of magnetic field of a magnetized material are magnetic moments 
of atoms and molecules (atomic and molecular currents). In the absence of an external 
magnetic field, microscopic magnetic moments are either absent (in diamagnetic materials) 
or chaotically oriented (in paramagnetic materials). In both cases, the macroscopic magnetic 
fieldis zero. Constant magnets (made from ferromagnetic substances) are an exception; they 
can have a macroscopic magnetic field (see below for details). When a material is immersed 
in an external magnetic field, the material is magnetized and an induced volumetric magnetic 
moment arises. The degree to which a material is magnetized is characterized by the vector 
of magnetization J, which is defined as the net magnetic moment per unit volume: 


Z D Pini 


i AV 


= nip,,), (P3.9.1.1) 


where n is the molecule concentration. For the construction of macroscopic field equations 
for a magnetized material, it can be assumed for simplicity that all molecules in a small 
volume AV have the same magnetic moment (pp) = J/n = los, or they can be represented 
as identical microscopic current loops. 


> Macroscopic molecular currents. In characterizing magnetic field in matter, the huge 
number of oriented microscopic currents (magnetic moments) may be replaced by macro- 
scopic molecular currents distributed across surface and volume. For a simple example, 
consider a homogeneous magnetized cylinder whose molecular current loops are all oriented 
along the cylinder axis. The different currents will compensate for one another inside the 
cylinder and there will be uncompensated current flowing along the surface. The magnetic 
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Figure P3.22. Magnetization creates a molecular current piercing the loop. 


field of the surface current, Bymoj, will have, inside the cylinder, the same direction as the 
magnetization J. 

For an arbitrary closed path, its element dl inside the magnetized material pierces the 
current loops whose centers fall within the volume dV =s- dl (Fig. P3.22). The contribution 
into the molecular current enclosed by the path (1.e., the current crossing the surface that 
spans the path) equals Jon dV = nlos : dl = J - dl. Integrating gives 


f Iasi. (P3.9.1.2) 


In differential form, this equation becomes curl J = jmo: These two equations allow us to 
express the current density at the surface as 


İmol = J X D, (P3.9.1.3) 
where n is the outward normal to the surface of the magnetized material. 


> Magnetic field strength. Macroscopic magnetic induction in a magnetized material 
results from averaging the microscopic field B, highly varying at interatomic distances, over 
a small volume, though large enough to contain a large number of molecules: B(r) =(B micro). 
The magnetic induction is determined by both molecular and nonmolecular currents (such 
as conduction currents or convection currents): 


enc enc 


f B- dl = pg (oon y pmol). (P3.9.1.4) 


Since the molecular current distribution is usually unknown, it is convenient to introduce a 
new vector quantity called the magnetic field strength and defined as 


H = By (P3.9.1.5) 


Ho 
which is only defined by nonmolecular currents: 


enc 


f H- dl = yoo! (P3.9.1.6) 


(Ampere”s circuital law for the magnetic field strength). In differential form, this expression 
becomes: curl H = "9"! The SI unit for magnetic field strength is A/m. 


> Boundary conditions at the interface between different magnetic materials. For 
the normal and tangential components of B, H, and J, the following boundary conditions 
hold at the interface between two magnetic media: 


Bon = Bin, Hı xn-H) xn = inonma, Ji Xn-J2 XN = Imo, (P3.9.1.7) 


where n is a normal vector pointing from medium | to medium 2 and |H x n| = H,. If 
there 1s no nonmolecular current at the interface, the second condition can be rewritten 
as Hı- = H+. The first condition follows from Gauss’s law (P3.8.3.2) for B, the second 
follows from (P3.9.1.6), and the third from (P3.9.1.3). There is a formal analogy in boundary 
conditions between H and E and also between B and D (see Subsection P3.5.1). 
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> Isotropic magnetic material. The magnetization J at a given point inside a magnetic 
material arises due to an external magnetic field and is determined by the vector B. For not 
too strong fields, J depends on B linearly and in an isotropic material, in addition, J || B. 
Then both vectors J and H are proportional to B and to each other. For historical reasons 
(due to the analogy between E and H in boundary conditions), the magnetic susceptibility 


is defined by 
X 
J = xH, O (P3.9.1.8) 
i ml +x) 
From (P3.9.1.5) we get 
B = uo(1 + y)H = uouH, (P3.9.1.9) 


where u is the magnetic permeability of the material. For paramagnetic materials, x > 0. 
For diamagnetic materials, x < 0. In both cases, |x| < 1 (weak magnetic properties). For 
ferromagnetic materials, x > 1. 

The boundary conditions at the interface between two isotropic magnetic media are 


Bı B» 
Bin = Ban» == L , [1 Lin = 9 Hon, Hire Hope 
H1 H2 


> Calculation of fields in the presence of a magnetic material. The equations for B 
and H together with the above boundary conditions determine magnetic field in the whole 
space if the nonmolecular currents are known. Below are some important properties of 


solutions: 
1. The volume density of the molecular current is proportional to that of the nonmolec- 
ular current: j™! = x¿rormol If there are no nonmolecular currents, then surface molecular 


currents only arise when the material is magnetized. 


2. If the boundaries of a homogeneous magnetic material are everywhere tangent to the 
original (Bo) magnetic lines, then B = ¿By everywhere in the magnetic material. 


Example 1. A long paramagnetic cylinder is immersed in a uniform magnetic field whose induction Bo 
is parallel to the cylinder axis. Find the magnetic induction, magnetic field strength, and magnetization inside 
the cylinder. 

Solution. Everywhere inside the cylinder (except for its edges) we have: B = Bo, H = Ho = Bo / o, and 


J = (u - 1)Bo/po. 


Example 2. An infinitely long rod of circular cross-section, made from a material with magnetic perme- 
ability u > 1, carries a constant current with density j. Find the magnetic field strength, magnetic induction, 
and magnetization. Also calculate the surface and volume density of the molecular current. 

Solution. The molecular current within the rod volume has the density j"° = (u—1)j. The field strength H 
can be found using Ampére’s circuital law (P3.9.1.6). We get H = I /Qrrr) for r > Rand H = Ir/ (27 R”) for 
r < R (see example 2, Subsection P3.8.3). The magnetic induction equals B = uo H for r > R and B = pow 
for r < R; it has a jump discontinuity at the surface current. The magnetization equals J = (u — 1)Ir/ (27 R’) 
(J = 0 outside the rod). The magnetic lines are concentric circles and the vectors H and J are parallel to B. 
The surface molecular current is i = J x n; it equals ¿mo = (u — 1) /(27R) in magnitude and is opposite to j in 
direction. The total molecular current is zero, and hence jma TR? = imo27R. 


P3.9.2. Types of Magnetic Materials and Magnetization Mechanisms 


Atomic and molecular magnetic moments are created by (a) the motion of electrons 1n closed 
orbits (orbital magnetic moments) and (b) the intrinsic magnetic moments of electrons re- 
lated to the intrinsic mechanical angular momentum—spin (spin magnetic moments). Each 
type of magnetic moment is proportional to the corresponding mechanical angular momen- 
tum: p,, = —g(e/2m)L, where g is a dimensionless coefficient called the gyromagnetic 
ratio. For orbital moment, g = 1. For spin moment, g = 2. 
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> Diamagnets. Larmor’s mechanism of diamagnetic magnetization. In the absence 
of external magnetic fields, the magnetic moments of atomic (molecular) electrons in a 
diamagnetic material (diamagnet) compensate for one another. When a magnetic field is 
applied, a torque starts to act on each magnetic moment. As a result, the magnetic moment 
rotates about the magnetic field direction (Larmor precession): 


dL 
dt 
The vector L (and also p,,) rotates with an angular velocity w, = g5—B (Fig. P3.23). This 


rotation gives rise to an additional magnetic moment of each electron, Ap,,, opposing to B 
(independently of the original direction of p,,). 


e E 
25. xB -—LxB = (g-—B) xL. 


Figure P3.23. Larmor precession in diamagnetic materials. 


> Orientational mechanism of magnetization in paramagnetic materials. In param- 
agnets, the magnetic moments of electrons do not compensate for one another even in the 
absence of external magnetic fields. The weak mechanism of diamagnetic magnetization 
is Superimposed by a stronger orientational mechanism: in the presence of magnetic field, 
the orientation of the magnetic moment along the field is less costly energetically. In 
weak fields (pmB < kT), the average magnetic moment is proportional to the magnetic 
induction. In strong fields, saturation is achieved, where all magnetic moments are oriented 
along the field and the magnetization virtually does not change. The orientational mecha- 
nism of paramagnetic magnetization is similar to that of polar dielectric polarization (see 
Subsection P3.5.2). In particular, the conclusion about inverse proportionality between the 
susceptibility and temperature remains valid. 


> Ferromagnets are materials that show spontaneous magnetization in macroscopic 
(compared to interatomic distances) regions called domains. The domains are small 
(~ 10° to 10% m) as compared to the size of the sample under examination. Within 
each domain, spin magnetic moments are parallel to one another, which results from a 
special quantum interaction among them. In the absence of external magnetic fields, the 
domains are oriented in such a way that the average magnetization of the material is zero. 
When an external magnetic field 1s applied, the domains oriented along the field increase in 
size and the domains oriented against the field decrease. For stronger fields, the domains 
tend to turn as a whole to be oriented along the field. In strong enough fields, all domains 
are oriented along the field and saturation is achieved, when the magnetization reaches its 
maximum magnitude, Jsat, called the saturation magnetization. 

The relationship between J and H is nonlinear (see Fig. P3.24). This means that the 
magnetic permeability, determined by the formula J = (u — 1)H, depends on H and at- 
tains very large values (u ~ 10°—10°). When the external field is removed, some residual 
magnetization, J;es, 18 observed. The field strength required to completely demagnetize the 
sample, Ac, 1s called the coercive field or coercive force. Ferromagnetic materials possess- 
ing a large coercive force are used to make permanent magnets. The dependence J(#) for 
direct and reverse magnetization to saturation is called a hysteresis loop. 
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Figure P3.24. Hysteresis loop of a ferromagnetic material. 


When heated above the Curie temperature, the material loses 1ts ferromagnetic properties 
(spontaneous magnetization of domains disappears) and becomes a paramagnet. Á second- 
order phase transition occurs at the Curie point. 


P3.10. Electromagnetic Induction 
P3.10.1. Faraday's Law of Electromagnetic Induction 


> Motion of a wire loop in a constant field. When a current-carrying wire loop is moved 
or deformed in a constant magnetic field, the Ampere forces are everywhere perpendicular 
to the current and, according to (P3.8.3.4), perform mechanical work 44, = I d®. Since 
the total work done by the Lorentz force on any moving particle is zero, the same work (but 
opposite in sign) is performed by the magnetic field (1.e., the tangential component of the 
Lorentz force) on free charges moving through the wire. This gives rise to an additional 
electromotive force (induced emf) in the loop: 


d® d® 

0A) =-1 d® = (Idt) ae ó dq, ó= T (P3.10.1.1) 
> Static loop. Solenoidal electric field. It follows from Einstein’s relativity principle 
that an induced emf must also arise when a static current-carrying loop is placed in a time 
varying magnetic field. Consider, for example, a permanent magnet approaching a closed 
loop at a constant velocity. In the magnet-associated inertial frame of reference, the field 
produced by the magnet is time independent and the induced emf in the loop is accounted for 
by the action of the Lorentz force. On the other hand, in the loop-associated inertial frame, 
the same emf is observed, but it cannot be caused by magnetic forces. Hence, the varying 
magnetic field must bring about an electric field. Since the work of this field around the 
loop must be nonzero, it follows that the field is not electrostatic—it is called a solenoidal 
(eddy) electric field. Thus, an induced emf arises in the loop regardless of the reason for 
which the magnetic flux through the loop changes. The induced emf equals 


=- (P3.10.1.2) 


This equation is known as Faraday’s law of electromagnetic induction. The average induced 
emf in a finite time At equals yve = AD /At. The charge passed through the loop in this 


time is g 
A® 
= | Idt= | —dt=-—_, 
J J R R 


where R is the resistance of the loop. 
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> Lenz?'s rule. The direction of the emf is determined by its sign. It should be reminded 
(see Subsection P3.8.3) that the loop is oriented: the positive direction of the normal to the 
surface, in the formula for the calculation of ®, and the positive direction of tracing the 
path, which determines the sign of the emf, are related by the right-hand rule. The minus 
sign in (P3.10.1.2) is in accordance with Lenz's rule. It states that the induced emf must 
be directed so that the magnetic field produced by the induced current flowing in the same 
direction, generates a magnetic flux (induced magnetic flux) of opposite sign as compared 
to the flux change that caused the emf. Lenz’s rule is closely associated with the law of 
conservation of energy. 


> Motion of part of a loop. When a loop element dl moves with a velocity v, the work 
done by the Lorentz force to transfer a test charge q along dl equals 6.A =q[vxB] dl = q dé. 
The electromotive forces induced by an arbitrarily moving portion of the loop in an arbitrary 
constant field and by a translationally moving portion of the loop in a uniform constant field 
are, respectively, equal to 


¿= | IvxB]- al €=[vxB]-1 (P3.10.1.3) 


where l is the vector connecting the beginning and the end of the moving portion. If the 
wire loop is unclosed, a potential difference will arise between its ends, which is equal to 
the emf (since the electrostatic force is equalized by the Lorentz force at any point of the 
wire). 


Example 1. A crosspiece of length l and resistance r moves with a speed v along two horizontal rails 
immersed in a vertical magnetic field (Fig. P3.25). Find the current through the crosspiece. 


Figure P3.25. To example 1. An equivalent diagram is on the right. 


Solution. Suppose that the rails are connected by a resistance Rı on one side and a resistance Rz on the 
other side. In order to find the current through the crosspiece as it moves with the speed v, we use (P3.10.1.3) 
to calculate the emf induced in the crosspiece: ¢ = Bul. The fact that the emf is localized within the moving 
crosspiece enables us to draw an equivalent diagram, shown on the right, and eventually find the current: 
I = @/(r + R), where R = Ri R2/(Rı + R2). 


> Equations of solenoidal electric field. By writing down Faraday’s law (P3.10.1.2) for 
a static loop in a varying magnetic field, we obtain a solenoidal electric field equation in 


integral form: 
pea [Beds (P3.10.1.4) 


Since the circulation of the electrostatic field strength around a closed path is zero, the total 
electric field satisfies the same equation. The differential form of this equation is 


OB 
LE ==, P3.10.1.5 
cur T ( ) 


Equations (P3.10.1.4) and (P3.10.1.5) represent one of Maxwell ’s equation (in integral and 
differential forms). 
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> Quasistationary approximation. If the currents and fields change sufficiently slowly, 
time delay of processes can be neglected. This means that the varying magnetic field is 
determined at any point (using the Biot-Savart-Laplace formulas) by the currents at the 
same instant of time. This also means that the electrostatic field 1s determined by the 
charge distribution at the same instant and the solenoidal electric field is calculated from 
the varying magnetic field using (P3.10.1.4) and (P3.10.1.5). It is this approximation that 
is used for the analysis of alternating current circuits. For this approximation to be valid it 
is required that the characteristic current variation time, 7, 1s large compared to (a) the local 
relaxation times (e.g., the time in which an equilibrium charge distribution is established in 
the conductor) and (b) the delay time Tg =1/c, where l is the characteristic size of the system 
and c is the speed of light. The latter condition suggests that we neglect the displacement 
current in Maxwell’s equations (1.e., we assume that curl B = uoj). 

Example 2. Let us estimate the time 7 of charge redistribution in a conductor with resistivity p. We assume 
that there is a local volume charge somewhere in the conductor. The charge redistribution within an arbitrary 
volume is governed by the equation aa == f dn ds = = $ En ds = me whence q = qo exp (—) , and 
SO T = €0/. a j a a 


P3.10.2. Self-Induction and Mutual Induction 


> Self-induction. Consider a stationary wire loop carrying current J changing in time. 
The magnetic induction produced by the current will change at a rate proportional to dI /dt. 
Hence, the solenoidal electric field arising at every point in space is also proportional 
to dI/dt. This field induces the emf 


sett = —L— (P3.10.2.1) 


in the loop. This emf is called the self-induction electromotive force. The quantity L 
is called the coefficient of self-inductance or the inductance of the loop. The SI unit of 
inductance is the henry (H). The quantity ®,.j¢ = LJ is the self-induced magnetic flux 
through the area spanned by the loop. Using (P3.10.2.1), we get 


A® sf 
self = = 


This formula remains valid not only if J changes but also if L does. 


(P3.10.2.2) 


Note that the definition of L as the coefficient of proportionality between magnetic flux and current meets 
with difficulties: for a linear wire, the magnetic flux is infinitely large and for a wire of finite thickness, the 
usual definition of the flux is unsuitable, since it is unclear how to choose a path. 


Example 1. Inductance of a solenoid. Consider a solenoid of length l and cross-sectional area S 
(I> VS) carrying current with surface density i = (N/DI, where N is the number of turns and J is the current 
in the coil. The magnetic field in the solenoid is uniform and its magnetic induction (in the ideal solenoid 
approximation) is given by (P3.8.3.3): B = tout. For a changing current, the circulation of the solenoidal 
electric field is calculated as Ọ E- dl =-S Z = -uous S and the emf induced along the whole length of the 
di N uou S dI 
d — l dt’ 
N 5 Ho uS 
r 

Example 2. Since the self-induction emf is proportional to the current change rate, the presence of 
inductance in a circuit impedes too rapid changes of the current. Suppose that a resistor R and an induction coil L 
are in a closed circuit with a source of constant emf ¢. The current increases from zero to Jo = ¿/R in a finite 
time and this process is governed by the equation ¿— L(dI /dt) = I R, whose solution is I = Jo[1—exp(-tR/L)]. 
Hence, the characteristic time of current increasing equals 7 = L/R. 


winding equals ¢@, = -N pops The inductance and the magnetic flux are expressed as 


L= Pr = LI = NBS. (P3.10.2.3) 
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> Mutual induction. If there are two stationary loops, the current change in one of them 
will bring about in the other loop an electromotive force proportional to dI/dt, called the 
mutual induction emf. We have 


dl 1 dI 2 
= -la —, = -Li —, P3.10.2.4 
621 21 C12 o ( ) 
where £12 and L21 are the so-called coefficients of mutual inductance; the mutuality theorem 
(in a non-ferromagnetic medium) states that L12 = L21. The magnetic flux through loop 1 
produced by the current through loop 2 is given by ®12 = L12142. This quantity is meaningful 
for two linear currents also. 


In the quasistationary approximation, the vector potential can be calibrated in the same way as in magne- 
tostatics (see Subsection P3.8.3). The magnetic flux can be written as 


P= |Bds= | omAds= $ Adi 
ba = p Adh - pp ood 
4r T12 


It is apparent that the expression of £L ¡2 is symmetric with respect to the subscripts 1 and 2. 


For 912, we get 


P3.10.3. Energy of Magnetic Field 


> Energy of a loop. The energy of a current-carrying loop is the work done by external 
forces and sources to create the current (or, equivalently, the work of the solenoidal field to 
destroy the current). The work done by the current source against the self-induction emf of 
the loop 1s calculated as 


œ dI LI? 
W=A= / op.) ==, (P3.10.3.1) 
o dt 0) 


Within a consistent field approach, the energy must be related with the magnetic field 
rather than the loop current. The easiest way to find the dependence between the energy 
density and the magnetic induction 1s to consider a long solenoid with a uniform field in it. 


We have 
W 1 popN2S I  (muiNyx? 1 B? BH 
a A al AA = = —. (P3.10.3.2) 
V Sil l 2 l 2uou  2uou Zz 
If the relationship between B and H is nonlinear, the energy density is expressed as 
W 
— = | H-dB. 
r=) 
Using the mutuality theorem (L12 = L21), we can generalize (P3.10.3.1) to include two 
loops: 
di dl; dl» f dl» dl; 
W = Lı — +Lip— |(U; dt) + Ly— + Laı— |( dt 
[es aE end (eS nF) han 
LI LE  Ly+L 0  b9, 
= —I,Ih= P3.10.3.3 
, 2° 2 — yo 
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Likewise, for several loops, we have 
LD; 
W = ) —, 
2 


where O; is the total magnetic flux through the ¿th loop. It can be seen that the current 
energy includes the energy of each individual current and the energy of their interaction. 
With the magnetic field equations, 1t can be shown that the above expression always converts 
to 


B? BH 


> Law of conservation of energy and force calculation. If the positions of the bodies 
and current-carrying loops change sufficiently slowly and isothermally, the total work done 
by external forces and current sources 1s spent on changing the magnetic field energy and 
releasing Joulean heat. Moreover, the work done by external forces on each body equals 
the work done by the magnetic forces on the body. If the currents are maintained constant, 
one has only to take into account the additional work done by the current sources against 
the induction emf; the work done by the original emf equals the heat released and, hence, 
they cancel each other out in the law of conservation of energy. 

Example. Consider two loops carrying currents J; and /) that are maintained constant. Let us calculate the 
work A* done by external forces for a slow movement of the first loop. According to (P3.10.3.3), the changing 
part of the energy is only the energy of current interaction, which is equal to W12 = L1211 1) = 1; P 12, where 9) is 
the magnetic flux created by the second current and passing through the first loop. At the same time, the potential 
function of the loop in an external field is Wp =-—11 ®12 (see (P3.8.3.5)), and hence 94* =- d®12 =-11 h dLa2. 
The apparent contradiction is resolved by taking into account the additional work done by the current sources 
against the induction emf in either loop. This work equals 94%" = J; d®1. + In dd); = Iı dLi2 1h +h dL, h, 
which is twice the field energy change dWr = I, h dLj2, and SAT + 6A = dW. 


P3.11. Maxwell's Equations 
P3.11.1. Maxwell’s Equations in Vacuum and Matter 


> Displacement current. To generalize the electromagnetic field equations in vacuum 
to cover varying fields, only one of the four equations (see Subsections P3.3.2, P3.8.3, 
and P3.10.1) has to be changed. Three equations hold true in all cases but Ampere’s 
circuital law (P3.8.3.1) turns out to be invalid for varying fields and currents. According 
to (P3.8.3.1), the current fj- ds must be the same for any two surfaces spanning the 
closed path; if the charge within the volume between the two selected surfaces changes, 
this statement will contradict the principle of conservation of charge. For example, when a 
parallel-plate capacitor is being charged (Fig. P3.26), the current through one of the surfaces 
is I = dq/dt and there in no current through the other surface (passing between the plates). 


C 
—> — 
I 


Figure P3.26. To the determination of the displacement current. 


To remove the contradiction, Maxwell introduced a displacement current in the equation, 
with its density proportional to the rate of change of the electric field D: 


da= > (P3.11.1.1) 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 506 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 507 


P3.11. MAXWELL'S EQUATIONS 507 
In a dielectric medium, the displacement current density equals 


OE oP 
A E 


The first term represents the displacement current density in vacuum and the second term 
is the real current density due to motion of bound charges in changing polarization. The 
displacement current through a surface equals d® p /dt, where ® p is the flux of D through 
the surface. The introduction of the displacement current removes the contradiction with the 
principle of conservation of charge. For example, when a parallel-plate capacitor is being 
charged, the displacement current through a surface between the plates, I4 = S(dD/dt) = 
S(do /dt) = dq/dt, equals the current flowing through the wires. 


(P3.11.1.2) 


> System of Maxwell’s equations in vacuum. Once the displacement current has been 
introduced, the system of Maxwell’s equations in differential form becomes: 


OB 
1) curl E = -—— (Faraday’s law of induction) 

Ot 

OE 
2) curl B = uoj + Hoeo >> (Ampere’s circuital law with Maxwell’s correction) 
3) divE= ae (Gauss’s law) 
E0 

4) dvB=0 (Gauss’s law for magnetism) 


The system of Maxwell’s equations in integral form: 


d , d 

D PE-d=—— [Beds 2) ÈB- d= po |j- ds+ posos, | E- ds 
1 

3) PE-ds=— | pav, 4) $B- ds=0. 
E0 


The charge density and the current density satisfy the relation 


dias | pav (divj=-22), 


which expresses the law of conservation of charge and is a corollary of Maxwell’s equations. 
> Solution of Maxwell’s equations in the form of delayed potentials. The first and fourth Maxwell 
equations can be satisfied by using the fields in the form 


A 
B = curl A, E= -grady — 


The scalar potential y and vector potential A are defined up to the calibration transformation: 


Ox 
A =A dx, as, 
+ gra C Y Ot 


The equations for the potentials resulting from the second and third Maxwell equations can be simplified using 
the calibration transformation. To this end, the potentials are required to satisfy Lorentz’s calibration condition: 


. 1 Oy 
div A + — — = 0. 
E œ Ot 
In this case, the equations for the potentials satisfy d’Alembert’s equation: 
10°A 1 oy p 
AA -— => = —uoj, Nos ee 
Z2 pR HoJ p 


e Ot? E0 
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If the right-hand side vanishes, d’Alembert’s equation becomes the wave equation (see Chapter P4). In the 
presence of time-varying current and charge sources, d’ Alembert’s equations have solutions in the form of 
delayed potentials: 


. "4 rr] dv” ‘te rr] dv” 
A(r, t) = apa Lie y(r, t) = l PEE 
lr—r’| ÁTEO lr—r’| 


The potentials at a given point in space and a given time instant are determined by the charges and currents at 
all other points at preceding instants of time, taking into account the time required for a light signal to deliver 
information to the given point about the current and charge values at a remote point. 


> Maxwell’s equations in a medium are written as 


differential form integral form 

1) pe” pea [Beas 

2) curlH = j+? fm: dl = [irae [eas 
3) divD=p, $D-as= | pav. 

4) divB=0, $ B-ds=0. 


These serve to determine the four vector quantities E, D, B, and H. Maxwell’s equations 
in a medium must be supplemented by the material equations relating D to E and H to B 
and characterizing the electric and magnetic properties of the medium. For isotropic linear 
media, the equations are 

D = eye É, B = [to WH. 


Maxwell’s equations can also be used to obtain boundary conditions for E, D, B, and H 
(see Subsections P3.5.1 and P3.9.1). 


P3.11.2. Law of Conservation of Energy for Electromagnetic Fields 


> Poynting vector. The following equation for any volume V bounded by a surface S 
can be derived from Maxwell’s equations: 


d eoE* B? 
= dV E) dV + — 9 |ExB] - ds = 0. 
dt ( 2 om +f ena of | i 


The first term characterizes the rate of change of electromagnetic field energy in the volume. 
In general, the formulas obtained before for electrostatic and magnetostatic fields remain 
valid for the electromagnetic field energy. The second term represents the power of the field 
work on the charged particles within the volume of interest; 1t is equal to the rate of change 
of their kinetic energy. It follows from the law of conservation of energy that the third 
term has the meaning of (outward) electromagnetic energy flux through the closed surface 
bounding the volume. The energy flux at a given point in space (the Poynting vector) is 
determined by the vectors E and B at this point: 


1 
S= —ExB=ExH. (P3.11.2.1) 
Ho 
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The last expression represents the electromagnetic energy flux in a substance. The energy 
density in a substance 1s expressed as 


w=3E-D+3B-H. (P3.11.2.2) 


Example. Consider the process of charging a parallel-plate capacitor with circular plates separated by 
a distance b. The rate of change of the energy in a cylinder of radius r (smaller than the plate radius) 


D 
equals E (LeosE?) (mrb) = rr bE a. The magnetic field strength can be found from the second Maxwell 


D 
equations: H x27r = ons (displacement current is on the right-hand side). We find that the rate of energy 
dD 
influx through the lateral surface of the cylinder, S(27rb) = H E(21rb) = Exr’b—- , equals the energy change 


in the volume. 


P3.11.3. Relativistic Properties of Fields 


> Transformation of charges and currents. When changing from one inertial frame of 
reference to another, both the electromagnetic field sources (charge and current densities) 
and the fields themselves change. However, Maxwell’s equations remain the same. The 
source transformation formulas for p (density of moving charge) and j = pv have the simplest 
form. Denoting by po the charge density in the inertial frame where j = v = 0 and taking 
into account length contraction (see Subsection P1.10.3), we get 


1 


p="p0> J=yPoV; VÁ 
y 1-u?/c? 


Comparing with the momentum-energy 4-vector, we see that (j, pc) also forms a 4-vector, 
which means that j and pc are transformed in the same manner as (r, ct), by the Lorentz 
formulas. 


> Transformation of fields. Once we know the transformation formulas for field sources, 
itis not difficult to find out how E and B are transformed. The formulas are 


E =E} E =>7(E +V xB), 

A , 1 (P3.11.3.1) 
B =B  B_=7(B,-—VxE), 

where V is the velocity of inertial frame K” relative to inertial frame K; the transformations 


are written for the field components parallel and perpendicular to V. The scalar quantities 
E - B and E? — œ B? are invariant under these transformations: 


E-B=E-B', E? - Ê B? = (EP - e (BF. (P3.11.3.2) 
For V << c, formulas (P3.11.3.1) simplify to 


1 
E'=E+VxB, B'=B-—>VxE. (P3.11.3.3) 
C 


Example 1. Magnetic field of a nonrelativistic particle. Consider a particle with charge q moving 
relative to inertial frame K with a constant nonrelativistic velocity v. In the particle associated inertial 


frame K’, there is only the electric field E’ = kqr’/r’ 3 To find the fields in frame K, one has to write out the 
transformation formulas (P3.11.3.3) with V = —v. Since there is no length contraction in the nonrelativistic 
limit, we find that 
popes 1 w _vxE' _ woqvxr 
4reo r? E 4r r? 


for the instant when the particle passes through the origin of coordinates in frame Z€. In deriving these formulas, 
we have used the relation 1/c? = poeo. 
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Example 2. Polarization of a dielectric moving in a magnetic field. When a dielectric moves through a 
magnetic field with an nonrelativistic velocity perpendicular to the magnetic field lines, 1t becomes polarized. 
In the dielectric-associated inertial frame, there is transverse electric field: E’ = vx B. The detailed polarization 
picture depends on the shape of the dielectric. 


Example 3. Electric field of a relativistic particle. Suppose a particle with charge g moves relative to 
inertial frame K with a constant relativistic velocity v. In the particle associated inertial frame K’, there is only 


the electric field E’ = kgr'/r' >. To find the fields in frame K, one has to write out the transformation formulas 
(P3.11.3.1) with V =—v. Let us write out the formulas for the instant when the particle passes through the origin 
of coordinates in frame K. For simplicity, consider the plane (x,y). When changing from the coordinates 
(x’, y”) to (x, y), we must take into account that x’ = yx and y” = y (the coordinates of a point in frame K are 
measured at the same instant when the particle passes through the origin). We get 


== EEE SS 

[CyxY +B? IT "Tay + PPP 
It is seen that E is collinear with r. However, the field at a point on the line of motion will be smaller than that 
at a point which is at the same distance from the charge but on a straight line perpendicular to v. The magnetic 
field is obtained as i 

ok / Ho yq yv xr 

B= —vxE = —vxE= — ——_... 
a a An [(yx)* + y2]92 


Note that the above electric field 1s not potential. 
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Chapter P4 
Oscillations and Waves 


P4.1. Oscillations 


> General definitions. Oscillations are repetitive variations in the state of a system such 
that the state parameters vary in time according to a periodic or almost periodic law. If 
oscillations occur without external action due to system deviation from a stable equilibrium, 
the oscillations are said to be free or natural. If the oscillations occur under the action of an 
external periodic force, then they are said to be forced. The oscillations are characterized 
by their period T and frequency v = 1/T (measured in hertzs: 1Hz = 15). The term 
vibrations is often used in a narrower sense to mean mechanical oscillations, but sometimes 
is used synonymously with oscillations. 


P4.1.1. Harmonic Oscillations. Composition of Oscillations 


> Simple harmonic oscillations. An oscillation of a quantity x is said to be a simple 
harmonic oscillation (or simple harmonic motion) if x varies in time t by the law 


x = Acos(wt + Yo), (P4.1.1.1) 


where A is the amplitude, y = wt + py is the phase, py is the initial phase, and w = 27r /T is 
the angular or circular frequency of the oscillation. The first and second time-derivatives 
of the quantity zx, 


t = -Áw sin(wt + = Aw cos(wt+ vo + 7/2), 
, ii , paa) (P4.1.1.2) 
% =-—Aw” cos(wt + yo) = Aw” cos(wt + yo + T), 


oscillate harmonically with the same frequency but with amplitudes wA and w*A and with 
the phase shifts 7/2 and 7, respectively. 


Example. If the initial values (at t = 0) of the quantity x and its derivative, x(0) = xo and x(O) = vo, 
are known, then the amplitude and the initial phase of the oscillation can be determined. The equations 


xy = Á cos po and vo = —wA sin po allow one to find A = y x2 + (vo/wy? and tan po = —vo / (wzo). 


> Equation of simple harmonic oscillations. It follows from (P4.1.1.2) that if x varies by 
the harmonic law (P4.1.1.1), then x satisfies the equation of simple harmonic oscillations: 


+w r =O. (P4.1.1.3) 


The converse is also true: 1f the equation of motion of a physical system whose state is 
determined by a single quantity x can be reduced under certain conditions (usually, for 
small values of x) to the differential equation Y + yx = 0, where y is a positive constant, 
then x varies according to the law (P4.1.1.1) with w = ,/y (the parameters A and Yo are 
determined by the initial conditions; see the example above). 


511 m 
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> Energy method for determining the frequency. If the state of a physical system 
undergoes repetitive variations and the quadratic function 


L= 5 pá? + La” (u and & are positive constants) (P4.1.1.4) 


remains constant during these variations, then x changes according to the law (P4.1.1.1) 


with w = /K/p. Indeed, differentiating (P4.1.1.4) with respect to time, we obtain the 
equation wx + Kx = 0, which is the equation of simple harmonic oscillations. Usually, the 
quantity / is proportional to the energy of the oscillatory system for small x; accordingly, 
such an approach is called the energy method for determining the oscillation frequency. 


> Complex exponential and vector diagram. Using Euler’s formula et? =cos y+i sin y, 
one can treat the law of harmonic oscillations (P4.1.1.1) as the real part of a complex 
exponential function, x(t) = Re x, where 


“a Aexp(iwt), (P4.1.1.5) 


and A = Aexp(ipo) is called the complex amplitude of oscillations. This technique is 
especially convenient for studying systems described by linear equations, since, in this 
case, the real and imaginary parts are transformed independently of each other. 

The harmonic law (P4.1.1.1) can be obtained as the projection on the x-axis of a 
radius vector of length A that uniformly rotates counterclockwise with a constant angular 
velocity w from an initial angular position po; in this case, the angle made with the axis x 
varies by the law y = yo + wt. This technique is called the method of vector diagrams; it 
is especially convenient for the composition of harmonic oscillations. With this technique, 
the addition of functions is replaced by the graphical addition of vectors; note that the 
projection of the sum of vectors is equal to the sum of their individual projections. 


> Composition of harmonic oscillations of a single direction. The sum of two har- 
monic oscillations of the same frequency with amplitudes A; and A, and the initial phases 
yı and (pz is a harmonic oscillation of the same frequency, whose amplitude and initial 
phase can be found by the method of vector diagrams (Fig. P4.1): 


A, sin p1 + Az sin (p, 
A? = A? + AS 4+2A, Ao costs» — 1), tan Yo = ———=—. 


The parallelogram spanned by the vectors rotates with angular velocity w as a rigid body. 
The phase difference of oscillations with the same frequency does not vary in time; such 
oscillations are said to be coherent. If p2 — y, = £2mr, the amplitude is a maximum, 
A= A; + A, and if p — y1 = £Qm + 1)r, the amplitude is a minimum, A = |A; — 41. 


Figure P4.1. Composition of oscillations by the method of vector diagrams. 


In the vector addition of incoherent oscillations with different frequencies, the parallel- 
ogram spanned by the vectors deforms with time and the magnitude of the resultant vector 
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and its angular velocity vary, and hence the composite motion is not a harmonic oscilla- 
tion. However, oscillations with close frequencies (Aw = |w -w| < max{w 1, w2 }) can be 
assumed to be approximately coherent on a sufficiently short time interval as compared to 
the time of coherence Teo, = 27 /Aw. The composite oscillation will occur with the angular 
frequency w = (w1 + w2)/2 and an amplitude periodically varying between A; + Az and 
|A; —A2| with period 27 /Aw. Such oscillations are called beats, wp = Aw is the beat angular 
frequency, and the period of variation in the amplitude Tp = 2r /%wp is the beat period. If 
A, = A> = A, then 


— + 
x(t) = 2Acos (+) cos (== + po). 


The beats are an example of modulated oscillations, or oscillations obeying the har- 
monic law (P4.1.1.1) with one of the parameters (amplitude, frequency, or phase) varying 
periodically in time with a period significantly greater than that of the base oscillations. 
Amplitude, frequency, and phase modulation techniques are distinguished. 

An arbitrary periodic oscillation with period 7’ can be expanded into a Fourier series 
in simple harmonic oscillations with frequencies wp = n(27/T). Such a representation is 
called the harmonic analysis of the periodic oscillation. The Fourier series terms are called 
the first (fundamental), second, third, etc. harmonics of the periodic oscillation. Aperiodic 
oscillations have, as a rule, a continuous spectrum of frequencies and can be represented as 
a Fourier integral in harmonic oscillations of all frequencies ranging from zero to infinity. 
All periodic oscillations have a line (discrete) spectrum of frequencies, but oscillations with 
a line spectrum are not necessarily periodic. 


> Composition of mutually perpendicular harmonic oscillations. If a point moves in 
the plane so that its projections on the x- and y-axes oscillate harmonically, this motion 
is said to be the composition of mutually perpendicular simple harmonic oscillations. 
If the oscillations in either coordinate have equal frequencies, x = A, cos(wt + 1) and 
y = A) cos(wt + y2), the path of the point is an inclined ellipse: 


r? y? ZEY 


B + 2 AA; cos(y, — p1) = sin? (y2 — p1). 


Such a motion is called an elliptically polarized oscillation. If p2 — pı = (2m + 1)7 /2, the 
ellipse axes coincide with the coordinate axes. If p, — y, = mr, the ellipse degenerates into 
a straight line segment; such a motion is called a linearly polarized oscillation. The point 
can move clockwise (for 2m7 < p, — yy < 2mxT + T) or counterclockwise; in these cases, 
one speaks about the right or left elliptic polarization. 

Two-dimensional harmonic motions with frequencies w and wz occur along curves 
called Lissajous figures. If the frequency ratio w/w is a rational number, these figures are 
closed curves. Closed Lissajous figures can be used to determine the frequency ratio. 


P4.1.2. Free Undamped Oscillations 


> Free mechanical oscillations with a single degree of freedom. If the displacement 
of a conservative mechanical system from a stable equilibrium is described by a single 
parameter x, then for small x, the potential energy has the form 


1 ÊE 1 ËE ka? 
E(x) = =x? E r? = a P4.1.2.1 
aoe a ( da? ) > 6" ( da? ) > 2 
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It follows that small oscillations of the system about its stable equilibrium occur harmon- 
ically. The potential energy of an oscillatory system 1s usually reckoned from the stable 
equilibrium (Ep = 0 for x = 0). For small x, the generalized force, Fy = -d Ep /dx, is pro- 
portional to the displacement: Fy = —«Kx. (If x is a linear coordinate, then the generalized 
force is the force projection on the displacement direction, and if x is an angle, then Fy is 
a torque.) 

If a mechanical system is a point particle or a translationally moving body, then the 
kinetic energy of the system has the form Fx = imi’. The equation of motion 


MI = -KT (P4.1.2.2) 


has the same form as that of a mass attached to a spring. For small x, the restoring force 
acting on the body (1.e., the force that tends to bring the body back to the equilibrium) is 
called the quasielastic force, Fy =—Kx, and the coefficient  1s the effective spring constant. 
The angular frequency and oscillation period are expressed as 


wesf—, T=?%m/—. (P4.1.2.3) 
m K 


The particle oscillates harmonically, x = A cos(wt+pp), and its kinetic and potential energies 
oscillate harmonically with the frequency 2w: 


Ex = E sin” (wt + po) = }E[1 —cos(2wt + 2%0)], 
E, = E cos? (wt + po) = FE [1 + cos(2wt + 2¢)], 


where E = bmw? A? = Í kA? is the total mechanical energy, which is proportional to the 


amplitude squared. The average kinetic energy is equal to the average potential energy. 


Figure P4.2. To example 1. 


Example 1. If the level of a liquid in an U-shaped tube (Fig. P4.2) is displaced by a distance x from 
equilibrium, the potential energy of the liquid increases by Amgz = (pSx)gx = (2p98)x*/2 (where p is the 
liquid density and S is the tube cross-section) and the kinetic energy is equal to mi) 2. Hence the angular 
frequency of oscillations is equal to w = ,/2pgS/m. 


Example 2. In one of the early models of the hydrogen atom (the Thomson model), it was assumed that 
the positive charge is uniformly distributed across a ball of radius R, equal to the atomic radius, and the electron 
was placed at the center of the ball. Let us find the frequency of electron oscillations when it is displaced 
from the equilibrium. If r denotes the displacement, the attraction force is equal to F, = —ke*r / R? (see 
Subsection P3.3.2). Hence, for small displacements, r < R, there occur harmonic oscillations with frequency 


ws y ke?/(mR3). 
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Figure P4.3. Physical pendulum. 


Example 3. Physical pendulum. The physical pendulum is a rigid body whose horizontal immovable 
axis of rotation does not pass through its center of mass. For the pendulum deviation from equilibrium by 
a small angle a (Fig. P4.3), there arises a moment of the gravity force equal to M = —mgdsina (d is the 
distance from the center of mass to the axis of rotation), which tends to return the pendulum to equilibrium. 
The equation of rotational motion of the rigid body has the form: [@ = —mgd sina, where I is the moment 
of inertia of the body about the axis of rotation. For small deviation angles a < 1, this equation becomes 
the equation of harmonic oscillations with respect to the angle a: 4 + (mgd/I)a = 0. The pendulum angular 
frequency and oscillation period are equal to 


w= /mgd/T, T =2x1 y 1/(mga). 


For example, for a homogeneous rod of length | suspended by one of its ends, we obtain I = m17/3, d = 1/2, 
T = 21,/21/(3g). The reduced length L of a physical pendulum is the length of a mathematical pendulum 


such that its period T = 27,/L/g is equal to the period of the given physical pendulum: L = I/(md). (For a 
homogeneous rod suspended by an end, we have L = 21/3.) The point lying at a distance L from the suspension 
axis on the straight line passing through the center of mass perpendicularly to the suspension axis is called the 
center of oscillation. If a body is suspended on the axis passing through the center of oscillation parallel to the 
previous axis, then the oscillation period, and hence the pendulum reduced length do not change. 

In this example, the generalized force is the moment of gravity force. The frequency can also be determined 
by the energy method if the dependence of the potential energy on the deviation angle is found: Ep = 
mgd(1—cos a) = mgda/ 2. For the total energy, we obtain E = 51 + 3mgdo? , which implies the oscillation 
frequency. 


> Isochronism of harmonic oscillations. The harmonic oscillations are isochronous, 
which means that their period is independent of the amplitude. The point is that, in the 
equation of harmonic oscillations % + yx = 0, the coefficient y has dimension s”? and 
it follows from the dimension considerations that the period cannot depend on anything 
else except for y. The oscillations of large amplitude cease to be harmonic and hence 
isochronous; the period begins to depend on the amplitude. But in several special cases, 
even small oscillations may not be isochronous. This occurs if the second derivative in 
formula (P4.1.2.1) for the expansion of Ep in x is zero. Such a situation arises, for example, 
in the case where a load fixed at the middle of an unstrained spring with fixed ends deviates 
in the direction perpendicular to the spring. For small x, the potential energy is proportional 
to x*, and the equation of motion has the form: %+-yx° = 0. In this case, the dimension y is 
m~*s~’, and the oscillation period T ~ y 1/2 A7! is inversely proportional to the amplitude. 


> Oscillatory systems with several degrees of freedom. If the system displacement 
from the stable equilibrium is characterized by N independent parameters £1, ..., £N, 
then for an arbitrarily small initial deviation, the dependence x;(t) cannot be harmonic 
oscillations. But any motion can be represented as the sum of N special motions called 
normal vibrational modes, in each of which, all x; harmonically oscillate with a angular 
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k 
m QQ0000Q9m 


Figure P4.4. Coupled pendulums. 


frequency characterizing this mode. In the general case, all the N frequencies can be 
distinct. 


Example 4. Coupled pendulums. We consider two equal mathematical pendulums of length / whose 
loads are connected by an unstrained spring of rigidity k (Fig. P4.4). The normal modes of this system can be 
guessed because of the system symmetry. Harmonic oscillations arise for: (a) equal deviations of the pendulums 
to the same side (xı = x2) and (b) for the equal deviations of the pendulums to opposite sides (xı = —x2). In 
the first case: w1 = y g/l, in the second case: w2 = y (g/l) + Qk/m). If only the first pendulum deviates to a 
side, which corresponds to the initial conditions (x10, £20) = (A, 0), then such a deviation can be represented as 
the sum of two normal deviations: (A, 0) = (54, ŁA) + (54, -5A). This means that the motion of the first 


pendulum obeys the law: xı = ¿A cos(wit) + ¿A cos(w»t), and the motion of the second pendulum obeys the 
law: x2 = ¿A cos(wt)-— ¿A cos(wat). If k/m < g/l, then the frequencies wı and w are close to each other: 


Aw = w , and, under superposition of two oscillations with close frequencies, one observes beats (see 


lett 

g/l 
Subsection P4.1.1): in the time Tj, /2 = 7/Aw, the second pendulum is in full swing, and the first pendulum 
stops, and after the same time period, the energy is again transferred to the first pendulum, etc. 


Figure P4.5. Electric oscillatory circuit. 


> Free oscillations in electric circuit. The oscillatory circuit is a closed circuit consisting 
of a capacitor of capacitance C and a coil of inductance L (Fig. P4.5). The processes in 
an oscillatory circuit, just as in alternating current circuits, are studied in the domains of 
frequencies, where the quasi-stationarity condition 1s satisfied (see Subsection P3.10.1); 
that is, w < c/l, where l are typical dimensions of the system (in this approximation, in 
particular, one can neglect the circuit radiation). For the chosen rule of bypassing the circuit, 
the Ohm law for the subcircuit containing the inductance and for the capacitor charge has 
the form: IR = (%1 — %2) + é, where R is the resistance of the wires and the coil. Taking 
the relations J = ġ (that holds the chosen signs), q = (p,—1)/R, and €=—L/ into account, 
we obtain IR = (q/C)-— LI. This implies that 


g+—q+—q=0. (P4.1.2.3) 


If the circuit resistance is negligibly small (which corresponds to R < y L/C), then the 
capacitor charge varies according to the harmonic law q = qm cos(wt + Yo) with angular 
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frequency and period equal to 
1 
w = ——  (Thomson's formula), Teal LC. (P4.1.2.4) 
VLC 


The current in the circuit varies according to the harmonic law with amplitude Im = wqm 
with the phase lead by 7/2. 

Thomson’s formula (P4.1.2.4) can be obtained by the energy method starting from the 
expression for the circuit energy: 


2 "20 
taking into account that J = y. The energy is transformed from electric into magnetic 
and conversely: at the moment of maxima capacitor charge, it is equal to W = q*,/(2C), 
and when the capacitor charge is zero, it is equal to W = LI? /2. The relations for the 
time-dependence of the magnetic and electric energy are the same as for the kinetic and 
potential energies in the case of mechanical oscillations. 


P4.1.3. Damped and Forced Oscillations 


> Damped oscillations. If the energy is lost in an oscillatory system, then the oscillation 
amplitude decreases with time. If the losses of energy of mechanical oscillations are 
determined by the force of viscous friction, which is proportional to the velocity for small 
velocities, then the equation of motion má =—kx—bx can be reduced to the linear differential 
equation 

2+284 +wx =0, (P4.1.3.1) 


which is called the equation of damped oscillations. Here 8 = b/(Qm) is the damping 
coefficient, wo is the angular frequency of natural oscillations without damping (as 5 — 0). 


It is convenient to seek the solution of this equation in exponential form: “z= A exp(—7?). 
Substituting this into (P4.1.3.1), we obtain the quadratic equation for y: y?-28y + Ww = 0. 


If 8 < wo, then the equation has two complex conjugate solutions: %12 = G6 tivy Ww = 
which result in equal answers, and hence one can take any of them. Applying the Euler 
formula (see Subsection P4.1.1), we obtain 


x(t) = Age” cos(wt + po), w= wp - p, (P4.1.3.2) 


where the constants Ap and yọ are determined by the initial conditions. 

The function (P4.1.3.2) takes the zero value in equal time intervals T = 27 /w (Fig. P4.6), 
and hence w and T’ are conditionally called the frequency and period of damped oscillations. 
If 8 < wo, then on each time interval T < + < 87, the oscillations can be assumed to 
be harmonic, and A(t) = Ap exp(—(Gt) has the meaning of the oscillation amplitude on this 
interval. Therefore (for any 3 < wg), A(t) is said to be time-dependent amplitude of damped 
oscillations. In time 7 = 8}, the amplitude decreases by e times. The amplitude decrease 
per a period, equal to A(t)/A(t + T) = exp(GT), is called the damping decrement, and the 


X 


Figure P4.6. Damped oscillations. 
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logarithm of the decrement 


Se PO, = 6T (P4.1.3.3) 


" AG+T) ~ 
is called the logarithmic damping decrement. The quantity 1/A is the number of total 
oscillations in which the amplitude decreases by a factor of e. 

If 6 > wo (strong damping), then the quadratic equation for ~y has two real positive roots: 


y2 =Bty 8- Ta and the general solution 

x(t) = Ay exp yt) + Ao exp(—721) (P4.1.3.4) 
is of non-oscillatory (anharmonic) character (the parameters A; and A» are determined by 
the initial conditions). 


> Damped electric oscillations. Comparing the equation of oscillations in an electric 
circuit (P4.1.2.4) with the equation of damped oscillations (P4.1.3.1), we find the expressions 
for the damping coefficient and the logarithmic damping decrement: 


R 
joe = = P4.1.3. 
B= A=fT=w% (P4.1.3.5) 


The condition for weak damping A << 1 has the form: R < v L/C (the quantity V L/C is 
called the wave resistance of the circuit). 


> Forced mechanical oscillations. The motion of a system under the action of an external 
periodic force is called the forced oscillations, the external force itself 1s called the driving 
force. From the equation of motion mz =—Kx2—bx + F(t), we obtain the equation of forced 
oscillations: 

ï +26 +91 = f(b), (P4.1.3.6) 


where the notation f(t) = F,,(t)/m is used. 

The general solution of such an inhomogeneous (with nonzero right-hand side) equation 
can be represented as the sum of a particular (that is, any) solution of the inhomogeneous 
equation and the general solution of the homogeneous equation. (The general solution must 
contain free parameters, which permit satisfying any initial conditions.) The homogeneous 
equation is the equation of damped oscillations, its general solution (formulas (P4.1.3.2) 
and (P4.1.3.4)) exponentially decays in time 7 ~ 1/5. The damping of natural oscillations 
means the termination of the regime of transient oscillations and the beginning of the regime 
of steady-state forced oscillations whose characteristics are determined by the functions f(t) 
and the parameters 0, wo, but are independent of the initial conditions. 

We seek a particular solution of equation (P4.1.3.6) in the form of steady-state oscilla- 
tions. Because any periodic force F;,(t) can be expanded in the Fourier series, it is natural 
to study the steady-state forced oscillations under the action of a harmonic driving force 
FŒ = F,()/m = (Fo/m) cos Qt. We seek them in the form of harmonic oscillations of the 
same frequency but with a phase shift: 


x = Acos(Qt + p). (P4.1.3.7) 
Substituting (P4.1.3.7) into equation (P4.1.3.6), we obtain 


A= = 
my (w -PP + 4720? | 
280 (P4.1.3.8) 
de Te a 
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Figure P4.7. The amplitude and phase shift dependence on the frequency of the driving force. 


For Q = 0, we obtain ọ = 0 and A = Fo/(muw) = Fo/k, which corresponds to the static 
displacement of the body following the slowly varying force. For Q — oo, we have A — 0 
and y —> —T. The graphs of A(Q) and (Q) are given in Fig. P4.7. 


> Resonance. The maximum value of the amplitude of steady-state oscillations is attained 
at the resonance frequency (2, = y Ww -282 = Vw? — 8? and is equal to Amax = A(Q,;) = 
Fo/(2mGw), where w = y Ww — 6? is the angular frequency of damped oscillations. For 
B < wo, the dependence A((2) contains a sharp and narrow maximum at the resonance 
frequency, which in this limit is close to the natural frequency of the system oscillations. 
This phenomenon is called resonance, and the curves of the dependence A((2) are the 
resonance curves. The maxima characteristics (for 6 < wo) are: the ratio of Amax to the 
static deviation A(0) is equal to w/(28) = T/A (A is the logarithmic damping decrement); 
the quantity Q = T/A is called the quality factor of the oscillatory system. The width of the 
resonance curve at the level Amax / V2 is equal to the damping coefficient: AQ = 8. 

The amplitude of steady-state oscillations of the velocity attains the maximum value 
Fo/(2mB) at Q = wo. At resonance, the velocity oscillations coincide in phase with the 
driving force oscillations. 

We consider the process of establishing the oscillations in the case where the frequency 
driving force is equal to the resonance frequency (it is assumed that 6 < wo). If, at the 
initial moment, the point displacement and velocity are zero, then in the limit under study 
the initial conditions are satisfied by the solution: 


T= Amax Sin wt — A t sin wt = Amax (1 =e 0) sin wt. 


The obtained dependence is shown in Fig. P4.8. For t << 1/6, the amplitude increases 
proportionally to time: A(t) ~ AmaxPt = = Fot/(2mw); the damping at this stage does 
not exhibit any influence. We note that the time of establishment of oscillations is large 
compared with the period: 1/8 >> 27/w. If the frequency (2 is close to w, but differs from it, 
then the motion at the initial stage t << 1/0 is the sum of oscillations with close frequencies. 
If the condition w > |Q -w| > 1/8 is satisfied, then in the process of establishment of 
oscillations, profound beats can be observed (the oscillation amplitude increases almost up 
to 2Amax and decreases almost to zero with period Tp = 27/10 — w)). 

Resonance under arbitrary periodic action. If the period of external action F(t) is multiple of the 
period of the system natural oscillations T = 27 /w, then the expansion of F’,(t) in the Fourier series can contain 
the harmonic with frequency w. If the Q-factor of an oscillatory system is large, then harmonic oscillations of 
a noticeable amplitude can arise under the action of this harmonic. For example, the swings can be slightly 


pushed at each swing (then the first harmonic has the resonance frequency), or at the next nearest swing (then 
the second harmonic will work), etc. 
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Figure P4.8. Establishment of oscillations at the resonance frequency. 


> Forced electric oscillations. If the oscillatory circuit (see Subsection P4.2.1) contains 
alternating emf ¿(t), then the forced oscillations are described by the same differential 
equation as that for a mechanical system: 


G+28B7 + wq = &t)/L, (P4.1.3.9) 


where q is capacitor charge, 8 = R/QL) is the damping coefficient, and Ww =1/VLC 
is the angular frequency of the circuit natural oscillations. We consider the steady-state 
oscillations under the action of a harmonic force (t) = ĉo cos Qt. The charge oscillations 
obey the law q(t) = qo cos(Qt + ~), where the amplitude go and the phase shift y satisfy 
expressions (P4.1.3.8). However, in electric circuits, it is of interest to study not the 
charge oscillations but the oscillations of current Z = q, which occur according to the law 
I = Ig cos(QQt — p1) with amplitude and phase shift equal to 


ft Soe 1 1 
_ 2 A os E 
MERA E + (OL ==} | l angi =- (OL weal (P4.1.3.10) 


The maximum of the current oscillation amplitude (resonance) is attained for (2, = wo = 
1/V LC, and it is equal to [9(Q,) = ¿q/R. At resonance, the current oscillations coincide 
in phase with emf oscillations. 


The voltage oscillations on the resistor, capacitor, and the induction coil are described 
by the following formulas: 


Ur = IR = IpRcos(Mt- 91), 


q | ( =) 
= = = lg Ot — a 
Uc c= 0 GG es t- 01 >) 
dI T 
Ur, = L—- = LOL) COS (0-91 + 5) 


(the current amplitude is the same on all the elements, because they are connected in series). 

The coefficients of proportionality between the current and voltage amplitudes are called 
as follows: xc =1/(QC) is the capacitive reactance and zr, = O Lis inductive reactance. The 
quantity x =x,-—2%c is called the reactance, Ris the resistance (the energy is dissipated only 


at this resistance), and the quantity z = V R? + x? is the impedance of the circuit. Formula 
(P4.1.3.10) can be rewritten as Ip = o/z, tan yı = x/R. All these relations become rather 
obvious if the vector diagrams are used (Fig. P4.9). At resonance, the reactance vanishes, 
x = 0, that is, the voltage oscillations on the capacitance and inductance compensate for 
each other and the circuit impedance becomes purely resistive, z = R. If the resistance of a 
circuit is zero, R = 0, the impedance is called purely reactive, with z = x. 
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Figure P4.9. Vector diagram of currents and voltages for elements connected in series. 


> Power on a subcircuit. The active or effective value of alternating current (voltage, 
emf) is the value of the constant current at which the quantity of heat released on the 
resistance in a period coincides with the quantity of heat released by the alternating current 
(that is, the mean square value over the period): 


T 
/ P Rdt = IRT. 
0 


For the sinusoidal current, Ief = Io/ V2, and Usf = Uo I v2. If the phase shift between the 
current and the voltage is y, then the period-average power is equal to 


1 ff 1 
P= 7 / Uo cos(Qt) lp cos(Qt — p) dt = z Volo cos Y = Tef Uef COS p. 
0 


For purely reactive impedance, the average power is zero. 


P4.2. Wave Processes 
P4.2.1. Elastic and Acoustic Waves 


> Basic definitions. If a continuum has elastic properties, then the motion of points 
at one place of the medium (at the source) results in propagation of this motion with a 
certain velocity in the form of an elastic wave. The medium wave motion is described by 
the function (r,t) determining the medium particle displacement from equilibrium r at 
time t. (The medium particle is a sufficiently small macroscopic element of the medium, 
that is, an element containing rather many atoms and molecules.) An elastic wave can 
propagate in three-dimensional medium, two-dimensional medium (elastic membrane), 
and one-dimensional medium (elastic rod, stretched rigid fiber, air column). The simplest 
wave mode is the plane wave, where the function € = €(x,t) varies only in one direction 
and depends on the coordinate x. If in this case the vector € is perpendicular to the wave 
propagation direction, then the wave is said to be transverse, and if it 1s parallel, then the 
wave 1s said to be longitudinal. 

A medium is said to be homogeneous if all its points are equivalent, isotropic 1f all 
the directions in it are equivalent, elastic if all forces arising in it depend only on the 
displacement (strain), and linear if the forces are proportional to the strains. In an absolutely 
elastic medium, the wave mechanical energy is not dissipated (is not transformed into 
internal energy). If the medium has only volume elasticity, then only longitudinal waves 
can propagate in it (liquid, gas); if it also has elasticity of form, then transverse (shear) 
waves are also possible. In the linear medium, the wave propagation is described by linear 
differential equations, and the superposition principle holds: if two independent sources 
cause two different waves €,(r, t) and €,(r, t), then the common action of the sources results 
in the wave &(r, t) = €,(r, t) + €,(r,t). The same statement holds for a single source whose 
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motion can be decomposed into two motions. Since any function of time can be represented 
as the Fourier integral in harmonic functions, 1t follows that the wave motion of a linear 
medium can be decomposed into harmonic waves. Through an arbitrary point of a harmonic 
wave, one can draw a single surface of constant phase, which is called the wave surface. 
The wave surface coinciding with the leading edge of the wave perturbation is called the 
wave front. 


> Equation of plane harmonic wave. If the displacement in the source obeys the law 
E(0,t) = Em cos wt, then at the points with the coordinate x, the displacement occurs 
according to the same law, but with the delay by x/v, where v is the wave propagation 
velocity: 


27 


E(x, t) = Em COS w (: — =) Sl cos (Hs — a) = Em CoOs(wt — kx), (P4.2.1.1) 


where À = 27v/w = vT is wavelength, and k = w/v = 27/A is the wavenumber. The 
wavelength is the shortest distance between points exhibiting synchronous oscillations (the 
phase difference is Ay = 27); the wavelength is the spatial period of the harmonic wave 
profile at any time moment. The phase difference between arbitrary points of the wave 
is equal to Ay = 2r(x2 — 21)/A. In equation (P4.2.1.1), it is assumed that the energy 
losses at the distance x are negligibly small; a small energy dissipation can be taken into 
account empirically introducing the factor exp(—yx), where y is coefficient of wave damping, 
in (P4.2.1.1). If we introduce the wave vector k directed perpendicularly to the wave front 
in the direction of wave propagation, then (P4.2.1.1) takes the form invariant under the 
choice of the coordinate system: 


é(r,t)=fmcos(wt-k-r), —- E, t) = Eek, (P4.2.1.2) 


The last form of the traveling wave equation 1s based on the Euler formula; only the real part 


Re € has a physical meaning. If the wave velocity is independent of the frequency (there is 
no dispersion), then the plane wave perturbation of any form propagates without distortion. 


> Spherical and cylindrical diverging waves. If the wave propagates from a point 
(spherical) or linear (cylindrical) source isotropically in all directions, then the wave surfaces 
have the respective shape of spheres or circular cylinders. In these cases, the equations of 
diverging waves without energy losses have the form: 


Er. t= So cos(wt — kr) (spherical wave), 
r 


fo 


VR 


where r = y22+y2?+22, R = \/x2+y?. The amplitude decreases because the wave 
surface area increases; the energy conservation law demands that the energy flux remain 


constant (we recall that the energy of oscillations is proportional to the squared amplitude; 
see also below). 


E(R, t) = cos(wt — kR) (cylindrical wave), 


> Wave equation. A direct substitution shows that the displacement of the harmonic 
wave €(r, t) satisfies the equation 


Pe PE PE 1 WE 


1 0%€ 
men Kez 
Ox? dy? 5 Oz2 v? ðt? $ 


= TJR’ (P4.2.1.3) 
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which is called the wave equation. If the harmonic wave velocity is independent of the 
frequency (the dependence of w on k is linear, that is, the dispersion is absent), then any 
superposition of plane waves satisfies the same equation. The converse statement also 
holds: if the equation of motion of a particle of the medium can be reduced to (P4.2.1.3), 
then any wave perturbations of this medium propagate with the velocity v. 

In the one-dimensional case, the general solution of equation (P4.2.1.3) has the form 


E = fi(v—vt) + f(x + vt), (P4.2.1.4) 


where fı and f are arbitrary (differential) functions. The first term describes propagation 
of the plane signal f(x) with velocity v without changes in the form in the direction of 
positive x, and the second term describes propagation of the signal f(x) with velocity v in 
the direction of negative z. 


Example 1. Elastic rod. The forces F arising in a thin rod of cross-sectional area S subjected to 
longitudinal elastic deformations obeys Hooke’s law: o = Ee, where o = F/S is the stress at a given point 
of the rod, e is the strain, and E is Young’s modulus. If x is the coordinate along the rod and €(x,t) is the 
longitudinal displacement of the particle with coordinate x at the time ¢, the strain at the point x is expressed 


a . dx) -— . 
in terms of the partial derivative of the displacement as e = tE = an The force acting on the 
£ a 
particle of size Ax and mass Am = p Az S is equal to [o(x + Ax) — o(x)]S. Then the equation of motion of 
the particle has the form 
Org OE pag 

[o(x + Ax) — 0(1)15 = Amz => On Bb Op 
Hence, the wave propagation speed in an elastic rod is equal to v = y E/p. Longitudinal waves in elastic 
media propagate with the same speed. 


Example 2. Stretched string. A transverse wave can propagate along a string whose tension is equal 
to T. Suppose that the string profile at a given time moment is described by the function E(x, t) (Fig. P4.10). 
We obtain the equation of motion of the medium particle of dimension Ax under the assumption of low-slope 
wave: O0€/Ox < 1. The vertical projection of the tensile force is equal to F (1) = T sina ~ T(0€/0x) (a 
is the string inclination angle); the vertical force acting on the medium particle of dimension Ax and mass 
Am = pinAx S is equal to F (x + Ax) — F(x) (pin is the linear string density). The equation of motion of 
the medium particle has the form 


OE _ pin OE 


ðr? T 08” 
hence the wave propagation velocity in the string is equal to v = y/T'/ pin. 


T FEO 


Figure P4.10. Element of a stretched string (to example 2). 


Example 3. Air column in a cylinder. The volume elasticity of a gas (or any thermodynamically simple 
medium) is characterized by the bulk modulus of elasticity K = -V (Əp/ƏV) = p(Op/Op). The value of K 
depends on the condition under which bulk deformation of the gas occurs. For sound oscillations (v > 16 Hz), one 
can neglect the heat exchange between distinct medium particles and assume that K is the adiabatic modulus of 
elasticity: Kaa = -V (Op av) ag’ The variation in the pressure at a given point of the cylinder (for small strains) 
is Ap(x)=-—limy>0 K(A V/V) =-limaz—o0 K[SE(x + Ax) - SE(x)]/(S Ax) =-K(0€ /Ox); the force acting 
on the air medium particle of dimension Ax and mass Am = p Az Sis equal to AF =[Ap(x)-Ap(x+Azx)]5. 
The equation of motion of the medium particle has the form 


E pot 


ðr? K At’ 
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and hence the wave propagation velocity in the air cylinder is equal to v = y/K/p = ,/Op/Op. (These 
expressions remain valid for any thermodynamically simple medium such as a real gas or a liquid.) For the 


sound waves in an ideal gas, we obtain: K = yp, v = \/yp/p = yv yRT/p, where y is the adiabatic exponent 
(see Subsection P2.2.3). 


> Volume density of energy. Energy flux density. The densities of the kinetic and 
potential energies at a given point of the plane elastic longitudinal wave are equal to 


e DEN oe a OEY 

AS P 2 (ðr) 
For a traveling wave of arbitrary form € = f(x + vt), we have the relation (0£ / Oty = 
v*(0€/dx)*. Taking into account that v? = E/p for the elastic longitudinal wave, we see 
that the densities of the kinetic and potential energies at each point of the traveling wave 
are equal to each other. This statement holds for traveling waves of any nature. In the case 


of a harmonic plane wave (P4.2.1.1), the wave energy per unit volume and its time average 
have the form: 


W = Wk + Wp = pw EZ, sin? (wt — kx), (w) = 5 pu Ee. 


The energy flux density (the Umov vector) at a given point of the traveling wave is 
equal to 
U=wu, (P4.2.1.5) 


where u is the rate of the energy transfer. In the dispersionless medium, u = v, where v is the 
wave propagation velocity contained in the wave equation (P4.2.1.4). For harmonic traveling 
wave (P4.2.1.1), u = v, where v is the phase velocity of the wave: v = w/k. The energy 
transferred by the traveling wave through the site ds per unit time (the energy flux) is equal 
to dd = U- ds. The magnitude of time-average value of the Umov vector (it is sometimes 
called the wave intensity) for a harmonic plane wave is equal to I = |(U)| = vlw) = > puw EZ. 
In the case of an arbitrary (including the standing) longitudinal elastic wave, one can use 
the expression for U in terms of the power of elastic forces (per unit area): 


where o = E 0€ /0x is the stress at a given point of the medium (see example 1). For the 
transverse wave in the string (example 2), the energy flux has a similar form: 


3E _ DE OE 


a 


> Dispersion. Group velocity. The dependence of the harmonic wave velocity on the fre- 
quency or the wavelength is called the dispersion, and the medium where this phenomenon 
is observed is called the dispersion medium. In the dispersion medium, the nonsinusoidal 
traveling pulse changes its shape in the process of motion, because the harmonic waves 
contained in its Fourier expansion move with different velocities. The energy transfer rate 
contained in expression (P4.2.1.5) for the Umov vector is determined in this case as the 
velocity of motion of the center of pulse (or as the velocity of the point at which the strain 
is maximum) and is called the group velocity of the wave packet (in contrast to the phase 
velocity of the sinusoidal wave v = w/k). A finite pulse of dimension Az is called the wave 
packet because its expansion in the Fourier integral in harmonic waves contains a finite 
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Figure P4.11. Phase and group velocities. 


group of waves whose spectral width is determined by the relation: Ax Ak ~ 1. The group 
velocity of such a pulse is equal to 


r= — =v-A—, P4.2.1. 
Ug TL V AT ( 6) 


where v = w/k is the phase velocity of the wave. The points of maxima (the “humps”) 
inside the wave packet move with the phase velocity v, and the envelope of these maxima 
moves with the velocity wg; (Fig. P4.11). 

The notion of group velocity of a wave packet can be used only 1f its spectral width is 
small so that the dependence w(k) can be assumed to be linear. 


To illustrate this, we consider the wave that is the superposition of at most two traveling waves with close 
frequencies and equal amplitude: 


E = Em cos[(w + Aw)t — (k + Ak)x] + Em cos[(w — Aw)t — (k — Ak)z] 
= 2£m cos(Aw t — Ak x) cos(wt — kx). 


This shows that the wave envelope has the spatial period Ax = 2r /Ak and propagates with velocity u = Aw/Ak. 


Example 4. The group velocity can be both less and greater than the phase velocity. The phase velocity 
of waves on the surface of a fluid for long (gravitational) waves depends on the wavelength according to the 


law v = y gA/2r, and for short (capillary) waves, according to the law v = \/270/pX. Substituting this in 
formula (P4.2.1.6), we see that the group velocity in the first case is equal to Ug, = v/2, and in the second, to 
Ugr = 3v/2. We also see that the group velocity can be strongly different from the phase velocity. 


> Wave interference. Two waves are called coherent if, at any point of the space, 
they generate coherent oscillations whose phase difference does not vary in time (see 
Subsection P4.1.1). The sources of coherent waves are called coherent sources. In the case 
of addition of incoherent waves, the time-average energy of the resultant oscillation is equal 
to the sum of their average energies. In the case of addition of coherent waves and in the 
case of particle oscillations that occur in the same or close directions, the phenomenon of 
interference can be observed. Interference of two or more coherent waves is characterized 
by increased amplitudes of the resulting wave at some points of space (where wave crests 
meet) and decreased amplitudes at other points (where a crest of a wave meets a trough of 
another wave). If a point lies at the distance rı from one of the coherent sources and at the 
distance rz from the other, then the phase difference between the oscillations at this point 
is equal to 


mT) 


A 
- (Pao — Y10) = 27 — Ayo. 


Ap = (pro — kr1) — (p20 — kr2) = 277 y 


Here Ago is the phase difference between the source oscillations, A = (r2 — r1) is the wave 
path difference. The maximum conditions for the resultant oscillations is Ay = +27m, 
the minimum condition is Ay = +27 (m — +), where m 1s the order of the interference 
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maximum (minimum). In the case of in-phase sources (Ayo = 0) these conditions take the 
following especially simple form: 


A = mA (maximum), 
1 


As +(m — >) A (minimum). 


Example 5. We consider two linear coherent sources of cylindrical waves that are at the distance A/2 
from each other. For the points at far distances from sources, the wave propagation difference is determined 
only by the direction of radiation and is equal to A = + cos 0 (Fig. P4.12). In the case of in-phase sources, the 
radiation is weakened in the direction 0 = 0 and reinforced in the direction 0 = 7/2, and in the case of sources 
oscillating in opposite phase (Ayo = 7), the situation is opposite. 


A/2 


Figure P4.12. To example 5. 


> Standing waves. Natural oscillations. An important example of interference is the 
standing wave, arising in addition of two equal plane traveling waves propagating towards 
each other: 


E = Em cos(wt — kx) + Em cos(wt + kx) = 2&,, cos kx cos wt. (P4.2.1.7) 


The oscillation amplitude A(x) = 2£,, cos kx of the wave points varies periodically from 
zero (at the wave nodes) to 2€,,, (at the wave antinodes). The distance between neighboring 
nodes is equal to \/2. The oscillations of points between two nodes occur in phase, but 
the oscillations of points on the opposite sides of the node occur in opposite phase. At 
the nodes, the velocity oscillation amplitude is zero, but the oscillation amplitude of the 
strain O€ /Ox takes the maximum value. Conversely, at the antinodes, the strains are zero, 
but the velocity oscillations have the maximum amplitude. The time-average energy has 
the same value at all the points of the standing wave. The Umov vector 1s zero at both the 
nodes and antinodes and periodically changes its direction at the intermediate points. 

If the end of the rod in oscillatory motion 1s rigidly fixed, then the displacement of the 
rod end points is zero; if the rod end is free, then the strain is zero. In the first case, the 
boundary condition has the form €|,-9 = 0, and in the second case, the form 0€/Oz|,=9 = 0, 
where the value x = O corresponds to the rod end. (The same conditions arise for the air 
oscillations in a cylindrical tube in the case of closed or open end of the tube. For transverse 
oscillations of the stretched string considered in example 2, only the first version in which 
the string end is fixed is possible.) If all the points of a finite rod oscillate harmonically 
with a single frequency, then such a motion is called a natural or free oscillation of the 
rod. If an infinitely long rod is mentally cut at the point where the standing wave node is 
located, then the boundary condition for the fixed end is satisfied; and if the cut is at the 
point of antinode, then the boundary condition for the free end is satisfied. Hence the free 
oscillations of a rod of length / in the case of two free or two fixed ends must satisfy the 
condition l = mA or wm = rmvu/l (the spectrum of natural oscillations, m = 1, 2, ...), 
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Figure P4.13. Reflection of a wave pulse from an end of a rod: (a) fixed end, (b) free end. 


and in the case of one fixed end, the condition / = > (m — 5) A Of Wm = 7 (m — 5) v/l. The 
natural oscillation with the least possible frequency is called the fundamental oscillation, 
all the other natural oscillations are overtones or harmonics. 


> Traveling wave reflection. We consider reflection of traveling pulse from the rod end. 
If the rod end is fixed, then the boundary condition €|,-9 = O and the initial conditions (one 
incident pulse) are satisfied by the superposition of the incident pulse and the pulse of just 
the same form traveling towards it in which the point displacements have opposite direction 
(Fig. P4.13a). But if the rod end is free, then the boundary condition 0€/0x|,-9 = 0 is 
satisfied by the pulse of displacements of the same sign traveling towards it (Fig. P4.13b). 
In the case of a harmonic traveling wave, the reflection from the free end occurs without 
changes in the phase, and a standing wave with antinode at the rod end is formed in this 
case. The reflection from the fixed end occurs with the phase shift by m, and a standing 
wave with node at the rod end 1s formed. 


> Doppler effect in acoustics. In motion of the wave source and (or) the wave receiver 
with respect to the medium where the wave propagates, the registered frequency differs from 
the one under study (if the distance between the source and the receiver varies). We direct 
the axis x from the receiver to the source. If the source radiates sound with frequency vo 
and moves along the axis x with velocity vS (Fig. P4.14), then the distance between the 


Figure P4.14. Doppler effect arises when the source (S) moves and also when the receiver (R) moves. 


neighboring maxima of the wave propagating along x with velocity v in the direction of the 
receiver is equal to A = vTo + v$ To, and its frequency is equal to v/A: 


U 


(P4.2.1.8) 


V = W . 
VE 

If the receiver is fixed, then precisely this frequency is registered. If the receiver moves 
with velocity vË, then the time interval between the arrival of the neighboring maxima is 


equal to T’ = \/(v + vÈ), and the frequency of the received signal is equal to 1/7”: 


R R 
U+U U+U 
py’ =y—— = y a ! (P4.2.1.9) 
vV VU + UV? 


The Doppler effect is observed if the distance between the source and the receiver varies. 
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P4.2.2. Electromagnetic Waves 


> Properties of electromagnetic waves. The electromagnetic wave is the propagation of 
perturbations of an electromagnetic field in empty space or in a medium without sources. 
The existence of electromagnetic waves follows from the Maxwell theory (see Subsection 
P3.11.1), which states that an alternating electric field generates an alternating magnetic 
field and an alternating magnetic field generates an alternating electric field. In the case of 
a homogeneous isotropic medium, the Maxwell equation have the form 


OB OD 
1) curl E = E 2) curl H = DE (P4.2.2.1) 


3) divD=0, 4) divB=0, 


where D = ezeyE and B = oH. For the electromagnetic field depending only on the 
coordinate x, we obtain the equations: 


OH, OE, OH, OE, 
-umy == = —, po ==, 
Ot Ox Ot Ox 
JE, DH, DE, OH, (P4.2.2.2) 
A eae EU ae. 


In this case, the equations for longitudinal components have the form 0Ez /Ox =0 E. /0t=0, 
0H,/0x = 0H, /0t = 0, that is, all longitudinal components of the field are constant 
quantities. 

It is easy to see that the transverse components of the electromagnetic field satisfy the 
wave equation: 

OE, OH, 
AE, = TIE AH, = EE0UMO Je 

(the quantities E, and Hy satisfy the same equations). It follows from these equations that 
the electromagnetic perturbations in a medium propagate with the velocity 


1 
om (P4.2.2.3) 


Y= == —— == 
VEERO ER n 


where c = 1/,/20u0 = 3 X 108 m/c is the velocity of electromagnetic waves in vacuum, 
and n = ,/ép is the index of refraction of the medium. 

We consider the plane electromagnetic wave of a certain frequency (the monochromatic 
plane wave) propagating along the axis x: Ey = Eoy cos(wt- kz), Ez = Eo, costut-kx+0). 
From (P4.2.2.2) we find that Hy =—y/ ££0/ uuo E, and H, = y £€£0/ uuo Ey. These formulas 
permit one to obtain the following properties of the plane traveling electromagnetic wave: 

1) The electromagnetic wave is transverse. 

2) Since E - H = Q, it follows that E L H. The vectors (E, H, k) form the right triple of 
vectors; that is, the direction of the vector E x H coincides with the direction of the wave 
propagation. 

3) The values of the vectors E and H at each time moment are related as \/eco E = 
yVuuo H (E = vB). 

The character of the wave polarization depends on the phase difference y. For y = tmr, 
the wave is plane polarized; that is, the vector E oscillates in one plane (this plane is called 
the wave polarization plane), and for another phase difference, the wave is elliptically 
polarized, or (for y = t(m + +) and for Lo, = Eoy), the wave is circularly polarized (see 
Subsection P4.1.1). 
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> Energy of electromagnetic waves. The volume density of the electromagnetic wave 
energy 1s calculated by the formula 


w = Lee + + uu H? = ee E? = uo H? = LEH. 
In the case of a monochromatic plane polarized wave, we have 
w = ceo Eg cos (wt-— kx), (w) = Leeg Es. 
For the elliptically polarized wave: 


W = EEQ l Eby cos (wt — kx) + E. cos (wt — kz + p)| f 


(w) = eeo (Eo 4 E2). 


For the wave circularly polarized (Eoy = Loz = Eo, p = +1 + Tm), the energy density 
does not vary in time: w = eeo EG. 

The energy flux density in an electromagnetic wave 1s determined by the Poynting vector 
(see Subsection P3.11.2): 


S=uwv=ExH, 


which points in the direction of the wave propagation. The intensity of an electromagnetic 
wave is the magnitude of the time-average of the Poynting vector: 


T = |(S)| = vw). 


> Wave pressure. According to the theory of relativity, the energy flux density of elec- 
tromagnetic field in a vacuum means that there exists a momentum of the electromagnetic 
field. The volume density of the electromagnetic field momentum is equal (in magnitude) 
to w/c, the momentum flux density is equal to S/c, and its modulus is equal to w. In the 
case of wave reflection or absorption, there is a variation in the wave momentum, which 
must manifest itself in the wave pressure on an obstacle. In the case of normal reflection of 
a plane wave, the pressure is equal to p = (w)(1 + R), where R is the fraction of the reflected 
energy (the coefficient of reflection). Within the framework of electrodynamics, the wave 
pressure is explained by the action of the wave magnetic field on the current excited on 
reflecting surface by the wave electric field. 


> Radiation of plane current. The simplest example of a system creating alternating 
fields and radiating a plane electromagnetic wave is the time-alternating plane current. 
We consider the current in the plane (x, z) directed along z and varying by the law 7, = 
to cos wt (Fig. P4.15). It follows from the second of Maxwell’s equations in integral form 
(see Subsection P3.11.1) that the displacement current vanishes, and hence, for a narrow 
loop surrounding the current, we have 6,(0,t) = +4 uoto COS Wt, where the minus sign 
corresponds to the field on the right of the plane (for small y > 0), and the plus sign 
corresponds to the field on the left of the plane. Using the relation between E and B in 
a plane wave, we obtain E,(0,t) = —Agcoswt, where Ag = 5 piocio = 1p/Qepc). The 
electric field is directed opposite to the current, its work over the current is negative; 
that is, the current gives energy to the wave. The field far from the plane has the form 
Evy, t) = -A g cos(wt — ky) for y > 0 and E(y,t) = -Ap cos(wt + ky) for y < 0. 
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Figure P4.15. Radiation of plane current. 


> Wave radiation by moving charges. The radiation of electromagnetic waves occurs 
in accelerated motion of charges. An electric dipole whose dipole moment rapidly varies 
in time (a Hertz oscillator or a Hertz vibrator) is a simple radiating system. Since the elec- 
tromagnetic perturbations propagate with velocity c, the field of radiation at the distance r 
at time t is determined by the motion of charges in the dipole at time t = t — r/c. The 
radiation field has a rather simple form only in the wave zone; that is, at distances that are 
large compared with both the dipole dimensions and A = cr, where 7 is the typical time 
of the dipole moment variation (in the case of harmonic oscillations, A is the wavelength). 
The electric and magnetic fields in the wave zones are perpendicular to the radius vector r 
drawn from the dipole to the point of observation: 


(Bxr) xr], > B= a ¡ZII 


Aten? r? Arcr? 


The mutual location of the vectors E, H, and r is shown in Fig. P4.16. 


Figure P4.16. Radiation of a moving electric dipole. 


The solution of the Maxwell equations in the form or retarded potentials (see Subsection P3.11.1) permits 
one to write the expressions for the potentials at the point r at time t. For example, the vector potential has the 
form: 

Ho qvit—r/c) _ po p(t-r/c) 

Ar r Ar r l 

In calculations of B = curl A, the principal role in the wave zone is played by the term arising in the argument 
differentiation p, which results in the above expression for B. Similar but more cumbersome calculations can 
also be performed for the electric field. 


A(r, t) = 


The fields decrease with the distance according to the law 1/r. The Poynting vector in 
the wave zone is directed along r; in the direction making an angle @ with the vector p, it is 
equal to 

1 sin? 6 


7 Ate Ar? 


2 
(Bliye) ° 
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The energy flux through a closed surface 1s precisely the power of the dipole radiation: 


T i 357 
P= / S(6)2mr? sin 0 dd = — E. 
0 4T E0 303 
Assuming that only one of the dipole charges is in motion, we obtain the formula for the 
power of radiation of a particle in accelerated motion: 


1 ur 
7 Ateg 303 
which is proportional to its squared acceleration. 
An electric dipole whose moment varies by the harmonic law, p = pọ cos wt, is a linear 


harmonic oscillator. The dependence of the radiated wave intensity on the angle @ has the 
form 


(P4.2.2.4) 


1 pow sin? 0 


P= KS) = Ateg 8rer? ` 


0 


y 


Po 
Figure P4.17. Directional pattern of a linear oscillator. 


The dependence /(@) for r = const (the directional pattern) is shown in Fig. P4.17. The 
time-average power of radiation of such an oscillator 
1 tp? 
Ame 36 
is proportional to the fourth power of its frequency. 


(P4.2.2.5) 


Example 1. A free electron (with mass m) in the field of a plane electromagnetic wave with amplitude Eo 
exhibits forced oscillations with amplitude A = e Eo/ (mu?) (the equation of motion of the electron has the form 
mz = —e Ep cos wt). One can see that the radiation power of a free electron in the field of an electromagnetic 
wave 1s independent of the frequency, and the scattering cross-section (the ratio of the radiation power to the 
incident wave intensity) 1s equal to 


Another situation arises 1f, in the electromagnetic wave field, there is an atomic electron the natural frequency wo 
of whose oscillations is large compared to the frequency of the incident (light) wave. Then the oscillation 
amplitude (see Subsection P4.1.3) is equal to A = eEo/ (mw); that is, it is almost independent of w. In 
this case, the radiation power and the light scattering cross-section are proportional to w*, which qualitatively 
explains the blue color of the sky (the blue color scattering is stronger). 


Example 2. Ina hydrogen atom, let the electron move about the nucleus in a circular orbit with a decreasing 
radius r and speed v. The electron energy and radiation power are 
mu? ke? E ke? E 2ke*r -2 (key 1 
2 r 2r” 2033 3 mea rt 
since mí = mv?/r = ke*/r?. It follows from the law of conservation of energy, P =-dW/dt, that 


dr 4 (key 1 

dt 3 mE r? 
Separating the variables and integrating, we find the time in which the radius decreases from its initial value ro 
to zero (1.e., the time in which the electron falls onto the nucleus, or the deexcitation time): 


— == aa 10% s, 
e 


where ro ~ 107% m is the atomic radius. 
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> Doppler effect for electromagnetic waves in vacuum. The main distinction from 
the acoustic Doppler effect (see Subsection P4.2.1) is that there is no reference system 
associated with the medium, where the wave propagates. Therefore, the relation between 
the radiation frequency vo (measured in the source reference system Hs) and the registered 
frequency y (measured in the receiver reference system Hr) can depend only on their 
relative velocity. Assume that in Kp, the source moves with velocity v directed at the 
angle O made with the radius vector drawn from the receiver to the source. Repeating the 
argument given in Subsection P4.2.1, we obtain 


VO 
De = 
1 + (v/c) cos 0 


where V is the source frequency measured by the clock in the system Kp. Passing to the 
intrinsic time (Ty = yTo, or w= v0/y; see Subsection P1.10.2), we obtain 


{= 2/ a2 
2 Ae (P4.2.2.6) 


- y[1 + (u/c) cos 6] ~ 1+(v/c)cos 0 


One can see that, because of the time transformation, not only the longitudinal but 
also the transverse Doppler effect is observed (for the source motion perpendicular to the 
direction to the receiver). 


(Ks, Kp) 


Figure P4.18. To the explanation of the Doppler effect for electromagnetic waves. 


It is useful to consider the Doppler effect from a different viewpoint. Since the oscillation phase at a given 
point of the wave (wt —k - r) must be invariant under the transition to another reference system, the (k, w/c) is 
a four-vector of zero length (k? — wi C= 0). If, in the frame Kp, the axis x is directed parallel to the source 
velocity y (Fig. P4.18), then, in this reference system, we have kz =—k cos 0 = (w/c) cos 0. Using the Lorentz 
transformations to pass to the frame Ks, we obtain: wo/c = y[(w/c) — kalv/c)], or wo = ylw + w(v/c) cos 0]. 
Expressing w, we obtain (P4.2.2.6). This method allows us, by writing the Lorentz transformations for the 
wave vector k, to obtain formulas for the light aberration phenomenon, which is important in astronomy. 


> Scale of electromagnetic waves. Depending on the way of radiation and registration 
of electromagnetic waves, several ranges with conditional (overlapping) boundaries are 
distinguished in the scale of the frequency v or of the wavelengths in a vacuum A = c/V: 
1. The radio waves (A > 0.05 mm). 
2. The optical (light) radiation (10 nm < À < 1 mm): 
a) the infrared (IR) radiation (770 nm < à < 1 mm), 
b) the visible light (380 nm < A < 770 nm), 
c) the ultraviolet (UV) radiation (10 nm < A < 380 nm). 
3. The X-rays radiation (0.01 pm < A < 100 nm). 
4. The gamma radiation (gamma rays) (A < 0.1 nm). 
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Chapter P5 
Optics 


P5.1. Geometric Optics. Radiometry 
P5.1.1. Geometric Optics 


> Fundamental laws of geometric optics. Optics studies the electromagnetic radiation 
of optic (light) range (see Subsection P4.2.2) as well as phenomena arising in its propagation 
in space and under interaction with matter. Geometric optics does not consider the wave 
character and polarization of light radiation and deals with notions of light rays pointing 
out the direction of light propagation and narrow light beams formed by light rays. 

The fundamental laws of geometric optics are listed below. 

1. Law of rectilinear light propagation. 

2. Law of independence of light beams. The energy in each beam propagates indepen- 
dently of other beams; illumination of the surface on which several beams are incident, is 
equal to the sum of illuminations created by each beam separately. 

3. Law of light reflection. The reflected ray lies in incidence plane, formed by the 
incident ray and the normal to the surface at the point of incidence; the angle of incidence 
is equal to the angle of reflection. All the angles are counted from the normal. 

4. Law of light refraction. The refracted ray lies in the plane of incidence; the ratio of 
the sine of the angle of incidence a, to the sine of angle of refraction œ depends on the 
wavelength but is independent of the angle of incidence (Snell law): 

sin Q1 n2 
E E. 
sın QU) Ty 


(P5.1.1.1) 
The constant quantity 2, 1s called the relative index of refraction of the second medium 
with respect to the first one, which is equal to the ratio of (absolute) indices of refraction 
of each of the media (of indices of refraction of the medium with respect to a vacuum). 
From the viewpoint of wave optics, the absolute index of refraction shows by what factor 
the phase velocity of the light wave of a given frequency is less than the velocity of this 


wave in a vacuum: 
v=c/n, W= HE = ye (P5.1.1.2) 


(see Subsection P4.2.2). If n2 < n1, then for a; > QA, where sin a, = n21 < 1, one observes 
the total reflection of light; that is, the refracted ray is absent. If the light ray propagates in 
a medium with index of refraction gradually varying along an axis (in a layered medium), 
then it is convenient to use formula (P5.1.1.1) in the form n sin a = const, where a is the 
angle with this axis. One can see that œ varies gradually, which means that the ray is 
bending. 

The laws of geometric optics listed above must be supplemented with the principle of 
reversibility of light beams. 


> Limits of applicability of geometric optics. The laws of geometric optics act where 
the phenomena of interference, diffraction, and polarization are insignificant. This happens 
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when the wave amplitude and its first spatial derivatives vary just slightly over the wave- 
length. These conditions are violated at the shadow boundary, near the geometric point of 
convergence of light rays (focus), where light travels past narrow diaphragms, and also light 
propagates through media with rapidly varying index of refraction or with strong absorption. 
For example, when a light beam travels past a circular diaphragm of diameter d (for holes 
of irregular shape, d is understood as the minimum transverse dimension), it spreads out 
due to diffraction at a distance | ~ d*/; one can use the laws of geometric optics at small 
distances compared to J. 


> Huygens principle and Fermat principle. The laws of geometric optics are closely 
related to the Huygens principle (Huygens wave construction) and the Fermat principle. 
The Huygens principle is based on abstract-wave concepts and, at each point, permits 
constructing an auxiliary wave surface the normal to which shows the light ray direction. 
To construct the wave surface at time ¿+ At, one considers all the points of the wave surface 
at time £ as sources of secondary light waves. The envelope of spherical wave surfaces of 
secondary waves forms a new wave surface of the principal wave. 

The Fermat principle is one of the examples of variational principles that play an impor- 
tant role in physics. It states that the time of light propagation along the true trajectory is 
extremal (usually, minimum or maximum) compared with all the virtual nearby trajectories. 
More precisely, this time does not vary (in the first order of magnitude) for a small distortion 
of the trajectory. 

The Huygens and Fermat principles permit obtaining the fundamental laws of geometric 
optics but do not permit leaving its limits. 


> Optical path length. It is convenient to express the time of light propagation through 
a medium with a variable index of refraction in terms of the optical path length L: 


2 2 
dl L 
t= j Becc r= | ndl. (P5.1.1.3) 
1 1 


cjn cœ 
This notion is also useful in studying the interference. 


> Images in optical systems. One of the important problems of geometric optics is the 
construction of images formed by optical systems and the study of their properties. An 
image 1s the point of intersection of ray transmitted through an optical system. Images are 
real (the rays converge after leaving the system) and virtual (emergent rays diverge from 
the virtual point of intersection of their virtual continuations). The system of reflecting 
and refracting spherical (and plane) surfaces perpendicular to an axis forms the image of 
a point source by rays incident at small angles to the axis (paraxial approximation). The 
system axis 1s called the principal optic axis. The point of convergence of rays parallel 
to the axis is called the focus of the system; the plane perpendicular to the axis and drawn 
through the focus is called the focal plane. Like the images, the foci can be real and 
apparent. Additionally, one introduces the notion of “apparent source” denoting the point 
of intersection of imaginary continuations of the converging rays incident on the system. 

In what follows, we use the important property of images: the optical path lengths of all 
rays from the source to the image are the same; that is, the optical system does not change 
the path difference of rays. 

The basic elements of optical systems are the simple optical systems: plane and spherical 
mirrors, plane and spherical refracting surfaces, and thin lenses. The image formed by each 
of these elements is the source for the subsequent element. 

When considering a simple system, one counts all the distances from the point of 
intersection of this system with the principal optical axis. The distance from this point to 
the source is denoted by s, the distance to the image, by s’, and the distance to the focus, 
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by f (focal distance). To real sources, images, and foci there correspond positive values, to 
apparent sources, negative values. 

Below are formulas relating s, s’, and f for simple optical systems. 

1) Spherical mirror of radius R: 


I 1 1 
es, (P5.1.1.4) 


S + S f 
The focal distance is equal to f = R/2, for a concave mirror, R > 0, for a convex mirror, 
R<0. 

2) Plane mirror forms the image of a point source located behind the mirror symmet- 
rically to the source. Formally, (P5.1.1.4) holds for it as R — oo; that is, s’ = —s (to a real 
source there corresponds a virtual image, to an apparent source, there corresponds a real 
image). 

3) Spherical refracting surface of radius R with the relative index of refraction n21 = 
n2/n;: 

1 N21 N21 — 1 
PENE E 
so 8 R 
For a convex surface, R > 0, for a concave surface, R < 0. 

4) Plane refracting surface is obtained from the spherical surface in the limit as 

LR| — oo: 


s' = n2148. 


5) Thin lens bounded by spherical surfaces of radii Ry and R2. Relation (P5.1.1.4) 
holds, the focal distance of a thin lens is calculated by the formula: 


The radii R1, Az are assumed to be positive for convex surfaces and negative for concave 
surfaces. The quantity D = 1/F is called the focal power; it is measured in dioptres (dpt), 
with 1 dpt = 1/m. 

The theoretical limit of the image dimensions and the resolving power of optical systems 
is determined by the light diffraction. 


P5.1.2. Radiometry and Photometry 


Radiometry studies the measurement of electromagnetic radiation at all wavelengths, in- 
cluding visible light. Photometry studies the measurement of light within the wavelength 
range visible by the human eye. 


> Characteristics of radiation in space. The radiation power emitted by a radiation 
source at a given point of space in a particular direction is characterized by the radiant 
intensity, Í: 

d® = I cos 0 ds dQ). (P5.1.2.1) 


The radiation power d® is called the radiant flux; it is the energy transferred per unit time 
through the area element ds by the light rays contained in the solid angle d(2. The angle 0 
is the angle between a selected direction and the normal to the area element. The product 
cos @ ds is called the apparent size of the area element in the specified direction. The volume 
density of radiant energy, u = dW /dV , is calculated as 


IS fra (P5.1.2.2) 
C 
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In the case of isotropic radiation, u = 41 /c. For the intensity J and the density u, one can 
obtain the spectral decomposition in frequencies or wavelengths: 


u= | udu = | udu = | uy dà. 
0 0 0 


Equating the energy contained in the mutually corresponding spectral intervals, one can 
find the relation between distinct spectral representations. For example, by setting u, |dv| = 
uy IdA] with A = c/v taken into account, we obtain 


(2) 
Up = | 7 ] UX. 
V y2 


Similarly, we can obtain the decomposition in two mutually perpendicular polarizations. 


> Light and energy characteristics. The above-introduced energy characteristics are 
used to obtain an objective description of the radiation. The photometric or light character- 
istics take account of the sensitivity of the eye to the optical radiation. The radiant power 
is measured in watts and the photometric unit corresponding to it is called the luminous 
flux and is measured in lumens (lm). To pass to the luminous flux, it is necessary to mul- 
tiply the radiant power by the luminous efficacy y (measured in Im/W), which is equal to 
no = 625 Im/W for the wavelength Ay = 555 nm and to no Vy for other wavelengths, where Vy 
is the curve of visibility, or relative spectral sensitivity of the eye (V) = 1 for A = 555 nm and 
decreases to zero approaching the boundaries of the optical range). Recalculations from ar- 
bitrary radiant power to luminous flux can be performed by the formula 9, = no | PaVa dà. 
Recalculations from other energy characteristics to luminous characteristics and conversely 
can be performed similarly (for example, from the radiation intensity to the light intensity). 


> Characteristics of radiation source. The point source is characterized by the source 
energy power determined as the radiant power in a given direction per unit solid angle: 
d = Jd. The luminous characteristic — that is, the source luminous intensity — is 
determined in terms of the luminous flow. The radiant power unit, candela, is one of the 
basic SI units (1 lm = 1 cd x 1 sr, where “cd” stands for the candela and “sr” stands for the 
steradian). If there is no absorption or scattering of radiation, then the radiation intensity 
in the same direction at the distance r from the source 1s equal to 


l= 


| G 


For area sources—that is, for radiating surfaces—the notion of energy radiance in a 
given direction Bọ is introduced (the luminous characteristic is the brightness). The energy 
power emitted by a surface element ds is equal to 


dJ=Bgcosoóds or d®= Bo cos 0 ds dí), (P5.1.2.3) 


where 0 is the angle between the normal to the radiating surface and the radiation direction. 
The source whose Bọ is independent of the direction is called a Lambertian source. A 
Lambertian source of any shape appears uniformly bright (for example, the solar disk). The 
radiant exitance R (the luminous characteristic is the luminous exitance) is determined as 
the total radiant power in the solid angle 27 per unit area of a radiating surface: 


R= / Bg cos 0 dQ). (P5.1.2.4) 


For a Lambertian source, R = 7B. 
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> Irradiance. The radiant energy flux per unit area of illuminated surface is called the 
irradiance and denoted £. The corresponding light quantity is called the illuminance and 
measured in luxes (1x), with 11x = 1 lm/ m?. Ifa point source radiation is incident at an 
angle 0 with the normal, then 


J 
E= — cos 6. 
r 


ds 


Figure P5.1. To calculations of the irradiance created by an area source. 


The irradiance created by a luminous surface S on a site of the irradiated surface ds’ 
is equal to the sum of contributions of all the sites ds. The solid angle from which ds’ 
is viewed at ds is equal to cos 0' ds'/ r? (Fig. P5.1). For the luminous flux radiated into 
this solid angle, we have Bg cos O ds(cos 0' ds'/ 12). Since cos 0 ds 1 r? is equal to the solid 
angle dQ from which the radiating site is viewed at the point of irradiance, it follows that 
dE = Bọ cos 0' dQ. 


Example. Calculate the irradiance created by a Lambertian source of disk shape irradiating a small area 
located on the disk axis oriented perpendicularly to the axis (Fig. P5.2). 


B 
ds' 


Figure P5.2. Irradiance of a surface element ds’ by a Lambertian disk. 


Solution. The solid angle element bounded by 0” and 6’ + d0’ is equal to dQ = 2r sin0'd0'. After 
integration, we obtain E = 7B sin? 0o, where Op is the cone half-opening angle from which the disk is viewed 
from the irradiated area element. 


P5.2. Wave Properties of Light 
P5.2.1. Interference of Light 


> Coherence of light waves. In the superposition of light waves with a very high 
frequency of oscillations, one can observe only the time-average energy of oscillations, 
which is characterized by the oscillation intensity I ~ (E*). When adding two oscillations 
E = E; +E), we obtain J = J, + D +19, where Iiz = 2(E; - E>) is called the interference term. 
If 112 = 0, then the light beams are said to be incoherent. The waves polarized in mutually 
perpendicular directions are always incoherent. Monochromatic waves are coherent only if 
their phase difference is constant (that 1s, their frequencies coincide) and if they are parallel 
polarized (or almost parallel polarized). In superposition of such waves, 


T=1+h+2/hhoos Ay, 


where Avy is the oscillation phase difference at a given point. In the special case for 
I, = In = Lp, we have I = 21p(1 + cos Ay). For in-phase oscillations, I = (VI; + Vb)’, for 
anti-phase oscillations, I = (VI, - VL Y. 
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> Interference of two waves. In superposition of two plane waves / = Ey cos(wt—k, -r) 
and E) = Ey cos(wt — k2 - r), we obtain Ay = (k; — k2) - r. The surfaces of constant phase 
difference are planes perpendicular to the vector kı —k>. The distance between neighboring 
planes with maximum intensity is equal to 


27 T A 


A = a _ o __ E  __————— 
"= ki-k| Esin(a/2) 2sin(a/2)’ 


(P5.2.1.1) 


where a is the angle between the vectors k; and k2. For small a, we obtain Ax ~ A/a. If 
in the region of wave overlap there is a plane screen parallel to kı —k2, then one can observe 
parallel alternating dark and light fringes on it. 


Screen 


Figure P5.3. Interference of two closely located linear sources. 


In superposition of spherical waves from two in-phase point sources, the maximum 
condition for the intensity of the mth order has the form r2 — rı = mA (this is the equation 
of a hyperboloid of rotation whose axis passes through the sources). If a screen is placed 
parallel to this axis, we obtain light and dark fringes of hyperbolic shape. If the distance to 
the screen D is large compared to the distance d between the sources, then, at the screen 
center, we obtain equidistant almost parallel fringes. The distance between the fringes is 
the same as in the Young experiment, where the interference is created by two parallel linear 
sources of coherent light. If x is the distance from a screen point to its center (Fig. P5.3), 
then T = D?+(2+d I 2), i = D? +(x-d 7 2)*, and for d, x < D, we obtain the optical path 
difference A = rı —r, = xd/D = ax, where a = d/D is the angle from which the source 
is viewed at the screen center. The intensity varies from 4/ for A = ax = mA to zero for 
A = (m+ 5)A. The distance between the fringes is equal to Az = A/a = AD /d. 


> Fraunhofer approximation. At a large distance from two in-phase linear sources 
(rı r2 > d), one can write r2 — rı =~ dsin 0, where @ is the angle between the normal 
to the plane of sources and the direction of the interference observation (the Fraunhofer 
approximation). The oscillation amplitudes in interfering waves are assumed to be equal; 
that is, J = 2/o[1 + cos(kd sin 0)]. The interference maxima are observed at the angles 
satisfying the relation sin 0 = mA/d. 

Let us specify at what distance from the sources the Fraunhofer approximation can be 
used. We express r, according to the cosine theorem: 


= (r? + de — 2dr; sin gy 


(the angle in the triangle is equal to 90° — 0), expand it up to the terms of the second order 


in d/r¡, and obtain 
2 2 


de. 
r — rı = dsin ĝ + — - — sin? 0. 
ri ri 
The correction can be neglected if d? /r1 << A. We see that the Fraunhofer approximation 
works in the case where the distance r from the observation point to the sources satisfies 


the relation ; 
d 
r> y (P5.2.1.2) 
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Figure P5.4. Composition of oscillations from several sources. 


We note that this inequality is stronger than the simple condition r > d. 


> Interference of many waves. We consider the interference of N equal in-phase sources 
located on the same straight line at the distance d from one another. At a large distance from 
the sources (r > (Nd)* /A) in the direction of 0, the composition of N oscillations of the 
same amplitude Ap occurs, and the phase difference between the neighboring oscillations 
is equal to $4 = (27/A)dsin 0. The resultant amplitude A is obtained from the equations 
(see the vector diagram in Fig. P5.4): Ag = Rsin(¢/2), A= Rsin(N@/2). Eliminating the 
radius of the circumscribed circle R, we obtain 


sin(N@/2) iei sin (No/2) 


0 (9/2) ” 0 (0/2) (P5.1.2.3) 
> Interference from natural sources of light. The radiation of natural (thermal) sources 
of light is the set of wave trains spontaneously radiated by excited atoms in their lumines- 
cence; that is, when they return to normal state. The train duration is ~ 107!9_10°8 e, it 
contains 10°—10® oscillations. Hence two different natural sources are incoherent even if a 
narrow spectral band is separated in their radiation, because the oscillation phase difference 
varies very fast and chaotically at each observation point. To observe the interference, it is 
necessary to split the radiation of one source into two or several beams and to make them to 
enter the observation point by different paths. In this case, each train interferes with itself, 
and the maximum or minimum condition is simultaneously satisfied for all the trains of the 
same frequency radiated from the same point of the source. It is convenient to introduce 


optical path difference of beams 
A= | mdi- f mal 


where the integration is performed over the line passed by a given beam from the radiation 
point to the interference point. The maximum condition is A = mA; the minimum condition 
is A= (m + 5) A, Where m is called the order of interference. 

We present the classical examples of obtaining two coherent sources. 

1. The Young experiment (mentioned above). The sunlight is incident on a very narrow 
slit in the first screen, diverges because of diffraction, and is incident on the two narrow 
slits in the second screen. Again because of diffraction behind these slits, the light splits 
and forms overlapping coherent beams. 

2. Fresnel mirrors. The light from the brightly illuminated slit is incident on two mirrors 
placed at an angle nearly equal to 180°. The closely located virtual images of the slit form 
two coherent sources. 

3. Fresnel biprism. The light from a brightly illuminated slit refracts in two glass prisms 
with small refraction angles that contact by their bases. As the result of refraction, two 
closely located virtual images of the slit are formed. 
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4. Billet split lens. A collecting lens is cut into halves and the halves are slightly moved 
apart. The split lens is illuminated through a narrow split parallel to the cut line. Each of 
the lens halves forms its own real image of the slit. 

5. Lloyd mirror. The light from a narrow slit is reflected from the mirror plane and 
forms the virtual image of the slit. The light from the slit itself and from its image interfere. 


> The influence of the source dimensions. The spatial coherence. The optical path 
difference at a given point of the screen has a definite value only in the case of a point 
source. The path difference varies in transitions from point to point of the area source. 
If the path difference varies by A/2, then the maximum condition becomes the minimum 
condition; that is, the interference patterns from different sites of the area source overlap 
and the total interference pattern is smeared. 


Figure P5.5. Influence of the source dimensions on the interference pattern. 


For example, we consider a plane source. We assume that the first of the interfering 
rays is radiated by the source at an angle a, with its normal, and the second, at an angle ao. 
We assume that these rays lie in the one plane with the normal and the angles of radiation 
are almost the same for all point of the source (Fig. P5.5). In transition from one end of 
the source to the other, the path length of the first ray varies by / sina ,, and that of the 
second ray varies by / sin a (lis the dimension of the source in the plane of rays), and the 
path difference varies by l(sin a, —sin a). The interference pattern conservation condition 
(condition of spatial coherence) takes the form 


l [sin as —sina,| < r/2. 


Example 1. In the Young experiment, / is the slit width in the first screen, and a1 =—az = b/(2L), where b 
is the distance between the slits in the second screen and L > bis the distance between the screens; we obtain: 
21(b/2L) < A/2; that is, l < AL /(26). 

We rewrite this formula as: b < A/(Q4), where w = L/L is the angular dimension of the source or the 
divergence angle of the rays incident on the slits. For example, in the case of the sun direct illumination of 
the slits, x = 0.009 rad, A = 500 nm; that is, the distance between the slits must be less than 0.06 mm. Just 
therefore, the sun light must first be transmitted through a narrow slit. 


> Influence of the light nonmonochromaticity. Temporal coherence. A violation of the 
monochromaticity of the combined waves may result in the interference pattern smearing. 
We assume that the frequencies of the radiated waves lie in a narrow spectral interval Aw. 
A strong distortion of the interference pattern occurs if the path difference A exceeds a 
certain critical value Le, which is called the coherence length; Le has the meaning of the 
length of the wave train radiated by the atom in a single act of radiation (we recall that 
stable interference occurs when the trains in one of the separated beams are combined with 
the trains corresponding to them in the other beam). 

The time 7, = L¿/c that is called the coherence time has the meaning of duration of the 
wave train. According to general properties of the Fourier transform, the spectral width of 
a wave packet is related to its duration as Aw At ~ 27. 


Example 2. The “truncated” sinusoid A(t) sin wot, where A =const in the interval -7/2<t<7/2and A=0 


sin[5(w —wo)T] 


. nps . E , 2T 
outside this interval, has the Fourier transform a(w) ~ whose width is equal to Aw ~ —. 
T 


(w — wo)T 
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We see that the spectral width of interference is related to the coherence duration as 
Aw ~ 27 /7,.. The maximum order of the spectrum, where one can observe the interference 
can be estimated as N ~ 7,/T = w/Aw = X/AX. It is useful to note that the bands of 
neighboring orders merge just in this order: 


(N+ 1)A = N(A+ 0A) 


(the trailing edge of the band of order N + 1 coincides with the leading edge of the band of 
order N). The coherence length is often expressed in terms of 01: 


y2 
L.=NA= —. 
j A 
> Interference in thin films. We consider the interference of rays reflected from the 
leading and trailing surfaces of a thin film (Fig. P5.6). We assume that the wave front 
is plane; that is, the source is sufficiently remote. Since the front of refracted wave is 


Figure P5.6. Interference in light reflection from a thin film. 


perpendicular to the ray, it follows that ray 1 at point D and ray 2 at point D’ have equal 
phases. Hence the optical path difference of rays at point D is equal to n(D’C + CD). 
Moreover, A/2 must be added to the path difference, which permits taking account of the 
phase variation on ~ in reflection from a medium with a greater index of refraction (on the 
air—film interface at point D). After transformations, we obtain: 


A A 
A = 2dn cosy + > = 2dvn*—sin’ 9 + >, 


where d is the film width, n is its index of refraction, and 0 and y are the incidence and 
refraction angles. The maximum condition for observation in reflected light A = mA is 
satisfied for certain wavelengths. For very thin films, the maximum condition is satisfied 
for one or two wavelengths from the visible region, and the film turns out to be colored. The 
maximum condition for observation in reflected light corresponds to the minimum condition 
for observation in transmitted light (no reflection occurs from the air—film interface). As 
always in interference, the energy does not increase but is redistributed. 

Now we consider two important cases: 

1) Fringes of equal thickness. If the rays are incident at an almost constant angle, for 
example, normally and the film width varies, then the lines of constant thickness are lines 
of constant path difference. In illumination by monochromatic light, these lines are visible 
as dark or light fringes. In observation in white light (for films of small thickness) the lines 
are colored. The interference occurs near the film surface (interference pattern is localized 
at the surface). 

2) Fringes of equal inclination. The film thickness is constant, the illumination is by 
scattered light from a remote source. Changing the angle of observation, we alternatively 
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obtain the maximum condition and the minimum condition. The interference pattern 1s 
localized at infinity (or in the focal plane lens). For extremely thin films, the light can be 
nonmonochromatic; the observation at a given angle separates the wavelength for which 
the maximum condition 1s satisfied. 

Example 3. Newton rings. If a plane-convex lens is put on the surface of a glass plate (Fig. P5.7) and 
1lluminated by normally incident monochromatic light, then fringes of the shape of rings of equal thickness are 
observed in the air interval. The air interval thickness is equal tod = vV R? + r? — R = r”/ (2R), where r is the 


circle radius. The minimum condition has the form 2d + (1/2) = (m + 5) A Or Tm = VMAR. At the pattern 
center, there 1s a dark spot. 


Figure P5.7. Newton rings. 


> Holography principles. Holography is used to record the volume image of an object. 
The object is illuminated by laser light with a very high degree of coherence and after 
reflection goes to a photographic plate. The information about the object shape is carried by 
the dependence of the object wave phase on the coordinates along the photographic plate. 
If, simultaneously with light reflected from the object, the photographic plate is illuminated 
by a reference ray, the same as that used to illuminate the object but going directly to the 
plate after reflection from a mirror. Then, as the result of interference, a wave is generated 
whose amplitude and intensity will depend on the phase of the object wave. Since the 
photographic plate blackening is proportional to the intensity, it preserves the information 
about the wave phase. Illuminating the developed photographic plate by the light of the 
same laser, one can reconstruct the initial signal. 

Recording the interference signal in the bulk of a thick transparent photographic plate, 
one obtains a volume hologram, which bears information about both the object shape and 
the laser signal wavelength. If the hologram is illuminated by white light, the waves of 
other frequencies cancel one another due to the interference, and the image of the object 
illuminated by the monochromatic laser light arises. If three holograms from lasers with 
different wavelengths are recorded in one photographic plate, then the volume colored 
image appears in illumination by white light. 


> Vavilov—Cherenkov radiation. Ifa particle moves in a medium with velocity V exceed- 
ing the phase velocity v = c/n of light in this medium, then the radiation of electromagnetic 
waves arises at a certain angle with the direction of the particle motion. The elementary 
explanation of this phenomenon is quite similar to the explanation of the appearance of 
shock wave in motion with supersonic speed. As a particle moves, the medium atoms 
excited by the particle begin to radiate. The path difference of waves radiated by excited 
atoms in the direction 0 from positions A and B (Fig. P5.8) is equal to 


L 
A = vē - Loos = L{—-cos9). 


If V < v, then for any angle 0, one can choose L such that the radiation of points A 
and B cancel each other (A = 1/2). For V > v, the same concerns any angle other than 
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Figure P5.8. Vavilov—Cherenkov radiation. 


07 = arccos(v/V ) (one can attain A = +\/2). But in the direction Op, all the points radiate 
wave with the same phase; that 1s, the radiation 1s mutually reinforced. 


P5.2.2. Diffraction 


> Huygens—Fresnel principle. Deviations from the law of light rectilinear propagation 
is called diffraction. Approximate calculations of the light intensity behind obstacles or 
holes in the screen is based on the Huygens—Fresnel principle which supplements the 
geometric Huygens construction (see Subsection P5.1.1) with the condition of interference 
of secondary rays. According to this principle, all points of an arbitrary surface surrounding 
the wave sources are sources of coherent secondary waves, and the amplitude of the 
wave oscillations at an arbitrary point outside this surface can be obtained as the result 
of interference of secondary waves. Usually, for such a surface one takes the wave front, 
and then the sources of secondary waves are in phase. The secondary wave amplitude is 
proportional to the primary wave amplitude and to the area of the surface site: 


Kk (a) 


dE = Ep exp| i(wt — kr) | ds, (P5.2.2.1) 


r 
where Ey is the (complex) amplitude of the primary wave at the front points, œ is the angle 
between the radiation direction and the normal to the surface, r is the distance from the 
front of secondary sources to the point of observation, and K (œ) is a slowly decreasing 
function (K (rr) = 0). 

We consider the diffraction of a plane monochromatic wave incident normally on a flat 
screen with a hole of various shape. 

Circular hole of radius Rp. The point of observation B lies on the hole axis at a 
distance / from its center (Fig. P5.9). For the surface of secondary waves we take a part of 
the front in the plane of the hole. We divide the front into thin circular segments, by cutting 
circles from point B on it at intervals whose lengths are /+dr,/+20r,... (Or <A). Since the 
optical path length acquires the constant increment dr in transition from segment to segment, 
it follows that the oscillation phase increments are also the same; moreover, the amplitudes 
of oscillations from separate circular segments, which are calculated by formula (P5.2.2.1), 
also coincide. Indeed, from r? = R? + 1? we obtain ROR = rór and 6S /r = 2n6r = const 
(óS = 27R0R). Hence the vector diagram of combined oscillations (Fig. P5.10) has the 
form of a slowly twisted spiral (with slow decrease in K(a) taken into account). From 
the symmetry consideration, one can conclude that the spiral converges to the center of 
the circle. The sum of the entire spiral corresponds to the free propagation of light in the 
absence of the screen. 

The part of the surface from center to the points, where rı = l + 1/2, is called the first 
Fresnel zone, the part of the surface from the edge of the first zone to r2 =/+ is the second 
Fresnel zone, etc. One can see that if only the first Fresnel zone is open, and all the others 
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are closed by a screen, then the oscillation amplitude is twice greater than that without the 
screen, and the intensity 1s greater by the factor 4. If the first two zones are open, then the 
amplitude and intensity at point B are close to zero, etc. Conversely, if a small number of 
central Fresnel zones is closed by the screen, then this hardly affects the oscillation intensity 
at point B, it is almost the same as without the screen (this paradoxical fact is known as the 
“Poisson spot”). 

If an obstacle of complicated shape is prepared to close the next nearest Fresnel zones 
(all even zones or all odd zones), then the intensity increases many times at the point of 
observation. Such an instrument focusing the light like a lens is called a zone plate and 
finds numerous applications. 


2nd zone center 


lst zone 3rd zone 


Figure P5.9. Wave front separation into thin circular Figure P5.10. Vector diagram for the wave front sep- 
segments. aration into circular segments. 


We find the radius of the mth Fresnel zone from the Pythagorean theorem r? = R? + I?, 
substituting r = l + A (where A < l is the path difference between the hole edge and the 
hole center): 


R(A) = v2/A. (P5,2,2.2) 


If A = mA/2 is substituted, we obtain the radius of the mth Fresnel zone: Rm = VmlA. 


We also present the formula for the case of incidence at the hole of a spherical wave radiated by a point 
source lying on the hole axis at the distance a from its center: 


| 2alA | malA 
Ru i — = 4): ——_ 
atl atl 
As a — oo, this expression becomes (P5.2.2.2). 


The number of Fresnel zones opened by the hole is equal to m = R? /lX. Hence 


for l < R? /A, there are many open Fresnel zones and the light intensity at the point of 
observation slightly differs from the intensity of the incident wave; that is, the diffraction 
effects at the hole axis are weak (the geometric optics approximation works). In the converse 
limit J >> R? /A, only a small part of the first Fresnel zone is open; that is, all the oscillations 
at the point of observation are combined in one phase (the Fraunhofer approximation). 

For a circular hole, it is more difficult to calculate the diffraction for off-axis points of 
observation. We will revisit this problem below considering it for the case of Fraunhofer 
diffraction. Unlike a circular hole, it turns out that the solution of the diffraction problem 
for all observation points is possible for a long slit-shaped hole. 

Slit-shaped hole of width b. The point of observation B lies at a distance l from the screen. In this case, 


the front must be divided not into circular but into thin rectilinear segments (Fig. P5.11) of the same width oz. 
The main difference is that the segment areas are proportional not to R ôR but simply to ôx. In this case, just as 
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Figure P5.11. Wave front separation into thin recti- Figure P5.12. Vector diagram for the wave front sep- 
linear segments. aration into thin rectilinear segments (Cornu spiral). 


P x 


Figure P5.13. Intensity distribution on the screen in diffraction at the half-plane. 


before, we have the identity r? =a’ +l’, with z ôx =r ôr, and hence dr =x ôs /r, and the phase increment from 
segment to segment increases with the distance from point O. This results in that the radius of curvature of the 
vector diagram gradually decreases and it acquires the shape of spiral called the “Cornu spiral” (Fig. P5.12). 
The values of the parameter v = 7,/2/(JA) are marked on this spiral. For x << l, the path difference is equal 
to A=r-1~ x*/2I, and hence A = uv à (v = 1 corresponds to A = \/4 and v = 2 corresponds to A = A; see 
Fig. P5.12). The distance between finite points F and F> of the spiral is equal to the amplitude Ao of oscillations 
without the obstacle, or to the amplitude of the incident wave. If the slit edges are at the distances xı and x2 
from point O, then we calculate the corresponding values vı and v2, obtain the corresponding points on the 
spiral, and, connecting them, determine the amplitude. Thus, one can obtain the diffraction pattern at the slit not 


only at the screen center but also aside the center. The case b < V/A corresponds to the Fraunhofer diffraction 


(a small part of the spiral is open); the case 6 >> VIA corresponds to the geometric optics approximation. In 
this case, near the slit edges, one observes the diffraction pattern corresponding to diffraction at the half-plane 
(Fig. P5.13); precisely opposite the slit edge (point P), the amplitude OF» is equal to half the amplitude of the 
incident wave Ao (intensity is four times less than Zo), and the width of the diffraction spreading is ~ VIA. 


Using the Fresnel zone method, one can study the diffraction pattern at a slit graphically 
using the Cornu spiral obtained numerically. A simple analytic description of diffraction at 
a slit can be obtained in the Fraunhofer approximation. 


> Fraunhofer diffraction at a slit. Fraunhofer diffraction is diffraction in parallel rays, 
where the phase difference of secondary waves radiated from different points of the wave 
front segment under study can be found under the assumption that they are parallel. In 
this approximation, the diffraction pattern becomes simpler, and one can calculate the 
light intensity at different points of the screen. The Fraunhofer approximation acts in the 
following two cases: (1) 1f the diffracted light rays are collected by a lens in its focal plane 
or (11) 1f the screen is separated from the diffraction hole by a sufficiently large distance 
r >> R?/X, where R is the source dimension (see the discussion of the Fraunhofer condition 
in Subsection P5.2.1, formula (P5.2.1.2). 
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Figure P5.14. Fraunhofer diffraction at a thin slit. 


In the Fraunhofer approximation, we calculate the diffraction of a plane monochromatic 
wave at a slit of width 6. We consider only the normal incidence of a wave on a screen with 
a slit; in this case, all the slit points are sources of secondary in-phase waves. We divide the 
plane slit into a large number N of equal narrow strips (Fig. P5.14). The light amplitude 
from each of the strips is equal to Eo/N, where Epo is the amplitude of light radiated by 
the slit in the direction 0 = O (in this case, all the strips radiate in-phase light). In the case 
of radiation in the direction at an angle 0 with the normal, the radiation phase difference 
between the neighboring strips is equal to dy = (27/A)(b/N) sin 0, the phase difference 
between the extreme strips is equal to y = (27r /A)b sin 0 = Noy. Using expression (P5.2.1.3) 
for the interference of N sources (Subsection P5.2.1), we obtain the amplitude for the slit 
radiation in the direction 0 (sin ôy must be replaced by dy): 


sin(p/2) 
p/2 ` 


The radiation intensity is equal to I; = Ip sin*(p/2)/(p/2y, the typical vector diagrams 
are shown in Fig. P5.15. The minima condition for the radiation has the form: 


b 
E¡(0) = Eo where p= an sin ð. (P5.2.2.3) 


bsin0 = mA (m= EL TZ ba) (P5.2.2.4) 


the maxima condition is bsin0 = (m + SA (m=1,2,...). The maxima of intensity are 
to one another as Ip: Ti: Ib 2 +--+ = 1:(1.57) : (2.5m) : ---. The maximum order of the 


spectrum is determined by the condition m < b/A. 


Fy 


— > 


0 À 24 b sin 0 


Figure P5.15. Angular distribution of radiation intensity and the vector diagrams for the Fraunhofer diffraction 
at a slit. 


> Fraunhofer diffraction at a circular hole. In the case of diffraction at a circular hole, 
the intensity distribution has the form of concentric dark and light circles around the central 
light spot. The intensity distribution for small angles 0 with hole axis is expressed in terms 
of the Bessel function of the first order: [ = lp J “(rDo /A), where D is the hole diameter. In 
outward appearance, the angular distribution of the intensity slightly differs from the case 
of diffraction at a slit; the first minimum corresponds to the angle 0; = 1.22 A/D. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 548 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 549 


P5.2. WAVE PROPERTIES OF LIGHT 549 


The angle 6; can be treated as the angle of diffraction expansion of the light beam. The 
beam spreading is weak at distances l satisfying the condition: 10; < D orl < D/A. This 
inequality is a condition of the geometric optics applicability (see Subsection P5.1.1). 


> Rayleigh criterion. Resolving power of optical instrument. When two nearby points 
are observed in an optical instrument (lens, telescope), their images on the screen are small 
diffraction circles. It is conditionally assumed that the image points are indistinguishable 
if the distance between them is so small that the central maximum of one of the circles 
coincides with the first minimum of the other circle (Rayleigh criterion). Hence the angular 
resolution of such optical instruments (with an open diaphragm of diameter D) is given by 


the formula 


A 
Oni = 1275: 


This limit of an instrument possible resolution is imposed by the wave nature of light and 
cannot be overcome by any technical improvements. 


> Diffraction grating. The diffraction grating is a sequence of large number N of 
equal parallel slits (Fig. P5.16). The width of each slit is denoted by b, and the distance 
between the corresponding points (for example, centers) of neighboring slits, which is 


Y, 


Figure P5.16. Diffraction grating. 


called the diffraction grating period, is denoted by d (d = |/N, where l is the grating 
width). In the direction 0, each slit radiates light whose amplitude Æ; is determined 
by expression (P5.2.2.3). The phase difference between the neighboring slits is equal to 
ô =(27/AMd sin 0, and to calculate the final amplitude, one can again use formula (P5.1.2.3) 
for the sum of oscillations of N independent sources: 


sin(N6/2) | , sin?(N6/2) 
l sin(6/2) ’ i 


d. 
sin2(5/D) , Where ô= Zn sin ô. 


The principal maxima of the diffraction grating are determined by the condition 
d sin 0 = mÀ. (P5.2.2.5) 


At the principal maxima, the phase difference between the neighboring slits equals 27m 
and the oscillations from all slits are in phase. The vector diagram is a straight line of 
length NF. In the direction of the principal maxima, the radiated wave intensity J = N?I; 
is completely determined by the radiation intensity of a separate slit in this direction. If the 
principal maximum is near the minimum of /;(@) determined by the condition b sin O = mA, 
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then this maximum is suppressed. The maximum order of the spectrum is determined by 
the condition m < d/A. 

The diffraction pattern has N — 1 minimum and N —2 additional maxima between each 
two principal maxima. The minima are determined by the conditions d sin 0 = (m+n/N)A 
(n=1,2,..., N-—1). The first minimum is especially important because it determines 
the width of the principal maximum. In the vector diagram, the first minimum corresponds 
to the phase difference between the slits 27/N, and the vector diagram for N slits is a 
closed figure, namely, a regular N-gon. One can see that the width of the principal maxima 
decreases proportionally to 1/N. The intensity of additional maxima is much less than that 
of the principal maximum, and it can be neglected in the case of a large number of slits. 

If light is incident on the grating at an angle Oy + 0, then the principal maxima condition 
takes the form: 

d(sin 0 — sin 69) = mA. (P5.2.2.6) 


For coarse gratings (d > A), it is efficient to use grazing rays (04 = 7/2), for which the 
principal maxima condition takes the form: d cos 04(0 — 00) = mA. One can see that the role 
of the effective period in this case is played by the small quantity d cos 9. 


> Diffraction grating as a spectral device. The properties of any spectral device are 
determined by its angular dispersion, free spectral range, and resolving power. 

The angular dispersion is the derivative Dm = d@,,/dX, where Om is the position of the 
principal maximum of mth order. It follows from the principal maximum condition that 


o m 
™ deos’ 


The free spectral range is the maximum width AA of the spectral interval for which 
there still is no overlapping of the spectra of neighboring orders. From the equations 
d sin 0 = m(A + AA) and d sin O = (m + 1)A, we have AA = A/m. One can see that to study 
wide parts of the spectrum, it is necessary to use lower orders. 

The resolving power is the ratio R = 1/91, where 6. is the least wavelength difference 
that can be resolved by the spectral device. Two lines are assumed to be resolved if the 
maximum of one line lies on the minimum of the other line (Rayleigh criterion). From the 
equations d sin 9 = (m+1/N)A and d sin 0 = m(A + 6) it follows that 9A = A/(mN); that 
iS, 

A 
R SN mN. 
> Diffraction of X-rays at a crystal. The wavelength of X-rays is comparable with 
the distance between the atoms of a crystal lattice, which is a spatial diffraction grating 
for incident rays. The condition of diffraction maxima consists in simultaneous satisfac- 
tion of three equations (P5.2.2.6) for the three mutually perpendicular crystal axes (Laue 
conditions): 


dı (cos aœ — cos AY) = nÀ, da[cos 6 — cos 6o) = N2A, d3(cos y — cos yo) = n3A, 


where a, 8, y is angles with the axes such that cos*a + cos? 8 + cos?y =1. These three 
equations cannot be satisfied simultaneously for an arbitrarily chosen direction of the 
incident ray and for a given wavelength. This means that in the case of the crystal irradiation 
by monochromatic but scattered X-rays (that is, in all possible directions), there arise 
diffraction maxima in quite certainly determined directions. An analysis of the Laue 
patterns thus obtained permits obtaining information about the crystal structure. The 
diffraction maxima are absent if 1/2 exceeds all the lattice periods; for visible light, the 
crystal can be treated as a homogeneous medium. 
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The reflection of X-rays from the crystal surface can also be considered as the interfer- 
ence of rays reflected from a system of successive atomic planes in the crystal. By analogy 
with the interference in thin films (see Subsection P5.2.1), the path difference between the 
rays reflected from the neighboring planes is equal to 2d sin 0, where @ is the angle between 
the incident ray and the atomic plane (not the normal!), and d is the interplanar distance. (We 
note that the index of refraction of X-rays is almost equal to one; see Subsection P5.3.2.) 
The reflection is observed only in the directions of the diffraction maxima satisfying the 
Wulf—Bragg condition: 

2d sind = mi, 


where m = 1, 2, ... is the order of the diffraction maximum. 


P5.3. Interaction Between Light and Matter 
P5.3.1. Light Polarization. Fresnel Formulas 


> Polarized and natural light. A plane wave is said to be linearly polarized or plane 
polarized if the vector E oscillates in one plane that is perpendicular to the wave front (it 
is called the plane of polarization of the wave). The monochromatic plane wave is either 
linearly polarized or elliptically polarized or circularly polarized (see Subsection P4.2.2). 
The elliptically polarized wave is the sum of two mutually perpendicular plane waves such 
that there is a phase difference between their oscillations. The natural light radiated by 
heated bodies is not polarized, because the direction of the vector E oscillations at each 
point varies rapidly and chaotically. A mixture of natural and polarized light is called 
partially polarized light. 

The polarizer is a device at whose output the light is linearly polarized in a certain 
plane called the transmission plane of polarizer. The point is that the polarizer completely 
absorbs the light polarized perpendicularly to the transmission plane. If the natural light is 
transmitted through a polarizer, then it becomes linearly polarized and its intensity decreases 
twice (if there is no absorption in the transmission plane of the polarizer). If the linearly 
polarized light of intensity Jọ is transmitted through a polarizer whose transmission plane 
makes an angle a with the plane of oscillations of the light wave, then the intensity of the 
transmitted wave 1s equal to 


E=l6 cos” a 


(Malus’s law). This can be explained by the fact that the linearly polarized light with 
amplitude Ep is the sum of two linearly polarized waves: the wave polarized in the 
transmission plane (its amplitude is equal to Fo cos œ) propagates through the polarizer 
without changes and the second wave is completely absorbed. 


> Reflection and refraction of waves. Fresnel formulas. The intensity and polarization 
of the reflected and refracted waves depend on the incident wave polarization. We write the 
boundary conditions on the interface between two media: 


E+E = EE, NE, +E)=0wEl, H+H=H? Hi +HBl=H?. 
The subscripts 7 and n denote the tangential and normal components, and the superscripts 
1, r, and d corresponds to the incident, reflected, and refracted (deflected) waves, respectively. 
Moreover, it is necessary to take account of the relations between the electric and magnetic 


fields in the plane of the electromagnetic wave (see Subsection P4.2.2). For a plane 
monochromatic wave, we have 


E' = Ej exp [i(wt-K' - r)], 
E" = Ej exp i(wt-K'-r)], 
E? = Ej exp [ú(wt-—k - r)] 
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The wave vectors (Fig. P5.17) are related by 


1 = H = kd 
| | I 
or 

kı sina = kı sin O = kp sin Y, 


where ky = wn ,/c and k = wn2/c. We obtain the reflection law 8 = a and refraction law 
nı sina = m sin Y. 


Figure P5.17. Decomposition in polarizations for incident, reflected, and refracted waves. 


Special attention is drawn to the case where the light is incident from an optically denser medium (nı > n2) 
at an angle a greater than the limit angle a, of total reflection (sin a. = n2 /n1). In this case, kı sin a > k2, and ki 


is imaginary: ki = y k5- (ky) = i|k4 |, where |k4 | = - y ni sin? a — nż. This means that the amplitude of 
the transmitted wave decays exponentially at the distance ô ~ 1/ Ik{ |, and the amplitude of the reflected wave 
is equal to the amplitude of the incident wave. 


The amplitudes of the transmitted and reflected waves depend on the polarization of the 
incident wave. We present the result of the reflected waves: 


, sin(a — y) 


L sin(a + Y) 


E ; tan(a — y) E -E 
Lo ll tanla +)’ a 
(Fresnel formulas). Here the first formula concerns the wave polarized in the incidence 
plane (it is convenient to derive it from the boundary conditions for E), and the second 
formula concerns the wave polarized in the perpendicular plane (it is convenient to derive it 
from the boundary conditions for H). One can see that, for an angle of incidence satisfying 
the condition a + Y = 7/2, the wave polarized in the incidence plane does not reflect at 
all. Since sin Y = cosa in this case, it follows that the angle of incidence at which the 
reflected wave is linearly polarized perpendicularly to the incidence plane (the Brewster 
angle) satisfies the relation: 
tana =n. 


The qualitative explanation is that, in this case, the direction of the dipole oscillations (shown 
in the figure), generated in the second media by the wave polarized in the incidence plane 
turns out to be parallel to the direction of the reflected wave (reflected and refracted rays 
are mutually perpendicular). But the oscillator does not radiate any wave in the direction 
of its oscillations (see Subsection P4.2.2). 

In the case of normal incidence, there is no difference between polarizations: 
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One can see that in the case of reflection from an optically denser medium (n2 > nı), the 
oscillation phase becomes opposite (more precisely, 7 1s added to the phase). By the way, 
this property follows directly from the Fresnel formulas: for a > y, the oscillations change 
the sign. 

The ratio of the reflected energy to the flux of the incident energy is called the reflection 
index. In the case of normal incidence, it is equal to 


o (ny - my 


Te (P5.3.1.1) 


The transmission coefficient is equal to D = 1 — R (the energy conservation law). 


We note that if the index of reflection is equal to the ratio of the energy volume densities of the reflected 
and incident waves: R = (E"/ EY , then, calculating the transmission coefficient, one must take account of 
both the difference in the wave velocities in different media and (for incidence at an angle) the variation in the 
transverse area due to refraction: S°/S' = cos y / cos a (Fig. P5.18). Finally, 


E v2(E*) cos y 
- v (E cosa ` 


(The energy flux is equal to the product of the energy volume density by the wave velocity and the area of the 
transverse cross-section.) 


Figure P5.18. In refraction, the beam transverse cross-section is changed. 


The coefficients R and D depend only on the relative index of refraction nz, = n2/n1 
of the two media. The index of reflection is usually not large; for example, for n21 = 1.5, 
we obtain R = 0.04. 


Example. Blooming of optical systems. The reflection index of glasses in optical instruments is not large 
(of several percents); nevertheless, it is an important problem to decrease the reflection for certain wavelengths. 
To this end, the surface is covered with a transparent film with the index of refraction n’ = y/n (n is the 
index of refraction of glass) and of thickness A/(4n”). The optical path difference of the rays reflected from 
the film surfaces is equal to A/2 (the phase variation in reflection need not be taken into account, because 
1t occurs for each of the rays), and the indices of reflection from these surfaces are close to each other (see 
formula (P5.3.1.1)). As a result, the light reflection is suppressed almost completely. 


> Optically anisotropic media. When an electromagnetic wave travels through an aniso- 
tropic media, the vectors E and D are generally not parallel to each other. The linear 
relation between them is of tensor character, which means that each component of the 
vector D can be expressed as a linear combination of all three components of E. There exist 
three mutually perpendicular axes, called the dielectric axes of the crystal, for which D || E: 
D; = €9¢;£; (i = 1,2,3). The values e, are called the principal dielectric permittivities of 
the crystal. We consider only the case of uniaxial crystals for which two of the three e; 
coincide (€ = €] ). The distinguished axis (e = € y) 1s called the optical axis of the crystal. 
If a plane wave propagates in a uniaxial crystal, then the principal plane of the crystal 
is introduced, which is the plane passing through the optical axis and the vector n normal to 
the wave front. It turns out that the propagation of a linearly polarized light wave depends on 
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the direction of its polarization. The wave polarized perpendicularly to the principal plane 
is said to be ordinary. The speed of such a wave propagation v, =c/,/é_ is independent of 
the direction; the oscillations of the vectors E and D have the same directions; the direction 
of energy propagation (1.e., the Poynting vector S = Ex H) is perpendicular to the wave front. 
The wave polarized parallel to principal plane is said to be extraordinary. The velocity of its 
propagation depends on the angle between n and the optical axis (for the angle 7/2 between 
them, it is equal to vj = c/,/e] ). The vectors E and D oscillate in different directions, and 
the Poynting vector S = E x H is not perpendicular to the wave front (the normal to the 
wave front is parallel to D x H). The difference between the ordinary and extraordinary 
rays disappears only if the light propagation is parallel to the optical axis. 


Y y vv y 


SS 


extraordinary ordinary 


Figure P5.19. Ordinary and extraordinary rays in the case of light normal incidence on the crystal cut at an 
angle with the optical axis. 


If the light is incident on the crystal surface, then 1t splits into ordinary and extraordinary 
rays that are linearly polarized perpendicular to each other and have different indices of 
refraction (phenomenon of birefringence). For an extraordinary ray, only the direction of 
the front propagation obeys the refraction law (see Subsection P5.1.1), but the ray itself can 
leave the incidence plane. Even in the case of the ray normal incidence on a crystal cut at 
an angle with the optical axis, the spatial splitting of rays occurs (Fig. P5.19). The fronts 
are indicated by dashes, the optical axis is indicated by arrow. The extraordinary ray is 
polarized in the plane of the drawing, the ordinary ray is polarized perpendicularly to it. 

To obtain and analyze polarized light, one uses the polarization prisms (nicols) cut 
at an angle with the ray propagation direction so that the ordinary ray is totally reflected 
from the plane of the cut and propagates sidewise, while the extraordinary propagates 
straightforwardly. Another method for obtaining polarized light is based on the difference 
in absorption of ordinary and extraordinary rays in some matters (dichroism phenomenon). 
When the light propagates through a dichroic plate (tourmaline plate, polaroid), the ordinary 
ray is absorbed and the linearly polarized extraordinary ray is transmitted. 

To analyze the light polarization character, one studies the intensity dependence on the 
nicol orientation. If the intensity does not vary, then the light 1s either natural or circularly 
polarized. To distinguish these cases, one uses a quarter wave plate or a compensator. The 
plate thickness d is chosen so that the difference between the ordinary and extraordinary 
rays A = An dis equal to \/4. The phase shift between mutually perpendicular oscillations 
becomes either zero or 7, and the circular polarization becomes the linear polarization. 


> Rotation of the polarization plane. In the case of propagation of linearly polarized 
light in several matters (they are said to be optically active) the rotation of polarization 
plane can occur. The rotation angle is proportional to the plate thickness: x = al, where 
a. is rotation per unit length. Depending on the rotation direction, there are right- and 
left-handed matters. An example is given by a quartz plate cut perpendicularly to the 
optical axis (quartz can be either levorotary or dextrorotary). In solutions of optically active 
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matter in an inactive solvent, œ is proportional to the concentration. The molecules of 
active matters are antisymmetric with respect to the right- and left-handed rotation of spiral 
type. The phenomenon of rotation of the polarization plane can be characterized as the 
circular birefringence. The wave circularly polarized in opposite directions propagates with 
different velocities; that is, the phase difference between them varies. The sum of two such 
oscillations is a linear oscillation whose direction depends on the phase difference. 


> Artificial anisotropy. If many isotropic bodies are placed in a homogeneous electric 
field, they acquire uniaxial anisotropy with the optical axis oriented parallel to the electric 
intensity field (the electro-optical Kerr effect). The phase difference between the ordinary 
and extraordinary rays in light propagation perpendicularly to E is proportional to the 
squared electric intensity: 

Ay = 2rBlE’, 


where / is the thickness of the matter layer and B is called the Kerr constant. Artificial 
anisotropy arises in the cases where the matter molecule polarizability depends on their 
orientation with respect to the field. A similar effect arise in the case of several matters 
placed in a magnetic field (the Cotton—Mouton effect). It is described by the relation 
Ay =21C1B?. 

In the case of inactive matters placed in a strong magnetic field, the optical activity may 
arise for light propagating parallel to the vector B (magnetic rotation of polarization plane). 
The rotation angle per unit length in this case (for diamagnetic and paramagnetic materials) 
is proportional to the value of the magnetic induction: a = RB, where R is called the Verdet 
constant. 


P5.3.2. Light Dispersion and Absorption 


> Classical model of dispersion medium. When an electromagnetic wave propagates 
through matter, the charged particles of the medium come into forced oscillatory motion. 
The amplitude of these oscillations and their phase shift with respect to the wave field 
strength oscillations depend on the relation between the wave frequency w and the fre- 
quency wo of natural oscillations of particles (see Subsection P4.1.3). The resultant wave 
perturbation can be considered as the result of interference of the original wave and the 
waves radiated by the medium particles (such an approach is called the molecular optics). 
But in the case of homogeneous media, it is possible to obtain the wave frequency char- 
acteristics semi-phenomenologically taking account of the polarization arising due to the 
particle displacement, introducing the dielectric susceptibility and permittivity depending 
on the frequency, and calculating the index of refraction. The wave damping— that is, 
the transformation of the energy oscillations into thermal energy —1s taken into account 
by introducing the semi-empirical attenuation of oscillators; then the dielectric permittivity 
and the index of refraction become complex numbers. 

First, we consider the medium of equal oscillators. The equation of motion of a charged 
particle has the form 


E+ 26E + wE = a 
m 
where E is the field acting on the particle (in the optical range, only the electrons are 
significant). In rare gases, one can neglect the difference between the local and average 
fields; that 1s, one can assume that the electrons are under direct action of the wave field 
E = Ep exp lil(wt -k. r)|. We seek the solution of the equation of motion in the form 
€ = o exp(iwt) and, after the substitution, we obtain 


A 


e 
Dee pad f E 
mlw —w* + 2ipw) 
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(in complex representation, the phase shift is automatically taken into account). The particle 
displacement results in the molecules acquiring the dipole moments p = e£, thus leading to 
the polarization P = Np (N is the particle concentration). From the relation P = eo(¢ — 1)E 
we derive the complex dielectric permittivity 


N 2 
alir o (P5.3.2.1) 
Eom (w) — w? + 2i bw) 


The index of refraction is also complex, y£ = n — ix, as well as the wavenumber, k = 
€n = (n — ik). Consequently, for the argument of the exponential function we have 


(wt — kx) = i(wt - kr) - Ex, where k = +> = E, and the attenuation coefficient is equal 
to AZ. Hence, 


E = Epexp (2) expli(wt — ka)]. (P5.3.2.2) 


To find n(w) and k(w), it is necessary to equate the real and imaginary parts in e = (n—¿xY. 
Far from the natural frequency (for |w — wol > 5), we obtain 


Ne? 
e=n=1+ — so 
EgM (wy - w?) 


The dependencies n(w) and k(w) are qualitatively shown in Fig. P5.20 (no 1s the value of n 
as w — 0, which is called the static value). In the region where the absorption is not large, 
the index of refraction increases with frequency (normal dispersion). In the narrow region 
of strong absorption, one observes the anomalous dispersion. 


0 


Figure P5.20. Dependence of the index of refraction (upper curve) and of the wave attenuation on the frequency. 


A similar situation arises near each natural frequency (wo; and wo, in Fig. P5.20). For 
example, in the infrared region of the spectrum, the absorption and anomalous dispersion 
bands related to ion oscillations are observed. The absorption bands in the ultraviolet (some- 
times, in the optical) regions of the spectrum can be explained by the electron oscillations 
on the atomic outer shells (the optical electrons). In the X-ray region of the spectrum, the 
wave frequency w is large compared with all natural frequencies and the dependence n(w) 
is determined by electron oscillations, which can be assumed to be free: 


Ne? 


TNE QW 


n?=1- 


> (P5.3.2.3) 


The index of refraction of X-rays is slightly different from one. The same formula holds 
for a wave propagating in rarefied plasma containing free electrons. 
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The phase velocity of a wave in plasma (and also to the right from the absorption band in dielectrics) turns 
out to be greater than the light speed in a vacuum (n < 1). But this does not contradict the theory of relativity, 
because the wave group velocity u = dw/dk (see Subsection P4.2.1) is less than c in this case. Let us verify 
this fact for a wave in plasma. Using the relation k? =w n (w) i œ and equation (P5.3.2.3), we obtain: 


2 w dw 2 
Ckdk=wdwv => Lae ~ 
Hence, in this case, u = nc < c. 

In the case of polar molecules (for example, of water), a wide band of anomalous 
dispersion lies in the region of centimeter radio waves, where the amplitude of rotational 
oscillations of dipoles tending to rotate following the field strength strongly depends on the 
frequency. Just in this region, n = ye decreases from a large static value (for water, no = 9) 
to the high-frequency value (for water, n = 1.3). 

Formula (P5.3.2.1) is only valid for n close to unity, or in the regions where the difference 
of the field acting on the molecule from the average field in the matter can be neglected. A 
generalization to the case of dense fluids is the Lorentz—Lorentz formula: 


n* —1 Ne? 


n? +2 3egm(we ~w)’ 


which follows from the Clausius—Mossotti formula (Subsection P3.5.2). As the matter 
density varies, the quantity 
1 n?-1 
r===——, 
p n?+2 
which is called the specific refraction, must remain constant. 


> Light scattering. Wave attenuation. The wave intensity decreases in a medium not 
only because of the light absorption, but also because of its scattering. The scattering can 
be explained by the light emission by atomic oscillators, which occurs in all directions (see 
Subsection P4.2.2). But in an ideal homogeneous medium, the light scattered at molecules 
located at the distance A/2 from each other would experience the total interference damping, 
and no attenuation due to scattering would occur in this case. The scattering is observed at 
small foreign particle (Tyndall scattering in turbid media) and at inhomogeneities arising 
due to the density fluctuations (the Rayleigh scattering). 

The intensity of light scattered at inhomogeneities whose dimensions are small compared 
with the wavelength is proportional to A* (Rayleigh law, also see Subsection P4.2.2). 
This explains the blue color of the sky (the scattered sunlight) and the yellow-red color 
of the sun (the transmitted light). The degree of polarization of the scattered natural 
light depends on the angle of scattering; the light scattered at the angle 7/2 is completely 
polarized. The qualitative explanation is that only the oscillators whose oscillation direction 
is perpendicular to the scattering direction radiate in this direction. The scattering at 
inhomogeneities large compared with the wavelength weakly depend on the frequency; this 
explains the white color of clouds. 

The Rayleigh scattering at the density fluctuations or concentration depend on the 
temperature. As the critical point is approached, the average values of fluctuations increase 
sharply and one observes white turbidity of the fluid, which is called the critical opalescence. 

The light beam attenuation in the case of not large intensity occurs by the exponential 
law (the Bouger law): 

F= lhe m; 


where the wave attenuation coefficient œ is equal to the sum of the absorption coefficient, 
expressed in terms of the imaginary part of the index of refraction (see formula (P5.3.2.2)), 
and the scattering coefficient, which describes the wave attenuation due to scattering. 
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P5.4. Foundations of Quantum Optics 
P5.4.1. Thermal Radiation 


> Equilibrium thermal radiation. The radiation of electromagnetic (radiant) energy 
by a body due to the energy of chaotic (thermal) motion of its molecules is called the 
thermal radiation. The properties of thermal radiation are determined by the body material 
and its temperature. If one makes a closed cavity of any material and maintains the 
temperature of its walls to be constant, then the system (wall + radiation) comes to the state 
of thermodynamical equilibrium, and the equilibrium thermal radiation is attained in the 
bulk of the cavity. The most important characteristic of equilibrium thermal radiation is that 
its properties are completely determined by the wall temperature and are independent of 
their material. This statement follows from the second law of thermodynamics. Moreover, 
the equilibrium thermal radiation is homogeneous and isotropic. 

The main characteristics of both the radiation from a body surface and the radiation in 
volume were introduced in Subsection P5.1.2. The radiation from a surface is characterized 
by the radiance B and the radiant exitance R equal to the radiant energy radiated from 
unit surface per unit time in all directions (that is, in the solid angle 27). The spectral 
decompositions of the radiant exitance r), rw, ry are also introduced, for example, R = 
fo. r dA; the quantities r are called the radiation capacities of a body. The volume 
radiation is characterized by the luminous flux intensity / and the volume density of radiant 
energy u, as well as by their spectral decompositions. In the case of isotropic radiation, 
they are related as u = 471 /c. The illumination E is determined as the total radiant power 
through unit site from all directions (from the solid angle 27); in the case of isotropic 
radiation, 

E=nxÍ = tcu. 


The spectral densities of illumination Æ are denoted by e), e, and e,,. The recalculation 
from one spectral characteristic to another is discussed in Subsection P5.1.2. 


> Absorption capacity. Kirchhoff law. The absorption capacity of a body is the fraction 
of incident radiant energy absorbed by the body for a narrow interval of wavelengths or 


frequencies: 
AP abs 


ay = d ®, : 
A body for which a, = 1 in the entire spectral interval is called a black body. A black body 
can be modeled by a closed cavity with a small hole; almost all the rays incident into the 
cavity through the hole are absorbed as the result of multiple reflections from the internal 
walls. A body with a, = const < 1 (usually, a, < 0.99) 1s called a grey body. 

Since the equilibrium thermal radiation is in equilibrium with the surface, it follows 
that for any spectral interval, the quantity of absorbed radiant energy, which is equal to 
era, dX, must be equal to the quantity of the radiated energy, which is equal to r, dA. Since 
the characteristics of the equilibrium bulk radiation are independent of the properties of a 
specific body, it follows that the ratio of the radiation capacity of any body to its absorption 
capacity 1s a universal function of the wavelength and temperature (Kirchhoff law): 


1 
EM ees 0): (P5.4.1.1) 
Qy 4 


Since, for a black body, the absorption capacity is equal to one, it follows that the function 
on the right-hand side is precisely the radiation capacity of a black body, which we denote 
by rx: 

PA sy 

A (Pf). 

A r xl ) 
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One can see that the radiation capacity of a black body and its radiant exitance are in- 
dependent of the method of its production; they are related to the energy volume density 
as 


ry(T)=qceu(T), R(T) = zceu(T). (P5.4.1.2) 


At a fixed temperature, a black body has the largest radiation capacity and radiant exitance. 
For example, for a grey body with a, = const = a, we have R = aR*. We note that since 
the equilibrium thermal radiation is isotropic, it follows that a black body is a Lambertian 
source (see Subsection P5.1.2). 


> Stefan—Boltzmann and Wien laws. The radiation capacity of a black body at a given 
temperature tends to zero for small and large A and attains the maximum value for a certain 
wavelength Am, which depends on the temperature. The area under the curve rx is equal 
to the radiant exitance R*(T). The application of general thermodynamical relations to 
the equilibrium thermal radiation in a cavity allows one to obtain several general relations 
for it. (The temperature of the equilibrium thermal radiation is assumed to be equal to the 
temperature of the walls.) The Stefan—Boltzmann law states that the radiant exitance of a 
black body is proportional to the fourth power of temperature: 


R* =oT", (P5.4.1.3) 


where o = 5.67 x 10°° W m? K is the Stefan—Boltzmann constant. 


To derive (P5.4.1.3), we use the expression for the pressure of isotropic radiation p = u/3 (see Subsec- 
tion P2.5.1) and the formula ( ot) pal (22) y TP, which is a consequence of the second law of thermodynam- 
ics (Subsection P2.3.1). Substituting U = u(T)V, we obtain the equation 4u = du/dT, which implies u ~ T: 
Moreover, from the formula for pressure and from the first law of thermodynamics (0 = d(uV ) + su dV) , one 


can derive the adiabatic process equation for the equilibrium radiation: uV*/? = const. Taking into account 
that u ~ Tt, we obtain VT? = const. 


If we consider a slow adiabatic variation in a radiation volume contained in a vessel 
with mirror walls and apply the Doppler effect formula to the light reflection from a moving 
mirror (see Subsections P4.2.1 and P4.2.2), then we can prove the Wien formula: 


re=A°FfIAT) o  ri=PR0OD), (P5.4.1.4) 


where f(x) are unknown functions whose form cannot be found in the framework of 
thermodynamics. Similar expressions for r% have the form 


= wi (w/T) or DA Tiolw/T). (P5.4.1.5) 


From the Wien formula (P5.4.1.4) (or (P5.4.1.5)), one can derive the Stefan—Boltzmann 
law (P5.4.1.3). Moreover, these formulas imply the Wien displacement law, which presents 
the temperature dependence of the position of the maximum of the function ry (or rj): 


Nae =b: (Gaa T Sop) (P5.4.1.6) 


where b = 2.9 x 10° mK is the Wien constant. For example, as the temperature decreases 
by the factor 2, then the position of the maximum of the function 7*, (or u,,) becomes twice 
closely to the origin, and the maximum itself is eight times below (Fig. P5.21); in this case, 
the area under the graph decreases by the factor 16. 
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w 


Figure P5.21. Frequency dependence of the energy volume density of the equilibrium thermal radiation. 


> Rayleigh—Jeans law. Rayleigh and Jeans tried to obtain the form of the function uw 
in the framework of the classical statistical physics. They considered radiation in a cavity 
as an ensemble of standing electromagnetic waves randomly exchanging energy with the 
walls and between each other. From the viewpoint of statistics, each independent standing 
wave with a certain frequency of oscillations is equivalent to the oscillator with the same 
frequency. The energy calculation is reduced to the two independent problems: 

1) What is the number dg of oscillators (standing waves) contained in the frequency 
interval dw? The answer must be expressed in the form of the function G(w), which is 
called the density of states: dg = VG(w) dw, where V is the vessel volume. 


To calculate G(w), one can consider a vessel of the shape of a rectilinear parallelepiped with sides 
Lz, Ly, Lz. The boundary conditions (for example, the requirement that the nodes of standing waves 
lie on the boundaries) lead to the conditions keLe = mer (€ = x,y,z). Therefore, in the space of wave 
vectors, the admissible states correspond to the nodes of the lattice with sides 7/ Lg and the cell volume 
i= n/ (LelyLz) = n/ V. The volume of the k-space, corresponding to the variation in the value of 
the wave vector from k to k + dk, is equal to i(k? dk) (the volume of the spherical layer cut by the 
first quadrant). Dividing by the cell volume, we obtain the number of spatially distinct oscillations in the 

2 
interval dk: dg=V i E s 
of electromagnetic waves, there are two possible states of polarization), which we generally take into account 
by the additional factor y. 


It is also necessary to take account of the additional degrees of freedom (in the case 


Let us find the number of states per unit volume: 


dg _ k? dk 
V =? 2m2 | 


(P5.4.1.7) 


This formula is obtained from the boundary conditions and has a very general character 
and numerous applications. To pass to w, we must take the formula k = w/c into account. 


Finally, we obtain (y = 2) 


Ww 


G(w) = 


3" (P5.4.1.8) 

2) What is the average energy of a single oscillator? 

The classical physics gives the following answer (see Subsection P2.5.2): to each 
oscillator, independently of its frequency, one must assign two degrees of freedom and, 
according to the energy equipartition theorem, the average energy of each oscillator must 
be equal to kT, where k is the Boltzmann constant. 

As a result of this reasoning, the classical physics gives the Rayleigh—Jeans law: 


w?kT 


u = G(w)kT = 
“ (4) E 


(P5.4.1.9) 
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Experiments show that the Rayleigh—Jeans law is well satisfied at small frequencies (for 
w K wm ) but is absolutely false at large frequencies (Fig. P5.21). Indeed, although (P5.4.1.9) 
satisfies the conditions imposed on any possible function u,, by the Wien formula (P5.4.1.5), 
one can readily see that the function thus obtained does not have any maximum; it mono- 
tonically increases, and the integral de U,,dw; that is, the total energy of radiation is equal 
to infinity! This situation 1s one of the symptoms of the deep crisis in the classical physics 
and the contemporaries called it the ultraviolet catastrophe. 


> Planck’s law. The energy equipartition theorem is a consequence of the fact that the 
oscillator classical energy is proportional to its squared amplitude and can take any even 
very small values. According to Planck’s quantization assumption, the oscillator energy 
(counted from the minimum value) can take only discrete values multiple of a quantity 
depending on the oscillator frequency: 


En(W) = ne] (w), N= Oy Loi (P5.4.1.10) 


To calculate the average energy, one can use the Maxwell—Boltzmann formula (see Subsec- 
tion P2.5.4), according to which the probability of a state with energy e 1s proportional to 
exp e (kT)). We obtain 


y ne] exp |-ne,/(kT)| 
(ew) = = 


>= exp |—ne, /(kT)| 


n= 


The series in the denominator is simply the sum of a geometric progression, and the 
numerator is obtained from the denominator by differentiation with respect to 1/(kT). 
After calculations, we obtain 


w (elw) 


-1 
= 7 ] y = Glew) = = 3 (P5.4.1.11) 


(e(w)) = £1 exp ( oP 


Comparing with Wien formula (P5.4.1.5), we see that e; = €;(w) must be proportional to w: 
eilw) = hw, (P5.4.1.12) 


where fi = h/(27) = 1.0510 Js is a universal constant. The constant h is called Planck’s 
constant and his the reduced Planck constant, often called “‘h-bar’’; it is convenient to use 
the former constant in the case of frequency, and the latter, in the case of cyclic frequency: 
ey = hv = hw. Since the quantum energy is proportional to the oscillator frequency, it 
follows, that at a given temperature, the high-frequency oscillations are excited with a very 
small probability and their contribution to the energy radiation energy is negligibly small. 
This solves the problem of ultraviolet catastrophe. 

After substitution of (P5.4.1.12) into the formula for the average energy, we obtain 
Planck’s law for the spectral density of energy: 


hus? hw z 
The graph of this function is given in Fig. P5.21. We write Planck’s law also in the variables 
v and A: 
8rhv> hv K 87he he a 
Up = = eo ( 2) = ] A Ur = 3 (5) = ] ‘ (P5.4.1.14) 
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For hw < kT’, Planck’s law becomes the Rayleigh—Jeans formula (P5.4.1.9). From Planck’s 
law we can obtain the expressions for the Stefan—Boltzmann and Wien constants in terms 
of the universal constants: 


21,4 
Tk he 

a $2090". 
= 60 2h: k 


Planck’s law agrees well with experiments in the entire frequency range. 


P5.4.2. Light Quanta 


> Photoeffect. The external photoelectric effect (photoeffect) is the effect of light-induced 
emission of electrons from a matter. To study the photoeffect, one employs a vacuum tube 
with cold cathode (in this case, the thermoelectron emission can be neglected). Radiating 
the cathode by light of fixed frequency and intensity, one takes the volt-ampere characteristic 
of the tube (dependence of the current on the anode voltage). The volt-ampere characteristic 
(Fig. P5.22) permits finding: (a) the number of electrons emitted from the cathode per unit 
time (it is expressed in terms of the saturation current: N = Isat/€) and (b) the maximum 
kinetic energy of emitted electron; it is expressed in terms of the stopping voltage, the anode 
voltage at which the current is zero: 


mu” = e|U,|. 


At this voltage, even the fastest electrons cannot reach the anode. 


elU; 


sat 


U U 


S 


Figure P5.22. Dependence of the photoelectron cur- Figure P5.23. The maximum energy of photoelec- 
rent on the tube voltage. trons versus the light frequency for different metals. 


The first law of photoeffect: the number of electrons emitted from metal by light per 
unit time 1s directly proportional to the light wave intensity. 

The second law of photoeffect: the maximum kinetic energy of photoelectrons linearly 
increases with light frequency and is independent of light intensity. If the light frequency 
is less than a certain minimum frequency Vmin determined for a given material, then the 
photoeffect is not observed. It was experimentally found that the dependence of e|U;| on v 
for a given metal has the form of an inclined straight line, and the inclination of the lines 
constructed for different metals turned out to be the same (Fig. P5.23). The classical wave 
theory of light could not explain the second law of photoeffect. Moreover, this theory 
cannot explain the fact that the photoeffect is inertialess; that is, absolutely no delay arises 
between the beginning of radiation and the appearance of current. 
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> Light quanta. The photoeffect laws were explained by Einstein. He used Planck’s 
quantization assumption (Subsection P5.4.1), but proceeded much further assuming that 
the light energy quanta are completely absorbed by separate electrons. This means that in 
the process of absorption, light behaves like a localized particle (1t was called photon) with 
energy 


E = hv = hw = hc/À. (P5.4.2.1) 


Just as any massless particle moving with the speed of light, a light quantum (a photon) has 
the momentum 


= B/C] hy ea hx, (P5.4.2.2) 


The relation between the energy and momentum of a massless particle is given by the theory 
of relativity (see Subsection P1.10.3). 

The quantum properties of light manifest themselves in light radiation, absorption, 
and scattering. Its wave properties manifest themselves in the phenomena related to light 
propagation. The light is of dual nature (the wave-particle duality). The same properties 
are exhibited by all elementary particles. 

The photoeffect (an act of photoeffect) is the absorption of photon by a particle, for 
example, by electron. As a result of photoeffect, the light quantum disappears, and the 
electron acquires additional energy. If a photoelectron is emitted from a matter, then the 
external photoeffect is observed; if it remains inside, then the internal photoeffect takes 
place. In the case of internal photoeffect, electrons can move from a bound state in a free 
state, which increases the number of current carriers and hence decreases the resistance. 

Photoeffect is used to construct photoelements, photorelay, etc. 


Example 1. Can photoeffect occur on a free electron? 

Solution. The answer is negative, because, in this case, the energy and momentum conservation laws 
cannot be satisfied simultaneously. This becomes obvious if we pass to the inertial reference system in which 
the electron after the photoeffect is at rest. Before the photoeffect, the system contained a light quantum and 
a moving electron, and after the photoeffect, it contains only an immovable electron; that is, the energy is not 
conserved. 


Absorbing a light quantum, the electron acquires the energy hy. After escape from 
a metal, the energy of each electron decreases by a certain value, which is called the 
photoelectric work function Ag i (the work required to remove an electron from metal; the 
photoelectric work function depends on the kind of the matter). The maximum energy of 
electrons after escape (if there are no other losses) has the form 


Lmv* = hy — Aexit (P5.4.2.3) 


(Einstein equation). If hv < Agxit, then the external photoeffect does not occur. Hence the 
threshold frequency is equal to 


Vmin = Aexit /h. 


It follows from (P5.4.2.3) that the inclination of lines in the graph of the dependence of e|U;| 
on y (Fig. P5.23) is equal to h and the segment cut by the straight line on the ordinate axis 
is equal to the photoelectric work. 

The photon energy and the photoelectric work are usually expressed in electronvolts 
(eV). One electronvolt, which is a non-SI unit, equals the energy acquired by an electron 
as it accelerates through a potential difference of —1 V: 1eV = 1.6022 x 107!’ J. If, for 
example, the stopping voltage is —3.5 V, then the maximum kinetic energy of electrons is 
equal to 3.5eV. 
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Example 2. The existence of the photoelectric work function means that, on the metal boundary, there 
arise forces retaining the electron inside the metal. How can the electron attraction to an electrically neutral 
metal be explained? 

Solution. A charge particle is attracted by charges of opposite sign induced on the conductor surface. The 
attraction force is calculated by using the method of electrostatic images (Subsection P3.4.1). The escaping and 
returning electrons form a charge cloud near the surface, and the charges on the metal surface form a positively 
charged layer. Between the charged layers, there exists a nonzero average field intensity directed outwards. 


> Boundary of the X-ray spectrum. If electrons are accelerated in a vacuum tube whose 
electrodes are charges at several kilovolts, then on impact of electrons on anode, the effect of 
slowing down the X-ray radiation arises. The study of the spectrum of this radiation shows 
that it does not contain the wavelengths less than a certain value Ae, which is inversely 
proportional to the voltage applied to the tube. This fact finds a natural explanation in 
quantum optics. The radiated photon energy cannot exceed the energy electron kinetic 
energy: he/A < eU, which implies 


_ he 

eU’ 

The theoretical value of the coefficient of proportionality between A. and 1/U is in good 
agreement with experiments. 


A 2 A 


> Light pressure. The light pressure was predicted by Maxwell on the basis of the 
electromagnetic theory and was measured by Lebedev. Lebedev’s installation consisted of 
a light rod suspended in a vacuum on a thin filament. Two thin plates were fixed at the ends 
of the rod, one of them was a reflecting plate, the other was an absorbing plate. Illuminating 
the plate and measuring the filament twisting, he calculated the light pressure. 

The electromagnetic theory gave the following explanation of the light pressure: the 
electric field of an electromagnetic wave induces current in the metal and this current is 
under the action of the Ampere force from the magnetic field of the wave; this force has the 
same direction as the wave propagation and is the cause of light pressure. The explanation 
of pressure in the language of light quanta looks much simpler: the photons with the 
momentum (P5.4.2.2) are absorbed or reflected transferring their momentum to the matter. 
In the case of photon reflection, the transferred momentum is twice larger than that in the 
case of absorption (also see Subsection P4.2.2). 


> Compton effect. As a photon interacts with a free electron, the process of photon 
absorption is forbidden by conservation laws, but the photon scattering may occur. If the 
electron was originally at rest, then, as a result of interaction, it acquires a certain velocity. 
The energy conservation laws require that the photon energy decrease by the value of the 
electron kinetic energy, which means that its frequency must also decrease. At the same 
time, from the viewpoint of the wave theory, the frequency of scattered light must coincide 
with the frequency of incident light. This phenomenon is called the Compton effect, it was 
discovered in X-ray scattering and played an important role in the formation of quantum 
theory. 

The photon scattering on an electron can be considered as an elastic collision of two 
particles obeying the energy and momentum conservation laws: 


pe+me =p'c+ El, p=p +p,, 


where p and p? is the initial and terminal photon momenta, p; and E are the momentum and 
energy of the recoil electron (Fig. P5.24). We express the energy and momentum of the recoil 
electron and substitute them into the relation E/?—p/*c? = m7c* (see Subsection P1.10.3). 
After transformations, we obtain 


me(p — p’) = pp'(1 — cos 0), 
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Figure P5.24. Photon scattering on an electron at rest (Compton effect). 


where @ is angle of the photon scattering (the angle between the vectors p and p^). We 
express the momenta of incident and scattered photon from equation (P5.4.2.2): p = h/A, 
p' =h/X, and obtain the formula for dependence of the wavelength increment on the angle 
of scattering: 

AX — Aà = Ac(1 — cos 0). 


The quantity Ac = h/mc = 2.43 x 10? mis called the electron Compton wavelength. The 


energy of photon with wavelength Ac is equal to the energy of electron at rest mc”. The 
maximum effect corresponds to the photon scattering at the angle 0 = 7. 


> Number of photons in equilibrium thermal radiation. Planck’s formula (P5.4.1.13) 
for the density of energy of equilibrium thermal radiation can be written in the language of 
light quanta as follows: 

Uy = hwG(w)N,), 


where hw is the energy of a quantum, G(w) = w*/77c? is the density of states, and 


1 


Nu = phiw/kT —1 


(P5.4.2.4) 


has the meaning of the number of photons in the state with a certain frequency w. 


P5.4.3. Principle of Laser Operation 


> Spontaneous and forced transitions. Einstein coefficients. We consider an atom in 
the field of equilibrium radiation. If the atom is in the state with energy £;, then, under the 
action of radiation, it can move into a state with larger energy E, absorbing a light quantum 


AA ee 


forced d spontaneous Á forced 
absorption emission emission 
ANNS IN» NN» A 
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Figure P5.25. Schematic representation of processes of absorption and radiation of light quanta by atoms. 


with frequency w = (E; — E;)/h (Fig. P5.25). Such a process is called the forced (induced) 
absorption. The probability of such a transition per unit time is proportional to the density 
of energy radiation at the frequency w: 


Pij = Bijuu: 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 565 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 566 


566 OPTICS 


The reverse transition from a state with larger energy to a state with lesser energy 1s related 
to creation and emission of a quantum of frequency w. It can occur in two ways. The 
first type of transitions is called the spontaneous emission, it occurs even in the absence of 
external radiation (for u,, = 0), and its probability is independent of u,,: 
PE ee ice 

Pii = Ajj. 
The second type of transitions is called the forced emission, it occurs under the action of 
a quantum of frequency w. The transition probability per unit time, just as in the case of 
forced absorption, is proportional to uw: 

ind 

Pin = Bjitw. 

The coefficients B;;, Bji, and Aj; thus derived are called Einstein coefficients, and they are 
independent of the radiation temperature. 


> Equilibrium between atoms and radiation. We assume that a volume filled with 
equilibrium radiation at temperature 7’ contains equal atoms. We also assume that the 
thermal equilibrium is established between atoms and radiation, and in this case the average 
number of atoms in state 2 is equal to N; and that in state 7 is equal to V;. These numbers 
at temperature T' are related to each other by the Boltzmann relation: 


N; = N; ¿AEjEs)/ KT 


In equilibrium, the number of transitions from 2 to ¿ must be equal to the number of reverse 
transitions: 

N; Biju = Ni (Aji + Biya). (P5.4.3.1) 
It follows from the Boltzmann relation that N;/N; — 1 as T — oo. Taking into account 


that then u,, — oo, we obtain Bij = Bj;. 
Let us express uy from (P5.4.3.1): 


a, Ant Bi 


(we took into account that N;/N,; = exp(hw/kT)). One can see that, in fact, we derived 
Planck’s law for equilibrium radiation. The ratio Aj; /B;; can be obtained from the condition 
that the classical Rayleigh—Jeans law must hold at high temperatures: 

Aji hu? 


Bsi MPSS 
We look at this relation from a different standpoint. Taking formula (P5.4.2.4) for the 
number of quanta with a certain frequency into account, we write (P5.4.3.2) as 


Hence the ratio of the probability of forced radiation to the probability of spontaneous 
emission is equal to the number of quanta of frequency w. In other words, the probability 
of forced emission calculated per one quantum is equal to the probability of spontaneous 
emission. One can see that the spontaneous and forced emissions must be of the same nature. 
The (qualitative) explanation 1s that even in the absence of light quanta in the system, the 
electromagnetic field has the so-called zero-point oscillations of a given frequency (the 
oscillator energy in quantum mechanics is equal to hu(N + 5)). Precisely these oscillations 
cause spontaneous transitions. 
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> Inverse population of levels. In each act of forced emission, a new quantum is formed, 
and the created quantum has the same phase as the quantum generating this radiation. In 
other words, instead of one quantum, two coherent quanta appear in the system. Each 
of these quanta can in turn cause the appearance of a new coherent quantum, etc. Thus, 
coherent radiation may be amplified. But the newly created quanta are absorbed by atoms 
that are in the lower of the two energy states. In equilibrium, the number of atoms in the 
lower state (the population of the lower level) is higher than that in the upper level. Hence 
absorption prevails over the forced emission, and amplification is impossible. 

To make a coherent ray amplification possible, it is necessary to create a metastable 
state with inverse population of levels. Then amplification of the quantum flux J occurs by 
the formula 

dJ = a(n; —m)J dz, or Ja) = J(O)e”, (P5.4.3.3) 
where n; and n; are the atom concentrations, ø is the cross-section of forced absorption or 
emission, and y = o(n; — ni) is the quantum amplification coefficient of the medium. 


3 4 
f 3 

2 
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Figure P5.26. Three- and four-level schemes of laser operation. 


The inverse population is created by using different methods of pumping. The most 
widely spread are the three- and four-level schemes (Fig. P5.26). In the three-level scheme 
(ruby laser), there is intense pumping from the lower level 1 to the wide short-living level 3 
from which the long-living (metastable) level 2 is filled. It is necessary to ensure that 
the population of the upper operation level 2 exceeds the population of the lower operation 
level 1. The difficulty is that the initial population of level 2 is much less than the population 
of level 1, and intensive pumping is required. The four-level scheme does not have this 
drawback. In this scheme, the lower operation level 2 first contains as few atoms as level 3. 
The filling of level 3 occurs from level 4 which is pumped from the ground level 1. The 
neodymium laser operates according to this scheme. 


> Construction elements of lasers. To use the phenomenon of quantum amplification 
of coherent light for creating the quantum generator, it is necessary to ensure positive 
feedback in order that a beam amplify itself. To this end, mirrors are arranged at the ends 
of the sample (or a mirror coating is applied). One of the mirrors is partially transparent, 
which ensures that part of light escapes from the system as a laser beam. The initial beam 
amplifies itself by multiple reflections from the two mirrors if the following condition is 
satisfied: 
2Ln = mA, 


where n is index of refraction, L is the distance between the mirrors (the sample length), 
and m is an integer. To ensure coherent light generation, the total amplification coefficient 
on the entire closed path must be greater than 1: 


R, Roe? > 1, 


where y is the quantum amplification coefficient (see (P5.4.3.3)) and Rı and Rz are the 
indices of reflection of the mirrors. 
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Chapter P6 
Quantum Mechanics. Atomic Physics 


By the beginning of the twentieth century, classical physics had accumulated many con- 
tradictions that could only be resolved by changing the main concepts of space and time 
(Einstein’s theory of relativity, Chapter P1) and the laws of motion of particles on atomic 
scales (quantum mechanics). The first quantum concepts appeared at the very beginning of 
the century (Planck’s formula for thermal radiation and Einstein’s formula for photoeffect, 
Chapter P5), but quantum mechanics as a closed science was not constructed until the end 
of the 1920s. 


P6.1. Atomic Structure. Bohr Model 
P6.1.1. Nuclear Atomic Model 


> Experimental antecedents. The atomic theory must, first of all, explain the accumu- 
lated experimental facts concerning the spectra of radiation of rarefied gases (that is, of 
separate atoms). 

The atomic spectra consist of separate very narrow lines (line spectra) whose location 
is typical of each element. It was noted that any frequency is the difference of some two 
terms: Umn = Im — Tn, so that the element can be characterized not by a set of frequencies 
but by a set of terms. For hydrogen, we have Tn = R,,/ n*, where R 1s the Rydberg constant 
(for frequency). The spectral lines for which one of the terms is fixed are called a spectral 
series. For example, in the hydrogen atom spectrum, the Lyman series (n = 1), the Balmer 
series (n = 2), etc. are distinguished. 

But at the beginning of the twentieth century, there were no clear concepts about the 
atomic structure, the massive nucleus and electronic orbits. The Thomson model, in which 
the mass and the positive charge are uniformly distributed over the atomic volume and the 
electrons are contained inside this positive cloud as raisin in a pudding, seemed to be more 
attractive. 


> Rutherford experiments. The nuclear atomic model was constructed in Rutherford’s 
experiments on scattering of alpha particles at the atoms of thin goldfoil (performed by his 
collaborators Geiger and Marsden in 1911). It was found that some particles deviate by 
larger angles and even fly in the opposite direction. The number of such particles was small 
(approximately one of 8000 particles was scattered by an angle larger than 90°), but the 
mere fact of the existence of such particles contradicted the Thomson model. 


Example 1. Estimate the maximum angle of deviation of alpha particles by the atom in the Thomson 
model. 

Solution. To obtain this estimate, we assume that, in the Thomson model, the maximum deviation is 
exhibited by the particles flying near the edge of the atom (a ball of radius R ~ 10% m), where the electric field 
strength is maximum (see example 3, Subsection P3.3.2). The formula for the angle of the particle deviation 
by the Coulomb field was derived in Subsection P1.6.2 (example 2): 


(P6.1.1.1) 
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where A = 2Ze/4rr80 (Z = 79), Ex ~ 5-7 MeV is the kinetic energy of alpha particles, and b is the impact 
parameter. Taking b =~ R ~ 107% m for the Thomson model, and see that the maximum deviation of alpha 
particles is ~ 0.01°. If the multiple scattering is taken into account, then a greater angle of deviation is obtained, 
but for the film thickness d ~ 107-10* m, the probability of scattering even by several degrees is negligibly 
small. 


Rutherford showed that the experimental results are in good agreement with the formula 
for the angular distribution of a-particles scattered at a point Coulomb center with charge Ze. 
Example 2. Rutherford’s formula. We consider a thin target whose unit area contains No = nd nuclei 
(n is the bulk concentration of nuclei, d is the target width). Assuming that each particle interacts only with a 
single nucleus, we see that the particles scattered in the angle interval (0, 0 + d0) are the particles whose impact 


parameter with respect to any nucleus lies in the interval [6(@), b(0 + d@)]. The fraction of particles scattered in 
this angle is equal to the total area of such annuli around all the nuclei contained in the unit area of the target: 


dN db 
N = No27b db = No2nb—, dé. 


Taking into account that the solid angle is equal to dQ = 27 sin 0d, we obtain 


dN _ db dQ 

N° dO sind’ 
Expressing b from formula (P6.1.1.1) for the scattering of alpha particles at the Coulomb center Ze, we obtain 
the Rutherford formula: 


2 2 
= ( ee Noal? (P6.1.1.2) 


N  X8reoEx) sint(0/2)'` 


Numerous experiments confirmed that this formula is in good agreement with experimental data. (We note that 
the coefficient at Nod® is called the differential scattering cross-section; see Subsection P8.2.2 for details.) 


> Atomic structure. An atom with atomic number Z consists of a heavy nucleus with 
charge +Ze and electrons in the field of this nucleus. An atom whose number of electrons is 
not equal to its atomic number Z is called an ion. The minimum energy required to remove 
an electron and form an 10n is called the ionization energy. 

The nuclear model is in unresolvable contradiction with the fundamental concepts of 
classical physics. The electrons are attracted to the nucleus, and hence they cannot be at 
rest but must move around the nucleus (therefore, the nuclear model is sometimes called the 
planetary model). But in accelerated motion, the electron radiates electromagnetic waves, 
and within a time interval of the order of 1071% s, it must lose its entire energy and fall on 
the nucleus (see example 2, Subsection P4.2.2). Within the framework of classical physics, 
the atom cannot be stable. 


P6.1.2. Bohr Model 


> Bohr postulates. Bohr’s semiclassical model describes the properties of the hydrogen 
atom and hydrogen-like ions (one electron in the field of the nucleus Ze). The model is 
based on the Bohr postulates: 

1) The electrons can move only in certain stationary orbits according to the classical 
equations of motion but without energy radiation. 

2) In this case, the angular momentum can take only discrete values Ln = nh. For 
circular orbits, the quantization rule takes the form 


Münte = nh. (P6.1.2.1) 


The number n is called the principal quantum number. 
3) The radiation or absorption of quanta of electromagnetic radiation occurs only in 
transition from one stationary orbit to another stationary orbit: 


hw = En- Em. (P6.1.2.2) 
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> Hydrogen atom. For the motion of an electron in a circular orbit, from the quantization 
rule (P6.1.2.1) and the equation of motion 


k 2 2 
EA (P6.1.2.3) 


na Te 


we find the electron velocity in the nth orbit and its radius: 


and the electron energy 


al 5) 2) 
MU ke ke R 
R= Se a P6.1.2.4 
2 Tn Drp n2 l ) 
where T 
k 

E E E (P6.1.2.5) 

White 


is the Rydberg constant (for the electron energy). The state with number n = 1 and energy 
Ej = -R = -13.6 eV is called the ground state of the atom, the other values correspond to 
the excited states. The lifetime of excited states is of the order of 103 s. The radius of the 
orbit of electron in the ground state in the hydrogen atom is called the Bohr radius and is 
denoted by ao: 

h2 


= = 0.53 A. 
MRE 


aq =r = 


The energy of ionization of the hydrogen atom is equal to |£;| = R. 
The radiation spectrum of the hydrogen atom is: 


1 1 1 
~= k| —-— |], (P6.1.2.6) 
A Ma UE 
1 
m(ke?y 7 4 
where Ry = Ey = 1.097 x 10° m` is the Rydberg constant (for the reciprocal wave- 


length), nı 1s the number of the initial state, n2 is the number of the final state of electron 
(Fig. P6.1). The hydrogen lines with nz = 1 and n; = 2,3,... form the Lyman series (ultra- 
violet region), the lines with nz = 2 and nı = 3,4,... form the Balmer (visible region), the 
lines with n2 = 3 form the Paschen series (infrared region), the further series are Brackett, 
Pfund, etc. series. 


> Hydrogen-like ions. Taking account of the nucleus motion. The formulas obtained 
for the hydrogen atom can easily be generalized to the case of a hydrogen-like ion, or 
the case of one electron in the field of a charge Ze. It is simply required to replace e? 
by Ze” in all formulas. In this case, the Rydberg constant is multiplied by Z?. For 
example, in the case of helium one-electron ion He*, the electron energy takes the values 
E,, = 4R/n?. Obviously, the energy with number 2n coincides with the electron energy 
in the hydrogen atom with number n. This means that the transition, for example, from the 
fourth level to the second level must correspond to the same frequency as the transition from 
the second level in the hydrogen atom to the first level. An analysis of the spectra shows 
that all the corresponding levels of the helium ion lie below the levels of the hydrogen atom 
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Figure P6.1. Hydrogen atom energy levels and spectral series. 


approximately by 0.04 %. This difference can be explained by the fact that the nucleus 
mass 1s finite: both the electron and nucleus move about their common center of mass. The 
simplest way to take the nucleus motion into account is to replace the electron mass m by 
the reduced mass p (see Subsection P1.6.4). This results in multiplication of all values of 
the energy and frequencies by the factor M/(m + M), where M is the nucleus mass. The 
largest increase in the energy is for the hydrogen atom. 

By the same reason, the energy levels of electrons in heavier isotopes lie below (isotopic 
effect). For example, the deuterium levels lie a little below the hydrogen levels, and the 
tritium levels lie a little below the deuterium levels. 


> The Bohr-Sommerfeld quantization condition. A generalization of the orbit quanti- 
zation rule is the Bohr-Sommerfeld quantization condition: 


fr dq = 27nh, (P6.1.2.7) 


where g and p are the generalized coordinate and momentum. If for the generalized 
coordinates of motion in a central field we take the angle y and the angular momentum L, 
then we obtain the Bohr quantization rule. In the case of one-dimensional motion, the 
quantization condition (P6.1.2.7) takes the form 


2 y y 2m(E, — U(x)) dx = 27nh. 


where xı and 2» are the turning points, at which the momentum is zero. For example, in 
the case of oscillator, U(x) = mix?) 2, and calculating the integral, we obtain 


Ep = nhw, 


which up to the term hw/2 (zero-point oscillations) coincides with the exact answer given 
by quantum mechanics. 

The Bohr theory is not a consistent quantum theory. It does not describe the fine 
structure of hydrogen-like atoms and the properties of many-electron atoms, starting from 
the helium atom. 
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P6.2. Elements of Quantum Mechanics 
P6.2.1. Wave Function. Uncertainty Relation 


> The corpuscular-wave duality. De Broglie waves. A moving particle of matter can 
exhibit wave-like properties; also a wave can exhibit particle-like properties. This behav- 
ior is known as corpuscular-wave duality or wave-particle duality. The corresponding 


wavelengths, wave vector, and cyclic frequency are given by the de Broglie formulas: 
h E 
k kes, wee. 
p h h 
where p is the particle linear momentum and £ is its relativistic energy. 


(P6.2.1.1) 


An important argument for de Broglie waves was the fact that, with definition (P6.2.1.1) taken into account, 
the Bohr quantization rule (formula (6.1.2.1)) takes the form of the existence condition for the closed standing 
wave: 2rrn = nA (an integer number of de Broglie waves can be put on the orbit length). 


The phase velocity of the de Broglie wave of a free particle moving with velocity v is 


equal to c/v, its group velocity is equal to v. (The phase velocity is not an observable 
quantity.) 


> Wave function. A particle is associated with a complex wave function (r), which has 
a statistical meaning. The squared modulus of the wave function is equal to the density of 
probability of finding a particle at a given point in space: 


dP = WD dV. (P6.2.1.2) 


The interference and diffraction phenomena in propagation of particles and in their detection 
arise due to superposition principle: if states 41 and 14) are realized, then the superposition 
Y = 111 + Cry is also realized. The wave properties of particles were first discovered in 
experiments on diffraction of electrons at crystals in 1927. (Davison—Germer experiments). 


> Heisenberg uncertainty relation. The measurement of a particle coordinates and 
projections of its momentum is of statistical character. The uncertainties in measurements 
of these quantities are related as 


Ap Ax = sh, ApyAy > sh, Ap,Az > sh. (P6.2.1.3) 


The momentum and coordinates cannot simultaneously take exact values, and the notion of 
classical trajectory becomes meaningless. 
The electron state with a definite momentum px is determined by the wave function in 


the plane wave form: 
l 


a 
W(x) = exp (pa 2). 
V 2h he 
In this case, the electron is completely delocalized in space. To estimate the uncertainty in 


measuring the momentum for an electron with localized wave function 4Y(x), it is necessary 
to expand this function in the Fourier integral in wave functions with a definite momentum: 


1 a 
W(x) = “TAR J (ip 2) (px) dpy. 


The probability of that the result of measuring of py lies in the interval (pz, py + dp,) is 
determined by the squared Fourier transform |y(p,,)|’dp,. According to general properties 
of the Fourier transformation, the function width and its Fourier transform are related as 
Ax A(p,/h) > > (also see Subsection P5.2.1, discussion of the temporal coherence). 

The uncertainty relation for time and energy has the form: 


AEAt 2 h, (P6.2.1.4) 


where AL is the state energy uncertainty and At is the particle lifetime in this state. 
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Example 1. Impossibility of electron localization in the nucleus. 

If we assume that the electron is contained inside a nucleus of dimension r ~ 107% m, then the uncertainty 
of its coordinate is of the order of the nucleus dimensions and the uncertainty of the momentum is Ap ~ h/r. 
Assuming that the average momentum is of the order of its uncertainty, we obtain the following estimate for 
the energy: E = p*/2m ~ 10° J = 10° MeV, which exceeds the electron binding energy in the atom by many 
orders of magnitude. 


Example 2. Estimate of the ground state energy of the hydrogen atom. Assuming that the coordinate 
uncertainty is of the order of the atom average dimension and the momentum uncertainty is of the order of the 
average momentum, we obtain the following relation between momentum and radius: 


h 
pium: 
rT 


Substituting p(r) into expression (P6.1.2.4) for the electron energy, we obtain the energy as a function of one 
parameter, the orbit radius: 
he e” 
- k—. 
2mr? if 
This expression takes the minimum value equal (up to a dimensionless factor) to the ground state energy for r 
equal to the Bohr radius. 


as 


> Applicability criterion for the classical description. The notion of trajectory can be 
used only if the coordinate uncertainty Ax is small compared with the typical dimensions R 
of the motion region and the momentum uncertainty Ap is small compared to the momen- 
tum p. In other words, the inequality pR > h must be satisfied. In addition to this criterion, 
one can compare fh with other combinations of the system parameters that are of dimension 
of angular momentum: (momentum x length) or (energy x time). 


P6.2.2. The Schrodinger Equation 


> Time-dependent and time-independent Schrodinger equations. The evolution of 
the wave function of a particle in the force field U(r) 1s described by the Schródinger 


equation: 
Op | he 


In the state with a certain energy E (stationary state), the wave function has the form 


w(r, t) = Wr) exp (i=) (P6.2.2.2) 


The spatial part of the wave function of stationary state satisfies the time-independent 
Schrodinger equation: 


2 
Aw + E -UW = 0. (P6.2.2.3) 
The wave function of a free particle (U = 0) in the state with a certain momentum p has the 
form À 
wr, t) = a ex eer. —pr)| 
> The probability flux density is determined by the expression 
ACA £ 
S= En [ap Vy -YV | (P6.2.2.4) 
m 


and in the case of a free particle with momentum p = mv is equal to S = vY. The 
variation in the probability of finding a particle in a certain region is determined by the 
probability flux through the boundary of this region. 
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> Properties of stationary states. The solutions of the time-independent Schródinger 
equation (P6.2.2.3) describing the bound states of a particle in a potential field must satisfy 
the following conditions: 

1) The function and its first derivatives must be continuous. 

2) The function must be normed: f lp? dV = 1. These two conditions can be satisfied 
only for definite values of energy £1, E», ... (discreteness of energy levels). 

3) In the one-dimensional case, the solutions are real and nondegenerate; that 1s, to 
each energy value Ep there corresponds one function 4, (x). The function Yp is zero 
at n — 1 points (nodes of the wave function). If the potential energy is an even function 
(U(=x) = U(x)), then the wave functions with odd numbers (including the wave function 
of the ground state) are even (W2n41(—©) = Von+1(12)), and the wave functions with even 
numbers are odd (Wn (1) = Pin (x)). 

The average value of the physical quantity g(r), which is a function of coordinates, is 
calculated by the formula: 


TE J gÊ av, 


where 4(r) is the normed wave function. 
Example 1. Well with infinite walls. If the potential energy has the form 


pe for < zx < L; 
loo, forx<0orz>L, 


then the wave function vanishes at edges of the well, at x = 0 and x = L. The Schrodinger equation (P6.2.2.3) 
takes the form a 

dy 2m 

— + —Ev=0 

dx* P v 


PO NT 
Un (1) = L sin kaz, Kn = E 


The well width 1s equal to an integer number of de Broglie half-waves. The energy of the nth level is equal to 
ck nat 

Er = n= 

2m 2mL? l l l l 

the well center, and the wave functions with even numbers are antisymmetric. 


and has the solutions 


. One can see that the wave functions with odd numbers are symmetric with respect to 


Figure P6.2. The wave function and energy levels in a one-dimensional potential well. 


Example 2. Well with finite walls. If the potential energy has the form (Fig. P6.2) 


0 forO <z < L; 
U =< Uo>0 forr> L; 
00 for x < 0, 


then the Schrödinger equation inside the well has the same form as in the preceding example and outside the 
well, for x > L, takes the form 
ly 2m 
—— + — (E -Upo)y = 0. 
de® * pp CE Vow 
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The localized (bound) states must have energies in the interval 0 < E < Up. The wave function vanishes for 
x = 0 and is equal to Yı (a) = A sin(k;¡ x) inside the well and to y2(x) = B exp(—k2x) + C exp(k2x) outside the 
well, where ky = V2mB/h, kz = V/2m(Uo — E)/h. It follows from the finiteness and integrability condition 
for the wave function that C = 0. Eliminating the coefficients A and B from the conditions of continuity, 


U1(L) = (L), and smoothness, aal = a 
dx lo=L dx 
allowed values of the energy: kz =—k, cot kı L. 

The roots must be sought graphically, as points of intersection of the graph kL = —k, L cot kı L with the 
circle (kı DY + (k: LÝ = 2mU0L*/ h? in the region kı L 20, k2L > 0 (Fig. P6.3). The new bound states arise 
under the condition E = Uo with ki L = m(n + 1/2); for UL? <n’ Hi (8m) (a very “narrow” or very “shallow” 
well), there are no bound states. 


, of the wave function, we obtain the equation for the 
x=L 


Figure P6.3. Graphical solution of the equations in example 2. 


We note that the wave function of a bound state is nonzero for x > L (Fig. P6.2). According to the classical 
concepts, the particle penetration under the potential barrier is impossible, because for E < Uo, the kinetic 
energy in this region is negative. In quantum mechanics, the probability of finding a particle under the barrier 
is nonzero, although it decreases exponentially with the distance from the barrier. 


Example 3. Harmonic oscillator. The potential energy of harmonic oscillator is U(x) = mw*x%/2. The 
energies of stationary states are equal to En = (n +1/ 2) hw, and the wave functions of stationary states are 
expressed in terms of special functions, Hermitian polynomials (see Subsection M13.10.4). The energy of the 
ground state is equal to hw/2 (the energy of zero-point oscillations). 


. . ! : h . E 
Passing to dimensionless variables by the change E = 6 eS y De , we obtain the Schrodinger 
mw 


equation for the oscillator in the form 
dy 2 
de +(e- W =0. 
As € — ov, the term e in parentheses can be neglected, and we obtain the asymptotic for large € behavior of 
the wave function: Y ~ exp(—€7/ 2). We seek the wave function in the form w = exp(—€7/ 2)p(€), and for p, we 
obtain the equation 
yp" -2£p' + (e-1)y = 0. 


Representing (€) as a series, Y = ao + a1Ẹ + ---, and substituting it into the equation, we obtain a series of 
recursive relations: 2a2 + (e — 1)ao = 0, 6a3 + (€ — 3)a, = 0, ..., (n + 1 )n + 2)an+2 + le — 2n — 1)an = O, 
... . The wave function 4Y(£) satisfies the finiteness condition only if the series for y(€) contains finitely many 
terms (otherwise, as € — 00, (£) increases as exp(€*)). The series can be truncated under the condition that it 
contains either only odd powers (for this, we must set ay = 0) or only even powers (a; = 0). The series truncation 
condition permits obtaining allowed values of the energy: €n = 2n + 1 or En = hu(n+ 1/2) (n=0,1,...). 

Just as in the preceding example, the wave functions of the oscillator stationary states are nonzero in the 
region, where the oscillator energy is less than its potential energy. The probability of finding a particle in the 
forbidden region decreases exponentially in the direction inside this region. 

We note that in the ground state, the oscillator energy is equal not to zero but to hw/2; this energy is called 
the energy of zero-point oscillations. The existence of such an energy is inevitable from the viewpoint of the 
uncertainty relation: a particle cannot be at the lowest point of the well and have zero momentum. 

Just as any other quantum system, the oscillator can radiate or absorb photons in transitions from level 
to level. An analysis of probabilities of such transitions shows that they can occur only between neighboring 
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levels; in other words, the transitions between the oscillator levels obey the rule of selection: An = +1. This 
means that the oscillator radiates photons only of a single frequency w. 


U 
Up 


0 x 


Figure P6.4. A step-like potential barrier (example 4). 


Example 4. Reflection from a barrier. We show how to calculate the probability of reflection of the 
incident particles from an obstacle (barrier). We consider a barrier of the simplest shape, which is like a step 
of height Uo (Fig. P6.4): 

E l O for «<0; 


Uo for x>0. 


We write the Schrodinger equation as (see example 22) 


y” + kp =0 for x <0; 
y” +kip=0 for x>0. 


where kı = V2mE/h, kı = /2m(E — Uo)/h. The solution of this equation must describe the incident and 
reflected waves for x < O and the transmitted wave for x > 0: 


Aexp(ik¡x)+ Bexp(-ikixz) for x <0; 
W(x) = 


Cexp(ik,x) for x >0. 


(We omit the time-dependent part exp(=¿Et/h) of the wave function.) The densities of the probability 
flux (formula (P6.2.2.4)) of the incident, reflected, and transmitted waves are equal to Sı = |A (Ak / m), 
So = |B} (Aki /m), and $3 = ICP (ko /m). Hence the reflection and transmission coefficients are equal to 
R= &/Sı =|B/AP and D = 93/5, = (k2/k1)1C/Al?. From the continuity conditions for the wave function 
and its derivatives for x = O we have 


B C B C 
nerea e (1+2) =, 


which implies 
2 


R= i m ia, (P6.2.2.5) 


ka + ko |? ~ | (ki + ko 


For E > Ub, the numbers kı and k are real, the coefficients R and D are nonzero, and R + D = 1. We note 
that, in classical physics, there is no reflection of particles for E > Uo; that is, R = 0. In quantum physics, R, 
is not only nonzero, but for E — Uo < Uo, we obtain k2 < kı, and hence D — 0 and R — 1. Even more 
amazing purely quantum effect is obtained for Uo < O (formally, (P6.2.2.5) remains valid, but k2 > kı): in the 
limit E << |Uo|, we obtain kı << k2, and hence R — 1 (!). 

For E < Up (Uo > 0), the solution remains formally true if we set kz = ix, where k = y2m(0 — E)/h. In 
this case, R = 1, and the solution for x > 0 is the real exponential PON = |C? exp(—2Kx); the depth of penetration 
of particles into the classically forbidden region is equal to 1/2k. 


Example 5. Tunnel effect. In the case of incidence on a potential barrier of the de Broglie wave 
corresponding to a free particle with energy less than the barrier height, there is a nonzero probability of finding 
the particle on the other side of the barrier. The barrier transparency is the ratio the intensity (the density of 
the probability flux) of the transmitted wave to that of the incident wave. The potential barrier transparency 
(Fig. P6.5) is given by the formula 


D = Do exp (-5 f y 2m[U(x)-— E] da). 


The particle can be found under the barrier in the region forbidden for motion in classical mechanics. 
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U 
E 
x, X> x 


Figure P6.5. Tunnel effect (example 5). 


P6.2.3. Operator Approach in Quantum Mechanics 


> Operators of physical quantities. Any observable physical quantity in quantum me- 
chanics 1s associated with a Hermitian (self-adjoint) operator acting on the wave function. A 
physical quantity G has a definite value Ag only in the states corresponding to eigenfunctions 


of the operator G: 
Gw = Au, 
and the measurable values of the physical quantity in any of these states coincide with the 


eigenvalues AG of the operator G. The system of eigenfunctions of Hermitian operator is 
complete; thatis, any function can be represented as a linear superposition of these functions. 
If a state is a superposition of eigenfunctions corresponding to different A, Y = >), Citi, 


then the probability of obtaining the value A; in measurements is equal to |C;|?, and the 
average value of G in this state is equal to 


(G) => AICP = J y* Gy dV. (P6.2.3.1) 


The coordinate operator has the form TY = xy, the momentum projection operator has the 
form Pz = ih E, and the energy operator (Hamiltonian) is determined by the expression: 


= D h2 
H==+U =-—-A+U. (P6.2.3.2) 
2m 2m 


The Schrodinger equations (P6.2.2.1) and (P6.2.2.3) become 


n = Hy and Hy = Ey: (P6.2.3.3) 


that is, the stationary states are the eigenfunctions of the Hamiltonian, and the energy of 
these states are the corresponding eigenvalues. 


> Commensurability of physical quantities. Two physical quantities, A and B, are 
said to be commensurable (can simultaneously have definite values) if they commute: 
AB - BA =0. For the coordinate and momentum projections, we have 


Dz — Dek = ih. (P6.2.3.4) 
Example 1. Uncertainty principle. Operator approach. In the language of quantum operators, the 


uncertainty principle becomes an exact mathematical statement. The uncertainty of a physical quantity in the 


state y is AG = y «(G — (NA (in the eigenstate of the operator G, the uncertainty is zero). The degree of 


commensurability of two physical quantities A and B is determined by their commutator C=AB-B A, which 
is expressed by the inequality 


AAAB > KOY. 
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> Conservation condition for a physical quantity. An important statement of quantum 
mechanics is that the physical quantity is preserved in time if its operator commutes with 
the Hamiltonian. Indeed, 


diay _ [005 A ee eee Lane 
“= | T Guavs | Ga AV = -fy [HG]y dV = (HG), 


where Oy)/dt is expressed by using the Schrödinger equation (P6.2.3.3) (and Ow*/dt is 
expressed by using the dual equation). 


Example 2. Quantum oscillator. Operator approach. The commutation relations permit obtaining 
important results by pure algebraic methods. Let us find the eigenvalues and eigenfunctions of the Hamiltonian 
describing the quantum oscillator: 

A- PD. mwt 
MOT: 
starting only from the commutation relation (P6.2.3.4) between the coordinate and momentum. Further, we 


introduce dimensionless operators q, p, and h using the formulas 
2=4/ 9, Px = Vhmwp, pS, 
mu 2 


and p = iz. Then, the dimensionless Hamiltonian acquires the form 


oo 


h=P+7@, 
and the dimensionless coordinate and momentum operators satisfy the relation 

dp — pg =i. 
We introduce the “raising” and “lowering” operators: 

a Ss q=1p, a =q+ip, 
which satisfy the identities J J 
ca =h-1, aa Shel, [@ a] = -2. 

The eigenvalues À and eigenfunctions 4, of the operator A=@'@ have the following properties: 


1) The eigenvalues are nonnegative (A > 0). An eigenvalue is zero if and only if @ Yo = 0. 
2) If y, is a normed eigenfunction with A > 0, then op a is a normed eigenfunction with \’ = \— 2, 


and 73 UY 1 is a normed eigenfunction with A’ = À + 2. 


This implies that the eigenvalues of the operator A are even integers, the eigenvalues of the operator h are 
odd integers, and the eigenvalues of the energy operator are En = hw(n+ 5). The ground state (n = 0) satisfies 


the equation a wo = 0 or ao = qbo. We obtain vo(q) = y 2 exp(—q?/2). All the other functions can be 
dq T 


obtained by successive application of the raising operator: 41 = aq — d/dq)wo, Ya = aq — d/dq)w1, etc. 


> Three-dimensional Schrodinger equation. Now we consider the three-dimensional 
Schrodinger equation. This equation is much more complicated than the one-dimensional 
equation, but in several cases, it can be reduced to three one-dimensional equations by 
the method of separation of variables. We illustrate this method with an example of the 
three-dimensional oscillator. 


Example 3. Three-dimensional quantum oscillator. Separation of variables. The Schródinger equa- 
tion for the three-dimensional oscillator has the form 


mur 


2 


The oscillator potential energy is unique: it is spherically symmetric and simultaneously the sum of three terms 
each of which depends only on one coordinate and coincides with the potential energy of the one-dimensional 
oscillator (Uz, = mw x’ 2 etc.). This permits seeking the solution in the form 


WX) = via) ly) sz). 


Ay+ T(E- jy =0, (P6.2.3.5) 
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Substituting 4 in equation (P6.2.3.5) and dividing it by Y, we obtain 


2 2 2 
A a eee )+(— Se - Pu.) + Beno 
Yi Ox? h? y Oy? h? p3 Oz? h? h? 
Since only the first term depends on 2, it must be a constant that we denote by 2mE, /h?. The obtained equation 
coincides with the equation for the one-dimensional oscillator, and hence E can take only the values hw(n; + >). 
The same concerns the other two terms. Since E = Ej + E) + Ez, for the energy of the three-dimensional 
oscillator we obtain 
isos = hw(n + 2), 

where n = nı + m + n3, and n1, n2, n3 take the values 0, 1,2,.... One can see that the ground state (n = 0) 
is nondegenerate, the level with n = 1 is triply degenerate, the level with n = 2 is sixfold degenerate, the level 
with n = 3 is tenfold degenerate, etc. 

The operator representation permits writing the method of separation of variable more compactly. The 
Schrödinger equation (P6.2.3.5) takes the form 


(Hı +H + Hipis = Ed0243. 
Dividing by 414,43, we obtain 
Hiv Hy Hay 
pey 
V1 Y 13 


Only the first term depends on zx; it is equal to E;;, etc. 


= E. 


P6.2.4. Motion in a Central Field. Hydrogen Atom 


The general approach to solving the Schródinger equation in a spherically symmetric field 
relies on using the conservation law for the moment of momentum (angular momentum). 
Such an approach permits separating the variables (in spherical coordinates) for any spher- 
ically symmetric potential. 


> Operator of angular momentum. The operator of orbital angular momentum (moment 
of momentum) of an electron L with respect to point O is determined by the relations 


N 


Ly = YDz — ZPy, Ly = ZPx = De, L, = TPy — YP» (P6.2.4.1) 


N 


and the operator of squared angular momentum is determined by the relation [? = 12 + 
L + ie The angular momentum projections do not commute with each other: 


[Lely] =ihL,, [Lyla] = iLe, [LLa] = ihLy, (P6.2.4.2) 


which means that they cannot simultaneously take definite values. But each of the pro- 
jections commutes with the squared angular momentum, and hence we can speak about 


common eigenfunctions of the operators L, and L?. 

The triple of operators satisfying relations (P6.2.4.2) is called the vector of angular 
momentum even if it is impossible to write (P6.2.4.1) for them. The general notion of 
angular momentum in quantum mechanics is wider than the notion of classical orbital 
angular momentum of a particle, it also includes the notion of intrinsic angular momentum 
(spin) of subatomic particles (see Subsection P6.2.5). 

The eigenvalues can be found purely algebraically from the commutation relations 


(P6.2.4.2). The common eigenfunctions of the operators L? and Es can correspond only to 
the following eigenvalues: 


rm =+ DR dim, Lim = Mim, 


where / is an integer or half-integer nonnegative number, and for a given /, the number m 
can take 2/ + 1 values: m =-/,-14+1,...,/-—1, 1. 
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We pass to dimensionless operators: Le = hile. La = Aly, Te = hil, satisfying the commutation relations 


OS 


[ol] = ilz etc. We introduce the “raising” and “lowering” operators: 
Peli, Talesin 
satisfying the relations 
let, Ls, UU=P- Lal, TU =P la 


If 4 is an eigenfunction of the operators T? and l, with the eigenvalues A and u, then Uy is an eigenfunction of 
g 


these operators with the eigenvalues A, u + 1, and Tu is an eigenfunction with the eigenvalues A, u — 1. The 
minimum value jz; and maximum value u2 satisfy the equations: 


A- 4 + pa =0, A zo, 


which implies that 1 = —2, and u2 — 1 = 22 = lis an integer. For the eigenvalue of the operator T, we 
obtain A = I(l + 1). 


Figure P6.6. Representation of the angular momentum in the vector model. 


One can see that the maximum value of the projection of the angular momentum Al is 
less than its magnitude h.//(/ + 1). In the vector model, the angular momentum is depicted 
as a vector making a fixed angle with the axis z and rotating about this axis. In this case, the 
projections L; and Ly do not have fixed values, which shows that L, is not commensurable 
with L; and Ly. In Fig. P6.6, we present the case / = 1. 


> Eigenfunctions of the orbital angular momentum operator. To find the eigenvalues 
of the orbital angular momentum determined by formulas (P6.2.4.1), it 1s convenient to 
pass to spherical coordinates. The orbital angular momentum is a function of only angular 


variables, and the commuting operators L, and L? take the form 


(P6.2.4.3) 


e a ~ 1 0 0 1 o 
L? =-h’A, wh A= — (| sin 0— ) + —_—.. 
Hilo Waele sin 9 00 (sin : 7. * Sin? 6 Oy? 


In what follows, it is important that the operator A coincides with the angular part of the 
Laplace operator written in spherical coordinates: 


_ 10 (r O 

o 72 Or \ Or 

The eigenfunctions can be represented as products of functions of different angular 
variables: Yim = Om(0) Pm(y). The equation for $ 


) A =A. (P6.2.4.4) 
rT 
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has the solution ®m = Aexp(zmy), which is a unique function of the angle y only for 
integer values of m. Hence, in the case of orbital angular momentum, only integer values 
of the numbers / and m are realized. The number / is called the orbital quantum number 
and the number m is called the magnetic quantum number (denoted by mı). Half-integer 
values are realized in the case of intrinsic angular momentum— spin; the corresponding 
spin quantum numbers are denoted by s and ms. p 

The equation for the eigenfunctions of the operator A has solution in the form of 
spherical functions Yim(0, y) = Pm(Y)Omı(0) with eigenvalues —/(/ + 1), which are well 
known in mathematical physics. (The functions ©(0) are expressed in terms of associated 
Legendre functions, see Subsection M13.10.1). For example, 


3 3 
bn(d)= e. 0; 0(0) = z C080, O1 +1 = 5/2 sne, Oro 4$ Geos? 0-1). 


Each of the functions is normalized as follows: fy T 5 do=1 and Jo O? sin 6 d0 = 1. The 
spherical functions form a complete system of functions of angular variables; that 1s, any 
function of the variables 0 and y can be expanded in spherical functions. 


> Addition of angular momenta. The operator of the sum of two angular momenta 
L = Li + Ls; whose values are characterized by quantum numbers lı and l2 (1.e., ie 
and i have the eigenvalues vli (1, + 1) and hy/12(l, + 1) ), is characterized by the quantum 
number l, which can take the following values: |h -l| < 1 < 14, +l. The maximum 
value corresponds to the parallel orientation of the angular momenta, the minimum value 
corresponds to their antiparallel orientation. The operator L? does not commute with the 
operators Lı; and £>., and hence the eigenfunctions of the operators L? and L; are not 
eigenfunctions of Lı; and L2, (but are eigenfunctions of i and LA). 


> Motion in a central field. In this case, the potential energy U(r) depends only on B 


modu Ius of r. Since the orbital angular momentum operators L, and L? commute with 7? 

and D p? , they also commute with the Hamiltonian. Hence, just as in classical mechanics, 
the value of the angular momentum and its projection onto the z-axis are preserved in 
the motion of a particle in a central field. The wave function of any state 4(r, 0, p) can 


be expanded in the common eigenfunctions YAm, of the three commuting operators H, 


E and T? corresponding to the three simultaneously measurable physical quantities: the 
energy, the orbital angular momentum projection, and its value. We use the separation of 
variables; that is, we seek the eigenfunctions in the form: Ye ¿m, = REI) m,(p)O 11m, (0). 
Writing the Hamiltonian in spherical coordinates and taking (P6.2.4.3) and (P6.2.4.4) into 


account, we obtain 
a ho 0 O 
== Bn ETA) EE 
2mr? Or (r 2) 2 


The Schrödinger equation in form (P6.2.3.5) after the action of the Hamiltonian (P6.2.4.5) 
on the function Yg ¡m, becomes the equation for the radial part of the wave function Ry ¡(r): 


h? 1 0 3 O h7(1 + 1) 
Pay ce re ae — |R ———— +U Re¡= ER P6.2.4. 
2m r? Or (r =) Epa 2mr? dl ) a oe eee 


Just as in classical mechanics (see Subsection P1.6.2), the potential energy is supplemented 
with the centrifugal energy R I(l + 1)/2mr?. One can see that the magnetic quantum 
number is not contained in the equation for allowed values of the energy. To each energy 
level there correspond two quantum numbers: the orbital number l and the radial number 
ny =0,1,2,... numbering the allowed discrete values of the energy. The level E,,,. 1S 


(21 + 1)-fold degenerate with respect to the values of the magnetic quantum number m;. 


N 


2 


z tU(r). (P6.2.4.5) 
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> Magnetic moment. In classical physics, a charged particle moving in a closed trajectory 
has a magnetic moment. The value and direction of the magnetic moment completely 
determine both the magnetic field of the moving charge and its interaction with the external 
magnetic field (see Section P3.8). For orbital motion of an electron, the ratio of its magnetic 
moment to its mechanical angular momentum is equal to —e/2m. Hence, the projection of 
the orbital magnetic moment on the axis z takes the values u; = -(e/2m)hm; = —4gmy, 
and the value of the orbital magnetic moment is equal to ug Y 1(l + 1), where upg = eh/2m = 


9.274x 10% J /T is called the Bohr magneton. In the general case, the relation between the 
magnetic moment and mechanical angular momentum can be written as: u; = gle/2m)L; 
(or (uz/uB) = 9(L¿/h)). The dimensional multiplier g is called the gyromagnetic ratio; it 
is equal to | for orbital angular momentum (and denoted g;) and 2 for spin (denoted gs). 

For an atom in a magnetic field with induction B directed along the axis z, the electron 
acquires additional energy of interaction between the magnetic moment and the magnetic 
field: AE = -u;B = ugm¡B. One can see that in the magnetic field, the degeneration 
in the magnetic quantum number mı must be removed; that is, instead of one level there 
arise 2/ + 1 equidistant levels the distance between which is proportional to the magnetic 
field. In this case, each spectral line must split into three equidistant lines (taking the rules 
of selection discussed below into account, we see that the variation in m; in transitions 
between the levels can only be Am, = 0,+1). This effect is called the simple (normal) 
Zeeman effect. The fact that the electron has an intrinsic (spin) magnetic moment strongly 
complicates the pattern of the line splitting in the magnetic field. 


> Hydrogen atom in quantum mechanics. With the potential energy U(r) = —ke? /r, 
equation (P6.2.4.6) has the following solutions: 
1) The possible values of the energy are determined by the formula 


R 
(np +1+ 1)?” 


where R is the Rydberg constant (see (P6.1.2.5)). The quantity n = np +/+ 1 is called 
the principal quantum number. One can see that the electron energy is determined only 
by the principal quantum number. To one and the same principal quantum number n there 
correspond states with distinct values of l: /=0,1,...,n-—1. The total degeneracy of each 


energy level equals Na (21 + 1) = n?. The additional degeneracy is a special property 
of the Coulomb potential. We note that the energy levels coincide with those obtained 
in the semiclassical Bohr theory (Subsection P6.1.2), but there are profound important 
distinctions: in Bohr’s theory, the orbital angular momentum in the ground state (n = 1) is 
L = h, and in quantum theory, the angular momentum of the ground state is zero. 

2) The radial functions have the form Rn = ple t/nao P,,,(r), where P,,.(r) is a poly- 
nomial of degree n, = n —l-— 1, and ag = h?/ (mke?) is the radius of the first electron orbit 
in Bohr’s theory (the Bohr radius). For example, 


Esa = 


Rio = 


2 . Pee _1 a (2- =), AE ld T ra 
ya? 8a ao 2y/6a %0 

The radial functions are normed by unity: ho R?r?dr = 1. The probability of finding 
the electron at a distance from the nucleus lying in the interval (r,r + dr) is equal to 
dP = les ay wl? dV = R*(r)r? dr. In the ground state, the most probable distance from 
the electron to the nucleus is equal to the Bohr radius as. 

The electron state is denoted by the Latin letter indicating the value of the orbital 
quantum number (s, p, d, and f correspond to / = 0,1,2,3, respectively, and further in 
alphabetical order), before which the value of the principal quantum number is indicated. 
For example, 3d corresponds to the electron with n = 3 and / = 2. 
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> The spectra of alkali metals. In the case of alkali metals (Li, Na, ...), the atomic 
state 1s determined by the electron state on the outer shell. This electron is in the centrally 
symmetric field of the nucleus and Z — 1 electrons on the inner shells. The outer shell 
radius is significantly larger than the inner shell radii (r,, ~ 7), and hence, in the main 
region of electron existence, the electric field coincides with that of the charge +e. The 
field distortion by inner shell electrons exerts larger influence on a state with lesser orbital 
number l, because (r) ~ r! for small r. For the energy levels E, 1, where n =n, +/+ 1 is 
the principal quantum number, one usually employs the expression 


R 


Ent = —-———~, 
A (n + ay) 

where a; < 0 is the Rydberg correction. For example, for Li, ag = —0.41 and a; = —0.04, 
and for Na, a; = —0.88. 


The difference between the field where an electron moves from the Coulomb field can be taken into account 
in the first approximation by adding the term A/r’ to the potential energy. This additional term takes account 
of two effects at once: first, the screening field of the electron “core,” and second, the polarization of the core 
by the outer shell electron, which results in that the core acquires a small electric dipole moment directed at 
each time moment towards this electron. The term A/r* can be added to the centrifugal energy (see formula 
(P6.2.4.6)), and both terms can be written together as the centrifugal energy with redefined l’ = l + ay. 


To construct the spectrum, one must take account of the fact that the principal quantum 
number n of the lowest state of the outer shell electron is equal to the shell number in 
which this electron is located (for lithium, n = 2, for potassium, n = 3, etc.). Moreover, it 
is necessary to take account of the rule of selection of the orbital number l: Al = +1. In 
Fig. P6.7, we present the diagram of spectral lines of Li atom and give the names of the first 
principal series. 


| 3 
\ 
a 3 | \ diffuse series 
| | sharp series 
= | 
2 
—4 
; principal series 
2 


Figure P6.7. Spectra of alkali metals (Li). 
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P6.2.5. Electron Spin and Fine Structure of the Spectrum 


> Spin of electrons. Several experimental facts show that to describe the state of electrons 
in an atom, it is insufficient to have three quantum numbers related to its spatial motion. 
These facts are: 

1) The multiplet (fine) structure of spectral lines of alkali metals. For example, the 
most intensive line in the principal series; that is, the resonance line corresponding to the 
transition to the ground s-state from the first excited p-state, has the form of a pronounced 
doublet. 

2) The complicated (anomalous) Zeeman effect. Splitting of atomic lines in a magnetic 
field cannot be described as the simple Zeeman effect related to the magnetic moment of 
the orbital motion. 

3) The results of the Stern—Gerlach experiments on measuring magnetic moments of 
silver atoms (1921). A beam of silver atoms was directed into the region of a strongly 
inhomogeneous magnetic field, where the atoms were acted upon by the force w,(dB/dz). 
Since a silver atom has a single electron in the outermost shell, the atomic angular momen- 
tum and magnetic moment are equal to those of this electron. The orbital magnetic moment 
projection uz = Mug can have 2/ + 1 distinct values. Atoms with electrons in the s-state 
do not deflect in magnetic field; if there is a fraction of atoms with electrons in the p-state, 
then they must split into three beams. It was discovered that a beam of atoms splits into 
two beams deflected by the magnetic field to opposite sides by the same distances. 

The conclusion is that the electron has an intrinsic angular momentum (called spin) that 
is not related to the electron orbital motion. The spin projection on the axis z can take 
two values, which implies that the spin quantum number s must be equal to 1/2 (because 


2s + 1 = 2). The value of the spin angular momentum is equal to hy / 56 + 1) = Ah, The 


spin angular momentum projection on the axis z is equal to Ams, where Mm, = +4 is the 
magnetic spin quantum number (also known as the secondary spin quantum number). We 
recall that half-integer values of the angular momentum quantum number do not contradict 
the commutation relations. 

Since the spin projection can take two values, it follows that to the set of quantum 
numbers n and l, there correspond 2(2/ + 1) distinct states and to the quantum number n, 
there correspond 2n? states. 

A variation in the value of deviation of atoms in a magnetic field permits finding the 
value of the intrinsic magnetic moment. It turned out that the intrinsic magnetic moment 
of an electron has anomalous gyromagnetic ratio gs = 2: the ratio of the spin magnetic 
moment to the spin angular momentum is equal not to e/2m but to e/m. The magnetic 
moment projection on the axis z takes the values (e/m)hm, = +p. The anomalous values 
of the gyromagnetic ratio are confirmed by the results of the Einstein-de Haas experiments 
(1914), in which magnetomechanical effects were studied (formation of a mechanical 
angular momentum in magnetization of an iron sample). 

All subatomic particles have an intrinsic angular momentum associated —+the spin. The 
spin quantum number of proton, neutron, and ¡-mesons is equal to 1/2, that of photon is 
equal to 1, and that of 7-mesons is 0. 


> Fine structure of spectral lines. The fine structure of lines of hydrogen-like atoms 
and alkali metals can be explained by interaction between the spin magnetic moment and 
the orbital angular momentum. The easiest way to understand the appearance of such an 
interaction 1s to use the reference frame associated with the electron. In this reference 
frame, the moving nucleus creates a magnetic field with which the spin magnetic moment 
interacts. With the spin-orbit interaction (also known as spin-orbit coupling) taken into 
account, the following operators are preserved (commute with the Hamiltonian): the total 
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angular momentum J, its projection da and the value of the orbital angular momentum 


L?. The position of the levels En; is determined by three quantum numbers, n, l, and 7. 
(In many-electron atoms, the quantum numbers of the angular momentum are denoted by 
the capital letters L, S, and J. In spectroscopy, the orbital angular momentum is denoted 
by the letters S, P, D, F, ... In alkali metals, the atomic state is determined by a single 
electron, and one can use both capital and small letters.) The degeneration of each level 1s 
given by 27 + 1 states with distinct values of the projection of the total angular momentum. 
For a given l, the total angular momentum number can take two values: 7 = (l + 5), for 


l = 0, there is only one value j = >. Hence the s-levels do not split (singlet levels), and the 
levels with l > O split into two near levels (doublet levels). When constructing the spectra, 
one must take the rules of selection into account: Al = +1, Aj = 0,+1. For example, in 
transition from the doublet p-state to the lower singlet s-state, there arise two lines (doublet 
of the principal series), and the distance between them decreases with increasing n; and in 
transition from singlet s-levels to the lowest p-level, there arise doublets of the sharp series, 
which have the same splitting. In transition from the double d-state into the lower doublet 
p-state, there arise three lines (multiple doublets of diffusion series). The splitting values 
decreases with increase in both the orbital and principal quantum numbers, but it increases 
fast in transitions to atoms with larger serial numbers. 

In the hydrogen atom and hydrogen-like ions, the spin-orbit interaction is partially 
compensated by relativistic corrections, and the final answer for the energy levels does not 
contain any dependence on the orbital quantum number: 


VA 3 1 
Ri peg OE O 
qa Sá =) 


where a = ke*/hc = 1/137 is called the fine structure constant. Additional degeneration in 
the orbital quantum number is a specific characteristic of the Coulomb potential. 


P6.3. Structure and Spectra of Complex Atoms 
P6.3.1. Pauli Exclusion Principle. Structure of Complex Atoms 


> Self-consistent field. For many-electron atoms, the problem of describing the atomic 
states becomes significantly more complicated. In the general case, it is necessary to 
consider the wave function depending on the coordinates and spin variables of all electrons 
and to take into account the interaction of electrons not only with the nucleus but also with 
one another. But a good description is given by the self-consistent field approximation, 
in which each electron moves in the average field of the nucleus and the other electrons. 
The self-consistent field potential y(r) is described by the Thomas—Fermi equation, which 
permits obtaining the energetically most profitable distribution of electrons in the space 
surrounding the atom. 

Solving the Schrodinger equation for an electron in a self-consistent field one can obtain 
stationary states whose energy En ¡ depends on the principal quantum number and the orbital 
quantum number. First, it is necessary to find the structure of the ground state (with the 
least energy) of the atom. What one-electron states are occupied by electrons in the ground 
state? At the first glance, it seems that it is most profitable to place all the electrons in 
the lowest state 1s. But such a distribution of electrons is impossible because of the Pauli 
exclusion principle related to the identity property of particles. 


> Particleidentity. Pauli principle. The particle identity principle in quantum mechanics 
has a stronger meaning than that in classical mechanics. In classical physics, particles are 
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identical but distinguishable from one another; for example, a permutation of two electrons 
results in a state that must be taken into account as a new state independent of the initial 
state. Unlike this, in quantum mechanics, particles are identical and indistinguishable, so 
that the state arising from permutation of particles absolutely identically coincides with the 
initial state. This means that |¢)(1,2)|* = IQ, D). There are two possibilities: either the 
wave function is symmetric with respect to particle states, so that (1, 2) = w(2, 1), or it is 
antisymmetric, so that (1, 2)=—~(2, 1). The particles of the first type are called bosons, the 
particles of the second type are called fermions. In particle physics, it is proved that bosons 
are particles with integer spin and the fermions are particles with half-integer spin. If the 
wave function is constructed of one-particle wave functions, then it must be symmetrized 
in the case of bosons and antisymmetrized in the case of fermions. For example, in the 
case of two bosons with one-particle states 41 and %2, the wave function has the form 
Yri, r2) = Ivar) + 102(11)41(1>)], and in the case of two fermions, it has the 


form Yri, r2) = [1 C12) — Vd). 


Electrons are fermions, and hence a system of several electrons is described by an 
antisymmetric (in particle states) wave function. In such a system (just as in a system of any 
identical fermions), the Pauli exclusion principle acts: two electrons cannot be in absolutely 
equal quantum states; indeed, the wave function of such a state must be identically zero. 


> Periodic table (Mendeleev’s table). To describe the electronic structure of the ground 
state of an atom with atomic number Z, one must place Z electrons in different quantum 
states with least possible energy. To calculate electronic states, one can choose any set of 
independent quantum numbers of a single electron; for example, just as in the case of alkali 
metals, these can be n, l, j, and m,;. But it is more convenient to neglect the spin-orbit 
interaction and use the numbers n, l, mı, and ms for an electron in a centrally symmetric 
self-consistent field. (To completely description the terms of the ground and excited states, 
one must choose a set of quantum numbers that describe the state of the entire atom and 
correspond to quantities that are conserved.) 

All the electrons with the same principal quantum number n correspond to one electron 
shell. The maximum number of electrons in the nth shell is equal to 2n*. The shell with 
n = 1 is called the X-shell, the shell with n = 2 is called the L-shell, and further, by the 
alphabet. All electrons in a given shell with a fixed number / form an electron subshell 
with 2(2/ + 1) electrons; l = 0,...,n—1. The electrons of a given shell with a larger 
value of / have a larger energy due to increasing contribution of the centrifugal energy. 
The electron state is denoted by the number of the principal quantum number followed by 
the letter corresponding to its orbital number. If an atom contains several electrons in the 
same subshell, then the superscript on the right is the number of electrons. We present the 
electron configurations for several atoms: 


K -shell: 


jH; ls, „He: 1s?; 


L-shell: 
¿Li: 1s* 2s, „Be: 15725”, 


5B: sedas 2p, gC: iss 0s 2p’, aN: iss 2p”, 
g0: 1 257 2p". gF: ls" 28" Ip". ioNe: 1s% 28s? 2°: 
two subshells (s and p) in the M-shell: 
„Na: [Ne]3s, Mg: [Ne]3s°, 
Al: [Ne]3s* 3p,  ,¿Si: [Nel3s*3p*, <P: [Ne3s” 3p”, 
165: [Nel3s* 3p*,  ,,Cl: [Nel3s* 3p?, ,¿Ar: [Nel3s” 3p°; 
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s-subshell in the N-shell: 
oK: [Ne]3s* 3p94s, „pCa: [Nel3s? 3p° 48°; 
d-subshell in the M -shell: 


,¡Sc: [Ne]3s* 3p? 3d4s°, „Ti: [Ne]3s* 3p? 3d” 4s”, 
23 V: [Ne]3s* 3p° 3d? 48%, ,,Cr: [Ne]3s* 3p° 3d? 4s; 


and so on. The notation [Ne] stands for the electron configuration of „Ne (15? 25? 2°). 


One can see that, starting from number 19, the sequential filling of shells is violated: 
the energy of s-electrons in the N-shell is less than that of d-electrons in the M -shell 
and the 4s-subshell is filled before the 3d-subshell (see also Chapter S7). The chemical 
properties of elements are determined by the number of electrons in the outermost shell, 
and this results in the periodicity of chemical properties. For example, the noble gases 
helium „He, neon „Ne, argon ¡¿Ar, krypton „Kr, xenon ,,Xe, and radon ¿¿Rn— differ 
in that their p-subshells are complete, and hence these elements have a large energy of 
ionization and tend to be chemically inert. The atoms with further numbers (lithium, 
sodium, potassium, rubidium, cesium, and francium) have complete p-subshells and one 
electron in the outermost s-subshell. These atoms form the group of alkali metals; they 
have a small energy of ionization and are all highly reactive. 

We note that the total angular momentum and the total magnetic moment of any com- 
pletely filled shell are zero. 


P6.3.2. Spectra of Complex Atoms 


> Addition of orbital and spin angular momenta. In light and medium atoms, the spin- 
orbit interaction is weak for separate electrons, and the addition of angular momenta occurs 
by the following scheme. The orbital angular momenta of electrons are added together 


to form the total orbital angular momentum L, which is characterized by the quantum 
number L, and the electron spins are added up to make the total spin angular momentum 


S (quantum number S). In turn, the orbital and spin angular momenta add up to form the 


atom total angular momentum J. Such a scheme is called the normal LS-coupling or the 
Russell-Saunders coupling. The number L is always integer, and the number S is integer if 
the shell contains an even number of electrons and 1s half-integer if the number of electrons 
is odd. We note that one must add up only the angular momenta of electrons in an unfilled 
shell. 


In heavy atoms, the angular momenta are added together according to the scheme called the 77-coupling. 
First, one adds up the orbital and spin angular momenta of each individual electron (j; = l; + s;) and then the 
electron angular momenta are added up to form the total angular momentum of the atom (J => 7, j,). 


> Classification of terms of complex atoms. In the case of normal coupling, the total 
angular momentum is preserved (the value and the projection) and the values of the orbital 
and spin angular momenta. Each term is characterized by the quantum numbers L, S 
and J and, in the absence of a magnetic field, it is (2J + 1)-fold degenerate (the states that 
differ only in the value of the total angular momentum projection have the same energy). 
For given L and S, the quantum number J can take 2.5 + 1 values from L- S to L+S, 
and hence the number 2 + 1 is called the term mutliplicity. The difference between the 
energies of terms in the same multiplet is determined by a comparatively weak spin-orbit 
interaction. The spectral notation of terms is: the orbital quantum number of an atom is 
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denoted by the capital letter S, P, D, F, G, and further in alphabetical order (to distinguish 
from one-electron states, where the lowercase letters are used). The subscript on the right 
shows the number J, which distinguished this term in the multiplet, and the superscript 
on the left indicates the term multiplicity 25 + 1. (It should be noted that, for L < S, the 
actual multiplicity of a term is equal to 2L + 1, but it is conventional to show 2.5 + 1.) For 
example, the term 2 P, /2 corresponds to the quantum numbers L = 1, S = 1/2, and J = 3/2. 
In addition, in the scheme of spectral transitions, where the excited states must be shown, 
the principal quantum number of the excited electron is given (the least number is equal to 
the number of the shell to which the unfilled subshell belongs). 


> The Hund rule. In the addition of spin and orbital angular momenta of electrons, one 
can obtain distinct quantum numbers. To understand what quantum numbers correspond 
to the ground state of the atom, one can use the empirical Hund rules. The first rule says 
that the term with the least energy has the maximum S and, for this S, the value of L is a 
maximum. (First, one determines the maximum possible ms and my, and they are used to 
determine S and L.) The second rule: J = |L — S| if less than half the subshell is filled, and 
J = L+ S otherwise. The meaning of the first Hund rule is that if electrons have the same 
spin states, then they have different spatial states, which corresponds to the lesser energy of 
interaction between the electrons. For example, for carbon with subshell 2p, the total spin 
is equal to S = 1, and the orbital number cannot take the maximum value L = 2, because, 
in this case, the two electrons would have the same quantum numbers m; = 1; hence L = 1, 
and since two electrons occupy less than half the p-subshell, where there are 6 places, it 
follows that J = |L- S| = 0. The principal term of the carbon atom is Pp. Verify that the 
principal term of the nitrogen atom is 4S3 > 


> Selection rules. When constructing the scheme of spectral lines of an atom and deter- 
mining the multiplicity of a radiation line, it is necessary to use both the term multiplicity 
and the selection rules for transitions between the terms. The selection rules for radiation 
transitions can be obtained by calculating the probability of transitions between the states. 
But the meaning of the selection rules can be understood using the momentum conservation 
law and taking into account the fact that the spin of an emitted photon is equal to 1. 

The selection rule for the number J is: AJ = 0, +1, but the transition between two 
states with J = 0 is forbidden. The selection rule for the number mz is: Am z =0,+1. The 
selection rule for the quantum number S is: AS = 0. The selection rule for the quantum 
number L is: AL = 0, +1, but the transition between two states with L = O is forbidden. 
In atoms with a single electron in an unfilled subshell, the transitions with AL = 0 are 
forbidden. 

The selection rule for the spin number is related to the fact that the magnetic field of 
an electromagnetic wave weakly interacts with the magnetic moment of the electron (the 
action on the orbital angular momentum is determined by electric forces). For example, in 
atoms with two electrons, one can observe independent series for states with S = 0 (singlet 
terms) and for states with © = 1 (triplet terms). In the case of helium, the data are described 
using the historical concept about two types of helium: parahelium (S = 0) and orthohelium 


(S = 1). 


> Characteristic X-ray spectra. In the bombardment of the anode of an electron tube 
by energetic electrons (with energies ~ 10*-10* eV), one can observe the X-ray radiation 
of two types. The slowing-down radiation is related to radiation of X-ray quanta directly 
by electrons. A typical characteristic of this radiation is a short-wavelength boundary of 
the spectrum (see Subsection P5.3.2) and a smooth distribution of the radiation intensity 
over the spectrum. Against this background, there are several intensive narrow lines of the 
characteristic radiation. Such a radiation appears in the case of liberation of an electron 
belonging to one of the inner electron subshells, after which the free place is occupied by an 
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electron from a higher subshell and an X-ray quant is radiated. If one of the two electrons 
in the K -shell is liberated, then the following notation is used for the X-ray lines: Ka for 
the electron transition from the L-shell, Kg for the electron transition from the M-shell, 
etc. If an electron is liberated from the L-shell, then the spectral lines are denoted by La, 
La, etc. 

f For electrons in the inner subshells, the field of the nucleus is nearly unscreened. 
Therefore, in contrast to electrons in the outer subshells, the energy of inner subshell 
electrons must strongly depend on the serial number of the nucleus. One can expect that the 
energy of these electron levels must be described by the formula for hydrogen-like atoms 
with the screening correction: E,, = R(Z—9)/n?. But such an approach does not give any 
good description of experimental facts and the empirical screening correction 1s introduced 
directly in the formula for spectral lines. For example, for the line Ka, we have 

l 3 

` = GAL — ar 
where the screening correction o for light atoms is approximately equal to 1. This law was 
discovered in 1913 by Moseley, who formulated it as the law of linear dependence of yv 
for the characteristic line frequency on the serial number 7. The Moseley law allowed one 
to specify the serial numbers of many elements in the periodic table. 

Since the X-ray spectrum is determined by the atomic inner subshell, it is independent 
of whether the atom is isolated or is contained in a molecule or a crystal. Therefore, the 
matter composition can be analyzed by using the characteristic X-ray spectra with a high 
universality. 

Similarly to the optical spectra, the X-ray spectra have a fine structure because of the 
splitting of the levels of inner subshell electrons. But, in this case, one deals not with the 
normal L.S-coupling but with the 77-coupling. For example, an electron in the L-shell can 
have l =0 and then j = 1/2 or l= 1 and then the following two versions are possible: j = 1/2 
or j = 3/2. Hence, the L-shell splits into three lines, and the difference in their energies is 
determined by the spin-orbit interaction. The K -shell contains only one level, the M -shell 
contains five levels, etc. In the analysis of spectra, one must follow the selection rules 
Al = +1 and Aj = 0,+1. For example, the Ką line splits into two lines: Kg; and Ka2, and 
there is no transition from the level with / = 0. 

The study of absorption of the X-ray radiation directly allows one to see the position 
of energy levels of electrons in inner subshells. As the frequency increases, the absorption 
coefficients decreases smoothly, but for frequency equal to w; = E;/h, where E; is the 
energy of ionization of the electron from one of the inner levels, one observes a sharp 
increase in this coefficient, which is related to the fact that an addition absorption channel 
opens. According to the above, one can observe a single peak on the energy of the K -shell, 
three peaks on the energy of the L-shell, five peaks on the energy of the M-shell, etc. 


> Atom in an external magnetic field. In sufficiently weak magnetic fields (B < 1 Tesla), 
the energy of the electron interaction with the magnetic field is small compared with the spin- 
orbit interaction, and the magnetic splitting of terms is small compared with the distance 
between the terms of the multiplet. In this case, one observes a complicated (anomalous) 
Zeeman effect; that is, the energy level splits into 2J + 1 sublevels with distinct quantum 
numbers my, and the distance between the sublevels is proportional to the value of the 
magnetic field and depends on the quantum numbers L, S and J. The value of the sublevel 
displacement is given by the formula AF = g7m jppB, where pp is the Bohr magneton, 


and 
J(J +1)+5¢59 + 1)—-L(L + 1) 


= 
Ea IJJ +1) 


is called the Landé splitting factor. 
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The complicated character of the Zeeman effect in weak fields can be explained by an anomalous value 
of the spin magnetic moment for which the gyromagnetic ratio 1s equal to 2. As a result, the total magnetic 


moment fu = =. + 2S) is not proportional to the total angular momentum J. In the vector model, the 
magnetic moment can be represented as rapidly rotating about the preserved vector of total angular momentum, 
and, after averaging, only the magnetic moment projection onto the total angular momentum must remain: 


me pe ERE. +2 +8) 


J? 2m Je 
We express (LS) = (J? — L? — 9”), replace J? by J(J +1), L? by L(L +1), and S? by S(S + 1) and obtain 
My =-5— 943, where gy is the Landé splitting factor, whose expression was given above. 


We note that even for nonzero S, L, and J, the Landé splitting factor can be zero 
(S = 3/2, L=2, J = 1/2) and even be negative (S = 5/2, L = 3, J = 1/2). These effects 
are purely quantum and do not have classical analogs. 

To obtain the splitting of spectral lines in a magnetic field, one must take the selection 
rule into account. For example, the level ?P, /2 Splits into 4 levels with the Lande splitting 


factor 5, and the singlet level 75; /2 Splits into two levels with the Lande splitting factor 2 
(Fig. P6.8), but one observes not 8 lines but 6, because the transitions from my = 3/2 


to my = -1/2 and from my = -3/2 to mz = 1/2 are forbidden by the selection rule 
Amy = O, tl. 


My 

3/2 

2 172 
Ps -1⁄2 
—3/2 


2 1/2 
Si 
—1/2 


Figure P6.8. Anomalous Zeeman effect. 


The simple Zeeman effect (splitting of one line into three) is observed in transition 
between the levels for which yg; = g, =g. In this case, Au=gAm¡B/h, where Am =0, +1. 
Such a situation appears not only in transitions between two singlet levels (S = 0, g = 1) 
but also in some other cases. 

If an atom is placed in a strong magnetic field (1f the magnetic splitting of terms is much 
larger than the distance between the multiplet terms), then the fine structure of levels can 
be neglected—that is, the spin-orbit interaction can be neglected. The level with quantum 
numbers mz, mg is displaced in the magnetic field by AF = ppB(my, + 2mg). The 
variation in the frequency of radiation is equal to hAw = ug B(Amy + Ams). With the 
selection rule Ams = 0, Amy = 0,+1 taken into account, we see that the each line splits 
into three—two displaced lines and one undisplaced; hence, the Zeeman effect becomes 
simple in a strong magnetic field. This phenomenon is called the Paschen—Buck effect. 


P6.4. Elements of Physics of Molecules 


A molecule is a bound state of an electroneutral system consisting of nuclei of several atoms 
and of electrons surrounding them. The molecules of two atoms are said to be diatomic, 
the molecules of three and more atoms are said to be polyatomic. The molecule with 
insufficient or excessive number of electrons is called a molecular ion. 

We consider only the simplest diatomic systems such as the hydrogen molecule H» and 
the hydrogen molecular ion H3. 
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P6.4.1. Classification of Levels of a Molecule 


> Energy hierarchy. Like an atom, a molecule is a microscopic system and has discrete 
energy levels corresponding to its ground and bound excited states. But, in contrast with 
an atom, in addition to the electron energy corresponding to possible states of electrons in 
the field of stationary nuclei, there also are two types of motion in a molecule: oscillatory 
motion related to variations in the distance between the nuclei, and rotation of the molecule 
as a whole about an axis. The molecule energy (counted from the ground state) can be 
assumed to be equal to the sum of energies corresponding to the above-listed motions: 


B= E ESE. (P6.4.1.1) 


There exists a pronounced hierarchy of these energies: Fey > Eyib > Erot. For outermost 
shell electrons, E., is of the order of several eV, Eyi is of the order of 10? eV, and Eyor is of 
the order of 10+ eV. Just as Erot /Evip, the ratio Eyip / Ee is equal, in the order of magnitude, 


to \/m/M, where m is the mass of electron, and M is the mass of the nucleus; that is, for 
heavy molecules, the energy hierarchy increases. 

In the first approximation, all three energies are quantized independently, and to each of 
them there corresponds its own system of discrete levels. The energy spectrum of a molecule 
is the set of distant electron levels, more closely located vibrational levels, and even more 
closely located rotational levels. The system of levels is schematically shown in Fig. P6.9 
for two neighboring electron levels, where the letters v and J denote the vibrational and 
rotational quantum numbers. 


U 


2 
J 


rotational levels 


Figure P6.10. Dependence of electron energy of a 
Figure P6.9. Structure of energy levels of a molecule. molecule on the distance between the atoms. 


> The wave function of a molecule. The wave function of a molecule can be represented 
as the product of wave functions of motions of three types. Each of these functions, just 
as the corresponding values of energies, can be obtained by solving the corresponding 
Schrodinger equation. First, one solves the Schrodinger equation for electrons for a given 
distance RR between the nuclei; this energy depends on F as on a parameter. The energy of 
interaction between the nuclei is equal to the sum of the electron energy and the energy of 
the Coulomb repulsion of the nuclei. For some electron levels, this energy has the form of 
a potential well (curve a in Fig. P6.10), for the other levels (curve b), it has the form of a 
monotone dependence. 
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In the first case, there exists a bound state, in the second case, there 1s no bound state. 
For the electron ground state, the interaction energy has the form of a potential well, and the 
depth of this well has the meaning of the molecule dissipation energy. (More precisely, the 
dissipation energy D is less than the well depth by the energy of the zero-point vibrational 
level counted from the well depth equal to hw/2.) 

After the dependence of the energy of interaction between the nuclei on the distance R 
is calculated, one solves the problem about oscillations near the bottom of the obtained 
potential well and about rotations of a molecule with the distance between the nuclei equal 
to the average equilibrium distance Ro. 


P6.4.2. Electron Energy. Theory of Chemical Bond 


> One electron in the field of two nuclei. We begin with a molecular ion H3. In this case, 
the potential of two protons for the motion of a single electron has a cylindrical symmetry 
with respect to the molecule axis but does not have the spherical symmetry intrinsic to 
the hydrogen atom. Moreover, the angular momentum projection on the molecule axis is 
preserved, but the angular momentum magnitude is not. The energy levels are characterized 
by the magnitude of the magnetic quantum number mı, which is denoted by the letter A: 
A = |mj| = 0,1,.... The electron states with A = 0,1,2,... are denoted by the letters 
o,7,0,... and are called molecular orbitals. With spin taken into account, the o-state is 
twice degenerate, and the states with A > O are fourfold degenerate. In the o-state, the 
electron density is concentrated in the region between the nuclei, the nuclei are attracted 
to the electron cloud, and thus the attraction between the nuclei described by the potential 
well a in Fig. P6.10 is realized (for small R, repulsion between the nuclei predominates). 
The dissipation energy H5 is equal to 2.65 eV. For 7-electrons, the electron density has 
the form of two clouds located between the nuclei symmetrically with respect to a plane 
passing through the molecule axis, and the electron density in the plane itself is zero. 


> Hydrogen molecule. In the hydrogen molecule, the chemical bond is realized not by 
one but by two electrons that are attracted to the nuclei, but repulse from one another. 
Just as in the case of any fermions, the wave function of two electrons must change the 
sign in their permutation. If the spin wave function is symmetric with respect to a particle 
permutation (the spins are parallel, and hence S = 1), then the coordinate wave function is 
antisymmetric and conversely. The state with antiparallel spins (S = 0) and a symmetric 
coordinate wave function has a lesser energy. In this state, the probability for an electron to 
stay in the space between the nuclei is sufficiently large and the nuclei are attracted to the 
electron cloud located between them. 

Thus, the chemical bond is realized by two electrons with antiparallel spins. The 
dependence of the potential electrostatic energy on the distance between the nuclei has 
the form of curve a in Fig. P6.10. The hydrogen molecule dissociation energy is equal to 
4.5 eV; this is less than the doubled energy of dissociation of the molecular ion H} because 
of the electrostatic repulsion between the electrons. For electrons with parallel spins, the 
dependence of the energy on the distance between the nuclei has the form of curve 6 in 
Fig. P6.10; that is, no bound state 1s formed. 

This mechanism is called the covalent (homeopolar) chemical bond. It is realized not 
only in the hydrogen molecule but by any pair of outermost shell electrons in complex 
atoms combined in a molecule. For diatomic molecules consisting of different atoms, there 
exists another mechanism, called the ionic (heteropolar) chemical bond, in which one of the 
atoms gives part of the outermost shell electrons to another atom that has vacancies in the 
outermost subshell. As a result, two ions are formed that, at large distances, are attracted 
by the Coulomb law and, at small distances, begin to repulse. Intermediate cases between 
the covalent and ionic bonds are possible. 
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> Exchange energy. The difference in the energies of the symmetric and antisymmetric 
states has the general character and is a consequence of the so-called exchange interaction, 
which is a pure quantum phenomenon. The meaning of this phenomenon is reduced to the 
following. We construct a coordinate wave function of two electrons in the field of two 
nuclei from the one-electron wave functions 4. (r1) and Yg(r2). This function can be either 
symmetric or antisymmetric (depending on the form of the spin function): 


(r1, r2) = = (Palri Ygl) + va (rar). 


The average potential energy in these states 1s equal to 
UU) = | Dodra r 
= / bar)? Ulee d rid r + / Vary arrimar dr, 


where Ú is the potential energy of interaction of the electrons between each other and with 
the nuclei. The first term corresponds to the usual classical interaction of electron clouds 
and the nuclei. The second term 1s called the exchange energy, it is different from zero only 
in the case where the electron wave functions overlap. In the case of hydrogen molecule, 
the exchange energy is negative, and therefore, the state with a symmetric coordinate wave 
function has a lesser energy. 

The exchange energy manifests itself in many quantum systems, in particular, it is 
responsible for the difference between the energies of the singlet and triplet states of 
electrons in the helium atom. 

The chemical bond is usually approximately calculated by one of the two methods. In 
the method of electron pairs, for the initial one-particle wave functions y(r¡ ) and y(r,) one 
takes the atomic wave functions of electrons localized near the first and second nuclei. As 
the nuclei approach each other, the wave functions begin to overlap, the exchange energy 
increase and a bound state is formed. In the method of molecular orbitals, the electrons 
successively fill the free o, 7, ô molecular states with different spins and thus form closed 
electron shells. 


P6.4.3. Vibrational and Rotational Spectra 


> Vibrational levels. The energy of interaction between the nuclei, shown in Fig. P6.10, 
has the minimum for R = Ro. Near this point, the energy can be expanded in a series and 
represented as 


U(R) = U(Ro) + 3k(R- Roy +++, 
where k = d*U/ dR? R=Ry is a quasi-elastic constant. The cyclic frequency of small 


oscillations of a molecule near the equilibrium is equal to wyiy = y k/u, where u = 
mm, /(m1 + ma) is the reduced mass of a diatomic molecule (see Subsection P1.6.4). For 
permitted values of the oscillator energy, quantum mechanics gives values 


E -U(Ro) = huyn(v+ 5), v=0,1,2,.... 


For large v, the terms neglected in U (R) become essential. If these are taken into account, 
the distance between the levels begins to decrease. 


> Rotational levels. The rotational energy levels of a molecule are obtained as eigenvalues 
of the operator 


~ LP 
H = aT” (P6.4.3.1) 
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where L is the operator of angular momentum and J is the moment of inertia of the molecule 
with respect to the center of mass. A rotating system with a constant moment of inertia, 
which is described by the Hamiltonian (P6.4.3.1), is called a rotator. The permitted values 
of the rotator energy are 


h2 
E=> 44 +1), FEO Lo 


The frequency of radiation or absorption is obtained from the relation 
hw = A Ea T A Erot + A Evin, (P6.4.3.2) 


where the first term corresponds to the transition between distinct electron levels, the second 
term corresponds to the variation in the vibrational state, and the third term corresponds to 
the variation in the state of rotation. 

If the electron state does not vary in the transition (A Ee = 0), then one observes either 
the pure rotational spectrum (if Ay, = 0) or the vibrational-rotational spectrum. For the 
pure rotational and vibrational-rotational transitions, one has the selection rule ôv = +1 and 
AJ=El. 

For the pure rotational transitions (AF; =0 and A Ej, =0), the variation in the rotational 


energy 1s equal to 
2 


AFrt = EJ + 1)- E(J) = Ly +1). 


One can see that the rotational transitions form a system of close equidistant spectral lines 
Wests Llica WNES Wee = h?/ I (Fig. P6.11). The rotational lines can be resolved only by 
devices with a very high resolving power, but usually they are perceived as lines of finite 
width. The pure rotational transitions correspond to absorption in the far infrared region 
(hundreds and thousands of um). 

The vibrational transitions (for A Ee = 0) are observed in absorption in the near infrared 
region (of several um). Since, in this case, one usually has AF, + 0, one observes 
a vibrational-rotational band of finite width rather than an infinitely thin line. With the 
selection rules taken into account, we obtain 


A Eyip + A Erot = Mwyip E Nwrot), (= Zsa.) 


Hence, the distance between neighboring lines at the center of the band is equal to Zwrot 
(Fig. P6.12). 

The character of the vibrational-rotational spectra becomes significantly more complicated if the fact 
that the oscillations are anharmonic is taken into account. As R — Ro increases, the potential energy curve 
(Fig. P6.10) becomes nonsymmetric. First of all, this results in displacement of vibrational levels; that is, as v 
increases, the vibrational levels approach one another. Moreover, in the state with larger v, the average distance 
between the atoms increases, and hence the moment of inertia increases with increasing v, while wyip decreases. 
This results in that the lines in the vibrational-rotational band cease to be equidistant. 


But if A Ea #0, then one observes the electron spectra of emission and absorption in the 
visible and ultraviolet regions. To each electron transition, there corresponds a system of 
vibrational-rotational bands. In contrast to the vibrational-rotational transitions, in the case 
of transitions with variation in the electron state, the selection rules Av = +1 is not satisfied; 
that is, the transitions between levels with any values of vibrational quantum numbers are 
possible. Therefore, one can observe not a single vibrational-rotational band, but a series 
of bands separated from one another by wyjp. 

We note that diatomic molecules with zero dipole moment (for example, Nọ and O2) do 
not have vibrational-rotational spectra. Just for this reason, such molecules do not absorb 
in the infrared (IR) region of the spectrum, and the absorption by air of the IR radiation 
occurs because the air contains the molecules H2O and CO». 
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Figure P6.11. Rotational spectrum. Figure P6.12. Vibrational-rotational spectrum. 
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Chapter P7 
Quantum Theory of Crystals 


Although the laws of quantum mechanics act on an atomic scale, they also affect the macro- 
scopic properties of gases, liquids, and rigid bodies. Quantum mechanics and quantum 
statistics—that is, statistics of indistinguishable particles—allowed one to obtain correct 
and consistent descriptions of thermal, magnetic, and many other properties of large en- 
sembles of particles. Here a special place is occupied by quantum theory of crystals, which 
allowed one to remove several unsolvable contradictions of classical theory, to obtain quan- 
titative description of electromagnetic properties of some classes of matter, to explain the 
superconductivity and superfluidity, etc. 


P7.1. Quantum Statistical Distributions and Their 
Application 
P7.1.1. Elements of Quantum Statistics 


Quantum statistics studies the statistical properties of large ensembles of identical indis- 
tinguishable particles, fermions and bosons. Statistics of classical (1.e., distinguishable) 
particles is called the Maxwell—Boltzmann statistics (see Subsection P2.5.4). Statistics of 
fermions —that is, indistinguishable particles that cannot share identical states—is called 
the Fermi—Dirac statistics. Statistics of bosons—that is, indistinguishable particles that 
can share identical states—is called the Bose—Einstein statistics. 


> Statistical distributions. Statistics of each type is characterized by its own statistical 
distribution of particles over states. A statistical distribution tells the average number of 
particles in a given state under the condition that the system is in thermal equilibrium. The 
most important property of all distributions is that they are functions of a single parameter, 
the particle energy:* (N) = f(e). 

In quantum mechanics, the notion of a state of a single particle is assumed to be quite 
definite, but only under certain conditions. For the energy levels of a particle system to be 
discrete, the system must be localized in a finite region of space. Usually, it is assumed 
that the system 1s closed in a box of a sufficiently large volume V. Moreover, the notion of 
a one-particle state with a certain energy assumes that there is no interparticle interaction. 
This last difficulty can be overcome by introducing a self-consistent external field, which 
includes the averaged field of the other particles. 

For an ensemble of classical particles, one introduces the notion of an elementary cell 
of phase space. The phase space is the space of three coordinates and three momenta. 
In classical physics, to each state there corresponds one point of the phase space. In this 
case, the elementary cell corresponding to a single state is introduced for convenience in 
statistical description, and it can have an arbitrary (sufficiently small) volume. In quantum 
mechanics, a state of a particle cannot be represented by a point in the phase space, because 


* In what follows, the energy of an individual particle is denoted by £ and the energy of the system, by E. 
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there are uncertainties in its position and momentum, which are related by the Heisenberg 
relations ArAp, ~ h, etc. One can see that the volume AzAyAzAp,Ap,Ap: ~ h> must 
correspond to each individual state. A more precise analysis shows that the volume of an 
elementary cell is equal to (27h)*. To understand how many states there are contained in 
a finite region of the phase space, it is necessary to divide its volume by the volume of the 
elementary cell. Such an approach in which the elementary volume of a single state for a 
classical particle is chosen from quantum considerations is said to be semiclassical. 


> Microscopic and macroscopic states. Statistical weight. To introduce the microscopic 
state (microstate) of a system means to define the state of all its particles at a given time 
instant. In classical physics, it is required to determine the coordinates and momenta of 
all particles—that is, the positions of all particles in the phase space. In the semiclassical 
approach, one finds the distribution of particles over elementary cells of volume (27h)? each. 
In quantum mechanics, one determines the distribution of particles over states with a certain 
energy (for the motion in a self-consistent field). For convenience of our presentation, we 
combine the last two cases and also call the states of particles with a certain energy cells. 
Due to interparticle interaction and external forces, the microstate of the system varies 
all the time and one can observe only the average characteristics in terms of which the 
macrostate can be determined. 

To describe the macrostate quantitatively, let us divide the entire set of cells into boxes. 
Each box contains a large amount of cells with very close energy values lying within a 
narrow energy interval (e, e + Ae). Denote the number of particles in the ith box by N;. We 
assume that the macrostate is determined by a set of numbers /N,, and hence all microstates 
with identical sets of these numbers belong to the same macrostate. 

Without loss of generality, we consider a system of particles contained in a box with 
rigid thermally insulated walls, so that its total energy remains unchanged. 


Why does this assumption not restrict the generality of consideration? First of all, we are interested in the 
properties of the equilibrium macrostate, and in this case, the energy of a large ensemble of particles can be 
determined with a very high accuracy under any external conditions. For example, for a system of N particles 
in a thermostat, the relative deviation from the average energy is 1/ VN. Let us explain this with an example 
of an ideal gas. If the average energy of a single particle is equal to (e) and the root mean square deviation from 


the average energy is de = y ((e — (e))?), then the average energy of the system is equal to (E) = Ne), and the 
root mean square deviation 1s 


Em) = (Et y, [Ele (07) = VN de 


we have taken into account the fact that the deviations of the energies of distinct particles from the average 
value are mutually independent. 


> The principal postulate of statistical physics for a system with a fixed energy states 
that all the microstates admissible for 1t (that 1s, those with a given value of total energy) 
are realized with equal probability. This postulate 1s closely related to the so-called ergodic 
hypothesis stating that, in the process of time evolution, the system passes through all 
admissible microstates. 

The main conclusion from the principal postulate is the following: the greatest part of 
time the system 1s in the macrostates to which there corresponds the greatest number of 
microstates. The number of microstates corresponding to a given macrostate 1s called its 
statistical weight and is denoted by W. The macrostate with maximum W is called the 
equilibrium macrostate. According to the Boltzmamn postulate (see Subsection P2.4.4), the 
system entropy in a given macrostate is related to its statistical weight as follows: 


S=kinw. 
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The deviations from the equilibrium state are called fluctuations. We note that, because of 
an enormous number of particles, a large deviation in the system has an extremely small 
probability; that 1s, only small fluctuations are practically observable. If the system was 
initially in a highly non-equilibrium state, then, as the system evolves, it must move from 
macrostates with lesser statistical weights (lesser entropy) to a macrostate with a larger 
entropy approaching the equilibrium (the second law of thermodynamics). 


> Equilibrium macrostates. In order to find out which particle distribution over boxes, 
{N,, N2,...}, corresponds to equilibrium, one must calculate W(Nj, No,...) or S/k = 
In W and take the maximum of this expression (taking into account the conditions that 
X; ciN; = E and >, N; = N). The expressions for the statistical weight and entropy are 
significantly different for particles with different types of statistical behavior. Below are 
the expressions of the statistical weight for three different statistical models: 


for the Maxwell—Boltzmann statistics, 


N! 
W = a 
IIs NIIN! 


for the Bose—Einstein statistics, 


(Ni + gi 1)! 
ud Mao No LL 


and for in the Fermi—Dirac statistics, 


.| 


gi: 
w=, 
lI Ni! (gi — Ni)! 


where g; stands for the number of cells in the ¿th box. 

The equilibrium state (N¿j corresponding to the maximum statistical weight under the 
condition that E and N are fixed can be found using the method of Lagrange multipliers. 
(It is necessary to find the maximum of the expression (S/k)- a), Ni- X; ciN; under 
the assumption that all N; are independent. Then the Lagrange multipliers a and ( are 
determined from the equations >, N; = N and J`; ciN; = E.) We obtain the following 
expressions: 


for the Maxwell—Boltzmann statistics, 
Nege “e Pe; 


for the Bose—Einstein statistics, 


= gi 
e%eFEi — | 
and for the Fermi—Dirac statistics, 
= gi 
elebi + 1 


The average number of particles per cell is obtained by dividing these expressions by gi. 
The physical meaning of the multipliers a and 6 can be clarified from thermodynamical 
considerations. We write the maximum condition for the expression (S/k)- aN — GE 
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in the form T'dS/kT — 6 dE —adN = 0 and compare with the thermodynamical identity 
T dS — dU — dN = 0, which holds for variations in the state under constant volume. We 
obtain 8 = 1/kT and a = y /kT', where u is the chemical potential. 

Finally, the quantum distributions take the form: 

Bose—Einstein distribution: 


1 
BS era (P7.1.1.1) 
Fermi—Dirac distribution: 
1 
(N) = fre) = (P7.1.1.2) 


ele-p)/KkT +1 
The chemical potential yy for a system with a fixed number of particles, N, is calculated 


as 
N =X ofa, 


where f(e;) is the corresponding distribution (Bose-Einstein or Fermi—Dirac). But if the 
number of particles in the system is not fixed, then the chemical potential must be set to 


zero. 
For e€ — y > kT, both quantum distributions become the classical Maxwell—Boltzmann 
distribution: 


IN) = Aro, (1) 


This is related to the fact that the average number of particles in a cell is small, and the 
exclusion rules and the particle identity become insignificant. 
Usually, the least possible value of energy (energy of the lowest level) is set to be zero. 


> Properties of the Bose—Einstein distribution. 

1) Bosons are particles with integer value of the intrinsic angular momentum (spin). 
Examples of bosons are 7-mesons, photons, and phonons. 

2) The chemical potential of bosons cannot be positive: u < 0. 

3) As T — O, the chemical potential tends to zero and vanishes at T’ = Q. 

4) At T = 0, all particles are in the lowest energy state with e = 0. At finite but 
sufficiently low temperatures, a finite fraction of all particles is in the lowest energy state. 

This phenomenon is called Bose-Einstein condensation, and the ensemble of particles 
in the lowest state is called a Bose-Einstein condensate. Condensation of bosons begins at 
a certain critical temperature (the condensation temperature). This phenomenon plays an 
important role in the explanation of phenomena such as superfluidity and superconductivity. 

5) An example of the Bose-Einstein distribution is the Planck formula for the pho- 
ton distribution over energies (Subsection P5.4.1). The number of photons is not fixed; 
therefore, u = 0. 


> Properties of the Fermi—Dirac distribution. 

1) Fermions are particles with half-integer spin. Examples of fermions are electrons, 
protons, neutrons, and u-mesons. 

2) The chemical potential of the Fermi gas can be either positive or negative. At low 
temperatures, the chemical potential is positive. The chemical potential of fermion gas for 
T = Q is called the Fermi energy and is denoted by ef. 

3) At T = 0, the energy-dependence of the average number of particles in a cell (NV) 
has the form of a sharp step: for e < ep, the cells are filled with particles (NV) = fp(e) = 1), 
and for e > ep, the cells are free (f(e) = 0). 
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4) At low temperatures (kT << ep), the dependence fp(e) has the form of a smoothed 
step (Fig. P7.1). The spreading width is equal to kT in the order of magnitude. For e = y, 
the average number of particles is equal to 1/2. For kT’ << ep, the particle distribution over 
energies radically differs from the classical distribution; in this case, the gas is said to be 
degenerate. For kT > ep, the fermion gas does not differ noticeably from the classical gas. 


Fermi—Dirac 
d 


istribution for 


0 0.5 1.0 1.5 ele y 


Figure P7.1. Fermi—Dirac distribution for various kT /er (for ideal fermion gas). 


> Energy density of states. The more specific properties of an ensemble of bosons or 
fermions depend on the physical properties of the system under study, mainly, of the form 
of the function G(e) characterizing the number of states Ag that correspond to a narrow 
energy interval Ae calculated per unit volume: 


A 
= = GAE. (P7.1.1.4) 


This function is called the energy density of states or simply the density of states (cf. 
Subsection P5.4.1). For example, the number of particles per unit volume is expressed in 
terms of the density of states: 


me a = f He)Gle) de (P7.1.1.5) 
V Jo 


as well as the energy of particles per unit volume: 


oa ia fleJeG(e) de. (P7.1.1.6) 
V Jo 


P7.1.2. Electron Gas in Metal 


The classical electron theory of metal conductivity originates from the idea that the electrons 
in metal can be considered as the classical ideal gas (Subsection P3.7.3). One of the main 
difficulties encountered by this theory was that the electron contribution to the heat capacity 
predicted by this theory was equal to the heat capacity of a monatomic ideal gas Ce] = 3kN 
where NV is the number of free electrons. It is precisely this value that must be the difference 
between the heat capacities of a metal and a dielectric with similar crystal lattices. But 
experiment showed that the electron heat capacity at room temperatures is much less than 
kN (approximately, by a factor of 100) and varies proportionally to the temperature. These 
and some other facts can naturally be explained by the Sommerfeld theory, where the 
electrons in metal are considered as a quantum gas of fermions. 
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> Density of states of electron gas. We assume that, inside the metal, the electrons are 
free and the work required for an electron to leave the metal is infinitely large; that 1s, we 
treat them as particles in a potential well with infinitely high walls. The boundary conditions 
for the wave functions Yg = Asin kzz have the form kz Lg = rn, where Ly is the potential 
well dimension (that is, the metal sample dimension) along the axis x, kx is the projection 
of the wave vector related to the electron momentum as k = p/h, and n is a positive integer 
(see Subsection P6.2.2). The boundary conditions for the wave vector identically coincide 
with those arising in the case of consideration of electromagnetic oscillations in a closed 
cavity (Subsection P5.4.1). Therefore, the density of states in this case has the same form: 


dg  k*dk 


V A 


where V is the vessel volume and y is a multiplier taking the intrinsic degrees of freedom 
into account. In the case of electrons, y = 2 takes account of the two possible projections 
of spin. To pass to the electron momentum, we must replace k? dk by p? dp/ R°: 


V Ths 
We rewrite this formula as 7 
V Arp’ dp 
dg = y —————— 
¡TE 


One can see that to determine the number of states, 1t is necessary to divide the phase space volume by the 
elementary cell volume Qrrhy. 


To pass to the energy e = p?/2m, it is necessary to make the change p = V2me, 
pdp = m de: 
dg  mv2mye de Gte) = my 2my/z 
V pRB” TS 


> Fermi energy of electrons. At T = 0, all the energy levels from zero to £ = ep are 
filled. To relate the Fermi energy to the electron concentration n, it is necessary to express 
the total number of electrons per unit volume and equate with the concentration 


er (2m)3/2<8/? 
Ge) de = E =n, 
| NE 3712 H? á 


This implied the Fermi energy: 


_ PBT 


EF 
2m 


(P7.1.2.1) 


The momentum of an electron with Fermi energy 1s determined by the relation ef = De /2m 
and is equal to 


pr = h(3rny 0. (P7.1.2.2) 
The surface in momentum space formed by states with £ = ep is called the Fermi surface. 


In the case of free electrons, the Fermi surface is a sphere of radius pr. 
The density of levels on the Fermi surface is equal to 


dn 3n 
G(ep) = c= = Te 
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The average energy of electrons at T’ = 0 is equal to 


o EGle)de f eV/ede 
o. Gle) de p hvede 


(E) = 


žep. 
For T > 0, the chemical potential u is determined by the equation 


n = i fr(e)G(e) de. 
0 


As the temperature increases, ju gradually decreases, but for kT << ep, its difference from £p 
is very small: |u —ep|/ep = (17/12)(kT /ep)*. At a certain temperature Ty (kT = £p), the 
chemical potential is zero, and for higher temperatures, y < O (the chemical potential is 
determined from the graph in Fig. P7.1; for e = u, we have fp(e) = 0.5). 

To simplify the process of determining the temperature region where the electron gas is 
degenerate, one introduces the Fermi temperature by the relation k7p = ep. For T < Tr, 
the electron gas is degenerate. For the majority of metals, 7p is equal to several tens of 
thousands of degrees, which means that the electron gas in metals is strongly degenerate at 
room temperatures. 


> Electron heat capacity of metals. In the case of highly degenerate gas, only those 
electrons will participate in thermal motion whose energy differs from the Fermi energy by 
a value of the order of kT. Only such electrons can make transitions to a free state with 
energy greater than ep. The fraction of such electrons is ~ kT /ep = T'/Ty and the variation 
in their energy is ~ kT. Therefore, as the temperature increases from zero to T, the energy 
of degenerate electron gas increases by ~ kNT?/Tp, and the contribution of electrons 
to the heat capacity Ca ~ kN(T/Tp) varies proportionally to the temperature. (Precise 
calculations give the expression Cy = (1?) 2KkN(T/T).) The number of free electrons per 
one mole of metal depends on the valency; for example, in the case of an univalent metal, 
N ~ Na. 


> Electrical and thermal conduction of metals. The transport theory gives the following 
expressions for the electrical and thermal conductivities of electrons (see also Subsections 
P3.7.3 and P2.9.2): 


gz k= 3Ce (uv) A. 


Here A is mean free path and Ce is the heat capacity of electrons per unit volume of metal. 
Participating in collisions with ions will be only those electrons that are located near the 
Fermi surface; therefore, (v) =~ vp = pp/m, which means that the average speed is almost 
independent of the temperature. Nevertheless, the Wiedemann—Franz law remains true: the 
ratio k/o ~ (uy Ca /n for metals is a linear function of the temperature. But in contrast 


with the classical electron gas, where Ce /n is independent of the temperature and WT, 
the linear dependence on the temperature in the Sommerfeld theory is determined by the 
electron heat capacity. 

The Sommerfeld theory cannot explain the dependence of the electrical conduction of 
pure metals on the temperature, because, in this theory, just as in the Drude theory of the 
classical electron gas, the mean free path 1s a pure empirical parameter. The dependence 
of the mean free path on the temperature 1s explained in the theory, where the periodicity 
of the crystal lattice field and the interaction of electrons with the lattice thermal vibrations 
(with phonons) are taken into account. 
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> Richardson—Dashman formula. The Sommerfeld theory permits explaining the tem- 
perature dependence for the current of thermoelectron emission from the metal surface. The 
metal surface can be left only by the electrons for which p? /2m > ep + A, where A is work 
of liberation of electron from metal (the axis z 1s perpendicular to the surface). Omitting 
the calculations, we present the answer 


j=CT? exp CA/KD), 


k2 
where the constant C = 731 = 120 A/ (m? KÊ?) is the same for all metals. 
T 


P7.1.3. Heat Capacity of Crystal Lattice. Phonons 


> Dulong—Petit law. The classical statistical physics predicts that the contribution of the 
lattice vibrations to the molar heat capacity must be equal to 3R. Indeed, each atom of the 
lattice exhibits three independent vibrations near the equilibrium and to each vibrational 
degree of freedom there corresponds the average energy kT. The energy of vibrations of 
all atoms is equal to 3N kT = 3v RT, and the molar heat capacity of the lattice need not 
depend on the temperature and be equal to 3R. Indeed, at room temperature, the molar 
heat capacity of many dielectrics is close to 3R (Dulong—Petit law). But as the temperature 
decreases, in all cases, one observes a significant decrease in the heat capacity, and at low 
temperatures, it tends to zero as TÌ. Such a behavior of the lattice heat capacity is explained 
by quantum theory. 


> Einstein theory. Einstein modeled vibrations of atoms at the nodes of the crystal lattice 
using 3N mutually independent equal quantum harmonic oscillators. The average energy 
of each such oscillator is equal to (see Subsection P5.4.1) 


hw 


hw 
A a 


(P7.1.3.1) 


For kT > hw, the molar heat capacity of a system of quantum oscillators is equal to 3R, 
and as T’ — Q it exponentially tends to zero. The Einstein theory explained that the heat 
capacity decreases with decreasing temperature, but not by the law T°. 


> Elastic waves. The difficulties in the Einstein theory originate from the fact that the 
elastic vibrations of noninteracting oscillators of the same frequency were considered as 
elementary excitations (of normal oscillatory modes). In fact, due to interaction between 
neighboring atoms, elastic waves of different frequencies and wavelength propagate in 
crystal. The elementary excitations are waves with definite values of frequency w and the 
wave vector k. The average energy per unit wave with frequency w is given by the formula 
(P7.1.3.1). To calculate the number of distinct waves in the interval dw, it is necessary to 
solve the following two problems: 

1) To find the number of independent oscillations per unit volume element d*k in the 
space of wave vectors. This problem can be solved starting from the boundary conditions. 
The total number of independent oscillations must be equal to the number of degrees of 
freedom 3N. For traveling waves, we use periodic boundary conditions: E€(L..) = E€(Q), 
with similar relations for y and z. This leads to 


9) 3 
kyL,=2nm, ..., Aky = mn o, AkgAkyAkz = — | 
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Finally, for the density of states in the k-space, we have 


Ad ¿Pa 
y iO P7.1.3.2 
I~ Ak AkyAk, | 27 d l ) 


So we get the same formula as for standing waves (see Subsection P5.4.1). The multiplier y 
is equal to three in the case of sound waves; it takes account of the two longitudinal waves 
and one transverse wave. 

2) To find the law of dispersion, that is, the dependence w(k). To solve this problem, 
it is necessary to write the equation of motion of separate atoms taking account of their 
interaction with neighboring atoms. The theoretical calculations are possible only for rather 
simple models, but in the general case, it is possible to find several important features. 

For the wavelength larger than the interatomic distances (ka < 1), good results are 
given by the continuum approximation in which the medium is assumed to be continuous. 
In this case, the equations of motion of particles are reduced to the wave equation and the 
law of dispersion of sound waves has the form: 


w = vk, (P7.1.3.3) 


where v is the velocity of the sound wave propagation (for simplicity, we neglect the differ- 
ence between the longitudinal and transverse waves). The main contribution to the energy is 
given by the waves with hw ~ kgT, where kg is the Boltzmann constant (the probability of 
formation a wave with hw >> kgT' is exponentially small); hence the contribution of sound 
waves (for which ka < 1 or w < v/a) is the main contribution under the condition that 
kgT < hv/a, that is, at sufficiently low temperatures. Conversely, at high temperatures, 
the contribution to the energy from each of the elementary waves is equal to kgT’, and the 
energy is determined only by the common number of degrees of freedom. 


> Debye theory. To obtain the correct value of the heat capacity at both high and low 
temperatures in the framework of a simple model, Debye assumed that the density of states 
(P7.1.3.2) and the dispersion law (P7.1.3.3) hold for all & up to some maximum value kp 
and a corresponding frequency wp above which the density of states is zero. The Debye 
frequency wp is chosen so that the total number of state is equal to 3N, which ensures that 
the Dulong—Petit law holds at high temperatures. 

The density of the number of states in the Debye model is expressed as 


3 w? dw Vf l 
Glw)dw = ¢ 2203 Ore SDs 
0 for w > wp. 


To take the difference between the transverse and longitudinal waves into account, we must 
define the average velocity by the relation 


2 (444) 
ee Uli y 
U i v 


We determine the Debye frequency from the equation 


“D 3 ot dw 
3N = 
/ a T pod 
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to obtain 
wp = (6r n) Py, kp = (672n)!/3, (P7.1.3.4) 


The energy of the lattice vibrations in the Debye model is given by the expression 


F a huwG(w) dw 
s o  efw/keT _ 4° 


To separate the regions of high and low temperatures, 1t is convenient to introduce the Debye 


temperature by the relation 
kg Tp = hop. (P7.1.3.5) 


Introducing the dimensionless variable x = hw /kgT’, we obtain 


E.. = 9N kgTb (=) / n 
Tb 0 er —1 


For T >> Tp, expanding the exponential function, we obtain Eer = 3kg NT = 3v RT, that 
is, the Dulong—Petit law. For 7’ << Tp, the integration can be continued to infinity, and it 
becomes equal to 7/15. We see that the energy of the lattice vibrations is proportional 
to T4, and for the heat capacity, we obtain the law of T°: 


12 IN 
C 1 kegN 
v= Lt (=). 


Example 1. Calculate the energy of zero-point vibrations of the crystal lattice in the Debye model. 
Solution. This energy is equal to 


3hwy 9 


9 
NEON So NTE. 
liro A BAD 


WD 
Eo = / cido = 
0 2 


Example 2. Calculate the energy of the one-dimensional crystal lattice vibrations in the Debye model 
(only for longitudinal vibrations). 
Solution. For the density of states, G(k) = L/(27), we obtain 


dw , F 
2G(k) dk = G(w) dw = l a A 


0 for w > wp 


(there are two traveling waves for one w), where L is the length of the chain. Since the total number of states 
is equal to N, we have 


N 
ist TE (P7.1.3.6) 
L a 


For the crystal energy, we obtain 


ae era T\2 (DIT zdr 
B= f clo/keT _ 1 = Nkg T(z) / er -1' 


For T << Tp, the energy of vibrations is proportional to T”. For T >> Tp, Ea = kg NT. 


> One-dimensional chain. Dispersion law. To understand what consequences the dis- 
creteness in the mass distribution may lead to, we consider an infinitely long chain of 
atoms. We assume that the atomic mass is m, the distance between the neighboring atoms 
in equilibrium is a, and an elastic force with rigidity « acts between the neighboring atoms. 
The equation of motion of the sth atom has the form 


C= = walEs+1 — 2és T Es=1), 
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where €, is the displacement of the sth atom from equilibrium, wo = y//m. We seek the 
solution in the form €, = Aexp[i(ksa — wt)]. For the relation between w and k, we obtain 


k 
Be 2wo|sin = | (P7.1.3.7) 


The velocity of the sound wave (ka < 1) is equal to v = woa, and the Debye frequency 
corresponding to this velocity is wp = Two = (7/2)Wmax (Wmax = 240). We note that we 
obtained a periodic function with period 27 /a (Fig. P7.2). 


—gz/a 0 t/a 2m /a 
first Brillouin zone 


Figure P7.2. Dispersion law and the first Brillouin zone for a one-dimensional chain of atoms. 


> The first Brillouin zone. We find what values of k correspond to physically distinct 
states. If we consider the values of the wave vector that differ by 27n/a: k' = k+2rn/a, 
then we obtain not only equal values of w but also the identical functions: €,(k’) = €.(k) - 
expQrins) = Es(k). Hence all the physically distinct states are described by wave vectors 
lying in the interval (=7/a < k < 7/a). This interval is called the first Brillouin zone. 

On the zone boundary, the traveling wave becomes a standing wave: A exp[2(7as—wt)]= 
A exp(—iwt)(-1)°. The neighboring atoms oscillate in antiphase, the wave nodes lie between 
the atoms. We note that on the zone boundary, the wave group velocity is zero: 


dw ka _a > > 
ae = Woa COS D = 2 Wmax DES (P7.1.3.8) 


Ug = 


where wmax = 2Wo is the frequency value on the Brillouin zone boundary. 


> The density of states in the Brillouin zone. The first Brillouin zone contains exactly N 
distinct values of k (see example 2 above; N is the number of atoms in the chain), which 
means that all degrees of freedom are exhausted within the framework of the first Brillouin 
zone (we consider only the longitudinal traveling waves). In the one-dimensional Debye 
model, the density of states G(w) is constant. However, from the dispersion law (P7.1.3.7) 


we find that 


L dk Ld 
Gudu = CO de de a, 
21 dw T Ug 


Using (P7.1.3.7) and (P7.1.3.8), we obtain 


Gíw) = an ww, 
TO 


max 


At the Brillouin zone boundary, the density of states G(w) becomes infinitely large. 
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> Diatomic chain. Optical branches. If an elementary chain contains several distinct 
atoms, then in addition to sound branches, for which w ~ k as k — 0, there arise optical 
branches, on which w remains finite for all k in the Brillouin zone. For example, for 
longitudinal oscillations in a chain of alternating atoms with masses mı and ma, there are 
two branches shown in Fig. P7.3. For small k (near the zone center), the sound branch 
corresponds to deviations of distinct atoms in the same direction, and the optical branch 
corresponds to deviations in opposite directions. In the general case, where the cell contains 
p distinct atoms, there are three sound branches and 3p — 3 optical branches. 


60) 


0 
-t/a 0 k xma 


Figure P7.3. Sound and optical branches for a chain of distinct atoms. 


> Phonons. Just as in the case where oscillations of an electromagnetic field and elec- 
tromagnetic waves are associated with quantum particles, photons, the lattice elementary 
vibrations in the form of traveling waves are associated with particles whose momentum 
and energy are related to the wave vector and frequency by the relations p = hk and e = hw. 
These particles are called phonons. Since the phonon energy is a periodic function of their 
momentum, which is not typical of usual particles, they are called quasiparticles, and their 
momentum is called the guasi-momentum. The phonons obey the Bose—Einstein statistics 
with u = 0, because the number of phonons in a system is not fixed. The phonons can 
scatter at impurities and crystal defects and interact with other particles, for example, with 
electrons and photons. A phonon can also split into two phonons (because of nonlinear 
effects, which must be taken into account only for sufficiently energetic phonons). 

In all these processes, the energy and momentum conservation laws are fulfilled. A 
nontrivial characteristic of phonons is that, in the final state, the momentum conservation 
law can contain a phonon that is notin the first Brillouin zone. If we pass to the corresponding 
phonon from the first zone, then an additional momentum AG, which describes the shift 
of this Brillouin zone with respect to the first, appears in the momentum conservation law. 
This momentum corresponds to the motion of the crystal as a whole (which cannot be 
discovered experimentally, because the mass of the crystal is very large). For example, in 
the one-dimensional case, G =21n/a, which corresponds to the case of equal displacement 
of all nodes of the lattice. 

The processes of phonons scattering determine their mean free path in terms of which 
the phonon thermal conduction is expressed: 


1 
Kph = 3 CorAphv; 


where Cor ~ T? is volume heat capacity of the lattice, v is the speed of sound. As the 
temperature increases, the mean free path decreases rapidly. 


P7.2. Electrons in a Periodic Field. Energy Bands 


Within the framework of the Sommerfeld theory, where electrons in metal are considered as 
a free fermion gas, it is possible to explain several facts, mainly, the behavior of the electron 
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heat capacity. But many phenomena cannot be explained in this theory. First, this 1s the 
problem of origination of metals, semiconductors, and dielectrics and the description of 
their properties. To clarify these problems, it is necessary to take account of the interaction 
of electrons with the crystal lattice, which forms a periodic external field for the electrons. 
The interaction of electrons with the lattice periodic field results in the appearance in their 
spectrum of allowed energy bands separated by forbidden energy bands; that is, by the 
energy intervals that do not contain electron levels. The existence of crystals of different 
types corresponds to the different character of filling the energy bands by electrons. 


P7.2.1. Qualitative Theory of Energy Bands 


> Origination of bands from atomic levels. Let us track the behavior of electron energy 
levels in the case of gradual formation of a crystal from isolated atoms. First, we assume 
that N atoms are at a distance from one another such that the wave functions of electrons do 
not overlap. In this case, we can assume that each nondegenerate level of a separate atom 
in the system of N atoms is N -fold degenerate, but if an atomic level is p-fold degenerate, 
then its degree of degeneration in a system of N atoms is equal to pN. We begin to bring 
the atoms together to the distance corresponding to the crystal in equilibrium. As a result 
of interaction between the overlapping electron clouds related to separate atoms, one level 
yields N very closely located levels contained in a band of width AF (Fig. P7.4). The band 
width is determined by the energy of interaction between the corresponding electrons of 
neighboring atoms, and it is independent of the number of atoms. For the outer shells, the 
interaction is strong (the wave functions overlap significantly) and the band width is large, 
for inner shells, the band width is small. The number of levels in each band is large, so 
that the spectrum can be assumed to be continuous. Such energy bands are called allowed 
bands, and the energy intervals between the bands, where there are no electron levels, are 
called forbidden bands. 


wa Ea E D E E E E be md 
T E E E T E E E E E E E 


TAE E E E E E E ll lb 
VIA E E i 
EEE E E E E E E T E T E 
TABT AET AE AET lle ll lll 


a A A A A 
LL E le rl lle ll le led 


Po r 


Figure P7.4. Formation of energy bands as the lithium atoms approach each other. 


> Classification of crystals. The type of the crystal conductivity is defined by the 
character of filling by electrons (at 7’ = 0) of the upper allowed band (above which all the 
allowed bands are empty). The bands below the upper allowed band are completely filled 
with electrons. The electrons in these bands at 7’ = O cannot participate in conductivity, 
because there are no vacancies where they could move as the external field is switched on. 
The upper band originating from the atomic outer shell can be filled with electrons either 
partially or completely. 

Metals. If this band is filled partially, then the crystal is a metal (or a semimetal 1f the 
number of electrons in this band is very small). This band is called the conductivity band. 
The Fermi energy of a metal lies in the interior of the conductivity band, the electrons 
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located in this band form a set of free carriers participating in conductivity at any arbitrarily 
low temperature. The properties of these electrons have much in common with the electron 
gas in the Sommerfeld model (if the energy is counted from the lower boundary of the 
band), but there are important distinctions, which we discuss below. 

The outer s-shell of atoms of alkali metals contain two electron states (corresponding to 
different projections of spin), and only one of them is occupied by the electron. Therefore, 
the conductivity band contains 2N free places, and only half of them is filled (see Fig. P7.4 
for lithium). For rare-earth metals, both s-states of the outer shell are occupied by electrons, 
but there is another mechanism of filling the empty band: the energy band originating from 
the s-shell and containing 2N places is overlapped with the band originating from the 
p-shell containing 6N places. The allowed band thus formed contains 8N' place only the 
2N of which are filled with electrons (see Fig. P7.5 for beryllium). 
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Figure P7.5. Formation of energy bands as beryllium atoms approach each other. 


Dielectrics and semiconductors. If the upper band at 7’ = 0 is completely filled with 
electrons, then at T’ = O, the crystal is a dielectric. For T > O, the conductivity of such 
a crystal is determined by the width AF of the forbidden band lying between the filled 
band (it is called the valence band) and the nearest free band (which in this case is called 
the conductivity band). Because of the thermal motion, the electrons can move from the 
valence band into the conductivity band. For kgT' < AE, the electron concentration in the 
conductivity band is exponentially small (~ exp(-AE/kpT)). For kgT ~ AE, the elec- 
tron concentration in the conductivity band becomes noticeable and rapidly increases with 
temperature (the conductivity becomes noticeable already for kgT ~ 0.1A£). In this tem- 
perature region, the crystal behaves as a pure semiconductor. Usually, the semiconductors 
are crystals whose conductivity becomes noticeable at room temperature. 

In a pure semiconductor, simultaneously with the appearance of negative charge car- 
rier—electrons—in the conductivity band, the same number of positive charge carriers — 
vacant places—arise in the valence band; these positive charge carriers are called holes. 

The conductivity of pure semiconductors related to the appearance of the equal quantities 
of electrons and holes is said to be intrinsic. 

Extrinsic semiconductors. Addition of an impurity results in violation of the symmetry 
between positive and negative charges. If an impurity whose atom valency is greater than 
the crystal atom valency is added, there arise excessive electrons that are weakly related to 
the impurity atoms and become free at the temperatures at which the transitions between 
the bands are still absent. To these excessive electrons there correspond donor energy 
levels located in the forbidden band near the lower boundary of the conductivity band. 
The electrons from these levels move into the conductivity band, and since there is still 
no vacancy in the valence band, the conductivity in this temperature region is realized 
mainly by electrons. Such extrinsic semiconductors are called semiconductors of n-type. 
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In semiconductors of p-type, the valency of impurity is less that the valency of crystal 
atoms, which results in the appearance of vacant places to which the electrons begin to 
move at sufficiently low temperatures. To these vacancies there correspond empty energy 
levels (acceptor levels) located near the upper boundary of the valence band. The transition 
to these levels of electrons from the valence band leads to the formation of holes without 
appearance of electrons in the conductivity band. 


P7.2.2. Quantum Mechanical Description of Energy Regions 


Although it is appropriate to use quantum numbers of individual atoms to label energy bands, 
the state of an electron within an allowed band is described using a completely different 
quantum number associated with the so-called the quasi-momentum of the electron. The 
quasi-momentum varies quasi-continuously and reflects the translational properties of the 
Schrodinger equation and the wave function. 


> Bloch waves. Quasi-momentum of electron. The wave function of a stationary state 
of an electron in an infinite periodic potential can be written as 


(x) = eT y(n), (P7.2.2.1) 


where y(r) is a periodic function of coordinates (with the same periodic properties as the 
potential energy of an electron). This statement is called the Bloch theorem, and the vector 
hk is called the quasi-momentum of an electron. The vectors k and p for an electron in a 
crystal are in a sense similar to the wave vector and momentum of the free electron in the 
Sommerfeld model. Let us clarify the Bloch theorem and the meaning of these notions in 
the one-dimensional case. 

Let the period of one-dimensional lattice be equal to a, and let the potential energy of 
electron have the same periodicity: U(x +a) = U(x). It is easy to see that if w(x) is a 
solution of the time-independent Schrödinger equation, then Y(x + a) is also a solution of 
this equation. Hence ~(x+na) = T(na)y(z), and the discrete function T(x) (determined for 
x = na) has the following properties: [1 (na)|=1, T(na)=[T(a)]". We obtain T(x) = eee. 
and the function y(x) = ek (xr) is a periodic function of x: y(x + a) = y(x). 

For each given value k, from the Schrödinger equation for y(x) we obtain a second- 
order ordinary differential equation for y(x) with the boundary condition (a) = (0). This 
equation has solution only for discrete values E,,(k). If we pass from k to k’ = k + 27/a, 
then we obtain the same equation for y(x) and the same values of the energy Eg as for the 
number k. We conclude that the energy is a periodic function of k with period G = 27/a 
and the wave functions for the values of k that differ by G are identical. Hence we can 
reduce all the electron states to the first Brillouin zone. At the well boundaries, there are 
extrema (minima and maxima) of E(k), which ensure the continuity and smoothness of this 
function in transitions from one Brillouin zone to another (Fig. P7.6). At the center of the 
zone (for k = 0), E(k) usually also has an extremum. 

The above-discussed separation of crystals into metals and dielectrics (at T’ = 0) can be 
well explained by the dependence E(k) in the first Brillouin zone (Fig. P7.6). Figure P7.6a 
corresponds to a dielectric, Fig. P7.6b to a metal (or semimetal) in the case of overlapping 
bands, and Fig. P7.6c to a metal in the case of partially filled band. 


> The number of states in the Brillouin zone. As k varies in the first Brillouin zone, the 
energy of the nth level E,,(k) varies within the nth allowed energy band. If we take into 
account that the crystal is finite (by using, for example, periodic boundary conditions), then 
in the first Brillouin zone, k takes N values: 0, +27/L, +47/L,..., n/a, where L = Na. 
Hence the nth band contains N levels E,,(k;). With the spin taken into account, we obtain 
2N electron states. 
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Figure P7.6. Dependence of the electron energy on the quasi-momentum in the first Brillouin zone for the 
upper energy bands: (a) dielectric, (b) metal or semimetal (overlapping bands), (c) metal (partially filled band). 


P7.2.3. Dynamics of Electron in Crystal 


> Equation of motion of an electron in crystal. The energy spectrum of electrons in 
the upper bands (the valence band and the conductivity band) bears information about 
interaction of electrons with the crystal lattice. If this spectrum is used to calculate the 
group velocity of an electron 


dw lde de 
= — = —— = —, P7.2.3.1 
“ES dk hħdk dp ) 
then we can write the equations of motion in the form taking account of the action on 
electrons of only external forces. This equation has the form of usual Newton law 


dp 
— =F, P7.2.3.2 
ai ( ) 


where F is an external force (that does not take account of the interaction with the lattice) 
and p is the quasi-momentum of electron. 


For clarity, we present the expression for the rate of variation in the electron energy 


de _ de dp _, dp 
dt dpdt © dt’ 


which must be equal to the power of the external force F'vg. 


As an example of the use of equations of motion (P7.2.3.1) and (P7.2.3.2), we consider 
the behavior of an electron in the empty energy band (where no other electrons are contained) 
under the action of a constant force. We assume that this electron does not collide with other 
electrons, phonons, and lattice defects and that, at the initial time, the electron is at rest. In 
the Sommerfeld model, the free electron would move with constant acceleration away from 
the point of the beginning of motion. In the band theory, the electron is first at the center of 
the band (for p= 0), then its momentum linearly increases, but the velocity varies differently 
in this case. It first increases, then decreases approaching the Brillouin zone boundary, and 
is zero at zone boundary. At this instant, the electron is “transferred” to the left boundary of 
the zone (if we want to stay in the framework of the first Brillouin zone), and the electron 
velocity changes the sign. At the time when the electron momentum is again at the center 
of the zone, its velocity again is zero, and the electron is transferred to the previous place. 
The electron motion has an oscillatory character. To avoid misunderstanding, we note that 
the electrons in metal cannot move in such a cycle, because they do not have time between 
the collisions to go far enough from the Fermi surface and approach the zone boundary. 
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> Effective mass. At the center and the band boundaries, we have de/dp = 0, and hence 
the energy near these points can approximately be written as 


2 


E 2 
e=80+ 333| (P-D0). 
PO 


where €9, po are the energy and quasi-momentum of the center (or boundary) of the band. 
If in all cases, the momentum and energy are counted from the parabola vertex, then this 
relation can be written as follows: 


where ; 
1 d 
==, (P7.2.3.3) 
m dp ne 


and the quantity m* thus defined is called the effective mass of electron. For the electron 
velocity we obtain the usual relation 


Uae 
We note that the electron effective mass defined by equation (P7.2.3.3) is positive near the 
energy band bottom and is negative near the band upper boundary. As we saw, near the 
band upper boundary, under the action of an external force, the electron velocity does not 
increase but decreases. 
Definition (P7.2.3.3) for m* acts not only near the band boundaries. Indeed, at any 
point, we can write 
dg dde _ de dp 
dt  dtdp dp? dt’ 
or 
=— =m (P7.2.3.4) 


The effective mass is an important dynamical characteristic of an electron in a crystal. 
The effective mass of an electron can either be greater than or less than its true mass 
(sometimes, by several dozens of times). The effective mass stands in the place of the usual 
mass in the expression for the electrical conduction: o = ent /m*, and in many other 
physical formulas. The effective mass 1s especially convenient to describe the properties 
of semiconductors, where the electron concentration in the conductivity band (and of holes 
in the valence band) is not large. In anisotropic crystals, the effective mass depends on the 
direction of motion of the electron. 

Although an individual electron near the upper boundary of the band must be assigned 
a negative effective mass, the absence of such an electron in the completely filled valence 
band is equivalent to the presence of a single particle with positive mass and positive charge. 
As was already noted, such charge carriers are called holes. 


> Fermi surface for electrons in metals. In the band theory, the Fermi surface of 
electrons is not a simple sphere of radius pp, as it is the case for a free electron. Metals 
can have quite intricate Fermi surfaces. The determination of electronic Fermi surfaces is 
one of the most important problems in metal physics. Recall that at room temperatures, the 
electrons in metals are in a strongly degenerate state (kg 7’ < ep), and a special role is played 
by electrons near the Fermi surface. Fermi surfaces are usually depicted within the first 
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Brillouin zone; however, it is more graphic to display a periodic connected surface covering 
several Brillouin zones. Figure P7.7 depicts the Fermi surface and the boundaries of the first 
Brillouin zone for copper; the Fermi surfaces for silver, gold, and other metals of this group 
look quite similar. In Fig. P7.7, one can clearly see the transitions into neighboring Brillouin 
zones. (The three-dimensional presentations of the Fermi surfaces for most elements of the 
periodic table can be found at the Website http://www. phys.ufl.edu/fermisurface.) 


Figure P7.7. Fermi surface and boundaries of the first Brillouin zone for copper. 


P7.2.4. Band Theory of Semiconductors 


The difference between dielectrics and intrinsic semiconductors is determined by the width 
of the forbidden band A between the filled (at T =0) valence band and the empty conductivity 
band. To semiconductors one usually refers the crystals for which A < 3 eV; for example, 
for germanium, A = 0.67 eV, and for silicon, A = 1.11 eV. The current carrier concentration 
is many orders of magnitude less for semiconductors than for metals and it varies quite 
strongly if impurities, even in negligible concentrations, are added. 


> Fermi energy and conductivity of an intrinsic semiconductor. The position of the 
Fermi energy in intrinsic semiconductors is determined by the condition that the electron 
concentration in the conductivity band and the hole concentration in the valence band 
coincide. For kgT' << A, the Fermi energy is very close to the center of the forbidden band. 
(A deviation from the center of the band appears because the effective mass of electrons 
near the conductivity band bottom differs from the effective mass of holes near the top 
of the valence band). The concentration of charge carriers is calculated from the Fermi 
distribution, the dependence of the concentration on the temperature is mainly determined 
by the multiplier exp(A /2kgT”), where A/2 is the distance from the Fermi level to the 
band boundary. 
The electron concentration in the conductivity band is calculated by the formula 


J fe(e)G(e) de = J get Ge) de 

E0 E0 
* 3/2 00 

mL ereot f pE /kBT, / cl de’, 
0 


Th 


where ey is energy of the conductivity band bottom, £” = £ — £ọ is the energy counted from 
the band bottom (it is taken into account that kgT < £0 — ep). 
The intrinsic conductivity of semiconductors depends on the temperature similarly: 


C= ape AT. 
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> Extrinsic semiconductors. In the case of extrinsic semiconductors, the Fermi energy 
is displaced to the boundary of the band, where the main charge carriers are located. In 
the case of semiconductors of n-type with donor conductivity, the Fermi level is located 
near the conductivity band bottom, in the case of semiconductors of p-type with acceptor 
conductivity, near the upper boundary of the valence band (Fig. P7.8). At lower tempera- 
tures, the number of impurity carriers in the band strongly depends on the temperature, and 
the conductivity rapidly increases with increasing temperature. Then the impurity levels 
become “impoverished”; that is, no electrons remain at donor levels (or no free places at 
acceptor levels), and the conductivity slowly decreases. (Just as in the case of metals, the 
mean free path decreases because the number of phonons in the system increases.) At 
higher temperatures, the number of charge carriers begins to increase again, because the 
mechanism of intrinsic conductivity begins to act. The Fermi energy in this case approaches 
the center of the forbidden band. 


pure n-type p-type 


Figure P7.8. Position of the Fermi level in the intrinsic and extrinsic semiconductors. 


> Contact phenomena. p-n transition. If a semiconductor of n-type comes in contact 
with a semiconductor of p-type, then a p-n transition arises. As a result of diffusion of the 
majority carriers in the neighboring semiconductor in the transition region, there arises a 
contact difference of potentials, and the potential of the semiconductor of n-type turns out 
to be higher. The contact difference of potentials prevents the charge carriers from motion. 
The potential difference between the semiconductors may attain such a value (Fig. P7.9) 
that the Fermi energy of the semiconductors becomes equal (the condition that the chemical 
potentials be equal). In equilibrium, the diffusion current of the majority carrier through 
the potential barrier 1s equal to the drift current of minority carriers, to which the contact 
difference of potentials is no obstacle. 


eAp conduction zone 


valent zone 
n-type p-type 


Figure P7.9. Position of energy bands in the region of p-n transition. 


If the external field is applied in the forward direction (the positive pole) to the semicon- 
ductor of p-type, then the majority carrier current increases in exp(eU /kgT) times, because 
the barrier decreases by eU (U 1s the applied voltage). If the field 1s applied in the backward 
direction, then the forward carrier current decreases (the barrier increases). The applied 
voltage does not affect the minority carrier current. The volt-ampere characteristic of the 
p-n transition is determined by the expression 


f= To(e PT _ 1), 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 615 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 616 


616 QUANTUM THEORY OF CRYSTALS 


where fp is the majority carrier current in the absence of the field (equal to the opposed 
minority carrier current). 
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Chapter P8 
Elements of Nuclear Physics 


The idea that practically the entire mass of an atom is concentrated in its positively charged 
nucleus of infinitesimally small dimensions is due to Rutherford’s experiments (see Chap- 
ter P6). Since the dimensions of nuclei turned out to be by five orders less than those of 
atoms, it can be assumed, in the framework of atomic physics, that the nucleus is a point 
Coulomb center. Actually, the nucleus is a complex structure formed by strongly interacting 
particles (several ones or hundreds) obeying the laws of quantum mechanics and quantum 
statistics. The nuclei can undergo radioactive transformations, participate in nuclear reac- 
tions, disintegrate, and merge with other nuclei. The characteristic energies in that nuclear 
world are measured in millions of electron-volts, which explains why nuclei appear as stable 
objects in atomic processes with energies up to several hundred electron-volts. 


P8.1. Basic Properties of Nuclei 
P8.1.1. Characteristics of Nuclei 


> Nuclear Composition. The atomic nucleus consists of protons and neutrons—particles 
collectively named nucleons. 

The proton is a subatomic particle with positive charge e and mass m, = 1836.15 me, 
where Me is the electron mass. The neutron is an electrically neutral particle whose mass 
is slightly greater than that of the proton: Mnp = 1838.68 me. In its free state, the neutron 
is unstable in the sense that within 15.5 minutes, on the average, it turns into a proton 
after emitting an electron and an antineutrino: n — p+e+ v The spin* of both the 
proton and neutron is equal to 1/2, which means that they belong to the class of fermions. 
Both the proton and the neutron possess nonzero magnetic moments: ¡uy = 2.793 un and 
pin =-1.91 uy, where uy = eh/2m, is the so-called nuclear magneton (uy = upg / 1836.15). 
The nonzero magnetic moment of the neutron suggests that nucleons must have an internal 
structure involving more elementary charged particles. 

The nuclear composition is described by two integers: the atomic number Z, equal 
to the number of protons in the nucleus (and so identical to the charge number of the 
nucleus), and the mass number A, equal to the total number of nucleons in the nucleus. The 
number of neutrons (the neutron number) is N = A— Z. The charge number of an element 
coincides with its ordinal number in Mendeleev’s table (see Chapter S7) and determines 
its physical-chemical properties, since these depend on the charge of the nucleus and are 
almost independent of its mass. The charge and the mass numbers of an element X are 
specified as indices to the left of its symbol: ZX; for example, He, pe Since the element 
symbol uniquely determines its number in the periodic table, which coincides with the 
charge number Z, the left lower index is sometimes dropped (He, **C). 

Particular atoms with A nucleons in their nucleus and Z protons, together with their 
electronic shell containing Z electrons, are called nuclides. All nuclides with the same Z 


* Here and henceforth, we often use the word “spin” for short to mean the “spin quantum number.” 
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are called isotopes of a given element. The isotopes of hydrogen *H, 7H, and °H, whose 
nuclei are essentially distinct, are respectively called the common hydrogen (sometimes 
the term protium is used), deuterium (D), and tritium (T), and the nuclei of deuterium and 
tritium are called deuteron (d) and triton (t). 

There are stable and radioactive isotopes. Radioactive isotopes are characterized by their 
type of radioactivity (a-decay or 3-decay) and their lifetime. (In more detail, radioactive 
transformations are considered below.) There are many radioactive isotopes occurring 
in nature, provided that their lifetime is very long (U, Th, and others) or they are 
constantly produced as a result of decay of such long-lived nuclei (for example, 77°Fr). 
There are no stable isotopes for Z = 43 (technetium), Z = 61 (promethium) and for all 
elements with Z > 83 (starting from polonium). The other elements possess from 1 to 9 
(tin Sn) stable isotopes, and on the average, the number of these is equal to 3. Different 
stable (or long-lived) isotopes have different occurrence, the observed atomic weight is an 
average over several isotopes. For instance, the atomic weight of natural chlorine is equal 
to 35.5, and it contains 76% of *°Cl and 24% of *C1. 

Nuclides with the same mass number A are called isobars (for instance, Ni 1S Ca). 
In the presence of P-decay, isobars can transform into one another. Note that for a stable 
nuclide, its closest isobars are 8-active. 

Among stable and long-lived nuclei, the most frequent are even-even ones (even number 
of protons and even number of neutrons) and the rarest are odd-odd ones (only four stable 
ones: "H, PLi, 10B and IN). 


80 ul Stable nuclei Til 
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Figure P8.1. Number of neutrons in a nucleus versus its consecutive number. 


Figure P8.1 shows the dependence of N on Z for stable nuclides. It can be seen that 
for the first 15 to 20 elements, the number of protons is approximately the same as that of 
neutrons (Z ~ A/2). With the increase of the consecutive number, there is a clear tendency 
to the number of neutrons being greater than that of protons (thus, the only stable isotope 
of bismuth is ”0?Bi). 
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> Nuclear spin and magnetic moments. Nuclear spin / is defined as the total angular 
momentum of the nucleus, which 1s the composition of spins and orbital angular momenta 
of separate nucleons. Nuclei with evenly many nucleons have integer spin, while the spin 
of nuclei with an odd number of nucleons is half-integer. For nuclei with an even number 
of both protons and neutrons, the spin of the ground state is equal to zero. This means that 
angular momenta of separate nucleons compensate one another. It should be mentioned, 
however, that Z = 1 for the ground state of deuteron. 

As a rule, nuclei with nonzero spin have also a nonzero magnetic moment. Nuclear 
magnetic moments are usually very small (of the order of nuclear magneton), but their 
interaction with orbital motion of electrons gives rise to a hyperfine structure of electronic 
levels, which can be observed. 


> Nuclear dimensions and shape. Nucleon distribution over the nuclear volume has 
been established in many experiments with scattering of fast electrons and nucleons. (The 
de Broglie wavelength of scattered particles should be small compared with nuclear di- 
mensions.) In electronic scattering experiments aimed at testing only the electromagnetic 
interaction one finds spatial distribution of the nuclear charge (1.e., proton distribution), and 
in neutron scattering experiments one finds spatial distribution of all nucleons. It turns out 
that these distributions differ but slightly, and in what follows we speak only of the nucleon 
distribution. 

As it happens, the shape of most nuclei is nearly spherical. For nuclei with a fairly 
large number of nucleons (A > 12), one can identify an interior region in which nucleon 
concentration is constant, and there is a small transition layer over which the concentration 
drops to zero. If the nuclear radius is defined as the distance from the center where the 
concentration drops by a factor of two, one arrives at the following dependence on the mass 
number: 

R ~ RIAL fm, (P8.1.1.1) 


where Ro = 1.2-1.4fm and fm (fermi) is a non-SI unit of distance (1 fm = 10m = 
1 femtometre), common in nuclear physics. It can be seen that nucleon concentration 
within the nucleus is nearly the same for all nuclei. 

Example. Estimate the average nucleon concentration in the nucleus and the average nuclear substance 


density. 
Solution. The average nucleon concentration is equal to n = A/( STR?) ~ 1.0-1.5 x 10m”. This 


concentration corresponds to the density p = Mn ~ 2x 10” kg J m?, where M is the nucleon mass. 


Note that for many nuclei, one observes a considerable deviation of particle distribution 
from spherical symmetry (this deviation is especially pronounced in excited states, but 
also happens in the ground state). Thus, for the simplest compound nucleus, the deuteron, 
charge distribution in the ground state is nonspherical. (This fact is indicative of a noncentral 
character of nuclear forces.) 


> Nuclear binding energy. Nuclear masses measured with a fair degree of accuracy 
happen to be smaller than the sum of the nucleon masses involved. The nonadditive 
character of mass in this situation is a direct consequence of the Einstein formula relating 
mass and energy at rest (see Subsection P1.10.3). Between nucleons, there exist attraction 
forces by which they are kept within the nucleus in spite of the strong (due to the small 
distances) Coulomb repulsion, and positive work 1s required in order to split the nucleus 
into nucleons. The amount of that work is called nuclear binding energy: 


Ey = (Zmp + NMn — Mw), (P8.1.1.2) 


where N = A-—Z is the number of neutrons in the nucleus. The huge magnitude of 
nuclear interactions (compared with, say, atomic or chemical interactions that have a purely 
electromagnetic nature) made it possible to measure directly the said mass decrease. 
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Let us make a few remarks with regard to formula (P8.1.1.2). 

1. In nuclear physics, nuclear mass and particle mass are expressed either in energy 
units or in atomic mass units. In the first case, one gives the value of the rest energy mc? 
expressed in electronvolts. Thus, the masses of electron, proton, and neutron in these units 
are respectively equal to me = 0.511 MeV, Mp = 938.28 MeV, Mn = 939.55 MeV. When 
energy units are used, many formulas become shorter. Thus, formula (P8.1.1.2) becomes 


Ep = ¿Mp + N Mp — Mnc. (P8.1.1.3) 


Note that 1 kg = 5.61 x 107? MeV, 1 MeV = 1.78 x 10% kg. 
By definition, the atomic mass unit (AMU) is 1/12 of the mass of carbon nuclide 


(not nucleus) 12C. Reference tables usually give nuclide passes in AMUs. For example, 
Me = 5.486 x 10% AMU, m, = 1.007276 AMU, mn = 1.00898 AMU. Note that 1 AMU = 


931.50 MeV = 1.660 x 10” kg. 
2. Since reference tables usually list masses of nuclides rather than nuclear masses, it 
1S convenient to rewrite formula (P8.1.1.3) as follows: 


Ep = Z My + Nm, — Ma, (P8.1.1.4) 


where My is the mass of the hydrogen atom and M, is the mass of the atom (nuclide) 
corresponding to the said nucleus. The first term of this formula differs from that of 
(P8.1.1.3) by Zm,; and the nuclide mass M, differs from the nuclear mass m, by the same 
amount, if one neglects the energy of electric interaction between electrons and the nucleus. 
3. Instead of nuclide mass, tables often list the so-called mass defect A, = Ma — A 
(where Ma is expressed in AMUs). Thus, the mass defect of the nuclide 120 is equal to 
zero, the mass defect of the hydrogen atom is equal to 0.007825 AMU, the mass defect of 
the nuclide “He is equal to 0.016030 AMU. Binding energy can be expressed in terms of 

mass defects as follows: 
Ep = ZA + NA, — Ag. (P8.1.1.5) 


> Dependence of binding energy on nuclear composition. It turns out that in the first 
rough approximation, binding energy grows in direct proportion to the number of nucleons in 
the nucleus, i.e., its mass number A. For qualitative and numerical analysis, it is convenient 
to use specific binding energy defined as e = Ep/A. Figure P8.2 shows an approximate 
dependence of e on the mass number A. Being approximately equal to 8 MeV/nucleon, 
specific energy first (for A < 16) undergoes a sharp increase, then continues to grow smoothly 
and for A ~ 60 (in the region of iron) attains its maximum, 8.8 MeV/nucleon, after which 
it smoothly decreases to 7.6 MeV/nucleon for the last natural nuclide 2%U. Note that due 
to the growth of e for small A, fusion of light nuclei is energetically efficient, and due to 
the decrease of e for large A, fission of heavy nuclei is energetically efficient. The energy 
released by fission of heavy nuclei is called atomic, and that released by fusion of light 
nuclei is called thermonuclear. Thermonuclear energy per nucleon is several times greater 
than atomic energy. 

Nuclear forces and nuclear models are considered in the next section, but here we make 
a few brief remarks. 

1. The fact that specific binding energy, for most nuclei, is approximately constant and 
equal to its average value indicates that nuclear forces have a short-range character and have 
the property of saturation (each nucleon interacts only with its several closest neighbors). 

2. The decrease of e for small A is explained by an increase of surface effects that 
depend on the relative fraction of surface particles. 

3. The decrease of specific binding energy for large A is explained by an increased 
relative contribution of Coulomb energy. 
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Figure P8.2. Specific binding energy versus mass number. 


4. For light elements, the maximum binding energy for nuclides with fixed A (isobars) 
corresponds to Z ~ A/2. (For this reason, such nuclides are usually called P-stable.) 
This phenomenon is referred to as the symmetry effect. The shift to a larger percentage 
of neutrons observed with the growth of A is explained by an increased role of Coulomb 
repulsion of protons. 

5. Specific binding energy of even-even nuclei is, on the average, greater than that 
of even-odd nuclei, and specific binding energy of even-odd nuclei is greater than that of 
odd-odd nuclei. This is explained by pairing of identical nucleons in nuclei. The union of 
two identical nucleons that form a zero-spin pair results in a gain approximately equal to 
1 MeV. 

6. Most stable (1.e., having the largest e) among all even-even nuclei are the so-called 
magic nuclei whose number of protons or that of neutrons are equal to one of the magic 
numbers: 2, 8, 20, 28, 50, 82, 126. Especially stable are double-magic nuclei; 1.e., those 
with the magic number of both protons and neutrons (e.g., “He, 160, Ca, 248Pb, etc.). The 
existence of magic nuclei indicates that nuclei have a shell structure similar to that of atoms. 


P8.1.2. Nuclear Forces 


> Properties of nuclear forces. Between the nucleons in a nucleus there exist nuclear 
attraction forces which are hundreds of times greater than electromagnetic repulsion forces 
between protons. These attraction forces ensure nuclear stability. Let us mention some 
(most important) features of nuclear forces. 

1. Nuclear forces have a short-range character with the effective range ro ~ 2.0-2.5 fm. 
As the distance between nucleons becomes greater than the effective range, nuclear interac- 
tion rapidly decays. If that distance becomes several times smaller than the effective range, 
attraction is replaced by strong repulsion. 

Example. Knowing the deuteron mass, one can calculate binding energy of the simplest nucleus, deuteron. 
This energy is equal to 2.22 MeV. On the basis of this binding energy, estimate the potential well depth 
corresponding to nuclear interaction between two nucleons. 

Solution. First of all, let us replace the system of two interacting particles of mass M by a single particle 
with reduced mass m = M /2. For simplicity, we assume that potential energy is represented by a well of radius 
R = 2.3 fm and depth Up. The quantity Up can be found from the condition that the ground-state energy in this 


potential well should be equal to & = —2.2 MeV. For the spherically symmetric wave function of the ground 
state, the Schrodinger equation has the form 


a 


2m 
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where U = -Uo for r < Rand U = 0 for r > R. Setting V(r) = ry(r), we come to the equation 


cy M 
Ae tee 


whose solution was obtained in Subsection P6.2.2. Omitting further calculations, we just state the answer: to 
get the correct ground-state energy, one should have the depth of the potential well about 29 MeV. (For a well 
of radius 2 fm, the value obtained for the depth is about 35 MeV.) 


Note that this attraction value corresponds only to the state of a two-nucleon system in 
which their total spin is equal to 1. In the state with zero spin, attraction is nearly twice 
weaker and there is no bound state. This is why there is no stable formation consisting 
either of two neutrons or two protons (according to Pauli’s principle, two identical particles 
cannot have parallel spins). 

There is no final answer with regard to the dependence of nuclear forces on the distance 
between nucleons. With equal success, different models of that dependence are used 
for processing experimental data. The best theoretical justification has been given to the 


Yukawa formula 
er [ro 


U(r)= A (P8.1.2.1) 


2. The short-range nature of nuclear forces is closely connected with their saturation 
property. Every nucleon inside the nuclear substance 1s interacting with a certain number 
of its closest neighbors. (The nucleons near the surface of a nucleus have a smaller number 
of neighbors.) For this reason, nuclear binding energy grows in proportion to the number 
of nucleons, while the average nuclear density remains constant. If nuclear forces were 
long-range (as, for instance, the Coulomb force), then every nucleon would interact with 
all the others and the binding energy would grow faster. For example, electric energy of a 
ball with charge Ze and radius R is proportional to Z*/R (see Subsection P3.6.1). 

3. Nuclear forces have the property of charge independence: they do not depend on the 
type of interacting nucleons (p-p, p-n, or n-N). 

4. Nuclear forces are non-central. This is confirmed, in particular, by the non-spherical 
charge distribution in the deuteron ground state. If the interaction was exactly central, the 
orbital angular momentum would be conserved and would be strictly equal to zero in the 
ground state, which corresponds to a spherically symmetric wave function. 

5. Nuclear forces depend on spin orientations. (See above with regard to nucleon 
interaction in the deuteron.) 


> Nature of nuclear forces. In modern physics, any fundamental interaction is regarded 
as a result of particle exchange (particles are agents of interaction). Nuclear interaction 
between nucleons is implemented through the exchange of r-mesons (pions), which are 
particles with zero spin and mass m, about 200 times greater than that of the electron. 
Around a single nucleon, the so-called virtual pions constantly are born and die. The 
term “virtual” is used here, because these particles exist for such a short time that due to the 
time-energy uncertainty relation (At AE ~ h), it is possible for the energy of the system 
to change by ~ m,c?. For virtual particles, the common relation between energy and 
momentum does not hold. These particles have different impulses (of different directions) 
with the average value m,,c and in their lifetime travel the average distance cAt ~ h/(m,.c) 
equal to the Compton wavelength of a 7-meson. Sometimes in this situation one speaks 
of a single nucleon surrounded by a coat of 7-mesons whose radius, ro, is equal to their 
Compton length. As two nucleons approach one another by the distance ro, their meson 
coats begin to overlap and some virtual pions born of one nucleon are absorbed by the 
other. In 1935, Yukawa showed that upon averaging over the momenta of virtual pions, 
there arises attraction with potential energy described by (P8.1.2.1) with ro = h/(m,c). At 
that time, 7-mesons were still unknown. Yukawa predicted their existence and estimated 
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their mass in terms of the nuclear interaction radius. (It was not until 1947 that 7-mesons 
were discovered in cosmic rays.) 

Let it be mentioned here that the carriers of electromagnetic interaction are virtual photons. Photons 
have zero mass, and therefore, electromagnetic interaction has long-range character (ro = oo, and the Yukawa 
formula (P8.1.2.1) results in the Coulomb interaction). Weak interaction is implemented through the exchange 
of very massive W -bosons, and therefore, its radius is much smaller than that of nuclear interaction. Note also 
that the contemporary theory assumes that the basic carriers of strong interaction are gluons implementing the 
interaction between quarks, of which all strongly interacting particles are built (see Subsection P8.4.1). 


P8.1.3. Nuclear Models 


> Nuclear models. It should be observed from the start that there is still no universal 
model of the nucleus that could provide a unified theoretical approach to the calculation 
of various nuclear characteristics. Each of the existing models is capable of successfully 
explaining some properties of nuclei, while the other properties remain unaccounted for 
or their explanation is too complex or questionable. Among these models, a special place 
is occupied by the microscopic nuclear model proposed by A. B. Migdal, who called it 
the theory of finite Fermi systems. This model is based on the theory of quantum Fermi 
fluid which applies the methods of the quantum field theory to a statistical ensemble of 
interacting fermions. The major achievements of the microscopic model are that it provides 
a comparison and a unified justification of outwardly distinct theoretical models (sometimes, 
it is called a “model of nuclear models”). 

The other models can be provisionally divided into two groups: collective models and 
single-particle models. The first group covers, in particular, the theory of infinite nuclear 
matter and the liquid-drop nuclear model. The second group contains the theories dealing 
with the motion of separate nucleons either in a plane potential well of finite depth (nuclear 
Fermi gas) or in some effective potential (shell models). Some sophisticated shell models 
take into account pairing of identical nucleons. 

There are some new models that combine certain features of the said two groups. The 
interior part of the nucleus corresponding to completely filled up shells is regarded as a drop 
of nuclear fluid in whose field external nucleons are moving. 


> Liquid-drop (hydrodynamic) nuclear model treats the nucleus as a charged drop of 
nuclear liquid with surface tension. This model describes basic properties of the dependence 
of binding energy on A and Z and characterizes surface vibrations of nuclei and some 
properties of fission of heavy nuclei. 


> The nuclear Fermi gas model is used for the explanation of the symmetry effect (Z is 
approximately equal to N in light nuclei) and its violation in heavy nuclei, and this model 
allows one to calculate the depth of the effective potential well. 

In this model, both protons and neutrons are regarded as two subsystems of identical 
fermions moving freely in a potential well. On each level, two identical particles with 
different spins can exist. The more nucleons of a given type are present in the nucleus, the 
more their Fermi energy. If there is a considerable divergence between the Fermi energies 
of neutrons and protons, then one nucleon will transform into another with total energy 
decrease (either n —> p + € + wrp—n+e'+v). Therefore, in a stable nucleus, the 
Fermi energies should be approximately the same. With the Coulomb interaction neglected, 
the total (common) energy minimum corresponds to approximately the same number of 
neutrons and protons. This situation corresponds to light nuclei. In heavy nuclei, the 
Coulomb interaction between protons is increasingly significant and leveling of the Fermi 
energies occurs when the number of neutrons exceeds that of protons. 


Example. Using the mean concentration of nucleons in the nucleus calculated in the example of Subsection 
P8.1.1, estimate the depth of the potential well occupied by these nucleons. 
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Solution. To obtain such an estimate, we neglect the Coulomb interaction. The mean kinetic energy of 
nucleons of one type is equal to (see Subsection P7.1.2) 


3 3VGrmy? 
Kmen = = EF = ==  ~ 20M l 3 
¡Er =>5 ai O MeV /nucleon 


where nı ~ 0.6 x 10% m” is the concentration of nucleons of one type equal to one half of the nucleon 
concentration. The mean specific binding energy is about 8 MeV/nucleon. This energy can be calculated as 
the difference between the well depth and the mean kinetic energy. We find that the well depth should be about 
30 MeV. As will be shown below, the estimate just obtained is well below the actual value. 


> Empirical formula for binding energy. On the basis of the liquid-drop and the gas 
models, one can write a fairly simple empirical formula (Weizsacker’s formula) for nuclear 
binding energy (1935): 


ZL? (A=27)- OE) 


_ _ 7 E A EI ee ae EI 
Eh = EA = œ A-A 03717 04 i Q5 ga 


(P8.1.3.1) 


where 0(Z, N) is equal to —1 for even-even nuclei, 0 for even-odd nuclei, and 1 for odd-odd 
nuclei. The coefficients a; are chosen from experimental data and at present the following 
values are adopted: a; = 15.75 MeV, az = 17.8 MeV, a3 = 0.71 MeV, a4 = 23.7 MeV, and 
As = 34 MeV. 

The first three terms correspond to the concepts of the liquid-drop model. The first 
term reflects approximate proportionality of binding energy to the number of nucleons; the 
coefficient a; can be understood as binding energy associated with a single nucleon in an 
imaginary nuclear substance (matter) with electric interaction “turned off.” The second term 
describes “surface tension” of a nuclear drop (the nucleons on the surface of the nucleus 
are in special conditions), and the third term describes its electrostatic energy. 

The fourth term is due to the symmetry effect explained in the framework of the nuclear 
Fermi gas. This term attains its minimum for N = Z, since the divergence from total 
symmetry observed with an increase of A is connected with the Coulomb energy, and this 
has been accounted for in the third term. The fifth term reflects stepwise change of binding 
energy at the transition from a given nucleus to nuclei with adjacent values of A or Z. 

It is of interest to note a considerable divergence of the coefficient a; from the mean 
value of specific binding energy € ~ 8 MeV. The point is that e already contains the 
Coulomb and the surface energies. If e 1s replaced by a; in example (when estimating the 
well depth), then the binding energy acquires the value ~ 40 MeV. 

On the basis of Weizsacker’s formula one can perform fairly precise (~ 107%) calculations 
of binding energy for many nuclides, especially heavy ones, a-decay energy, fission and 
fusion energies, and many other characteristics. However, to explain the existence of magic 
nuclei, to calculate spins and magnetic moments, one cannot do without the shell model. 


> Shell model of the nucleus (Goeppert-Mayer and Jensen, 1949). This model assumes 
that each nucleon is moving in a self-consistent field produced by other nucleons. The 
potential energy of this field is chosen so as to give the best agreement with experimental 
data for a wide range of nuclei. 

In contrast with electrons in an atom, spin-orbit interaction plays a much greater role 
for nucleons and and can reach 10-15%. Furthermore, the Russel-Saunders coupling 
common for electrons (1.e., 2S-coupling, in which the spins and orbital angular momenta 
of all particles are first summed up separately and then the total spin is added to the total 
orbital angular momentum) is suitable for the lightest nuclei only, whereas for most other 
nuclei the 77-coupling is more appropriate, in which the spin of each individual nucleon 
is added to its orbital angular momentum. The nucleon energy levels are characterized by 
the quantum numbers / (denoted by the letters s, p, d, f, g, ...), 7 (equal to l — > or l + > 
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and specified as the right subscript), and m,, and also the number n that enumerates the 
levels with a given l and can take the values 1, 2, 3, .... To each level, there correspond 
27 + 1 states. The nucleon energy levels are grouped into shells; the distances between 
these groups are significantly greater than the interlevel distances within a shell. The magic 
numbers correspond to shells being completely filled up: 


I: 151/27 (2 nucleons); 

II: 2p3/2, 2p1/2 (6 nucleons, altogether 8); 

II: 1d; [> 281 15 ld; /2 (12 nucleons, altogether 20); 

IV: 1 f7/2 (8 nucleons, altogether 28); 

V: 2p3/2, 1f5/2, 2p1/2, 199/2 (22 nucleons, altogether 50); 

VI: 197/2, 2d5/2, 2d3/2, 351 /2, 111 /2 (32 nucleons, altogether 82); 

VIE hg /2, 217/2, 2f5/2, 3P3/2, 3p1/2, 1113/2 (44 nucleons, altogether 126). 


Nucleon states are filled up in the order indicated in the above scheme. Using this, one can 
obtain correct values for the spins of almost all nuclei. 


P8.2. Nuclear Transformations 
P8.2.1. Radioactivity 


Radioactivity is a spontaneous emission of one or several particles from a nucleus accom- 
panied by its transformation into another nucleus (or its transition to another state). The 
original radioactive nucleus (nuclide) is called parent nucleus, and product nuclei are called 
daughter nuclei. 

Basic types of radioactivity are the following: a-decay, P-decay, and y-decay. In spite 
of different physical processes associated with these types of decay, their time evolution is 
described by one and the same law. 


> Radioactive decay law. Since radioactive decay has a random nature, it can be assumed 
that on a small time-interval dt the fraction of split nuclei is proportional to dt. Denoting 
by N (t) the number of intact nuclei by the time instant t, we come to the equation 


dN 
— =-Adt. P8211 
N ( ) 


The coefficient A 1s called the decay constant. The solution of equation (P8.2.1.1) has the 
form 
N = Me™, (P8.2.1.2) 


where Ny is the number of nuclei for t = 0. This relation is called the radioactive decay 
law. 
The number of nuclei decaying per unit time is called radioactive sample activity: 


N 
js Kai EE (P8.2.1.3) 


where Ap is the initial activity of the a sample. Activity per unit mass is called specific 
activity. Activity 1s measured in becquerels (1 Bq corresponds to one decay per second) or 
curies (1 Ci = 3.7 x 10% Bq). 

Apart from the constant A, decay is characterized by the half-life period Tij} (often 
called half-life) equal to the time in which half of the nuclei undergo decay (N = No/2). 


From (P8.2.1.2), we find that 


In2 0.693 
Tip ===. 


= P8.2.1.4 
> 5 ( ) 
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It is natural to introduce the mean lifetime of a nucleus, 7. The probability of the event that 
the nucleus decays on the time interval (t, t+ dt) is equal to |dN|/No = AN dt/No = Ae“ dt, 
and therefore, 


ae 1 Tin 
= tren dt = — —L=1.4M7, ». P8.2.1.5 
T / e =p) 1/2 ( ) 


Example. Calculating sample activity. The half-life of the isotope 3gSr is about 28 years. What is the 
activity of its m = 1 g sample? 

Solution. The activity is equal to the product of the decay constant A = In 2/7} /2 and the number of nuclei 
N = Na(m/), where u = 90 g/mol. We obtain A = 5.2 x 1014 c! = 140 curie. 


> Alpha decay. The alpha decay (or a-decay) of a nucleus X with atomic number Z and 
mass number A results in the nucleus *He (known as the alpha particle or a-particle) and a 
daughter nucleus Y with atomic number Z — 2 and mass number A — 4: 


AX — GAY +3 He. (P8.2.1.6) 


Alpha decay is observed only for heavy nuclei (mostly with A > 209). 
The energy released during the a-decay is equal to 


Q = Mx — Ma — My, (P8.2.1.7) 


where the nuclear masses are expressed in energy units. Note that instead of nuclear masses 
one can substitute masses of nuclides (electron masses are mutually canceled) or their mass 
defects. 

The fact that one observes decay with the emission of the nucleus *He, and not other 
light nuclei or single nucleons, is explained by the abnormally large binding energy of the 
nucleus *He. For example, the a-decay of the nucleus 7°*U is accompanied by the emission 
of 5.4 MeV energy, and for the emission of a proton by this nucleus it should be supplied 
with 6.1 MeV energy. 

Due to the momentum conservation law, the nucleus experiences recoil and carries 
away part of the energy. For this reason, the registered energy of a-particles is less than 
the reaction energy @. Assuming that the parent nucleus were at rest, let us write the 
momentum conservation law (for) pa = py in terms of kinetic energies of the daughter 
nucleus and the a-particle: 

Moa K at my Ky 


Expressing Ky from the above formula and inserting it into the energy conservation law 
K Q + Ky 7 Q, 


we obtain m 
MY = 
Ka my + Ma Q A Q. 

where A is the mass number of the parent nucleus. As a rule, we have A > 210, and 
therefore, the kinetic energy of the a-particle is greater than 98% of the decay energy. 

Since the average lifetime of most a-active nuclei is great, they are subject to decay 
from the ground state. Moreover, due to a very “sharp” (strong) dependence of the decay 
constant on the energy of the outgoing particles, one observes the most intensive transition 
to the ground state of the parent nucleus. Therefore, in most cases, all œ-particles of a 
given decay have the same energy. In some cases, one observes a-particles that correspond 
to low (rotational) levels, and this leads to a slight blurring of the a-spectrum. Moreover, 
for some extremely short-lived nuclei, decay is possible from excited states of the parent 
nucleus and one observes a-particles with energies considerably larger than the principal 
value (for example, polonium isotopes APO and PO emit not only “common” a-particles 
but those with energies up to 10.5 MeV). 
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> Theory of alpha decay. For a long time, some properties of a-decay looked quite 
mysterious. In the first place, it is an unusually strong dependence of the half-life on 
the energy of a-particles. In the principal region of a-activity (A = 210), a-particles 
with energies significantly smaller than 4 MeV are never observed (their half-lives are too 
great), for ee Pb, Ka = 4MeV and 11/2 = 1.4x 1017 years, and for aro Ka = 9MeV 
and T12 = 3X 10-’ s. Moreover, one could not understand how it was possible for an 
a-particle to leave the nucleus at all. Outside the nucleus, its Coulomb potential energy 


2(Z —2)e 

Uca = —— 
Ate or 

attains its maximum on the boundary of the nucleus for r = R= ro Al/ 3 (see (P8.1.1.1)), and 
inside the nucleus it enters a negative potential well of nuclear forces. Hence, the a-particle 
is locked by a potential barrier (Fig. P8.3) whose height Up ~ 25-30 MeV is considerably 
greater than the energy of a-particles 4-9 MeV. The alpha particle can penetrate this 
barrier only through quantum tunneling (see Subsection P6.2.2). The theory of a-decay as 
a tunneling transition was developed in 1928 by Gamow, Condon, and Gurney and explained 
all its major properties. 


Figure P8.3. Potential energy of an a-particle in the nucleus has the shape of a potential barrier. 


In order to calculate the decay constant A, the probability p of the production of an 
a-particle inside the nucleus (it is assumed that p ~ 1) should be multiplied by the number 
of its collisions with the barrier v ~ v/2R (vis speed of the a-particle) and the transmission 
coefficient (of passing through the barrier) 


Dw xp f 1/2Mo (U(r)- Ka) dr». 


This transmission coefficient 1s responsible for the sharp (exponential) dependence of the 
decay constant (and the half-life) on the energy of the outgoing particle Ka. 


> Beta decay. Beta decay (or 3-decay) is the term applied to radioactive nuclear transfor- 
mations in which a proton turns into a neutron (or vice versa) and involving electrons (or 
positrons) and neutrinos (or antineutrinos). Basic types of G-decay are the following: 

a) Electron 0”-decay (beta-minus): 


AX > Y+ (P8.2.1.8) 


(for example, decay of tritium `H > He +e+ y 
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b) Positron P*-decay (beta-plus): 


A AY + et ty (P8.2.1.9) 


(for example, decay of the artificial radioactive isotope of nitrogen 13N — C +e* +1). 
c) Electron capture: 
A > AY +y (P8.2.1.10) 


(for example, the reaction e” + ¿B > El + y). In electron capture, the nucleus absorbs 
an electron from an atomic shell, usually from the HX'-shell, and therefore, this process is 
called K-capture (one also observes L-capture). Electron capture is accompanied by the 
characteristic X-ray radiation. 

An important distinction of G-decays from other types of radioactivity is that the former 
are intranucleon (pertaining a nucleon) processes rather than intranuclear (pertaining to 
the entire nucleus) ones. This means that an elementary act of such a process consists in 
the transformation of one nucleon into another. The schemes of the transformations listed 
above are the following: 


a) n>p+e+ y 
b) p> nt+e +v; 
c) O FP>N+DL. 


Such transformations (and therefore, nuclear 5-decay) are possible only because of weak 
interaction. In free space, only the first process (neutron decay) can happen spontaneously. 
However, within the nucleus the new nucleon turns out surrounded by other nucleons, in 
the process of its birth the entire nucleus changes its structure, and the energy condition 
required for the decay is determined by masses of the nuclei (the original and the produced) 
rather than the nucleon masses. 

Spontaneous decay is energetically allowed, if the sum of the masses of the original 
particles is greater than the sum of the masses of the produced particles. For P-decay, this 
condition has the form: 


mx > My + me (0 and 6*-decay); 
mx + Me > my (electron capture). 


It is convenient to rewrite these formulas in terms of nuclide masses. Thus, for 6” -decay, 
one should take mx = Mx — Zme, my = My -(Z +1)m. and the decay condition becomes 


Mx > My (6 -decay). 
For the other types of decay, we have: 


Mx > My + 2m, (G*-decay); 
Mx > My (electron capture). 


Note that the last two types of decay result in identical daughter nuclei, 1.e., are competitive; 
however, electronic capture is more energetically advantageous. 

Weizsacker’s formula (P8.1.3.1) can be utilized to find the parameters (Z, A) for the 
nuclei most stable with respect to the above types of P-decay. Since the mass number A is 
unchanged in these types of decay, one should compare the masses (binding energies) of all 
isobars. Consider, for instance, an odd A (even-odd nuclei, A(A, Z) = 0). Minimizing the 
nuclear energy E = Zm,+(A-Z)m,y — Ey with respect to Z, we find Zg corresponding to 
the maximum /-stability (Fig. P8.4a). The isobars with Z < Zg should be examined with 
regard to (3 -decay, and those with Z > Zg should be examined with regard to P*-decay and 
electron capture. For even A, we obtain two branches of E(Z) (Fig. P8.4b): the upper one 
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(c) 


Z Z Z 


Figure P8.4. Isobaric nuclei energy versus Z and energetically allowed types of P-decay for nuclei with 
even A (a) and nuclei with odd A (b); the right figure (c) corresponds to a G-stable nucleus with an even A. 


for odd-odd nuclei and the lower one for even-even nuclei. The nuclei on the upper branch 
are usually unstable with respect to transitions to the lower branch, but there are 4 -stable 
nuclei corresponding to the situation represented in Fig. P8.4c. 

The number of (-active nuclides is much larger than that of a-active nuclides (each 
element has a (-active isotope). The half-life depends on energy (the greater the energy 
gain, the smaller 73/2), but this dependence is not as strong as in the case of a-decay. 
Moreover, the greater the divergence between the structures of the final and the original 
nuclei (for instance, the difference of their spins), the slower the decay. Sometimes, the 
transition to the ground state of the daughter nucleus has small probability (is a rare event), 
and as a result of G-decay a nucleus in an excited state is produced. 

The neutrino (more precisely, electron-type neutrino, which is one of its three modifica- 
tions) is a very light (possibly, massless) neutral particle with spin 1/2, which participates 
only in weak interactions. For this reason, its interaction with matter is extremely weak 
and its detection is very difficult. Thus, for a neutrino with energy 100 MeV the mean free 
path in water is of the order 101” m (about 100 light years). A direct experimental proof of 
the existence of neutrino was not obtained until 1956, when it became possible to utilize 
a powerful flux of neutrino resulting from uranium fission in nuclear reactor. (Reactions 
of antineutrino capture “1+ p — n + e* were registered.) The existence of neutrino was 
hypothesized by W. Pauli in 1930, in a rather dramatic situation due to its “invisibility.” 


dN/dE 


0 AE 


Figure P8.5. Distribution of G-electrons with respect to energies. 


It was considered a proven fact that 9” -decay results only in two particles: the daughter nucleus and the 
electron. In that case, as in the case of any two-particle decay (say, a-decay) of a fixed nucleus, the decay 
products should have certain energies. With the kinetic energy of the daughter nucleus neglected, the electron 
energy should be equal to A = mx — my — me = Mx — My. However, in 1914, J. Chadwick established the 
continuity of G-spectra. It turned out that the distribution of electrons with respect to energies is like that in 
Fig. P8.5, and the electron energy averaged with respect to that distribution is as small as A/3. The situation 
looked so paradoxical that in 1924 N. Bohr guessed that the energy conservation law could be violated in 
micro-processes! As noticed in 1929, the angular momentum conservation law is violated for some types of 
G-decay. Thus, for ¿Bi —341° Po + e”, the spins of the nuclei are equal to 1 and O and the electron carries 
away a half-integer spin. This deadlock was broken by Pauli’s hypothesis about the existence of neutrino. On 
the basis of this hypothesis, in 1934, E. Fermi developed the theory of weak interactions and calculated the 
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activities of G-decays and the spectra of outgoing electrons. In 1936, N. Bohr accepted the Fermi theory and 
rejected the idea of non-conservation of energy. 


> Radioactive families. Most natural radioactive elements belong to four radioactive 
families. All elements of these families are obtained by consecutive decay from a single 
parent nuclide and end with some stable element. The decay family of thorium has mass 


numbers 4n, starts with ees and ends with gona} The decay family of neptunium 


(A =4n+1) starts with “¿Ne and ends with Dl The decay family of uranium (A = 4n+2) 


starts with =U and ends with Pb: Finally, the actinium family (A = 4n + 3) starts with 


SY and ends with o Pb. (The first three terms of the last family were discovered later.) 
As an example, let us give the sequence of elements of the thorium family: 


B b 


237 Q 228 228 228 Q 224 2 220 o 216 
goth —> “ggRa — “goAc — Gorn —> “g.Ra — “¿Kn — “gyPo 
a 212 Ê 212p; 2&2. 208 B 208 Fee 2. 919 A 208 
> “Pb —> “g3B1 —> “2 Tl — “Pb ( 3381 —> “ggPo —> o PE): 


The element Bi can decay by way of a- and (-radiation, and therefore, on this element 
the decay sequence branches. 


> Gamma decay. Gamma radiation is observed in transitions of an excited nucleus to 
lower energy levels, with unchanged A and Z and emitted y-quanta. After emitting one 
or several photons, the nucleus comes to the ground state. Since nuclear energy values 
are discrete, the spectrum of y-radiation is also discrete. Excited nuclei are produced in 


P-decay, if the decay to the ground state is forbidden. For example, 3~-decay of “Na with 


spin J = 4 leads neither to the ground state Mg with spin J = 0, nor to the first excited 
level (J = 2), but leads to the second level with J = 4, upon which the nucleus consecutively 
emits two y-quanta with energies 2.7 MeV and 1.4 MeV and comes to the ground state. 

A free nucleon cannot emit y-quanta, since this would contradict the energy and the 
momentum conservation laws. However, inside the nucleus, the momentum is redistributed 
between all nucleons and radiation becomes possible. Thus, in contrast to G-decay, the 
emission of 7y-quanta is an intranuclear rather than intranucleon process. 

The Coulomb barrier does not obstruct y-radiation, and therefore, the lifetime of y-active 
nuclei is usually small, (107-1071 s). However, in the cases when the transition to the 
ground state is strongly hindered, one observes long-lived excited states called isomers. The 
lifetime of isomers may reach several hours and even more. Some properties of isomers (in 
particular, probabilities of G-decay) may be observably different from those of the ground 
states. 

A competitor of y-decay is a process called internal conversion, in which an excited 
nucleus transmits the energy surplus to one of the electrons of the atomic shell. The 
spectrum of the outgoing electrons, in contrast to that of G-electrons, is discrete. Moreover, 
internal conversion 1s accompanied by the characteristic X-ray radiation. 


> Mossbauer effect. If the energy of an incident photon coincides with the energy of 
the transition of a system from the ground state to an excited state, then the probability of 
such a photon being absorbed drastically increases. This phenomenon is called resonant 
absorption. The dependence of the absorption probability on energy has the shape of a 
sharp peak whose width is equal to that of the excited level AE (AE ~ h/At, where At 
is the lifetime of the excited state). The natural scheme of resonant absorption utilizes 
identical atoms as the emitter and the absorber. Such a scheme is used in optics, where the 
emission and the absorption are determined by electron transitions. However, observation 
of resonant absorption of nuclear y-quanta encounters serious obstacles. The point is that 
when emitting a y-quantum the atom experiences a much greater recoil and carries away 
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more energy than in the case of emitting an optical photon. This leads to a more significant 
decrease of the frequency of the emitted photon and its absorption becomes a rare event 
(has small probability) (moreover, during absorption part of the photon energy is lost on 
the kinetic energy of the atomic recoil and the energy of the absorbed photon must be not 
smaller but greater than the energy of the excited level). 


The momentum of nuclear recoil is equal to that of the photon: p = hw/c, and the nuclear energy is equal 
to 
n= PP _ Mwy 
a 2Mnuc 2Mnuc ee 


(P8.2.1.11) 


For resonance absorption, the photon energy shift (coinciding with nuclear energy Enue) should not exceed the 
level width AE. However, we have hw > 10* eV, and mec? < 2 x 10!! eV: therefore, Ene > 107 eV. At the 
same time, the common value of the excited level width is AE ~ 10%-107 eV. We see that nuclear recoil 
causes a decrease of the y-quantum energy by a quantity that exceeds the width of excited nuclear levels by 
many orders. 


In 1958, Mossbauer discovered that at low temperatures resonant absorption is observed 
on the isotope ie The essence of the phenomenon known as the Mossbauer effect is 
the following. During both emission and absorption of y-quanta by atoms forming a 
crystal lattice, the recoil momentum can be imparted to the entire crystal as a whole (more 
precisely, to a group of N ~ 10% atoms). This means that the recoil energy becomes 
negligibly small (mp. in (P8.2.1.11) should be replaced by the crystal mass) and the 
conditions of resonance absorption hold. There appears the possibility to fix changes of 
energy of y-quanta of the level width order, i.e., AE ~ 10% eV. The important quantity 
here is not AF itself (for electron levels it is of the same order) but its ratio to the energy of 
photons (this ratio characterizes relative measurement errors). Since the energy of nuclear 
y-quanta is 104-108 eV, the precision of measurements based on the Mossbauer effect 
reaches 107121071, 

One of the first applications of the Mossbauer effect was the measurement of the 
gravitational red shift in the Earth’s field of gravity (Pound and Rebka, 1960). The essence 
of the phenomenon is that as a photon moves in the gravitational field, its energy should 
change. The relative variation of the frequency and the energy should be equal to 


AE (E/c)Ay Ap 
E E o L’ 


where Ay is the gravitational potential. If the Mössbauer emitter and receiver are placed 
on the same vertical line with the distance h between them, then Ay = gh. For h = 30 m, 
the relative frequency variation Aw/w = AE/E = 3x 107% is within the precision range 
of the method. 

The change of the frequency shift is measured on the basis of the Doppler effect. 
The emitter and the receiver being fixed, resonance absorption is absent because of the 
gravitational shift. Moving the receiver in the vertical direction, one finds the speed v at 
which there again appears resonant absorption. Then Aw/w = u/c. 


> Radiation dose measurement. The absorbed dose of ionizing radiation is defined as 
the energy absorbed by a medium per unit mass and expressed in greys (Gy) (1 Gy = 1 J/kg). 

The ionizing effect of X-rays and gamma rays on dry air is characterized by the exposure 
dose, defined as the net charge of all ions of like sign produced in one kilogram of irradiated 
air and measured in roentgens (R); 1R = 2.58 x 104 C/kg. Alternatively, 1R is defined 
as the amount of radiation required to generate 2.08 x 10? ion pairs in 1 cm? of dry air at 
standard temperature and pressure. 

To evaluate the biological effect of radiation on living organisms, one uses the so-called 
radiation quality factor Q (also known as the radiation weighting factor), which indicates 
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how many times a particular type of radiation is more dangerous than X-rays or gamma 
rays for the same dose absorbed. For beta radiation, (Y = 1; for protons with energies 
less than 10 MeV, Q = 10; for thermal neutrons with energies less than 20keV, Q = 3; 
for neutrons with energies 0.5-10 MeV, Q = 10; for alpha radiation with energy less than 
10 MeV, Q = 20; for heavy nuclei, Q = 20. The equivalent radiation dose is the product 
of the absorbed dose and the quality factor. The equivalent dose is measured in sieverts 
(1 Sv is equal to 1 Gy for Q = 1). The unit rem is also used (roentgen equivalent in man or 
mammal, a biological equivalent of roentgen): 1 rem = 0.01 Sv. 


P8.2.2. Nuclear Reactions 


Nuclear reaction is a process of the type 


a+4X > 4Y +b, (P8.2.2.1) 


where a is the original (incident) particle, 4X is the original nucleus (target nucleus), Y 
is the final nucleus, 0 is the final (outgoing) particle. One often uses the following symbolic 
notation: 

AX(a, b)“Y, (P8.2.2.2) 


and the type of the process is briefly denoted by (a,b). For b = a (and X = Y), the 
corresponding process 1s called scattering. If, in addition, the final nucleus Y is in the same 
state as the original X, then one speaks of elastic scattering. 

For the reaction (P8.2.2.1) to be possible, it is necessary that conservation laws hold 
for the electric charge and some other charges (lepton, baryon, etc.), which is discussed in 
Subsection P8.4.2. Moreover, the states of the resulting particles and the original ones are 
related by the conservation laws for energy, linear momentum, and angular momentum. 

Nuclear reactions are accompanied by changes in the nuclear structure, more precisely, 
these reactions are possible only if the distances between the reacting particles become 
smaller than the nuclear interaction radius ro ~ 107!° m. 


> Yield and cross-section of nuclear reaction. Consider a flux of incident particles (a) 
of given energy hitting a fixed nuclear target X. We start with a thin target of width Ax and 
the number of nuclei per unit area being No = no Ax (ny is volume concentration of target 
nuclei). By definition, the yield of nuclear reaction is the fraction of incident particles (a) 
taking part in a given reaction (that is, the probability of the reaction): 


AN 
= P8.2.2.3 
w= ( ) 


Clearly, the reaction yield w is proportional to Ny. The proportionality coefficient has 
dimensionality of area and is called the cross-section the nuclear reaction: 


_ AN 
- NNo’ 


w=oalNo o (P8.2.2.4) 


Let us make a few remarks about the definition of the cross-section. 

1. In Subsection P2.9.1, when discussing transfer phenomena, we introduced the effec- 
tive cross-section of molecular scattering, whose meaning is similar to that of the nuclear 
reaction cross-section. Besides, the notion of the differential cross-section of elastic scat- 
tering was required in our analysis of Rutherford’s experiments (see Subsection P6.1.1). 
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2. In (P8.2.2.4), the quantity N can be replaced by the particle flux (number of particles 
per unit time) or by the flux density J (flux per unit area), and the structure of the formula 
remains the same, since it involves the relative number of particles. 

3. In the case of a thin target, 1t can be assumed that each incident particle interacts with 
only one target nucleus, and therefore, one can consider interaction of incident particles 
with a single nucleus. Since the number of particles hitting the target is equal to N = JSt 
(J is flux density, S is target area) and NS is the total number of target nuclei, we find 
that the cross-section can be defined as the ratio of the number of particles reacting with a 
single nucleus per unit time to the particle flux density. 

4. The yield and the cross-section are introduced for any selected interaction result. For 
a given input channel (a + X) there are usually several output channels (Y + b). Thus, the 
result of proton bombardment of nuclei Li can be Li + p (elastic and inelastic scattering), 


ata, ¿Be + y, etc. Some channels are closed for low energies. It should be kept in mind 
that one of the general statements of quantum mechanics is that any process which is not 
forbidden by any of the conservation laws 1s always realized (even 1f with small probability). 
In particular, among possible channels, there is always elastic scattering. 

5. In order to describe the dependence of the final result of scattering on continuous 
parameters (such as the exit angle or energy of a particle), one introduces various types of 
differential cross-section. These are defined as the ratio of the number of reactions resulting 
in the said parameter (say, the angle 0) belonging to a certain narrow interval (say, between 
0 and 0 + d0) to the number of incident particles N multiplied by the number of target 
particles per unit area No and the interval width: 


do B dN 

dð NNodé 
or 

do B dN 

dQ NNodQ’ 


where Q is solid angle, with dQ) = sin 0 d0 dy. Integrating the differential cross-section over 
all possible values of the parameter (parameters), one obtains the total cross-section of the 
reaction. 

6. To have a more clear idea of the cross-section, one can imagine that the particles are 
classical and their interaction has such a short range that they can be replaced by balls of 
radii A, and A, and the reaction occurs as soon as the particles come into contact. Then, 
o = 7(R, + R>Y (such a model is used in the theory of transfer phenomena). This model 
has some bearing to reality in the cases of high energy of incident particles, if the de Broglie 
wavelength A is small compared with the radius RR of the nucleus (and there is no Coulomb 
interaction). In this situation, 


o ~ TR? ~ 1080-1028 m?. (P8.2.2.5) 


For slow particles (A > R), the cross-section drastically increases, since 1t is determined 
not by the nuclear radius but by the de Broglie wavelength: 


TRN. 


However, this estimate pertains only to neutrons, since a slow charged particle cannot 
overcome Coulomb repulsion and approach the nucleus. 

The estimate (P8.2.2.5) shows why nuclear cross-sections are expressed in barns (b) 
(1b = 102% m’). 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 633 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 634 


634 ELEMENTS OF NUCLEAR PHYSICS 


7. Tf the target 1s not thin, then the beam intensity decreases inside the target and the 
cross-section of the reaction is expressed through its yield by a more complex formula than 
(P8.2.2.4). This can be done, if one knows the total cross-section of the processes leading 
to beam attenuation. The simplest situation is that of the reaction under consideration being 
the only possible one. Then, for each layer one can write 


dN 


~ —on dz, (P8.2.2.6) 


where N is the number of beam particles that have reached the layer with the coordinate x, 
ndx is the number of target atoms in a layer of thickness dx (per unit area), n is volume 
concentration of atoms, the symbol (—) indicates that reacted particles abandon the beam. 
The solution of equation (P8.2.2.6) has the form 


N = Noe l", (P8.2.2.7) 


where No is the original number of beam particles. The quantity a = øn is called the 
absorption coefficient. Itis easy to check that the mean free path is equal to 


1 
| = — (P8.2.2.8) 


on 


(see Subsection P2.9.1). 


Example. Itis required to calculate the free path of neutrino in iron 1f the neutrino interaction cross-section 
is oy = 10°? b = 10% m’. 

Solution. The iron atomic concentration is equal to n = pNa/u, where Na is Avogadro’s number, 
p = 7.8 x 10° kg/m? is iron density, and u = 58 x 10° kg/mol is molar (atomic) mass of iron. We obtain 
l=1/(no) =1.2~x 10'% m, which is about 130 light years. 


> Reaction energy. The energy conservation law for an arbitrary nuclear reaction can be 
written in the form 
Y mt) Ki= So m+ _ K] (P8.2.2.9) 


(the masses are expressed in energy units). The reaction energy Q is defined as the kinetic 
energy increment (or mass decrease): 


Q= >) Ki-> k¡=5_m¡-) m=) A- A, (P8.2.2.10) 


where A is the mass defect (see Subsection P8.1.1). Note also that reaction energy can be 
expressed through nuclear binding energy (Q = >>, Ej. — >, Epi), but only if the number 
of protons is preserved (if charges are carried only by nuclear protons). Reactions with 
energy release (Q > 0) are called exothermic, and those with (Y < 0 are called endothermic. 
Sometimes, reaction energy is indicated in its notation, for example, n + !°B — "Li+*He+ 
2.79 MeV or ¿He +N — 30 + IH — 1.2 MeV. 

Since the last expression in (P8.2.2.10) does not depend on the reference frame, the 
reaction energy is equal to the kinetic energy increment in any reference frame, in particular, 
that of the center of mass 


Qe) e -y Ki (P8.2.2.11) 
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If the reaction involves an incident (non-relativistic) particle of mass Ma and a stationary 
target particle of mass Mx, then the kinetic energy of the system in its center-of-mass frame 
can be linked to the kinetic energy of the incident particle K: 

is Mx 


K = —————K. P8.2.2.12 
Ma + Mx ) 


The kinetic energy in the center-of-mass frame is expressed via the reduced mass y = Ma Mx /(Ma + Mx) 
and the relative particle velocity Vre] = V1 — V2: 


2 2 
K= PYV rel = Mx MaVa 


2 Ma + Mx 2 
(see Subsection P1.6.4). It has been taken into account that the relative velocity does not depend on the reference 
frame and the target particle is at rest in the laboratory reference frame. 


> Threshold of nuclear reaction. Endothermic reaction can proceed only if the kinetic 
energy of the incident particle is greater than some minimum value called threshold of 
reaction. The threshold of reaction Ky, does not coincide with |Q], since due to the 
momentum conservation law the final kinetic energy in the laboratory reference frame 
differs from zero and Ky, = |Q| + K’ (see (P8.2.2.10)). However, in the center-of-mass 


frame, on the reaction threshold the particles in the final state are at rest (K” = 0) and the 
initial kinetic energy is equal to |Q| (see (P8.2.2.11)). From (P8.2.2.12), we get 
Ker = —— K = —— |Q]. P8.2.2.13 
thr Me My IQI ( ) 
In the situation when the incident particle and decay products cannot be assumed non-relativistic, the 
threshold of endothermic reaction Ma + Mx — mı + ma + --- can be expressed through its energy |Q| = 
(mi +mz+---)c’-(ma+Mx)c’ as follows. The quantity E*—p*c’ (here, E is the energy of the system and pis 
its momentum) is preserved during the reaction and is also unchanged, if one passes to another reference frame. 
Let us equate the initial value of this quantity in the laboratory reference system to its final value calculated in 
the center-of-mass frame (where p = 0): 


[Ker + (Ma + Mx)c/ -p e =(m +m +:: Ye. 


Taking into account that the momentum of the target M x is zero, for particle Mma we can write 
LI RI 2 4 2 
pc =(Kpr + mac) -mc = Kuri Kin + 2ma4C"). 


After suitable rearrangements, we get 


(Ma + Mx Cd +2Mx Ky = (mi +m ++’, 


and therefore, 
(mí + ma +++) -Ma + MxY > Ma + Mx IQI 
Kpr = 1 E = — + . P8.2.2.14 
j 2Mx A IM l ) 


This formula can be applied also in the case of the incident particle being the y-quantum, in which case 
one should take ma = 0. The photon threshold energy is equal to 


(kmita Y Mx 9 [e] 
A 1+ P3:2.2.15 
Eth 2Mx C IQI 2Mx c2 ( ) 
Example. Calculate the threshold energy of y-quantum for the production of an electron-positron pair on 
a proton and an electron at rest. 
Solution. Note that the production of an electron-positron pair by a photon is impossible in empty space 
(see above), but it is possible in the field of a third particle (e.g., a proton). In this example, we are dealing with 


the reaction y +p —> € +e’ +p. Setting ma = 0, Mx = Mp, and Mı +M +--+ =2mMe + mp in (P8.2.2.14), 
we obtain a ; 
2Me + — 2 
pj E T ee ee ( ae = 1.02 MeV; 
2Mp Mp 


cf. formula (P8.2.2.15) with |Q| = 2m.c?. 
In the case where electron-positron pair production is due photon-electron interaction, we substitute mp 
by me to obtain Emr =4mec” = 2.04 MeV. 
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> Mechanisms of nuclear reactions. Just as there is still no universal theory accounting 
for all properties of nuclei, there is no unified theory of nuclear reactions. The features of 
different types of reactions in different energy intervals are described in terms of different 
models (or mechanisms, as they are also called) of nuclear reactions. Let us briefly dwell 
on some of those. 

The mechanism of direct reactions (S. Butler, 1953) is aimed at explaining some 
features of reactions occurring at high energies, for instance, high anisotropy (maximum 
probability of forward emission), almost complete energy transfer to the outgoing fragment, 
etc. Such processes include, in particular, the stripping reaction (d,p), (d,n) and the 
pickup reaction (p,d), (n,d). In direct reaction, the incident particle reacts not with 
the entire nucleus but with its fragment—a nucleon or a small group of nucleons — 
transmitting energy to that fragment in a short (nuclear) time 107-107! s. (This time is 
typical of reactions determined exclusively by nuclear forces. Nuclear time 1s estimated as 
tied = 2R Um 102-107?! s, where v ~ 10/—10° m/s is the nucleon speed.) 

The mechanism of compound nucleus (N. Bohr, 1936) accounts for many features 
of reactions occurring at low energies. In the first place, it is the long duration (on a 
nuclear scale) of many reactions (r ~ 10716-107! s, which is by many orders greater than 
nuclear time Tae ~ 107 s). Secondly, it is the symmetry (in the center-of-mass frame) of 
forward-backward particle emission (sometimes, even complete isotropy). Thirdly, it is the 
resonance character of reactions: their cross-sections have sharp maxima for some energy 
values. The essence of the mechanism of compound nucleus consists in that the reaction 
occurs in two stages: 

a+X — C* —Y +b. (P8.2.2.16) 


On the first stage, the parent nucleus X captures the incident particle and a compound 
nucleus Č (in an excited state, which is indicated by the superscript *) is formed. The 
excitation energy is calculated as the sum of the binding energy of the particle a in the 


nucleus Č (equal to Egg = mx + Ma — Mg) and the initial kinetic energy K (in center-of- 
mass frame): 


Ex = Eno +K. (P8.2.2.17) 


The process of particle capture and distribution of surplus energy between nucleons of 
the compound nucleus goes on for a short time ~ Tnuci- Then, the compound nucleus 
disintegrates in one of the possible ways (with different probabilities): either the surplus 
energy is randomly concentrated on a single particle (nucleon or a group of nucleons) 
and it abandons the nucleus, or a y-quantum is emitted, or there is nuclear fission. All 
these processes are much slower than nuclear ones, which accounts for the slowness of the 
reactions occurring with compound nucleus formation. 

The symmetry of emission of decay products 1s explained by the fact that the compound 
nucleus is capable of “forgetting” the direction of the incident particle. The resonance 
character of the reaction cross-section is connected with the fact that the probability of 
particle capture (and therefore, the cross-section of the entire process) increases sharply, 
if Eéxc In (P8.2.2.17) coincides with one of the discrete energy levels of the compound 


nucleus. These values correspond to discrete values of kinetic energy K, through which 
the energy of the incident particle is expressed (as shown above). 

The mechanism of compound nucleus gives an acceptable explanation of the fact that 
reactions with different initial particles may have similar final results. Thus, the reactions 


13 1 13 2 12 3 11 3 11 4 10 
n + aN, ¡H + zC, ¡H + E, H + gus ¿He + zB, ¿He + 5B 


occur with the formation of one and the same compound nucleus MN", and if their excitation 
energies turn out to be equal, then they will have identical output channels. 
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> Statistical model. For large excitation energies, the spectrum of the compound nucleus 
becomes practically continuous, and the statistical model of decay, or the nuclear evapo- 
ration model, becomes applicable. In this model, the compound nucleus is regarded as a 
drop of hot liquid with temperature T = Eexc/k (k is the Boltzmann constant) and particle 
emission as evaporation from its surface. In the framework of this model, it 1s clear why 
within this energy range the angular distribution of emitted particles becomes isotropic (in 
the center-of-mass frame). 


P8.3. Nuclear Power Engineering 


Since maximum specific binding energy is characteristic of medium nuclei (with A ~ 
50—60), it is natural to expect that fission of heavy nuclei, as well as fusion (synthesis) of 
light nuclei is accompanied by energy release. The energy released in fission 1s called atomic 
and that released in fusion thermonuclear. The construction in the middle of the twentieth 
century of atomic and thermonuclear (hydrogen) bombs, in which the said reactions occur 
uncontrollably, put the very existence of humankind at risk. At the same time, controllable 
generation of energy at nuclear power plants is of great importance for power industry 
of many countries (in spite of the many ecological problems involved). The solution of 
the problem of controlled thermonuclear fusion would give a practically inexhaustible, 
ecologically safe source of energy. Moreover, reactions of fusion are the main source of 
energy of the sun and other stars. 


P8.3.1. Nuclear Fission 


> Spontaneous fission. In order to have a qualitative picture of fission phenomena and 
obtain some quantitative estimates, one can use the liquid-drop nuclear model and the 
corresponding Weizsacker’s formula (P8.1.3.1). For qualitative understanding, one can 
consider fission resulting in two identical fragments. Fissure leads to Coulomb energy 
drop and an increase of surface energy. The ratio of the corresponding terms in (P8.1.3.1) 
depends on the parameter « = Z*/A, and fission probability also depends on this parameter. 
It is not difficult to check that fission becomes energetically efficient for 


2 


Z 
A > kı = 18. (P8.3.1.1) 


The substitution of actual values of Z and A shows that fission starts to be efficient for 
nuclei in the niobium—palladium range, 1.e., starting from A ~ 100. However, spontaneous 
fission is observed only for very heavy nuclei (with A ~ 250). 

This 1s due to the fact that although the two-fragment state has a smaller energy, the 
transition to that state requires overcoming a substantial potential barrier. Subject to gradual 
deformation, the nucleus passes through intermediate states whose energy is greater than 
that of the initial state. Figure P8.6 schematically represents the dependence of the energy 
of the deformed nucleus on a conditional parameter ~y describing the degree of deformation. 
The barrier height equal to the difference between the maximum intermediate energy and the 
initial energy of the nucleus 1s called activation energy Fact. If excitation energy received by 
the nucleus exceeds Fact, 1t quickly splits into two fragments. Activation energy decreases 
with the growth of Z?/A and vanishes for 


2 


ZL 
A > K2 = 50. (P8.3.1.2) 
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In the absence of a barrier, the nucleus instantly splits into two fragments without receiving 
any additional energy. Due to quantum tunneling, spontaneous fission from the ground 
state is also possible for Z lA < «2, but the barrier should be not too high; otherwise, 


fission probability would be very small. Thus, for UL we have Z*/A = 35.5, which is 


considerably less than «2, and the and half-life of U with respect to spontaneous fission 


is 11/2 ~ 101 years, which is by 6 orders greater than T, /2 Of this element with respect to 
a-fission. On the other hand, for the artificial nucleus with Z = 107 and A = 261, we have 
Z Y A = 43.9, and its half-life with respect to spontaneous fission is 71/2 ~ 107, which is 
comparable with 71/2 with respect to a-fission. 


Figure P8.6. Energy of intermediate states of a nucleus in the process if its fission. 


Specific binding energy of nuclei with A ~ 240 is by 0.9 MeV less than that of fission 
fragments. This means that in every instance of fission, about 200 MeV energy is released. 
More than 80% of that energy is carried away as kinetic energy of the fragments. The 
remaining energy goes for the emission of neutrons and y- and P-particles by the fragments. 

As arule, fission results in fragments with different masses. Light fragments are grouped 
around Kr, and heavy ones around Xe. This is explained by the fact that the numbers of 
neutrons in these nuclei are close to magic numbers 50 and 82. 

Since the fraction of neutrons in heavy nuclei is considerably greater than in light nuclei, 
daughter nuclei have an excess number of neutrons. Immediately after fission, daughter 
nuclei emit 2 or 3 neutrons with kinetic energy ~ 2 MeV, after which there occur several 
P-decays that bring the fragments to a stable state. Neutron emission by fission products 
plays the key role in ensuring the chain reaction of fission. 

Of great importance for the controlled chain reaction are the so-called delayed neutrons. 
These are produced in the case when a sufficiently slow (-decay of a fission product results 
in excited nuclear state with small energy of separation of a neutron, upon which the neutron 
is instantly emitted. The delay is determined by the 5-decay time and may reach tens of 
seconds. 


> Fission of excited nuclei. When a nucleus receives a sufficient amount of excitation 
energy (several MeV), it starts to oscillate with its shape periodically changing from oblate 
to prolate. Even if the excitation energy is less than the activation energy, the probability of 
fission of an excited nucleus is substantially higher than in the ground state. A competitive 
process is that of emission of excitation energy in the form of y-quanta. 

An excited nucleus with a considerable fission probability can be obtained by exposing 
it to different types of particle radiation. The most effective is exposure to neutrons; there 
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is no Coulomb barrier for neutrons and they can approach the nucleus even if their kinetic 
energy is very small (of the order of 1 keV). 


> Neutron capture. The principal mechanism of fission of natural uranium isotopes, 
2337 and *°8U, is neutron capture with the formation of compound nuclei *°°U and U in 
excited state. It is important that *°°U is broken down by any, in particular, thermal neutrons 
(with energies less than 0.5 keV), while 2U only by fast neutrons (with energies of the 
order of 2 MeV). The point is that the compound nucleus *°°U is of the even-even type and 
for the same amount of neutron energy, its excitation energy turns out greater than that of 
the even-odd nucleus 26. 


Excitation energy of a compound nucleus can be found from the equation 
Mn + Kn + Ma = Man + Eec, 


where Kn is the kinetic energy of the neutron (the kinetic energy of the compound nucleus is neglected). We 
get 
Pexe = (Mn + Ma - Ma+1) + Kn =€ 441 + hy, 


where € 4,1 is the neutron binding energy in the compound nucleus. A compact nucleus undergoes fission, if 
Exc becomes greater than activation energy. For 2321] we have Ec, = 7.1 MeV, and e 1,1 = 5.5 MeV; therefore, 
when exposed to neutron radiation, the nucleus 298] requires for fission Kn not less than 1.6 MeV. For 2367 we 
have € 4+1 = 6.8 MeV, which is greater than Fact = 6.5 MeV, and thus the nucleus 2330 will disintegrate when 
exposed to any neutrons. 


The cross-section of capture of slow neutrons is determined by their de Broglie wave- 
length, which can be much larger than the nuclear radius. The cross-section of capture of 
thermal neutrons with energy 0.025 keV is hundreds of times greater than the cross-section 
of capture of fast neutrons with energy 1 MeV, whence the great importance of fission 
caused by thermal neutrons. 


> Chain reaction. The possibility of self-sustained reaction of fission (chain reaction) is 
due to the fact that upon nuclear fission by a single neutron, fission fragments emit two or 
three neutrons, which, in turn, can cause fission of other nuclei. The problem is that some of 
the produced neutrons drop out of the reaction: are either absorbed without causing fission 
or just leave the system through its boundary. 

One defines the neutron multiplication coefficient as the ratio of the number of neutrons 
in the next generation to that in the preceding one: 


k = Nin /Ni. 


For the chain reaction to start, it is necessary that k be greater than unity. In order to keep 
the reactor steady, k should be maintained equal to unity. 

With the increase of the system’s dimensions, the fraction of neutrons abandoning the 
system through its boundary tends to zero. Therefore, whereas koo > 1 for an infinite nuclear 
medium, the condition k > 1 for a finite system of a certain shape will hold, if the mass 
of that system exceeds some critical value called critical mass. The critical mass can be 
decreased 1f the active object is surrounded by a shell that reflects neutrons. Thus, for the 
pure element +%U the critical mass is 47 kg (ball of radius 17 cm), but if %%U is layered by 
polyethylene films and coated by a beryllium shell, the critical mass reduces to 250 g (ball 
of radius 3 cm). Next we consider the chain reaction in infinite nuclear medium. 

Any nuclear fuel with reasonable production cost contains a high percentage of 7°°U. 
Thus, natural uranium contains 99.3% 738U and only 0.7% %%U. Although *°°U is also 
capable of neutron fission, its probability is too small (and for neutrons with energies less 
than 1.6 MeV this probability is equal to zero), and the rest of the neutrons are absorbed 
by 238] without fission and with emission of y-quanta (radiation capture (n, y)). At the 
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same time, the probability of nuclear fission of *°>U (and also 2U and GPU) is fairly high, 
85-90%, and these elements can be split by both fast and slow neutrons. 

High enrichment of uranium (i.e., a substantial increase of 7°>U concentration) is a 
very costly process and is used only for the production of nuclear bomb charges (where 
economical factors are inessential) and the construction of breeders—fast neutron reactors 
(discussed below). 

Chain reactions are mainly obtained with the use of slow (thermal) neutrons. Fission 
neutrons have mean energy ~ 2 MeV. For this energy, the cross-sections of neutron capture 
by nuclei of 7°°U and PBU are of the same order. However, for thermal neutrons the situation 
is quite different. For °°U, the capture cross-section remains small (= 2.8 b), and for **°U, it 
sharply increases and is = 650 b (which is much greater than the geometrical cross-section); 
moreover, the greater part (84%) of absorbed neutrons causes fission (fission cross-section 
is 550 b). 

It is easy to calculate that for thermal neutrons the cross-section of fission of a “medium” 
nucleus of natural uranium is 550 x 0.007 = 3.9 b, and the cross-section of radiation capture 
is 2.8 + 100 x 0.007 = 3.5 b. We see that the store of neutrons is not very large (2.5 neutrons 
are born, on the average, in each fission event, but half of these are lost); therefore, for 
the realization of chain reaction it is important to decrease the loss of neutrons in the 
process of their moderation. The best moderator, from the mechanical standpoint, should 
be hydrogen (contained in common water molecules), since in elastic collision the greatest 
energy transfer occurs in the case of equal masses of the colliding particles (see Subsection 
P1.5.3). However, hydrogen atoms easily absorb neutrons ((H+n — *H + y), and therefore, 
deuterium (contained in heavy water), carbon, or beryllium are used. In order to reduce 
the absorption of moderated neutrons by nuclei of *°°U, the nuclear fuel, instead of being 
mixed with the moderator to form a homogeneous structure, is set in layers that alternate 
with layers of the moderator to form a heterogeneous structure. Getting into a moderator 
layer, the neutron slows down without the risk of being absorbed, and then goes back to the 
region of reaction. 


Had the chain reaction been due to merely fission neutrons, such a reaction could hardly be controlled. 
Indeed, the lifetime of a single generation of fission neutrons is ~ 10~s. If the multiplication coefficient 
randomly increases, say, to k = 1.005, then in 1 s the number of neutrons increases 150 times, which means that 
the reaction turns into explosion. The stability of controlled reactions is achieved by way of delayed neutrons 
mentioned above. Even though their fraction is not great (~ 0.75%), the average lifetime of their generation is 
~ 0.1 s, and in the above example the number of neutrons would increase only 1.5 times instead of 150. 


> Transuranic elements. The only natural fissile element is 2351] but its resources are 
not too great. Though reactors on fast neutrons require a substantial enrichment of uranium 
(up to 15%) and are not very powerful, they can be used for a special purpose—to produce 
a new type of nuclear fuel (this is why they are called breeders). Thus, radiation capture 
of neutrons by 2381]. which is so harmful for chain reactions, leads to the production of the 
artificial transuranic element y 


39 


O +n — Y +y; 

239 239 =u, = Da 
o —>“¿Ne+e +1; T1/2 = 2.3 min; 
239 239 => 2: 

g3Ne => “yPu+e + y T1/2 = 2.3 days. 


Plutonium is practically stable (its half-life is 24,000 years) and is easily fissionable by 
neutrons with any energy. Plutonium can be more easily separated from *°°U, since their 
chemical properties are different. 
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P8.3.2. Fusion Reactions 


As mentioned above, for light nuclei, the binding energy e increases with the growth of A 
(see Fig. P8.2). Thus, reactions of fusion of two light nuclei with the formation of a heavier 
nucleus (reactions of synthesis) should occur with energy release. Since the growth of £(4) 
for small A is steeper than its drop for large A, much more energy (per one nucleon) is 
released in fusion than in fission. 


> Conditions of fusion. Fusion of two nuclei is possible only if they approach one 
another by a distance at which nuclear forces start to be active, which is hindered by 
Coulomb repulsion. To overcome the Coulomb barrier the nuclei must have large kinetic 
energies. If the substance is heated up to a high temperature, then conditions of self- 
sustained reaction may arise, and energy release will compensate its loss (for instance, by 
radiation). For this reason, reactions of fusion are called thermonuclear reactions. Such 
reactions are the main source of energy of the sun and other stars. 

Note that the temperatures at which fusion is possible are so high that the substance 
acquires the state of fully ionized plasma. 


Example. Estimate the temperature at which fusion of two protons to deuteron can occur. 

Solution. For this reaction to take place, the protons must approach one another by the distance equal to 
two effective radii of nuclear forces ro ~ 2 x 10% m (see Subsection P8.1.1). From the energy conservation 
law 


Te 


2 Ekin = —— —— 
i ATEO 2ro 


we find the kinetic energy Ekin ~ 0.1 MeV, and then, using the classical formula Ekin = à kT, estimate the 
temperature, T ~ 10° K. 


> Thermonuclear energy of the sun and the stars. The temperature in the center of 
the sun 1s by two orders less than the threshold value obtained above. This means that 
the mean nuclear energy 1s insufficient for fusion to take place. Still, the reaction occurs, 
and the energy released by the sun is huge: ~ 4 x 10% W. The point is that, according to 
the Maxwellian distribution, a ceratin (very small) part of particles possesses energy much 
larger than the mean value. Moreover, due to quantum tunneling, nuclei with energies less 
than the Coulomb barrier can participate in the reaction. All this means that there is only a 
trace amount of colliding nuclei that react. For this reason the specific energy released by 
the sun per unit time is so small, ~ 10% W/kg, but owing to its huge mass, the total energy 
release is so great. 

Thermonuclear energy of the sun is released in two cycles of thermonuclear reactions: 
the carbon cycle and the hydrogen cycle. Both these cycles result in the transformation of 
four protons into a helium nucleus (with the emission of positrons, photons, and neutrino), 
with the total energy release ~ 25 MeV. The carbon cycle requires the presence of carbon 
nuclei, which play the role of a catalyst, since they are restored as a result of the cycle. The 
reactions of this cycle are the following: 


+ BC+ BN 4 oy 
UN > BC + e* +v; 
1 13 14 R 
H + ¿E > NEY; 
1 14 15 : 
¡H+ ¿N —= OE 
BO => DN + e* +; 


1 15 12 4 
¡H + N — cC + „He. 
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The second cycle contains three different reactions: the first and the second take place twice 
(altogether five reactions): 

IH+1H >H +e + 

1H + 4H > He + y; 

He + ¿He — ¿He + 21H. 


At temperatures up to 1.5x 10” K, the hydrogen cycle makes a larger contribution to energy 
release; at higher temperatures, a larger contribution 1s due to the carbon cycle. For the sun, 
both cycles are equally important. In less bright stars, the hydrogen cycle dominates and 
in brighter stars, the carbon cycle does. For giant stars, other cycles are crucial (e.g., the 
helium and neon cycles). 


> Controlled fusion. Fusion control would give mankind a practically inexhaustible 
energy source. In contrast to reactions occurring inside stars, energy should be obtained 
here from a fairly small amount of nuclear fuel with maximum efficiency. To that end, the 
substance should be heated up to a temperature at which the probability of nuclear fusion 
at collisions is sufficiently large. Moreover, one has to find a way to confine incandescent 
plasma for a sufficiently long time and extract the released energy, transforming it, say, to 
electricity. 

The major technological problem is plasma confinement. In this connection, the most 
promising method is to place plasma in magnetic field of a certain structure (magnetic 
trap). In a tokamak, plasma is confined by magnetic field produced by the current in the 
plasma itself (the same current is first used for heating plasma). A fairly long-time plasma 
confinement is hindered by various types of instabilities that arise and quickly develop in 
hot plasma placed in magnetic field. 

For each reaction, there is a characteristic temperature 79 to which plasma should be 
heated in order to ensure the most efficient extraction of energy. The second characteristic 
parameter is the minimum time 7 of plasma confinement necessary for energy gain (more 
precisely, the product of time and plasma concentration, nT). 

Proton—proton fusion reaction fuels the sun and could be most advantageous as regards 
energy release; furthermore, protons are abundant on Earth (hydrogen is contained in water). 
Unfortunately, the cross-section of this reaction is so small that it cannot be considered as 
a basis for controlled fusion. Equally attractive seem deuterium—deuterium reactions 


7H + 7H > 3He + n + 3.25 MeV, 
7H + 7H > 7H + 1H + 4.03 MeV, 
since deuterium constitutes 0.015% of all hydrogen resources. This reaction is characterized 


by the parameters Tọ ~ 10’ K and nt > 10%s/m?. However, the next most promising 
candidate is the deuterium-—tritium reaction 


7H + 7H > ¿He +n + 17.6 MeV, 


which has a considerably greater power efficiency and better critical parameters: 7o = 
2x 10% K and nr > 10% s Í m?, which compensates for the difficulties connected with the 
production of tritium. 


P8.4. Subatomic Particles 


In this section, we give some brief reference information with regard to classification of 
subatomic particles, quantum numbers, conservation laws, and quark structure of hadrons. 
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P8.4.1. Classes of Subatomic Particles 


In modern particle physics, two main types of subatomic particles are distinguished: ele- 
mentary particles, which are not known consist of other particles, and composite particles. 
Elementary particles include quarks, leptons, gauge bosons, photons, and gluons. Com- 
posite subatomic particles consist of two or more elementary particles and include baryons 
(e.g., protons and neutrons) and mesons. 


Remark. For historical reasons, all subatomic particles are very often called elementary particles and the 
structureless particles are called truly elementary particles or truly fundamental particles. 


> Fundamental interactions. Transformations and decay of subatomic particles are 
governed by the following fundamental interactions: strong, electromagnetic, and weak 
(gravitational interaction is inessential here). The weaker the interaction, the slower the 
associated processes. Strong interaction has the range 107! m and the characteristic time 
of the associated processes is 10% s. Strong interaction binds nucleons in atomic nuclei. 
Electromagnetic interaction 1s long-range (1t has an infinite range), the characteristic time 
of the associated processes is not less than 107% s. A testing ground of this most well- 
known type interaction 1s the control of atomic electrons, 1.e., of all diversity of substances 
and chemical reactions. Weak interaction has the range 107% m, the characteristic time of 
the associated processes (involving neutrino, as a rule) is not less than 107! s. It is weak 
interaction that controls fusion of two protons, which is crucial for energy processes in the 
sun, and it also controls various types of G-decay. Weak interaction is the most universal 
of the three; it is always present, but its determining character is manifested only in the 
absence of the other two. 

Fundamental interactions are realized by the exchange of special particles that belong to 
the class of fundamental vector bosons (all these particles have unit spin). The interaction 
Carriers are produced by one of the interacting particles and are absorbed by the other. The 
produced particles are virtual, they do not obey the relation E? — p*c* = m*c*, which is 
allowed by the uncertainty principle Af At ~ h, provided that their lifetime is small. If the 
mass of the carriers differs from zero, then the interaction radius is equal to their Compton 
wave-length h/mc (for details, see Subsection P8.1.2). The electromagnetic interaction 
carrier is a massless particle called a photon, the well-known quantum of electromagnetic 
field. Weak interaction carriers are heavy intermediate bosons W+, W” and Z, whose 
masses are almost equal to 100 GeV. Strong interaction carriers are called gluons — the 
quanta of the eight gluon fields that realize interaction between quarks. (In the early z- 
meson theory of nuclear forces described in Subsection P8.1.2, 7-mesons were regarded 
as strong interaction carriers). The gluon mass is equal to zero, but in contrast to photons, 
gluons interact with one another and with quarks and cannot go away farther than 107% m 


> General properties of particles. We are going to describe different classes of subatomic 
particles. First, we list some general properties. 

1. Particles can be stable (electron, proton, neutrino) or unstable. In the last case, one 
indicates the particle lifetime (or width of the energy interval AE = h/At), as well as decay 
channels. Particles with lifetime ~ 107% s are called resonance particles. Particles whose 
lifetime is much greater than the said value are called quasi-stable. 

2. Particles can be either composite (consisting of other particles; e.g., nucleons consist 
of quarks) or, for presently accessible energy levels, structureless (photon, electron, neutrino, 
quarks). 

3. A particle can be either a boson (integer spin) or fermion (half-integer spin). 

4. Almost any particle has its counterpart — an antiparticle whose charges (all its 
charges, not only the electric one) have opposite signs. Thus, electron corresponds to 
positron, proton to antiproton, neutron to antineutron. A particle that coincides with its 
antiparticle is called truly neutral (for example, photon or 7°-meson). 
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5. All particles are divided into strongly interacting hadrons (baryons and baryon reso- 
nances, mesons and meson resonances), leptons (fermions not involved in strong interaction) 
and fundamental bosons (interaction carriers). 


> Hadrons and quarks. The term hadron refers to all particles involved in strong 
interaction. Hadrons are divided into two large classes: baryons (hadrons with half-integer 
spin, 1.e., fermions) and mesons (hadrons with integer spin, 1.e., bosons). The class of 
baryons contains, in particular, nucleons, and that of mesons contains T-mesons. 

Hadrons are quite numerous (more than 400 hadrons have been discovered). A sys- 
tematic classification of hadrons and understanding of many of their properties were not 
possible until the appearance (in the 1960s) of the hypothesis of guark structure of hadrons, 
according to which all hadrons consist of elementary particles called quarks. All quarks 
have spin 1/2, and therefore, are fermions. There are six varieties of quarks (called quark 
flavors): u, d, s, c, b, and t (from up, down, strange, charm, bottom, and top). The masses 
of the quarks are: m,, = 5 MeV, mg = 7 MeV, ms = 150 MeV, me = 1.3 GeV, my = 4.3 GeV, 
and m = 175 GeV. The most extraordinary property of quarks is that they possess fractional 
electric charges. The quarks u, c, and ¢ are called upper quarks and their charge 1s equal to 
+2/3; the quarks d, s, and b are called lower quarks and their charge is equal to -1/3 (in 
elementary charge units). 

All baryons consist of three quarks, and all mesons consist of a quark and an antiquark. 
Nucleons consist of light quarks u and d: proton contains two u-quarks and one d-quark 
(p = uud), neutron contains two d-quarks and one u-quark (n = ddu). These quarks also 
form r-mesons: 7* = ud and rm” = du (a tilde over a quark symbol denotes the corresponding 
antiquark); 7% is a quantum superposition of two states: 7° = (uŭ +dd)/ V2. We see that m* 
and 77 are mutual antiparticles, and 7° coincides with its antiparticle. Particles containing 
an s-quark are called strange and those with a c-quark are called charmed particles. 

It should be immediately observed that, at first sight, the masses of hadrons are much 
greater than the sum of the masses of their quarks. But the mass of any bound system 
should be smaller than the sum of the masses of its constituents by the quantity equal to 
the binding energy. The point is that the quarks in the hadrons are surrounded by a cloud 
of virtual gluons, sometimes called the “gluon coat.” The masses of “coated” quarks are 
about 350 MeV greater than the masses of “naked” quarks. 

Baryons that contain more heavy quarks than u and d are called “hyperons.” From 
quarks u, d, and s, six hyperons with spin 1/2 can be composed: A° (uds, m = 1120 MeV), 
ot, X0, D> (uus, uds, dds, m = 1200 MeV), =°, = (uss, dss, m = 1320 MeV). Decay of all 
these hyperons is determined by weak interaction, and therefore, their lifetime is T ~ 107 s 
(except for the ©°-hyperon whose decay is determined by electromagnetic interaction, its 
lifetime is r ~ 10% s). Together with proton and neutron, these hyperons form an octet of 
baryons with spin 1/2. (The difference between A? and >? is explained below.) 

Next, we have the decuplet of baryons with spin 3/2, among which there are baryons 
consisting of three identical quarks, for example, A, A0, At, Att (ddd, udd, uud, uuu, 
m = 1230 MeV). The heaviest in the decuplet is the (2--hyperon (sss, m = 1670 MeV). 
Note that subatomic particles consisting of the same quarks and differing only in spin (or 
other quantum numbers) often bear different names (e.g., neutron and A°-hyperon). 

Further, we briefly describe mesons. In addition to the three 7-mesons, there are six 
mesons having zero spin and orbital momentum and containing an s-quark: the four K*?, 


K?, K 0 K- (us, ds, sd, su, m = 500 MeV) and two truly neutral mesons n and 7)’ (different 


quantum superpositions of the states wu, dd and ss). Next, we have nine mesons with spin 
S = 1, among which there are three p, four K*, w?, and o All these mesons (as well as 
ņ’) are of resonance type T ~ 107? s). 
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An important event of 1974 was the discovery of the first charmed particle, J/1-meson 
(m = 3.1 GeV); this particle represents one of the states of charmonium cc (charmonium 


has “hidden charm”). Thereafter, other charmed mesons were found (for example, D* = cd, 
D? = cu, and D} = cs) and charmed baryons (for example, A% = wdc), and also more heavy 
“beauty” hadrons containing a b-quark. 


> Quark color and gluons. The existence of baryons consisting of three identical quarks 
is in contradiction with the Pauli principle, since two of them must have the same spin 
direction. Moreover, the (2 -hyperon has spin 3/2; i.e., all its three s-quarks can be in the 
same state (when the hyperon spin projection 1s maximum). How can this be explained? It 
turned out that there are three quarks with the same flavor and not just a single such quark. 
The distinction between these is described by an additional quantum number that can take 
three values. It was proposed to use the term color for that number (or color charge) and 
ascribe to it three values: R (red), G (green), and B (blue). Accordingly, the colors of 


antiquarks are denoted by R, Gr, B (anti-red, anti-green, and anti-blue). Thus, there are 
altogether 18 quarks and 18 antiquarks. The mixture of the three colors is regarded as 
colorless (white). A quark—antiquark pair possesses a “hidden” color. 

The color charges of quarks are sources of gluon fields (just as the electric charge 
is the source of electromagnetic field). The quanta of these fields, called gluons (from 
“slue”), realize strong interaction. (Electromagnetic interaction is realized by the exchange 
of photons, 1.e., quanta of electromagnetic field.) Both gluons and photons are massless 
particles with spin 1 and negative parity (see below). Photons, however, are electrically 
neutral, while gluons are “colored”; 1.e., take part in strong interactions. Each gluon carries 
two color charges: one color and one anti-color. There are eight different gluons: six with 
explicit color, (g Soe Gad ano Rn a) and two with hidden color. 

According to the color charge conservation law, a quark must change its color, when 


emitting or absorbing a gluon. Thus, when a red A-quark emits a gluon RG, it becomes a 
G-quark, but its flavor does not change: 


UR — UG T Ope 


(Quark flavor can change only in weak interactions; 1.e., when W- or Z-bosons are emitted.) 

Since gluons possess color charges, they can emit and absorb gluons and be involved in 
mutual strong interaction. Strong interaction, regarded as a result of emission and absorption 
of gluons by quarks and gluons, is studied by guantum chromodynamics (by analogy with 
quantum electrodynamics, which studies electromagnetic interaction as a result exchange 
of photons). One of the basic statements of quantum chromodynamics is the nonexistence 
of free colored objects. Free existence is allowed only for such color charge combinations 
that carry no color charge as a whole. For example, free hadrons can only exist in the 
“white” state, its three quarks being of different colors at each time instant. (Still, each 
quark continuously changes its color, emitting or absorbing virtual gluons that have been 
either emitted by another quark or produced in its “gluon coat’—cloud of virtual gluons. 
But the total color charge of the hadron remains white.) The same principle applies to 


mesons. For example, 7*-meson is a quantum superposition of three color states: upd~, 
UGAZ, UB dz. Each of these states has a hidden color, but their superposition 1s “white.” 

> Confinement. Why is it impossible to divide a white object into two colored ones (for 
instance, to remove one quark from a meson or hadron)? First of all, the exchange of colored 
gluons leads to an interaction whose potential grows with the distance not slower than the 


linear function (the interaction force does not decrease). A possible explanation is that the 
gluon field is not scattered in all directions (this would correspond to the Coulomb potential), 
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but is concentrated in a narrow “pipe” (string) joining the quarks. Therefore, infinite energy 
would be required to split the quarks. In fact, as the quarks are separated from one another 
by a distance greater than 107% m, the gluon string is “broken,” a pair quark—antiquark 
is produced, and the removed quark turns into a white meson. Attempting to obtain two 
colored objects, we again obtain two white objects. (Note that for large energies of scattered 
quarks, each of these transforms not into a single meson but into several hadrons, and the 
so-called “hadron jet” is produced. Observation of hadron jets was an important evidence 
supporting the existence of quarks.) In this way, quantum chromodynamics explains the 
failure of all attempts to detect free quarks or knock them out of hadrons, in spite of the fact 
that the existence of quarks within hadrons was confirmed by experiments with scattering of 
high energy electrons on hadrons. This behavior of quarks is referred to as “confinement.” 


> Leptons. Leptons are fermions that do not participate in strong interactions. There are 
three pairs of leptons: electron e” and electron-type neutrino Ve, muon y and muon-type 
neutrino 1,,, tau-lepton 7” and tau-neutrino v+. The spin of all leptons is equal to 1/2. Each 
charged lepton has its antiparticle: e*, u* and 7*. There is no final answer to the question 
whether neutrinos are truly neutral particles or have antiparticles—antineutrinos, 4% jy 
and y. Leptons are fundamental particles—no structure has been detected in them. As 
shown by experiments, each charged lepton takes part in weak interactions coupled to its 
neutrino, for example: 


-~ + + + ~ F 
n — pe y, T > Pb Vp T — eVe. 


The masses of muon and tau-lepton are respectively equal to 106 MeV and 1784 MeV. 
These particles are unstable: muon decays along the channel y — e w,, its lifetime is 


2 x 10? s; the heavier tau-lepton decays along many channels, its lifetime is 5 x 1078 s. 
For the neutrino masses, upper bounds can be given: my, < 30eV, my, < 0.5 MeV, and 
My, < 150 MeV. 


> Fundamental fermions. Six leptons and six quarks form the class of fundamental 
fermions of which all other subatomic particles are “made.” A special role is played by 
the “first generation” of fundamental fermions u, d, Ve, e, which compose nucleons and 
atoms and determine almost all processes observed in nature. The “second generation” of 
fundamental fermions (c, $, Va, 7) and their “third generation” (t, d, v+, T`) are artificially 
obtained in powerful accelerators. However, only the investigation of all fundamental 
particles in their entirety may lead to the understanding of the structure and the evolution 
of our universe. 

All processes in the world of subatomic particles amount to interactions between funda- 
mental fermions realized by their exchanging several fundamental vector bosons (photons, 
gluons, three intermediate bosons). All these processes are governed by conservation laws. 

Recall that the electromagnetic interaction carrier—photon—can be emitted or absorbed 
only by charged particles, and in this process neither the charge, nor the color, nor the flavor 
of the particle can change. The carriers of strong interaction—gluons—can be emitted or 
absorbed by quarks or gluons, and in this process the quark may change its color, but its 
charge and its flavor remain the same. 

Weak interactions are realized in terms of emission and absorption of intermediate vector 
bosons Wt, W~, and Z°. As a charged boson is emitted or absorbed by a charged lepton, 
the latter transforms into the corresponding neutrino (and vice versa, a neutrino transforms 
into the corresponding charged lepton). The universal character of weak interactions is 
manifested in that vector bosons are emitted and absorbed not only by leptons, but also by 
quarks. (Note that in contrast to gluons, intermediate bosons have no color, 1.e., take no 
part in strong interactions.) After emitting or absorbing a charged boson, the upper quark 
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turns into the lower one and vice versa. It is essential that any upper quark (u, c, t) can 
transform into any lower quark (d, s, b). 

For example, neutron decay n — peve amounts to d-quark decay d — ue Pe, which is 
described as the transformation of the d-quark into an u-quark with emission of a W*-boson, 
which then turns into the pair ey 


An important event in particle physics was the discovery in 1974 of intermediate bosons, whose existence 
and properties had been predicted by the so-called “standard theory of electroweak interaction” of Glashow, 
Weinberg, and Salam. The discovery was made in specially constructed proton—antiproton colliders (colliding 
beam accelerators). Upon collision, one quark and one antiquark turned into an intermediate boson, and the 
remaining two quarks of each particle turned into powerful hadron jets. In time ~ 10? s, the produced boson 
either decayed to quark + antiquark or to two leptons (e.g., electron + antineutrino). It was possible to detect 
the electrons produced in the W -boson decay (only those processes were chosen in which the momentum 
conservation law was violated by the value of the momentum carried away by neutrino, which is equal to the 
electron momentum). To give an idea of the complexity of the events, it can be mentioned that in the first series 
of experiments, six reliable events were chosen out of one billion. 


P8.4.2. Characteristics of Particles 


> Particle characteristics and conservation laws. All particle characteristics can be 
divided into two groups: geometrical characteristics connected with space-time properties 
(mass, spin, spatial parity) and internal quantum numbers reflecting the symmetry of fun- 
damental interactions (charge, baryon charge, lepton charge, isospin, strangeness, charm, 
and some others). 

Each of these characteristics 1s associated with some conservation law and it makes 
sense to discuss them jointly. Some conservation laws are regarded as absolutely precise, 
others are approximate, 1.e., valid for a certain class of reactions. Some approximate 
conservation laws are violated only by weak interactions (in processes determined by 
weak interactions), others are violated by both weak and electromagnetic interactions. 
Conservation laws allow us to predict the possibility or the impossibility of decay processes 
and reactions, understand the corresponding time lengths, predict the existence of new 
particles and describe the conditions of their birth. Recall the principle adopted in quantum 
theory, “what is not forbidden is possible,” which makes the application of conservation 
laws especially effective. 


> Particle mass and law of conservation of energy-momentum. Particle mass m is its 
most important characteristic. All subatomic particles have different masses. The Einstein 
formula relates the mass of a particle to its energy at rest. 

The laws of conservation of mass and linear momentum follow from the homogeneity 
of time and space. These laws are crucial in the examination of reactions. The law of 
conservation of energy implies, in particular, that decay of an unstable particle can proceed 
only along such channels in which the sum of the masses of the produced particles is less 
than the mass of the original particle. Another example: the momentum conservation law 
forbids annihilation of an electron—positron pair with the emission of one y-quantum (in 
center-of-mass frame the pair momentum is zero). The laws of conservation of energy and 
momentum can be used to calculate the threshold of any reaction (not forbidden by other 
conservation laws). Such calculations were carried out in Subsection P8.2.2; see formulas 
(P8.2.2.13)—-(P8.2.2.15). 


> Particle spin J and angular momentum conservation law. The spin of a particle 
determines whether the particle is subject to the Fermi—Dirac statistics (half-integer spin) 
or the Bose—Einstein statistics (integer spin). The spin of a hadron adds up from spins and 
orbital angular momenta of its constituent quarks. The spin of a particle determines the 
unique selected direction in a reference frame in which it is at rest. 
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The law of conservation of angular momentum is a consequence of the isotropy of space. 
The application of this law to the analysis of reactions is hindered by the fact that spins 
are added up by the rule of addition of angular momenta. For example, the total angular 
momentum of a system of two particles with spin 1 may be zero. However, it is easy to 
find out whether the total spin is integer or half-integer. This result often suffices for estab- 
lishing the impossibility of some reaction. Thus, neutrinoless decay of a neutron into two 
particles—proton and electron—is forbidden by the angular momentum conservation law. 


> Parity. Parity P of a particle (more precisely, its spatial parity) is a purely quantum 
notion. It indicates the behavior of the particle wave function under spatial inversion, i.e., 
the transformation of coordinates x — —x, y —>-—y, and z — —z. There are two alternatives: 
the wave function does not change (positive parity, P = +1); the wave function changes its 
sign (negative parity, P =-—1). Parity is an internal characteristic of a particle (just as spin, 
charge, etc.) Electron, proton, and neutron have parity P = 1, while photon and 7-mesons 
have parity P = —1. Parity of any quark is equal to +1, and that of antiquark is —1. Parity 
of a compound particle (in the state with zero orbital angular momentum) is equal to the 
product of parities of its constituent particles. 

For a long time, it was assumed that spatial parity 1s preserved in all reactions. The 
point is that the parity conservation law is a consequence of the statement that claims 
the invariance of processes with respect to spatial inversion or, equivalently, with respect 
to mirror reflection, since inversion reduces to a reflection and a rotation (for instance, 
reflection with respect to the plane X Y and rotation by the angle 180° with respect to the 
axis Z). It was considered evident that all processes in the common and the “mirror” world 
should obey the same physical laws. However, later it was found that this statement is 
incorrect for processes determined by weak interactions. Violation of parity was predicted 
by Tsung-Dao Lee and Chen-Ning Yang in 1956, and shortly confirmed experimentally 
by Chien-Shiung Wu. As shown by these experiments, the electrons emitted in (-decay 
mostly move in the direction opposite to that of nuclear spin. Since nuclear spin changes its 
direction under reflection, electrons are emitted mostly in the direction of spin in the mirror 
world. 

In the same experiment, one observed violation of another symmetry, the so-called 
charge symmetry or C-symmetry, when all particles are replaced by the corresponding 
antiparticles. It turned out that in the “antiworld,” positrons would be emitted mostly in the 
direction of spin. However, under both transformations (1.e., spatial reflection together with 
the replacement of particles by their antiparticles), the process again transforms into itself. 
For some time it was assumed that this “combined” C'P-symmetry is absolutely precise. 
But later weak processes were discovered for which the C"P-symmetry is violated. At 
present, only one symmetry is accepted as absolutely precise—the C PT-symmetry, where 
the above two transformations are supplemented with time reflection. This symmetry is 
sufficient for proving that a particle and its antiparticle have equal masses and lifetimes. 


> Lepton charges Le, Lu, and L,. Experiments show that in any processes the differ- 
ence between the number of leptons and that of antileptons of a given type is preserved. 
Accordingly, three types of lepton charges have been introduced: Le, Lu, and L,. For e 
and ve, it is assumed that Le = 1, for their antiparticles, Le = —1, and for all other particles, 
Le = 0. In the same way, the other charges are treated. 

Lepton charges are preserved in all processes (for energies accessible at present). 

The remaining conservation laws pertain to the world of hadrons. These laws are 
introduced empirically and can be naturally accounted for in the framework of the quark 
model. 


> Baryon charge B. As shown by experiments, the difference between the number of 
baryons and that of antibaryons is preserved in all processes (for energies accessible at 
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present). Accordingly, each baryon is ascribed baryon charge B = 1; for any antibaryon, 
B =-1, and for any meson B = 0. 

If all quarks are ascribed charge B = 1/3 (and one takes B =—1/3 for antiquarks), then 
the baryon charge conservation law reduces to the preservation of the number of quarks 
(more precisely, the difference between the number of quarks and that of antiquarks). 


> Strangeness. When first hyperons were discovered, some strange properties of their 
behavior were noticed. First, 1t was found that although hyperon emission occurred in high 
energy nucleon collisions (1.e., with strong interactions involved), their decay time was 
10 s, which corresponds to weak interactions. The second strange property was that 
a hyperon could never be born alone. Thus, in proton collision, a A°-hyperon is born only 
together with a K*-meson or /*-hyperon, but never with K~-meson or > -hyperon. 

In order to explain these features, particles were ascribed a new quantum number, 
strangeness S, which is preserved in strong and electromagnetic interactions and may 
change by +1 in weak interactions. To account for experimental data, the particles AC, 
£0, Y” and K` were ascribed strangeness S = —1, =-hyperons strangeness S = —2, and 
()--hyperon strangeness S = —3. 

In the quark model of hadrons, the adopted carrier of strangeness is the flavor quark s 
(for this one takes S =-—1, and for all other quarks, S = 0). The slow rate of decay processes 
connected with variation of strangeness is explained by that quark flavor change s — u may 
occur only in weak interactions with emission of a W~-boson or absorption of a W*-boson. 


> Charm C, beauty b, and truth t. In exactly the same way, one introduces the quantum 
numbers of charm C (the c-quark is ascribed Č = 1) and beauty b (the b-quark is ascribed 
b = 1). The last and the heaviest quark, the t-quark, corresponds to the quantum number t, 
truth. Just as in the case of strangeness, the quantum numbers C’, b, and t are preserved in 
strong reactions, but may change in weak reactions. 


> Isotopic spin T. Isotopic spin was introduced in nuclear physics and played an important 
role in the classification of the ground and the excited nuclear states. The introduction of 
this unusual quantum number, which has no analogue in the classical physics, reflects the 
assumption of charge independence of nuclear forces, 1.e., the identical coincidence of these 
forces in the pairs n-n, n-p, p-p in the same spatial and spin states. To describe charge 
independence, one introduces the isotopic spin vector T: its magnitude for both nucleons is 
equal to T = 1/2, and its projections are T, = 1/2 for proton and T, =—1/2 for neutron. Thus, 
the two nucleons form an isotopic doublet. Nuclear interaction is assumed independent 
of the “direction” of the vector T, 1.e., in the absence of electromagnetic interaction, the 
isotopic spin space is isotropic (properties of the system do not change under rotations of 
the vector T). 

Summation of isotopic spins in a system of several nucleons is carried out by the same 
rules as that of angular momenta. Nuclei with the same number of nucleons (isobars) and 
the same values of T form a nuclear multiplet of 27’ + 1 nuclei (with different 7}, 1.e., 
different charges), whose members have close properties. For example, the nuclei ee 10B 


(in excited state), and IBe form an isotopic triplet with 7’= 1, and ¿He is an isotopic singlet 
(T = 0). A nucleus in its ground state has the minimum possible value of T for a given 
projection J, (calculated from its composition); for example, the ground state of 10B has 
T=0. 

Isotopic spin plays an important role in the world of subatomic particles, in particular, 
for the classification of hadrons. Baryons and mesons are split into multiplets with close 
properties, and the number of particles in a multiplet is 27 + 1. Thus, three 7-mesons form 
a triplet with T = 1; K%- and K*-mesons form a doublet with T = 1/2; three Y-hyperons 
form a triplet with T = 1; four A-hyperons have T = 3/2; the A°-hyperon constitutes a 
singlet with 7’ = 0. The members of a multiplet differ by their isotopic spin projections T}. 
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In the quark model, the presence of multiplets is explained by the fact that the u- and d- 
quarks have close masses and differ only by their charges. These quarks are ascribed the 
value T = 1/2; for the u-quark, one takes T, = 1/2, and for the d-quark T, =-—1/2. For 
the other quarks, one takes 7’ = 0. Isotopic spin of hadrons is calculated by the summation 
rule for angular momenta. Thus, the doublet of AK-mesons has quark composition us 
and ds. Summation of two isotopic spins 1/2 can result in either T = 0 (T; = 0) or 
T = 1 (I; =-1, T; = 0, or T; = 1). The first state corresponds to a hyperon, A? = uds 
(isotopic singlet), and an isotopic triplet is formed by the hyperons Y” = dds, ©? = uds, 
and X* = wus. 

In reactions determined by strong interactions, one observes the isotopic spin conser- 
vation law: the quantities 7’ and T, are preserved. Electromagnetic and weak interactions 
violate the conservation law for 1”, but 7’, is preserved in electromagnetic interactions and 
may change only in weak interactions. The point is that 7, can change only if a u-or a 
d-quark transform into another quark, which is possible only in weak interactions (when a 
charged W -boson is absorbed or emitted). 


P8.4.3. Interaction Unification 


> Electroweak interaction. In the standard theory of electroweak interaction, both 
interactions, the weak and the electromagnetic, together with their vector bosons, ap- 
pear in the framework of a unified approach. As the original particles (also called seed 
particles) supposed to realize the unified electroweak interaction one adopts four vec- 
tor massless particles, two neutral particles, and two charged ones. In the real world, 
the symmetry between these particles becomes spontaneously broken and three of them 
acquire mass (intermediate bosons), and one particle remains massless (photon). Many 
conclusions of the theory (in particular, mass values obtained for intermediate bosons) 
have had experimental support. The value of the constant of weak interaction happens 
to be greater than that of electromagnetic interaction, and the slow rate of weak pro- 
cesses (compared with electromagnetic processes) is due to the large mass of W- and 
Z-bosons (~ 100 GeV). For energies much larger than these masses, the symmetry is 
restored (masses can be neglected), and the unified symmetric electroweak interaction 
becomes active. 


> Grand unification. The brilliant success of the theory of electroweak interactions 
opened the way to the creation of new theories that allow for the unification of the three 
fundamental interactions—strong, weak, and electromagnetic. These theories were called 
the “Grand Unification.” The boundary energy for this unification is unimaginable, E ~ 
101% GeV. At this energy, the constants of the three interactions become equal. For larger 
energies, the three interactions come forth together as a universal symmetric interaction. 
The carriers of this interaction are 24 vector bosons: eight gluons, three intermediate bosons, 
photon, and superheavy X- and Y-bosons with masses ~ 101% GeV. These bosons carry 
both an electric charge (4/3 for X and 1/3 for Y') and a color charge (taking into account 
three colors and antiparticles, we have 12 particles). Upon emission or absorption of an X - 
or a Y -boson, a quark may turn into a lepton and vice versa. Therefore, participation of 
these bosons in interactions leads to a violation of the laws of conservation of baryon and 
lepton charges (the electric charge conservation law remains unquestionable). As a result, 
there is a very small probability (because of the great masses of X and Y) of proton decay 
into a positron and several 7-mesons. The proton lifetime predicted by the theory lies in 
the interval 7 ~ 1030—10% years. Current attempts to detect proton decay (in great masses 
of water placed in deep mines for the exclusion of background noise) give the estimate 
T > 10% years. 
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Chapter E1 
Dimensions and Similarity 


E1.1. Dimensions 


E1.1.1. Basic and Derived Units of Measurement. Systems of Units 
of Measurement 


> Basic and derived units of measurement. Mechanical, physical, and physicochemical 
quantities are characterized by numbers that are determined by direct or indirect comparison 
with the accepted units of measurement. The units of measurement are divided into the 
basic and derived units of measurement. The basic units of measurement are defined as 
artificial and/or natural standards that are chosen from convenience considerations (1.e., 
rather arbitrarily). The derived units of measurement can be obtained from the basic units 
in the following two ways: 

(1) starting from the definition of the corresponding physical quantity, which prompts the 

method for its (direct or mental) measurement, or 
(1) by a direct use of formulas relating different quantities by some quantitative relations. 


Example 1. The velocity (in uniform motion), by definition, is the ratio of the distance passed in a certain 
time interval to the value of this time interval. Therefore, in this case, for the unit of velocity it is convenient 
to take the ratio of the length unit to the time unit. 


> Systems of units of measurement and classes of systems of units of measurement. 
A system of units of measurement is a set of basic units of measurement that are sufficient 
to measure numerical characteristics of the class of phenomena under study. 

To describe mechanical quantities, it suffices to introduce three independent basic units 
of measurement, namely, units of mass, length, and time. 


Example 2. Nowadays, the most widely used system is the system of units of measurement named the 
International System of Units (SI), where the unit of mass is 1 kilogram (kg), 1.e., the mass of some specially 
manufactured and thoroughly preserved standard, the unit of length is 1 meter (m), 1.e., the length of another 
standard, and the unit of time is 1 second (s), 1.e., the 1/86400 fraction of the mean solar day. (There is also a 
more precise definition of the second.) 


A class of systems of units of measurement is a set of systems of units of measurement 
that differ from one another only in the value of the basic units of measurement. 


Example 3. The SI system mentioned in Example 2 belongs to the class of systems of units of measurement 
denoted by MLT (mass — length — time). The MLT class contains the sometimes used CGS system, where 
the unit of mass is 1 gram (g) = 0.001 kg (one thousandth of the kilogram), the unit of length is 1 centimeter 
(cm) = 0.01 m (one hundredth of the metre), and the unit of time is 1 s. 


E1.1.2. Dimensional and Dimensionless Quantities. Dimensional 
Formula 


> Dimensional and dimensionless quantities. In any practical calculations and in the 
processing of experimental data whose results are represented as sets of numbers character- 
izing the properties of phenomena and processes, two types of quantities are encountered. 


655 
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The quantities whose numerical value depends on the system of units of measurement used 
within a given class of systems of units of measurement are called dimensional. The quan- 
tities whose numerical values are independent of the system of units of measurement used 
within a given class are called dimensionless. 


> Dimensional formula. Dimensions of mechanical quantities. The dimension of a 
physical quantity (in other words, the dimensional formula) is a function determining by 
how many times the numerical value of this quantity varies when passing from the original 
system of units of measurement to another system contained in the given class. In a 
dimensional formula, the symbol of unit length is used to be denoted by L, of unit mass, 
by M, and of unit time, by T; the dimension of any derived quantity A is denoted by the 
symbol [A]. The dimension of a dimensionless quantity is equal to 1. 

Example. If the length unit is decreased by a factor of L and the time unit is decreased by a factor of TT”, 


then the numerical value of any measured acceleration changes by a factor of LT”. Thus, for the dimension 
of acceleration in the class of MLT systems, we have 


[a] = LT”. 


Similarly, the dimension of force in the MLT class is determined by the formula: [F] = MLT”. (This formula 
can also be obtained from Newton’s second law ma = F.) 


Table E1.1 presents the dimensions of basic mechanical quantities in the class of MLT 
systems. 

One can see that for all mechanical quantities given in Table E1.1, the dimension is a 
power monomial of the form 


[A] = L°M?T7, (E1.1.2.1) 


where a, (3, and y are some constants. 

One can prove the following more general statement: the dimension is always a power 
monomial. Such a simple structure of a dimensional formula is necessarily determined by 
the following physical condition: the ratio of two numerical values of any derived quantity 
must be independent of the choice of scales for the basic units of measurement. 


> Properties of dimensions. 
1. The dimension of a physical quantity does not vary if it is multiplied by a dimensionless 
quantity. 
2. The dimension of the product of physical quantities is equal to the product of dimensions 
of these quantities: 
[4142 ... Am] = [411142]... [Am]. 


3. The exponent can be brought outside the symbol of dimension: 
[4%] = [AP’. 


The physical quantities can be added (subtracted) only if they have equal dimensions. 
The exponents contained in the right-hand sides of dimension formulas like (E1.1.2.1) 
are rational numbers (i.e., they can be represented as the fractions p/q, where p and q 
are integers). 


a 


E1.2. The z-Theorem and lts Practical Use 
E1.2.1. The z-Theorem 


> Passing from dimensional quantities to dimensionless quantities. The 7-theorem. 
Assume that there is a functional dependence between dimensional physical quantities, 


O O A = 0: (E1.2.1.1) 
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TABLE E1.1 
Dimensions of mechanical quantities in the class of MLT systems. 


the SI system the CGS system 
OO OO Yo A ee 


dimensionless dimensionless dimensionless 
Angle . i E 
quantity quantity quantity 


(In the process under study, some of these quantities can be variable, and the other, constant; 
moreover, here we do not distinguish between dependent and independent variables.) Let 
Aj,..., Az (k<n-1) be dimensional quantities of independent dimensions (these quantities 
are called constitutive parameters), and suppose that the dimensions of the other quantities 
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can be expressed via the dimensions of the constitutive parameters: 


E Ed lid PE oe O PA eer 
e dao (E1.2.1.2) 
E Ag o E ean PDA 8 


where the m; ; are constants. Set 


= Ags TL, y = An 
AMI k+l AM? k+l Mkkt1? “07? n-K ¿Min AMn Mkn ` 
A ae AEA E 


It follows from relations (E1.2.1.2) that the quantities 11;, Ilo, ..., I1,_% are dimension- 
less. Each of the dimensionless quantities 11; has the form of a power monomial consisting 
of <k+1 dimensional quantities. (The inequality takes into account the fact that some of 
the exponents m; ; can be zero.) 


Ty (E1.2.1.3) 


THE T-THEOREM. The original relation (E1.2.1.1) among n dimensional physical 
quantities can be represented as a relation among n-k dimensionless quantities (E1.2.1.3), 


F(1;¡,1l,,...,11L,,-;) = 0. (E1.2.1.4) 


It follows from the above that every physical relation between dimensional quantities 
can be reformulated as a relation between fewer dimensionless quantities. This important 
fact is a source of useful applications of the 7-theorem for the analysis of various phenomena 
and processes. In particular, for k = n — 1, the same n dimensional parameters can form 
only a single dimensionless combination, and hence, by the 7-theorem, the initial functional 
dependence can be represented in the following simple form: 


Ay" Ay? ... Aj” = const. (E1.2.1.5) 


Here the exponents m;,m»,-**,m, can readily be determined by dimensional formulas, 
where it is taken into account that the left-hand side of (E1.2.1.5) is a dimensionless complex 
and the unknown dimensionless constant on the right-hand side in (E1.2.1.5) can be found 
either experimentally or theoretically by solving the corresponding mathematical problem 
(see examples in Section E1.2.2 below). 


Remark 1. Without loss of generality, one can assume that one of the exponents m; in (E1.2.1.5) is equal 
to 1 (in particular, if mı + 0, then one can set mı = 1). 


Remark 2. If II;,IL,..., Il, are dimensionless quantities, then the complex II = ins : i Bet Ê s where 
(1, B2,..., Bs are arbitrary constants, is also a dimensionless quantity. This allows one to compose new n — k 
functionally independent dimensionless quantities from the dimensionless quantities (E1.2.1.3) and write out 
a relation of the form (E1.2.1.4) for them. A successful choice of the form of the dimensionless parameters 
permits reducing the number of experiments and simplifying their analysis. 


> Experimental data must be processed in dimensionless variables. The 7-theorem 
leads to a very important conclusion that experimental data must be processed in dimen- 
sionless variables, thus reducing the number of measured and varied quantities. 

In practical experiments, it is usually assumed that establishing the dependence of a 
quantity on some constitutive parameter (argument) means measuring this quantity for at 
least 10 values of the given argument (of course, the number 10 is here taken at random). 
Thus, to experimentally determine the quantity A as a function of n constitutive parameters 
Ay,..., An, one must perform 10” experiments. But, using the 7-theorem, one can reduce 
the problem to determining a function of n — k dimensionless arguments l4, ..., I,_z; 
to this end, one must perform 107-4 experiments, 1.e., 10% times fewer. In other words, 
the labouriousness of determining the desired function is reduced by as many orders of 
magnitude as the number of quantities of independent dimensions contained in the set of 
constitutive parameters. 
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E1.2.2. Simplest Examples of the Use of the 7-Theorem 


In what follows, all dimensions of constitutive parameters are written in the class of MLT 
systems of units of measurement. 


> The Pythagorean theorem. Let us describe an amusing version of proving the 
Pythagorean theorem by analyzing the dimensions. 

The area S of a rectangular triangle is determined by the length c of the hypotenuse and, 
for example, the smaller of the acute angles, 5. Using the three quantities S, c, and 3 whose 
dimensions have the form [S] = L?, [c] = L, and [8] = 1 (the angle (@ is a dimensionless 
quantity), one can compose two dimensionless combinations: 


ll, =8/c4, Ib=8. (E1.2.2.1) 


We set n= 3 and k = 1 in formula (E1.2.1.4) and take the explicit form of the dimensionless 
complexes (E1.2.2.1) into account. We have F(S/c?, 5) = 0. Resolving the dependence 
thus obtained for the first argument, we obtain 


S = cO), 


where P(5) is a function. (The explicit form of this function is not required in the following.) 


Figure E1.1. A right triangle. 


The height perpendicular to the hypotenuse (see Fig. El.1) divides the main triangle 
into two right triangles similar to it whose hypotenuses are the corresponding legs a and 6 
of the original triangle. The areas of the new triangles are Sa = a*®(3) and Sẹ = b7®(), 
respectively, where ®((3) is the same function as above. Since the sum of Sa and Sz is the 
area of the original triangle, S = Sa + Sp, we have c*®(3) = a*®(3) +b? ®(3). By canceling 
(6), we obtain 

e = a +h? , 


as desired. 


> Shock wave front propagation in nuclear explosion. In nuclear explosion, consider- 
able energy Ep is released very rapidly (we assume that it is released instantaneously) in a 
rather small area (which is approximately assumed to be a point). A powerful shock wave 
propagates from the explosion center, and the pressure behind it initially equals hundreds of 
thousands of atmospheres. This pressure is much larger than the initial air pressure, whose 
influence can be neglected at the first stage of the explosion. Thus, after the time interval t, 
the shock wave front radius rf depends on Lo, t, and the initial air density po. 

This problem contains four dimensional quantities rf, Ep, t, and po, which have the 
following dimensions: 


[rp] =L, [Eo] =ML?*T?, [t]=T, [po] = ML”. (E1.2.2.2) 
f 


In the set of these four quantities, one can choose three quantities with independent dimen- 
sions, which corresponds to k = 3 and n = 4 in the statement of the m-theorem. Therefore, 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 659 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 660 


660 DIMENSIONS AND SIMILARITY 


we have k+1 =n and can form a single dimensionless complex of the quantities (E1.2.2.2), 
and the desired functional dependence can be represented by analogy with (E1.2.1.5) as 


rel t"™ py * = C = const, (E1.2.2.3) 


where, without loss of generality, the first exponent mı was set equal to 1. The exponents 
m2, m3, and ma are determined by the condition that the dimension of the left-hand side of 
(E1.2.2.3) should be equal to 1 (because the right-hand side is a dimensionless constant). 
Therefore, we obtain the chain of relations 


[rp EQ? t™ p0 1] = [rp Eo H Lool™ = LML TOPTIM” 


oe mM +7714 2m>-3ma4+1 —2M2+mM3 = 
SM. L P = Le 


For the last relation to be satisfied, it is necessary that all exponents be zero: 


mo + ma = Q, 
2m-3m4+1=0, 
2 mo + m3 =Q. 


The solution of this linear system of algebraic equations has the form 
mMm =-3, M3=-%, M4= L, (E1.2.2.4) 


Substituting the exponents (E 1.2.2.4) into (E1.2.2.3) and solving the resulting relation for r ;, 
we obtain the shock wave propagation law 


Eng? 1/5 
rp = c( =£) | (E1.2.2.5) 
0 


If the quantities Eq and po are known, then to find the constant C in formula (E1.2.2.5) 
it suffices to know the shock wave front radius rf for a single value t = tı of the time 
interval. A more detailed study (beyond the framework of the theory of dimensions) shows 
that C = 1. 

From formula (E1.2.2.5), one can obtain the time dependence of the shock wave front 
radius: 7 

rp=rp(t/ti)”, 

where rf] = r flt=t,- 

> Pendulum oscillations in the field of gravity forces. We consider a mathematical 
pendulum, which is a heavy material point of mass m suspended on a weightless unstretch- 
able string of length /; it is assumed that the other end of the string is rigidly fixed. We 
are interested in the oscillation period 7, of the pendulum that makes an angle yo with 
the vertical axis at the initial time instant. (The weight velocity is zero at the initial time 
instant.) 

This problem is characterized by the five quantities m, l, Tp, yo, and g (g is the 
acceleration due to gravity), which have the dimensions 


[m]=M, []=L, [T,]=T, [vol=1, [g]=LT?; (E1.2.2.6) 


three of these quantities have independent dimensions. Thus, in this case we have n = 5 and 
k = 3, and one can compose two dimensionless complexes of these quantities (E1.2.2.6): 


I = 0o, ID =Tp4/g/l. (E1:2,2,7) 
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Therefore, by the 7-theorem, we have the dependence F(po, Tpy/ g/L) = 0. By solving it 
for the oscillation period 7,,, we obtain 


Tp = filyo)s/l/g. (E1.2.2.8) 


where f¡((00) is a function. 

It is important to note that the dimensionless parameters (E1.2.2.7) are independent 
of the load mass m. Therefore, the oscillation period (E1.2.2.8) is independent of the 
pendulum mass. 

The function f¡(p) can be determined both theoretically and experimentally. 

Assuming that the function f¡((p) can be expanded in a Taylor series for small y, we 
have 


fi(po) = a+ bo + apt. 


Assume that a + 0. Then, for small pendulum oscillations, by retaining only the leading 
term of the expansion in (E1.2.2.8), we obtain the simple formula 


Tp = 44 / l/g, (E1.2.2.9) 
where a is a constant. 


Thus, for small pendulum oscillations, we can use the theory of dimensions to obtain 
formula (E1.2.2.9) for the oscillation period up to a constant factor. A theoretical analysis 
(independent of the theory of dimensions) permits finding the unknown constant a = 27. 


> Interphase transport. When describing the interphase transport in gas-liquid systems, 
the Higbie-Danckwerts surface renewal model has been widely used. According to this 
model, turbulent pulsations with frequency w = 1/t,, in the liquid phase constantly renew 
the interphase surface. The contact time t, 1s determined experimentally. The diffusion 
flow J through an element of the renewed surface is assumed to be purely molecular. It 
depends on the molecular diffusion coefficient D of the gas dissolved in the liquid. The 
mass transfer coefficient is defined as follows: 


E J 
y S(Cs — Co) 


where S is the interphase surface area, Co, is the concentration of the transferred component 
in the depth of the liquid, and C, is the concentration on the interphase surface. 

Experiments show that the mass transfer coefficient k mainly depends only on the 
contact time £,, and the diffusion coefficient D. The dimensions of the three above-listed 
quantities have the form 


k 


L L? 
[k] = 7» [D] = =. [t~] =T. 


There relations contain only two independent dimensions L and T. Therefore, by the 
Tr-theorem, one can construct only one dimensionless complex of the form (E1.2.1.5) from 
the quantities k, D, and t,,, which results in the dependence 


k= Cy/D/to, 


where Č is a constant. 

According to the theoretical results obtained by Higbie and Danckwerts, C = 2/,/7. In 
the Danckwerts model, it is proposed to determine the value of t, by the spectrum of the 
time of residence of liquid elements on the interphase surface. The exponential form of 
this spectrum is accepted starting from the concept of statistical independence of turbulent 
vortices arising in the depth of the liquid and reaching the interphase surface. 
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> Equation of state of an ideal gas. An ideal gas is understood as a gas whose static state 
is completely determined by the values of pressure P, density p, absolute temperature 7,, 
and the heat capacity cy. 

The dimensions of these quantities have the form 


2 


M L 
—, [al=K, [c,]= TK (E1.2.2.10) 


M 
Basne Wl 


LT?’ 
We take into account the fact that the dimension K of temperature (in degrees Kelvin) 
is a derived unit of measurement, which can be written in terms of dimensions of the 
basic units of measurement as follows: K = ML? j T?. Therefore, relations (E1.2.2.10) 
for four quantities contain three independent dimensions. Hence, by the m-theorem, the 
desired functional dependence for P, p, Ta, and c, can be represented in a simple form like 
(E1.2.1.5). In the case under study, this leads to the Clapeyron—Mendeleev equation 


= const, 
CyPLa 


which has the more usual form P = pRT,, where R is the gas constant. 


> Flow of a viscous fluid about a solid particle. Consider a homogenous flow of a 
viscous incompressible fluid about a solid spherical particle of diameter d. The particle 
drag force F caused by viscosity depends on the four parameters d, Ui, v, and p, where U; 
is the unperturbed flow velocity far from the particle and v and p are the kinematic viscosity 
and the fluid density, respectively. 

The dimensions of all five above-listed quantities (including the force) have the form 


ML L L? M 
[F] = T’ lal SE UNS T’ [v] = T?’ [pl] = 13" 


Out of these quantities, one can choose three with independent dimensions and compose 
two dimensionless complexes 


F dU; 
==, 1 = El. 2211 
Po ae ( ) 


IT, 


which, by the z-theorem, satisfy the functional relation F(11;,1l2) = 0. By solving this 
relation for 11;, we find the general structure of the dependence of the drag force on the 


other par ameters: 

F dU; 

e: o( ). (E1.2.2.12) 
d2 pU? V 


Thus, dimension analysis permits significantly simplifying experimental studies by 
decreasing the number of varied variables in the problem from five to two. The complex 
Re = dU;/v on the right-hand side of the expression (E1.2.2.12) is called the Reynolds 
number. (One often takes the particle radius, a = d/2, to be the characteristic length when 
determining the Reynolds number.) 

Experiments show that $ — A as Re — oo, where A is a constant. This situation in 
which the drag force is independent of viscosity and quadratically depends on velocity is 
called the Newton flow mode. 

As Re > 0, we have $ — B/Re. (This result can be obtained theoretically.) In this 
case, the drag force linearly depends on both the viscosity and the velocity. Such a flow 1s 
called a Stokes (or creeping) flow. 
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Remark. In the case of a homogeneous translational flow of a viscous incompressible fluid about a body of 
nonspherical shape with typical linear dimension d (for example, for d one can take the diameter of a spherical 
body with equivalent volume), the dependence (E1.2.2.12) also holds, where the function ®(z) depends on the 
shape of the body. 


> Stirring a liquid. The power NV required to stir a liquid with density p and kinematic 
viscosity y depends on the mixer diameter d, the angular velocity of stirring w, and the 
acceleration due to gravity g. The problem complexity does not allow one to calculate the 
power by solving the hydrodynamic equations analytically. Therefore, we use dimensional 
analysis. 

We write out the dimensions of the main quantities: 


ML? M L? 


1 L 
EOS Lol = 73 [v] = > [d] = L, lv] = z> [gl = 


T?’ 
We use the r-theorem to determine the number of dimensionless complexes of the problem: 


3 = 6(the number of parameters of the problem) — 3(the number of primary dimensions). 


Under the assumption that the quantities d, p, and w can enter any dimensionless combina- 
tion, we have 


V è g 

The structure of the obtained functional dependence allows us to simplify the experi- 
mental study significantly by decreasing the number of varied variables in the problem from 
six to three. Experiments show that for dw Jv< 1072, when the influence of the viscosity 1s 
large, the mixer power consumption ceases to depend on the dimensionless complex d*w/v. 


> Turbulent flow in a tube. Consider a steady turbulent flow in a circular smooth tube 
of radius a. Assume that r is the radial coordinate counted off from the tube axis; Ta 1s the 
friction stress* on the tube wall; V is the average component of the fluid velocity; V max 18 
the maximum velocity on the tube axis; and y and p are the liquid kinematic viscosity and 
density, respectively. 


It is easily seen that the average velocities V and Vee of the fluid motion are determined 
by the following set of parameters: 


Os Pi Vi Ts TGA’: 
All the dimensionless quantities depend on the two dimensionless complexes 


U, 
Re, =£ > ls 
V 


where U, = 4/Tw/p is the velocity of the tangential friction stress on the tube wall. 
It follows from the similarity theory that 


Vimax Y _ F (Re,, 2) (E1.2.2.13) 
a 


The difference V max — V is called the velocity defect. It characterizes the fluid velocity 
distribution over the tube cross-section with respect to the motion on the axis. 


AP holds, where AP > 0 is the pressure difference on the tube length L. 


* The dependence Ty = $F 
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For very large Reynolds numbers Re., formula (E1.2.2.13) implies that 


Y max = Y = Fi (2), (E1.2.2.14) 
Uy a 
where F1(2) = Foo, 2). 

The expression (E1.2.2.14) 1s called the universal law of velocity distribution for the 
velocity defect. Experiments show that the law (E1.2.2.14) holds in the entire flow region 
inside smooth and rough tubes except for a narrow near-wall region. In this case, the 
function F(z) on the right-hand side in formula (E1.2.2.14) is well approximated by the 
Prandtl expression F(z) = 2,5 In z. 


E1.3. Similarity and Simulation. General Remarks 
E1.3.1. Similarity and Simulation 


> Physical similarity and simulation. Prior to manufacturing a large and expensive 
structure (such as ship, aircraft, cooler, chemical reactor, etc.), one often turns to simulation, 
1.e., model testing, so as to obtain the best characteristics of the structure under its expected 
operation conditions. In simulation, it is necessary to know how to recalculate the results 
obtained in experiments with models to the case of actual conditions: if this is unknown, 
then simulation is useless. This also applies to complicated phenomena and processes. The 
theory of simulation is based on the notion of similar phenomena. 

Consider a class of qualitatively similar physical phenomena or processes that differ 
only in the numerical values of the constitutive parameters that are used to compose s 
dimensionless complexes I, I, ..., MHs. (Here s = n — k; see the 7-theorem.) Two 
phenomena or processes from a given class are said to be physically similar if they are 
described by the same dimensionless complexes: 


Mene. Més. ae ¡ME (E1.3.1.1) 
where the single prime refers to the first phenomenon (called the model phenomenon), 
and the double prime refers to the second phenomenon (called the full-scale phenomenon). 
In this definition, the dimensionless complexes IHi, I, ..., 11, are called the similarity 
parameters. 


Physical similarity is a generalization of geometric similarity concerned with bodies 
(objects) whose characteristic dimensions are proportional. 


> Rules for recalculating the measurement results from the model to the case of 
actual conditions. If the similarity parameters are determined by formulas (E1.2.1.3), then 


relations (E1.3.1.1) become 
/ 1! 
A A. A q=k+1,... n 
(Aa (A, (A a (APAY a... (ARA 


(E1.3.1.2) 
and determine simple rules for recalculating the measurement results from the model to the 
case of actual conditions (under which it is difficult to perform direct measurements). 

Conditions (E1.3.1.2) show how to choose the model constitutive parameters A, epee 
A”, to ensure the similarity of the model to the case of actual conditions: 


Al = AMA JA... (AL A}, q=k+1,...,n; (E1.3.1.3) 


the model parameters A; a, A, can be chosen arbitrarily. The quantities Al y, Ay in 
(E1.3.1.3) are introduced based on required technical (or actually existing) parameters of 
the process under study. 
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Example. Suppose a streamlined ship moves on the surface of a liquid. The main contribution to the drag 
of the rapidly moving ship is due to the surface waves created by it. We consider an ideal situation in which 
the contribution of the streamlined ship viscous drag can be neglected as the first approximation. The ship drag 
force F' is determined by its characteristic length l, its velocity U, the liquid density p, and the acceleration due 
to gravity g. (The last parameter is essential, because the force of gravity has a determining effect on waves.) 
The quantities under study have the following dimensions: 


[F]=MLT?, [J])=L, [U]=LT?, [p]=ML?, [g]=LT?. 


Here n = 5 and k = 3, and therefore, one can compose two dimensionless complexes 


U F 
IL ==, Ik; = — >. E1.3.1.4 
eee 2 = Uy ( ) 


The dynamic similarity parameter II; is called the Froude number, which is denoted by the special symbol Fr. 
Thus, for the model and in the case of actual conditions, the quantity U A l must be the same (with g remaining 
unchanged), which results in the following rule for recalculating the model velocities to the case of actual 


conditions: 
/ 
PSA 3 (E1.3.1.5) 


Using the second similarity parameter in (E1.3.1.4) and assuming that the liquid is the same for the model and 
the actual conditions (more precisely, p’ = p”), we obtain the following rule for recalculating the drag force: 


UU" 2 I’ 3 

/ 1! 1! 

1.e., the drag force 1s proportional to the cubed linear scale of simulation. Formula (E1.3.1.6) was derived using 
relation (E1.3.1.5). 


E1.3.2. General Concluding Remarks 


The use of dimensionless parameters simplifies analysis and interpretation of experimental 
data to a large extent and, in numerous cases, allows successful simulation of phenomena 
and processes that cannot be studied under laboratory conditions. Combining the theory of 
dimensions and the similarity theory with the conclusions obtained experimentally or by 
mathematical analysis of the corresponding equations, one can often obtain rather significant 
and nontrivial results. 

Although undoubtedly useful, the theory of dimensions and similarity is in fact a re- 
stricted theory, because it does not permit obtaining the explicit form of the functional 
relations between dimensionless quantities (1t only reveals the structure of these dependen- 
cies and the number of dimensionless parameters). The desired functional dependencies 
describing the phenomenon or process under study can be determined both experimentally 
and theoretically by using the existing investigation methods. For the problems that are 
stated mathematically as appropriate equations and boundary conditions, the role of meth- 
ods of the theory of dimensions and similarity is mostly of auxiliary character. (After the 
problem has been stated mathematically in dimensional variables, 1t is often reasonable to 
reformulate 1t in terms of dimensionless variables.) 
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Chapter E2 


Mechanics of Point Particles 
and Rigid Bodies 


E2.1. Kinematics 


Kinematics 1s the field of mechanics where the geometric properties of motion of a point or 
a rigid body are studied independently of their mass and causes of their motion. 


E2.1.1. Kinematics of a Point 


To specify the motion of a point M is to introduce a rule determining the point position with 
respect to a reference frame Oxyz at each time instant. The most routine and convenient 
methods for specifying the motion of a point are the vector, coordinate, and natural methods. 


> The vector method for specifying the motion of a point. In this method, the position 
of point M is specified by the position vector r(t) drawn to this point from a stationary center 
(pole, point). For the pole one can take any point, for example, the origin O of a coordinate 
system (Fig. E2.1). The position vector is a vector function of a scalar argument—time t— 
and in the course of time the endpoint of the vector r traces a curve in space, which is called 
the trajectory (or path) of the point. 


Figure E2.1. Specifying the motion of point M in a Cartesian coordinate system. The trajectory of motion of 
the point, its velocity, and acceleration. 


Along with the position vector, the kinematic state of point M is characterized by the 
velocity vector v(t) and the acceleration vector a(t). 


(| ars — e 
The velocity v = — = r, which is the derivative of the position vector with respect to 


time,* characterizes the rate and direction of variation in the position of the point in space. 
The velocity vector is directed along the tangent to the trajectory at point M. 


* Tn this chapter, the time derivatives are usually denoted by a dot (which is traditional notation in classical 
mechanics). 


667 
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The acceleration a = ý =F is the first time derivative of the velocity vector, or the second 
derivative of the position vector. It is convenient to represent the acceleration as the sum of 
two vectors a’ and a” lying in the plane spanned by the vectors v and a (see Fig. E2.1): 


a=a’ +a”. 


The vector a’ is parallel or antiparallel to v and is called the tangential acceleration, and 
the vector a” is perpendicular to a’, points to the center of curvature of the trajectory, and 
is called the normal acceleration. 

The projection compy a of the vector a on the direction of the vector v, the tangential 
acceleration magnitude a”, and the normal acceleration magnitude a” can be found by the 


formulas aris 
compya=—=t, a’ =|i|, a” =Va*-(a’y, 
Vv 


where a - v is the scalar product of the vectors a and v. 

The sign of compy a determines the character of motion of the point at the time instant 
under study: if this quantity is positive, then the velocity magnitude v increases, and the 
motion is said to be accelerated; otherwise, the velocity magnitude decreases, and the 
motion is said to be decelerated. 


> The coordinate method for specifying the motion of a point. The position of point M 
in space is specified by three functions of time, 


L= 2b), y = y(t), Z= 25), (E2.1.1.1) 


where x, y, z are the Cartesian coordinates of M. This method is another representation of 
the vector method, because the position vector r issuing from the origin can be represented 
as the sum 

r= x(t)it+ y(t)j + zk, 


where i, j, k are the unit vectors (basis vectors) directed along the coordinate x-, y-, and 
z-axes (Fig. E2.1). 
The projections of the velocity on the coordinate v,-, vy-, and v,-axes can be found by 
differentiation with respect to time of the corresponding functions (E2.1.1.1): 
Una. Vy = Y, Us =z. (E2.1.1.2) 
The velocity vector can be found as the vector sum of three vectors, 


V = Vri + vyj + Uzk, 


and the velocity magnitude is given by the formula 
v= 4/ UE + ug +o. (E2.1.1.3) 


The projections ag, ay, and a, of the acceleration onto the coordinate axes, the acceler- 
ation a, and its magnitude a can be found by the formulas 


Vi UD Ay = Uy =}, SUS 0 

(E2.1.1.4) 
ee : k 5 ER E. 
a = ari +ayj+az-k, a az + ay + az. 
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The tangential acceleration is calculated by the formulas 


LL + YY + ZZ l 
ya +y + 27 


> The natural method for specifying the motion of a point. In this case, the position 
of point M in space is specified by specifying 

(a) The trajectory of the point. 

(b) The origin (point O on the trajectory from which the angular position s is counted). 

(c) The positive sense of the arc coordinate. 

(d) The law of motion s = s(t) of the point, 1.e., the time dependence of the arc 
coordinate. 

The arc coordinate s is the length of the trajectory arc counted from point O to point M. 
If the length is counted in the positive sense, then the arc coordinate is positive; otherwise, 
it is negative. 

The natural coordinate axes are constructed at point M. For a given trajectory of the 
point, the position vector r connecting the fixed pole with point M becomes a function of 
the arc coordinate, r = r(s). Its derivative 7 = r; with respect to the arc coordinate is the 
unit vector tangent to the trajectory at point M in the sense of increasing arc coordinate. 

The second derivative r“, = T4 = n/p gives the second unit vector n of the principal 
normal, which is perpendicular to 7 and points to the center of curvature of the trajectory. 
The geometric meaning of the factor 1/p will be explained later. 

The last, third unit vector b of the binormal is the cross product of the first two unit 
vectors, b = T XN. 

The right trihedron of unit vectors thus constructed bears the name of the natural 
coordinate axes. The planes passing through them are called as follows: (nb) is the normal 
plane, (bT) is the rectifying plane, and (Tn) is the osculating plane. 

If on the trajectory near the point M we choose a point M’ whose arc coordinate s + As 
differs by a small value As, them, up to terms of higher order of magnitude, the distances 
from M’ to the above-listed planes are as follows: As to the normal plane, (As)/ (2p) to 
the rectifying plane, and (As) to the osculating plane, where 3 is a quantity of the order 
of unity. This means that the part of the trajectory in a small neighborhood of point M 
“practically” lies in the osculating plane. 

Let us construct a family of circles tangent to the trajectory at point M so that their 
centers are located on the principal normal n. These circles lie in the osculating plane. The 
circle that is tangent to the trajectory most closely is called the osculating circle. The center 
of this circle, its radius p, and the quantity k = 1/p are called the center of curvature, the 
radius of curvature, and the curvature of the trajectory at point M (Fig. E2.2). On flat parts 
of the trajectory, the values of p are larger and the values of k are less than on the curved 
parts. 


compya=v= a’ = [ùl]. (E2.1.1.5) 


Figure E2.2. Osculating circle, the center of curvature, and the radius of curvature. 
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Using the natural coordinate axes, one can write the velocity and acceleration vectors 
of point M as 


v=57T, az=a’+a"=8r+(v"/p)n. (E2.1.1.6) 


In the last expressions, one must take into account the following: 

First, the vector v is directed along the tangent to the trajectory and v = |s|; the point 
velocity v is directed in the sense of increasing s if 5 > O and decreasing s if å < 0. 

Second, the vector a lies in the osculating plane and points in the direction of the 
trajectory concavity; $ = compya; |s| = a”; the tangential acceleration vector a” is 
directed in the sense of increasing s if $ > O and decreasing s if $ < 0. 

Third, if ss > 0, then, at the time instant under study, the velocity magnitude v increases 
and the motion is accelerated; for 55 <Q, the velocity magnitude v decreases and the motion 
is decelerated. 

The normal acceleration is zero if the point moves along a rectilinear part of the trajectory, 
where k = 1/p =0. The tangential acceleration of the point is zero if the velocity magnitude 
remains constant. 

A uniformly varying motion of a point is a motion where $ = ao = const. In this case, 
the values of the velocity and the arc coordinate can be found by the formulas 

— ee a ; (E2.1.1.7) 

S = So + S9(t — to) + = aot — to). 
Here So and sọ are the values of the velocity and the arc coordinate corresponding to the 
time instant to. 

A uniform motion is a motion of a point in which $ = ag = 0. 

In the case of an arbitrary motion, the arc coordinate s and the path L passed over by 
the point can be found by the formulas 


t t 
s= [iat L= vat 
to to 


This clearly illustrates the difference between the arc coordinate and the path passed 
over by the point. 


Example. An ellipsograph rod AB of length 2/ = 2 m (Fig. E2.3) moves so that the angle ọ (in radians) 
varies according to the law y = -5t 2s >. Furthermore, point B of the rod moves along the horizontal 
line, and point A moves along the vertical line. Find the trajectory of point K lying at the middle of the rod, 
its velocity, acceleration, and the radius of curvature of the trajectory for t = 1s. 


Figure E2.3. Ellipsograph (thin rod) whose endpoints can move along perpendicular straight lines. 
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Solution. The method used here to specify the motion of the point differs from the three above-mentioned 
ones. Therefore, we pass to the coordinate method and use the corresponding formulas. We introduce the 
coordinate axes as is shown in the figure and then find the coordinates of point K: x=lsinyp, y = l cos » (for 
convenience, the subscript is omitted). Squaring the right and left sides of the equations of motion and adding 
them termwise, we obtain the trajectory equation 


rty =P, 
which implies that point K moves in a circle of radius l. Then, by using formulas (E2.1.1.2)—(E2.1.1.6) and 
by taking into account the fact that the quantities y = 7/6, ġ = 1s"', and 6 =-1 Ss correspond to time t = 1s, 


we obtain 
Ug eH LCOSOO; -vz0)=0:87 m/s, 


Vy =y=-lsinygy; v,(1)=-0.5m/s, 
v= yu +v; v(1)=1m/s, 


az = Ùr =U(esinp y” + cosy Ë); az(1) = -1.37 m/s*, 


ay = ùy =l(=cospp” -siny ġ); ay(1) = -0.37 m/s’, 


(E2.1.1.8) 
a= ya +az; a(1)=1.41 m/s”, 
b= 7%. 91) =-1.0m/s*,  a7(1) = 1.0m/s’, 
U 
a” =ya-(arY?; a"(1) = 1.0m/s’, 
q? 
p=—; pú)=1.0m, 
qr 


and the sign of ù means that, for t = 1s, the motion of the point is decelerated; this result is obvious in advance, 
as follows from the equation of the trajectory. 


E2.1.2. Kinematics of a Rigid Body 


> Some notions, definitions, and theorems. An absolutely rigid body (or arigid body, 
or a body) is a set of points moving in space so that the distance between any two of them 
remains constant. (In other words, the mutual position of points of a rigid body does not 
vary in time.) 

The problem of kinematics of a rigid body is to obtain formulas for determining the 
velocity vector v and the acceleration vector a for any point of the rigid body. 


THEOREM 1. If a vector b belongs to a moving rigid body (connects two of its points), 
then the vector b (the time derivative) is either zero or orthogonal to b. 


Indeed, by differentiating the relation b - b = const with respect to time, we obtain 
b - b = 0, which proves the above statement. 


THEOREM 2. The projections of the velocities of any two points of a rigid body onto 
the straight line connecting them are equal, comp V A = comp V g (Fig. E2.4). 
AB AB 


This theorem remains valid for an arbitrary motion of the body and states that the 
projections must be equal in both magnitude and direction. 


THEOREM 3. If the time derivatives b, and bD» of two noncollinear vectors bı and b» 
belonging to a rigid body are known, then, for any vector b belonging to this rigid body, its 
time derivative can be found as the cross product b = w x b, where 

w = 0 ifb; = b = 0; 
w =n: b2, where y = (b; - b,)/(b; - (b2 x b1)) if by +0; by = 0; (E2.1.2.1) 
w = (b; x by) /(by - b2) ifb; #0; by #0 (Markuzon’s formula). 
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Figure E2.4. Projections of the velocities of two points of a rigid body onto the straight line passing through 
them. 


The vector w is called the vector of angular velocity of the rigid body; it characterizes 
the kinematic state of the body at the time instant under study. 

Although formulas (E2.1.2.1) make sense for any values of the vectors b1, bo, b4, and 
b2, one has to bear in mind that these vectors in problems of kinematics cannot be introduced 
arbitrarily; they must satisfy the conditions of the above-mentioned theorems of kinematics 
of a rigid body. 

The vector € = w is called the vector of angular acceleration of the rigid body. 

We assume that the body moves relative to a fixed reference frame O£nC, and at the 
time instant under study we know the position of point P of the body, its velocity vp and 
acceleration ap, and the vectors of the body angular velocity w and angular acceleration e. 

In this case, the velocity and acceleration of any point M of the body can be found by 


differentiating the vector equation OM = OP +r with respect to time (Fig. E2.5 a). 
After the first differentiation, we obtain OM = OP + Tr, or 


VM =Vp+uwxXr; (E2.1.2.2) 
after the repeated differentiation, we obtain Var = Yp +w XxXr+w xr, or 
am = ap +eXr+wxXx(wxXr). (E2.1.2.3) 


Formulas (E2.1.2.2) and (E2.1.2.3) in general form solve the problem of kinematics 
of a rigid body, but they can hardly be used to solve problems frequently encountered in 
practice. In what follows, we consider special cases of motion of a rigid body. 


> Translational motion. A motion of a rigid body is said to be translational if, in the 
course of motion, any straight line drawn in the body remains parallel to the initial direction 
of itself. In this case, w = 0 and e = 0, which implies the properties of translational motion: 
being superimposed on each other, the trajectories of all points of a rigid body coincide (are 
congruent), and the velocities and accelerations of all points of the body are the same at 
each time instant: 

VA =VB=-VYV, a4A=ap=a, 


where A and B are any points of the body. 
Thus, the kinematics of translational motion of a body is reduced to the kinematics of 
one of its points. 


> Rotation about a fixed axis. In rotation of a rigid body about a fixed axis, which is 
called the axis of rotation, the points lying on the axis remain fixed. The other points move 
in circles lying in the planes orthogonal to the rotation axis. 

We introduce two reference frames, the fixed reference frame Og£nd whose axis OC 
coincides with the rotation axis of the body and the moving frame Oxyz rigidly fixed to 
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Figure E2.5. Motion of a body in the fixed reference frame O£ndC: (a) the velocity vp and acceleration ap 
of point P of the body, and the body angular velocity w and angular acceleration e; (b) the directions of the 
vectors w x r and w x (w X r); (c) the direction of the vector e xr. 


the body with axis Oz also directed along the rotation axis. The origin O of both frames is 
placed at the point of intersection of the rotation axis with the plane containing the point M 
whose velocity and acceleration are the desired variables. 

The unit vectors €°, n°, Ç? of the fixed reference frame and i°,j°,k° of the moving 
frame are shown in Fig. E2.6. 


Figure E2.6. Rotation of a body about a fixed axis. 


The dihedral angle y between the moving plane i°k° and the fixed plane €°C° is called 
the angle of rotation of the rigid body; it is measured in radians. The rotation angle is 
assumed to be positive if it is counted off from the fixed plane towards the moving plane 
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anticlockwise if we look in the positive sense of the axis of rotation. To know the position of 
the body (and of any of its points) at any time instant, it is necessary to know the dependence 
of the angle y on time t, 


p= v(t). 


This equation expresses the law of rotation of a rigid body about a fixed axis. 
Along with the function y(t), its first and second time derivatives characterize the 
kinematic state of the rigid body at the time instant under study: 


DEA: SU =D: 


where w is the angular velocity of the body and e is its angular acceleration. 

The unit vectors of the moving frame are written as functions of the rotation angle y as 
follows: i° =€° cos p+n? sin y, j° =-€° sin p+n" cos y, k° = C° =const. By differentiating 
these formulas with respect to time, we obtain i° = j°¢”, j = —i°~p, after which the angular 
velocity vector can be found: w = (i° xj )/(i° j°) = (j° XIN G/F - j°) = Co. 

After the differentiation of the last relation, we obtain e = w = C°. 

Thus, the vectors of angular velocity and angular acceleration of a body rotating about 
a fixed axis are directed along this axis. In this case, if we look in the direction opposite 
to the vector w, then it seems that the rotation is anticlockwise (the right-hand screw rule). 
In these cases, the vector € is parallel to the vector w if the signs of y and (Y coincide. 
Otherwise, w and e are antiparallel. 

To determine the velocity vjy and the acceleration am of an arbitrary point M of the 
body, one can use the vector formulas (E2.1.2.2) and (E2.1.2.3), but here we perform this 
in a different, more illustrative way. 

In the case of rotation of a body about a fixed axis, the trajectory of its arbitrary point M 
is a circle whose radius œ is called the radius of rotation of a point. In Fig. E2.7, this circle 
is shown from the side of positive sense of the rotation axis. The sign of w indicates the 
direction of rotation: if it is positive, then the rotation is anticlockwise. It is convenient 
to represent the angular velocity and the angular acceleration by using curved arrows with 
their sign taken into account (in Fig. E2.7, w < 0 and e > 0). If w and e have the same signs, 
then one says that the rotation is accelerated, and if the signs are opposite, then the rotation 
is decelerated. 

In the case of rotation of a body about a fixed axis, the magnitude of the velocity of 
point M can be found by the formula 


v = |w|R; (E2.1.2.4) 


in this case the velocity is directed along the tangent to the circle, and so is perpendicular to 
the radius, and its sense is consistent with the sense of the curved arrow w (Fig. E2.7). The 
tangential, normal, and total acceleration can be found by the following formulas, which 
are a special case of formulas (E2.1.2.3): 


a =lelR, a” =R, a=Rve+w!, (E2.1.2.5) 


The tangential acceleration vector a” is directed along the tangent to the circle, and 
its sense 1s consistent with that of the curved arrow e; the vector a” is directed along the 
radius R towards the center of the circle. The acute angle u between a and R can be found 
by the formula 


kl 


t 2 E 
wala ae 
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Figure E2.7. The trajectory of an arbitrary point M of a body rotating about a fixed axis; R is the radius of 
rotation of the point. The curved arrows denote the angular velocity and the angular acceleration. 


in this case, the sense of the nearest rotation from a to R is consistent with the sense of the 
curved arrow eg. 

It follows from the last two formulas that the vectors v and a of different points of 
the body that lie on the same radius are parallel to each other and linearly depend on the 
distance from the axis of rotation (Fig. E2.7): 

UB UC UD AB ac ap 
=. SS = SS OS = ee ee A AAA E2.1.2.6 
“BP CP DP’ “` BP CP DP 

A rotation of a rigid body is said to be uniformly varying if e = €9 = const. In this 
case, the time dependencies of the rotation angle and the angular velocity are given by the 
formulas 


w = wo + Eo(t — to), 
p = po +t wolt — to) + FE0(t — to)”, 


which are similar to the formulas for the uniformly varying motion of a point (E2.1.1.7). 
The uniform rotation of a rigid body is a special case of uniformly varying rotation, 
namely, the case in which £ọ = const = 0. 


E2.1.3. Plane-Parallel (Plane) Motion of a Rigid Body 


> Basic notions. A plane-parallel (plane) motion is a motion of a body in which the 
distance from any of its points to some fixed plane remains unchanged. (Each point of the 
body moves in a plane, but the planes for different points of the body can be different.) The 
rotation of a body about a fixed axis 1s a special case of plane motion. 

Studying a plane-parallel motion can be reduced to studying the motion of a plane figure 
in its plane. The rotation angle y(t) of a plane figure is counted off from a fixed straight 
line to a straight line rigidly fixed to the figure. 

The position of a plane figure is completely determined if the coordinates of some of its 
points (pole, center) P and the rotation angle are known. The relations 


cp=x(t), yep=yt), p=p(t) 
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determining three functional dependencies on time are called the equations of motion of a 
plane figure. 

The angular velocity vector w and the angular acceleration vector e are introduced by 
analogy with the case of rotation of a body about a fixed axis; they are orthogonal to the 
base plane. One has w =p ande = w = ġ. 

Just as in the case of rotation about a fixed axis, when solving practical problems it is 
convenient to represent the angular velocity and acceleration by curved arrows. 


> Theorem on velocities of points of a plane figure. Instantaneous center of velocities. 


THEOREM (ON VELOCITIES OF POINTS OF A PLANE FIGURE). The velocity of any point B 

of a plane figure is equal to the vector sum of the velocity vp of the pole and the velocity V g p 

that point B would have in the imaginary rotation of the figure about the fixed pole P at the 
angular velocity w (Fig. E2.8): 

VB =VPtVBPp. (E2.1.3.1) 


The velocity vgp is perpendicular to segment BP, its magnitude is calculated by the 
formula vgp = |w|BP, and the sense is consistent with the sense of the curved arrow w. 


Figure E2.8. Determining the velocity of an arbitrary point of a plane figure (to the theorem on velocities of 
points of a plane figure). 


The point P, of a plane figure whose velocity at the time instant under study is zero 
is called the instantaneous center of velocities. If this point is taken for the pole, then the 
velocity of an arbitrary point B of the plane figure is determined by the formula vg = vgp, - 
The direction of vp is consistent with the direction of the curved arrow of the angular 
velocity, and its magnitude can be found by the formula vg = lw|B.P,,. The velocities of 
points of the plane figure at the time instant under study are distributed by analogy with the 
case of rotation of the figure about a fixed axis passing through the instantaneous center of 
velocities. Therefore, one can use formula (E2.1.2.6) for rotational motion: 


UB UC UD 
Ww = = = . 
Br, Cf, DE 


(E2.1.3.2) 


In Fig. E2.9a,b,c, we show several versions of location of the instantaneous center of 
velocities: 

(a) In rolling motion without slip on a fixed surface, the instantaneous center of veloc- 
ities lies at the point of tangency (Fig. E2.9a). 

(b) If vg || vc and vg L BC, then the position of P, is determined by the construction 
shown in Fig. E2.9b. 

(c) If vg || vo and the segment BC is not perpendicular to vg, then there is no 
instantaneous center of velocities, w = O, and the velocities of all points of the body are the 
same at a given time instant (Fig. E2.9c). 
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v 


(a) (b) (c) 


Figure E2.9. Possible positions of the instantaneous center of velocities: (a) in rolling motion without slip on 
a fixed surface; (b) the vectors at two points of the body are parallel and perpendicular to the line connecting 
them; (c) the vectors at two points of the body are parallel but not perpendicular to the line connecting them. 


Example. At time t = 1 s, find the velocities of points A, B, and K of the ellipsograph rod whose motion 
1s described in the example in Subsection E2.1.1. 

Solution. The rod AB is in plane-parallel motion. Drawing perpendiculars to the directions of velocities 
of points A and B, we find the position of the instantaneous center P, of velocities (Fig. E2.10). We represent 
the angular velocity w =p = 1s” by a curved arrow with sign taken into account. We direct the velocities 
of points A, B, and K perpendicular to the straight lines connecting them with P, so that their senses are 
consistent with the curved arrow of the angular velocity. The values of the velocities can be found from the 


relation 
elatio uà üg vK 


“= AP, BP, KP,’ 


which implies va = vg = 1.0 m/s and vg = V3 = 1.73 m/s. 


Figure E2.10. Ellipsograph (thin rod) whose endpoints move according to a given law along two perpendicular 
straight lines. 


> Theorem on accelerations of points of a plane figure. Instantaneous center of 
accelerations. 


THEOREM (ON ACCELERATIONS OF POINTS OF A PLANE FIGURE). The acceleration of 
any point B of a plane figure is equal to the vector sum of the acceleration of the pole ap 
and the acceleration agp that point B would have in the imaginary rotation of the figure 
about the fixed pole P: 


Ag =ap +apgp = ap +app tapp. (E2.1.3.3) 


The magnitudes of the vectors a7, and a% 


BP pp and their orientation on the plane are as 
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Figure E2.11. Determining the acceleration of an arbitrary point of a plane figure (to the theorem on accelera- 
tions of points of a plane figure). 


follows: añ, || BP and is directed to the pole P; a Do apl BB and is 
consistent with the sense of the curved arrow e, app = lelB.P (Fig. E2.11). 

If the vector relation (E2.1.3.3) is projected onto two directions, the parallel direction 6 P 
and the perpendicular direction BP, then we obtain the system of two scalar equations 


ap COS ô = —a p cos O +w BP, 
ap sin ô = —ap sin p + |e] BP 


containing seven variables ap, ap, 0, 6, BP, w, and e. If five of them are known, then the 
remaining two can be found by solving the system. 

The instantaneous center of accelerations of a plane figure is a point P, of this figure 
whose acceleration at the time instant under study is zero. The distribution of accelerations 
of points of the plane figure is the same as in the case of its rotation about a fixed axis 
passing through the point P,. 

Let us indicate the positions of the instantaneous center of velocities and the instanta- 
neous center of accelerations of a disk that uniformly rolls without slip on a horizontal fixed 
straight line. 

Since the rolling motion is without slip, it follows that the velocities of points of tangency 
of the disk and of the straight line are the same. And since the straight line is fixed, we 
conclude that the instantaneous center of velocities of the disk lies at the point of tangency. 

The center of the disk moves uniformly, and hence its tangential acceleration is zero. 
Further, the trajectory of the center of the disk is rectilinear, and hence its normal acceleration 
is zero. Therefore, the total acceleration of the center, which is equal to the vector sum 
of the tangential and normal accelerations, is also zero; 1.e., the instantaneous center of 
accelerations of the disk lies at the center of the disk. 

The above example shows that the instantaneous center of velocities and the instanta- 
neous center of accelerations are in general different points of a plane figure. But in special 
cases they can coincide; for example, in the case of rotation of a body about a fixed axis, 
both P, and P, always lie on the axis of rotation. 


E2.1.4. Arbitrary Motion of a Rigid Body 


The velocity vm and the acceleration ayy of any point of a rigid body in an arbitrary 
motion can be found if, at the time instant under study, we know the velocity vp and the 
acceleration a p of a point P of the body and the vectors w of angular velocity and e of angular 
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acceleration of the body. The corresponding formulas have the form (see Eqs. (E2.1.2.2) 
and (E2.1.2.3)) 
VM =Vp+UXr, 


(E2.1.4.1) 
Ay =ap+EeXr+uxXx(wxXr). 


In the special case vp = 0, ap = O, which takes place in spherical motion, formulas 
(E2.1.4.1) become 


Vy =wWXr (Euler formula), 
am =EXT+WX(WXFr)=EXT+IWXVpy. 


In this case, the distribution of velocities of points of the body is the same as in the case 
of rotation about the fixed axis passing through P parallel to the vector w; therefore, it is 
called the instantaneous axis of rotation. The velocities of all points of the body that lie on 
this axis at the time instant under study are zero, and a small displacement of the body can 
be treated as a rotation by a small angle about the instantaneous axis of rotation. 

To find the specific features of the spatial orientation of the vectors contained in rela- 
tions (E2.1.4.1), we rewrite them as 


VM =VWp+V., 
i n (E2.1.4.2) 
ay =ap ta. ta. 


where we introduce the notation v,, =w xr, af = e€ xr, and a, =w x(w xr). 

These vectors can be interpreted physically as follows (see Fig. E2.5b,c): 

The vector v„ is the velocity of point M of the body in the case of imaginary rotation 
about the fixed axis directed along the vector w and passing through point P. In this 
imaginary motion, the point moves in a circle of radius R, lying in the plane orthogonal to 
the vector w. The velocity is directed along the tangent to this circle, and its value can be 
calculated by formula vy = WR... 

a’, is the vector of normal acceleration of point M in the same imaginary motion of 
the body. The vector is directed along the radius of the circle towards its center, and its 
magnitude can be calculated by the formula a” = w? Ro. 

a” is the vector of tangential acceleration of point M in the case of another imaginary 
rotation about the fixed axis directed along the vector € and passing through point P. In this 
imaginary motion, the point moves in a circle of radius Rẹ lying in the plane orthogonal 
to the vector e. The vector of tangential acceleration is directed along the tangent to this 
circle, and its magnitude can be calculated by the formula af = ek. 

It follows from the above that any small displacement of a rigid body at the time instant 
under study can be represented as composed of three simultaneous imaginary small motions: 

(1) The translational motion with velocity vp and acceleration ap and with zero mag- 
nitudes of w and e. 

(2) The rotation about a fixed axis directed along the vector w and passing through 
point P, with zero magnitudes of vp,ap, and e. 

(3) The rotation about a fixed axis directed along the vector € and passing through 
point P, with zero magnitudes of vp, ap, w, and £. 

We take the scalar products of both sides of Eq. (E2.1.4.1) by the unit vector w/w and 
obtain the equation 

comp, Vp = COMP, YM- 


This means that the projection of the velocity of any point of the body onto the direction of 
the angular velocity vector is independent of the choice of the point. 
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Now we find the body points that have the minimum velocity. Without loss of generality, 
we direct the vector w along the axis Pz of the reference frame Pxyz, place the velocity 
vector v of point P in the plane xPz, and expand it into two orthogonal components, vj, 
parallel to the axis Pz and v ¡,, parallel to the axis Px. On the axis Py, we choose a point S 
so that PS =v, w/w. A straightforward verification shows that vg || w and vg = Vmin = Uif 
All the points lying on the axis SZ have the same property. 

A system of vectors w, v located on the same straight line is called a screw or a wrench. 
The scalar quantity p = v/w is called the parameter of the screw. 

The constant values accompanying some phenomenon or process are usually called 
invariants. Therefore, one can say that, in kinematics of a rigid body, there are two 
invariants with respect to the choice of the pole P, namely, the vector of angular velocity 
of a rigid body and the projection of the velocity of a point of the body on the direction of 
the angular velocity vector. 

Thus, in an arbitrary motion of a rigid body, the distribution of velocities of its points at 
the time instant under study can be one of the following: (1) instantaneous rest, (2) instanta- 
neous translational motion, (3) rotation about the instantaneous axis, and (4) instantaneous 
screw motion. 


Example. A right circular cone with angle 2q at the vertex performs a spherical motion and rolls without 
slip on the surface of a fixed right circular cone with angle 28 at the vertex (Fig. E2.12). At the time instant 
under study, the axis of the moving cone, rotating about the vertical axis, has the angular velocity w; and the 
angular acceleration €1. 

Find the angular velocity w and the angular acceleration e of the moving cone at the time instant under 
study. 


Figure E2.12. Rolling of a circular cone on the surface of another circular cone. 


Solution. We introduce fixed Cartesian coordinate axes with origin at the vertex of the cone: the z-axis is 
directed along the axis of the fixed cone, the x-axis is perpendicular to the z-axis in the plane formed by the 
cone axes at the initial time instant t = 0, and the y-axis is orthogonal to the plane xz, so that the axes thus 
constructed form a right reference frame. 

On the axis of the moving cone, we choose an arbitrary point M and denote the position vector connecting 
this point with the origin O by r. 

The moving cone is in spherical motion. The angular velocity vector w is directed along the common 
generator of the cones, because it is an instantaneous axis of rotation. The plane wr rotates about the fixed 
z-axis, and the vectors w; and e; are directed along it. 

The velocity vm can be found if we first refer it to the cone and then to the plane wr: 


WXr=4w¡xr or (u-w)xr=0, 
which implies that (w — w1) || r = 0. This means that the straight line connecting the endpoints of the vectors 


w and w is parallel to the vector r. 
Considering the obtained triangle, we obtain w = w; sin(a + 3)/sin 8 from the law of sines. 
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To find the vector €, we represent the vector w = w(t) as the sum of three components parallel to the 
coordinate axes: 


sin(a + 6)sina . sin(a + 6) sino EIt N. sin(a + 3) cos a 
== — in( —— c cos (wit + —) (11 —————_-k, 
sin 8 sin 8 sin 8 

where (1 = (wit + eit” 2) is the rotation angle of the plane wr in time t. The angular acceleration can be 
obtained by differentiating the resulting angular velocity vector € = w with respect to time. 

Now if the vectors w and e are known, then one can find the velocity and the acceleration of any point of 
the moving cone. 

The expression for the angular acceleration can be obtained in a simpler way by using the theorems 
presented below. 


2 


wits E Ww 
E 2 


2 
W = w1 


E2.1.5. Compound Motion of a Point 


> Basic notions. Very often, two observers trace one and the same point M, one of them 
is in the laboratory reference frame Og£nC, which is assumed to be fixed, and the other is 
in a moving reference frame Pxyz, which moves relative to the fixed frame according to a 
given law (Fig. E2.13). In this case, if the law of motion of a point in the moving reference 
frame 1s given, then the point position in the fixed reference frame can also be determined at 
any time instant. The motion of a point defined in this way 1s called the compound motion 


of a point. 
M 
G 
We 
E 
Figure E2.13. Compound motion of a point; the fixed reference frame O£nC and the moving reference frame 
Pry. 


This method for specifying the motion of a point differs from those studied above. 
The velocity of a point and its acceleration can be determined as follows: use appropriate 
transformations to pass to one of the above-studied methods for determining the motion of 
a point and then proceed accordingly. But the same problem can be solved differently by 
using the notions and theorems on the velocities and accelerations in the compound motion 
of a point, which will be given below. 

The absolute motion of point M is its motion relative to the fixed (absolute) reference 
frame. The trajectory of the point, its velocity, and acceleration are called the absolute 
trajectory, absolute velocity V, and absolute acceleration aa, respectively. 

The relative motion of point M is its motion relative to the moving reference frame. 
The trajectory of the point, its velocity, and acceleration relative to the moving reference 
frame are called the relative trajectory, relative velocity v,, and relative acceleration a, 
respectively. 

The frame motion is the motion of the moving reference frame relative to the fixed 
reference frame. In this motion, the moving frame “transfers” the set of points rigidly fixed 
to ıt. 

The frame velocity Ve and the frame acceleration a. of point M are the velocity and 
acceleration of the point B that is permanently attached to the moving frame and coincides 
with the moving point M at the given time instant. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 681 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 682 


682 MECHANICS OF POINT PARTICLES AND RIGID BODIES 


If the velocity vp and the acceleration ap of a point P belonging to the moving frame, 
as well as the angular velocity we and the angular acceleration €e of the moving frame, are 
known, then ve and a. can be found by the formulas 


Ve = VB =Vp+w¿Xr, A. = AB =ap +Ee XT +We X (We XP), 


where r is the position vector PB of point B of the moving frame at which the point M 
occurs at the time instant under study. 
> Main theorems. 


THEOREM ON VELOCITIES IN COMPOUND MOTION OF A POINT. The absolute velocity 
vector 1s equal to the vector sum of the relative and frame velocity vectors, 


Va = Vr + Ve. (E2.1.5.1) 


THEOREM ON ACCELERATIONS IN COMPOUND MOTION OF A POINT. The absolute accel- 
eration vector is equal to the vector sum of the relative, frame, and Coriolis acceleration 
vectors, 

aa = a; + ae + ac. (E2.1.5.2) 


The Coriolis acceleration vector is determined by the formula 
ac = 2(We X Vr) (E2.1.5.3) 


and is consistent with the rules for calculating the cross product. 
To find the vectors a, and ae, one has to bear in mind that each of them can be the vector 
sum of several components, for example, of the tangential and normal accelerations. 


Example. Point M moves according to the law AM = 0.5 t* — 2t + 2.5 along the ellipsograph rod whose 
motion was described in the Example in Subsection E2.1.1. Find its velocity and acceleration at time t = 1 s. 

Solution. We find the velocity and acceleration by applying the theorems on compound motion of a point. 
Let us introduce a moving reference frame attached to the rod AB. Under such a choice, the relative motion 
of point M can be introduced in a natural way. For t = 1 s, this point is at the middle of the segment. 

We use formulas (E2.1.1.6) to obtain the relative velocity and acceleration 


v=L=t-2; v-(1) =-1 m/s, 
aj =}; a(l)=1m/s, ar =v;/p.=0 (because 1/p: = 0), 


where the notation L = AM is used. 
In Fig. E2.14, we present the relative velocity and acceleration with signs taken into account. 


Figure E2.14. Relative and frame velocities and accelerations of point M of the ellipsograph. 
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The frame velocity and acceleration of point M are equal to the velocity and acceleration of the point on 
the ellipsograph rod where the point M occurs at time t = 1 s. This point is the rod point K whose velocity and 
acceleration were obtained by solving the example in Subsection E2.1.1 (see formulas (E2.1.1.8)); we show 
them in the figure. 

Now let us find the Coriolis acceleration. The angular velocity vector of the moving reference frame is 
directed towards the observer perpendicular to the figure plane, and the relative velocity vector lies in the figure 
plane. Therefore, the vector ac lies in the figure plane and is perpendicular to vr, so that if we look towards ac, 
then the nearest rotation from w to v, seems to be anticlockwise (Fig. E2.14). The magnitude of ac is equal to 


ac = 2wv; sin 90° = 2m/s’. 
Let us find the absolute velocity of point M: 
Va = Vr + Ve. 
We project both sides of the vector equation onto the x- and y-axes: 


Vaz = Urs + Vex = —1 sin 30° + 1 cos 30° = 0.37 m/s, 


Vay = Ury + Vey = 1 cos 30° — 1 sin 30° = 0.37 m/s, 


which implies that v, = VA vi, + v2, = 0.52 m/s. 
Let us find the absolute acceleration of point M: 


da = ad, + de + ac. 
We project both sides of the last vector relation onto the x- and y-axes: 


aaz = 1 sin 30° — 1.37 — 2 cos 30° =-2.60 m/s”, 
Gay = —1 cos 30° — 0.37 —2 sin 30° = -2.24 m/s”, 


which implies that aa = va az, + a2, = 3.43 m/ s 


When solving problems of kinematics by using theorems on the compound motion of 
a point, the kinematic characteristics of the relative and frame motions can be found only 
after the moving reference frame is chosen. This choice is not unique, because it depends 
on the researcher alone. Therefore, the problem on the direction of the Coriolis acceleration 
makes no sense until the fixed frame, the moving frame, and the law of motion of the latter 
are chosen. 

The theorem on the velocities of a point in compound motion of a point can be stated 
differently. Indeed, for the point M , the theorem on velocities can be written as (Fig. E2.13) 


dOM dOP dr 


Va = V¡+HVe Or —— =V + —— +HWXr or —=V+xXr. 
a r e r d t d t r 
Taking into account the fact that v, is the velocity of point M relative to the moving 


reference frame, we call it the local (relative) derivative of the vector r and denote by E: 


the quantity E will be called the absolute derivative. As a result, the last relation implies 
that 


This formula is sometimes called the theorem on the relation between the absolute and 
local (relative) derivatives of a vector. 
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1 


Figure E2.15. Compound motion of a body determined by three reference frames. 


E2.1.6. Compound Motion of a Body 


> Absolute, relative, and frame motion. One often encounters situations in which the 
position of points of a rigid body 1s determined by three reference frames: the frame Pxyz 
rigidly fixed to the body, the moving frame 0€7¢ in which the motion of the body is given, 
and the absolute (conventionally, fixed) frame OX Y Z relative to which the motion of the 
moving reference frame 1s given (Fig. E2.15). 

The motion of a body in a moving frame is said to be relative, in the fixed frame, to 
be absolute, and the motion of the moving frame relative to the fixed frame is called the 
frame motion. The rigid body motion itself, when given as described above, is said to be 
compound. 
> Addition of translational motions. Assume that, in a moving frame, a body is in 
instantaneous translational motion with velocity v,, while the moving frame itself is in 
instantaneous translational motion with velocity v.. Using the theorem on the addition of 
velocities in the compound motion of a point, we obtain the velocity of an arbitrary point M 
of the body, 

VM = Va = Vr + Ve. 


The point M in no way participates in the final result, and this means that the velocity 
vectors of all points of the body are the same at the time instant under study; that is, in the 
case of two instantaneous translational motions, the body 1s in instantaneous translational 
motion with velocity equal to the vector sum of the velocities of these two instantaneous 
translational motions. 

This result can be generalized to the case of a larger number of translational motions: the 
resulting motion is an instantaneous translational motion with velocity equal to the vector 
sum of the velocities of the original instantaneous translational motions. 
> Addition of rotations about intersecting axes. Assume that in the moving frame 
the body is in instantaneous rotation about an axis with angular velocity w1, while the 
moving frame itself is in instantaneous rotation about another axis with angular velocity w72; 
moreover, the axes intersect at point P (Fig. E2.16). 

Using the theorem on the addition of velocities in compound motion of a point, we 
obtain the velocity of an arbitrary point M of the body: 


VM = Va = V+ Ve = 01 Xr+09Xr=(w0+0)xr=(lxr, where Q = w1 +». 


In other words, if the instantaneous angular velocities intersect, then the resulting motion 
of the body is an instantaneous rotation, with angular velocity equal to their vector sum, 
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Figure E2.16. Addition of rotations about intersecting axes. 


about an axis passing through the point of intersection. This statement holds for any number 
of instantaneous rotations about axes intersecting at one point. 

> Couple of rotations. Assume that a body in the moving reference frame is in instan- 
taneous rotation about an axis with angular velocity w’, while the moving frame itself is 
in instantaneous rotation about an axis with angular velocity w”. Moreover, the axes are 
parallel, and the angular velocities are equal and opposite, w” = w” = w and w = =w” 
(Fig. E2.17). 


Figure E2.17. Addition of rotations about parallel axes (couple of rotations). 


Using the theorem on the addition of velocities in compound motion of a point, we 
obtain the velocity of an arbitrary point M of the body: 


VM =Va=Vr+Ve=0 Xr tu" Xr" =w'"x(r—r")=w'x0%0"=w"x0'0" = MOM ww", 


where the symbol mom.»w” denotes the vector of moment of the couple of rotations. 

The arbitrary chosen point M of the body does not occur anywhere in the final result, 
and this means that the velocity vectors of all points of the body are the same at the time 
instant under study; 1.e., in the case of a couple of rotations, the body is in instantaneous 
translational motion with velocity equal to the moment of the couple of rotations. 

The result thus obtained can be generalized to the case of several couples of rotations: 
the resulting motion of the body is an instantaneous translational motion with velocity equal 
to the vector sum of the moments of couples of rotations. 

One can show that 

1. A couple of instantaneous rotations can be replaced by another equivalent couple. In 
this change, it is necessary that the vector of the moment of the new couple of rotations be 
equal to the vector of the moment of the initial couple. 

2. Two couples of rotations are equivalent to one couple whose moment is equal to the 
vector sum of moments of the initial couples. 

It follows from the above that any instantaneous motion of a rigid body can be described 
by using a system of sliding angular velocity vectors. 
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> Theorems on sliding vectors. In the theory of sliding vectors, the following theorems 
hold: 


THEOREM |. An arbitrary system of sliding vectors can be reduced to an equivalent 
system consisting of a sliding vector applied at an arbitrary chosen point P and a couple 
of vectors; here the vector 1s equal to the vector sum of vectors of the system (the resultant 
vector of the system), and the vector of the couple moment is equal to the vector sum of 
moments of all vectors of the system about the point P (the resultant moment of the system 
about the point P). 


THEOREM 2. Two systems of sliding vectors are equivalent if, after being referred to 
the same point P, their resultant vectors and their resultant moments coincide. 


THEOREM 3. If a system of sliding vectors is first referred to point P’ and then to 
point P”, then the resultant vectors Q’ and Q” and the moments M’ and M” of the resultant 
couples are related as 

O” = O! a Q 


M” = M' + P'P xw. 


THEOREM 4. It follows from Theorem 3 that the following quantities are independent 
of the choice of the reference point P: 


O"-=0'=0 
O .M=0".M” 


Therefore, the resultant vector of the system and the scalar product of the resultant vector 
by the resultant moment are called invariants of the system of sliding vectors about the 
reference center. 

The second invariant with the first taken into account can be written in another form: 


compo M’ = compo M”; 


1.e., the projection of the resultant moment onto the direction of the resultant vector is 
independent of the choice of the center of reference. 


THEOREM 5. The locus of points of reference with coordinates x,y,z at which the 
vectors Q and M are parallel is the straight line 


Mos - (yQs - 242) Moy — (2427 — EN) Moz- (20, — yQhz) 
SSS SS 8 ee AAA AS E2.1.6.1 


where Qz, Qy, Q, and Moz, Moy, Moz are the projections onto the Cartesian coordinate 
axes Oxyz of the resultant vector (2 and the resultant moment Mo about the origin O. 


The straight line (E2.1.6.1) is called the screw axis or the central axis, and the pair 
consisting of the resultant vector and the parallel vector of the resultant couple is called the 
screw. 

Thus, just as in Subsection E2.1.4, we conclude that for Q -M =+ 0 the motion of the 
body can be reduced to instantaneous screw motion. 

In special cases (Q - M = 0), there may be states of instantaneous rest (Q = 0 and M =0), 
of instantaneous translational motion (Q = 0 and M #0), and of rotation about instantaneous 
axis (Q 40 and M =00rM L Q). 
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E2.2. Basic Notions and Laws of Mechanics 
E2.2.1. Basic Notions of Mechanics 


> Mechanical systems. Forces. A mechanical system is defined to be a set of point 
particles in which the position, velocity, and acceleration of any point depend on the 
positions, velocities, and accelerations of the other points. 

A constrained mechanical system is a system of points with constraints imposed on 
their positions and velocities. The material bodies realizing these constraints are called 
the mechanical constraints imposed on the mechanical system. The relations between the 
coordinates and velocities of points of the system and time are called constraint equations. 
A material system is said to be free if there are no mechanical constraints in the system. 

The kinematic state of interacting points (bodies) of a mechanical system is changed. 
A measure of such interaction is the force, depicted in the figures as a directed rectilinear 
segment. The line of action of the force is the straight line on which this segment lies. 

A set of forces distinguished according to some property is called a system of forces and 
is denoted by (EF, y. 

A system of forces is said to be balanced if, being applied to a free rigid body at rest, it 
does not take the body out of this state. 

Systems of forces {F;} and {G;} are said to be equivalent if, being separately applied 
to a free rigid body, they cause the same changes in its kinematic state. 

If there exists a force equivalent to a system of forces applied to a rigid body, then it is 
called the resultant of the system of forces. 

The forces of mechanical constraints acting on points of a system are called constraint 
reaction forces. The forces that act on points of a system and are not reaction forces are 
called active forces. 


> Moment of force. The moment of a force F about a center (point) P is the vector 
M p(F) equal to the cross product of the position vector r drawn from the center to the force 
application point by the vector of force, Mp(F) = r x F (Fig. E2.18). 


ZA 


M p(F) 


T 


Figure E2.18. Moment of the force F about the center (point) P. 


The magnitude of the moment of force is equal to the product of the magnitude of force 
by its moment arm about the center. The moment arm of a force F about a center P is 
the segment of the perpendicular PK drawn from the center to the force action line. The 
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vector Mp(F) is perpendicular to the plane where the force and the center are located and 
is directed so that if we look in the direction opposite to this vector, then it seems that 
rotation of the force about the center is anticlockwise (the right-hand screw rule). If the 
force is translated along the line of its action, then its moment about the same center does 
not change. 

If two arbitrary centers P and S are chosen on an axis (for example, on the z-axis), then 


comp, Ms(F) = comp,(SP + r) x F = comp, Mp(F): 


1.e., the projection of the moment of a force about a center lying on an axis onto this axis 
is independent of the choice of the center. This scalar quantity is called the moment of the 
force Y about the z-axis and is denoted by M,(F). 

To calculate the moment of force about a given axis, one should 

(1) Draw any plane z perpendicular to this axis and mark the point P’ of their intersec- 
tion (Fig. E2.18). 

(2) Find the projection F’ of the force onto this plane. 

(3) Find the magnitude of the moment of the vector F’ about the center P”, which is 
equal to the product F’h’. 

(4) Supply the obtained quantity with a sign observing the rotation of F’ about P’ from 
the side of positive sense of the axis, so that the positive sign corresponds to anticlockwise 
rotation. 

The moment of a force about an axis does not vary if the force is transferred along its 
line of action. It is zero if the force and the axis are in the same plane; in this case, the line 
of action of the force is either parallel to the axis or intersects it. 

The moment of a force F about the origin O of a reference frame and the moments of 
the force about the coordinate axes are calculated by the formulas 


i j k 
Mo(F)=rxF= 2% y z |=M,F)i+ M,(F)j+ ME) k; 
F, F, F, 


M,(F) = yF; — 2E; M (F) = zh, TF, ME) = thy — yf s, 


where Fz, Fy, and F, are projections of the force onto the coordinate axes and x, y, and z 
are the coordinates of the force application point. 
The resultant vector of a system of forces {Fj} is the vector R equal to the vector sum 
of all forces in the system: 
n 
R=) Fy. 
k=1 


The resultant moment of a system of forces about a center P is the vector Mp equal to 
the vector sum of the vectors of moments of all forces in the system about the center P: 


Mp = Y Mp(Es) = Y ro x Fr. 


k=1 k=1 


Here rẹ is the position vector drawn from the center P to the point of application of the 
force Fg. 

> Couple of forces and its properties. A couple of forces is a system of two forces F’ 
and F” applied to the same rigid body so that they are equal in magnitude, parallel, and 
have opposite senses: F’ = —F” (Fig. E2.19). 
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M 


Figure E2.19. Couple of forces. 


The shortest distance h between the lines of action of the forces in a couple is called 
the arm of the couple, and the plane where the forces lie is called the plane of action of the 
couple. 

Properties of a couple of forces: 

1. The resultant vector of a couple of forces 1s zero. 

2. The resultant moment M(F', F”) = M of a couple of forces is independent of the 
choice of the center and is called the torque of the couple of forces. Itis equal to the moment 
of one of the forces in the couple about the point of application of the other force. The 
torque of a couple of forces is the measure of its mechanical action on a rigid body. Under 
the action of a couple of forces, a free rigid body being originally at rest begins to rotate 
about the axis parallel to the torque of the couple. 


E2.2.2. Basic Laws of Mechanics 


> 1. Law of inertia (Newton’s first law): if no forces act on a free point particle, then it 
preserves the rest state or a uniform rectilinear motion. 


> 2. Law of proportionality between force and acceleration (Newton’s second law) 
can be written as the vector equation 


ma =F, 


according to which a force acting on a free point particle causes point acceleration whose 
vector is parallel to the force and proportional to its magnitude. 

The point mass m enters the second law as a scalar coefficient of proportionality. In 
mechanics, the mass 1s assumed to be constant; it is a measure of inertia and gravitational 
properties of a point particle. 

The reference frames in which Newton’s first and second laws are satisfied are called 
inertial reference frames. If these laws are not satisfied in a reference frame, then it is said 
to be noninterial. 


> 3. Law of equality of action and reaction (Newton’s third law): to each action, there 
corresponds an equal and oppositely directed reaction. 

The force actions of some material bodies on other bodies cannot be one-sided; they are 
always reciprocal. The forces do not arise by themselves but are the results of contact or 
spatial interaction of bodies. The appearance of a force acting on a body assumes that there 
is another body, which, in turn, is under the action of a force acting from the first body. The 
law states that these forces are equal in magnitude and opposite in direction, and the lines 
of their action coincide. 


> 4. A system of forces applied to a point has the resultant R* equal to their vector sum. 
A consequence of this law is the following theorem. 
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THEOREM (VARIGNON) ON THE MOMENT OF THE RESULTANT OF A SYSTEM OF CON- 
VERGING FORCES. The moment of the resultant of a system of converging forces about an 
arbitrary center is equal to the vector sum of the moments of forces of the system about the 
same center. 


> 5. The kinematic state of a constrained mechanical system does not vary if the mechan- 
ical constraints imposed on the system are replaced by the constraint reaction forces. 


E2.3. Statics 
E2.3.1. Basic Laws and Theorems of Statics 


> The problems of statics include 
(1) Transforming systems of forces into equivalent systems of forces. 
(2) Determining equilibrium conditions for systems of forces acting on a rigid body. 


> Axioms of statics. The general laws of mechanics are supplemented in statics with the 
following axioms. 

1. Axiom about the balance of two forces applied to a rigid body: two forces applied 
to a rigid body are mutually balanced only if the forces have opposite directions along the 
common line of action and their magnitudes are equal to each other. 

2. Axiom on inclusion and exclusion of balanced systems of forces: the action of a 
system of forces on a rigid body does not vary if a balanced system of forces is added to or 
removed from the system. 

It follows from the last two axioms that a force applied to a rigid body can be transferred 
along its line of action, whereby the action of the force on the body remains the same. 

3. Axiom on preservation of equilibrium of a mechanical system under the action of 
additionally imposed mechanical constraints: if a mechanical system is in equilibrium, 
then the equilibrium remains preserved if an additional mechanical constraint is imposed 
on the system. In particular, this implies that the equilibrium of a deformed body under the 
action of a system of forces is preserved in hardening, because the body hardening process 
is equivalent to imposing additional mechanical constraints on the system of point particles 
forming the deformed body. 


> Basic theorems of statics. Several formulas. The axioms of statics define systems of 
forces applied to a rigid body as systems of sliding vectors, and therefore, all results of the 
theory of sliding vectors remain true for systems of forces. 


THEOREM ON EQUIVALENCE OF COUPLES OF FORCES. Two couples of forces are equiv- 
alent if their torques coincide. 


This means that, without changing the action of a couple on a rigid body, it can be 
transferred to any place in the plane of its action; the couple can be turned and the force 
magnitudes and the arm can be varied so that the rotation direction and the magnitude of 
the couple torque remain constant. A couple can be transferred into another plane parallel 
to the initial plane of the couple action. Thus, the main characteristic of a couple is the 
vector of its torque, and hence it is more convenient to represent the couple by this vector 
rather than by two antiparallel forces. 


THEOREM ON THE RESULTANT COUPLE OF FORCES. A system of couples of forces ap- 
plied to a rigid body is equivalent to a single couple of forces whose torque is equal to the 
vector sum of torques of the original couples. 
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THEOREM ON THE PARALLEL TRANSFER OF A FORCE. One can transfer a force to any 
point of a rigid body without changing its action on the body provided that one simultane- 
ously adds a couple of forces (an associated couple) whose torque 1s equal to the moment 
of the force to be transferred about the point where the force is to be transferred. 


THEOREM ON REDUCING A SYSTEM OF FORCES TO A CENTER. An arbitrary system of 
forces applied to a rigid body 1s equivalent to a single force applied at an a priori chosen 
center P and a single couple of forces. The force 1s equal to the resultant vector R of the 
system of forces, and the torque of the couple is equal to the resultant moment Mp of the 
system of forces about the chosen center. 


THEOREM ON EQUIVALENCE OF SYSTEMS OF FORCES APPLIED TO A RIGID BODY. For 
two systems of forces to be equivalent, it 1s necessary and sufficient that they have equal 
resultant vectors and resultant moments about the same center. 


If a system of forces is reduced first to a point P’ and then to a point P”, then the 
resultant vectors R' and R” and the resultant moments M' and M” satisfy the relations 


R” = R’ = R 
M"=M+P"P'xR 
The invariants of a system of forces are the resultant vector and the scalar product of the 


resultant vector by the resultant moment of the system; they are independent of the choice 


of the reduction center: 
R” = R’ = R, 


R’ : M’ = R” : M” 
The second invariant, with the first invariant taken into account, can be represented as 
compp M' = compp M”. 


For R -M 4 0, the system of forces can be reduced to a screw (wrench), and the equation 
of the screw axis has the form 


Moz — (y Rz - zRy) _ Moy —(2Ry — £ Rz) _ Moz- (£ Ry - yfir) 
Ra p Ry 7 Ra 


where Fr, Ry, Rz and Moz, Moy, Moz are the projections on the Cartesian coordinate 
axes Oxyz of the resultant vector R and of the vector Mo of the resultant moment about 
the origin O. 

Thus, just as in Subsection E2.1.4, we conclude that for R - M # 0 the system of forces 
can be reduced to a wrench. The special cases where R - M = Q include the case of a 
balanced system of forces (R = 0 and M = 0), the case of reduction to the resultant couple 
of forces (R = 0 and M # 0), and the case of nonzero resultant force R + 0. 


THEOREM (VARIGNON) ON THE MOMENT OF THE RESULTANT. Ifa system of forces has a 
resultant R*, then its moment about any center P is equal to the vector sum of the moments 
of all forces of the system about the same center: 


Mp(R*) = X _ Mp(F;). 
k=1 


Corollary: the moment of the resultant about an arbitrary axis is equal to the algebraic 
sum of moments of all forces of the system about the same axis. 
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E2.3.2. Balance Conditions for a System of Forces Applied to 
a Rigid Body 


> Equations of equilibrium of a rigid body. For a system of forces applied to a rigid 
body to be balanced, it is necessary and sufficient that its resultant vector and resultant 
moment about a center, for example, about the origin O, be zero: 


R=) F,=0;  Mo=) Mo(F;)=0. (E2.3.2.1) 
k k 


In coordinate form, the balance conditions for a system of forces applied to a rigid body 
are obtained from the vector equations and have the form of the system of six equations 


> Flew = 0, > Fey = 0, > Fee = 0, 
k k k 


(E2.3.2.2) 
X MF) =0, X M,F) =0, X MŒ) = 0. 
k k k 


This system is called the primary system of equations of equilibrium of a rigid body under 
the action of an arbitrary system of forces. 

The upper three equations are called the equations of projections of forces onto the 
coordinate axes; they reflect the fact that if a rigid body is in equilibrium, then the algebraic 
sum of projections of all forces applied to the body onto each of the coordinate axes must 
be zero. The lower three equations are called the equations of moments of forces about the 
coordinate axes. These equations show that if a body is in equilibrium, then the algebraic 
sum of moments of all forces acting on the body about each of the coordinate axes must be 
Zero. 

There are other forms of the system of equilibrium equations, different from the primary 
system, each of which consists of six equations. When using them, one should verify 
conditions constraining the choice of axes about which the sums of moments of the forces 
are calculated. 

In each problem on the equilibrium of a rigid body or a structure consisting of several 
bodies, in addition to some given quantities, there are quantities that must be determined 
when solving the problem. An equilibrium problem is said to be statically determinate if it 
can be solved completely by methods of statics. In this case, it is necessary that the number 
of unknowns does not exceed the number of equilibrium equations. A problem is said to 
be statically indeterminate it if cannot be solved by using the equations of statics alone. 
Thus, any equilibrium problem with seven or more unknowns for a single body is a priori 
statically indeterminable. 


> Special cases of equilibrium equations for a rigid body. In special cases of arrange- 
ment of forces, one or several equations in the primary system can become identities. For 
example, (1) if all the forces are perpendicular to the coordinate z-axis, then the equation 
for the projections onto the z-axis becomes an identity; (11) if the lines of action of all forces 
intersect the y-axis, then the equation for the moments about the y-axis becomes an identity. 
(In these cases, the number of equilibrium equations decreases to five.) 

In what follows, we consider systems of forces whose equilibrium is described by three 
equilibrium equations. 

A system of forces is said to be converging if the lines of action of the forces intersect 
at a single point. We choose the origin at this point. The equations of moments of the main 
system become identities, and the remaining three equations 


S Fee =0, Y Fay =0, Y» Fy, =0 (E2.3.2.3) 
k k k 
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form the system of equilibrium equations. 

A system of forces is said to be plane if all the forces lie in the same plane. We direct 
the coordinate axes so that all the forces lie in the plane xOy; in this case, the third, fourth, 
and fifth equations of the main system become identities, and the remaining three equations 


SHO; ge 0: Y Mo(Fy) = 0 (E2.3.2.4) 
k k k 


form a system of equilibrium equations of a plane system of forces. Here the equation of 
moments about the z-axis is written in a different equivalent form: the moment vectors 
are perpendicular to the plane of action of the forces 1f the center lies in the same plane. 
Therefore, the moment of a force about the center can be viewed as a scalar quantity. In 
a right reference frame, the moment is assumed to be positive if the force tends to rotate 
anticlockwise about the center. 

In the case of a plane system of forces, one can use other forms of equilibrium equations. 
One of them is 


X Fee =0, Y Mp(Fy)=0, X > Ms(Fx) =0, 
k k k 


where P and S are any points of the plane for which the segment PS is not perpendicular 
to the x-axis. 
Another form of equilibrium equations 1s 


Y Mp(Fy) =0, Y) MsFy)=0, >) Me(Fy) = 0, 
k k k 


where P, S, and E are any points on the plane that do not lie on the same straight line. 

A system of forces is called a system of parallel forces if the lines of action of the forces 
are parallel. Let the z-axis be parallel to the lines of action. The first, second, and sixth 
equations of the main system become identities, and the remaining equations 


X Fie =0, X M(Fi)=0, Y My(F;)=0 
k k k 


form the system of equilibrium equations for a body under the action of parallel forces. 


E2.3.3. Solution of the Problems of Statics 


> The general scheme of solution of the equilibrium problem for a body (or for 
structures consisting of several bodies) includes several stages. One should 

1. Choose a body (or a structure) the study of whose equilibrium allows one to determine 
the desired quantities. Draw an assumption diagram, 1.e., a simplified figure that contains 
only linear dimensions and angles necessary to solve the problem but does not contain 
insignificant details. 

2. In the diagram, draw the active forces given in the assumptions of the problem. 

3. In the case of a constrained body, omit the mechanical constraints imposed on it and 
replace their action by constraint reactions. After such a change, the body becomes free. 

4. Verify whether the necessary condition for the problem to be statically determinate 
is satisfied: the number of unknowns in the assumption diagram should not exceed the 
number of equilibrium equations for the system of forces under study. 

5. If this condition is satisfied, write out the system of equilibrium equations, solve it, 
and study the results. 

When solving the problem, it is desirable to follow the above scheme strictly. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 693 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 694 


694 MECHANICS OF POINT PARTICLES AND RIGID BODIES 


Experience shows that errors most frequently creep in when replacing the constraints 
by their reaction forces. Consider this issue in more detail. 


> Rules for the alignment of mechanical constraint reaction forces. Every mechanical 
constraint is either a body or a mechanical device that imposes some constraints on the 
body displacements in space. Depending on the type of the constraint, some displacements 
are prohibited and some displacements are allowed. This permits one to predict some 
qualitative characteristics even before calculating the numerical values of the constraint 
forces. The rule that one should stick to when replacing the constraints by reaction forces 
is the following: the constraint reaction can generally consist of two force factors, namely, 
a force applied at the point where the constraint 1s imposed and a couple of forces. 

If a constraint prohibits a translational displacement of the body, then there appears 
a reaction force whose direction is opposite to that of the prohibited displacement. If a 
constraint prohibits a rotation of the body, then there appears a couple of constraint reaction 
forces whose torque is directed along the axis of the prohibited rotation. 


> Some types of mechanical constraints. 

1. Perfectly flexible unstretchable massless string. In Fig. E2.20, a string attached to 
a rigid body at point B is shown. The constraint in question is imposed at point B, and 
since this is a perfectly flexible string, the body is allowed to rotate about any axis passing 
through this point. This means that no couple of reaction forces appears in this case. 

For this type of constraints, small translational displacements of a body are allowed 
in which point B moves on the surface of a sphere of radius BK centered at point K. 
Therefore, no reaction force can arise in the direction of allowed displacements. The 
translational displacement of the body in direction K B is prohibited, because the string 
is unstretchable. This means that there arises a reaction force N applied to the body at 
point B in the direction of the straight line BK. 

2. One aligns reaction forces in a similar way if the constraint is realized either by free 
support of two bodies such that the surface of one of them is absolutely smooth (Fig. E2.21) 
or by a moving hinge B (Fig. E2.22). 


Ng 


Figure E2.20. Perfectly flexible unstretchable massless string. 


3. A fixed hinge A (Fig. E2.22) does not prevent beam AB from rotation about point A; 
therefore, no couple of reaction forces appears at point A. The device under study prohibits 
any translational displacement; therefore, neither the magnitude nor the direction of the 
reaction force R4 is known in advance. In this case, R4 is usually represented by two 
components x, and y, parallel to the coordinate axes. 
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Figure E2.21. Free support of two bodies. 


4. Rigid clamping. The constraint prohibits any translational displacement of the body; 
therefore, there arises a constraint reaction force Rg whose direction is unknown. It is 
usually represented by three components Xg, Yp, ZB parallel to the coordinate axes. Rigid 
clamping prohibits rotation about any axis passing through point B; therefore, there arises 
a couple of reaction forces whose torque M g is known in advance neither in magnitude nor 
in direction. The unknown couple is usually represented by an equivalent system of three 
couples whose torques M gr, M gy, Mp, are directed along the coordinate axes (Fig. E2.23). 


Figure E2.23. Rigid clamping. 


If several constraints are imposed on a body, then each of them can be investigated 
independently of the other constraints and the forces applied to the body. 

The unknowns in problems of statics can be not only the constraint reactions but also 
angles, linear dimensions of structures, and other parameters. 


Example 1. Find the reaction of the rigid clamping B of a bent massless beam BDE (Fig. E2.24a) 
subjected to a force F = 20 kN and a couple of forces with torque M = 2 kN m assuming that a = 30°, 
BD =2 m, and DE = 1 m. 


Solution. We follow the general scheme for solving body equilibrium problems. 
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y 


(a) (b) 


Figure E2.24. Bent beam with rigidly clamped left end is subjected to a force F and a couple of forces with 
torque M: (a) active forces; (b) constraint reaction forces. 


1. The reaction of the rigid clamping B can be found by studying the beam equilibrium; therefore, for the 
rigid body we take the beam BDE. We separately draw the assumption diagram (Fig. E2.24b). 

2. On the diagram, we align the active force factors acting on the beam, 1.e., the force F and the couple 
of forces M, which we present as a curved arrow in the direction of rotation of the couple. (In our case, the 
rotation is clockwise.) 

3. The beam is not free, because a constraint is imposed on it; 1.e., 1t is rigidly clamped at point B. We 
make the beam free by replacing the constraint with constraint reaction forces. The clamping reaction consists 
of a force Rg and a couple of forces with torque M g, for both of which neither the magnitude nor the direction 
is known. 

We introduce the reference frame xy shown in the figure. Since the direction of the force Rg is unknown, 
we represent it by two components X g and Y g. The unknown couple Mg of reaction forces is represented by 
the curved arrow. Note that we need not guess the true directions of the components and the curved arrow of 
the torque of the couple, because all this will be clear after the problem is solved. (In the assumption diagram, 
X g is shown as if it were directed to the left only because this way it is more noticeable in the figure.) 

We replace F by an equivalent system of forces consisting of two components F’ and F” parallel to the 
coordinate axes, 

F=F +F”, F’=Fcosa, F” =Fsina. 


4. Now the assumption diagram represents a free beam subjected to forces lying in the same plane. The 
system of equilibrium equations consists of three equations. The number of unknowns Xg, Ys, Mp is also 
equal to three. This means that the number of unknowns and the number of equations coincide and the necessary 
conditions for the problem to be statically determinate are satisfied. 

5. We use the basic form of equilibrium equations for a plane system of forces, taking the center B as the 
moment point. 

The mishap most frequently encountered when writing out the equilibrium equations is to forget some 
force or couple of forces; therefore, it is recommended to arrange all forces and all couples of forces applied to 
the body in a row and then write out the equilibrium equations beneath it: 


Forces, couples of forces Xs Ys Mpg F’ F” M 
S Freo=-XB+ 0 + 0 — F’ + 0 + 0 =0, 
Fy, = 0 +¥p+ 0+ 0 - F” +0-=0, 
2 Fry 


Y, Ma(Fx) = 0 + 0 +Mg+F'DE-F"BD-M-=0. 
By substituting the original data, we obtain the solution of the problem: 
XB = —17.1 kN, Yg =10 kN, MpB=4.9 kN m. 


The signs in the answers show that the direction of the component X g is opposite to that shown in the 
assumption diagram, while the directions of the component Y g and of the curved arrow Mg correspond to 
those in the diagram. 

It is not recommended to redraw X g in the diagram (Fig. E2.24b) with the sign of the answer taken into 
account, because should this be done, it would be impossible to verify whether the equations of equilibrium are 
composed correctly and interpret the results. 

The clamping reaction force Rpg is the vector sum of the orthogonal components Xg and Y g; therefore, 
1ts magnitude can be obtained by the formula 


Rp = ES + Y? = 19.8KN. 
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Example 2. A structure consisting of two massless rods BD and DF is shown in Fig. E2.25. The rods 
are of the same length 4m and are hinged to each other and to the base so that BE = BD = 2a. The left 
rod BD is loaded by the horizontal force F' = 20 KN at the midpoint, and the right rod DE is loaded by the 
couple of forces M = 10 kN m. Find the support reactions and the pressure in the intermediate hinge D. 


Figure E2.26. Assumption diagram for the two-rod problem. 


Solution. We consider the equilibrium of each rod separately, for which we divide the structure into two 
parts, namely, the rods BD and DE, and align the active forces and the constraint reactions. 

After this, the assumption diagram of the problem acquires the form shown in Fig. E2.26, where the 
reference frame is the same for both rods. The force Rp acting on the rod BD from the rod ED is represented 
by two components Xp and Yp, and the force R' acting from the rod DB on the rod ED is represented 
by two components X‘, and Y. Since the action force Rp and the reaction force Rp must satisfy the 
action—reaction axiom, it follows that their components also satisfy the relations Xp = -X'p and Yp =-Y‘p; 
1.e., the components are equal and oppositely directed, and this is already taken into account in the diagram. 
The magnitudes of the components satisfy the relations 


Xp=Xp, Yo=Yp. (E2.3.3.1) 


All in all, there are eight unknowns Xp, Yg, Xp, Yp, Xp, Yp, Xe, and Yg. The equilibrium of each 
rod is described by three equilibrium equations; together with the last two equations, they form a system of 
eight equations with eight unknowns. (The necessary conditions for the problem to be statically determinate 
are satisfied.) 

The equilibrium equations read 


for rod BD for rod ED 
Y Fk = X B+ Xp +F=0, Ny Fao =-Xp + Xe =0, 
Y y Fhy = Ya + Yp =0, Ny Fry = YD + Ye =0, 
Y, Mg (F) = -Fa sin 60° Y, Mr (Fk) = Xp2a sin 60° 
— Xp2a sin 60° + Yp2a cos 60° = 0, + Yp2acos 60° - M = 0. 


By solving this system with (E2.3.3.1) taken into account, we obtain X g = -16.44 kN, Ys = -11.16 kN, 
Xp = Xp = -3.56 kN, Yp = Yp = 11.16 kN, Xg = -3.56 kN, and Yg = 11.16 kN. 
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E2.3.4. Center of Parallel Forces. Center of Gravity of a Rigid Body 


> Center of parallel forces. Assume that a rigid body is under the action of a system {F} } 
of parallel forces. The forces can rotate about the points of their application remaining 
parallel. Since R -Mp =0, it follows that the system has a resultant R* provided that R + 0. 
One can prove that the line of action of R* always passes through the same point C of the 
body regardless of the force direction. This point is called the center of parallel forces, and 
its position in space is determined by the position vector ro, 


ro = k EkTR (E2.3.4.1) 
Don Eh 
where the rz are the position vectors of the points where the forces F; are applied and 
the Fi, are the force magnitudes. 
The coordinates xc, yc, zc of the center of parallel forces can be determined by the 
formulas 


el Le AE gpa D (2.3.4.2) 
> Center of gravity of a body. The center of gravity of a rigid body is the center of parallel 
forces that represent elementary forces of gravity of the material particles comprising the 
body. If the body is on Earth’s surface and its dimensions are small compared to Earth’s 
radius, then one can assume that the lines of action of the forces of gravity are parallel and 
their magnitudes depend only on the body volume V, the material density p, and the free 
fall acceleration g. 
The formulas for finding the center of gravity read 


1 1 1 1 
ta = | AV, ra= | vdv. we= g | adv. as = fav. 


where y = y(x, y, 2) = gp is the specific weight and G = io y dV is the weight of the body. 
Similar formulas hold for the center of gravity of a body that has the shape of a surface 
or a line. 


> Methods for finding the center of gravity. 

Symmetric bodies. If a body has a plane (axis, center) of material symmetry, then its 
center of gravity lies in this plane (on the axis, at the center). 

Method of partition. Assume that a body consists, for example, of three parts (Fig. E2.27) 
for each of which we know the weight G1, G2, G3 and the position r1, r2, r3 of the center 
of gravity. The position vector r123 of the center of gravity of the body consisting of three 
parts and its coordinates are determined by the formulas 


ee Gir} + Gorn + G3r3 a G£] + Ga £2 + G3T3 
Gi+G@ +G; `” Gi +G +G3 (E2.3.4.3) 

_ Giy + Gry2 + G3y3 — Gizi +G222 + G323 

Aa? AGA 


Method of negative masses. Now assume that we need to find the position of the center 
of gravity of a new body consisting of parts / and 2 (see Fig. E2.27). 
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Figure E2.27. Determining the center of gravity of a body consisting of three parts. 


The solution can be obtained either by the above formulas if one sets G3 = 0 or by the 
formulas that, under certain conditions, can be more convenient: 


— GY 123 — G3r3 poe Gx 123 — (323 
G=G; ` G-G; 7 

_ Gy123 - G3y3 _ Gz13-G323 
a A 


where G = G173 = Gi + G2 + G3 is the weight of the body consisting of three parts. The 
weight G3 of the cutaway part enters the formulas with negative sign, and just this fact 
underlies the name of the method. 

In Table E4.1 (Section E4.1), we present formulas for the coordinates of the center of 
gravity for homogeneous bodies of simplest shapes. 


E2.3.5. Distributed Forces 


In practice, one often encounters the cases in which the body is subjected not to lumped 
forces but to a load distributed over a volume, surface, or line. The special case of bulk 
distribution of the force of gravity was considered in the preceding section. The vector 
quantity q characterizing the load is called the load intensity and is measured in N/m, 
N/m’, or N/m. 

When solving problems of statics, a distributed load is usually replaced by a simpler 
statically equivalent force (or a system of forces). 

1. A uniformly distributed load of intensity q (Fig. E2.28) in a plane problem of statics 
has the resultant Q = q BD whose line of action passes through the midpoint of the interval 
where the load is applied, BE = ED. 


Qmax 
B E D 
Q 
Figure E2.28. Uniformly distributed load. Figure E2.29. Linearly distributed load. 


2. A linearly distributed load in plane problems of statics (Fig. E2.29) has the resultant 
Q= max BD passing through point E, and BE = BD. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 699 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 700 


700 MECHANICS OF POINT PARTICLES AND RIGID BODIES 


E2.3.6. Friction Laws (Coulomb Laws) 


> Law of sliding friction. Consider a body of weight G at rest on a rough horizontal plane 
(Fig. E2.30). An attempt to move the body by applying a horizontal force F to it remains 
unsuccessful until the force attains a certain magnitude F*. The resultant of the support 
reaction forces can be represented as the sum of two components, the normal pressure 
force N and the static friction force Fø. The equation for the projections of the forces onto 
the horizontal axis gives Fy, = F. 


Figure E2.30. Friction force arising in an attempt to move a fixed body on a horizontal plane. 


Experiments show that F™ and N satisfy the relation (Coulomb’s dry friction law) 
F* = fN, (E2.3.6.1) 


where fo is the coefficient of static friction, which depends on the materials of the contacting 
bodies and the state of their surfaces. 

Until F < F*, the body is at rest. But if a force larger than F™ is applied to it, the body 
begins to move. In motion, the resistance force can be found by the formula 


Fi, = fN, (E2.3.6.2) 


where f is the coefficient of kinetic friction and Fy is the force of kinetic friction. 
Note that the coefficient of kinetic friction is always less than the coefficient of static 
friction, f < fo. 


> Laws of rolling friction. Consider a disk of radius R at rest on a nonsmooth horizontal 
plane (Fig. E2.31). An attempt to roll the disk by applying a horizontal force F to its center 
remains unsuccessful if the force magnitude is less than a certain limit value F**. 


FE XP 
i Mr 


Figure E2.31. Friction force arising in an attempt to roll a circular disk. 


According to the theorem on the reduction of a system of forces to a center, the support 
reaction forces distributed over a small surface near the contact point P can be replaced by 
an equivalent system, namely, by the normal pressure force N, the static friction force Fp- 
applied at the contact point P, and a couple of friction forces with torque Mp. 

If the disk is in equilibrium, then the equations of moments about the center P imply 
FR = Mp. Experiments show that F** and N are related by F** = kN/R and 


MF =EN. (E2.3.6.3) 
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The dimensional coefficient k [m] is called the coefficient of rolling friction. 

A rolling surface is said to be absolutely rough if f #0 and k =0. 

Experiments show that, other conditions being equal, F* is much larger than F** 
(usually by two or three orders of magnitude), and hence, in technology, if it is necessary 
to decrease the friction losses, then one tries to replace sliding by rolling. 


E2.4. Dynamics of a Point Particle 
E2.4.1. Equations of Motion of a Point Particle 


The motion of a point particle with respect to an inertial reference frame is described by 
Newton’s second law: 


n l 
ma = yy Fj + y R, (E2.4.1.1) 
j=1 k=1 


where m is the mass of the point, a is its acceleration, and the right-hand side of this equation 
is the vector sum of all forces applied to the point. The causes of all these forces may be 
different. Here we distinguish between active forces F; and constraint reaction forces Rx. 
The active forces can depend on time t and on the position and velocity of the point. The 
active forces include the forces of gravity, elasticity, viscous friction, aerohydrodynamic 
drag, etc. 

The constraint reaction forces act on a nonfree point particle whose motion is subjected 
to some mechanical constraints. These forces can only be determined in the course of 
solution of the problem of dynamics. 

We take the Cartesian axes of an inertial reference frame x, y, z, project the vector 
equality (E2.4.1.1) onto these axes, and obtain 


dx 
ae. = X T + S Ría 
J k 
dy 
ares = yy + S Riy 
j k 
2 
mo = De F X Riz 
j k 


These three equations are called the differential equations of motion of a point particle in 
Cartesian coordinates. (From now on, summation indices are sometimes omitted.) 

The differential equations of motion of a point particle in projections onto the natural 
coordinate axes have the form 


mZ => Fr +) Rp, 


Here we have taken into account the fact that a, = —, an = —, and a, = 0. 
p 
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E2.4.2. First and Second Problems of Dynamics 


In the equations of motion (see Subsection E2.4.1), unknowns can occur on both left- and 
right-hand sides. Depending on this, the problems of dynamics are divided into two types, 
which we consider below. 


> The first problem of dynamics. The law of motion and the active forces are given, and 
one needs to find the constraint reaction forces. 


Example 1. A load of weight G to which a certain initial velocity was imparted at time to = O ascends 
an inclined rough plane (Fig. E2.32). Find the friction force Fy, and the normal pressure force N acting on 
the body under the assumption that the coefficient f of friction of the plane and the angle a of inclination are 
known. 


Figure E2.32. Motion of a load on an inclined rough plane. 


Solution. We introduce Cartesian coordinate axes and place the origin O at the load position at time £ = 0. 
Let us draw the load in an arbitrary position and the forces acting on it. Under the assumption that the load is a 
point particle, we write out Newton’s second law 


ma=G+N+4+ Fr. 


By projecting both sides of this vector equation onto the y-axis, we obtain 0 = -G cos a+ N (because the load 
acceleration is parallel to the x-axis), whence we find N = G cos a. Further, using the Coulomb law, we obtain 
the friction force Fy, = fN = fG cosa. 


> The second problem of dynamics. The active forces, the mechanical constraint equa- 
tions, the initial position of the point, and its initial velocity are given, and one needs to find 
the law of motion of the point and the constraint reaction. 

It is recommended to solve the second problem of dynamics successively in several 
stages listed below. 

1. The supposed trajectory of motion is drawn with the point particle shown on it. 

2. The forces applied to the point are drawn. 

3. Newton’s second law is written in vector form. 

4. A convenient reference frame is chosen. 

5. The equations of motion of the point are written in projections on either the axes of 
the Cartesian coordinate system or the axes of the natural trihedron. In the first case, it is 
necessary to express all active forces in terms of t, x, yY, z, £, Y, and 2; in the second case, 
in terms of t, s, $. 

6. The obtained differential equations are supplemented with the initial conditions, 1.e., 
the values of the coordinates and projections of the velocity of the point at the initial time 
instant. (They are taken from the conditions of the problem with the introduced reference 
frame taken into account.) 

7. The problem thus posed is solved numerically or analytically. 

It is recommended to perform these stages of solution without changing their order. 


Example 2. In addition to the conditions of the problem in Example 1, it is assumed that the velocity of 
the load at time t* is equal to half the initial velocity. Find the initial velocity vo of the load and the path L 
traveled in time t*. 
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Solution. Continuing the process of solving the problem in Example 1, we project both sides of the vector 
equation onto the x-axis. Using the formulas G = mg and Fy, = fG cos a, we obtain 


í=-g(sina+ f cosa). 


The general solution of the obtained differential equation and the expression for the velocity of the load 
are given by the formulas 


LS -59 (sina + f cos at + Cit + Co, 
x = -g (sina + fcosajt+C\. 
(The details of their derivation are omitted, and their correctness can be verified by differentiation.) 
The last two relations must hold at any time instant t and hence at the initial time to = O and at time £*; 


1.e., the relations are satisfied if, instead of t, x, and x, we first substitute the values 0, 0, vo and then the values 
t*, L, vo /2. After the substitutions, we obtain the system of four equations 


0=C», 
vo = C1, 
L =-$ (sina + f cos ay + Cit” + Cy, 


Žuvo =-g (sina + f cos a)t* + Ci 


with four unknowns C1, C2, vo, L. By solving this system, we obtain the desired quantities 


vo = 2g (sina + f cos a)t*, 


L = łg (sina + f cosay(t*y. 


E2.5. General Theorems of Dynamics of a Mechanical 
System 


It is often possible to find important characteristics of motion of a mechanical system 
without integrating the system of differential equations of motion. This can be done by 
using general theorems of dynamics. 


E2.5.1. Basic Notions and Definitions 


> Internal and external forces. Any force acting on a point of a mechanical system is 
necessarily either an active force or a constraint reaction. The entire set of forces acting 
on the points of the system can also be divided into two classes in a different way: one 
distinguishes between the external forces F° and the internal forces F'. The external forces 
are the forces acting on the points of the system from points and bodies that are not contained 
in the system under study. The internal forces are the forces of interaction between the 
points and bodies contained in the system under study. 

This distinction depends on what point particles and bodies are included by the researcher 
into the mechanical system under study. If the system is extended by including additional 
points and bodies, then some forces that were external for the original system can become 
internal for the extended system. 


> Properties of internal forces. Since these forces are forces of interaction between parts 
of the system, they are contained in the total system of internal forces in “pairs” formed 
according to the action—reaction axiom. For each of such “pairs” of forces, the resultant 
vector and the resultant moment about an arbitrary point are zero. Since the complete 
system of internal forces consists only of “pairs,” it follows that 

1. The resultant of the system of internal forces is zero. 

2. The resultant moment of the system of internal forces about an arbitrary point is zero. 
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The mass m of the system is the arithmetic sum of masses mz, of all points and bodies 
that form the system, 
m= Y ms. 
k 


> The center of mass (center of inertia) of a mechanical system is the geometric point C 
whose position vector rc and whose coordinates zc, yo, zc are determined by the following 
formulas similar to the formulas for the center of parallel forces (see Subsection E2.3.4): 


y” MEV, ae MEL k a MkYk D MEZk 
E E ee E E E 


> 


where rk, £k, Yk, Zk are the position vectors and the coordinates of the points comprising 
the system. 
For a rigid body in a homogeneous field of gravity, the positions of the center of mass 
and the center of gravity coincide; in other cases, these are different geometric points. 
Along with an inertial reference frame, one often considers a noninertial reference frame 
moving translationally. Its coordinate axes Cx*y*z* (the König axes) are chosen so that 
the origin C constantly coincides with the center of mass of the mechanical system. By 
definition, the center of mass is stationary in the König axes and is located at the origin. 
> Moments of inertia. In the space, we choose a plane II, an axis /, and a point O. The 
distances from a point of mass my to II, l, and O are denoted by the symbols 6;, Az, and rg, 
respectively. Consider the positive expressions 


Ihr = ` My, Ty = Y MA lo = y MET, 
k k k 


where the sum is taken over all the points of the system. These expressions are called 
the moments of inertia about the plane II, the axis l, and the point O. In the Cartesian 
coordinate axes x, y, z with origin at point O, the moments of inertia satisfy the relations 


Lia = yOu + ÍxOz> Ly = L20y + LyOu: Izz = Lx0z + L20y» 
1 
Lo = Lx0y + LyOz + 1,02 = + Uso + Ly + Iz). 


Consider a ray l passing through the origin O with direction cosines a, (, y (Fig. E2.33). 
The squared distance A; from the point of mass mz with coordinates £k, yz, Zk to the ray 
is equal to 


A? = (a +y? + 2° Ya’ +8 +y- (xa + 8 + zy). 


(To be concise, we omit the subscript k.) 
The moment of inertia Jų of a material system about the ray is equal to 


In= X mA = Irro + Ly? + Lee” — Uyz BY -2L20 1002 L2y088.  (E2.5.1.1) 


The quantities 


Luz = Y myz, Des X mea, Try = Y may, 
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LE 


Figure E2.33. Moments of inertia of a point particle with mass m, about the ray l. 


are called the centrifugal moments of inertia; they can take both positive and negative 
values. 

On the ray l at a distance 1/y 1; from the origin, we mark a point with coordinates 
X =0/V In, Y = 6/VÍy, and Z = y/v Iu. The equation of the geometric locus of such 
points with (E2.5.1.1) taken into account has the form 


loz X’ dig Vo AS ZHU O, Dl XY = 1. 


Since the points of the system occupy a bounded domain in space, it follows that the last 
relation is the equation of an ellipsoid. It is called the ellipsoid of inertia of the system with 
respect to the point O. The principal axes of this ellipsoid are called the principal axes of 
inertia with respect to point O. In these axes, the centrifugal moments of inertia are zero. 

If the principal axes of inertia are taken for the coordinate axes, then the expression for 
the moment of inertia acquires the form 


Ty = Aa? + B8? + Cy, 


where A = Izz, B = Iy,, and C = Izz. 

The principal axes of inertia passing through the center of mass of the system are called 
the principal central axes of inertia. 

If a mechanical system is a rigid body, then the summation in the above formulas should 
be replaced by the integration over the volume V occupied by the body. For example, 


LxOy = JIJ pz dx dy dz, 
V 


where p = p(x, y, z) is the body density. 
Table E2.1 presents formulas for calculating the moments of inertia of several figures. 


THEOREM (HUYGENS). The moments of inertia about parallel axes one of which passes 
through the center of mass C are related by 


IL, = Ic + mg, 


where I,, and Iç; are moments of inertia about parallel axes z and C'z, the axis Cz passes 
through the center of mass, d is the distance between the axes, and m is the mass of the 
system. 


It follows from the Huygens theorem that Ic, < Izz. 
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TABLE E2.1 
The moments of inertia of the simplest homogeneous figures of mass m. 


Type of figure Description of figure The moment A ae is calculated 


the perpendicular 
passing through zma 
the midpoint of the segment 


Lj Circle arc of radius R the diameter 1 RI sin Q 
re supported by angle a dividing the arc in half qa ( A ) 


Straight line segment 


Line of length 2a 


(1) the axis lying 
in its plane and passing through 
the center perpendicular (i) ¿ma 
Rectangle with to the side 2a 
sides 2a and 2b (11) the axis 
perpendicular to the plane (11) mía? +b’) 


2 


Surface 


of the rectangle and passing 
through its center 


(1) the axis a 
(ii) the axis b (i) imb? 
Ellipse with (111) the axis (ii) Ima? 
semiaxes a and b perpendicular to the plane 
of the ellipse and passing (iii) mía? +b’) 
through the center 


-m(hj + hih + hj), 
the axis lying h1, ha are distances 
Surface Triangle in its plane and passing through from the other two 
one of the vertices vertices to 
the same axis 


Hollow thin-walled 
2 
Thin spherical the axis passing through > > 
shell of radius R the center of the sphere aun 


the axis passing through 
the center perpendicular mía? + b*) 
to the face with sides 2a and 26 


Surface 


Three-dimensional | Rectangular parallelepiped 
with sides 2a, 2b, 2c 


Rectangular pyramid (1) the height 
Three-dimensional | of height h whose base (11) the axis passing through 
body is a rectangle the center of gravity and 
with sides 2a and 2b parallel to the side 2a 


(i) ¿m(a? +b’) 
(ii) ¿mGh? + 40°) 
(1) the cylinder axis 
Three-dimensional| Right circular cylinder | (ii) the straight line passing through 


body of radius R and height h the center of gravity 
perpendicular to the cylinder axis 


Three-dimensional l the axis passing through 2 2 
Balkof radusi the center of the ball ce 
Three-dimensional Triaxial ellipsoid l 1 es 2D 
Three-dimensional | Spherical sector of radius R i 2 


(i) mR? 


(ii) -m($h’ + R°) 
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E2.5.2. Theorem on the Motion of the Center of Mass 
> Statement of the theorem and some comments. 


THEOREM. The center of mass of a mechanical system moves as a point particle with 
mass m equal to the mass of the system would move under the action of external forces 
applied to the system: 


ma. = Y F, (E2.5.2.1) 
k 


where m is the mass of the system and a, is the acceleration of the center of mass. 


The mathematical statement of the theorem is similar to that of Newton’s second law. 
Let us explain the statement of the theorem in more detail. In motion of the system, its 
center of mass moves along a certain trajectory. We assume, for example, that at time to 
the system is in position B and has a velocity Veo. Now if a point of mass m is placed 
in position B at time to, the velocity Veo is imparted to it, and forces equal to the external 
forces acting on the system are applied to this point, then the point will move together with 
the center of mass of the system along the same trajectory with the same velocity and the 
same acceleration. 

The vector equation implies the differential equations of motion of the center of mass 
in projections onto the axes of the Cartesian coordinate system: 


ee e ee e e e 
Mc = ) ka» MY = ) ky Mæ = ) La 
k k k 


> Law of conservation of the velocity of the center of mass of a mechanical system: 
1f the resultant vector of external forces acting on a system 1s zero, then the center of mass 
of the system moves at a constant velocity; i.e., if XC k F? = 0, then v. = const. 

Note that in this case the velocity vector itself (rather than its magnitude) is constant, 
and hence the center of mass will move uniformly and rectilinearly. 

If the projection of the resultant vector of external forces of the system onto an axis is 
zero, then the projection of the velocity of the center of mass of the system onto this axis 
remains constant. For example, if >, g Fkx = Q, then Veg = const. 


Example. Under the action of the force of gravity, a homogeneous disk of mass m, rolls down the lateral 
face of a prism of mass mı located on a smooth horizontal plane (Fig. E2.34). The angle between the lateral 
face and the prism base is a. At the initial time, the velocities of the prism and the disk are zero. Find the 
distance sı traveled by the prism as the disk center travels the distance s2 along the face. 


Figure E2.34. Rolling of a disk on the lateral face of a prism. 


Solution. Consider the mechanical system consisting of the prism and the disk and draw the external 
forces, i.e., the active forces of gravity G; and G» and the reaction force N, of the smooth plane. A typical 
characteristic of the system of external forces is that all of them are perpendicular to the horizontal axis, and 
hence the sum of their projections onto this axis is zero. 
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We direct the x-axis horizontally from left to right and place its origin at the point O. In Fig. E2.34, we 
draw the system in two positions, the initial position I and position II (drawn by dashed lines) of the system at 
the time by which the disk has traveled the distance s2 along the prism face. Since the direction and magnitude 
of the prism displacement are unknown in advance, we put position II on the right of the initial position I 
without hesitation. 

Since Y, Fy, = 0, it follows from the conservation law for the projection of the velocity of the system 
center of mass onto the x-axis that Vey = const. Since all velocities are zero in position I, we have vez = 0. It 
follows that x. = const, or a! = x¢. We use the formulas for the coordinates of the center of mass to rewrite the 


last relation as 


I I Il Il 
MIL] FM2L)> Mixi +M22) 


m1 + ma mi + ma 


Here x| and x} are the coordinates of the centers of mass of the prism and the disk in position I, and x? and z} 
are the respective quantities in position II. 


It follows from Fig. E2.34 that x! = x| + sı and x) = x) + sı + s2 cosa. By substituting these relations 
l : l M282 COS Q 
into the formula and by performing algebraic manipulations, we obtain sı = ag 
M1 + m2 


The sign of the answer shows that the prism displacement is opposite to that shown in the figure. 


E2.5.3. Theorem on the Momentum 
> Momentum. The momentum of a point of mass m moving at a velocity v is the vector 
Q = mv. 


The momentum of a mechanical system is the resultant of momenta of all points of the 
system, 
Q=5> Qr 
k 


One can prove that the momentum of a system 1s equal to the momentum of a fictitious 
point particle with mass equal to the mass of the system and velocity equal to the velocity 
of the center of mass, Q = mV. 


> Impulse of force. Suppose that a force F is applied to a moving point particle. (Along 
with this force, any other forces can act on the particle, but for now we consider only one 
of them.) 

The elementary impulse of force F in an elementary time interval dt is the vector 


dS = F dt. 


The impulse of force F in a finite time interval from tọ to t is the vector 


t t 
s= | is= | F dt. 
to to 


The projections of the impulse of force onto the coordinate axes can be calculated by 


the formulas 
t t t 
s,= | F, dt, s,= | F, dt, sal F, dt. 
to to to 
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> Various statements of the theorem on the momentum. 


THEOREM ON THE MOMENTUM IN DIFFERENTIAL FORM. The time derivative of the 
momentum of a mechanical system 1s equal to the resultant vector of external forces acting 
on the system, 


R = Y Fr; (E2.5.3.1) 
k 


in other words, the differential of the momentum of a system 1s equal to the vector sum of 
elementary impulses of all external forces acting on the points of the system, 


dQ => dS}, 
k 
In projections onto the coordinate axes (e.g., onto the x-axis), we obtain 
AQ 
= >. re o dQr= y dsp... 
k k 


THEOREM ON THE MOMENTUM IN INTEGRAL FORM. The variation in the momentum of 
a mechanical system in a time interval is equal to the sum of impulses of external forces 
acting on the system in the same time interval, 


Q-Q => Si, (E2.5.3.2) 
k 


where the vectors Q and Qo correspond to time instants t and to and the Sẹ, are the impulses 
of external forces acting on the system in the time interval from to to t. 


In projections onto the coordinate axes (e.g., onto the x-axis), we have 
en = (2x0 Sl y Di 
k 


If the theorem is used in the case of a single point particle, one should remember that 
any force applied to the point is external. 


> The momentum conservation law. 
The law of conservation of the momentum of a mechanical system has the form 


if )>°,F,=0, then Q= const. 


The law of conservation of the momentum projection onto any axis (for example, onto 
the x-axis) has the form 


if > ¿F,,=0, then Q,; = const. 


Example. On a smooth horizontal plane, a rectangular parallelepiped of mass mı moves at a velocity vo, 
and on the upper face of this parallelepiped, there are two propulsion devices with masses mz and m3 
(Fig. E2.35). At some time instant, the devices begin to move towards each other, and the laws of their motion 
with respect to the parallelepiped are determined by the functions s2 = hat? and s3 = h3t?. Find how the velocity 
of the parallelepiped depends on time. 


e £ 


Figure E2.35. Motion of two propulsion devices on the surface of a moving rectangular parallelepiped. 
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Solution. Consider the system consisting of the three bodies (the parallelepiped and the propulsion de- 
vices). Let us draw the external forces, namely, the active forces of gravity G1, G2, and G; and the plane 
reaction N. All of them are vertical, and hence we can apply the law of conservation of the system momentum 
projection onto the x-axis; i.e., we write out Qxo at time to and Qx at an arbitrary time t and equate the obtained 
quantities with each other: 

Qo = M1V0 + MAV + M3V0, 
Qe = Mv + ma(u1 + 82) + ma(u1 — $3). 

In the last expression, the velocities of the propulsion devices were calculated according to the theorem on 
the velocities in the compound motion of a point. By equating the right-hand sides of these equations and by 
performing algebraic manipulations, we obtain 
3t (mh —m3h3) 

M¡+mM2+mM3 | 


Ur = VO — 


E2.5.4. Theorem on the Angular Momentum 


> Moment of momentum and the angular momentum. The moment of momentum of 
a point particle about a fixed center P is the vector Kp equal to the cross product of the 
position vector connecting the center with the point by the momentum of the point: 


Kp = Mp(Q) =rxmvy. 


The angular momentum (the net moment of momentum) of a mechanical system about 
the center P is the vector sum of moments of momenta of all points of the system about the 


center: 
Kp =>) Kpj. 
j 


The moment of momentum of a point about the x-axis is the quantity K, equal to the 
projection onto this axis of the moment of momentum of the point about any center P 
belonging to the axis, 

Ky = Mz(Q). 


The angular momentum of a system about the x-axis 1s the projection onto this axis of 
the angular momentum of the system about any center P belonging to the axis: 


Key Tas 
j 
The analytic expression for the angular momentum of a system about the coordinate 


x-axis has the form 
Kes = y mily;2; = YiZ;). 
j 
The formulas for K, and K, are similar. 

One can show that the angular momentum of a system about a fixed center P is equal 
to the sum of the moment of momentum of the center of mass about the center P and the 
angular momentum of the system about the center of mass C in its relative motion in the 
Konig system, 

Kp = K PF Ko. 
Here Kp = Mp(mvc) and K% is the angular momentum of the system in its motion with 
respect to the Konig reference frame. 

The angular momentum K, of a rigid body rotating about the fixed z-axis with angular 
velocity w is calculated by the formula 


K, = Ly7W, 


where /.. is the moment of inertia of the rigid body about the z-axis. 
The angular momentum of a rigid body is discussed in more detail in Section E2.8. 
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> Theorem on angular momentum of a mechanical system. 


THEOREM. The time derivative of the angular momentum about any fixed center P 1s 
equal to the resultant moment of external forces of the system about the same center, 


ap _ Y MPE’). (E2.5.4.1) 
J 


Projecting the vector expression onto the coordinate axes (e.g., on the x-axis), we obtain 
the theorem on the angular momentum of the system about a fixed axis: 


dK, 
= 3 M, (F$). 
J 


d 


If this theorem is used to study the motion of a rigid body rotating about a fixed axis z, 
then we obtain the differential equation of rotational motion of a rigid body about a fixed 


axis: 
L= X MŒ), 
j 


where y is the rotation angle. 


> Law of conservation of angular momentum. The law is stated as follows: if the 
resultant moment of external forces acting on a system about a center P is zero, then the 
net moment of momentum about this center is constant. For example, 


if D Mp(F)) =0, then Kp= const. 


The right-hand side of this relation contains a vector constant; 1.e., neither the magnitude 
nor the direction of the vector depends on time. 

If the sum of moments of external forces acting on the system about some fixed axis 
is zero, then the angular momentum of the system about this axis remains constant. For 
example, 

if >>, M,(FS)=0, then K, = const. 


Example 1. A point particle moves under the action of a system of forces (F, } so that the line of action 
of the resultant R* passes through a fixed center O. (We take it for the origin of the reference frame.) Let us 
find several characteristics of motion of the point. 

Since Y, Mo(Fx) = Mo(R*) = 0, it follows that Ko = const, or r x mv = const. 

Taking the scalar products of both sides of the last relation by r, we obtain r-const =0, or C)x+Cry+C3z =0, 
where zx, y, z are the coordinates of the moving point and C1, C2, C3 are the coordinates of the vector constant. 

The last expression is the equation of a plane passing through the center O, and this means that the trajectory 
of the point lies in that plane. 


Example 2. A massless string with a load of weight G2 at the end is wound on a homogeneous drum of 
weight Gr, and radius R (Fig. E2.36). Find the acceleration of the load neglecting the friction forces in the 
rotation of the drum and assuming that the string unwinds from the drum without slip. 

Solution. Let the system consist of the drum, the load, and the string. We draw the external forces, namely, 
the active forces of gravity G; and G» and the reaction force No passing through the rotation axis O. The 
direction of the force No is unknown in advance, therefore we draw it arbitrarily. There is no couple of friction 
forces on the axis, which follows from the assumptions of the problem. 

We apply the theorem on the variations in the angular momentum of a system about the drum rotation axis: 


dKo : 
a >, Mo(F$). 
J 
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Figure E2.36. Unwinding of a massless string with a load from a rotating drum. 


We calculate Ko as the sum of the angular momenta of the drum and of the load, take into account the 


equation v2 = w1 R, and obtain 
Ko = vR(3m; + Mp). 
We calculate the sum of moments of external forces about the axis: 
` Mo(F;) = mogR. 
j 
Substituting the right-hand sides of the last formulas into the statement of the theorem, we obtain 
2m 


a = —————g. 
m1 + 2m> 


E2.5.5. Theorem on the Kinetic Energy 


> Elementary work. Consider a point 6 moving under the action of a system of forces. 
A small displacement of the point along the trajectory is characterized by the vector dr 
(Fig. E2.37). We distinguish one force F in the system. 


F 


Figure E2.37. Elementary work of the force F on the displacement dr. 


The elementary work of the force F on the displacement dr is the scalar quantity d'A 
equal to the scalar product of the vectors F and dr: 


VA =F.dr= Fdrcos o. 
In coordinate form, the elementary work 1s calculated by the formula 
UA = E, dí + Fi, dy + F dz, 


where Fy, Fy, Fz and dx, dy, dz are the coordinates of the vectors F and dr, respectively, 
in the Cartesian coordinate system. 

Note that the elementary work d'A need not be the total differential of a function 
depending on the coordinates. (This fact is also reflected in the above representation.) 

The sign of the elementary work is determined by the cosine of the angle a: it is positive 
for 0 <a < 7/2, negative for 7/2 <a < 7, and zero for a = 7/2. 
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> Calculation of elementary work in special cases. 
1. The elementary work of a force applied to a rigid body rotating about a fixed axis z 
is calculated by the formula 
d'A =+M,(F) dy. 


2. The sum of elementary works of a couple of forces applied to a body in arbitrary 
motion is calculated by the formula d'A = (M - w) dt, and in the cases of rotation about a 
fixed axis and of plane motion, it can be calculated as follows: 


d'A =+M dy. 


Here M is the torque of a couple of forces, and dy is the angle of rotation of the body. The 
plus sign 1s taken 1f the sense of the curved arrows of the couple torque coincides with the 
sense of rotation, and the minus sign is taken if they are opposite. (It is assumed that the 
plane in which the couple acts is parallel to the base plane.) 

3. When calculating the elementary work of friction forces applied to a body rolling 
without slip, it is necessary to take into account the fact that the following forces act at the 
point of tangency P (Fig. E2.31): the normal pressure force N, the friction force Ffr, and 
the couple of rolling friction forces with torque My, = Nk. Since there is no slip, so that 
the point of tangency is the instantaneous center of velocities and its velocity wp 1s zero, it 
follows that dr = vp dt = 0, which implies that 


d'An = dAg, = O, d'Am = —Msr dip =-—Nk do. 


In rolling on an ideally rough surface, d'Am = 0, because Mp = 0. 

4. One can prove that the sum of elementary works of forces applied to a rigid body 
1s equal to the sum of elementary works of a statically equivalent system of forces. By 
the theorem on reducing a system of forces to a given center, an arbitrary system of forces 
can be replaced by an equivalent system consisting of a force R applied at an a priori 
chosen point P and a couple of forces with torque Mp. Therefore, instead of cumbersome 
calculations of the sum of elementary works of many forces applied to a body, one usually 
calculates the sum of elementary works of a single force and a single couple. 


Example 1. A system of elementary forces of gravity acting on a rigid body always has the resultant equal 
to the body weight G applied at the center of gravity C’. Therefore, the sum of elementary works of the forces 
of gravity is equal to the elementary work of the force of weight on the displacement of the center of gravity of 
the body. 


Example 2. The sum of elementary works of internal forces applied to points of a rigid body is zero, 
because the resultant vector and the resultant moment of the system of internal forces are zero. 


> Work of a force. Potential force. The work of a force F on a finite displacement of a 
point along a trajectory DE (Fig. E2.37) is given by the curvilinear integral 


A= | da= | F-dr= | F, dx + Fy dy + F, dz. 
DE DE DE 


A force field 18 a part of space where a point particle is under the action of a force F 
depending on the position of the point and the time, F = F(r,t), where r is the position 
vector of the point. A force field is said to be nonstationary (transient) if the force explicitly 
depends on time and stationary if the force is independent of time. 

In what follows, we deal only with stationary force fields, where F = F(r). In this case, 
the projections of the force on the coordinate axes are functions of the coordinates of the 
point, Fy = Fglx,Yy, 2), Fy = Fy(x, y, z), and E, = F¿(x, y, z). 
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In the general case, the work of a force depends on the shape of the trajectory along 
which the point moves. But there are force fields in which the work depends only on the 
endpoints of the trajectory. One can show that in these cases the elementary work is the 
total differential of a function, d'A = dU (z, y, z), and 

UL pl 
Oz 
Such a force field is said to be potential, and the function U 1s called the force function or 
the potential of the field. 

Examples of potential forces are as follows: 

1. The force of gravity G; the expression for its work is given by the formula A = G AH, 
where G is the weight of a point particle and AH is the height difference between the initial 
and final points of the trajectory. 

2. The expression for the sum of works of forces applied to the ends of a weightless 
linearly elastic spring of rigidity y is given by the formula A =-y(A2-A2)/2, where Lis the 
spring current length, / is its length in the unstrained state, A = L —/ is the length variation, 
Ae corresponds to the terminal state of the spring, and A, corresponds to the initial state. 

The function I(x, y, z) = —U + const is called the potential energy of the field, and the 
function & = T + II is called the total mechanical energy. The potential energy of a point 
particle is equal to the work of forces of the potential field in the transition from the current 
state of the point into the zero state. For the zero state we can take any state because of the 
constant contained in the definition. 


> Kinetic energy. The kinetic energy of a point of mass m moving at a velocity v is the 
scalar quantity 7’ determined by the formula 


2 
p Po 
2 
The kinetic energy of a mechanical system is the sum of the kinetic energies of all its 


points: 
2 


T=- r: >. 
k k 


One can prove that the kinetic energy of a system is equal to the sum of the kinetic 
energy of the center of mass and the kinetic energy of the system in its relative motion in 
the König reference frame: 


2 *y2 
mu milvu; ) 
Tee ep 0 —* To +7", 
k 2 i 


2 


where m = > My and the vu; are the relative velocities of the points. 


The formulas for the kinetic energy of a rigid body in the simplest motions are as 
follows: 
(a) T= ¿MUE 1n translational motion. 


b T= +I „zw? in rotation about the fixed z-axis. 
(c) 


1 1 
Pe ¿ME + z Teow (E2.5.5.1) 


in plane-parallel motion, where Icc is the moment of inertia of the body about the axis 
perpendicular to the base plane and passing through the center of mass C. 
The kinetic energy of a rigid body is discussed in more detail in Section E2.8. 
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> Various statements of the theorem on the kinetic energy. 


THEOREM ON THE KINETIC ENERGY IN DIFFERENTIAL FORM. The differential of the 
kinetic energy of a mechanical system 1s equal to the sum of elementary works of the forces 
applied to the points of the system on the elementary displacements of these points: 


dT= S d'Aj. (E2.5.5.2) 


THEOREM ON THE KINETIC ENERGY IN INTEGRAL FORM. The variation in the kinetic 
energy of a mechanical system on a certain displacement 1s equal to the sum of works of all 
forces applied to the points of the system on the displacements of these points: 


T-Ty= Aj. 


Remark. In contrast to the three above-considered theorems on the dynamics of a system, the last theorem 
is characterized by the following specific features: 

(1) The theorem on the variation in the kinetic energy relates scalar quantities rather than vector quantities. 

(2) Both statements of the theorem contain works of all forces, not only external but also internal. (It is 
also possible to divide the sum of works into the sum of works of active forces and constraint reaction forces.) 

(3) The sum of works of internal forces applied to the points of a rigid body is zero. 


Example 3. A homogeneous disk under the action of the force of weight G rolls down without slip on an 
ideally rough plane inclined at an angle a to the horizon (Fig. E2.38). Find the acceleration of the disk center, 
the friction force magnitude, and the minimum value f* of the coefficient of friction at which a rolling motion 
without slip is possible. 


Fg 


Q 
Figure E2.38. Rolling of a disk down an inclined plane under the action of the force of weight. 


Solution. For the mechanical system we take the disk itself and study the motion by using the theorem on 
the kinetic energy in differential form. Calculating the kinetic energy of the disk, we obtain 


a > 2 
T= mvo + 5Loow = 2MUG. 

Here we have taken into account the fact that [oc = imr? and vc = wr. Since the system under study is a 

rigid body, it follows that Y” d'A’ = 0. We calculate the sum of elementary works of external forces, substitute 


the obtained expressions for T and Y` d'A” into the statement of the theorem, and obtain 
d(23mvc) = mgr sina dy. 


Dividing both sides of this relation by dt and taking into account the kinematic relations ùc = ac and ọ = w, 
we obtain 
ac = Z g sin Q. 


Let us write out the statement of the theorem on the motion of the center of mass of a system as applied to 
the problem under study: 


We project the obtained vector equation onto two perpendicular axes the first of which is parallel to the 


normal reaction force N: 
0=-Gcosa+ N, 


mac = G sin a — Fr. 
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Taking into account the value ac obtained earlier, we obtain the solution of the system of equations: 
Fy = 5G sina, N =Gcosa. By substituting these quantities into the Coulomb friction law, we determine the 


minimum value f* of the coefficient of friction for which a rolling motion without slip is possible: f* = Stgo. 


A mechanical system whose points are only subjected to potential forces 1s said to be 
conservative. 

The law of conservation of the total mechanical energy states that the total mechanical 
energy of a conservative system remains constant, E = T + 11 = Tọ + Ilo = const. 


E2.6. Elements of Analytical Mechanics 
E2.6.1. D’Alembert’s Principle 


> Forces of inertia. Assume that a point of a material system moves under the action of 
some system of forces (these forces can be divided either into external and internal forces or 
into active forces and constraint reaction forces). The resultant of this system of converging 
forces will be denoted by F. 

The force of inertia of a point is the vector ® equal and opposite to the product of the 
mass of the point by its acceleration, 


$ = —ma. 


The force $ is fictitious; it is not an actual force acting on the point. 

D’Alembert’s principle: in the motion of a mechanical system (point), any of its states 
can be considered as an equilibrium if the real forces acting on each point of the system are 
supplemented with the fictitious forces of inertia. 

According to this principle, if each point of the system is supplemented with the force 
$; = —m,a,, then the system of forces consisting of the real forces F; and the fictitious 
forces ®, satisfies all the equations of statics; i.e., the resultant vector of the system of 
forces and its resultant moment about an arbitrary center P are zero: 


Y F; + y P; = 0, 
Y Mp(F))+ Y) Mp(®;) = 0. 


In coordinate form, these equations can be written as 


Y Ej Y Bj 0,. Y MŒ) + MB) =0, 
X Fit > Bj =0, Y ME) + > My (8) =0, 
Y Fit) 0, =0, Y MAF) + 5 M.(B;) =0. 


D”Alembert's principle allows one to transfer the methods for solving problems of 
statics to problems of dynamics. 


Example 1. A load of weight G is in an elevator cabin ascending in decelerated motion with acceleration a 
(Fig. E2.39). Find the pressure exerted by the elevator cabin floor on the load. 

Solution. We assume that the load is a point particle and draw the real forces acting on it: the active force 
of weight G and the force N of floor pressure on the load. We supplement these forces with the fictitious force 
of inertia $ = —ma. (Note that the force ® in the figure is opposite not to the elevator displacement but to the 
acceleration vector.) 

The obtained system of three forces G, N, and * is in equilibrium according to d’ Alembert's principle. 
The lines of action of all the forces are directed along a single straight line, and hence the equilibrium of the 
system of forces is described by the single equation 


-G+N+0=0. 
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Figure E2.39. Ascent of an elevator with a load. 


We substitute the magnitude ma = La of the force of inertia (where g is the free fall acceleration) for ® and 
obtain N = G(g — a). One can see that the floor pressure force is less than the weight of the load. 


The system of forces of inertia can be very cumbersome in the case of numerous point 
particles or distributed masses. Using the theorem of statics on reducing a system of forces 
to a center, one can replace the system of forces ®; of inertia by an equivalent system 
consisting of a single force ® applied at a center P given in advance (it is equal to the 
resultant vector of forces of inertia, ® = X ®;, and is independent of the choice of the 


center) and by a single couple of forces whose torque M? is equal to the net moment of 


forces of inertia about the center, M$ => Mp(®;). 
One can show that ® is calculated by the formula 


$ = —mac, 


where m is the mass of the system and aç is the acceleration of the center of mass. 


> Formulas for the moment of forces of inertia of a body. Some useful formulas for 
the net moment of forces of inertia of a rigid body and its projections onto the coordinate 
axes are given below: 

1. MÊ = 0 in translational motion. 

2. M e = —/,,€ in rotation about the fixed z-axis. 

3. M o = —Icce in plane-parallel motion. 
Here e is the angular acceleration of the body, and /,, and [cc are the moments of inertia of 
the body about the z-axis and the axis passing through the center of mass and perpendicular 
to the base plane. (The minus signs in the formula mean that the senses of the angular 
acceleration and the torque of the couple of forces of inertia are opposite.) 


Example 2. A homogeneous disk of radius r rolls without slip up a circular arc of radius R (Fig. E2.40). 
The coefficient of rolling friction is k. Find the acceleration of the disk center and the force of disk pressure on 
the support at the time instant when the velocity of the disk center is vo and the angle between the vertical line 
and the straight line connecting the centers of the disk and of the arc is a. 

Solution. The acceleration of the disk center consists of two components a and a@, where the direction 
of ac is unknown in advance and ac = vo (R-r). In the no-slip case, we have ac = er, where e is the angular 
acceleration of the disk. 

We reduce the forces of inertia of the disk to the center of mass and decompose the force of inertia into 
two components, ® = $° + $”, where ®’ = -maç and $” = —mac. The torque of the couple of forces of 
inertia has the magnitude MẸ = Icce = mra% /2, and the corresponding curved arrow is opposite to the curved 
arrow of the assumed angular acceleration. 

The system of forces in Fig. E2.40 is in equilibrium because of d’ Alembert’s principle. Let us write out 
the equations of equilibrium for a plane system of forces: 


Fy, +0" —Gsina = 0, 
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Figure E2.40. A disk rolling on a circular arc. 


N-®" -Gcosa = 0, 
-My + Me + ®’r—Gr sina = 0. 


Here the first of the equations is the equation for the projections onto the direction of Fr, the second is the 
equation for the projections onto the direction of N, and the last is the equation of moments about the center P. 

We supplement these equations with Coulomb’s law Ms, = kN (see Subsection E2.3.6) and obtain the 
definitive system of four equations with four unknowns ac, N, Fe, and Me. By solving this system, we obtain 


2 2 


2 
ag = — grsina+k(gcosa+ A N =m(gcosa + a): 


E2.6.2. Classification of Mechanical Constraints. 
Generalized Coordinates 


> Classification of mechanical constraints. Mechanical constraints are devices (bodies) 
imposing restrictions on the positions and velocities of points of amechanical system. These 
restrictions are always satisfied regardless of the given forces and are written as relations 
called the constraint equations. 

Stationary constraints are constraints independent of time; constraints depending on 
time are said to be nonstationary. 

Constraints whose equations contain the coordinates of points and time are said to be 
geometric; constraints are said to be kinematic (differential) if the constraint equations 
contain not only the coordinates and time, but also the velocities of points. 

If a kinematic constraint can be represented as an equivalent geometric constraint, then it 
is said to be kinematic integrable. Otherwise, if a constraint equation cannot be represented 
as a geometric constraint in principle, then it is called a nonintegrable constraint. 

Geometric and kinematic integrable constraints are said to be holonomic, and kinematic 
nonintegrable constraints are said to be nonholonomic. A mechanical system is said to be 
holonomic if only holonomic constraints are imposed on it and nonholonomic if there is at 
least one nonholonomic constraint. 

Constraints are said to be bilateral if the restrictions imposed by them on the positions 
of points, their velocity, and time, can be written as equalities. Unilateral constraints are 
written as inequalities. 
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> Virtual displacement of a point. A virtual displacement of a point of a mechanical 
system is any displacement ór admitted by the imposed constraints from the position 
occupied by the point at a given time instant. (When constructing such displacements, one 
should “freeze” the time, so that the nonstationary constraints become fixed, 1.e., stationary.) 
The point does not actually perform virtual displacements but could do so without violating 
the constraints at a given time instant. 

A virtual displacement of a system is an arbitrary set of virtual displacements ôr; of the 
points of the system admitted by all constraints imposed on it. By way of example, consider 
a point subjected to a nonstationary constraint given by a plane translationally moving at a 
velocity v (Fig. E2.41). According to the theorem on the compound motion of a point, its 
actual displacement dr is equal to the vector sum of the relative displacement ôr and the 
translational displacement v dt. The figure illustrates the difference between the actual and 
virtual displacements of a point. 


A 


Figure E2.41. Virtual displacement of a point on a moving plane. 


For stationary constraints, the actual displacements of points are contained in the set of 
virtual displacements. 

A mechanical system can have quite a few various virtual displacements. But for 
systems consisting of material rigid bodies and finitely many point particles there exist 
several mutually independent virtual displacements in terms of which one can express any 
other virtual displacement. The number of independent displacements is called the number 
of degrees of freedom of the mechanical system. 


> Generalized coordinates. Generalized coordinates are independent parameters that 
uniquely determine the position of each point of a mechanical system. There are as many 
degrees of freedom in a holonomic system as there are generalized coordinates, but this is 
not true for nonholonomic systems, which have fewer degrees of freedom than generalized 
coordinates. 

Consider several specific examples. 

1. A free point particle in space is a system with three degrees of freedom. 

2. A free rigid body has six degrees of freedom. Indeed, the position of any point of 
the body in space can be determined if the positions of three points B1, B2, B3 of the body 
that do not lie on a single straight line are known. The position of each of these points can 
be determined by three parameters, for example, the coordinates x;, yj, z; (J = 1, 2, 3). 
All in all, there are nine coordinates, but they cannot be specified arbitrarily, because there 
are three equations saying that the distances $12, 523, $31 between the points must remain 
constant. (The body is rigid.) If, say, the six coordinates 71, Y1, 21, £2, Y2, £3 are known, 
then the remaining three coordinates 22, y3, 23 can be found from the constraint equations. 

3. A body rotating about a fixed axis has a single degree of freedom, and for the 
generalized coordinate one can take the rotation angle y. 

4. A rigid body in plane-parallel motion has three degrees of freedom; for generalized 
coordinates one can take, for example, the rotation angle and two Cartesian coordinates of 
any point of the body. 

5. A rigid body in translational motion has three degrees of freedom; for generalized 
coordinates one can take three Cartesian coordinates of any point of the body. 
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6. A system consisting of a prism lying on a plane and a disk rolling without slip on the 
lateral face of the prism has two degrees of freedom (Fig. E2.42). 


Figure E2.42. System consisting of a prism on a plane and a disk rolling without slip on the lateral face of the 
prism. 


7. A system consisting of two free points has six degrees of freedom. 

8. A sewing machine mechanism consisting of numerous rigid bodies has a single 
degree of freedom. 

9. A thin rectilinear rod moving on a plane in such a way that the velocity of the rod 
center must be parallel to the rod axis has two degrees of freedom. 

Of the above examples of mechanical systems, only one system (the last) is nonholo- 
nomic, while the others are holonomic. 

We again return to the notion of generalized coordinates, which we illustrate by the 
system in Example 6 (Fig. E2.42). The position of each point of the disk and the prism is 
known as soon as we specify the values for one of the following pairs of variables: either 
(x1, 22), or (£1, 82), or (£2, 2), or (21, Y2), OF G1 = F(21 + 22), or q = 421 — 2, etc. 

Let us summarize. For the system under study, there are infinitely many choices of 
generalized coordinates, but each set of these always contains two independent variables. 
Since the system is holonomic, it follows that the number of generalized coordinates 1s 2 
(1.e., coincides with the number of degrees of freedom). The coordinates are referred to as 
generalized because they may fail to have a clear geometric meaning. (For example, this is 
the case for the coordinates (q1, q2).) 


> Ideal constraints. Constraints are said to be ideal if the sum of works of their reac- 
tions R; is zero on any virtual displacement of the system: 


y JAR =0. 


An example of a system with ideal constraints is a free rigid body. Any complicated 
mechanism consisting of several rigid bodies can be treated as a mechanical system with 
ideal constraints if some bodies are connected absolutely rigidly and the other bodies are 
connected by ideal hinges (without friction) and also by weightless unstretchable perfectly 
flexible strings. Moreover, the contact surfaces must be either absolutely smooth or perfectly 
rough when one of the bodies rolls on another without slip so that the moment of rolling 
friction forces at the point of their tangency is zero and the static friction force is nonzero. 


E2.6.3. Principle of Virtual Displacements 


Principle of virtual displacements is stated as follows: for a mechanical system with ideal 
constraints to be in equilibrium, it is necessary and sufficient that the sum of elementary 
works of active forces F; on any virtual displacement of the system be zero. 
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The mathematical representation of the principle of virtual displacements is 
Y AF =0. (E2.6.3.1) 


If a system has n degrees of freedom and its position is determined by generalized 
coordinates q;(j = 1,2,...,n), then the last expression can be rewritten as 


Y SA => F,-ór, a =Q, 
Jj=1 


where the ôq; are variations of the generalized coordinates. 

The coefficients Q; are called generalized forces. Since the variations of generalized 
coordinates are independent, we see that for the equation to be satisfied it is necessary that 
each of the factors multiplying dq; be zero. Thus, if a system with ideal constraints is in 
equilibrium, then all generalized forces are zero. 


Example. Find the angle y of deviation from the vertical axis of a heavy homogeneous rod of weight G 
with a horizontal force F’ applied to the lower end B (Fig. E2.43). 


Figure E2.43. Deviation from the vertical axis of a heavy rod under the action of a horizontal force. 


Solution. In the mechanical system we include a rod, which is a rigid body. Neglecting the friction in the 
hinge, we conclude that the constraints imposed on the system are ideal, and its equilibrium can be studied by 
the principle of virtual displacements. 

In the equilibrium characterized by the angle y, consider a virtual displacement of the system; 1.e., we 
deflect the rod by a small angle dy about the hinge H, calculate the sum of elementary works of active forces 
G and F, and equate it with zero: 


-G L sin y 6y + F2L cosy oy = 0 
(the rod length is 2L), or, after transformations, 
dy (-GL sin y + F2L cos p) = 0. 


Since the virtual displacement dy is arbitrary, it follows that, for the product to be zero, it is necessary to 
equate the expression in parentheses with zero: 


-GL sin y + F2L cos y = 0. 


This implies the desired angle y = arctanQF/G). 
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E2.6.4. General Equation of Dynamics (d'Alembert-Lagrange 
Principle) 


Statement of the general equation of dynamics: A mechanical system with imposed ideal 
constraints moves in such a way that, at each time instant, the sum of elementary works of 
all active forces F; and forces of inertia ®; on any virtual displacement of the system is 
zero. The mathematical statement of the d’Alembert—Lagrange principle is 


F $ 
Ds 5A + >, SAS =0. (E2.6.4.1) 
J J 


Remark. Problems of system dynamics can generally be solved by various methods. The general equation 
of dynamics has the unquestionable advantage that once it is used, the solution process does not involve the 
unknown constraint reaction forces, which significantly decreases the order of the system of equations of 
motion. 


Example. A rectangular parallelepiped of mass mı moves on a smooth horizontal surface, a homogeneous 
disk of mass mz and radius ra rolls on the upper ideally rough surface of the parallelepiped, and a constant 
horizontal force F) is applied to the center of the disk (Fig. E2.44a). Find the accelerations a; of the 
parallelepiped and a, of the disk center. 

Solution. Consider the system consisting of the parallelepiped and the disk. The constraints imposed on 
the system are ideal, and we can use the general equation of dynamics to study the motion of the system. For 
the coordinates determining the system position we take the absolute coordinate xı of the parallelepiped and 
the coordinate x2 characterizing the disk position with respect to the parallelepiped. 

The acceleration vectors a; of the parallelepiped and az of the disk center are horizontal, their magnitudes 
are aj = y and az = % + 2, and the disk angular acceleration is e, = %2/r2. The expected directions of 
the vectors a; and a) and the corresponding direction of the curved arrow €2 are shown in Fig. E2.44b. We 
supplement the active forces F2, G1, G2 (where G, and G are the forces of weight of the parallelepiped and of 
the disk) with the forces of inertia ®; = - m1a1, P, = — ma and the couple of forces of inertia with torque 
MS? = Ice (see Fig. E2.44b). 


T2 


(a) (b) 
Figure E2.44. Disk rolling on the surface of a moving parallelepiped: (a) coordinates determining the system 


position and the active forces; (b) vectors of accelerations and forces of inertia. 


Consider a virtual displacement of the system increasing the coordinates x1, x2 by some values 011, 022. 
Then the disk rotates by the angle 0, = 622/12. 

Now we calculate the sum of elementary works of active forces and forces of inertia on the virtual 
displacement and equate 1t with zero: 


Fr(0x1 + 012) — Mai 641 —M2A2(0X1 + 017) — IncE2 0p2 = 0. 
On rearranging, we obtain 
OX | Fa — Mı —M2(X1 + X2)) + 6x2[F> —mM™2(%1 + L2) — mai] =0. 


Here the virtual displacements 6x; and 0x2 can take arbitrary mutually independent values. For the 
equation to be always satisfied, it is necessary that both factors in square brackets multiplying 6x; and 6x2 be 
zero. Thus, the last relation becomes a system of two equations with two unknowns, 


Ff, — mií1 — mat] + X2) = 0, 


F, - m (ğı + %2) - $7m2%2 = 0. 
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By solving the system, we obtain 


y Py ae ade F(Qm1 + m2) 
y= gR n ,,, - 2H 214+ 2 SS a, 
3m, + ma mal3m¡ + M2) 


E2.6.5. Lagrange Equations of the Second Kind 


To describe the motion of a holonomic mechanical system with n degrees of freedom with 
imposed ideal constraints, one often uses the Lagrange equations of the second kind 


d (OT OT 
ala) a eee Bi 


Here the q; are generalized coordinates the number of which is equal to the number n of 
degrees of freedom, the q; are the generalized velocities equal to the time derivatives of the 
generalized coordinates, J’ is the kinetic energy of the system, and the Q; are generalized 
forces. 

The quantities 7’ and Q; must be represented as functions of generalized velocities, 
generalized coordinates, and time: 


= ig ee Os G15 -++5 qn, t), 
Q; = Q; (å, E qi, eg dn, t). 


The generalized forces are found from the expression for the sum of elementary works of 
active forces F; on a virtual displacement of the system transformed to the form 


> Al = Y F, f Ôr; = Yo, 09; 
j=1 


The number of generalized forces is equal to the number of degrees of freedom. 

The physical dimension of the generalized force Q; depends on the dimension of the 
corresponding generalized coordinate qj, because the dimension of their product Q; ôq; 
must coincide with the dimension of work of force. Therefore, (2, may have no clear 
physical meaning, and just this fact underlies the name “generalized force.” 

After the functions 7’ and Q; are substituted, the Lagrange equations acquire the form 
of a system of second-order ordinary differential equations, which should be integrated with 
the initial conditions taken into account. 


Example. To visualize the advantages of the above method, we construct the differential equations of 
motion of the mechanical system considered in the example in the preceding section in the form of Lagrange 
equations of the second kind. 

Solution. Consider a system consisting of a parallelepiped and a disk (Fig. E2.44). The imposed constraints 
are holonomic and ideal, and hence the Lagrange equations of the second kind can be used. The system has two 
degrees of freedom; for the generalized coordinates determining the system position we choose the absolute 
coordinates qı = x; of the parallelepiped and q2 = xı + x2 of the disk center (see Fig. E2.44a). 

We write out the expression for the kinetic energy of the system and reduce it to the form of a function of 
M1, 92, q1, q2, and t: 


miv? mwi hwi må má. mlh -— Gy 
2 2 2 2 2 2 l 


In these transformations, we have used the formula for the kinetic energy of the body in plane motion and 
the kinematic relation w2 = (42 — q1)/r2. 

Because of the simple kinematics and the fortunate choice of generalized coordinates, the expression for 
the kinetic energy (explicitly) contains neither the generalized coordinates nor time. 


T=T11+1Db = 
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Let us calculate the generalized forces. To this end, we calculate the sum of elementary works of active 
forces G1, G2, F? on a virtual displacement of the system determined by variations 0q1, dq2 directed so that the 
coordinates qı and q, increase: 


Y SA; = Fi(6a + 622) = Fo ôq = 05q1 + Fo ôq. 


The coefficients multiplying the variations of generalized coordinates are the desired expressions for 
generalized forces, whence 


Q1=0, Q=F. 


It remains to write out the system of equations of motion: 


d (= | OT sO; 


dt \ðù) On 
a (ar) ar g 
dt \ Og Om + 


In view of the obtained expressions for T, Q1, and Q2, after appropriate transformations the equations of 
motion acquire the form 


mié — mala - ğı) =0, 
majo + 3 ma - G1) = Pa. 
The solution thus obtained coincides with the solution of this problem obtained earlier by a different 


method in the preceding section. 


In contrast to the Lagrange equations of the second kind, the general equation of 
dynamics can also be used to study nonholonomic systems and thus has a wider scope. At 
the same time, the Lagrange equations of the second kind are more convenient when studying 
holonomic systems, because they require fewer manipulations, and these manipulations are 
simpler. 


E2.7. Small Oscillations of Mechanical Systems 
E2.7.1. Preliminaries 


In what follows, we consider a holonomic conservative mechanical system with n degrees 
of freedom whose position is determined by generalized coordinates q1, q2,..., qn. Without 


loss of generality, we assume that the coordinate values q; = q2 =... = qn = 0 correspond 
to an equilibrium of the system. In this case, all generalized forces are zero, Q1 = Q2 = 
son Su) O 


The equilibrium q; = 0,q; = 0; j = 1,2,...,n of the system is said to be stable if, for 
each e > 0, there exists a ô = 0(€) > O such that if the initial deviations for t = O are in the 
d-neighborhood id < Ô, VA < 0, then, for the entire time of motion, the system does not 


leave the e-neighborhood of the equilibrium; 1.e., |q;| < € and |q;| < e for t > 0. 
Example. A physical pendulum moving in the vertical plane (Fig. E2.45) has two equilibria corresponding 


to the angles y =0 and y = 7. It is intuitively clear that the first equilibrium is stable and the second equilibrium 
1s unstable. 


The character of equilibrium can be determined by studying the exact solution of 
the equations of motion of the system. But there exist stability criteria for the system 
equilibrium, which permit solving this problem more rationally. 

One such criterion is given by the following theorem. 


THEOREM (LAGRANGE). If, in a certain position of a conservative system, the potential 
energy has a strict minimum, then this position 1s a stable equilibrium of the system. 
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7 


Figure E2.45. Oscillations of a physical pendulum in the vertical plane. 


E2.7.2. Small Oscillations of a Conservative System 


The kinetic and potential energy of a conservative system with n degrees of freedom can be 


expressed via the generalized coordinates q; and generalized velocities q; (1 =1,...,n): 
1 n 
T=> Y a» niid, IT = II(q1,... qn). 
i, j=1 


We assume that: 
(1) The state of stable equilibrium of the system corresponds to the coordinates qı = 
- = Qn = 0. By the Lagrange theorem, the potential energy of the system has a strict 

minimum at this point; i.e., Ja, 0 0,...,0)=0,7 =1,2,...,n. 

(2) II(0,0,...,0) = 0, which can always be assumed because of the arbitrary constant 
contained in the definition of the potential energy (see Subsection E2.5.5). 

(3) In the motion of the system, the values of the coordinates q; and velocities q, are 
small. 

We expand the functions 7’ and II in a neighborhood of q1 =--- = qn =0 and q; =.= 
n = O into series in powers of the coordinates and velocities preserving the terms of the 
second order of magnitude in q; and q;: 


1 n o 1 n 
Pas y Vij Gd): => y Cif Gj: 
i,j=l i,j=l 


7 er: i 7 ee geen a T 
where the constants a;; and c;; satisfy the conditions a;; = aj; and Cij = Cji = oon 


qn=0 
As aresult, both functions become quadratic forms whose positive definiteness follows 


from the physical meaning of the kinetic energy T > O and the fact that the potential energy 
IT at a point of stable equilibrium has a strict minimum, II > 0. 

The Lagrange equations with the above expressions for T’ and II taken into account 
acquire the form of a system of n second-order ordinary linear equations 


n 
S (aig + CijQj) =0 (i — eee ,N). 
j=] 


The above-described process is called the linearization of equations of motion. The 
problem of closeness of the solutions of the linearized system to those of the original 
nonlinear problem is important, but we do not discuss 1t here. 
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We seek a particular solution of the above system in the form q; = u; sin(wt + œ) with 
¿3=1,...,n. By substituting this expression into the equations of motion and by cancelling 
sin(wt + 0), we obtain a system of linear algebraic equations for the amplitudes uj. Since 
some of the amplitudes must be nonzero, it follows that the determinant of the system of 
homogeneous equations must be zero: 


det Ici; — Aaj; =0. A= a 


The obtained equation is called the secular equation or the frequency equation. By 
expanding the determinant, we obtain a polynomial of degree n in A. 

One can prove that in the case under study the secular equation has only real positive 
roots A; associated with real positive frequencies w; = OT . In this case, the n obtained 
particular solutions of the system are linearly independent (including the case of multiple 
roots of the secular equation); they are called the normal oscillations of the system. 

Since the system of differential equations is linear, we see that any linear combination 
of normal oscillations with constant coefficients is also a solution of the system. 


Example. A double mathematical pendulum consists of two weightless rods of equal length / with heavy 
point particles of equal mass m fixed at the ends of the rods. The construction moves in the plane of the figure, 
the upper rod can rotate about the fixed hinge O; adjusted to the base, and the second pendulum can rotate 
about the moving hinge O2 connecting the rods (Fig. E2.46a). Study the small motions of the system near the 
stable equilibrium. 


P2 = -p1 V2 


G p2 = 91 V2 
(a) (b) (c) 


Figure E2.46. Oscillations of the double mathematical pendulum: (a) sketch of the device; (b) the angles made 
by the rods with the vertical axis for C; = 0; (c) the angles made by the rods with the vertical axis for C2 = 0. 


Solution. For the generalized coordinates we take yı and %2, i.e., the rod rotation angles about the vertical. 
The expressions for the kinetic and potential energy of the system have the form 


T= ml’ 9; + 2ml? cos(p2 — P1)P1P2 + ml’ 03, 
Il=-—2mglcos yı —mgl cos y». 


It follows from the expression for the potential energy that the stable equilibrium of the system corresponds 
to the coordinate values yı = y2 = 0. Assuming that the oscillations are small, we rewrite the expressions for 
T and II omitting the terms of the third and higher orders of magnitude: 


T =m? +2mU dig + m o, 
II = mgly; + +mglip3. 
We write out the equations of motion of the system as 


2101 + l + 2991 = 0, 
KOJI + l + 902 = 0. 
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We seek a particular solution of this system in the form 

gı = u, sin(wt +a), p2 = w sin(wt + a). 
The secular equation is reduced to the form 

Pua 4lgw* + 2q° =0, 

whose roots are the two angular natural oscillation frequencies 

NA A A 2 

1, 7? W2 = ( + ) E 

It follows from the second equation of motion that w2 = u1 LS, which implies that u2 = u1 V2 for the 


frequency w and uz = —u1 V2 for the frequency w2. Therefore, the general solution of the linearized system of 
differential equations describing the motion of the double mathematical pendulum has the form 


(1 = Ci sin(wit + a1) + C2 sin(wt + a2), 
p2 = V2C; sin(w t + 01)- VO sin(w2t + a2). 


Here C1, C2, a1, a2 are arbitrary constants depending on the initial conditions, i.e., on the values yr, o, Da 
(pS at the initial time instant t = 0. 

The angles pı and y2 made by the rods with the vertical axis for Ci = 0, C2 + 0 and C2 = 0, Ci + 0 are 
shown in Fig. E2.46, b and c. 


E2.7.3. Normal Coordinates 


Obviously, the difficulties encountered when seeking the natural oscillation frequencies of 
a mechanical system increase with the number of degrees of freedom. Moreover, finding 
the general characteristics of the system behavior is also difficult, because the characteristic 
equation is cumbersome. The existence of normal or principal coordinates in a system 
permits one to make the analysis of the system less laborious. 


THEOREM. Two quadratic forms at least one of which is positive definite can be si- 
multaneously reduced to “sums of squares” by a nonsingular linear transformation of the 
variables. 


In the case of oscillations of a conservative system, there are two positive definite 
quadratic forms: the kinetic energy, which is a quadratic form of the generalized velocities 
ți, and the potential energy, which is a quadratic form of the generalized coordinates qi. 
Since the generalized coordinates and generalized velocities behave in the same way under 
a linear transformation, 


n n 
me» ds ES Apsley ds Li. Act Gey 40, 
s=1 s=1 


we see that the kinetic and potential energy of the system in the new variables become 
palsy nl 
=5 0 =5 2,410. 
j=1 j=1 
The Lagrange equations in normal coordinates 0, have the form 


0; + Aj0,=0, Y E 


Each of these equations contains only one unknown function. The general solutions of 
these equations determine the harmonic oscillations 


0; =C; sin(w;t + aj), Wi = Y Aj J = Mec do 


where the C} and a; are arbitrary constants. 
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Thus, we have shown that all the roots of the secular equation for a conservative 
mechanical system are real and positive. In addition, to n frequencies w; = dA there 
correspond n linearly independent amplitude vectors, and the general solution of the system 
does not contain secular terms of the form 0; = (Co + Cit + C sin(w;t + a;) in the 
case of multiple frequencies. 


E2.7.4. Influence of Small Dissipative Forces on System Oscillations 


Assume that each point of the system is subjected not only to potential forces but also to 
resistance forces depending on the velocity. Such forces are said to be dissipative. In this 
case, the total mechanical energy of the system does not remain constant but decays with 
time. 

Let us estimate the influence of dissipative forces on system oscillations under the 
assumption that these forces are small and linearly depend on the velocities of points of 
the system. In addition, we assume that the conservative system has distinct oscillation 
frequencies. The expressions for the generalized forces acquire the form 


n 


n 
Qi =- X bikåk -X inde: t=1,... n. 
k=1 


k=1 


By analogy with the potential energy of the system, we introduce the dissipative Rayleigh 
function, specifying it by a positive definite quadratic form F in the generalized velocities q;: 


1 nT n 
R=> 2, Pue > 0 for 2,4>0 


In the case under study, the system is definitely dissipative, and the equilibrium of the 
system is asymptotically stable; 1.e., g;(t) — 0 as t — oo. 
In normal coordinates, the equations of motion of the system acquire the form 


n 
6, + 3,0; + WO; +) Bij0; = 0 (2,9 = Lee's A 
ji 
Using the fact that the dissipative forces are small —1.e., the coefficients 6; and (;; are 


small —in the first approximation, one can obtain a system of linearly independent particular 
solutions (“normal oscillations”) in the form (Gantmakher, 1975) 


Fit, aia... T 
0; = A;e a sin(w;t F Qi), O; = ej Aje zt sin (wt +a; + >). 
bjiwi , 
ELR A E A IS E 
J 2 2 
We — Wi 


where 2 = 1,...,7. This implies that: 

(1) The system frequencies are close to those of the corresponding conservative system 
in the absence of dissipative forces. 

(2) The system oscillations are damped as t — oo. 

(3) In the ¿th normal oscillation, all coordinates 0; (j #7) are small compared with the 
ith coordinate 0; and differ from it in phase by a quarter period. 
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E2.7.5. Forced Oscillations 


Assume that the system considered in the preceding section 1s also subjected to perturbing 
forces Qi. The equations of motion of such a system acquire the form 


n 
S (aig + bijdj + Cig 95) = Qi), tabech 
j=1 


The general solution q;(t) of this inhomogeneous system of linear equations is the sum 
of the general solution q; (t) of the corresponding homogeneous system and a particular 
solution q;(t) of the inhomogeneous system, 


qi) = q ©) + q(t). 


Since q; (t) > Oas t — oo, it follows that the system behavior for large values t is 
determined by the particular solution, g;(t) — q;(t) as t — oo. 

The system under study is linear, and, because of the linear superposition of particular 
solutions, the general case of finding the forced oscillations is reduced to studying the 
solution of the system for the case in which only one of the perturbing forces is nonzero, 
say, Qı #0. 

We restrict ourselves to the case of a harmonic driving force Q(t) = Aet, Q; =0 
(j =2,...,n), where i is the imaginary unit (i? = —1). We seek the forced oscillations in 
the form q, = Bye (k =1,...,n). By substituting these expressions into the equations 
of motion, we obtain a system of algebraic equations for By: 


y fay; (iQ) + bijah) F c1595| B; = A, 

j=l 

S lna + bj GQ) + cxjqj]Bj =0, =k =2,...,n. 
jel 


By solving this system, we obtain By = W¡:(10)4, where W1,(2Q) = Ay, (QQ) /AGQ) 
is a proper rational function of 212 with real coefficients. The hodograph of this function in 
the complex plane is called the frequency or amplitude-phase characteristic. 

By setting W¡¿(¿0) = Ry, (Qet, we rewrite the solution as 


eaa A A egik 
where R;;({2) is the amplitude characteristic and Y14(Q) is the phase characteristic. 
In the case of the sinusoidal perturbing force 


. eT = 
Qi = sin(Mt) = —(e mae). 


the solution becomes 
qk = Ri, (QA sin[Ot+VW1,(0)] (k=1,...,n); 


1.e., a Sinusoidal driving force causes a sinusoidal response, where the forces are multiplied 
by the amplitude characteristic R,,((2) and the phase shift is determined by the phase 
characteristic Y ¡y ((2). 

By adjusting the system characteristics, one can suppress oscillations at some “use- 
less” frequencies and increase the amplitudes of these oscillations at the other “required” 
frequencies. This idea underlies the design of frequency filters. 
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Example. The equation of forced oscillations of a system with a single degree of freedom and its amplitude 
characteristic R and phase characteristic Y has the form 


PUE T a oe B 1 E bQ 
G+bq+uw q = Asin(Qt), NN O PE Y = aretan( 7). 


Here we note the following specific features of the obtained solution: the forced oscillation amplitude 


B = AR becomes unboundedly large if the dissipative forces are very small and the driving force frequency 
tends to the natural oscillation frequencies (B — oo as b — 0 and Q —= w). 


E2.8. Dynamics of an Absolutely Rigid Body 
E2.8.1. Rotation of a Rigid Body about a Fixed Axis 


Assume that a body of mass m rotates about the vertical z-axis under the action of a system 
of active forces {F4}. At points O; and O, of the axis, cylindrical hinges are located and a 
thrust bearing* is placed at the point O; (Fig. E2.47). 


Figure E2.47. Rotation of a rigid body about a vertical axis under the action of active forces. 


Theorems on the momentum and angular momentum with respect to the center O; imply 
the following system of six equations with six unknowns: 


mic. —mycow = Xı + X)+ y Lis 


_mycw” +mxcw=Y¡+ Y + y Figg, 
0=21+5) Fiz, 
Iyzw* - Iz =-LY,+ 5 MF), 
Tw” — Ig) = LX, + X My (Fx), 
L0 =>) ME). 


Here xc and yc are the coordinates of the center of mass C of the body, X1, X2, Y, Yo, Z1 
are the projections of the constraint reaction forces onto the coordinate axes, and L = O;Q). 


* A thrust bearing is a device preventing the body from vertical displacements. 
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The last equation does not contain reactions; it is called the equation of motion of a rigid 
body about a fixed axis. By integrating this equation, one can find the angular velocity and 
the angle of rotation as a function of time: w = w(t, wo), y = p(t, wo, Yo). 

If the body is at rest w = w = 0, then the constraint reactions are said to be static. In 
the case of body rotation, the reactions are said to be dynamic; they depend on the angular 
velocity and the angular acceleration of the body. 

The conditions under which the dynamic reactions are equal to static reactions have the 
form 

to = yc = 0, Luz = Izy = 9. 


This implies that, as a rigid body rotates about a fixed axis, the dynamic constraint reactions 
are equal to static ones if the rotation axis is one of the principal central axes of inertia. 


E2.8.2. Plane-Parallel (Plane) Motion of a Rigid Body 


Each motion of a body can be viewed as a motion of the center of mass and the motions of 
the body with respect to the center of mass. 

In the case of plane motion, the body points, including the center of mass, move in 
planes parallel to a fixed (base) plane. The motion about the center of mass is the rotation 
about an axis perpendicular to the base plane and passing through the center of mass. 

We draw a plane parallel to the base plane through the center of mass C and introduce 
fixed axes OEn in this plane (Fig. E2.48). In addition, we introduce two moving reference 
frames whose common origin is the center of mass C. One of them, C'x*y* (the Konig 
axes), moves translationally: its axes are parallel to the axes of the fixed system O€7; the 
second system, Cry, is rigidly fixed to the body and rotates about C. 


Figure E2.48. Plane-parallel motion of a rigid body. 


The body position is determined by the following three parameters: the coordinates 
xc, yc Of the center of mass in the fixed system O€7 and the rotation angle y between the 
axes Cx* and Cx. 

The theorem on the motion of the center of mass of the body in the fixed system OEN 
and the theorem on the angular momentum about the axis perpendicular to the base plane 
and passing through the center of mass give the following three equations of plane motion 
of a rigid body: 


m Ae MOE =D My leo E = LMR, 


Here m is the mass of the body and [cc is the moment of inertia of the body about the axis 
passing through the center of mass and perpendicular to the base plane; the expressions 
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on the right-hand side of the relations contain the projections and moments of the external 
forces acting on the body. 

By integrating the obtained system of equations with the initial conditions taken into 
account, one can determine zc, yc, and y as functions of time t. 


E2.8.3. Motion of a Rigid Body about a Fixed Point 


> Preliminary remarks and definitions. 

An arbitrary motion of a rigid body is the combination of two simultaneous motions: the 
translational motion together with an arbitrary point of the body and the spherical motion 
about this point treated as a fixed point. 

In several problems of motion of a rigid body, the differential equations of motion 
determining the translational motion are independent of the equations of motion about the 
chosen point. Therefore, both systems of equations can be integrated independently of 
each other. As a rule, the difficulties of analytical integration arise in the second system. 
Therefore, the problem of motion of a body about a fixed point is most important in 
mechanics. 

Any body with a single fixed point has three degrees of freedom, and its position can be 
determined by introducing three independent generalized coordinates. 

We introduce two reference frames whose origins coincide with the fixed point O of 
the rigid body. The system O€7¢ is fixed, and the system Oxyz is a moving system rigidly 
fixed to the body. The position of the moving system (i.e., the position of the rigid body) 
with respect to the fixed system is determined by the Euler angles vy, Y, and 0. 


Figure E2,49. Motion of a rigid body about a fixed point: the fixed and moving reference frames Og£nC and 
Oxyz, and the Euler angles y, 4, and 0. 


The straight line OK of intersection of the planes On and Oxy is called the nodal 
line. Its positive direction is chosen so that the nearest rotation from OÇ to Oz seems to be 
anticlockwise if it is observed from the side of the point K. 

The angle y of proper rotation is the angle between OK and Oz; it is assumed to be 
positive if, being observed from the positive sense of the axis, the rotation from OK to Ox 
seems to be anticlockwise. The axis Oz is called the axis of proper rotation. If only the 
angle y varies, then the body rotates about the fixed axis Oz with the angular velocity 
p = pz? of proper rotation directed along the axis Oz, where z° is the unit vector of the 
axis Oz. (We do not show all unit vectors of coordinate axes in Fig. E2.49 so as not to 
overload it.) 

The precession angle y is the angle between OE and O K; it is assumed to be positive if, 
being observed from the positive sense of the axis OC, the rotation from O€ to OK seems 
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to be anticlockwise. The axis OC is called the axis of precession. If only the angle Y varies, 
then the body rotates about the fixed axis O¢ with the angular precession velocity Y» = YÇ’ 
directed along the axis OC, where C° is the unit vector of the axis OC. 

The nutation angle 0 is the angle between OC and Oz. The nodal line OK is called the 
axis of nutation. If only the angle @ varies, then the body rotates about the fixed axis OK 
with the angular nutation velocity O = Ò OK? directed along the axis OK, where OR? is 
the unit vector of the axis OK. 

The superposition of the system O&n¢ with the system Oxyz can be realized by three 
rotations: first, by the angle ~ about the axis OC, then by the angle 9 about OK, and finally, 
by the angle y about the axis Oz. 


> Kinematic Euler equations. If all three angles vary as the body moves, then the angular 
velocity of the body w according to the theorems on the compound motion of a rigid body 1s 
equal to the vector sum of the vectors of angular velocities of the proper rotation, precession, 
and nutation: a 
w= ptiwt. 

We denote the projections of the angular velocity w on the axes of the moving reference 
frame Oxyz by p, q,r. The expressions of these quantities via the Euler angles y, 4,0 and 
their derivatives %, a, Ô have the form 


= w sin @ sin y + Ê cos y, 
q = wsin@cos y—Osin y, (E2.8.3.1) 
r=ĦŅcosð + ġ. 


For p’, q”, r”, i.e., the projections of the angular velocity w on the axes of the fixed system 
OgnC, the expressions via the Euler angles and their derivatives have the form 


p' = ġsin O sin Y + 6 cos 1, 
q! = —ġ sin 0 cos y + Ô sin Y, (E2.8.3.2) 
r’ =pcos0 +y. 

The last two groups of equations are called the kinematic Euler equations. 


> Formulas for the angular momentum. Dynamic Euler equations. The expressions 
for the angular momentum Ko of a rigid body about a fixed point O and its projections 
Koz, Koy, Koz onto the axes of the moving reference frame have the form (in what follows, 
the subscript O is omitted for convenience): 


K = Soa; x mjv;) = N Tr) X mjlw X r;)] = W y mir; = ` MjV (Kj -W), 
J J J J 


Ky = plzz — dry -T Liz, 
Ky = —plye + qlyy -T Iyz; 
Ky, = -plzz — Qlay +rIzz. 
(E2.8.3.3) 


The expression for the kinetic energy T’ of a rigid body moving about a fixed point has 
the form 


2T = m= mio (WXrj)=w- > (rj X mjvj) =w-K, 
J J J 
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or, in coordinate form, 
2T =w: K= Isep + Iyd + Leet” — yar —2Lz0 1 p — Upypd. 


The dynamic Euler equations of motion of a rigid body about a fixed point are obtained 
from the theorem on the angular momentum about a fixed point O: 


dK 
— = y MOF' (in the fixed reference frame) 


Of 
dKo 
dt 


+wXKo = MoF; (in the moving reference frame). 


It is inconvenient to project the vector relations on the axes of a fixed reference frame, 
because the coefficients leg, Inn, Lec, ..., Ley contained in the expression for Ko depend 
on time, and the equations thus obtained are rather cumbersome. The equations of motion 
become concise if 

1. The projections onto the axes of the moving reference frame are taken. 

2. For the moving axes one takes the principal axes of inertia of the body for the point O, 
so that 

Koz = Lrxp = Ap, Koy =lyq= Bq, Koz = lr = Cr. 


(Here the traditional notation A = Izz, B = yy, C = Izz is used.) 
As a result, the dynamic Euler equations acquire the form 


d 
A= +(C-B)gr = Mp, 


po +(A-C)rp = My, (E2.8.3.4) 


aT + (B — A)pq = M.. 


Along with the kinematic Euler equations (E2.8.3.1), they form a system of six first-order 
ordinary nonlinear equations for the six unknown functions p,q,r, p, Y,0 of time. The 
general integrals of the system must contain six arbitrary constants, which are determined 
by the initial conditions po, qo, ro, Po, Vo, Oo for t = to. 

By eliminating p, q,r, one can pass from the system of six equations to a system of three 
second-order ordinary differential equations for the Euler angles. 

The difficulties of analytic integration of the system of nonlinear equations of motion 
are obvious, because, in the general case, Mz, My, and M, are functions of t, p, q, r, p, Y, 
and 0. 


> Statement of the problem on the motion of a rigid body about a fixed point. Consider 
the motion of a heavy rigid body about a fixed point under the action of a single active force 
of weight G. We neglect the Earth’s rotation, assuming that the Earth is fixed. The axis O¢ 
of the stationary system O€7¢ fixed to the Earth is directed vertically upwards and opposite 


to the force of gravity. The position vector OC of the center of gravity of a body is denoted 
by rc(Xe, Ye, Zc). The expressions for the direction cosines of the angles made by the axis 
OC with the axes of the moving reference frame become 


cos(C, £) = 7, = sind sin y, cos(C, y) = Y = sin@cos y, cos(¢, z) = 73 = cos 0. 
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Here y1, %2, %3 are the projections of the unit vector ¢° on the moving axes; i.e., Ç? = 
y11+ y] + y3k, where i,j, k are the unit vectors of the moving axes. Since the direction of 
the force of gravity does not vary, 1t follows that 


an =F12=U73 
dt 
dy _ 
dy3 _ 
Pa = 1 — P%2. 


In the case under study, with the relations G = -G¢° and Mo = r x G taken into account, 
the dynamic Euler equations acquire the form 


d 
A + (C — B)qr = Gly2%e — Y3Ye), 


d 
Bo. +(A-O)rp = Gl. - 7120), 


dr 
A + (B — A)pq = GON Ye — Y. Tc). 


Here the quantities A, B, C, £e, Yc, Ze are constants. 

The last equations, together with the Poisson equations, form a closed system of six 
equations with six unknown functions of time 7, 72,73, p,q, r. If they are obtained, then 
to determine the Euler angles y, 4,0 as functions of time it is necessary to find w(t) by 
a single quadrature of any of the kinematic Euler equations, because 0(t) and y(t) can be 
found from the expressions for the direction cosines of the angles made by the axis OC with 
the axes of the moving system. 

One can show that the solution of the problem on the motion of a body is reduced to 
finding only a single integral. 

If the system of equations of motion is represented in the canonical form 


dp dq d 
E ER A 


FO rl A A 
where 
P = Glyz-Yv3Ye)-(C-—Bjqr, 11 =r- qy, 
Q = Gte- V12) -(A-C)rp, T2=py3-rn, 
R= Gy. —Y2%c) -(B- A)pq, T3 =q- ph, 


then one can see that 
(1) Itis possible to integrate the system of the first five equations 


dp _4q_dr _ n v g 


P Q RT, DR K 


alone, because they do not contain the time t explicitly. 
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(2) The structure of this system of five equations is such that, according to the theory 
of the last Jacobi multiplier for the canonical system of differential equations (the details 
of this theory are beyond the scope of this book), to reduce the problem to quadratures it 
suffices to know four rather than five integrals of the system. 


(3) One of the integrals, Yi + Ya + a, = 1, is obvious from geometric considerations. 


l dK 
(4) The theorem on the angular momentum of the system about the axis OÇ, —* = 


Me = 0, leads to the integral 
Apy, + Bqy + Cry3 = const. 


(5) The theorem on the kinetic energy dT’ = —Gd¢,. gives one more integral, 


1 
7 Ap” + BP + Cr?) = —G(LeY1 + Ye Y + 203) + const. 


Thus, 1t remains to find one last integral. This problem can be solved only in the 
following three special cases: 

(1) The Euler—Poinsot case: motion by inertia, when the moment of external forces 
about the fixed point is zero: Mo = 0. 

(1) The Lagrange—Poisson case: the ellipsoid of inertia of a body about the fixed point 
is an ellipsoid of rotation, A = B, and the center of gravity of the body lies on the axis of 
rotation of the ellipsoid of inertia. 

(111) The Kowalewski case determined by the following two conditions: (a) A= B=2C' 
and (b) the center of gravity lies in the equatorial plane of the ellipsoid of inertia. 

The studies showed that it is only in these three cases that there exists an algebraic 
integral that holds for any initial conditions, and this reduces the problem to quadratures. 
The cases of integration described in the literature and differing from the above cases hold 
only under certain specifically chosen initial conditions. 

Example. Under the conditions A = B (the ellipsoid of inertia is an ellipsoid of rotation) and Mo = 0, the 


solution of the problem on the motion of a body can be solved completely in elementary functions. 
The dynamic Euler equations become 


Ae +(C'— A)qr = 0, 


go" +(A-C)rp = 0, 


dt 
dr 
A— =0. 
dt 
The solution of this system gives the three integrals 
Ap + q’) + Cr* =h, Ap” + g) +C’ r = Ko, r = ro = const. 


The first of them is the energy integral, the second follows from the law of conservation of the angular 
momentum Ko, and the third follows directly from the last equation. 

To solve the problem completely, it is necessary to express the Euler angles as functions of time. To 
simplify the solution, we direct the axis OÇ along the vector Ko, which remains constant in magnitude and 
direction. The projections of Ko onto the axes Ox, Oy, and Oz are 


Kz = Ap = Gsin sing, K, = Aq = Gsinĝ cosy, K, = Cr = G cos g. 


It follows from the last equation that 0 = const = 0o, because cos 0 = Cr/G = Cro/G = const. 
After the corresponding substitutions into the kinematic Euler equations, we integrate them and finally 
obtain the expressions for the Euler angles: 


p= (ro - Ž2 cos 60) t+ vo, w= LO + do, 0 = bo. 


The motion determined by these equations is called the regular precession. 
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E2.8.4. Elementary Theory of Gyroscope 


A gyroscope is a homogeneous body of rotation rapidly rotating about its symmetry axis; 
the gyro axis can change its direction in space. Usually, the gyro is made as a massive 
symmetry body fixed so that one of the points of its axis remains immovable. This, for 
example, can be done by using the gimbal suspension (Fig. E2.50). 


Figure E2.50. Gyroscope. 


The exact analytical study of the gyro motion is a very complicated problem. The 
solution is significantly simplified if the angular velocity of the gyro rotation is sufficiently 
large. 

If Mo = 0 for a gyro rotating about the symmetry axis, then the theorem on the angular 
momentum dKoy/dt = Mo implies that Ko = Iw; = const. This means that the gyro 
axis preserves its original direction with respect to inertial reference frame, and the angular 
velocity w , is constant. 

If Mo # 0, then, in addition to proper rotation, the gyro performs precession and 
nutation motions. Exact studies show that, for a rapidly rotating gyro, the variations in the 
axis direction due to the nutation oscillations, A0 = (Omax — Omin), remain in a very small 
range, and the angular nutation velocity @ is also very small. Therefore, in the approximate 
theory of gyros, it is assumed that 0 = 0o = const. 

The angular precession velocity w% is also small, but it is necessary to take this velocity 
into account, because it has a constant sign and the gyro axis changes its direction rather 
noticeably with time. 

With the above assumptions taken into account, we have w = w1 + w2 = w1, because 
w < w1. In what follows, we assume that, at any time instant, the angular velocity and 
angular momentum vectors are directed along the gyro axis, Ko = Iw; (Fig. E2.51). 

Now the theorem on the angular momentum dKoy/dt = Mo can be represented as 
d(Iw,)/dt = Mo. The left-hand side of the equation contains the velocity of the endpoint 
of the vector Jw; rotating about the vertical axis at the angular velocity w2. Using the Euler 
formula, we write out the final result: 


(w Xw) = Mo. 
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Figure E2.51. Directions of the angular velocity of the gyro proper rotation w; (along the gyro axis) and the 
angular precession velocity w». 


Since the intrinsic angular momentum Jw; is known, the last expression allows one to 
solve the following two problems: 

(1) If Mo is known, find wy, 1.e., the angular precession velocity. 

(2) Conversely, if w2 is known, find Mo, 1.e., the moment of forces responsible for the 
precession. 


E2.9. Elementary Theory of Impact 


As a rule, in the motion of a mechanical system, in each successive small time interval 7, 
the variations in the velocities of points of the system are also small and have the same order 
of magnitude. But in several cases, one can observe the phenomenon of impact in which 
the velocities of several points can vary by a constant value in the time interval from fo to 
to +7. This occurs either in the case of instantaneous imposition of a mechanical constraint 
(for example, when a body falls on a massive plate) or in the case of instantaneous removal 
of a constraint (for example, when a flying missile bursts). 

For such a point, we write the theorem on the momentum in the form dQ => ,,dS; or 
d(mV) = `, F; dt, perform integration, and obtain 


Vi to+T = 
/ d(mV) = J e F; dt or m(Vı-— Vo) = y FT. 
to k k 


Vo 


Here Vo and V; are the velocities of the point before and after the impact, and Fẹ are the 
average forces acting on the point on impact. 

Since the left-hand side of the last equation is a finite quantity, 1t follows that at least 
one of the quantities Fẹ must be of the order of 1/7 on impact; i.e., since 7 is small, it must 
be much larger than the “ordinary” forces acting on the point. In what follows, such forces 
are called impact forces. 

Since the impact processes are very cumbersome, the law of variation of the impact 
force 1s, as a rule, unknown. It follows from general considerations that the graph of the 
impact force magnitude has the shape shown in Fig. E2.52, where the average impact force 
magnitude is given. 

Example 1. Approximate estimates of the impact force in the case of fall of a stone of weight 1 kg on a 
plate from the height of 10m give a quantity of the of order of 1.5 tons under the assumptions that the stone 
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Figure E2.52. Qualitative graph of the impact force magnitude and computation of the average impact force. 


after fall does not bounce and 7 = 0.001 s. Judging from the figure, the maximum magnitude of the impact 
force in the time of impact is at least twice larger, 1.e., attains the value of the order of 3 tons and exceeds the 
magnitude of the “ordinary” force of weight approximately by a factor of 3000. 


With the above explanations taken into account, the theorem on the momentum of a 
point can be stated as 


Q-Q = > Sk: 


1.e., the variation of the momentum of a point in the time of impact is equal to the sum of 
impact momenta. 

The impact momentum is the vector S; = ~ F; dt. The statement of the theorem 
contains only the momenta of impact forces, because the momenta of “ordinary” forces can 
be neglected as being of small order of magnitude. 


At the time of impact, the velocity of the point varies according to the relation 


mr—-mVo = Y Sz. 


where r is the position vector of the point with respect to a fixed center O. 
Separating the variables and integrating over the time of impact, we obtain 


totr 
meee J (mv n > Sx) dt. 
to 


r 


re 


Or 


mr—r°) = (mv + NS) Ts 


where r°, r, S; are the position vectors of the point at the beginning and at the end of the 
impact and the average value of the impact momentum. The right-hand side of the equation 
is a small value of the order of 7, which implies that r = r°; 1.e., the displacement of the 
point in the time of impact can be neglected. 

The last fact allows us to obtain the following theorem. 


THEOREM ON THE VARIATION IN THE MOMENT OF MOMENTUM OF A POINT ON IMPACT. In 
the time of impact, the variation in the moment of momentum of a point about any fixed 
center is equal to the sum of moments of impact momenta about the same center: 


rx Qi -r°x Qo =r? xX Sy or Ko -K = X MoS;. 
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THEOREM ON THE MOMENTUM OF A MECHANICAL SYSTEM ON IMPACT. In the time of 
impact, the variation in the momentum of a system is equal to the sum of external impact 


momenta: 
Q-0* => Si. 
THEOREM ON THE ANGULAR MOMENTUM OF A MECHANICAL SYSTEM ON IMPACT. In 


the time of impact, the variation in the angular momentum of the system about any fixed 
center O is equal to the sum of moments of external impact momenta about the same center: 


Ks -K = >» MoS;. 
In collision of two bodies, at the point of contact, there arise impact forces applied 


to each body (Fig. E2.53). These forces (and hence the impact momenta) are equal and 
opposite, S; =—Sp. 


Figure E2.53. Collision of two bodies. 


We assume that the forces of friction are negligibly small; in this case, the impact 
momenta are directed along the common normal to the surfaces of colliding bodies. 

As observations show, the hypothesis on the absolute rigidity of bodies under the 
conditions in question is not satisfied, and therefore, it is necessary to take into account 
some additional properties. 

The impact process can be divided into two phases, the initial and the final. In the initial 
phase, some constraints are imposed instantaneously, and the deformable bodies approach 
each other along the line of the common normal. In the final phase of the impact, the 
constraints are removed instantaneously, the bodies remove from each other and completely 
or partially restore their original shape. 

The complete investigation of the phenomenon under study is far beyond the framework 
of theoretical mechanics. But here it is also possible to obtain results that are in good 
agreement with practice if the Newton’s hypothesis is accepted. 

We assume that, in the time of impact, the site of contact of bodies is small and can be 
assumed to be a point. We measure the relative velocity of approach of the points of contact 
of the bodies directly before impact and calculate the absolute value of its projection V” 
on the common normal to the surfaces of the colliding bodies. We perform similar actions 
when the points of contact separate immediately after impact, and obtain the values of V”. 

According to Newton’s hypothesis, the quantity e = V”/V” characterizes the properties 
of colliding bodies and is independent of their masses and relative velocity. 

This hypothesis can be stated in a different way: the ratio of the magnitudes of momenta 
in the first and second phases of impact is a constant value for colliding bodies and is a 
quantity independent of masses and velocities of the bodies. 

The physical constant e is called the coefficient of elasticity. It follows from physical 
considerations that OU <€ <1. For e = 1, the impact is said to be absolutely elastic, for e = 0, 
absolutely inelastic. 
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Example 2. The values of the coefficient of elasticity can be obtained experimentally. A heavy ball raised 
to a height ho over a massive horizontal plate is lowered without initial velocity, and the maximal height hı of 
its raising after rebound is measured (Fig. E2.54). 


Figure E2.54. Experimental determination of the coefficient of elasticity by measuring the height of the ball 
rebound from the surface. 


Neglecting the air resistance, we determine the velocity of fall on the plate Vo and the rebound velocity 
Vi from the relations Vo = /2gho and Vi = v2gh;. As a result, the formula for the coefficient of elasticity 


acquires the form 
Vi | hi 
Aea Y = 
Vo ha 


Example 3 (Direct central impact of two bodies). The impact of two bodies in which the vectors of 
internal impact momenta and the velocities of the centers of mass are directed along the straight line connecting 
the centers of mass 1s called a direct central impact (Fig. E2.55). We assume that the velocities of the centers of 
mass of the bodies before impact and the coefficient of elasticity are known. It is required to find the velocities 
of centers of mass of the bodies after impact and the impact momenta. 


Ne) i 


Figure E2.55. Direct central impact of two moving bodies (of different masses). 


Solution. We denote the velocities of the centers of mass of the bodies before impact by Vi and Vz and 
after impact by Vý and V;. Since the first body overtakes the second body, we have Vi > V2, VÝ < V; before 
VÍ = e after impact 
UV, pari: 

Since the acting impact momenta are internal, the law of conservation of momentum on impact holds, 
which, in projections onto the direction of the x-axis, gives the first equation 


impact and 


Mm Vi + m2V, = m¡V/ + maV7. 
In addition, for a known coefficient of elasticity, there is a second equation relating the unknowns Vý and Vy: 
e(Vi - Va) = Vi - Vi. 
By solving the resulting system of two equations, we obtain 
mall POUS Vi = V+ mi(1 + €)(Vi Y) 
mi + ma Ma + mı 
Now we find the impact momentum 5 applied to the first body: 
mml + e MV — V2) 
mi + Mo 
The impact momentum > applied to the second body is related to S1 as S2 = —S}. 


Vi =V; 


Sı = mı (Vý - Vi) = 
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Example 4 (Action of the impact on a body rotating about a fixed axis). To a body rotating with angular 
velocity w about the vertical fixed axis AB, the impact momentum S is applied at point M (Fig. E2.56). In 
cylindrical hinges A, B and the thrust bearing, there arise impact momenta S4z,Sa,,Saz,SBx2,SBy, Which 
must be found under given dynamic characteristics of the body. 


Figure E2.56. Impact on a body rotating about a fixed axis. 


Solution. To make the further calculations more convenient, we place the coordinate axes so that the axis 
Oz coincides with the axis of rotation (ta = YA = TB = YB = 0; We = wy = 0) and the center of mass of the 
body C lie in the plane yAz (yc = 0); in addition, we choose the origin, i.e., point O, so that the point of 
application of the impact momentum M lies in the plane xOy (zm = 0). 

The theorem on the variation in the momentum of the body and the theorem on the variation in its angular 
momentum about the center O acquire the form 


m(Vo-Vo)=S+SA+SB, 
Ko - Ko =rm XS+raxXSa+t+re XSz, 


where S4 and Sz are the momenta of the constraint reaction forces, rm is the position vector of point M, and 
Vc, K and Vo, K', are the velocity of the center of mass and the angular momentum of the body before and 
after the impact. 

To two vector equations, there corresponds a system of six scalar equations 


Se + Sac + Spe =mycWw-w), 
Sy + Say + SBy =0, 
Oy ESA = 0, 
—In2(w' -w) = ym Sz- ZAS Ay — ZBSBy, 
~Iy2(w —w) =-£Mm Sz + zaS ax + ZBS Ba, 
lalo —w) = 2M Sy —yMSe, 


with six unknowns w’, Sar, Say, Saz, Spa, SBy. 
From the sixth equation, we obtain the body angular velocity after the impact: 


/ 
W =Wt 


1 
I (11 Sy —YmSvs), 


zZ 
and then find the impact momenta of the constraint reactions. 
Now we obtain the conditions under which there are no impact momenta of the constraint reactions. In 
this case, the point of application of the impact momentum is called the center of impact. 
If there are no impact momenta of the supports SAr = Say = Saz = Spx = SBy = 0, then the system of 
the above-obtained equations becomes 


Sz = myg(w' — w), 
Sy =0, 
0. =01 
—In2(w' —w) = yu Sz, 
slp -w) =m Sz, 


T¿¿kw'—w)= 2M Sy -YM Sr. 
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This implies that the supports do not experience impact loads if 

1. The external impact momentum is perpendicular to the plane passing through the center of mass and 
the axis of rotation of the body, because it follows from the second and third equations that S, = 0 and S, = 0. 

2. The axis of the body rotation is a principal axis of inertia for the point O at which it intersects the 
orthogonal plane containing the point of application of the impact momentum, because it follows from the 
fourth and fifth equations that Izz = [yz = 0. 

3. The position of the impact center is determined by the formula ym = —[...myc, which follows from 
the first and sixth equations. 


The theorem on the variation in the kinetic energy of a material system on impact (the 
Carnot theorem) is formulated for two cases: instantaneous imposition of constraints and 
instantaneous removal of constraints. 


THEOREM (CARNOT). 

(1) The kinetic energy lost by the system in instantaneous imposition of absolutely 
inelastic constraints on it 1s equal to the kinetic energy that the system would have if its 
points moved with the lost velocities: 


1 
Pope y MA =y. 


this is the case in which the impact has only the first phase. 

(1) The kinetic energy acquired by the system in instantaneous removal of constraints 
is equal to the kinetic energy that the system would have if its points moved with acquired 
velocities: 


1 
T'-T= y Mv, A 


this is the case where the impact has only the second phase. 
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Chapter E3 
Elements of Strength of Materials 


E3.1. Basic Notions 
E3.1.1. Introduction. External and Internal Forces 


> Deformation, strength, and rigidity. The strength of materials is the field of mechanics 
where design and analysis of structural members for strength, rigidity, and stability are 
considered. 

The strength of materials is based on the knowledge accumulated in theoretical mechan- 
ics. The difference is that the object in theoretical mechanics is an absolutely rigid body, 
but the strength of materials deals with deformable rigid bodies. 

In practice, the actual members of machines and structures experience the action of 
different forces. Under the action of these forces, the bodies are deformed; 1.e., the mutual 
position of the material particles 1s changed. If the forces are sufficiently large, then the 
body fracture may occur. 

The ability of a body to take loads without fracture and large deformations is called the 
strength and rigidity, respectively. 

Several equilibria of bodies and structures are unstable; 1.e., in these states, any negligible 
actions of random character, as a rule, may lead to significant deviations from these states. 
But if the deviations are also small, then such equilibria are said to be stable. 
> External forces. The external forces acting on a structure comprise the active forces 
(loads) and the reactions of external constraints. Several types of loads are distinguished. 

Lumped force applied at a point. They are introduced instead of actual forces acting on 
a small site of the surface of a structural member whose dimensions can be neglected. 

Distributed forces. For example, the forces of fluid pressure on the vessel bottom are 
loads distributed over the surface and are measured in N/m, and the weight forces are loads 
distributed over the volume and measured in N/m?. In several cases, a load distributed over 
a line 1s introduced; the intensity of such a load is measured in N/m. 

One version of the load is the lumped torque (couple of forces). 
> Internal forces in a rod. The rod is the most widespread structural member; therefore, 
the main attention in the strength of materials is paid to the rod. 

The longitudinal axis and the transverse cross-section are the basic geometric elements 
of the rod. It is assumed that the rod transverse cross-sections are perpendicular to the 
longitudinal axis, and the longitudinal axis passes through the centers of gravity of the 
transverse cross-sections. 

The internal forces of arod are the forces of interaction between its separate parts arising 
under the action of external forces (it is assumed that, in the absence of external forces, the 
internal forces are zero). 

We consider a rod in equilibrium under the action of a system of external forces 
(Fig. E3.la). We mentally draw an arbitrary transverse cross-section dividing the rod 
into two parts L and R. The right part R is subjected to a system of forces exerted the 
left part L and distributed over the surface of the transverse cross-section, 1.e., a system of 
internal forces with respect to the entire rod. This system can be reduced to the resultant 


745 
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vector R and the resultant moment M if the center of gravity of the cross-section, 1.e., 
point O, is taken to be the center of reduction. 


(a) 


Figure E3.1. Internal forces in a rod: (a) (imaginary) cross-section of the rod, (b) internal forces and moments 
at the cross-section. 


> Internal force factors. We choose the coordinate system so that the axes zx, y lie in the 
transverse cross-section and the axis z 1s perpendicular to it and decompose R and M into 
components in these axes: Q,, Qy, N and Mz, My, Mz (Fig. E3.1b). 

These six quantities are called internal force factors of the rod (or internal forces) 
in the cross-section under study. Each of these forces has its own name corresponding 
to its direction or the specific form of the rod deformation caused by these forces. The 
forces Qy; and Q are called the transverse (cross-axis) forces, and N is called the normal 
(longitudinal) force. The moments M, and M, are called the bending moments, and M, is 
called the twisting moment. 
> Method of sections. Since the cut-off part of the rod R is in equilibrium, it is possible 
to compose six static equations for the forces acting on this part, which determine all six 
internal force factors: 


Y F,=0, X Fy =0, Y F,=0, 
Y m(F)=0, X my¡F)=0, X m.(F)=0. 


This method for determining the internal forces is called the method of sections. 

On the basis of the law of action and reaction, the right-hand part of the rod acts on the 
left-hand part with equal but opposite forces; therefore, they can also be determined starting 
from the fact that the rod part £ 1s in equilibrium. 


E3.1.2. Stresses and Strains at a Point 


> Stresses. The stress vector p is the intensity of internal forces distributed over the cross- 
section, at a point of the cross-section (Fig. E3.2). Its components lying in the plane of the 
cross-section are called tangential (shear) stresses Tz, Ty, and the component perpendicular 
to the cross-section is called the normal stress o. The stresses are measured in N/ m? (Pa) 
and depend not only on the choice of the point but also on the orientation of the cross-section 
(or of the site dA, Fig. E3.2) passing through this point. The complete set of stresses at a 
given point for different sites is called the stress state at this point. 

If the stresses in the rod cross-section are known, then its internal force factors can be 
found by the formulas 


N= | oda, Qe= | roda, Qy = | ruda, 
A A A 


(E3.1.2.1) 
M, =- | oydA, My =- | oxdA, M; = [rar da, 
A A A 
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Figure E3.2. Tangential and normal stresses. Figure E3.3. Deformation at a point K. 


where the integrals are taken over the entire cross-section area A. 

> Strains. Consider an arbitrary point K of the body in the initial unstrained state and 
draw two infinitely small segments of lengths dx and dy through this point in the direction 
of the axes x and y (Fig. E3.3). 

Under the action of the load, the body is strained, the point K moves to the point K’, 
the segments dx and dy change their lengths by Ax and Ay, and the angle 7/2 between 
them varies by Yzy- 

The ratios 


are called the linear strains at point K in the direction of the axes x and y, respectively, and 
the quantity yzy is called the angular strain (shear angle) at point K between the axes x 
and y. The complete set of linear and angular strains in different directions passing through 
the point under study is called the strain state at this point. 


E3.1.3. Basic Notions and Hypotheses 


> Elasticity is the property of a body that is expressed as a unique dependence between 
the forces acting on the body and the body strains. In particular, an elastic body returns to 
the initial state after the loads are removed. 

In several cases, after the loads are removed, only part of the total strain disappears, and 
this part is said to be elastic. The remaining part, the so-called residual (plastic) strain, 1s 
related to the body property called plasticity. 
> Basic hypotheses accepted in the strength of materials: 

1. The bodies are assumed to be solid (without hollows) and homogeneous; 1.e., the 
properties of the body material are the same at different points. 

2. The body material is isotropic; 1.e., 1ts properties are the same in all directions. (In 
several cases, it is necessary to abandon this assumption for anisotropic bodies, whose 
material properties are different in different directions. For example, the properties of wood 
in the directions along the fibers and across them are different.) 

3. The body strains at each point are directly proportional to the stresses at this point. 
This property is called the linear elasticity law or Hooke’s law. 

4. Itis assumed that the strains in the body, as well as the displacements of its particles, 
are small compared with the geometric dimensions of the body itself. 

5. The principle of independence of forces (principle of superposition) holds, according 
to which any quantity a depending on the action of several forces is equal to the sum of 
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quantities a; determined for each separate force. This principle follows from hypotheses 3 
and 4. 


E3.2. Stress—Strain State at a Point 
E3.2.1. Types of Stress State 


> Principal stresses and principal directions. An analysis of the stress state at a point K 
of the body becomes more convenient if we mentally separate an elementary parallelepiped 
around this point and consider the stresses acting on its faces. Since the parallelepiped is 
small, we can assume that the stress state is the same at all of its points (is homogeneous) 
and coincides with the stress state at point K under study. Varying the orientation of 
this parallelepiped, we can make all its faces free of shear stresses. The corresponding 
normal stresses are called the principal stresses, and their directions are called the principal 
directions at point K. 

The linear, plane, volumetric (uniaxial, biaxial, and triaxial) stress states at a point 
are distinguished depending on whether the parallelepiped oriented in the principal direc- 
tions experiences extension (or compression) respectively in one, two, or three mutually 
perpendicular directions. 
> Plane stress state. Reciprocity law. In what follows, because of its special importance, 
we consider only the case of plane stress state in which there are no stresses on two 
opposite faces of an elementary parallelepiped. The other faces, in the general case of their 
orientation, are under the action of the shear and normal stresses (Fig. E3.4). Since the 
parallelepiped stress state 1s homogenous, it follows that the similar stresses on opposite 
faces are numerically equal. Obviously, the normal forces are mutually balanced on the 
parallelepiped faces. The tangential forces on the same faces form two couples of forces 
with moments (7,, dy dx) dz and (T; dz dx) dy of opposite direction, where dx, dy, dz—are 
the parallelepiped dimensions. These moments must be balanced, which implies 7, = Ty. 


Figure E3.4. Plane stress state at a point. 


The last equality expresses the reciprocity law for shear stresses: on any mutually 
perpendicular sites, the shear stresses are equal in value and directed so that they tend to 
rotate the element in opposite directions (Fig. E3.4). The aforesaid allows one to introduce 
the unique notation: T = Tz = Ty. 


E3.2.2. Uniaxial Tension and Compression 


> Modulus of elasticity of the first kind. We consider an elementary parallelepiped in 
the state of uniaxial tension or compression with only normal stresses acting on its two 
opposite faces (Fig. E3.5). 
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(a) (b) 


Figure E3.5. (a) Uniaxial tension and (b) uniaxial compression. 


Rule of signs: the tensile stresses are assumed to be positive, and the compressing 
stresses are assumed to be negative. According to Hooke’s law, the stress and the linear 
strain in the direction of the axis z are directly proportional: 


o = Ee,. (E3.2.2.1) 


The proportionality coefficient E is called the modulus of elasticity of the first kind and 
has the dimension of stress, because e, is a dimensionless variable. For ø > 0 (tension), €, 1s 
also greater than zero, which corresponds to the parallelepiped elongation in the direction of 
the axis z. For ø <0 (compression), we have e. <0, which corresponds to the parallelepiped 
shortening. 
> Poisson coefficient. Because of symmetry, the linear strains in the directions of the 
axes x and y are equal to each other and also proportional to the stress, or, with (E3.2.2.1) 
taken into account, to the strain e: 


Eg = Ey = VEZ =-—. (E3.2.2.2) 
E 
The constant dimensionless proportionality coefficient v is called the Poisson ratio, 
and the minus sign takes into account the opposite signs of the longitudinal strain £, and 
transverse strains €, and €,. In particular, for o > 0 and e, > 0, the quantities €, and e, are 
less than zero, and hence the parallelepiped transverse dimensions decrease. 
The constant quantities / and y characterize the elastic properties of a specific material; 
for example, for steel we have E = 210 GPa, 0.25 < y < 0.30. 


E3.2.3. Simple Shear 


> Simple shear. Consider a specific form of plane stress state in which the lateral faces of 
an elementary parallelepiped are only under the action of shear stresses 7 (Fig. E3.6a). By 
the reciprocity law, the stresses on neighboring faces are the same. Such a form of stress 
state 1s called the simple shear. 


(a) Y 
E 
dy | F: 
>] 
dz 


Figure E3.6. Pure shear: (a) initial state (tangential stresses are only acting on the lateral face), (b) deformation 
of the elementary parallelepiped, (c) normal stresses acting on the elementary parallelepiped rotated by 45°. 


The character of the parallelepiped strain is shown in Fig. E3.6b. Initially, the right 
angles between the lateral faces vary by the quantity y, which is called the shear angle, and 
the linear strains €x, Ey, €z are zero. 
> Shear modulus. In this case, Hooke’s law has the form 


T=Gr. (E3.2.3.1) 
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The proportionality coefficient G is called the shear modulus or the modulus of elasticity 
of the second kind. The modulus dimension coincides with the dimension of stresses. 

It is easy to see that, for dy = dz, the diagonal segment AB in the parallelepiped becomes 
shorter and the segment CD elongates by the same value A = y dy sin 45° (Fig. E3.6b); 
therefore, the other elementary parallelepiped, distinguished in a neighborhood of the same 
point and rotated by the angle 45° with respect to the first parallelepiped, must be under the 
action of the corresponding normal stresses o (Fig. E3.6c). In this case, there are already no 
shear stresses, and hence the normal stresses o are the principal stresses, and their directions 
are the principal directions for a given stress state. 
> Relation between Gr, E, and v. Consider the element formed by the diagonal cut of 
the parallelepiped (see Fig. E3.7). Its faces are under the action of forces whose values are 
equal to 7 dx dy, T dx dz, and o dx dz/cos 45°. 


K “ee 


at 


T ae. dz 


Figure E3.7. Equilibrium of the element formed by the diagonal cut of the parallelepiped. 
Since this element is in equilibrium, we obtain 
gaT, (E3.2.3.2) 
With (E3.2.3.1) and (E3.2.3.2) taken into account, the strain of segment C D (Fig. E3.6b) 


is equal to ccp = A/CD = $y = 47/G = 40 /G. 
On the other hand, treating the state in Fig. E3.6c as a combination of two uniaxial stress 


. Es a o vo 
states (extension and compression in perpendicular mann we obtain ecp = T + T 
form Hooke’s law (E3.2.2.1), (E3.2.2.2). This implies == 5 = =5+ — or G = Lav) (+0) 


Thus, the shear modulus G is determined via the already introduced constants Æ and v. 


E3.3. Central Tension and Compression 
E3.3.1. Longitudinal Force 


The central tension (compression) 1s a type of a rod deformation such that only a longitudinal 
force N arises in the rod transverse cross-sections and all the other internal forces are zero. 

Rule of signs: the tensile longitudinal forces are assumed to be positive, and the 
compressing longitudinal forces are assumed to be negative. 


Example. In Fig. E3.8a we show a rod loaded by two forces F; and F> lying on its axis. The longitudinal 
force will be determined by the method of sections (see Subsection E3.1.1). We draw an arbitrary cross-section I 
on segment “a” of the rod and consider the equilibrium of the free cut-off part (Fig. E3.8b). We replace the 
action of the cut-off part by an unknown force N, assuming that it is positive. The equilibrium equation for 
this cut-off part, stating that the sum of projections of all forces on the axis z is zero, 1.e., Ni; — Fi = 0, implies 
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pa 
JI II 
F, 
F, =60 kN t 
p 
20 
F¡=20kN (b) vy Fy Py (d) 


Figure E3.8. Central tension (compression) of a rod: (a) the rod with two forces applied, (b) equilibrium of 
the cut-off part to cross-section I, (c) equilibrium of the cut-off part to cross-section II, (d) longitudinal force 
distribution diagram. 


that Ni; = Fi = 20KN. Similarly, for the cross-section II on segment “b” of the rod, we obtain (Fig. E3.8c) 
Nz + Fa — Fi = 0, which implies N2 = Fi — Fa = 40 KN. 

Thus, the longitudinal force on segments “a” and “b” of the rod is different. Segment “a” of the rod 
experiences tension (N > 0), and segment “b” is de compression (N < 0). In transition cc segment “a” 
to segment “b,” the force N experiences a jump by the value of the force F. 


To illustrate the character of variation in the longitudinal force along the rod, one usually 
constructs the graph of the function N(z), which is called the axial force diagram. This 
graph presents numerical values of the longitudinal (axial) force in typical cross-sections 
and their signs. For the example under study, the diagram of N (z) is shown in Fig. E3.8d. 


E3.3.2. Stresses and Strains under Tension or Compression 


> Flat cross-section hypothesis. The stresses under tension or compression will be 
determined by using the flat cross-section hypothesis: after strain, the rod transverse cross- 
sections remain plane and perpendicular to the rod axis. Experiments show that this 
hypothesis is violated only in the regions of the so-called local stresses, immediately near 
the points of application of external forces or sites of sharp variation in the area of the 
transverse cross-section, where the so-called stress concentration occurs. Taking them into 
account is a special problem, and we do not consider it here. 

> Formulas for stresses and strains. Consider a rod under the action of two tensile forces 
(Fig. E3.9a). According to the flat cross-section hypothesis and the fact that the longitudinal 
force is constant along the rod (N = F’), the stress-strain state of the rod points outside 
a neighborhood of the endpoints is homogeneous, and the normal stresses are uniformly 
distributed over the transverse cross-section (Fig. E3.9b). 


OF I F 
(b) I 


Figure E3.9. (a) A rod under tension by two forces and (b) uniform stress distribution across the cross-section. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 751 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 752 


752 ELEMENTS OF STRENGTH OF MATERIALS 


It follows from formula (E3.1.2.1) that N = f 404A = oA, which implies 


an Poo 
T= — (E3.3.2.1) 


Formula (E3.3.2.1) permits calculating the normal stresses in the rod transverse cross- 
sections in the case of central tension or compression from the known longitudinal force N 
and the known area A of the transverse cross-section. 

The elementary parallelepiped separated in the rod is with the conditions of uniaxial 
tension (Fig. E3.5a). Its strains are determined by Hooke’s law (see Subsection E3.2.2). In 
particular, the longitudinal strain is 


o N 
E EA 

Summing the elongations of small elements over the entire length of the rod, we obtain 
1ts absolute elongation 


Ez 


l 
NI 
Al = A = 
: Ez AZ =E€ FA 
where / is the rod length. 
The quantity EA is called the rigidity of the rod cross-section under tension and 


compression. 


E3.3.3. Strength Analysis under Tension and Compression 


> Admissible stress. To ensure the strength of a rod under tension or compression, it 
is necessary to bound the maximum stresses of this rod by a value called the admissible 
stress [o]. Its value is chosen on the basis of the unsafe stress value, which is introduced 
in advance for a given material, with the safety margin taken into account. For materials 
that differently resist tension and compression, the two different admissible stresses [o*] 
and [o°] are introduced. 

> Problems for strength analysis. Thus, the strength condition in this case has the form 

LV] 


Omax = A < [0]. 


Using this condition, one can solve the following problems: 

1. From given loads, cross-section dimensions, and the value of admissible stress, verify 
the rod strength. 

2. From given loads and a known value of admissible stress, find the dimensions of the 
transverse cross-section: 


3. From given cross-section dimensions and a known value of admissible stress, find 
the value of admissible longitudinal force: 


N <[o]A. 
Example. For a cast-iron rod (Fig. E3.8a) with cross-section area A = 5 cm”, it is necessary to verify the 


strength conditions for [o'] = 30 MPa, [o°] = 100 MPa. 


Solution. On segment “a,” the rod is under the action of the tensile force N; = 20kN (see Fig. E3.8d); 
therefore, the normal stress in the cross-sections on this segment is 0; = N¡/A = 40 MPa. 

On segment “b,” the rod is under compression, N2 = —40 kN. The corresponding stress is o2 = |N2|/A = 
80 MPa. 

Since the admissible stresses under tension and compression for cast iron are different, it is necessary to 
verify two conditions, 0, < [o'] and o2 < [o°]. The first condition is not satisfied, and hence the strength 
condition is not satisfied in the whole. 
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E3.4. Torsion 
E3.4.1. Twisting Moment 


The torsion is a type of rod deformation such that only the twisting moment M, arises in 
the rod transverse cross-sections and all the other internal force factors are zero. 

Rule of signs: 1f observed on the side of the external normal to the cross-section, the 
twisting moment seems to be anticlockwise, then it is assumed to be positive. 


Example. Consider a rod loaded by two moments mı and mz such that the planes of their action are 
perpendicular to the rod axis (Fig. E3.10a). According to the method of sections, we draw an arbitrary transverse 
cross-section / on segment “a” and consider the free cut-off part of the rod in equilibrium (Fig. E3.10b). We 
replace the action of the cut-off part by an unknown twisting moment Mz assuming that its direction is positive. 
The equilibrium equation for the cut-off part, stating that the sum of moments of all forces about the axis z is 
zero, 1.€., M1 -mı =0, implies that M1 =m, = 30kN m. Similarly, for cross-section JI we have (Fig. E3.10c) 
M2 + M — mı = 0, which implies M2 = mi —m2 =—-10 kN m. 


m,=30kN-m m,=40kN-m 


\ 1  / 1 
a b 
M 


Figure E3.10. Twisting moment: (a) a rod with two moments applied, (b) equilibrium of the cut-off part to 
cross-section I, (c) equilibrium of the cut-off part to cross-section II, (d) twisting moment diagram. 


In Fig. E3.10d, we present the twisting moment diagram, which illustrates the character of variation in Mz 
along the rod axis. On the boundary between segments “a” and “b” of the rod, the twisting moment experiences 
a jump by the value of the moment m2. 


E3.4.2. Stresses and Strains in Torsion 


> Stress state in torsion. We consider only rods whose transverse cross-sections are of a 
disk or annulus shape. 

To find the law of stress distribution over the cross-section, we assume, which is 
confirmed experimentally, that the result of deformation is that the rod transverse cross- 
sections in torsion rotate about the longitudinal axis as rigid disks (annuli). The applicability 
conditions for this assumption are similar to the applicability conditions of the flat cross- 
section hypothesis under tension or compression (see Subsection E3.3.2). 

Consider a rod experiencing torsion under the action of two moments applied at its ends 
(Fig. E3.11a). We divide it into coaxial tubes (Fig. E3.11b) and distinguish one of them 
with the internal radius p and infinitely small thickness dp (Fig. E3.11c). 

By the above assumption about the rod strain character, we assume that an infinitely 
small element AC B D of the tube (Fig. E3.11c) experiences a strain corresponding to simple 
shear (see Subsection E3.2.3). This implies that only the shear stresses 7 act on the lateral 
faces of the element (see Fig. E3.6a). 
> Polar moment of inertia. The shear angle of an element is y = BB'/dz = pdy/dz 
(Fig. E3.11c), where dy/dz is the running angle of torsion of the tube or the angle of torsion 
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Figure E3.11. Stresses and strains in torsion: (a) a rod with two moments applied, (b) a tube element, (c) 
deformation of the tube element. 


per unit length. It follows from formula (E3.2.3.1) (Hooke’s law) that 
dp 
T=GY= Gp. (E3.4.2.1) 
A 


The value of the running angle of torsion dy/dz is the same for all coaxial tubes 
comprising the rod. Therefore, it follows from formula (E3.4.2.1) that the shear stresses in 
the rod cross-sections are directly proportional to the distance p to its axis (Fig. E3.12). 


Figure E3.12. Tangential stresses in rod cross-sections. 


The twisting moment M, can be obtained by summing the moments of all stresses 
distributed over the cross-section about the axis z: 


d 
m= | rpdA =G, where I =| 6 dA. (E3.4.2.2) 
A dz A 


The integral /, over the cross-section surface is called the polar moment of inertia of 
the cross-section and 1s a geometric characteristic of this cross-section. 

For a disk of diameter D, we have I, = ZD’. 

For an annulus, we have /, = z (D* — d^), where d and D are the outer and inner 
diameters, respectively. 
> Shear stresses. Angle of torsion. Using (E3.4.2.2), we obtain 


dp M; 
de Gio 


(E3.4.2.3) 


Substituting this expression into formula (E3.4.2.1) for 7, we obtain the basic formula 
for shear stresses 1n the rod cross-sections in torsion 
M, 


al | (E3.4.2.4) 
Lp 
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The angle of torsion of the entire rod in Fig. E3.11a—i1.e., the angle of mutual rotation 
of its end cross-sections—can be found if we know the running angle of torsion (E3.4.2.3) 
and take into account the fact that the value of M, is constant along the rod axis (M; = m): 


eN ETS 
a 0 dz GI,’ 


where / is the rod length. 
The quantity GJ, is called the cross-section rigidity in torsion or torsional rigidity. 


E3.4.3. Strength Analysis in Torsion 


The value of the maximum shear stress in torsion is found from formula (E3.4.2.4) for 
P = Pmax: 

|M 114; 

a oa aa ii a. l (E3.4.3.1) 


The quantity Wp = fp /Pmax is called the polar moment of resistance of the cross-section. 

For a disk, we have Wp = ED”. 

For an annulus, we have W, = 7 D?(1 - d*/ D$). 

The strength condition is reduced to the inequality Tmax = |M-|/W, < [7], where [7] is 
the admissible stress in torsion. 

Just as in case of strength calculated under tension and compression, the following three 
types of problems are possible, which differ in the form of the strength condition. 

1. Checking calculation: |M,|/W, < [7]. 

2. Choosing the cross-section: W, > |M-|/[T]. 

3. Determining the admissible load: |14,| < [T]W5. 


Example. For a steel rod of circular cross-section (Fig. E3.10a), choose the diameter from the strength 
condition for [7] = 100 MPa. 
Solution. Since the cross-section is constant along the rod, the cross-sections are unsafe on segment “a,” 
where the maximum twisting moment M, = 30 kN m arises (see Fig. E3.10d). 
From the strength condition 
_ Mz 16M: 
Tmax = W, = D? 


we obtain D > -/16M, /(r[7]) = 0.119 m. 


Rounding up, we finally obtain D = 12 cm. 


< [7] 


E3.5. Symmetrical Bending 
E3.5.1. Bending Moment and Transverse Force 


> Definitions. The bending is a type of rod deformation such that the bending moments 
M, and My and, perhaps, the transverse forces Qy and Qy arise in the rod cross-sections 
and the other internal force factors (N and M,) are zero. 

If the transverse forces are zero, the bending is said to be pure, and if there are transverse 
forces, then we have the so-called lateral bending. 

Consider the rods whose cross-sections have the axis of symmetry y. If such a rod 
is subjected to a system of external forces lying in the plane yz and perpendicular to the 
rod longitudinal axis (Fig. E3.13), then only two internal force factors—1.e., the bending 
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Figure E3.13. Symmetric bending. 


moment My and the transverse force (2, —arise in its cross-section. Such a bending is said 
to be symmetric (for the oblique bending, see Subsection E3.6.1). 

Rule of signs: the bending moment is assumed to be positive if it results in extension 
of the lower fibers and compression of the upper fibers; the transverse force is positive if 
it is directed downwards acting on the cross-section from the right and is directed upwards 
acting on the cross-section from the left. 

As was already noted, the rod internal force factors depend on the longitudinal coordinate 
of the cross-section under study; hence, they are functions of the variable z. 
> Differential equations of equilibrium of a rod. Consider a rod under the action of 
a load q distributed along its axis (Fig. E3.14a). We distinguish a small element by two 
cross-sections (Fig. E3.14b) and replace the action of the cut-off parts of the rod by the 
corresponding internal forces with positive directions. 


(b) 
(a) q(z) 


dz 


Figure E3.14. Rod equilibrium: (a) a rod under a distributed load (b) equilibrium of a small element. 


Calculating the sum of projections of all forces on the axis y and the sum of moments 
of forces about the point O, we obtain the corresponding equations of equilibrium of the 


element: 
qdz + Qy —(Qy + dQy) = 0, 
-Mz + (Mz + dM¿) — Q, dz = 0. 


These equations imply the relations 


dQ, dM 


= a E3.5.1.1 
dz d, dz Qis ( 3.5 ) 


which are called the differential equations of equilibrium of a rod under bending. Equa- 
tion (E3.5.1.1), which must be satisfied by the functions Q(z) and Mz(2), is often used to 
construct diagrams of bending moments and transverse forces, and to verify this construc- 
tion. 

The rods that mainly work under bending are usually called beams. 
> Examples of diagram construction. Consider examples of constructing diagrams of 
(),(z) and M;,(z) for several beams by using the method of sections. 
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Figure E3.15. Cantilever beam (with clamped end): (a) loaded with a point force, (b) loaded with an evenly 
distributed force, (c) loaded with a moment. 


In Fig. E3.15a, we show a cantilever beam (i.e., a beam with a fixed end) loaded by a lumped force. 
According to the method of sections, we draw an arbitrary cross-section K at a distance z from the free end 
of the beam and consider the free cut-off part in equilibrium. We replace the action of the cut-off part by the 
unknown forces Qy and My assuming that their directions are positive. Calculating the sum of projections of 
all forces on the axis y and the sum of moments of forces about the point K, we compose the corresponding 
equations of equilibrium, 

Q,-F=0, -M,-F. =0, 


and whence obtain Qy = F, Mx =—F’,. Thus, the transverse force is constant and the bending moment varies 
directly proportionally to the distance z taking the values O and —F'l at the free (z = 0) and fixed (z = l) ends of 
the beam, respectively. In Fig. E3.15a, we present the corresponding diagrams of Qy and Mz. 

The same procedure for a beam uniformly loaded by a distributed load (Fig. E3.15b) gives 


—qz-Qy, =0, Laz + Mz = 0, 


which implies Qy = -qz and My = -5q2. In this case, the transverse force is a linear function of z, and the 
bending moment depends on z according to the quadratic parabola law, which agrees with the diagrams of Qy 
and Mx in Fig. E3.15b. 

Similarly, for a cantilever beam loaded by a moment (Fig. E3.15c), we obtain Qy = 0, Mz = m. 

For two-support beams (Fig. E3.16) that do not have free ends, it is necessary first to find the support 
reactions from the equilibrium conditions for the beam as a whole. After this, one can determine the internal 
forces by analogy with the above procedure. 


(a) A 


Figure E3.16. A beam hinged at both ends: (a) loaded with a point force, (b) loaded with an evenly distributed 
force, (c) loaded with a moment. 


For an arbitrary cross-section on segment AB of a beam loaded at the center (AB = BC =1/2) by a lumped 
force F (Fig. E3.16a), we obtain Qy = Ri = F/2, Mz = Riz = Fz/2, where z is the distance from the left 
end A. For a cross-section on segment BC, we find Q, = Ri- F =-—F/2, Ms = Riz-F(2-1/2) = F(l-z)/2. 
The corresponding diagrams are given at the bottom of Fig. E3.16a. 
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For the beam in Fig. E3.16b: Qy = Ri - qz = q(1/2-— z), Mz = Riz-q2%/2 = qz(l— z)/2. At the middle 
of the beam, we have Mz = gl) 8. 

For segment AB of the beam in Fig. E3.16c, we have Qy = Ri = m/l, Mz = Riz = mz/l, and for 
segment BC, we have Qy = Ri = m/l, Mz = Riz-m = m(z/l-1). 
> Specific characteristics of diagrams of M, and Q,,. We briefly formulate the diagram 
qualitative characteristics, which follows from relations (E3.5.1.1). 

1. On the beam part free from any load (q = 0), Qy is constant, and My is a linear 
function of z. 

2. On the segment of uniformly distributed load (q = const), Qy is a linear function, 
and M is a quadratic function (see Figs. E3.15b and E3.16b). 

3. At the points of application of the lumped force, Qy experiences a jump by the value 
of this force, and the diagram of M, has a break point (Fig. E3.16a). 

4. At the points of application of the lumped moment, M, experiences a jump by the 
value of this moment (Fig. E3.16c). 

At the extrema points of the function Mz, Qy = 0 (Fig. E3.16b). 

The knowledge of qualitative characteristics of diagrams allows one to construct dia- 
grams without finding the functional dependencies Q,,(z) and M,(z) but calculating the 
values of (2, and M, only on the boundaries of typical segments. The extremum values 
of M,, are determined after finding the extrema points from the conditions Qy = 0. 


E3.5.2. Stresses and Strains under Symmetric Pure Bending 


> Pure bending hypotheses. Consider a beam in the state of pure bending (Fig. E3.17). 
In its cross-sections, there arises a single nonzero force factor, 1.e., the constant bending 
moment M; = m. 


Figure E3.17. Simple pure bending of a beam: (a) deformation in bending, (b) deformation of a small element. 


We use the flat cross-section hypothesis*: after the strain, the beam cross-sections plane 
before the strain remain plane and perpendicular to the strained longitudinal axis. 

According to this hypothesis, two close cross-sections rotate about each other by an 
angle dy (Fig. E3.17b). As a result of such strain, there arises a neutral layer whose 
longitudinal fibers O — O do not change their length. In the lower part of the cross-section, 
the longitudinal fibers elongate (in the upper part, become shorter) by the value A = -y dy. 
The longitudinal strain of a fiber is equal to e = A/dz =-ydy/(pdy) = —y/p, where p is 
the radius of curvature of the neutral layer. 


* A similar hypothesis was used in Subsection E3.3.2. 
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In addition to the flat cross-section hypothesis, we assume that the beam longitudinal 
fibers do not exert their weight upon one another. This means that they are in the state of 
uniaxial tension or compression (see Fig. E3.5). 
> Axis curvature. Formula for normal stresses. According to Hooke’s law, we have 


= he = -—. (E3.5.2.1) 


This implies that the normal stresses ø in the beam cross-section vary directly proportionally 
to the distance y from the neutral layer (Fig. E3.18). 


Figure E3.18. Normal stresses in the beam cross-section. 


Using formulas (E3.1.2.1) and the fact that the longitudinal force is zero, we obtain 


E 
N= | odA=-Ż | ydA=0, 
A P JA 


E 
m=- | sydA=Ż | yd. 
A P JA 


It follows from the first relation that the neutral axis x of the cross-section passes through 
the center of gravity, and hence the quantity p is the radius of curvature of the deflected axis 
of the beam. From the second relation, we derive the formula for the axis curvature 

1 M, 


k=- 


D A where T= | da. (E3.5.2.2) 
p El A 


The quantity I, is called the moment of inertia of the cross-section about the axis x (see 
Subsection E2.5.1 in the chapter “Mechanics of point particles and rigid bodies”), and the 
product FJ, is called the cross-section rigidity in bending or flexural rigidity. 


M,>0 


Figure E3.19. Signs of normal stresses in simple bending. 


From (E3.5.2.1) and (E3.5.2.2) we obtain the basic formula for the rod normal stresses 


in the case of symmetric bending 
Mz 
A aa (E3.5.2.3) 
where the “minus” sign is necessary to match the rules of sign for the quantities o and My. 
For Mz > 0 (Fig. E3.19), the upper fibers are compressed (y > 0, o < 0), and the lower fibers 
are extended (y < 0,0 > 0); for Mx < 0, the signs of stresses in the upper and lower parts 
of the cross-section are changed to the opposite. 
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E3.5.3. Stresses and Strains in Symmetric Lateral Bending 


> Shear stresses. Zhuravskii formula. In the case of symmetric lateral bending, in the 
rod cross-sections there arises not only a bending moment My but also a transverse force Qy 
related to the shear stresses in the cross-section by the formula 


Qy = J Ty GA. 
A 


Although there are shear stresses, formulas (E3.5.2.2) and (E3.5.2.3) obtained for the 
pure bending can also be used in this case. 

To determine the shear stresses, consider the beam in Fig. E3.20a. We cut a small element 
from it by two neighboring cross-sections and one longitudinal cross-section (Fig. E3.20b). 
The normal stresses calculated by formula (E3.5.2.3) act on its lateral faces. Since the bend- 
ing moment on the right is greater than the bending moment on the left by the value dM, 
the normal stress on the right is also greater by do = dM, y / L;.. 


(a) 7 


Figure E3.20. Symmetric lateral bending of a cantilever beam: (a) small element and its deformation, 
(b) normal and tangential stresses at the faces of the small element, (c) normal and tangential stresses in the 
cross-section. 


For this element to be in equilibrium, the shear stresses 7 must be applied to its lower 
face (Fig. E3.20b). 

We assume that they are uniformly distributed over the width of the cross-section. From 
the equilibrium condition for an element stating that the sum of projections of all forces on 
the axis z is zero, 


rbdz- | do dA = 0, 
Acut 


where the integral 1s extended to the cut-off part of the rod cross-section, we obtain 


E f den dadA qd M, Í Aca Y dA 


bdz dz bl, 


Taking into account the second equation in (E3.5.1.1), we obtain the Zhuravskii formula 


for shear stresses: 
cut 


r= where so = | y dA. (E3.5.3.1) 
Izb Acut 
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The quantity SS"! is called the static moment of the cross-section cut-off part about the 
AXIS £. 

According to the reciprocity law for shear stresses (see Subsection E3.2.1), formula 
(E3.5.3.1) also determines the shear stresses in the rod cross-section (Fig. E3.20c). 
> Cross-section of rectangular shape. In the special case of the cross-section of rectan- 
gular shape (Fig. E3.21), we have 


Is = bbh, SS = yo Ac = 40 (Eh? - y’). 


Figure E3.21. Rectangular cross-section and tangential stress diagram. 


Substituting these expressions into formula (E3.5.3.1), we obtain 


QS Qu (R a 
Izb bh3 \ 4 l 


One can see that the quantity 7 varies over the cross-section height according to the 
quadratic parabola law and attains the maximum value for y = 0 (1.e., on the axis x): 


3Qy 


ma = E3302 
Tina bh (E3.5.3.2) 


In Fig. E3.21, we present the diagram of shear stresses over the height of the rectangular 
cross-section. 


E3.5.4. Strength Analysis in the Case of Symmetric Bending 


> Maximal stresses. It follows from formula (E3.5.2.3) that the maximum (in magnitude) 
normal stresses are attained at the cross-section points most remote from the neutral axis zx, 
Le. torul = Umax: 
M. M. 1 
> Merlymax _ Mer where W, = —. (E3.5.4.1) 


Omax = —— >, ~ > 
La Wz Ymax 


The quantity Wz is called the moment of resistance of the cross-section in bending (axial 
moment of resistance). 
For the cross-section of rectangular shape (Fig. E3.21), we have 


bh? 6| Mz] 
Wa = and Cmax = TON 


(E3.5.4.2) 
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We compare the quantities Omax and Tmax for a beam of rectangular cross-section. In 
the order of magnitude, Q, ~ F and Mz ~ Fl, where F' is the characteristic force acting 
on the beam and / is the beam length. Then it follows from (E3.5.3.2) and (E3.5.4.2) that 


T, h 
max SI 1. 


O max 


Thus, the shear stresses are small compared with the normal stresses. This conclusion also 
holds for rods with cross-sections of different shapes (an exception is thin-walled rods, in 
which the appearance of large shear stresses is possible). 

> Beam strength conditions. As a rule, the strength analysis for beams is performed for 
the normal stresses using the strength condition in the form 


|M, 


Omax = = < [ø]. 


But 1f the rod material (for example, wood) badly resists the shear strains (cut off), then 
the calculations for the shear stresses are also necessary: 


Ql or 
-A < 
Tmax L ( 7 A. = [r]. 


In the cases where the rod material has different admissible stresses under tension [ot] 
and compression [o°], the strength analysis is performed separately for the tensile and 
compressing stresses: 


t _ ¡Ml Yinax < [o*] 


max — T 
x 
[Mo ly; 
a = I = < [0], 
xXx 


where yt ax and y$ „y are the distances from the axis x to the respective points of the extended 
and compressed parts of the cross-section that are most remote from this axis. 

Just as in the case of tension and compression or torsion, in the strength analysis for 
rods under bending, one solves the following three problems: 

1) checking calculation, 

2) choosing the cross-section, 

3) determining the admissible load. 

All geometric characteristics required in strength analysis of rolled cross-sections (dou- 
ble tee, channel bar, etc.) are given in special tables called the range of rolled steel products. 


Example. For a steel double tee beam (No. 55) of length l = 3.2m (see Fig. E3.16b), determine the 
admissible load [q] for [7] = 160 MPa from the strength condition. 


Solution. For the beam under study, the unsafe cross-section is that in the middle of the beam span, where 
the maximum bending moment My = ql’/8 arises. 

In the range of rolled steel products, we find the resistance moment W, = 2000 cm? for the double tee. 

It follows from the strength condition 


My _ gl? 
W,  8Wz 


< [o] 


Omax = 


that q < 8W.[0]/ =250N/m. Thus, [q] = 250 kN/m. 
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E3.6. Combined Stress 


The combined stress includes the types of a rod strain such that at least two nonzero internal 
force factors arise simultaneously in the rod cross-sections. An exception is the symmetric 
lateral bending, which is considered as a simple type of strain, although there are two 
force factors in this case, the bending moment and the transverse force, because in the 
overwhelming majority of cases, the strength and rigidity analysis are performed without 
taking into account the transverse forces, 1.e., for a single force factor, which is the bending 
moment. 


E3.6.1. Oblique Bending 


> Definition. When studying the symmetric lateral bending, we assume that the cross- 
section is symmetric with respect to the axis y. It turns out that all the results of Section E3.5 
also hold for cross-sections of arbitrary shape if the axes x and y are the principal central 
axes of inertia; 1.e., they are mutually perpendicular axes passing through the cross-section 
center of gravity and the axial moments of inertia about these axes take extremum values. 
In what follows, for the axes x and y we take the principal central axes. 

The oblique bending 1s the general case of the rod bending (see Subsection E3.5.1) in 
which two bending moments MM, and My and perhaps the transverse forces (2, and Qy 
appear in the rod cross-section. 

Using the force superposition principle, we can determine the normal stresses at any 
point of the cross-section with coordinates x, y by the formula 


M,y Myx 
= —-——— — —— , E3.6.1.1 
sas eae (E3.6.1.1) 


which follows from formula (E3.5.2.3). 
> Neutral axis in the case of oblique bending. Just as in the case of symmetric bending, 
in the cross-section there exists a neutral axis at whose points the stresses are zero. It is 
determined by the equation 

M,y Myx 


+ 
E 2 


= 0, (E3.6.1.2) 


Listed below are several properties of the neutral axis in oblique bending. 
1. The neutral axis passes through the center of gravity of the cross-section. 


Figure E3.22. Tangential stresses Ty (a) and 7, (b) in the cross-section in oblique bending. 
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2. The neutral axis divides the cross-section into two parts: in one of them, o > 0, in 
the other, o < 0. 

3. The normal stresses in the cross-section vary directly proportionally to the distance 
from the neutral axis attaining the maximum values (in magnitude) at the cross-section 
points most remote from the neutral axis. 


The shear stresses in the cross-section (Fig. E3.22) can be determined by formula 
(E3.5.3.1): 


On Qu 
Ib? P h ` 


Ty = 


Just as in the case of symmetric lateral bending, the shear stresses, as a rule, play 
a secondary role, and hence the strength conditions impose constraints on the maximum 
normal stresses. 


Example. Calculate the maximum normal stresses in the unsafe cross-section of the beam (Fig. E3.23) 
under oblique bending. The cross-section is of rectangular shape, b = 6 cm, h = 12 cm. 


Figure E3.23. Oblique bending: (a)abeaminoblique Figure E3.24. Neutral axis and the normal stress di- 
bending, (b) vertical loading, (c) bending moment agram in the transversal direction. 

diagram for vertical loading, (d) horizontal loading, 

(e) bending moment diagram for horizontal loading. 


Solution. In Fig. E3.23b and d, we show the beam loading diagram in the vertical and horizontal planes, 
and in Fig. E3.23c and e, the corresponding diagrams of the bending moments Mx, My. Judging from these 
diagrams, the unsafe cross-section is the fixation cross-section, where Me = —20 kN m, My = 5 KN m. 

For the rectangular cross-section, Is = bh?/ dys hb”) 12, and the neutral axis equation (E3.6.1.2) for 
the unsafe cross-section takes the form —y + x = 0. 

It follows from the position of the neutral line (Fig. E3.24) that the most unsafe points of the cross- 
section are points B and C’;; i.e., the points most remote from the neutral axis. Substituting their coordinates 
into (E3.6.1.1), we calculate the stresses at these points 


= -——=2 — —— = 208 MP 
Tr A a 08 a, 
Mayo Myx 


aen Co Ll hl MPA: 
To T. L, 08 a 


In Fig. E3.24, we show the diagram for o, which characterized the variations in the normal stresses in the 
direction perpendicular to the neutral axis. 
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E3.6.2. Eccentric Extension or Compression 


> The eccentric extension or compression is a type of a rod deformation such that the 
longitudinal force N and bending moments My, My (and perhaps the transverse forces 
Qx, Qy) arise in the rod cross-section. 

The longitudinal force and the bending moments can be treated as the result of action 
of an eccentrically applied force F' = N on the rod (Fig. E3.25). Therefore, such a type of 
combined stresses is called eccentric extension or compression. 


Figure E3.25. Eccentric extension of a rod. 


The bending moments are related to the coordinates of the point of application of 
the force F by the relations Mg = —FYp, My = —F'x,. Therefore, from (E3.6.1.1), 
formulas (E3.3.2.1), and the force superposition principle for normal stresses at an arbitrary 
point of any cross-section with coordinates x, y, we obtain 


N My Myx |l Ypy TpT 
pegs e a => ile E3.6.2.1 
? € tL T, l ) 


> Neutral axis in the case of eccentric extension or compression. In this case, the 
equation of the cross-section neutral axis at whose points the stresses are zero becomes 


1 YY Lpr 
— — =Q. E3.6.2.2 
A L TI l ) 


It is easy to see that the neutral axis does not pass through the center of gravity of 
the cross-section. The other properties are the same as in the case of oblique bending. In 
addition, we mention one more property of the neutral axis in the case of eccentric extension 
or compression: the neutral axis does not intersect the quarter of the cross-section where 
the force F' 1s applied. 
> Core of a cross-section. The neutral axis position, as follows from Eq. (E3.6.2.2), 
depends on the coordinates of the point of application of the force F. If the point of 
application of the force F is sufficiently close to the center of gravity of the cross-section, 
namely, is in the region which is called the core of the cross-section, then the neutral axis 
passes beyond the cross-section; 1.e., all the points of the cross-section experience normal 
stresses of the same sign. In Fig. E3.26, we show the cores for a rectangular and circular 
cross-sections. The strength conditions in the case of eccentric extension or compression 
have the form of constraints on the maximum normal stresses. 
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(a) Cross-section 
y 
h/3 
h/3 
h/3 


b/3b/3b/3 


Figure E3.27. (a) Eccentrically compressed beam of 
Figure E3.26. (a) Rectangular cross-section core, (b) rectangular cross-section, (b) force application point 
circular cross-section core. and the normal stress diagram. 


Example. Calculate the maximum normal stresses in the cross-section of an eccentrically compressed rod 
of rectangular cross-section for b = 6cm, h = 12 cm (Fig. E3.27). The point K of application of the force 
F = 144 kN has the coordinates z, = -1 cm, y, = 6cm (Fig. E3.27b). 


Solution. We calculate the geometric characteristics of the cross-section: 


A=bh=72cm’, 
Ip = bh/12 = 864 cm’, 
I, = hb’/12 = 216 cm’. 
The neutral axis equation (E3.6.2.2) becomes 1 + y/2 — 2/3 = 0. Its position (Fig. E3.27b) shows that B 
and C are the most stressed points of the cross-section. Substituting their coordinates into (E3.6.2.1), we find 


the stresses at these points (the force F must be taken with “minus” sign, because its direction is opposite to 
that shown in Fig. E3.25): 


1 YpYg Trip 
= -F | — ——=— | = -100 MPa, 
> gt dea y À 


l YrYc  TprTo ) 
o.,=—F | — + + = 60 MPa. 
c ( A’ I, i 


In Fig. E3.27b, we construct the diagram of o, which shows the law of normal stress distribution in the 
direction perpendicular to the neutral axis. 


E3.6.3. Bending with Torsion 


> The bending with torsion is a type of rod deformation such that the twisting mo- 
ment M,, the bending moments M, and My, and, perhaps, the transverse forces Qg and Qy 
arise 1n its cross-sections. 


Figure E3.28. Combined bending and torsion of circular beam. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Page 766 


Page 766 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 767 


E3.6. COMBINED STRESS 767 


We consider rods of a circular cross-section. Because it is symmetric, any two mutually 
perpendicular central axes of the cross-section are principal axes. Therefore, they can 
always be chosen so that, in the cross-section under study, the total bending moment has 
only a single component, for example, My. The maximum (in magnitude) normal stresses 
in the cross-section are determined by formula (E3.5.4.1) for the symmetric bending 

|Mzl 
a A (E3.6.3.1) 
and are attained at points B and C that are most remote from the neutral axis x (Fig. E3.28). 

By formula (E3.4.3.1), we obtain the maximum shear stresses in torsion: 


A 
max W, s 


They appear at the points of the cross-section boundary, including points B and C’. 

Thus, points B and C are the most unsafe points. In their neighborhood, the plane stress 
state is realized, which is a combination of uniaxial extension (or compression) and simple 
shear. 
> The Saint-Venant and von Mises strength conditions. In contrast to all the strain 
types considered above, in this case, both o and 7 may be significant, and therefore, the 
problem of the strength condition arises for such a stress state. There exist different theories 
of strength answering this question. Most often, one applies the Saint-Venant strength 


condition 
V o? +472 < [0] 


or the von Mises strength condition 


V o2 + 3r? < [c]. 


Using the relation between the resistance moments Wp = 2W,, and taking into account 
the fact that, in the case of arbitrary orientation of the axes x and y, the quantity My in 
formula (E3.6.3.1) must be replaced by the total bending moment My = ,/M; + M7, we 
reduce the strength conditions to the final form: 


\/ Mz + Mo + M? 


W. < [o] (Saint-Venant), 
\/ ME + Mi +0.75M2 
ES y < [a] (von Mises), 


where Wy = TD*/32 is the axial moment of resistance for a disk of diameter D. 


Example. Using the von Mises strength condition, find the diameter of a steel shaft under bending with 
torsion (Fig. E3.29). The admissible stress is [a] = 150 MPa. 

Solution. The diagram of the shaft loading in the vertical plane and the corresponding diagram of the 
bending moment M, are given in Fig. E3.29b and c. 

The diagram of the shaft loading by the external moment and the diagram of the arising twisting mo- 
ments M, are given in Fig. E3.29d and e. 

The most unsafe cross-section is the fixation cross-section, where the maximum bending M, = 13kNm 
and twisting M, = 6 kN m moments arise. 

From the strength condition 


24/ M2 2 

324/ M2 +0.75 M2 TE 
rD? 

we obtain: D > 0.098 m. Thus, we can round up: D = 10 cm. 
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F=13kN 


(e) 6 6 M,, kN-m 


Figure E3.29. A shaft in combined bending and torsion: (a) dimensions and loads, (b) vertical loading, 
(c) bending moment diagram, (d) torsion loading, (e) twisting moment diagram. 


E3.7. Stability of Compressed Rods 
E3.7.1. Critical Force 


In Subsection E3.1.1, 1t was already noted that some equilibria of bodies or systems turn 
out to be unstable, 1.e., such that any negligible mechanical actions may lead to significant 
deviations from these states. Each of these equilibria is characterized by a certain value of 
the load which separates the regions of stable and unstable equilibria. 


(a) ESF. (0) (E> Fy 


A e 


Figure E3.30. A compressed rod: (a) stable state, (b) unstable state. 


In the case of a compressed rod (Fig. E3.30), it turns out that if the compressing force F 
does not exceed a certain value called the critical force Fẹ, then the rectilinear form of the 
rod equilibrium is stable. But if F’ > F¿,, then the rectilinear form of the rod equilibrium 
is unstable, and the rod tends to take another stable form of equilibrium with a curvilinear 
axis. 

The compressing stresses Ger = F%,/A corresponding to the critical force are called 
critical stresses. 


E3.7.2. Euler Formula 


Thus, for F' > Fa, the solution of the problem of the rod equilibrium is not unique. An 
analysis of the conditions of this ambiguity permits obtaining the formula for the value 
of For. 

Consider a hinged centrally compressed rod in a slightly deflected state (Fig. E3.31). 
The bending moment in the rod cross-section is equal to M =—F'v, where the deflection v(z) 
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Figure E3.31. A hinged, centrally compressed rod. 


determines the rod curvilinear axis. For small deflections of the rod, the curvature k of the 
deflected axis (v/l < 1,v << 1) is equal to 
1 y” dy 


~ 


o QEV dz 


An analysis of the bending strain leads to formula (E3.7.2.3) in Section E3.5 relating 
the curvature and the bending moment, 


1 M 

op El 

where the rules of signs agree well for the curvature k = 1/p and the moment M. 
Thus, we obtain the differential equation for the rod deflected axis: 


u! =-a’v, (E3.7.2.1) 


where a? = F/(EJ). 
The boundary conditions take into account the fact that the rod ends are fixed: 


v(0) = v(l) = 0. (E3.7.2.2) 


Equation (E3.7.2.1) with boundary conditions (E3.7.2.2) has the obvious trivial solution 
v = 0 corresponding to the rectilinear form of equilibrium. We are interested in nonzero 
solutions. 

The general integral of Eq. (E3.7.2.1) has the form 


v = C1 sin(az) + Ca cos(az). 


It follows from the first boundary condition that Ca = 0, and from the second, that 
Cı sin(al) = 0. Eliminating C1 + 0, we obtain the relation 


sin(al) = 0, 
which is satisfied 1f al = mn or 
2,2 
EI 
F= — m1 0) (E3.7.2.3) 


Thus, it was found that if the compression force F’ takes discrete values determined by 
formula (E3.7.2.3), then, along with the rectilinear equilibrium, the rod curved equilibria of 
the sine curve form are possible; 


v = Cı sin (F) , 
From (E3.7.2.3) with n = 1, we obtain the Euler formula for the critical force 


r- EI 


Fa ==> (E3.7.2.4) 


A more exact theory shows that the ambiguity of the equilibrium forms occurs for all 
forces F exceeding the Euler force (E3.7.2.4). 
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E3.7.3. Influence of Methods for Fixation of the Rod Ends on the 
Value of the Critical Force 


Similar problems for other cases of rod ends fixation (Fig. E3.32) can also be considered. 

Their solution shows that the critical force can be determined by the formula similar 

to (E3.7.2.4): 

_wEl 
(ul)? 


introducing the notions of reduced length ul and of reduced length coefficient m. 

The quantity ul can be treated as the rod length part on which the half-wave of the sine 
curve corresponding to the rod curved axis can be placed. The values of the coefficient y 
in several cases of the rod fixation are given in Fig. E3.32. 


(E3.7.3.1) 


cr 


Pa E 


Figure E3.32. Reduced length coefficients u for various fixing conditions of a rod. 


Example. Find the critical force for a steel rod of length / = 4m (Fig. E3.32) one of whose ends is rigidly 
fixed. The rod cross-section is the double tee No. 22. 


Solution. In the range of rolled steel products, we find the moments of inertia I+ = 2550 cm’, Iy = 157 cm” 
for this double tee. Obviously, the rod becomes unstable in plane of minimum rigidity, and therefore, we must 
take the minimum moment of inertia Imin = I, = 157 cm”. 

For the given fixation coefficient u = 2, the modulus of elasticity for steel is Æ = 210 GPa. By the Euler 


2 
T Elwin — 50.8 KN. 


formula (E3.7.3.1), we obtain Fo, = a 
(ul) 


E3.7.4. Scope of the Euler Formula 


The critical stresses corresponding to the critical force (E3.7.3.1) are equal to 


fo WE 
A (ul /i)?’ 


Ocr = 


where i = y/1/A is the radius of inertia of the cross-section. 
We introduce the notation A = pl/i. Then the preceding formula takes the form 


mE 


UE (E3.7.4.1) 


Ocr = 


The quantity A is called the rod flexibility. 

It follows from (E3.7.4.1) that as the flexibility decreases, the value of der increases 
unboundedly. It is clear that formula (E3.7.4.1) cannot be used for stresses that are too 
large, because the rod material under these conditions does not obey Hooke’s law. 
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ho 7 
Figure E3.33. Dependence of the critical stress on the rod flexibility. 


The value of the maximum stress at which Hooke’s law is still satisfied 1s called the 
proportionality limit Oprop- 

Thus, the range of applicability for the Euler formula is determined by the inequality 
Ter < Oprop OF TEJA < Oprop: As a result, we obtain A > Ay = Ty E/Oprop. The 
dependence of Cer on A for A < Ag is usually determined experimentally. In Fig. E3.33, the 
solid line schematically shows the complete graph of the dependence o,,(A). For very small 
flexibilities, the rod loses strength under compression, and therefore, the critical stresses 
are practically equal to the corresponding strength loss stresses. 


E3.7.5. Stability Analysis of Compressed Rods 


In practice, it is necessary to ensure the stable operation of compressed rods, and therefore, 
the stresses in the rod cannot exceed the critical stresses with a certain margin: 


Y 


O = 


Ocr 
— < —, E3.7.5.1 
A ( ) 
where n 1s the safety factor. 


For convenience, the coefficient of longitudinal bending p = 0. /(nl[o]) is introduced. 
Then condition (E3.7.5.1) takes the form 


F 
= < [olp (E3.7.5.2) 


The dependencies (A) for different materials are given in reference books in the form 
of tables. 

Using condition (E3.7.5.2), one can solve the same problems as those in the strength 
analysis (see Subsection E3.3.3). 
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Chapter E4 
Hydrodynamics* 


E4.1. Hydrostatics 


E4.1.1. Properties of Incompressible Fluid at Rest. Basic Law of 
Hydrostatics 


> Preliminaries. Fluids differ from solids in the absence of shape and in light mobility 
of small volumes. The ability of fluids to take any shape without separation into fractions 
under the action of small forces is called fluidity. 

In their mechanical properties, the fluids are separated into the two classes, liquids and 
gases. 

Liquids are fluids that can form a free surface, namely, a surface of contact (interface) 
between the liquid and the surrounding gas (another liquid). Fluids have low compressibility. 
This class of liquids comprises water, gasoline, oil, petroleum, mercury, etc. 

Gases are fluids occupying the entire possible volume. Gases are easily compressed and 
expanded under the action of applied forces. 


> Properties of an incompressible liquids at rest. 

1. Pascal’s law: pressure applied to a liquid is transferred to any point of the liquid equally 
in all directions (the hydrostatic pressure on a small plane site is independent of its 
orientation in space). 

Corollary: for a vessel of an arbitrary shape and any dimensions, the liquid pressure is 
the same at the same depth. 


Remark. Pascal’s law also holds for gases. 


2. The interface between two immiscible liquids (or a liquid and a gas) 1s a horizontal 
plane. 

3. The law of communicating vessels: the level of a homogeneous liquid in communicating 
vessels 1s the same. 


Example 1. A hydraulic press consists of two cylindrical communicating vessels of different diameters 
equipped with pistons whose areas are S4 and S2. The cylinders are filled with liquid oil. The unloaded pistons 
are at the same level. A force F; acting on the piston with area Sı creates the additional pressure p = F; / S in 
the liquid. According to Pascal’s law, this pressure is transferred by the liquid in all directions without change. 
Therefore, the pressure force F} = pS, = FıS2/S1 acts on the second piston. From this relation, we obtain 


Fy Sy 
—=—. E4.1.1.1 
n= ( ) 


Hence the forces acting on the hydraulic press pistons are proportional to the areas of these pistons. Therefore, 
using a hydraulic press, one can win much in the force by choosing 5, > S4. 


* Tn this chapter, we consider several problems of hydrodynamics which are often encountered in chemical 
technology. 


773 
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Remark. Deriving formula (E4.1.1.1), we neglected the term pgh determining the pressure in the liquid 
due to the gravity force (see below). 


> Basic law of hydrostatics. Consider the equilibrium of an incompressible homoge- 
neous liquid in the field of gravity force. We introduce a rectangular Cartesian coordinate 
system whose Z-axis is directed vertically upwards (the gravity force is directed vertically 
downwards). Basic law of hydrostatics: the pressure distribution in a given volume of liquid 
is determined by the formula 


p = po — pg — 20), (E4.1.1.2) 


where po is the pressure for z = Zo, p is the liquid density, and g is the free fall acceleration. 


Example 2. Assume that the coordinate zo corresponds to the free surface of the liquid. Then for the 
liquid pressure at the depth h = zo — z, we have p = po + pgh, where po is the atmospheric pressure (the gas 
pressure) on the free surface. 


> Rotation of a liquid in a cylindrical vessel. Consider a liquid in a cylindrical vessel 
rotating about the vertical axis at a constant angular velocity w. We introduce a rectangular 
Cartesian coordinate system whose Z-axis is directed along the axis of rotation. 

The pressure distribution in the liquid is determined by the formula 


1 
p = po + 5 purr — pg(z— 20), (E4.1.1.3) 


where r = y x? + y? is the radial distance to the cylinder axis. For w = 0, formula (E4.1.1.3) 
becomes (E4.1.1.2). 

Assume that the coordinate zp corresponds to the free surface of the liquid on the axis 
of rotation. The surface of the liquid becomes a paraboloid of rotation and is described by 
the equation 


1 
AE g(z — z0), (E4.1.1.4) 


2 


which is obtained by substituting the pressure p = po into (E4.1.1.3). In (E4.1.1.4), we set 
r = R, where R is the radius of the rotating vessel, and obtain the paraboloid height 


H- w? R? 
2g 


where H = zp — 2. 


E4.1.2. Force of Pressure on a Plane and on a Curved Wall 


> Force of pressure on a plane wall. Consider the wetted part of a plane wall of area S 
immersed in a quiescent liquid at an angle œ with the horizon. The resultant pressure 
force P exerted by the liquid on this wall is directed along the normal to its surface and 1s 
numerically equal to 

PSDo: (E4.1.2.1) 


Here pe is the excess pressure at the center of gravity of the wetted part of the wall, which 
is calculated by the formula 


Pe = po — Pa + pgh., (E4.1.2.2) 


where pọ is the pressure on the free surface of the liquid, pa is the external pressure (for 
example, the atmospheric pressure) on the outer dry side of the wall, and hẹ is depth of 
immersion of the wall center of gravity with respect to the free surface. 
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TABLE E4.1 
The area, the coordinate of the center of gravity, and the moment of inertia of plane symmetric figures about 
the axis passing through the center of gravity (the figures are symmetric with respect to the vertical axis and 
the coordinate z is counted downwards from the upper point of the figure along the axis of symmetry). 


Name and description of the figure Sportal or Cees Area of the figure, S | Moment of inertia, /. 
of gravity, Zo 
Rectangle with sides a and b; 1 1 3, 
the side a is parallel to the Z-axis a p 
Isosceles triangle 2, a pi 
with base a and height h zh 5a x0 
Isosceles trapezium with i oe E 


bases a and 6 and height h Ly — h 
(a is the upper base) 36 a+b 


1 1 
Half-disk of radius R; 4 
rectilinear base 37 R TR? 
1s above i 
Annular region with radii ee tg 1 4 4 
Ellipse with semiaxes a and b; » 1 3 5 
semiaxis a is directed vertically a g~ 


Po — Pa — Pa 


Formula (E4.1.2.2) is often written as pe = pg(H + he), where H = is the 


piezometric head. The surface z = H is called the piezometric plane. The sien of the 
difference (po — Pa) determines the sign of H. 

The vertical coordinate of the point of pressure force application to the wetted part of 
the plane wall of area S is determined by the formula 


hp = he + oy sin” a, (E4.1.2.3) 
where hp and he are the vertical distances from the center of pressure and the center of 
gravity to the piezometric plane, a is the angle of inclination of the wall to the horizon, and 
Ie is the moment of inertia of the wall area about the horizontal axis passing through the 
wall center of gravity. In the case of a horizontal wall (for a = 0), the center of gravity and 
center of pressure of the wall coincide. 

Table E4.1 presents formulas for calculation of the moment of inertia of several plane 
figures about the axis passing through the center of gravity. 

For he > 0, the piezometric plane lies above the center of gravity of the wetted surface, 
and the center of pressure lies below the center of gravity. For he < 0, the piezometric plane 
lies below the center of gravity of the wetted surface, and the center of pressure may be 
above the center of gravity (if hp < 0). For he = 0, the piezometric plane passes through the 
center of gravity of the wetted surface, and the pressure forces are reduced to a couple of 
forces. 


> Force of pressure on a curved wall. In the general case of an arbitrary curvilinear 
surface, the distributed load of the liquid pressure normal at each point of the surface can 
be reduced to the resultant vector and the principal moment. 
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For curvilinear walls symmetric with respect to the vertical plane (the most common 
situation in applications), the sum of elementary pressure forces can be reduced to a single 
resultant force lying in the plane of symmetry or to a couple of forces lying in the same plane. 
The value and the direction of the resultant force P are determined by two components, 
usually, horizontal and vertical. 

The horizontal component of the pressure force on the curvilinear wall is equal to the 
pressure force on the projection of this wall onto the vertical plane of symmetry and is 
determined by the formula 

P, = pgh.S1, (E4.1.2.4) 


where he is the depth of immersion of the center of gravity of the above-mentioned wall 
projection counted from the piezometric plane and S4 is the area of the wall projection onto 
the vertical plane. The line of action of the force horizontal component P; passes through 
the center of pressure of the wall projection onto the vertical plane, lies in the plane of 
symmetry, and is displaced (downwards if he > 0 or upwards if he < 0) with respect to the 
center of gravity of this projection of the wall by the distance 


Lo 
Ah = TA 
where /, is the moment of inertia of the above-mentioned projection area of the wall about 
the horizontal axis passing through the center of gravity of this projection. 

The vertical component of the force of pressure on the curvilinear wall is equal to the 
weight of liquid in the volume V bounded by the wall, the piezometric plane, and the 
vertical projected surface constructed on the wall contour; 1t is determined by the formula 


P, = pgV . (E4.1.2.5) 


The vertical component of the pressure force passes through the center of gravity of the 
volume V (this volume is often called the volume of the body of pressure). 

In formulas (E4.1.2.4) and (E4.1.2.5), it is assumed that the liquid is on one side of the 
wall and the pressure 1s constant (for example, equal to the atmospheric pressure) on the 
other (dry) side of the wall. The total pressure force on the wall is the geometric sum of the 
forces P¡ and P», and its absolute value is equal to 


= 2 2 
P= 4/ P+ P2. 


The line of action of the total pressure force P passes through the point of intersection of 
the lines of action of the force components P; and P>. The angle y of inclination of the 
resultant force to the horizon is determined by the formula 


tan p = = 
Po 


In the case of walls of constant curvature (cylindrical and spherical walls), the total 
pressure force passes trough the wall center of curvature. 

In the case of liquid excess pressures on the side of the wetted side of the wall, all 
components and the total force are directed from the liquid to the wall (outside from the 
inside). 

In the case of two-sided action of liquids on the wall, one first determines the horizontal 
and vertical components on each side of the wall under the assumption of one-sided action 
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of the liquid, and then the total horizontal and vertical components of action of both liquids 
are determined. 

If the curvilinear surface under study is intersected by the vertical axis at more than 
one point, it is necessary to divide this surface into simple parts (a simple part of a surface 
is its part intersected by the vertical axis only at a single point) and calculate the vertical 
component for each of the parts. Then the obtained vertical components are summed 
algebraically. The same process is used if the surface under study is intersected by the 
horizontal axis at more than one point. 


E4.1.3. Archimedes Principle. Stability of Floating Bodies 


> Archimedes principle. The body (completely or partly) immersed in a liquid is under 
the action of the buoyancy force F'4 numerically equal to the weight of the liquid in the 
volume displaced by the body (Archimedes principle). Thus, we have 


Fa = pg Vp, 


where V; is the volume of the liquid displaced by the body. The force F'4 passes through 
the center of gravity of the volume displaced by the body, which is called the center of 
buoyancy. 


> Stability of floating bodies. If a floating body is in equilibrium, then its center of 
gravity and the center of buoyancy lie on the common vertical line called the axis of 
buoyancy (for a body symmetric with respect to a plane, the axis of buoyancy lies in this 
plane). For a floating body completely immersed in a liquid (underwater floating) to be 
in stable equilibrium, it is necessary that the body center of gravity be below the center of 
buoyancy. 

If a body is floating on the surface of a liquid (surface floating), then stable equilibrium is 
possible in several cases where the body center of gravity lies above the center of buoyancy. 
For a body to be in stable equilibrium in the case of surface floating, it is necessary that, 
when heeled (the body axis of buoyancy is inclined by an angle 0, see Fig. E4.1), the body 
metacenter M (i.e., the point of intersection of the line of the Archimedes force action with 
the axis of buoyancy) lie above the center of gravity C. In Fig. E4.1, point B’ is the center 
of buoyancy when the body is heeled, and point B corresponds to the original position of 
the center of buoyancy on the axis of buoyancy in equilibrium. 


Figure E4.1. Stability of floating bodies. The center of gravity C lies above the center of buoyancy B. 
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The distance H between points M and C is called the metacentric height. For small 
angles of heeling, the metacentric height 1s determined by the formula 


I 
Fei 0 < 1), 
y (0 < 1) 


where I is the moment of inertia of the floating section AD about the axis of suspension 
OO’ (see Fig. E4.1), V is the body volume immersed in the liquid, and d is the excess of 
the center of gravity over the center of buoyancy in equilibrium. For a floating body to be 
in stable equilibrium, it is necessary that the following condition be satisfied: 


H==-d>0. (E4.1.3.1) 


The stability of a floating body must be verified for the axis about which the moment of 
inertia of the floatation section is minimal. 


Example. A wooden bar of square cross-section a xa and height h and of density py is floating in a liquid 
of density pı (pı > po). Find the maximum value of the bar height hmax for which the floating is still stable. 

To solve this problem, we use formula (E4.1.3.1) and substitute the minimum value of the metacentric 
height into this formula: 

I 

—-d=0. E4.1.3.2 
V ( ) 
The bar immersion depth x is determined by the Archimedes principle: the body weight must be equal to the 
weight of the liquid displaced by the body, pyga7h = p f gax. We have 


p= LN 
Pf 


Now we calculate the quantities occurring on the left-hand side of (E4.1.3.2): 


1 h 1 
T= —a', Via pe a i Fa ey | i= ; 
12 Pf 2 2 2 Pf 


(To find the moment of inertia 7, we used the data for the rectangle given in Table E4.1 for a = b.) Substituting 
the values thus obtained into formula (E4.1.3.2), we have 


Resolving this equation for h, we obtain the maximal height of the bar: 


TS: A 
== vd- pr 


E4.2. Hydrodynamic Equations and Boundary 
Conditions 


In this section, we present equations and boundary conditions used in solving hydrodynamic 
problems. Their detailed derivation, as well as an analysis of scope, various physical 
statements and solutions of related problems, and applied issues can be found, e.g., in the 
books presented in the literature at the end of this chapter. We consider incompressible 
fluids with constant density p and dynamic viscosity u. 
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E4.2.1. Laminar Flows. Navier-Stokes Equations. Euler Equations 


> Preliminaries. Experiments show that two qualitatively different forms of fluid motion 
are possible. In particular, at small velocities of the flow in a circular tube, the fluid moves 
in straight lines parallel to one another and to the tube axis. Such a “smooth” flow without 
mixing is said to be laminar. In the general case of laminar steady-state flow, the fluid 
elements move along stream lines (a stream line is a line such that the tangent at each of 
its points coincides with the direction of the fluid particle velocity at this point). For large 
velocities of motion, an intensive mixing of the fluid is observed in the tube, and this mixing 
is characterized by unsteady chaotic motion of the fluid elements in the transverse direction 
(there appear velocity components perpendicular to the tube axis). Such a flow regime is 
said to be turbulent. 

In Subsection E4.2.1, equations for laminar flows of fluids are considered, and in 
Subsection E4.2.3, equations for turbulent flows. 

For brevity, in what follows, we often refer to “laminar flows” simply as “flows.” 


> Navier-Stokes equations for a viscous incompressible fluid. The closed system of 
equations of motion for a viscous incompressible Newtonian fluid consists of the continuity 
equation 
OVx P OVy R OVz 
OX OY OZ 
and three Navier-Stokes equations 
OVx OVx OVx OVx 


a ea O cay ea 


Al A Vx A SF) A 
~ 5 ax x2 OY? ag} * 
OVy Vr . Wy .. dWy 
a tax toy t'2 az 
= 1 + (SS T Vy A >) E 
~ 5 aY Oxo O 
OV; OVz .. 0Vz .. OV; 
a tT ’X ox t'¥ oy oz 
as 1OP (E , Vz a A : 
~ De o a 


Equations (E4.2.1.1) and (E4.2.1.2) are written in an orthogonal Cartesian system X, Y, Z 
in physical space; t is time; gx, gy, and gz are the mass force (e.g., the gravity force) 
density components; v = u/p is the kinematic viscosity of the fluid. The three components 
Vx, Vy, Vz of the fluid velocity and the pressure P are the unknowns. 

By introducing the fluid velocity vector V = ix Vx +iy Vy +izVz, where ix, ty, and 
iz are the unit vectors of the Cartesian coordinate system, and by using the symbolic 
differential operators 


-0 (E4.2.1.1) 


(E4.2.1.2) 


E E ere ead AE A 
OX OY OZ’ OX OY? OZ?’ 
one can rewrite system (E4.2.1.1), (E4.2.1.2) in the concise vector form 
V.V=0, (E4.2.1.3) 
OV 1 
A VNE EN (E4.2.1.4) 
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The continuity and Navier-Stokes equations in the cylindrical and spherical coordi- 
nate systems can be obtained using the expressions of the operators V and A given in 
Section S3.2. 


> Dimensionless form of equations. To analyze the hydrodynamic equations (E4.2.1.3) 
and (E4.2.1.4), it is convenient to introduce dimensionless variables and unknown functions 


as follows: 
Ut X Y Z V P 
T = — 


SS; 9S. Ae a VSS, Do 


> > 


a a a a U’ pU?’ 
where a and U are the characteristic length and the characteristic velocity, respectively. As 
a result, we obtain 


V.v=0, (E4.2.1.5) 
A an ae be eye (E4.2.1.6) 
Ot -~ PT Re Fr g` Ei 
In Eq. (E4.2.1.6), the following basic dimensionless state-geometric parameters of the flow 
are used: 
aU | Us, 
Re = en 1s the Reynolds number, Else ae is the Froude number. 


Small values of Reynolds numbers correspond to slow (“creeping”) flows and high 
Reynolds numbers, to rapid flows. Since these limit cases contain a small or large di- 
mensionless parameter, one can efficiently use various modifications of the perturbation 
method. 


> Euler equations for an ideal incompressible fluid. In the special case Vx = Vy = Vz = 
0, the Navier-Stokes equations (E4.2.1.2) become the equilibrium equations of a quiescent 
incompressible fluid, which are independent of the fluid viscosity. From the equilibrium 
equations of a quiescent incompressible fluid, one can derive the laws of hydrostatics 
described in Section E4.1. 

In the special case y = O, the Navier-Stokes equations (E4.2.1.2) become the Euler 


equations, 
ES + Vx PES +v = + gx, 
r Ve SE RN ve 7 + gy, (E4.2.1.7) 
da + v% + wo + V2 54 = a +92, 


which, together with the continuity equation (E4.2.1.1), describe the flows of ideal (inviscid) 
incompressible fluid. 

We assume that the flow is stationary and of the mass forces only the gravity force 1s 
acting, which is characterized by the values gx = gy = 0, gz = -g (the coordinate Z is 
counted off from the Earth’s surface, and g is the free fall acceleration). In this case, the 
Euler equations admit the Bernoulli integral; namely, the following conservation law is 
satisfied on any stream line: 

VP 
sa + i + gZ = const, (E4.2.1.8) 


where V = Ve + Ve + ve 1s the modulus of the fluid velocity. In the general case, the 


Bernoulli integral constant on the right-hand side in (E4.2.1.8) is different for different 
stream lines. 
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Example. Assume that there is a small hole in the wall of a wide vessel at a depth h. Find the velocity of 
the liquid flow through the hole. 

Consider the stream line issuing from the liquid free surface in the vessel and passing through the hole. 
For this stream line, we write the Bernoulli integral (E4.2.1.8) in the form 


2 
EN (E4.2.1.9) 
2 P 


where subscript 1 denotes the quantities on the liquid surface and the subscript 2 denotes the quantities on the 
hole output. The coordinate Z is counted off from the hole. Substituting the values Vi = 0, Pi = P, = Pa, 
Z1 = h, Z2 = 0 into (E4.2.1.9), we obtain the velocity of the liquid flow from the hole: 


Vo = y 29h. 
This formula is called the Torricelli formula. 


The motion of an ideal fluid is said to be potential if the fluid velocity vector admits the 
representation 
V = grad ọ, (E4.2.1.10) 


where the function ¢ is called the potential. Because of the continuity equation (E4.2.1.1), 
the potential satisfies the Laplace equation 


and the pressure is determined by the Cauchy—Lagrange integral 


2 
ed E era (E4.2.1.11) 
ot 2 p 


where f(t) is an arbitrary function. When writing this integral, it was assumed that of the 
mass forces only the gravity force is acting. Relation (E4.2.1.11) is satisfied at all points of 
the region of potential flow of an ideal fluid; to find the function f(t), it suffices to know 
the left-hand side of the integral as a function of time at any point of the flow. 

In the special case of a steady-state potential motion of a fluid, the Cauchy—Lagrange 
integral (E4.2.1.11) coincides with the Bernoulli integral (E4.2.1.8), where the constant on 
the right-hand side 1s the same for all stream lines. 

Note that the Euler equations (E4.2.1.7) have a very restricted domain of application 
(especially in problems of chemical technology). 


E4.2.2. Initial Conditions and the Simplest Boundary Conditions 


For the solution of system (E4.2.1.1), (E4.2.1.2) to determine the velocity and pressure 
fields uniquely, we must impose initial and boundary conditions. 


> Initial conditions. In nonstationary problems, where the terms with partial derivatives 
with respect to time are retained in the equations of motion, the initial velocity field must 
be given in the entire flow region and satisfy the continuity equation (E4.2.1.1) there. The 
initial pressure field need not be given, since the equations do not contain the derivative of 
pressure with respect to time. 


> Boundary conditions on the surface of a solid body. As a rule, the region occupied 
by a moving fluid is not the entire space but only part of it bounded by some surfaces. 
According to whether the point at infinity belongs to the flow region or not, the problem of 
finding the unknown functions 1s called the exterior or interior problem of hydrodynamics, 
respectively. 
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On the surface S of a solid body moving in a flow of a viscous fluid, the no-slip condition 
is imposed. This condition says that the vector V|s of the fluid velocity on the surface of 
the solid is equal to the vector Vo of the solid velocity. If the solid is at rest, then V|s = 0. 
In the projections on the normal n and the tangent 7 to the surface S, this condition reads 


Vale =0),. Vela 0. 


More complicated boundary conditions are posed on an interface between two fluids 
(for example, see boundary conditions (E4.7.1.1)—-(E4.7.1.4)). 


> Boundary condition far from the body for the translational flow. To solve the 
exterior hydrodynamic problem, one must impose a condition at infinity (that is, far from 
the body, the drop, or the bubble). 

For uniform translational flow with velocity U; around a finite body, the boundary 
condition far from the body has the form 


V > Ui as R>—> 00, (E4.2.2.1) 


where R = V X? + Y? + 22. 


> Shear flows. An arbitrary stationary velocity field V(R) in an incompressible medium 
can be approximated near the point R = 0 by two terms of the Taylor series: 


VR) = Vg(0) + GkmXm, (E4.2.2.2) 
Grem =(0V/0X m)r=0, G11 + Gz + G33 = 0. 
Here V, and G;,,, are the fluid velocity and the shear tensor components in the Cartesian 
coordinates X1, X2, X3. The sum is taken over the repeated index m; since the fluid is 
incompressible, it follows that the sum of the diagonal entries Gmm 18 Zero. 

For viscous flows around particles whose size is much less than the characteristic size of 
flow inhomogeneities, the velocity distribution (1.1.15) can be viewed as the velocity field 
far from the particle. The special case Gkm = 0 corresponds to a uniform translational flow. 
For V;,(0) = 0, Eq. (E4.2.2.2) describes the velocity field in an arbitrary linear shear flow. 


Example (Simple shear flow). For the simple shear (Couette) flow, we have 
Vx =GY, Vy =0, Vz =0. (E4.2.2.3) 


In this case, G is called the gradient of the flow rate or the shear rate. The Couette flow occurs between two 
planes one of which is immovable and the other moves at a constant velocity parallel to the first plane. 

The expressions (E4.2.2.3) give the exact solution of the Navier-Stokes equations (E4.2.1.1)—(E4.2.1.2) in 
the case of potential mass forces. 


E4.2.3. Turbulent Flows. Reynolds Equations 


> Reynolds equations. Formally, stationary solutions of the Navier-Stokes equations are 
possible for any Reynolds numbers. But practically, only stable flows with respect to small 
perturbations, always present in the flow, can exist. For sufficiently high Reynolds numbers, 
the stationary solutions become unstable; 1.e., the amplitude of small perturbations increases 
with time. For this reason, stationary solutions can only describe real flows at not too high 
Reynolds numbers. 

The flow in the boundary layer on a flat plate is laminar up to Rex = U¡X/v = 3.5x 10° 
(U; is the unperturbed fluid velocity far from the plate, and the coordinate X is counted 
along the plate from the front edge), and that in a circular smooth tube is laminar for 
Re = a(V)/v < 1500 (a is the radius of a tube, and {V} is the mean flow rate velocity). 
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For higher Reynolds numbers, the laminar flow loses its stability and a transient regime of 
development of unstable modes takes place. For Rex > 10’ and Re>2500, a fully developed 
regime of turbulent flow is established, which is characterized by chaotic variations in the 
basic macroscopic flow parameters in time and space. 

When mathematically describing a fully developed turbulent motion of fluid, it is com- 
mon to represent the velocity components and pressure in the form 


VieVitV;, P=P+P', (E4.2.3.1) 


where the bar and prime denote the time-average and fluctuating components, respectively. 


The averages of the fluctuations are zero, V’ = P’ = 0. 

The representation (E4.2.3.1) of the hydrodynamic parameters of turbulent flow as 
the sum of the average and fluctuating components followed by the averaging process 
made it possible, on the basis of the continuity equation (E4.2.1.3) and the Navier-Stokes 
equations (E4.2.1.4), to obtain (under some assumptions) the Reynolds equations 


Vo o _ — = 1 (E4.2.3.2) 
a +(V-V)V =-—-VP+vAV +g8+-V.0o' 
Ot p p 


for the averaged pressure and velocity fields. These equation contain the Reynolds turbulent 
shear stress tensor ot, whose components are defined as 


ot, =-pV/V!. (E4.2.3.3) 


The variable pV,’ V is the average rate at which the turbulent fluctuations transfer the jth 
momentum component along the 2th axis. 


> The closure problem. Turbulent viscosity. Unlike the Navier-Stokes equations com- 
pleted by the continuity equation, the Reynolds equations form an unclosed system of 
equations, since these contain the a priori unknown turbulent stress tensor øt with compo- 
nents (E4.2.3.3). Additional hypotheses must be invoked in order to close system (E4.2.3.2). 

So far the closure problem for the system of Reynolds equations has not been solved 
theoretically in a conclusive way. In engineering calculations, various assumptions that the 
Reynolds stresses depend on the average turbulent flow parameters are often adopted as 
closure conditions. These conditions are usually formulated on the basis of experimental 
data, dimensional considerations, analogies with molecular rheological models, etc. 

One traditional approach to the closure of the Reynolds equations is outlined below. 
This approach is based on Boussinesq’s model of turbulent viscosity completed by Prandtl’s 
hypothesis. For simplicity, we confine our consideration to the case of simple shear flow, 
where the transverse coordinate Y = X> is measured from the wall (the results are also 
applicable to turbulent boundary layers). According to Boussinesq’s model, the only 
nonzero component of the Reynolds turbulent shear stress tensor and the divergence of this 
tensor are defined as 


OV O OV 
Ly === . gt = 0 —— — 
i2 = pu ; V-o pa (ug ) (E4.2.3.4) 


where V stands for the longitudinal average velocity component. Formulas (E4.2.3.4) 
contain the turbulent (eddy) viscosity 1, which is not a physical constant but is a function 
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of geometric and kinematic flow parameters. It is necessary to specify this function to close 
the Reynolds equations. 

Following Prandtl, we have 
OV 


2x472 
Sh yY 
Vi K DY 


E (E4.2.3.5) 


where k = 0.4 is the von Karman empirical constant (in the literature, this constant is 
most frequently taken to be «x = 0.40 or 0.41, although other values can sometimes be 
encountered). 

There are a number of other methods for closing the Reynolds equations, also based on 
the notion of turbulent viscosity. These methods, as well as other models and methods of 
turbulence theory, can be found in the literature listed at the end of this chapter. 


E4.3. Hydrodynamics of Thin Films 
E4.3.1. Preliminary Remarks. Different Regimes of Film Type Flow 


Film type flows are widely used in chemical technology (in contact devices of absorption, 
chemosorption, and rectification columns as well as evaporators, dryers, heat exchangers, 
film chemical reactors, extractors, and condensers). 

As a rule, the liquid and the gas phase are simultaneously fed into an apparatus where 
the fluids undergo physical and chemical treatment. Therefore, generally speaking, there 1s 
a dynamic interaction between the phases until the flooding mode sets in the countercurrent 
flows of gas and liquid. However, for small values of gas flow rate one can neglect the 
dynamic interaction and assume that the liquid flow in a film is due to the gravity force 
alone. 

The value of the Reynolds number Re = Q/v, where Q is the volume flow rate per 
unit film width, determines whether the flow in the gravitational film is laminar, wave, 
or turbulent. It is well known that laminar flow becomes unstable at the critical value 
Re, = 2 to 6. However, the point starting from which the waves actually occur is noticeably 
shifted downstream. Even in the range 6 < Re < 400, corresponding to wave flows, a 
considerable part of the film remains wave-free. Since this part is much larger than the 
initial part where the velocity profile and the film width reach their steady-state values, we 
see that for films in which viscous and gravity forces are in balance, the hydrodynamic 
laws of steady-state laminar flow virtually determine the rate of mass exchange in various 
apparatuses, like packed absorbing and fractionating columns, widely used in chemical and 
petroleum industry. In these columns, the films flow over the packing surface whose linear 
dimensions do not exceed a few centimeters (Raschig rings, Palle rings, Birle seats, etc.). 

Paradoxically, the range of flow rates (or Reynolds numbers) for which the assumption 
of laminar flow can be used in practice 1s bounded below (rather than above). Indeed, there 
is a threshold value Q min of the volume flow rate per unit film width such that for Q < Qmin 
the flow in separate jets is energetically favorable. It was theoretically established that 


va? i? 3/5 
Onin 219 ae (1 —cos0)””, 
Pg 


where ø is the surface tension of the liquid and 0 is the wetting angle of the wall material 
and the liquid (see Figure E4.2), determined by Young’s fundamental relation 


Tow = 0 COS O + Ofw, 
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Figure E4.2. Definition of the wetting angle. 


where Cow and Ofw are the specific excess surface energies for the gas—wall and liquid—wall 
interfaces. 

Recently, the criterion of nonbreaking film flow was thermodynamically substantiated 
with the aid of Prigogine’s principle of minimum entropy production, including the case of 
a double film flow. 

In practice, Qmin can be reduced by wall hydrophilization—that is, by treating the 
surface with alcohol, which decreases the wetting angle. 


E4.3.2. Films on an Inclined Plane and on a Cylindrical Surface 


> Film flowing by gravity on an inclined plane. Consider a thin liquid film flowing by 
gravity on a solid plane surface (Figure E4.3). Let a be the angle of inclination. We assume 
that the motion is sufficiently slow, so that we can neglect inertial forces (that is, convective 
terms) compared with the viscous friction and the gravity force. Let the film thickness h 
(which is assumed to be constant) be much less than the film length. In this case, in the 
first approximation, the normal component of the liquid velocity 1s small compared with the 
longitudinal component, and we can neglect the derivatives along the film surface compared 
with the normal derivatives. 


Figure E4.3. Steady waveless laminar flow in thin film on an inclined plane. 


These assumptions result in the one-dimensional velocity and pressure profiles V =V (Y ) 
and P = P(Y), where Y is the coordinate measured along the normal to the film surface. 
The corresponding hydrodynamic equations of thin films expressing the balance of viscous 
and gravity forces have the form 


ay + pg sin 0 
H-z Tt pg SING = VU, 
oe (E4.3.2.1) 
TY 7 pg cosa = Q. 
To these equations one should add the boundary conditions 
dV 
ie eo =e M an (E4.3.2.2) 
V=0 aa Y =. 
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which show that the tangential stress 1s zero, the pressure is equal to the atmosphere pressure 
at the free surface, and the no-slip condition is satisfied at the surface of the plane. 
The solution of problem (E4.3.2.1), (E4.3.2.2) has the form 


7 mE 
Y =Umaxtl Y), (E4.3.2.3) 
P = Fo + pghcos a y, 
where Umax = L(g / v)h? sin a is the maximum flow velocity (the velocity at the free bound- 
ary) and y = Y /h is the dimensionless transverse coordinate. 
The volume flow rate per unit width 1s given by the formula 


gh? sina 


a 3 Umaxh. (E4.3.2.4) 


h 
Q= | V(Y)dY = 
0 


The mean flow rate velocity (V) is equal to 2/3 of the maximum velocity, 


(V) z 5 Umax 
Let us find the Reynolds number for the film flow: 
Re — Q _ gh? sina 
V 3v? 


This allows us to express the film thickness via the Reynolds number and the volume flow 


rate per unit width: 
aa? 1/3 3 1/3 
r= (n) (Go) 
g sin @ g sin a 


> Film on a cylindrical surface. Consider a thin liquid film of thickness h flowing by 
gravity on the surface of a vertical circular cylinder of radius a. In the cylindrical coordinates 
R, Y, Z, the only nonzero component of the liquid velocity satisfies the equation 


Vz 1 OVz 
+ ——— | + pg = 0. E4.3.2.5 
The boundary conditions on the wall and on the free surface can be written as 
dV; 
Vz=0 at R=a,  —2=0 at R=a+h. (E4.3.2.6) 
dR 
The solution of problem (E4.3.2.5), (E4.3.2.6) is given by the formula 
PJ) 2 p2 2 27 In(R/a) 
Vz(R) = = -R hy — a* | —————_ >. 
aK) mat aa 


E4.4. Fluid Flows in Tubes 
E4.4.1. Laminar Flows in Tubes of Various Cross-Sections 


Laminar steady-state fluid flows in tubes are often encountered in practice (water-, gas- and 
oil pipelines, heat exchangers, etc.). It is worth noting that in these cases the corresponding 
hydrodynamic equations admit an exact closed-form solution. In what follows, we describe 
the most important results in that direction. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Page 786 


Page 786 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 787 


E4.4. FLUID FLOWS IN TUBES 787 


> Statement of the problem. Consider a laminar steady-state fluid flow in a rectilinear 
tube of constant cross-section. The fluid streamlines in such systems are strictly parallel 
(we neglect the influence of the tube endpoints on the flow). We shall use the Cartesian 
coordinates X, Y , Z with the Z-axis directed along the flow. Let us take into account the fact 
that the transverse velocity components of the fluid are zero and the longitudinal component 
depends only on the transverse coordinates. In this case, the continuity equation (E4.2.1.1) 
and the first two Navier-Stokes equations in (E4.2.1.2) are satisfied automatically, and it 
follows from the third equation in (E4.2.1.2) that 


OV. OV. 1dP 


— + — = -=—, E4.4.1.1 
OX? OY? pdZ l ) 
where V = Vz is the longitudinal velocity component. 
Equation (E4.4.1.1) must be supplemented by the no-slip condition 
V=0 on the tube surface. (E4.4.1.2) 


The pressure gradient dP/dZ in the steady state is constant along the tube and can be 


represented in the form 
dP AP 


ae E4.4.1.3 
dZ L l ) 
where AP > 0 is the total pressure drop along a tube part of length L. 
The main flow characteristics are the volume flow rate 
Q= / Vds (E4.4.1.4) 
S 
and the mean flow rate velocity 
(V) = 2. (E4.4.1.5) 


where S, is the area of the tube cross-section. 


> Plane channel. First, consider the flow between two infinite parallel planes at a 
distance 2h from each other. The coordinate X is measured from one of the planes along 
the normal. Since the fluid velocity is independent of the coordinate Y, we can rewrite 
(E4.4.1.1) in the form 

V AP 

dX? uL 


The solution of this equation under the no-slip boundary conditions on the planes (V = 0 
for X = 0 and X = 2h) has the form 


AP 
V = — X (Qh —- X). (E4.4.1.6) 
2uL 


Formula (E4.4.1.6) describes the parabolic velocity field in a plane Poiseuille flow symmetric 
with respect to the midplane X = h of the channel. 
The volume flow rate per unit width of the channel can be found by integrating (E4.4.1.6) 


over the cross-section: ; 
2R AP 
= E4.4.1.7 
ar ) 
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The mean flow rate velocity is 
(V) = ——. (E4.4.1.8) 


The maximum velocity is attained on the midplane of the channel: 


h2AP 
max = ~~, X =h). 
Uma JE (at ) 


> Circular tube. In the case of a circular tube, Eq. (E4.4.1.1), with regard to (E4.4.1.3), 
acquires the form 


l d dV AP 
——(R—) ==, R=VX +Y? E4.4.1.9 

R dR ( dR uL l ) 
The solution of this equation under the no-slip condition on the surface of a tube of radius a 
(V =0 for R = a) describes an axisymmetric Poiseuille flow with parabolic velocity profile: 


AP 


“Zr (a =- RÈ). (E4.4.1.10) 


The volume flow rate can be obtained by integrating over the cross-section: 


a 4N P 
Q=2n | RVIR= == (E4.4.1.11) 
0 SuL 
By using (E4.4.1.5), we obtain the mean flow rate velocity 
2 
af AP 
V) = À E4.4.1.12 
(V) Sul ( ) 
The maximum fluid velocity is attained at the tube axis: 
a’ AP 
Umax = ——— (at R = 0). (E4.4.1.13) 
4uL 


> Annular channel between two coaxial circular cylinders. Now consider the flow in 
an annular channel between two coaxial circular cylinders of radii a; and a2 (a; < a2). In 
this case, Eq. (E4.4.1.9) remains valid. The solution of this equation satisfying the no-slip 
conditions on the cylinder surfaces, 


V=0 a R=q, V=0 a R=q, 


has the form 


AP a;-a, R 
= — la -R* + Lim —|. (E4.4.1.14) 
4uL In(az/a1) 07 
The volume flow rate 1s given by the formula 
= — a, — —— |. E4.4.1.15 
OST as “1 Ta(ag Jay) N ) 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Page 788 


Page 788 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


E4.4. FLUID FLOWS IN TUBES 789 


> Tube of elliptic cross-section. Now consider a tube whose cross-section is an ellipse 
with semiaxes a and b. The surface of this tube is given by the equation 


X \2 Y 12 
(=) i (—) =i (E4.4.1.16) 
a b 
The solution of Eq. (E4.4.1.1) under the no-slip condition on the surface (E4.4.1.16) has 
the form es j ; 
bt AP X4 Y 
e ee a (E4.4.1.17) 
2uL(a? + b*) az b 
The volume flow rate is s5 
TAP ab 
= . E4.4.1.18 
Q 4uL al +1? l ) 
By using formula (E4.4.1.5), we find the mean flow rate velocity 
AP ab? 
V) = — —. E4.4.1.19 
m 4uL a? +b l ) 
The maximum velocity is attained at the tube axis 
TAP 
aae O E 1) (E4.4.1.20) 
2 L(a? +b?) 


In the special case a = b, formulas (E4.4.1.17)-(E4.4.1.20) are reduced to the corresponding 
formulas (E4.4.1.10)-(E4.4.1.13) for a circular tube. 


> Tube of rectangular cross-section. Now consider a tube of rectangular cross-section 
with sides a and b. We assume that the flow region is described by the inequalities 0 < X <a 
and O < Y < b. The solution of Eq. (E4.4.1.1) under the no-slip conditions on the tube 
surface has the form 


AP = X Y Y 
Ve —— X(a—X)+)_ sin ( = )(Am cosh = + Bm sinh = 
2uL 
, m=l (E4.4.1.21) 
a“AP cosh(rmk)-1 b 
m= all bps Amn- a kn 
mm wh eon) sinh(rmk) a 
By integrating the expression for V, we obtain the volume flow rate 
P 
= b 2 b2 
8AP € 1 2m-1 2m-1 
ea > e a tanh (xb = ) +b‘ tanh (ra dd i] (E4.4.1.22) 
TuL = (Qm-1) 2a 2b 
For a tube of square section with side a, this formula acquires the form 
4 OO 
a AP 192 1 2m- 1 
- ee E o h( ) E4.4.1.23 
Q= aL | E 2 Gna a | l ) 
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or, after summing the series, 


“AP 
Q =0.0351 22 (E4.4.1.23a) 
uL 
It is useful to rewrite the last expression as 
a = 0.883, 
Qo 


where Qo is the volume flow rate for a circular tube with the same cross-section area. The 
volume flow rate for a square tube is smaller, because the cross-section has corners near 
which the velocity of a viscous fluid decreases noticeably. 


> Tube of triangular cross-section. Now suppose that the cross-section of the tube is an 
equilateral triangle with side b. We place the origin at the center of the cross-section and 
measure the coordinate X along one of the sides of the triangle. In this case, the solution 
of Eq. (E4.4.1.1) under the boundary condition (E4.4.1.2) has the form 


Eli) 


The volume flow rate of this flow 1s given by the formula 


Q- V3 IAP 
320 uL ` 

It is useful to compare Q with the volume flow rate for a circular tube of the same cross- 
section area: Q 

— = 0.726. 

Qo 
This expression shows that the volume flow rate for a tube whose cross-section is an 
equilateral triangle is substantially lower than for tubes of square or circular cross-section 
of the same area. 


> Rectilinear tube of arbitrary cross-section. By using dimensional considerations, one 
can obtain the following formulas for the volume flow rate and the maximum velocity in a 
rectilinear tube of constant cross-section of arbitrary shape: 


S2AP S,AP 
as 5 Oia = ar, (E4.4.1.24) 


Q=K 


where S, is the tube cross-section area and kK and K, are dimensionless coefficients 
depending on the shape of the cross-section. The coefficients K and K, can be obtained 
either experimentally or theoretically. 

The most important dimensionless geometric parameter characterizing the cross-section 
shape is the ratio TEA /P, where P is the cross-section perimeter. In calculations, it is 
convenient to use the shape parameter 


ES A, (E4.4.1.25) 


which always lies in the range 0 < € <1. The value € = 1 corresponds to a circular tube. This 
condition is ensured by choosing the proportionality factor 2/7 in formula (E4.4.1.25). 
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For tubes of convex cross-section that is nearly circular or at least does not deviate very 
much from the circular shape, it is natural to assume that the coefficients K and X, in 
(E4.4.1.24) depend only on €: 


K=K(®), Ky =K, (Ê). (E4.4.1.26) 


Then in many cases the function Á = K€) (which determines the volume flow rate Q in 
(E4.4.1.24)) 1s well approximated by the linear function 


1 
K=K0€, Ko = =~ = 0.0398. (E4.4.1.27) 
T 


For £ = 1, the approximate formula (E4.4.1.27) gives the exact value of Ko corresponding 
to a circular tube. For example, formula (E4.4.1.27) can be used for tubes whose cross- 
section is a regular V-gon (N =4,5,...). In particular, for a tube of square cross-section, 
Eq. (E4.4.1.25) gives € = tyr = 0.886. Substituting this into (E4.4.1.27), we obtain 
K = 0.0353. This differs from the exact value K = 0.0351 only by 0.6% (see (E4.4.1.23a)). 
For a tube of elliptic cross-section with axial ratio a/b = 1.5, the error in (E4.4.1.27) is 
about 5%. 


> Hydrodynamic drag coefficient. Consider the hydrodynamic drag for the laminar flow 
of a fluid in tubes of various shape. The drag coefficient A relating the pressure drop and 
the characteristic pressure head is introduced by the relation 
de AP 
¿AV? Lo 


(E4.4.1.28) 


where de is equivalent (or “hydraulic”) diameter and {V} is the mean flow rate velocity. 
Let us introduce the equivalent (or “hydraulic”) diameter de by the formula 


where 5, is the area of the tube cross-section and P is the cross-section perimeter. For 
tubes of circular cross-section, de coincides with the diameter, and for a plane channel, de 
is twice the height of the channel. 

Table E4.2 presents the values of the drag coefficients for tubes with various shapes of 
the cross-section. The Reynolds number Reg = d.(V)/v can be calculated from the mean 
flow rate velocity and the equivalent diameter. 

For a tube whose cross-section is a regular N-gon, the value A Reg is given by the 


approximate formula 
64 N — 82 


N —0.95 ' 


The comparison with Table E4.2 shows that the maximum error in (E4.4.1.29) is less 
than 0.6% at N = 3, 4, 6, oo. 


A Reg = (E4.4.1.29) 


E4.4.2. Turbulent Flows in Tubes 


> Tangential stress. Turbulent viscosity. A flow of a fluid through a smooth tube of 
circular cross-section remains laminar while Re = a(V)/v < 1500, where a is the tube 
radius and (V) the mean flow rate velocity of the fluid. For higher Reynolds numbers, the 
loss of stability of the laminar flow is observed and an intermediate regime occurs. For 
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TABLE E4.2 
Values of the drag coefficients for laminar flow in tubes of various shape. 


Equivalent 
Circular tube of diameter d 64.000 


Flat tube of width 2h 


Tb 
Elliptic tube l l E(4/1- b/a?) l 
with semiaxes where E(0) is the complete 


a and b elliptic integral 
of the second kind 


Tube 

of rectangular 
cross-section 
with sides 

a and b 


Re > 2500, a fully developed regime of turbulent flow is established, which is characterized 
by a chaotic variation of the velocity and pressure in time and space. 
In a turbulent flow in a tube, there are two significantly different flow regions. In the 


first, entry region, the average velocity profile V changes dramatically with the distance 
from the entry cross-section. In the second, stabilized flow region, the average velocity 
profile is the same at each cross-section. The length of the entry (stabilization) region 
depends on the Reynolds number and the roughness of the walls and occupies a few dozen 
diameters (from 25 to 100). For rough estimates, this length is frequently taken to be 50 tube 
diameters. O 

In the stabilized flow region, the average fluid velocity V is directed along the tube axis 
and depends only on the distance Y from the tube wall. The integration of the Reynolds 
equations (E4.2.3.2) yields the following expression for the shear stress: 


7 =1,(1-Y/a), (E4.4.2.1) 


where 7, is the friction stress at the wall. Near the tube axis, as Y/a — 1, it follows 
from (E4.4.2.1) that 7/7, — 0. Near the wall, as Y/a — 0, we have T/T, — 1. 

The friction stress at the wall for a circular tube is calculated by the formula T, = 
5a(AP/ L), where AP > 0 is the total pressure drop along a tube part of length L. 

In accordance with Boussinesq’s model (E4.2.3.4), the shear stress can be represented 
as 

OV 
T = pV + n) ay” (E4.4.2.2) 

where y is the kinematic viscosity and 1 is the turbulent viscosity. 
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Formulas (E4.4.2.1) and (E4.4.2.2) have formed the basis of most theoretical studies of 
the average fluid velocity and the drag coefficient in the stabilized region of turbulent flow 
in a circular tube (and a plane channel of width 2a). The corresponding results obtained on 
the basis of Prandtl’s relation (E4.2.3.4) and von Karman’s relation for turbulent viscosity 
can be found in the literature given at the end of this chapter. In what follows, major 
attention will be paid to empirical and semi-empirical formulas that approximate numerous 
experimental data quite well. 


> Structure of the flow. Velocity profile in a circular tube. Experiments show that in 
the stabilized flow region, two characteristic subregions can be singled out, namely, 


O0<Y/as<o_ (wall region), 
d<Y/a<1 (core of turbulent flow), 


where Y is the transverse coordinate measured from the wall and o = 0.1 to 0.2. 
To describe the turbulent flow in the wall region, one introduces the so-called friction 
velocity U, and the dimensionless internal coordinate y* according to the formulas 


ULSA io. Y SUZ, (E4.4.2.3) 


where 7, 1s the shear stress at the wall and p is the fluid density. According to von Karman, 
it is convenient to single out three subdomains in the wall region: 


viscous sublayer (1; < v), 
wall region = < buffer layer (1, ~ v), 
logarithmic layer (14 > Vv). 


In the viscous sublayer, the turbulent viscosity tends to zero near the wall (1, is proportional 
to Y ?). In the logarithmic layer, the turbulent viscosity depends on the transverse coordinate 
linearly, 4% = 0.4U, Y . 

The approximate ranges of the above subdomains in terms of y* are as follows: 


viscous sublayer O<y" <5, 
buffer layer 5<y* < 30, 
logarithmic layer 30 < y*. 


In the viscous sublayer, the average velocity distribution is linear, 


VY), 
SY 


7 for 0O<y* <5. (E4.4.2.4) 


Note that turbulent fluctuations can penetrate into the viscous sublayer, although the turbu- 
lent friction is small there. 
The average velocity profile in the thickest, logarithmic layer can be described by the 


formula _ 
VY) 


* 


=2.51n y* +5 for 30 < y* (E4.4.2.5) 


quite well. This relation is referred to as Prandtl’s law of the wall. It is worth noting 
that the factor 2.5 occurring in Eq. (E4.4.2.5) comes from 1/x, where «x = 0.4 is the von 
Karman constant. The value 5 of the constant term was obtained on the basis of numerous 
experimental data. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 793 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 794 


794 HYDRODYNAMICS 


It should be pointed out that formulas (E4.4.2.4) and (E4.4.2.5) are not only supported 
by experimental data quite well but also have certain theoretical justification. 

For the velocity distribution in the buffer layer, one can use the simple interpolation 
formula 


ay g 
i ) = yt cos?™ £ + (2.5ln yt +5)sin?” é, ¿= > =- y 


(E4.4.2.6) 


This formula well agrees with the existing experimental data and defines a continuous and 
smooth profile of the average velocity over the entire wall domain (including the viscous 
sublayer, the buffer layer, and the logarithmic layer). 

Numerous experimental data provide evidence that the average velocity V in the core 
of turbulent flow can be approximated as 


Une VO) 


a 
= 2.5 ln — E4.4.2.7 
U. ny ( ) 


where Umax 1s the velocity at the flow axis. Equation (E4.4.2.7) is universal and is referred 
to as von Karman’s velocity defect law;* it is applicable for smooth and rough tubes and any 
Reynolds numbers corresponding to turbulent flows. Formula (E4.4.2.7) can be somewhat 
refined by adding the term 0.6 (1 — Y /a)? to the right-hand side, thus extending the formula 
to the range 0.01 < Y/a <1. 

Darcy’s formula 


_V 3/2 
Uma- VO) _ 5.08 ( = (E4.4.2.8) 


== 
Ux 


a 
is worth mentioning. It provides a more accurate prediction of the turbulent flow near the 
flow axis (Y /a = 1) compared with Eq. (E4.4.2.7) but has a narrower scope, 0.25 < Y/a<1. 

In engineering calculations, itis not uncommon to approximate the average fluid velocity 
in a turbulent flow by the power law 


17 1/n 
VO) _ (=) | (E4.4.2.9) 


Umax a 


where the parameter n slowly increases with the Reynolds number. The value n = 7 
suggested by Blasius is most frequently used. In this case, formula (E4.4.2.9) agrees well 
with experimental data within the range 3 x 10° < Reg < 10°, where Reg = d(V)/v is the 
Reynolds number for a tube of diameter d = 2a. 

The average velocity profile for the entire cross-section of a circular tube can be calcu- 
lated using the unified interpolation formula 


EO = 2.5In(1 +40) +7.5(1—e% —CeS) +2.5In ee (E4.4.2.10) 


U, 1+2(1 =p?” 


where ¢ = 0.1 YU, /v and 7 = Y/a. This formula is a bit simpler than Reichardt's formula. 
The former 1s obtained from the latter by a slight change in numerical coefficients, which 
provides a better agreement with the experimental data in the logarithmic layer, with the 
same accuracy in the other domains. 


* Tt is remarkable that Eq. (E4.4.2.7) was first suggested for the logarithmic layer, but it turned out that it 
can well be extrapolated to almost the entire domain of turbulent core. 
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> Drag coefficient of a circular tube. The drag coefficient A is expressed via other 
hydrodynamic parameters as follows: 


AP 4a — 8m ES] 


L WV Av? AV) 


(E4.4.2.11) 
In the region of stabilized turbulent flow in a smooth circular tube, the drag coefficient can 
be estimated by the Prandtl-Nikuradze implicit formula 


1 
—— =0.88In(Re,vVA ) — 0.82, (E4.4.2.12) 
€ (SEA, 


where Re, is the Reynolds number determined by the diameter. Within the range 3 x 10° < 

Rez < 3 x 10°, the maximum deviation of the result predicted by Eq. (E4.4.2.12) from 

experimental data is about 2%. In practice, it is more convenient to use simpler explicit 
formulas of Blasius and Nikuradze: 

0.25 Be < 105 

< P for 3x 10° < Reg < 10°, (Œ4.4.2.13) 


0.0032 + 0.221 Re" for 10° < Reg. 


These formulas are also accurate within 2%. The first line in Eq. (E4.4.2.13) follows from 
the assumption that the average velocity profile is given by the power law (E4.4.2.9) with 
de 

In the transient zone, one can calculate the drag coefficient by the formula 


A=6.3x10%*/Rey (2200 < Re, < 4000). 


> Turbulent flow in a plane channel. Qualitatively, the picture of stabilized turbulent 
flow in a plane channel is similar to that in a circular tube. Indeed, in the viscous sublayer 
adjacent to the channel walls, the velocity distribution increases linearly with the distance 
from the wall: V(Y)/U, = y?. In the logarithmic layer, the average velocity profile can be 
described by the expression 

VY) 


* 


= 2.5 In y* + 5.2. 


In the flow core, the average velocity distribution in a plane channel of width 2h can be 
approximately described by formulas of the form 


Ura VOS YN 
A a 
ali). 


where A = 6.5 and m = 1.9. 
In the region of stabilized turbulent flow, the drag coefficient can be determined from 
the implicit relation 


1 
— =0.86In(RevVA) -0.35, 
where A = 8(U,. / (Vy) and Re = 2h{V)/v. This relation is in good agreement with 
experimental data for all Re < 104. 
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> Drag coefficient for tubes of other shape. The drag coefficient A for turbulent 
flows in rectilinear tubes of noncircular cross-section can also be computed using rela- 
tions (E4.4.2.12) and (E4.4.2.13), where the equivalent diameter 


_ 4S, 
P 


de (E4.4.2.14) 


should be regarded as the characteristic length used to calculate the Reynolds number. In 
Eq. (E4.4.2.14), S, is the cross-section area of the tube and P the cross-section perime- 
ter. The values of the drag coefficient predicted by this approach fairly well agree with 
experimental data for tubes of rectangular and triangular cross-section. 

More detailed information about the structure of turbulent flows in a circular (or non- 
circular) tube and a plane channel, as well as various relations for determining the average 
velocity profile and the drag coefficient, can be found in the literature given at the end of 
this chapter. 


E4.5. Hydrodynamic Boundary Layers on a Flat Plate 
E4.5.1. Laminar Boundary Layer 


> Preliminary remarks. Flow for large Reynolds numbers. In practice, one often deals 
with outside flows around stationary extended equipment elements such as plates, guiding 
elements, or tubes. In this case, the action of external mass forces can often be neglected, 
and the hydrodynamic laws are determined by the relation between pressure, viscous, and 
inertial forces. Then the system of dimensionless steady-state hydrodynamic equations 
becomes 

V.v=0, 


1 (E4.5.1.1) 


Av. 
Re m 


The system contains a single parameter, the Reynolds number. The solution in the 
general case is very complicated (the system is nonlinear), but it can be simplified 1f we 
consider the passage to the limit as Re — 0 or Re — oo. In this section, we solve the problem 
on a longitudinal flat-plate flow assuming that Re — oo, that is, for a liquid with “vanishing 
viscosity.” The solution is not straightforward: one cannot just disregard the term Re! Ay, 
thus obtaining the equation of an ideal fluid. The mathematical difficulty is that the small 
parameter Re! occurs in the term with higher derivatives. By neglecting this term, we 
change the order and the type of the equation, and the solution of the original system need 
not converge as Re) — 0 to the solution of the limit system with Re! = 0. Here we deal 
with a singular perturbation. Moreover, it is clear from physical considerations that an 
ideal fluid flow past a body cannot satisfy the no-slip condition on the surface. Actually, 
the tangential velocity varies from zero on the surface of the body to the velocity of the 
undisturbed flow remote from the body. 

For fluids with low viscosity, this change of velocity occurs in a thin fluid layer adjacent 
to the surface of the body. Prandtl termed this layer a boundary layer. The magnitude 
of Av is very large in this layer. Thus, although Re”! is a small parameter, one cannot 
disregard the term Re’! Av in the boundary layer. Nevertheless, since the longitudinal and 
the transverse coordinates play different roles in the boundary layer, we can simplify the 
equations. The corresponding formal estimate of terms in the second equation in (E4.5.1.1) 
can be found in the books listed at the end of this chapter. 


(v-V)v=-Vp+ 
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> Statement of the Blasius problem. Consider the steady-state problem on the longi- 
tudinal zero-pressure-gradient flow (VP = 0) past a half-infinite flat plate (0 < X < oo). 
We assume that the coordinates X and Y are directed along the plate and transverse to the 
plate, respectively, and the origin 1s placed at the front edge of the plate. The velocity of 
the incoming flow is Uj. 

Let us write out the final system of boundary layer equations for an incompressible fluid 


OVx OVx Vx 


Ve ey o 
E Or oie (E4.5.1.2) 
ON ONY a 
OX OY ` 


The natural boundary conditions have the form 


Y =0, Vx =Vy=0 (no-slip condition), 


a (E4.5.1.3) 
Y = œ, Vx >U; (condition far from the plate). 


> Blasius solution. Friction coefficient. We express the fluid velocity components via 
the stream function Y by the formulas 


(E4.5.1.4) 


and substitute them into (E4.5.1.2). 
Then we seek the stream function in the form 


WX Y) = VvXU fin,  n=Y4/ a, (E4.5.1.5) 


where 7 is a self-similar variable. 
We obtain the following boundary value problem for the function f(n): 


27 + ff” = 0; 
n = 0, JsJ = 0: (E4.5.1.6) 


POs of Sal, 


Detailed tables containing the numerical solution of this problem can be found, for example, 
in Schlichting’s book (1981). 
By using (4.5.1.4), we can calculate the fluid velocity components as follows: 


ic POO y 
Vx =UL@, Vy = 5y S n- o). (E4.5.1.7) 


The obtained solution also allows us to calculate some variables that are of practical 
interest. For example, the local frictional stress on the wall is 


5 OVx a Ui en z Ui 
TOANE ( DY e = LU; / al (0) = 0.332 pU; y / NO (E4.5.1.8) 


and the local friction coefficient is given by 


Tw(X ) V 
CA) = = 0.664 l (E4.5.1.9) 
3pU? UA 
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The total friction coefficient for a plate of length L is given by the formula 


1.328 
y Rez i 


where Rez = U¡L/v is the Reynolds number for the plate in the flow. 

Formula (E4.5.1.9) is known as the Blasius law for the drag in longitudinal flat-plate 
flow. This formula can be used in laminar flow, that is, for Re, < 3.5 x 10°. 

Although the boundary layer in this statement of the problem is asymptotic—that is, 
extends infinitely along the Y -coordinate—one can approximately estimate its thickness 
if we adopt the convention that the velocity on the boundary of the layer differs from the 
undisturbed flow velocity at most by 1%. Then the boundary layer thickness 1s 


5(X) = 5, /vX/U,. 


The Blasius solution shows that the longitudinal velocity profiles are affinely similar to 
each other for all cross-sections of the boundary layer. 


È 
T / od X) dX = (E4.5.1.10) 
L Jo 


> Reversed statement of the Blasius problem. In applications, one often deals with 
the “reversed” statement of the Blasius problem, in which a half-infinite plate moves in its 
plane at a velocity U;. In this case, the stream function is also sought in the form (E4.5.1.5), 
but the boundary value problem (E4.5.1.6) for the function f = f(n) is replaced by 


2" + ff" =0; 
n = 0, f=0, f=1; 


n — 00, f' — 0, 


In this case, in contrast with (E4.5.1.8), the local friction stress on the wall is given by 


Ui 
w( X) = 0.444 uU; E 
Tw(X) HU] TX 


E4.5.2. Turbulent Boundary Layer 


> Structure of the flow. Velocity profile. The flow in the boundary layer on a flat plate 
is laminar until Rex = U;X/v = 3x 10°. On a longer plate, the boundary layer becomes 
turbulent; that is, its thickness increases sharply and the longitudinal velocity profile alters. 

In accordance with Boussinesq’s model the turbulence boundary layer on a flat plate is 
described by the equations 


— 0Vx > Vx ð ƏV x 
“xa tly ay = oy lee ƏY | 
CU OMA 
OX əy ” 


where 1 1s the turbulent viscosity. 

These equations have formed the basis of most theoretical investigations on the deter- 
mination of the average fluid velocity and the drag coefficient in the stabilized region of 
turbulent flow on a flat plate. In what follows, major attention will be paid to empirical and 
semiempirical formulas that approximate numerous experimental data quite well. 
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Experiments show that the turbulent boundary layer on a flat plate includes two qualita- 
tively different regions, namely, the wall region (adjacent to the plate surface) and the outer 
region (bordering the unperturbed stream). By analogy with the flow through a circular 
tube, it is common to subdivide the thin wall region into three subdomains (von Kármán”s 
scheme): 


= + |buffer layer} + | logarithmic layer 


The friction velocity U, and the dimensionless internal coordinate y* defined by rela- 
tions (E4.4.2.3) are introduced to describe the turbulent flow of the fluid in the wall region. 
The transverse coordinate Y in Eq. (E4.4.2.3) is measured from the plate surface. 


The velocity profile in the viscous sublayer is linear, Vx (Y) LO =a, 
In the logarithmic layer and the outer region, the average velocity profile 1s quite well 
described by the relations (Monin & Yaglom, 1992) 


Ui-Vx(Y) _ egin for Y/5 < 0.15, 
U, —L9.6[1-(Y/0? for 0.15 < Y/6 <1, 


where 0 = 0(X) is the boundary layer thickness. 
Note the Spalding implicit interpolation formula 


y* =2.5V* + 0.135 [exp -V+ -1 -V+ -4V - Vo, 


where y* = YU, /v and V* = 0.4 V(Y) /U,,. This formula quite well describes the average 
velocity profile within the entire wall region 0 < Y/ô < 0.15. 
The turbulent boundary layer thickness can be calculated from the formula 


ô =0.33X4/>cr. (E4.5.2.1) 


> The local coefficient of friction. In the case of a two-sided flow past a flat plate, the 
local coefficient of friction cf = cr(X) is expressed via other hydrodynamic parameters as 


Te Ray 
Cf = = =a . 
5 pU? Ui 


For the turbulent boundary layer on a flat plate, von Karman’s friction law with modified 
numerical coefficients 


1 
— = 1.77 In (cfR + 2.4 E4.5.2.2 
Je ( fme x) ; ( ) 
is typically used, which quite well agrees with experimental data. In Eq. (E4.5.2.2), 
Rex = U¡X/v is the local Reynolds number. Here it is assumed that the flow turbulization 
in the boundary layer starts from the front edge of the plate. 

Relation (E4.5.2.2) defines the friction coefficient versus the Reynolds number implic- 
itly. For Rex > 10”, it is more convenient to use the simpler explicit Falkner's formula 
-1/7 


cr = 0.0262 Re”, (E4.5.2.3) 


The corresponding mean coefficient of friction for a plate of length L is given by 


Ag 


1 L 
(a) = 7 / cy dX = 0.0306 Re”. (4.5.2.4) 
0 


where Rez = U¡L/v. 
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The comparison of Eq. (E4.5.2.4) with Eq. (E4.5.1.10) reveals that the resistance of a flat 
plate to turbulent flow is much greater than to laminar flow and decreases with increasing 
Reynolds number considerably slower. 

Note also the Schlichting formulas 


SS (2 logio Rex — 0.65), (ef) = 0.455 (log ¡0 Rez) “> 


> 


which are accurate to within few percent for 10% < Rey < 10”. 

More detailed information about the structure of turbulent flows on a flat plate, as well 
as various relations for determining the average velocity profile and the local coefficient of 
friction, can be found in the bibliography given at the end of this chapter. 


E4.6. Spherical Particles and Circular Cylinders in 
Translational Flow 


> Preliminary remarks. Solving the problem on the interaction of a solid particle, drop, 
or bubble with the surrounding continuous phase underlies the design and analysis of many 
technological processes. The industrial applications of such interaction include classifi- 
cation of suspensions in hydrocyclones, sedimentation of colloids, pneumatic conveyers, 
fluidization, heterogeneous catalysis in suspension, dissolving solid particles, extraction 
from drops, absorption, and evaporation into bubbles. 

The description of a large variety of meteorological phenomena is also based on the 
analysis of motion of a collection of drops in air. The recent increase in atmosphere pollution 
1s a serious problem, which requires understanding the transfer of mechanical, chemical, 
and radioactive particles in the atmosphere. 

In rarefied systems of particles, drops, or bubbles, the particle—particle interaction can 
be neglected in the first approximation; then one deals with the behavior of a single particle 
moving in fluid. In this case, the streamline pattern depends on the particle shape, the flow 
type (translational or shear), and a number of other geometric factors. 


E4.6.1. Stokes Equations and Their Solution for the Axisymmetric 
Case 


> Stokes equations. One of the main approaches to the analysis and simplification of 
the Navier-Stokes equations is as follows. One assumes that the nonlinear inertia term 
(V . V)V is small compared with the linear viscous term vAV and hence can be neglected 
altogether or taken into account in some special way. This method is well-founded for 
Re = LU/v < 1 and is widely used for studying the motion of particles, drops, and bubbles 
in fluids. Low Reynolds numbers are typical of the following three cases: slow (creeping) 
flows, highly viscous fluids, and small dimensions of particles. 

For steady-state flows of viscous incompressible fluid, by neglecting the inertia terms 
in (E4.2.1.4) and by including all conservative mass forces in the pressure P, we arrive at 
the Stokes equations 

V.V=0, 


LAY =VP (E4.6.1.1) 


The Stokes equations (E4.6.1.1) are linear and hence much simpler than the nonlinear 
Navier-Stokes equations. For any two solutions {V;, Pı} and {V2, P>} of (E4.6.1.1), the 
sum {aV; + 0V2, aP; + BP, y satisfies the same equations for any constants a and 6. 
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In axisymmetric problems, all the variables in the spherical coordinates R, 6, p are 
independent of y, and the third component of the fluid velocity is zero, V, = 0. The fluid 
velocity components Vr and Vg can be expressed via the stream function Y as follows: 


1 ow B 1 ow 
R2sin0 00 ”  Rsind AR’ 
Then the first equation in (E4.6.1.1) (the continuity equation) 1s satisfied automatically. On 
eliminating the terms containing the pressure from the second vector equation (E4.6.1.1) 


and replacing the velocity components by the right-hand side of (E4.6.1.2), we obtain the 
following equation for the stream function: 


Vp = (E4.6.1.2) 


0? sind O l 0 
H(EwW=0 Bes + o (—_— ). F4.6.1.3 
( ) OR? R? 900 \sin@ 00 ) 
> General solution of Stokes equations for the axisymmetric case. The general solution 
of Eq. (E4.6.1.3), which gives the finite fluid velocities on the flow axis for 6 = 0 and 0 = 7, 


has the form 
UCR, 0) = X (An R” + BR" + C R"? + Dn R°”) J, (cos 0). (E4.6.1.4) 
n=2 


Here An, Bn, Cn, and Dp are arbitrary constants, and J,(C) are the Gegenbauer functions 
of the first kind, which can be represented in the form 


Panal) Pr(Q) = 1 d y n2 Cal n—1 
A ay ed 2 
= l d” 2 n 
PS aes - 1)”, 


where P,,(C) are the Legendre functions. The Gegenbauer functions of the first kind are 
polynomials; in particular, 


O=, AO=-— JO=30-5 AO=760-C),  Fa(Q= FU-C-SC?-D. 
The corresponding fluid velocity components and pressure are given by the formulas 


Vr =-X_(AnR"? +B, RT + CAR" + Da R'™) P,,1(c0s 0), 


n=2 
00 


Vo = > [MAn R"? - (n - 1)Ba R”! +(n+2)C,R” - (n - 3)D R] 


n=2 


InXcos 0) 


sin 0 


> 


X /2n+1 2n -3 
P==2N EN de ONE AR) P,,_(cos 0) + const. 
a E 1 n 


The force exerted by the fluid on any spherical boundary described by the equation R = const 
is given by 
F =4TuD,. 


It is of interest that this force is completely determined by only one coefficient of the 
series (E4.6.1.4). 
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Figure E4.4. Translational Stokes flow past a spherical particle. 


E4.6.2. Spherical Particles in Translational Stokes Flow (at Re — 0) 


> Flow past a spherical particle. Consider a solid spherical particle of radius a in a 
translational Stokes flow with velocity U; and dynamic viscosity u (Figure E4.4). We 
assume that the fluid has dynamic viscosity u. We use the spherical coordinate system 
R, 0, p with origin at the center of the particle and with angle O measured from the direction 
of the incoming flow (that is, from the rear stagnation point on the particle surface). In view 
of the axial symmetry, only two components of the fluid velocity, namely, Vr and Vo, are 
nonzero, and all the unknowns are independent of the third coordinate y. 

The fluid velocity distribution is given by the Stokes equations (E4.6.1.1) with the 
no-slip boundary conditions on the surface of the solid sphere, 


Vr=Vo =0 at R=a, (E4.6.2.1) 
and the boundary conditions at infinity of the form 
Vr —> U;,cosé, Veg —> —U; sin 0 as R—-o, (E4.6.2.2) 


which correspond to condition (E4.2.2.1) of translational unperturbed flow far from the 
particle. 

By passing from the fluid velocity components Vp, Vg to the stream function Y according 
to formulas (E4.6.1.2), we arrive at Eq. (E4.6.1.3). It follows from the remote boundary 
conditions (E4.6.2.2) that in the general solution (E4.6.1.4) it suffices to retain only the 
first term (corresponding to the case n = 2). The no-slip conditions (E4.6.2.1) allow us to 
find the unknown constants A», B2, Cr, and D2. The resulting expression for the stream 


function, , 
1 > 3a la 7 
Y = 7 Uitt (i = IR F 25) sin? 0, (E4.6.2.3) 
allows us to find the fluid velocity and pressure in the form 
3a 10 
Ve =U;(1 satya) cos 0, 
3a la 
ee fa eee pe E4.6.2.4 
Vo = a(i i 775) sind, ( ) 
P=P- 3uU;a cos 0 
2R? 


where FP; 1s the unperturbed pressure far from the particle. 
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The viscous drag acting on the spherical particle 1s given by the Stokes formula 
F = 61 qU;. (E4.6.2.5) 


> Steady-state motion of spherical particles in a fluid. In chemical technology, one 
often meets the problem of a steady-state motion of a spherical particle with velocity U; in 
a quiescent fluid. Since the Stokes equations are linear, the solution of this problem can be 
obtained from formulas (E4.6.2.4) by adding the terms V R = —U; cos 0 and Vg = U; sin 0, 
which describe a translational flow with velocity U; in the direction opposite to the incoming 


flow. 
The drag coefficient for a solid spherical particle is calculated by the formula (the Stokes 
law) 
F 12 
Cf = —— = — (E4.6.2.6) 


lpU2ra? Re’ 


where Re = pU¡a/p and p is the density of the fluid. The Stokes law is confirmed by 
experiments for Re < 0.1. 

By equating the drag force F' of the sphere with the difference tTa’ gAp between the 
gravity and buoyancy forces, one can estimate the steady-state velocity of relative motion 
of phases (the velocity at which a spherical particle falls or rises) as 


ie ga? Ap 


U 
9 p 


(E4.6.2.7) 


where Ap is the difference between the densities of the surrounding fluid and the particle 
and g is the free fall acceleration. 


E4.6.3. Spherical Particles in Translational Flow in a Wide Range 
of Re 


> Flow past spherical particles in a wide range of Re. Neglecting the inertia term for the 
flow past a sphere is adequate to experiments only in the limit case Re — 0. For Re = 0.05, 
the error in estimating the drag by formula (E4.6.2.6) is 1.5 to 2%, and for Re = 0.5 the 
error becomes 10.5 to 11%. Therefore, one can use the estimate cf = 12/Re for the drag 
coefficient only for Re < 0.2 (in this case, the maximum error does not exceed 5%). 

More exact than the Stokes law (E4.6.2.6) is the two-term Oseen’s expansion of the drag 
coefficient as Re — 0: i 5 

C= Be (1 + 3 Re . (E4.6.3.1) 

The difference between Oseen’s approximation (E4.6.3.1) and experimental data is 
0 to 1.0% for Re < 0.05 and 4 to 6% for Re = 0.5. 

For Re>0.5, asymptotic solutions no longer give an adequate description of translational 
flow of a viscous fluid past a spherical particle. 

Numerous available numerical solutions for the Navier-Stokes equations, as well as 
experimental data, provide a detailed analysis of the flow pattern for increasing Reynolds 
numbers. For 0.5 < Re < 10, there is no flow separation, although the fore-and-aft symmetry 
typical of inertia-free Stokes flow past a sphere is more and more distorted. Finally, at 
Re = 10, flow separation occurs at the rear of the particle. 

The range 10 < Re < 65 is characterized by the existence of a closed stable area at 
the rear, in which there is an axisymmetric recirculating wake. As Re increases, the wake 
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lengthens, and the separation ring 0, moves forward from the rear point (0, = 0° at Re = 10) 
to 0, = 72° at Re = 200 according to the law 


Re 0.483 
0, = 42.5 (m =| for 10< Re < 200. (E4.6.3.2) 


Here, as well as in (E4.6.3.3), 0, is measured in degrees. 

At Re>65, the vorticity region in the rear area ceases to be stable and becomes unsteady. 
At 65 < Re < 200, a long oscillating wake is formed behind the particle, which gradually 
becomes turbulent for 200 < Re < 1.5 x 10°. Simultaneously, the separation point moves 
upstream according to the law 


6, = 102-213 Re?” for 200<Re<1.5x10. (E4.6.3.3) 


> Formulas for the drag coefficient in a wide range of Re. We give two simple 
approximate formulas for the drag coefficient of a spherical particle 


c= gg (1 +0.241 Re) 0 < Re < 400, 
ape sae (E4.6.3.4) 
cr = Re (1 + 0.0811 Re” J 200 < Re < 2500, 


where the Reynolds number is determined with respect to the radius. In formulas (E4.6.3.4), 
the maximum error does not exceed 5% in the given ranges. 

In a wide range of Reynolds numbers, one can use the following more complicated 
approximation to the drag coefficient: 


12 
Re 


1 


cp = ——(1+0.241 Re*%) + 0,42 (1 + 1.902 x 104 Re+)", 


whose maximum error does not exceed 6% for Re < 1.5 x 10°. 

At Re = 1.5 10°, one can observe the “drag crisis” characterized by a sharp decrease in 
the drag coefficient; the boundary layer becomes more and more turbulent; the separation 
point shifts abruptly to the aft area. 

For Re > 1.7 x 10°, the drag coefficient can be calculated by the formulas 


28.18—5.3log,,Re for 1.7x 10° <Re<2x 10°, 
cf = 4 0.1log,) Re — 0.46 for 2x 10° <Re<5x 10°, 
0.19-4x 10*Re™ for 5x 10° < Re. 


E4.6.4. Translational Flow Past a Cylinder (the Plane Problem) 


In chemical technology and power engineering, equipment containing heat exchanging pipes 
and various cylindrical links immersed in a moving fluid is often used. The estimation of 
the hydrodynamic action on these elements is based on the solution of the plane problem 
on the flow past a cylinder. 


> Flow past a cylinder at low Reynolds numbers. Consider the translational flow of a 
viscous incompressible fluid with velocity U; about a circular cylinder of radius a. The drag 
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coefficient for a circular cylinder at low Reynolds numbers is calculated by the asymptotic 


formula F j 
Se AOSTA 
aU? p Re 
TE 7 (E4.6.4.1) 
ne (m2) „pes e 
Re u 


where F' is the force per unit length of the cylinder and p is the density of the fluid. 
Comparison with experimental data shows that formula (E4.6.4.1) can be used for 
0 < Re < 0.4. 


> Flow past a cylinder at moderate Reynolds numbers. According to experimental 
data, a nonseparating flow past a circular cylinder is realized at Re < 2.5. At such Reynolds 
numbers, one can use the following approximate formula for calculating the drag coefficient: 


cp = 5.65 Re®’*(1+0.26Re°**) for 0.05 < Re < 2.5; 


this formula was obtained from experimental and numerical results. 

If the Reynolds number becomes larger than the critical value Re = 2.5, then the vortex 
counterflow with closed streamlines arises near the rear point, that is, separation occurs. As 
the Reynolds number increases, the separation point gradually moves from the axis upward 
along the cylinder surface. The drag coefficient for a separated flow past a cylinder at 
moderate Reynolds numbers can be calculated by the empirical formulas 


cp = 5.65 x 107% (1 + 0.333 Re?) for 2.5 < Re <20, 
cp = 5.65 x 10% (1 +0.148 Re?) for 20 < Re < 200. 


> Flow past a cylinder at high Reynolds numbers. With further increase of Re, the 
rear vortices become longer and then alternative vortex separation occurs (the Kármán 
vortex street 1s formed). Simultaneously, the separation point moves closer to the equatorial 
section. The frequency 1% of vortex shedding from the rear area is an important characteristic 
of the flow past a cylinder. It can be determined from the empirical formula 


0.13 
f 


where St = ai; /U; is the Strouhal number. 

We also present another useful formula for the vortex separation frequency: ve = 
0.08 U; /b, where b is the half-width of the wake at the point of destruction. 

Starting from Re = 0.5 x 10°, one can speak of a developed hydrodynamic boundary 
layer. The flow remains laminar in a considerable part of this layer. If the Reynolds number 
varies in the range 0.5x 10° < Re < 0.5x10°, the separation point 6, of the laminar boundary 
layer gradually moves from 71.2° to 95°. 

For Re > 2000, the wake becomes totally turbulent at large distances from the body. 

The curve cf(Re) contains two straight-line segments (self-similarity areas), where the 
drag coefficient is practically constant, 


cp = 1.0 for 3x10*<Re<3x10°, 
cp = 1.1 for 4x10° < Re < 10°. 


In the intermediate region between these segments, the drag coefficient monotonically 
increases with Reynolds number. 
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N, 
wíl) = const 


Figure E4.5. Translational Stokes flow past a spherical drop. 


> Developed turbulence in the boundary layer on a cylinder. Developed turbulence 
within the boundary layer takes place at higher Reynolds numbers Re = 10% and is accompa- 
nied by the “drag crisis.” The cylinder drag first decreases sharply to cf =0.3 at Re =3.5x10° 
and then begins to increase and again enters the self-similar regime characterized by the 
constant value 

cq=0.9 for Re>5x 10°. 


E4.7. Spherical Drops and Bubbles in Translational Flow 


E4.7.1. Spherical Drops and Bubbles in Translational Stokes Flow 
(at Re — 0) 


> Flow past a spherical drop or bubble. Now consider a spherical drop of radius a in a 
translational Stokes flow of another fluid with velocity U; (Figure E4.5). We assume that 
the dynamic viscosities of the outer and inner fluids are equal to pz; and u2, respectively. 
The unknown variables outside and inside the drop are indicated by the superscripts (1) 
and (2), respectively. 

To obtain the velocity and pressure profiles for the fluid in each phase, we shall use the 
Stokes equations (E4.6.1.1). As previously, the condition that the flow is uniform far from 
the drop has the form (E4.6.2.2). 

Let us write out four conditions that must be satisfied on the boundary of a spherical 
drop. 

There is no flow across the interface: 


D y _ = 
Vè =V =0 a R=a. (E4.7.1.1) 
The tangential velocity is continuous across the interface: 
V =v" a R=a (E4.7.1.2) 


The normal stress jump across the interface is equal to the pressure increment due to 
interfacial tension: 


PY -2u = 4 = PË 9, — a. R=a, E4.7.1.3 
Hi 7 H-n a a ( ) 


where ø is the interfacial tension. 
The tangential stress is continuous across the interface: 


av yo av yo 
pa — +) = wal — +) at R=a. (E4.7.1.4) 


OR R OR R 
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We also use the boundedness of the solution at the drop center: 
Vio Rico, Ves) ali WSO. (E4.7.1.5) 


We introduce the stream function 1") in each of the phases (m = 1, 2) according to 
formulas (E4.6.1.2). Conditions (E4.7.1.1)-(E4.7.1.5) allow us to determine the constants 
in the general solutions (E4.7.1.5) inside and outside the drop. As a result, we obtain the 
Hadamard—Rybczynski solution 


2+30 a Bo aÑo 
vO- Ly R?(2- = — | sin’ 0 
4 se 1+8 TE ? 


U; REN . pa 
ya EE E =) 20. Bate 
4(1+8) a a 


(E4.7.1.6) 


By using formulas (E4.6.1.2), we calculate the velocity and the pressure outside the 


drop: 
2+ 2430 a B a? 
v =p, |1- 0, 
R | 20+) R" o 
2+305 a B a? 
oo e ae eae O, (E4.7.1.7) 
0 | A(1+B) R an |S 
U,a(2 + 3 Y 
pO=p0_ 4 a(2 +30) = | ta 
21+6) R pa 
The velocity and the pressure inside the drop are given by 
U; R? 
VS =-——__ | 1- — ]cos9, 
R al 7) es 
U; e 
yO = 1 1-2 | sinó, (E4.7.1.8) 
0 al sin 
põ- po n Su2U;iR cos 0 
a?(1 + 8) 
The constants p and pa in the expressions (E4.7.1.7) and (E4.7.1.8) for the pressure 
fields are related by 
2 
p@_ pO (E4.7.1.9) 
a 
The drag force acting on the spherical drop is 
2 3 
Ps (E4.7.1.10) 
Hı + H2 


As 3 = m/u1 — œ, Eq. (E4.7.1.10) becomes the Stokes formula (E4.6.2.5) for a solid 
particle. The passage to the limit as 6 — O corresponds to a gas bubble. 


> Steady-state motion of drops and bubbles in a fluid. Consider the problem of a 
steady-state motion of a spherical drop or bubble with velocity U; in a quiescent fluid. 
Since the Stokes equations are linear, the solution of this problem can be obtained from 
formulas (E4.7.1.7) and (E4.7.1.8) by adding the terms V R = —U; cos O and Vg = U; sin O, 
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which describe a translational flow with velocity U; in the direction opposite to the incoming 


flow. 
The drag coefficient for a drop is calculated by the formula 
F 4 /2+3 U; 
= = a ( 2 7). where Re = At (E4.7.1.11) 
+pU2ra? Re \ 1+8 Hı 


By equating the drag force F’ of the sphere with the difference tra’ gAp between the 
gravity and buoyancy forces, one can estimate the steady-state velocity of relative motion 
of phases (the velocity at which a spherical drop falls or rises) as 


ry = 290% Ap 1+ 
3 m AS 


(E4.7.1.12) 


where Ap is the difference between the densities of the outer and the inner fluid and g is 
the free fall acceleration. 

Relations (E4.7.1.11) and (E4.7.1.12) cover the entire range O < P < oo of the phase 
viscosity ratio. In the limit case O — oo, formulas (E4.7.1.11) and (E4.7.1.12) become 
formulas (E4.6.2.6) and (E4.6.2.7) for a solid spherical particle. In the other limit case 6 = 0 
corresponding to a spherical gas bubble in a highly viscous liquid, formulas (E4.7.1.11) and 
(E4.7.1.12) become 


o 8 B 1 ga*Ap 
Re?” 3 


(gas bubble). (E4.7.1.13) 


These formulas hold only for extremely pure liquids without any surfactants. 

It is known that even very small quantities of surfactants are adsorbed on the bubble 
surface and lead to its “solidification.” This results in eliminating internal circulation, and 
hence the bubble rises according to the Stokes law (E4.7.1.11) for solid particles. 


E4.7.2. Spherical Drops and Bubbles in Translational Flow at 
Various Reynolds Numbers 


> Bubble in a translational flow. For determining the drag coefficient of a spherical 
bubble in a translational flow in the entire range of Reynolds numbers, one can use the 


interpolation formula 

8 16 aU; 
—+=——, Re= ; F4.7.2.1 
Re Re+16 V \ 
where a is the bubble radius and y is the kinematic viscosity of the surrounding fluid. In both 
limit cases Re — 0 and Re — oo, formula (E4.7.2.1) gives correct asymptotic results; its 
maximum error for intermediate Reynolds numbers is less than 4.5%. The drag coefficient 
of a spherical bubble monotonically decreases as the Reynolds number increases. 


Cf = 


> Drop in a translational liquid flow. For the drag coefficient of a spherical drop in a 
translational flow at small Reynolds numbers, we have the two-term expansion 


3642 4 Re au; 
p al >). ne V 


— + 
Re 2 
where v is the kinematic viscosity of the fluid surrounding the drop. 


Cf ' (E4.7.2.2) 
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The spherical form of a drop or a bubble in a Stokes flow follows from the fact that the 
flow 1s inertia-free. However, even for the case in which the inertia forces dominate viscous 
forces and the Reynolds number cannot be considered small, the drop remains undeformed 
1f the inertia forces are small compared with the capillary forces. The ratio of inertial to 
capillary forces is measured by the Weber number We = p¡U*a/o, where ø is the surface 
tension at the drop boundary. For small We, a deformable drop will preserve the spherical 
form. 

At the end of Subsection E4.7.1, 1t was already noted that even a small amount of 
surfactants in any of the adjacent phases may lead to the “solidification” of the interface, so 
that the laws of flow around a drop become close to those for a solid particle. This effect 
often occurs in practice. 

The drag coefficient of a spherical drop can be determined by the formula 


1 
cr(6, Re) = FSi Re) + ace. Re). (E4.7.2.3) 


Here cf(0, Re) is the drag coefficient of the spherical bubble, which can be calculated by 
the formula (E4.7.2.1), and cf(oo, Re) is the drag coefficient of a solid spherical particle, 
which can be calculated by (E4.6.3.4). The approximate expression (E4.7.2.3) gives three 
correct terms of the expansion for small Reynolds numbers; for 0 < Re < 50, the maximum 
error is less than 5%. 


E4.8. Flow Past Nonspherical Particles 
E4.8.1. Translational Stokes Flow Past Ellipsoidal Particles 


The axisymmetric problem about a translational Stokes flow past an ellipsoidal particle 
admits an exact closed-form solution. In what follows, we present a brief summary of the 
corresponding results (see Happel & Brenner, 1965). 


> Oblate ellipsoid of revolution. Consider an oblate ellipsoid of revolution with semiaxes 
a and 6 (a > b) in a translational Stokes flow with velocity U;. We assume that the fluid 
viscosity is equal to u. 
We pass from the Cartesian coordinates X, Y, Z to the reference frame o, T, y fixed to 
the oblate ellipsoid of revolution by using the transformations 
X? =m7*(1+07)\(1-7’)cos*y, Y?=m(1+0041-15sintp Z=mor, 


where m= y a?-— b? (o 20, -1<7<1). 


As a result, the ellipsoid surface is given by a constant value of the coordinate o: 


F= di; where 00 = (a/b)? Z A 
Since the problem is axisymmetric, we introduce the stream function as 
1 Ow 1 Ow 
Vo = “A 9 Ma = ey 
m2/(1 + 02)\(a2 + 72) OT ma (1- 720? + 72) 90 
Then the Stokes equations (E4.6.1.1) are reduced to one equation for Y, which can be 


solved by the separation of variables. By satisfying the boundary condition for a uniform 
flow remote from the particle and the no-slip conditions at the particle boundary, we obtain 


1 (0? + Do — (0? - Do? + 1) arccot o 
Y= immu rr —- — S USYS 
2 T0 — (a6 — 1) arccot oo 
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In the similar problem on the motion of an oblate ellipsoid with velocity U; in a quiescent 
fluid, we have 


1 


2 2 2 
oźć + l)o —(0*% —1)(0~ + 1) arccot o 
Y = mua = er ce, 


5 (E4.8.1.1) 
ao — (09 — 1) arccot oo 


The force exerted on the ellipsoid by the fluid is 


8T UU; v a? — b? 


oe (o? — 1) arccot oo 


As dy — O, an oblate ellipsoid degenerates into an infinite thin disk of radius a. By 
passing to the limit in (E4.8.1.1), we can obtain the following expression for the stream 
function: 


1 
Y =-—a7U (1-7 [0 + (0° + 1) arccot o]. 
T 
The disk moving in the direction perpendicular to its plane with velocity U; in a quiescent 


fluid experiences the drag force 
F = 16uaU;, (E4.8.1.2) 


which is less than the force acting on a sphere of the same radius (for the sphere, we have 
F = 6r uaUi). Formula (E4.8.1.2) is confirmed by experimental data. 

> Prolate ellipsoid of revolution. To solve the corresponding problem about an ellipsoidal 
particle in a translational Stokes flow, we use the reference frame o, 7, (p fixed to the prolate 
ellipsoid of revolution. The transformation to the coordinates (o, 7, (p) is determined by the 
formulas 


Xx?*=m*(0?-D01-12%)c0s"p Y° =m(o -1X1 -r^ sin? yp, Z=mor, 
where m = y a?- b? (oc >1>72-1). 


Here, as previously, the larger semiaxis is denoted by a. In this case, the ellipsoid surface 
is given by the equation 


O = 00, where co = 11 z bJa]. 


The fluid velocity is given by 
B 1 OW V=- 1 oy 
m2. oa? — 1)\(o2 — 7?) OT d m?s /(1 - 120? — 7?) Oo 


in terms of the stream function 


Vo 


2 2 2 
1 o« + 1)(o~ — 1) arctanh o — (0 — 1)0 
Y =mU4-1) Din fn SADO OO 


(0 + 1) arctanh 09 — 00 


1 +1 
where arctanh g = — In 2 ; 


o—1 
In the problem about a prolate ellipsoid of revolution moving at a velocity U; in a 
quiescent fluid, the corresponding stream function has the form 


(0 + 1)(o7 — 1) arctanh o — (07 — Do 


1 
Y =-m*0,(11 -7?) 
2 (0 + 1) arctanh 07 — 00 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) 


Page 810 


Page 810 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 811 


E4.8. FLow PAST NONSPHERICAL PARTICLES 311 


Figure E4.6. Body of revolution in translational flow (arbitrary orientation) 


The drag force is calculated as 


8T Uv a? — b? 


7 (0 + 1) arctanh 09 — 00 


If a > b, then the prolate ellipsoid degenerates into a needle-like rod. In this case, the 
force acting on the needle of length a and radius b which moves in the direction of its axis 
at a velocity U; has the form 

An ual; 


~ In(a/b) + 0.193 ` 


E4.8.2. Translational Stokes Flow Past Bodies of Revolution 


Consider bodies of revolution of any shape with arbitrary orientation in a translational flow 
at low Reynolds numbers. We assume that the axis of the body of revolution forms an 
angle w with the direction of the fluid velocity at infinity (Figure E4.6). The unit vector i 
directed along the flow can be represented as the sum i = T cos w + n sin w, where T is the 
unit vector directed along the body axis and n the unit vector in the plane of rotation of the 
body. In the Stokes approximation, the drag force is given by the following expression in 
the general case: 

F = TH cosw+nf sinw, (E4.8.2.1) 


where F¡ and F} are the drag forces of the body of revolution for its parallel (w = 0) and 
perpendicular (w = 7/2) positions in the translational flow. 
The projection of the drag force onto the incoming flow direction is equal to the inner 
product 
(F -i) = Fy cos? w + F; sin? w. (E4.8.2.2) 


It follows from (E4.8.2.1) and (E4.8.2.2) that to calculate the drag force of a body of 
revolution of any shape with arbitrary orientation in a Stokes flow, it suffices to know the 
value of this force only for two special positions of the body in space. The “axial” (Fij) 
and “transversal” (F', ) drags can be obtained both theoretically and experimentally. In 
what follows, we present the expressions for Fj and F| for some bodies of revolution of 
nonspherical shape. 

For a thin circular disk of radius a, one has 


F) = loyal, Fps 3 wauj. 
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For a dumbbell-like particle consisting of two adjacent spheres of equal radius a, one 
has 
Fy = 127 pal; Aj, À| = 0.645, 
Fi = l2ruaUi à, AL = 0.716. 


In these formulas, the product 127 ualU; is equal to the sum of drag forces for two isolated 
spheres of radius a. 
For oblate ellipsoids of revolution with semiaxes a and b, one has 


Fy =3.77 (4a +b),  F, = 3.77 3a + 2b), (E4.8.2.3) 


where a is the equatorial radius (a > b). 
For prolate ellipsoids of revolution with semiaxes a and b, one has 


Fy =3.77(a+4b), Fi =3.77 (2a + 3b), (E4.8.2.4) 


where b is the equatorial radius (b > a). 

Formulas (E4.8.2.3) and (E4.8.2.4) are approximate. They work well for slightly 
deformed ellipsoids of revolution. In (E4.8.2.3), the maximum error is less than 6% for any 
ratio of the semiaxes. 


E4.8.3. Translational Stokes Flow Past Particles of Arbitrary Shape 


> Hydrodynamic force and angular momentum acting on a particle. A particle of 
arbitrary shape moving in an infinite fluid that is at rest at infinity 1s subject to the action of 
the hydrodynamic force and angular momentum due to its translational motion and rotation, 
respectively: 


F = (KU+Sw), (E4.8.3.1) 
M = (SU +9 w), (E4.8.3.2) 


where K, S, and Q are tensors of rank two depending on the particle geometry. 

The symmetric tensor K = [K;;] is called translational. It characterizes the drag of a 
body under translational motion and depends only on the size and shape of the body. In the 
principal axes, the translation tensor is reduced to the diagonal form 


Kı 0 0 
K=] 0 K 0j, (E4.8.3.3) 
0o 0 K;3 


where K1, K2, and K3 are the principal drags acting on the body as it moves along the major 
axes. For orthotropic bodies (with three symmetry planes orthogonal to each other), the 
principal axes of the translational tensor are perpendicular to the corresponding symmetry 
planes. For axisymmetric bodies,, one of the axes (say, the first) is a major axis, and 
K = K3. For a sphere of radius a, any three pairwise perpendicular axes are major, and 
Kk, = Ko = K3 = 62a. 

A symmetric tensor 9? is called a rotational tensor. It depends both on the shape and size 
of the particle and on the choice of the origin. The rotational tensor characterizes the drag 
under rotation of the body and has diagonal form with entries Q1, (22, (23 in the principal 
axes (the positions of the principal axes of the rotational and translational tensors in space 
are different). For axisymmetric bodies, one of the major axes (for instance, the first) is 
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parallel to the symmetry axis, and in this case (2, = (23. For a spherical particle, we have 
0) 7S = Oy: 

The tensor S is symmetric only at a point O unique for each body; this point is 
called the center of hydrodynamic reaction. This tensor is called the conjugate tensor 
and characterizes the combined reaction of the body under translational and rotational 
motion (the drag moment in the translational motion and the drag force in the rotational 
motion). For bodies with orthotropic, axial, or spherical symmetry, the conjugate tensor is 
zero. However, it 1s necessary to take this tensor into account for bodies with helicoidal 
symmetry (propeller-like bodies). 

In problems of gravity settling of particles, the translational tensor is most important. 


> Principal drags of some nonspherical bodies. 
For a thin circular disk of radius a, we have 


Ki=1l60, K,=%a, K3= a. (E4.8.3.4) 


For needle-like ellipsoids of length / and radius a, one has 


Anl Ar Anl 
ky = ———.._ ho. = ———~—.. 3 = — F4.8.3.5 
ae) In(1/a)— 1 : In(1/a) + 0.5 : In(1/a) + 0.5 ) 
For thin circular cylinders of length / and radius a, one has 
4rl 4rl Arl 
Kı di Ky 7 K; 7 (E4.8.3.6) 


~ In(/a) — 0.72” n/a) + 0.5” =1In(/a)+0.5' 
For a dumbbell-like particle consisting of two adjacent spheres of equal radius a, one 
has 


Kı =24.3a, K =27.0a, K3=27.0a. (E4.8.3.7) 


> Axisymmetric bodies of arbitrary shape. For axisymmetric bodies of arbitrary shape, 
we introduce the notion of perimeter-equivalent sphere. To this end, we project all points 
of the surface of the body on a plane perpendicular to its axis. The projection is a circle of 
radius a,. The perimeter-equivalent sphere has the same radius. 

We let cy denote the relative coefficient of the axial drag equal to the ratio of the axial 
drag of an axisymmetric body to the drag of a sphere with equivalent perimeter. The 
relative coefficients of transversal drag c, equal to the ratio of the transversal drag of 
an axisymmetric body to the drag of a sphere with equivalent perimeter are introduced 
similarly. 

Experimental data and numerical results for principal values of the translational tensor 
for some axisymmetric and orthotropic bodies (cylinders, doubled cones, parallelepipeds) 
are well approximated by the following dependence for the relative coefficient of the axial 
drag: 

Gj = 0.244 + 1.0355 -0.712 £? + 0.4415? — (04<%<1.2). 


The values of the perimeter-equivalent factor 2 are equal to the ratio of the surface area of 
the particle to the surface area of the perimeter-equivalent sphere. 
To determine the relative coefficients of transversal drag, one can use the formula 


Z, = 0.392 + 0.621 © — 0.04 »?, 


which is well consistent with experimental data for 0.5 < X < 4.5. 
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E4.8.4. Sedimentation of Isotropic and Nonisotropic Particles 


> Sedimentation of isotropic particles. The steady-state rate U; of particle settling 
in mass force fields, primarily, in the gravitational field, is an important hydrodynamic 
characteristic of processes in chemical technology such as settling and sedimentation. Any 
spherically isotropic body homogeneous with respect to density experiences the same drag 
under translational motion regardless of its orientation. Such a body is also isotropic with 
respect to any pair of forces that arise when it rotates around an arbitrary axis passing 
though its center. If at the initial time such a body has some orientation in fluid and can fall 
without initial rotation, then this body falls vertically without rotation, preserving its initial 
orientation. 

It is convenient to describe the free fall of nonspherical isotropic particles by using the 
sphericity parameter 


Se 
Vee 


where S, is the surface area of the particle and Se is the surface area of the volume-equivalent 
sphere. If the motion is slow, one can calculate the settling rate by the empirical formula 


2 QApaz 
ge o ey 
9 u 


where ae 1s the radius of the volume-equivalent sphere and 


Q = 0.843 In 2 


0.065 


We present some values of the sphericity factor 4 for some particles: sphere, 1.000; 
octahedron, 0.846; cube, 0.806; tetrahedron, 0.670. 


> Sedimentation of nonisotropic particles. Ifthe velocity of a spherical particle in Stokes 
settling is always codirected with the gravity force, even for homogeneous axisymmetric 
particles the velocity is directed vertically if and only if the vertical coincides with one of 
the principal axes of the translational tensor K. If the angle between the symmetry axis and 
the vertical is y, then the velocity direction is given by the angle 


0 + arctan K> tan 
= T + arc a , 
Ho" 


where Kı and K are the axial and transversal principal drags to the translational motion. 
The velocity 1s given by 


_ VApg 


U; (K? cos” 6 + K? sin? gy, 


where V is the particle volume. 

If the settling direction is not vertical, this means that a falling particle is subject to 
the action of a transverse force, which leads to its horizontal displacement. An additional 
complication is that the center of hydrodynamic reaction (including the buoyancy force) 
does not coincide with the particle center of mass. In this case, in addition to the translational 
motion, the particle is subject to rotation under the action of the arising moment of forces 
(e.g., the “somersault?” of a bullet with displaced center of mass ). For axisymmetric 
particles, this rotation stops when the system “the mass center + the reaction center” 
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becomes stable, that is, the mass center is ahead of the reaction center. In this case, the 
settling trajectory becomes stable and rectilinear. 

However, in the more general case of an asymmetric particle, the combined action of the 
lateral and rotational forces may lead to motion along a 3D (for instance, spiral, trajectory). 
At the same time, a steady-state settling trajectory with helicoidal (propeller-like) symmetry 
remains rectilinear, notwithstanding the body rotation. 

Two theorems are useful for estimating the steady-state rate of settling of Stokes non- 
spherical particles. One theorem, proved by Hill & Power (1956), states that the Stokes 
drag of an arbitrary body moving in a viscous fluid is larger than the Stokes drag of any 
inscribed body. Thus, to determine the upper and lower bounds for the Stokes drag of a 
body of an exotic shape, one can suggest a reasonable set of inscribed and circumscribed 
bodies with known drags. The other theorem, proved by Weinberger (1972), states that of 
all particles of different shape but equal volume, the spherical particle has the maximum 
Stokes settling rate. 


> Mean velocity of nonisotropic particles falling in a fluid. The mean flow rate velocity 
(U) of a particle, which is obtained in a large number of experiments when an arbitrarily 
oriented particle falls in a fluid, is determined for the Stokes flow by the formula: 


A 
Oe 225 (E4.8.4.1) 
uK 


where V is the particle volume, Ap is the difference between the densities of the particle 


and the fluid, g is the free fall acceleration, and K is the average drag expressed via the 
principal drags as 


1 1/1 1 1 
= = -| — + — +t — }. E4.8.4.2 
K 3 € 1 Ky a i 
The average drag force acting on an arbitrarily oriented particle falling in fluid is given 
by 
(F) = -u K (U). (E4.8.4.3) 
Formulas (E4.8.4.1)—(E4.8.4.3) are important in view of some problems of Brownian 
motion. E 
In the special case of a spherical particle, one must set V = ma? and K = 67a in 
(E4.8.4.1). 


Let us calculate the average drag for a thin disk of radius a. To this end, we substitute 
the principal drags (E4.8.3.4) into (E4.8.4.2). As a result, we obtain 


K = 12a. 


Substituting the coefficients K1, K2, and K3 from (E4.8.3.5)—-(E4.8.3.7) into (E4.8.4.2) 
and using (E4.8.4.1), one obtains the average settling rate for the above-mentioned non- 
spherical bodies. 


E4.8.5. Flow Past Nonspherical Particles at Various Reynolds 
Numbers 

The Stokes flow around particles of any shape is separation-free—that is, the stream lines 

come from infinity—bend round the body everywhere closely attaining the body surface, 


and return to infinity. However, for higher Reynolds numbers, separation occurs, which 
leads to wake formation behind the body. As the Reynolds number increases, the size of the 
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wake region (the wake length) grows differently for different bodies. With further increase 
in the Reynolds number, the wake becomes unsteady and completely turbulent and goes to 
infinity. The force action of the flow on the body is closely related to the wake size and state. 
The limit asymptotic cases of this action are the Stokes (as Re — 0) and the Newtonian (as 
Re — 00) regimes of flow. We have already considered the characteristics of the Stokes 
flow. The Newtonian regime of flow is characterized by the fact that the drag coefficient cf 
of the body is constant. 

In axial flow past disks, which are the limit cases of axisymmetric bodies of small length, 
the drag coefficients for the entire range of Reynolds numbers calculated with respect to 
the radius can be determined by approximate formulas, which agree well with numerical 
results and experimental data: 


cs = 10.2 Re! (1 + 0.318 Re) for Re < 0.005, 

cp = 10.2 Re“!(1 + 10°) for 0.005 < Re < 0.75, 
cp = 10.2 Re” (1+0.239Re072, for 0.75 < Re < 66.5, 
cp = 1.17 for Re> 66.5, 


where s = —0.61 + 0.906 log ¡, Re — 0.025 (log ¡, Re)’. 
The steady-state settling rate of a particle of an arbitrary shape (for Newtonian regime 
of a flow at high Reynolds numbers) can be obtained by the formula 


U = 0.691% {gae(y—1)1.08—wW)]'? for 1.1<y<8.56, 


where y is the particle-fluid density ratio, a. is the radius of the volume-equivalent sphere, 
and w is the ratio of the area of the volume-equivalent sphere to the particle surface area. 


E4.9. Motion of Several Particles. Effective Viscosity of 
Suspensions 


The motion of a particle in infinite fluid creates some velocity and pressure fields. Neigh- 
boring particles move in already perturbed hydrodynamic fields. Simultaneously, the first 
particle itself experiences hydrodynamic interaction with the neighboring particles and 
neighboring moving or fixed surfaces. Since in a majority of actual disperse systems, the 
existence of an ensemble of particles and the apparatus walls is inevitable, the consideration 
of the hydrodynamic interaction between these objects is very important. One method for 
obtaining the required information about the interaction is based on the construction of ex- 
act closed-form solutions. However, even within the framework of Stokes hydrodynamics, 
to describe the motion of an ensemble of particles is a very complicated problem, which 
admits an exact closed-form solution only in exceptional cases. 


E4.9.1. Motion of Two Spheres. Gravitational Sedimentation of 
Several Spheres 


> Motion of two spheres along a line passing through their centers. Consider the 
axisymmetric problem about the motion of two spheres at the same velocity U. In the 
Stokes approximation, the force acting on each of the spheres is described by the formula 


F = 6ruaU A, (E4.9.1.1) 
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where a is the sphere radius and A is the correction coefficient depending on the radii and 
the distance l between the centers of the spheres. In the case of spheres of equal radii, the 
expression for A has the form 


A = n(n +1) 4 sinh*[(n + 5)k] —(2n + 1)? sinh? k 
A= — sinh k y SS A A 
3 a (Qn —-—1)(2n + 3) 2 sinh[(2n + 1)k] + Qn + 1) sinh 2k 


where k = In| $(I/a) + /40/0P—1 |: 


For numerical calculations, it is convenient to use the approximate formula 


\ (E4.9.1.2) 


0.884 +1 


= ——___ E4.9.1. 
2.5a+l” a) 


whose maximal error is less than 1.3% for any a and l. 
Since A < 1, it follows from (E4.9.1.1) that the velocity of the steady-state motion of 
each of the spheres in the ensemble is greater than the velocity of a single sphere. 


> Gravitational sedimentation of several spheres. Some relations between the drag 
force F’ and the sedimentation velocity U averaged with respect to various orientations 
of particles of equal radius in space were obtained by Happel & Brenner (1965). It was 
assumed that the maximum distance | between the sphere centers is much larger than their 
radius a. In all considered cases, the drag force is described by formula (E4.9.1.1), where 
A is the correction coefficient depending on the configuration of the system of particles. 
In what follows, we write out the correction coefficient for some typical configurations of 
particles. 
For a system of two spheres, one has 


2 
TIO 


For a system of three spheres arranged in a line, 
3 
1+ BaD- Ea 
For a system of four spheres arranged in a line, 
4 
14 BaD- 20/02 
For a system of four spheres arranged in vertices of a square, 


a 4 
-1+2.7(a/1)-0.04(a/1?' 


For a system of eight spheres arranged in vertices of a cube, 


7 8 
-1+5.7(a/1)-0.34(a/1?' 
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E4.9.2. Rate of Suspension Precipitation. Effective Viscosity of 
Suspensions 


> Cellular model. Rate of suspension precipitation. The two-phase media with large 
number of particles are described by a widely used approximate model, namely, the cell 
model. To each particle of the disperse phase, this model assigns the corresponding volume 
of the free liquid. Thus, the entire suspension (or emulsion) is divided into a collection of 
spherical cells of radius b whose centers coincide with the centers of particles of radius a. 
The geometric parameters of these cells are related to the volume concentration @ of the 
disperse phase as follows: 


page 


The definition of a particle velocity U determines the axial symmetry of the problem, 
which is convenient to consider in spherical coordinates. In the Stokes approximation, the 
general solution of such a problem is determined by formula (E4.6.1.4), where arbitrary 
constants must be determined from the conditions that the solution is bounded at infinity 
and the velocity is known on the particle surface and from some other conditions on the cell 
boundary (for R = b). The condition that the normal velocity on this boundary is zero—that 
is, there is no flow across the cell —i1s undoubtedly obvious. The second condition, which 
is necessary for the complete identification of the solution, leads to different opinions. 
Cunningham postulated that the tangential velocity is zero, thus considering a cell as a 
container with rigid boundary. Happel proposed to use the condition that the tangential 
stress is zero, thus postulating that the cell 1s an isolated force unit (is in equilibrium under 
the action of forces). Kuwabara proposed to use the condition that the vortex intensity is 
zero on the cell boundary. Finally, Slobodov and Chepura assumed that the vortex intensity 
flux vanishes on the cell boundary. 

The choice of the boundary condition essentially determines the model of force inter- 
action between the particle at the center of the cell and the other particles. The steady-state 
velocities of the gravitational sedimentation in suspensions obtained with the help of cell 
models were compared with numerous experimental data and it was shown that the most 
precise results can be obtained by using the Slobodov—Chepura model. This model, under 
the assumption that the particle at the cell center is a drop of a liquid with different viscos- 
ity, leads to formula (E4.9.1.1) for the drag forces, where the correction coefficient can be 
calculated as 


B+3 [2 
A= Aa AAA ay 
LS pt OA l= A ROT) pa 
As $6 — 0 and P — oo, we have A — 1, which corresponds to the Stokes drag law. 


> Effective viscosity of suspensions. Suspensions of particles in fluid are widely used in 
various processes of chemical technology. If the dimensions of particles in the suspension 
are essentially smaller than those of the apparatus, then one can consider the suspension as 
some continuous medium with properties other than properties of the disperse phase. 

Very often, this medium remains Newtonian from the viewpoint of its rheological 
properties, but the viscosity of this medium is somewhat larger than that of the continuous 
phase. This viscosity Hef is called the effective viscosity. In practice, it is convenient to 
relate the effective viscosity to the viscosity jz of the continuous phase and consider the 
dimensionless effective viscosity fi = Hef / H. 

The value y depends primarily on the volume concentration of the disperse phase œ. 
The well-known Einstein formula 


i=1+2.5¢, (E4.9.2.1) 
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holds for strongly rarefied suspensions of solid spherical particles. 
For 0 < 9 < 0.4, the results of experimental and numerical calculations are well approx- 
imated by the formula 
=14+2.596412.5¢", 


which becomes the Einstein formula (E4.9.2.1) as $ — 0. 
The dimensionless effective viscosity of a rarefied emulsion of spherical drops and 
bubbles moving in a fluid can be determined by the formula 


50+2 
p=1+ = z Q, (E4.9.2.2) 


where 6 is the ratio of the drop viscosity to the fluid viscosity. By passing to the limit 
as O — œ in (E4.9.2.2), one obtains the Einstein formula (E4.9.2.1). The value 6 = 0 
corresponds to gas bubbles. 
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Chapter E5 
Mass and Heat Transfer 


E5.1. Convective Mass and Heat Transfer. Equations and 
Boundary Conditions 
E5.1.1. Mass and Heat Transfer in Laminar Flows 


> Mass concentration. So far, we have considered the motion of fluids of homogeneous 
physical and chemical composition. In practice, one often meets more complicated situa- 
tions in which the fluid contains dissolved substances (contaminants or reactants) and is a 
solution or a mixture. 

Water solutions of common salt or sugar and water-alcohol mixtures are the simplest 
examples of such systems. 

The composition of solutions and mixtures is usually characterized by the mass density 
of the substance (the mass of dissolved substance per unit volume) or the dimensionless 
mass concentration C (the ratio of the mass density of a substance to the total density of the 
mixture). The latter is normally used in this chapter; for brevity, we refer to it simply as the 
concentration. 


> Convective mass transfer equation. Let us write out the main equations and boundary 
conditions used in the mathematical statement of mass transfer and chemical hydrodynamic 
problems. We assume that the medium density and viscosity are independent of the 
concentration and that the concentration distribution does not affect the flow field. This 
allows one to analyze the hydrodynamic problem about the fluid motion and the diffusion 
problem of finding the concentration field independently. It is assumed that the information 
about the fluid velocity field necessary for the solution of the diffusion problem is known. 
We also assume that the diffusion coefficient is independent of the concentration. For 
simplicity, we restrict our considerations to the case of two-component solutions. 

In Cartesian coordinates X, Y, Z, the solute transfer in absence of homogeneous trans- 
formations is described by the equation 


at a eas ne a, See ee E5.1.1.1 
2% ad á OX2 ƏY? 92? l ) 


oC OC OC OC eC FC oC 

Ot OX OY OZ 
where ČC is the concentration, D is the diffusion coefficient, and Vx, Vy, and Vz are the 
fluid velocity components, which are assumed to be given. 

Equation (E5.1.1.1) reflects the fact that the transfer of a substance in a moving medium 
is due to two distinct physical mechanisms. First, there is molecular diffusion due to 
concentration difference in a liquid or gas, which tends to equalize the concentrations. 
Second, the solute is carried along by the moving medium. The combination of these two 
processes is usually called convective diffusion. 


> Initial condition and the simplest boundary conditions. To complete the statement 
of the problem, it is necessary to supplement equation (E5.1.1.1) with initial and boundary 
conditions. As the initial condition, one usually takes the concentration profile in the flow 
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at time t = 0. The boundary conditions are, as a rule, given on some surface and far from it, 
in the bulk of the solution. The latter condition corresponds to prescribing the unperturbed 
concentration Cj at infinity: 

E, >0, CHG, (E5.1.1.2) 


where £, is the distance measured along the normal to the surface. 
In solid dissolution problems, it is usually assumed in the boundary conditions that the 
concentration is zero in the bulk of the fluid, Ci = 0, and constant on the crystal surface, 


Ey =0, C=Cs, (E5.1.1.3) 


where C, is given. The boundary conditions (E5.1.1.2) (with Ci = 0) and (E5.1.1.3) are 
also used in liquid drop evaporation problems. 

The boundary conditions on a surface where a chemical reaction occurs depend on the 
specific physical statement of the problem. In the special case of an “infinitely rapid” 
heterogeneous chemical reaction, the corresponding boundary condition has the form 


Ex =0, C=0 (E5.1.1.4) 


and means that the reagent is completely taken up in the reaction on the interface. Such 
a situation is often called the diffusion regime of reaction. Condition (E5.1.1.4) has the 
following meaning: the chemical reaction on the interface proceeds vigorously, so that all 
the substance that approaches the interface takes part in the reaction. Note that condition 
(E5.1.1.4) is a special case of (E5.1.1.3) for C, = 0. 


> Dimensionless mass transfer equation and boundary conditions. Let us introduce 
a characteristic length a (for example, the particle or tube radius) and a characteristic 
velocity U (for example, the unperturbed flow velocity far from a particle or the fluid 
velocity on the tube axis). First, consider the boundary conditions (E5.1.1.2) and (E5.1.1.3). 
Then it is convenient to rewrite equation (E5.1.1.1) for the convective mass transfer in the 
following dimensionless form. We introduce dimensionless variables by setting 


Dt X yY Z es 
—, Y 


T = > a na da E=- 
a 
, Vy i Y, i i E (E5.1.1.5) 
=P = Ma? 2 = ae 9 C= 
U il U U Ci ES Cs 
and substitute them into (E5.1.1.1). As a result, we obtain 
Oc Oc Oc Oc Oc Oc Oc 
— +Pe | vr + vy +Ver | = ++. E5.1.1.6 
ar (» ax YOy 3 ðr? Oy a l i 


Here the Peclet number Pe = aU /D is a dimensionless parameter characterizing the ratio 
of convective transfer to diffusion transfer and a is a characteristic length (tube radius, film 
thickness, etc.). 
In the new variables (E5.1.1.5), the boundary condition far from the surface (E3.1.1.2) 
has the form 
E=>o00, c— 0. (E5.1.1.7) 


In a similar way, taking into account (E5.1.1.3) and (E5.1.1.5), we obtain the boundary 
condition 
ESO. «cH: (E5.1.1.8) 
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For brevity, we rewrite the convective diffusion equation (E5.1.1.6) in the following 
frequently used form: 


+ Pe (v:V)c= Ac (E5.1.19) 
. 


where V is the Hamilton operator and A is the Laplace operator; the explicit form of these op- 
erators in the Cartesian coordinates x, y, z follows by comparing (E5.1.1.6) and (E5.1.1.9). 


> Heat transfer equation. Boundary conditions. We assume that the medium density 
and viscosity and the thermal conductivity coefficient are independent of temperature and 
that the temperature distribution does not affect the flow field. This allows one to analyze 
the hydrodynamic problem about the fluid motion and the heat problem of finding the 
temperature field independently. Itis assumed that the information about the fluid velocity 
field necessary for the solution of the heat problem is known. 

The equation of heat transfer in a moving medium is similar to the convective diffusion 
equation (E5.1.1.1) and has the form 


2 2 2 
OT, or, OT, OL, -x (E T; ME 1): (ES.1.1.10) 
OX* ƏY? dz? 

where T7, is temperature and y is the thermal diffusivity. The dissipative heating of fluid is 
neglected in Eq. (E5.1.1.10). 

For nonstationary problems, the temperature distribution in the flow at the initial instant 
of time must be given. 

Far from the surface, one usually has the condition that temperature is constant in the 
flow region: 
C300, “daa ES (E5.1.1.11) 


For body—medium heat exchange problems, if constant temperature is maintained on 
the body surface, the second boundary condition is 


é,=0, LRL. (E5.1.1.12) 


_ xt X Ys Z aU 
Pa RN AA A Pepa ==; 
a 
E5.1.1.1 
ees P » 2 ie oe °) 
ee E E E E e 
one can rewrite Eq. (E5.1.1.10) and the boundary conditions (E5.1.1.11) and (E5.1.1.12) in 
the form 
OT 
ae rer (v-V)T=AT; (E5.1.1.14) 
= 
Eso, T= 0; CS. TL (E5.1.1.15) 


Obviously, from the mathematical viewpoint, the problem for equation (E5.1.1.14) with 
conditions (E5.1.1.15) describing the body—medium heat exchange is identical to problem 
(E5.1.1.6)-(E5.1.1.8) describing the flow—particle mass exchange in the case of a diffusion 
regime of reaction on the particle surface. By virtue of this analogy, in what follows we 
usually consider only mass transfer problems. 
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E5.1.2. Basic Dimensionless Parameters. Diffusion Fluxes and the 
Sherwood Number 


> Basic dimensionless parameters. The diffusion and thermal Peclet numbers in the 
convective mass and heat transfer equations (E5.1.1.6) and (E5.1.1.14) are related to the 
Reynolds number Re = aU/v (where v is the kinematic viscosity of the fluid) on the 
right-hand side in the Navier-Stokes equations (1.1.12) by the formulas 


Pe = ReSc, Per = RePr. (E5.1.2.1) 


Here the Schmidt number Sc = v/D and the Prandtl number Pr = v/x are dimensionless 
values depending only on the physical properties of the continuous phase. 

For ordinary gases, the diffusion coefficient and the kinematic viscosity are of the same 
order of magnitude, which corresponds to Schmidt numbers of the order of one (Sc ~ 1). 

For ordinary liquids like water, the kinematic viscosity is several orders of magnitude 
larger than the diffusion coefficient (Sc ~ 10%). In extremely viscous liquids like glycerin, 
the Schmidt number is of the order of 10°. 

The range of the Prandtl number is narrower than that of the Schmidt number. In gases 
such as air, Pr ~ 1, and in liquids like water, Pr ~ 10. In extremely viscous liquids like 
glycerin, the Prandtl number is of the order of 10°. Liquid metals (sodium, lithium, mercury, 
etc.) are characterized by low Prandtl numbers: 5 x 107% < Pr < 5 x 10°. 

The Reynolds number Re = aU /v is not a physical constant of a medium and depends 
on geometric and kinematic factors. Therefore, the range of variation of this number may 
be arbitrary. 

It follows from the considered examples and relation (E5.1.2.1) that the Peclet numbers 
in problems of physicochemical hydrodynamics can vary in a wide range. 

Since diffusion processes in fluids are characterized by very large Schmidt numbers, we 
point out that the Peclet number in convective mass transfer problems in fluid media is also 
large even for low Reynolds numbers at which the Stokes flow law applies (for a creeping 
flow). 


> Local and total diffusion fluxes and the Sherwood number. A local (or differential) 
diffusion flux of a solute to the surface is determined by 


h= Do =) (ES.1.2.2) 


and in general varies along the surface. 
The total (or integral) diffusion flux can be obtained by integrating (E5.1.2.2) over the 


entire surface S, 
lps /I Jodo. (E5.1.2.3) 
S 


The total diffusion flux J, is the amount of substance that reacts on the entire surface 
per unit time. 

In mass transfer problems with the boundary conditions (E5.1.1.2) and (E5.1.1.3), one 
often replaces (E5.1.2.2) and (E5.1.2.3) by the dimensionless diffusion fluxes 


OJ x I, 


IE SAA E5.1.2.4 
DIC =0N DANCE 


J 


For the diffusion regime of reaction, which corresponds to the boundary conditions 
(E5.1.1.2) and (E5.1.1.4), as well as for the finite rate of surface chemical reaction in 
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the case of the boundary conditions (E5.1.1.2) and (E5.1.1.5), one should set C, = O in 
(E5.1.2.4). 
The main quantity of practical interest is the mean Sherwood number 


oh=— (E5.1.2.5) 


where S = S,,/ a? is the dimensionless surface area and S, is the corresponding dimensional 
area. 

The calculation of the diffusion fluxes and the mean Sherwood number is usually carried 
out in three steps. First, the convective mass transfer problem is solved and the concentration 
field is determined. Second, the normal derivative (OC /O€ +) £,=q On the surface 1s evaluated. 


Finally, one applies formulas (E5.1.2.2)—(E5.1.2.5). 

For brevity, throughout the book (where it cannot lead to a misunderstanding) we use 
the terms “concentration” and “diffusion flux” instead of “dimensionless concentration” 
and “dimensionless diffusion flux.” 


E5.1.3. Mass and Heat Transfer in Turbulent Flows 


> Equation of mass and heat transfer. When mathematically describing the transfer of 
a passive admixture in a turbulent flow, the admixture concentration and the fluid velocity 
components are represented as 


C=C+C’, Vi=VitV,, (E5.1.3.1) 


where the bar and prime denote the time-average and fluctuating components, respectively. 


The averages of the fluctuations are zero, C’ = V/ = 0. 

The introduction of the average and fluctuating components by relations (E5.1.3.1) 
followed by the application of the averaging operation made it possible, under some as- 
sumptions, to obtain the following equation for the average concentration of the admixture 
from Eq. (E5.1.1.1): 


OC == — —— 
ae +(V-V)C = DAC+V-(C’'V’). (E5.1,3,2) 
Here —C’V’ is the turbulent (eddy) flux of the admixture. This vector can be determined 
using some closure hypothesis, based, as a rule, on empirical information. 
By analogy with Boussinesq’s ideas about transfer of momentum, it is often assumed 
for transfer of a substance that 


-C'V' = D- VC, (ES.1.3.3) 
where D, is the turbulent diffusion tensor. 


> Turbulent Prandtl number. In a number of problems, it is important to know, as a rule, 
only one component of turbulent transfer, namely, the component normal to the wall. In this 
case, the turbulent diffusion strength is characterized by a single scalar quantity D;, just as 
the intensity of turbulent transfer of momentum is characterized by a single scalar quantity 1. 
The ratio of the turbulent viscosity coefficient to the turbulent diffusion coefficient, 


(E5.1.3.4) 


is referred to as the turbulent Prandtl (Schmidt) number. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 825 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 826 


826 MASS AND HEAT TRANSFER 


The simplest way to close equation (E5.1.3.2) is to use the hypothesis that the turbu- 
lent Prandtl number for the process examined is constant. Then it readily follows from 
formula (E5.1.3.4) that the turbulent diffusion coefficient is proportional to the turbulent 
viscosity, D; = 4%/Pr;. By using the expression for m borrowed from the corresponding 
hydrodynamic model, one can obtain the desired value of D;. In particular, following 
Prandtl’s or von Kármán's model, one can use formula (1.1.21) or (1.1.22) for 1. 

For a long time, it was assumed without sufficient justification that Pr, = 1. With this 
value of Pr,, the mechanism of turbulent transfer of momentum turns out to be identical to 
that of any passive scalar substance (the Reynolds analogy). According to up-to-date knowl- 
edge, the Reynolds analogy can be used in some cases for rough estimation of parameters of 
real flows, but the scope of the predicted results is highly restricted. The turbulent Prandtl 
number, as well as 1, and D,, depends on physical, geometric, and kinematic properties of 
the turbulent flow. For wall flows, numerous experimental measurements available give the 
value 

Pr, = 0.85. (E5.1.3.5) 


For jet flows and mixing layers, there are various estimates for Pr; ranging from 0.5 to 0.75. 
These estimates are helpful for approximate calculations of turbulent heat and mass transfer 
and can be used for closing equation (E5.1.3.2). 


E5.2. Mass Transfer in Liquid Films 
E5.2.1. Mass Exchange Between Gases and Liquid Films 


> Statement of the problem. Dissolution of gases in flowing liquid films is one of 
the most important methods for dissolving gases, which is widely used in technology. 
Film absorbers with irrigated walls are used for obtaining water solutions of gases (e.g., 
absorption of HCl vapor by water), for separating gas mixtures (e.g., absorption of benzene 
in the cake and by-product process), for purifying gases from detrimental effluents (e.g., 
purification of coke-oven from H25), etc. 

Let us consider the absorption of weakly soluble gases on the free surface of a liquid 
film in a laminar flow on an inclined plane. It follows from the results of Section E4.3 
that for moderate velocities of motion, the steady-state distribution of the velocity inside 
the film has the form of a semiparabola with maximum velocity Umax on the free surface, 
which is one and a half the mean flow velocity (V): 


3 he a 
Ce a) = — sin a. 


Here g is the gravitational acceleration, a the angle between the plane and the horizon, and 
h the film thickness, given by the expression 


2 1/3 
h = (= Re) : 
g 


where Re = Q /v is the Reynolds number and Q is the irrigation density (that is, the volume 
rate flow of the liquid per unit width of the film). 
The liquid velocity inside the film has a parabolic profile and is given by the formula 


V = Umax(1 — y^), y = Y/h, 


where the Y -axis is normal to the film surface (Figure E4.3). 
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Assume that in the cross-section X = 0 the fluid flow contacts with a gas, so that a 
constant concentration C = C, of the absorbed component is attained on the free boundary 
(Y = 0), while no solute is contained in the irrigating liquid. Furthermore, we assume that 
there is no flow across the wall. We restrict ourselves to the case of high Peclet numbers, 
so that one can ignore the molecular diffusion along the film. 

It follows from these assumptions that the concentration distribution inside the film is 
described by the equation and the boundary conditions 


Oc 1 Oc 
LY IÓ = ——; E5.2.1.1 
A Pa Bye i l 
TEN -c=0 (0<y<l); (E5.2.1.2) 
y=0. c=sl (x > 0); (E5.2.1.3) 
y=1, 0c/0y=0 (x>0), (E5.2.1.4) 
where the following dimensionless variables have been used: 
X y C RU max 
==—, ==, c=—, Pe= ; E5215 
¡di D 


Note that for small x < O(Pe aj, near the input section one should consider the 
complete mass transfer equation with the term 0*c/0y? replaced by Ac. 


> Diffusion boundary layer approximation. For x = O(1), the concentration mostly 
varies on the initial interval in a thin diffusion boundary layer near the free boundary of the 
film. In this region, we expand the transverse coordinate according to the rule 


y =C/vVPe. (E5.2.1.6) 


By substituting (E5.2.1.6) into (E5.2.1.1) and by passing to the limit as Pe — oo (it is 
assumed that the variables x and Ç and the corresponding derivatives are of the order of 1), 
we obtain the equation 

dc Oe 

— = —. E5247 

Ox OC 

In view of (E5.2.1.6), the distance to the wall determined by the coordinate y = 1 

corresponds to ( = yv Pe. Therefore, as Pe > oo, the value y = 1 in the boundary condition 
(E5.2.1.4) corresponds to ¢ — oo. This implies that we can rewrite the boundary conditions 
(E5.2.1.2)-(E5.2.1.4) as follows: 


x=0, c=0; CS0. tea is C= oœ, c/o — 0. (E5.2.1.8) 
The solution of problem (E5.2.1.7), (E5.2.1.8) is given by the formula 


7) 
c=erfc | —— |, E5.2.1.9 
G VA ( ) 
where erfc z = — / exp(=t?) dt 1s the complementary error function. 
T 


By differentiating (E5.2.1.9), we obtain the dimensionless local diffusion flux to the 


film surface: 1/2 
== (5) = (=) (E5.2.1.10) 
Əy J y0 TL 
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TABLE E5.1 
The eigenvalues Am and the coefficients Am in the expansion of the solution (E5.2.1.12) for 
the concentration distribution inside the film with gas absorption on the film surface. 


22.3181 
26.3197 


30.3209 


; 34.3219 
18.3159 . 38.3227 


The dimensionless total diffusion flux on the part of the film lying in the interval from 0 


to x 1s equal to 
* Pe y!” 
r= | jdo=2 (La) l (E5.2.1.11) 
0 TE 


Formulas (E5.2.1.10) and (E5.2.1.11) cannot be used for sufficiently large x, where the 
diffusion boundary layer “grows” through the entire film. To estimate the scope of these 
formulas, consider the original problem (E5.2.1.1)—CE5.2.1.4). 


> Exact solution. For 0 < x < oo, the exact solution of problem (E3.2.1.1)-(E3.2.1.4) can 
be represented in the form of the series 


e=1= y Am Exp (pes) Hm(Y), (E5.2.1.12) 


m=0 


where the functions Hm(y) and the coefficients Am and Am are independent of the Peclet 
number. The functions Hm(y) are defined by the formulas 


Hmly) = yexp (Amy) 9 (am +5, 3; Amy), Gm =z —Am), (E5.2.1.13) 


1 -1 
where (a,b, £) = 1 + >> bah a ee is the degenerate hypergeometric 


function. The eigenvalues oe can be found by solving the transcendental equation 


Am® (am +5, $3 Am) - (am +4, 4; Am) = 9, 


and the coefficients Am are computed by the formulas 


1 
| ta iOi 
AS, WE Mal (E5.2.1.14) 


| (1 y YH, (y) dy 
0 

Table E5.1 contains the first ten eigenvalues Am and the coefficients Am calculated by 
Rotem & Neilson (1966). 


Taking into account (E5.2.1.12), we obtain the dimensional total diffusion flux to the 
part of the film boundary from 0 to x in the form 


OC Xe 
r=- | Car), e = o) nn (= dy T exp pes). (E5.2.1.15) 
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The substitution of the function (E5.2.1.13) into (E5.2.1.15) yields 
Ave Ne 
dd es exp Ol 


The comparison of this formula with (E5.2.1.11) shows that the diffusion boundary layer 
approximation can be used in the region x < 0.1 Pe. 


E5.2.2. Dissolution of a Plate by a Laminar Liquid Film 


> Statement of the problem. Now consider mass transfer from a solid wall to a liquid film 
at high Peclet numbers. Such a problem is of serious interest in dissolution, crystallization, 
corrosion, anodic dissolution of metals in some electrochemical processes, etc. In many 
practical cases, dissolution processes are rather rapid compared with diffusion. Therefore, 
we assume that the concentration on the plate surface is equal to the constant C, and the 
incoming liquid is pure. As before, we introduce dimensionless variables according to 
formulas (E5.2.1.5). In this case, the convective mass transfer in the liquid film is described 
by Eq. (E5.2.1.1), the boundary condition (E5.2.1.2) imposed on the longitudinal variable z, 
and the following boundary conditions with respect to the transverse coordinate: 


y = 0, Ca O (x>0); (ES.2.2.1) 
Oy 
y=1, c=1 (x>0). (E5.2.2.2) 


Although this problem differs from the previously studied problem (E5.2.1.1)—CE5.2.1.4) 
only by a rearrangement of the boundary conditions (E5.2.1.3) and (E5.2.1.4), there is a 
substantial difference in the solutions of these problems. 


> Diffusion boundary layer approximation. The concentration mostly varies on the 
initial interval x = O(1), that is, in the diffusion boundary layer near the film surface. In this 
region, the asymptotic solution can be obtained by substituting the expanded coordinate 


E = (1-y)Pe'* (E5.2.2.3) 


into Eq. (E5.2.1.1) and by taking the leading term of the concentration expansion as Pe — oo. 
As a result, we arrive at the diffusion boundary layer equation 


(E5.2.2.4) 


By analogy with the already considered problem about gas absorption on the film 
surface, using (E5.2.1.2), (E5.2.2.1), and (E5.2.2.2), we obtain the boundary conditions 
for Eq. (E5.2.2.4), which coincide with (E5.2.1.8) up to the replacement € — Ç. The 
corresponding problem has the solution 


1 l 26 


where I(1/3, z) is the incomplete gamma function (see Section M13.4). 
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By differentiating (E5.2.2.5), we calculate the dimensionless local diffusion flux 


1/3 Pel/3 Pe!/3 
6 oS eee (E5.2.2.6) 


5 r(1/3) 21/3 1/3 


The corresponding dimensionless total diffusion flux to the film boundary is 
I= / j dx = 1.02 Pel/3 77/3, (E5.2.2.7) 
0 


By comparing formulas (E3.2.1.9)(E3.2.1.11) with (E5.2.2.5)—-(E5.2.2.7), we see that 
for x ~ 1 the thickness of the diffusion boundary layer near the free surface of the film, 
ðo ~ Perl? is considerably less than that of the boundary layer near the solid surface, 
Osol ~ Peri, Accordingly, the diffusion flux to the free surface is larger than that to the 
solid surface. Moreover, the diffusion flux decreases more rapidly on the free surface than 
on the solid boundary with the increase of the distance from the input cross-section. These 
effects are due to the fact that the fluid moves much more rapidly near the free surface than 
near the solid boundary, where the no-slip condition is satisfied. 

All facts established for a fluid film remain valid for a majority of problems on the dif- 
fusion boundary layer. Namely, near a gas—fluid or fluid—fluid interface, the dimensionless 
thickness of the layer is proportional to Pe"? (for the diffusion flux we have j ~ Pe!/?), 
and near the fluid-solid interface the thickness of the boundary layer is proportional to 


Pe1/% (the diffusion flux is j ~ Pe!/3). 
> Exact solution. The exact solution of the problem for equation (E5.2.1.1) with condi- 
tions (E5.2.1.2), (E5.2.2.1), and (E5.2.2.2) in the entire region 0 < x < co can be represented 


in the form of the series (E5.2.1.12), where the eigenfunctions Hm(y) are expressed via the 
hypergeometric functions by the formulas 


Hin(y) = exp (Amy) ® (4-ÍAm, 4; Amy?) (E5.2.2.8) 


and the transcendental equation for the eigenvalues Am 18 
® (am, 434m) =0, where an = 4- 4m. (E5.2.2.9) 


The roots of Eq. (E5.2.2.9) are positive and increase monotonically, so that Am — 00 
as m — oo. To determine the eigenvalues Am, one can use the approximate formula 


Am = 4m + 1.68 (MED: Ts. Ze. eho) (E5.2.2.10) 


whose error is less than 0.2%. 

As before, the coefficients Am in the series (E5.2.1.12) are determined by (E5.2.1.14), 
where the eigenfunctions H,,(y) are given in (E5.2.2.8). To compute the coefficients Am, 
one can use the approximate formulas 

Ap = 1.2; Am=2276DPANÉ for m=1, 2, 3,..., (E5.2.2.11) 
where the Am are given in (E5.2.2.10). The maximum error of (E5.2.2.11) is less than 0.1%. 
The total diffusion flux on the film surface is given by (E5.2.1.15) with (dH, /dy),=0 


replaced by (dH,,/dy),=-1. One can use the expressions (E5.2.2.8), (E5.2.2.10), and 
(E5.2.2.11) for calculating the eigenfunctions H,, (y) and the numbers Am and Am. 
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E5.3. Heat Transfer to a Flat Plate 
E5.3.1. Heat Transfer in Laminar Flow 


> Statement of the problem. Thermal boundary layer. Consider heat transfer to a flat 
plate in a longitudinal translational flow of a viscous incompressible fluid with velocity Uj at 
high Reynolds numbers. We assume that the temperature on the plate surface and far from 
it is equal to the constants 7, and Ti, respectively. The origin of the rectangular coordinates 
X, Y is at the front edge of the plate, the X-axis is tangent to the plate, and the Y -axis is 
normal to it. 

Numerous experiments and numerical calculations show that the laminar hydrodynamic 
boundary layer occurs for 5x 10? < Rex <5x10° to 10°. In this region, the thermal Peclet 
number Pex = Pr Rex is large for gases and common liquids. For liquid metals, there is 
a range of Reynolds numbers, 10* < Rex < 10°, where the Peclet numbers are also large. 

Taking into account the previous discussion, we restrict ourselves to the case of high 
Peclet numbers, for which the longitudinal molecular heat transfer may be neglected. The 
corresponding thermal boundary layer equations and the boundary conditions have the form 


OT OT 1 8T 
Un > ; 


i = 
ôx “Oy Pr dy? (E5.3.1.1) 
C=O. T= Yye0 TSE yoo, T—0. 
Here the dimensionless variables are introduced by formulas (E5.1.1.13) with characteristic 


length a = v /Uj and v is the kinematic viscosity of the fluid. 
The fluid velocity in (E5.3.1.1) 1s given by the Blasius solution 


Uy = f'n), vy = a E Where == (E5.3.1.2) 


The function f = f(7) was previously described in Section E4.5.1, and the prime stands for 
the derivative with respect to 7. 


y 


> Temperature field. The solution of problem (E5.3.1.1) in conjunction with relations 
(E5.3.1.2) will be sought in the self-similar form 7’ = T(n). As a result, we obtain the 
ordinary differential equation 


aT 1 


+ — 
dn? 2 
n= 0, Tar 1 — 00, T — Q0. 


dT 
Pri = 00 (E5.3.1.3) 


By taking into account the relation f =-f”Yf”, which follows from the equation for f, 
we can write out the solution of problem (E5.3.1.3) as follows: 


J [fr] dn 
aos o 
/ Fm] dn 


For Pr = 1, this formula implies the simple relation T(n) = 1 — f’(7) = 1 — vy between 
temperature and the longitudinal velocity. 


T= (E5.3.1.4) 
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> Heat flux and the Nusselt number. By differentiating (E5.3.1.4) and by using the 
numerical value f”(0) = 0.332, we obtain the dimensionless local heat flux to the plate 
surface: 


Pr 

in=- (5) my ey where (eo E (E5.3.1.5) 
Ud: Ye / Fm] dn 

0 


It is convenient to seek the asymptotics of the function (Pr) at low and high Prandtl 
numbers starting from Eq. (E5.3.1.3) with the extended variable n = ¢/Pr. As a result, we 
obtain the equation Tee + f(¢/ POT = 0. As Pr > 0, the argument of the function f(¢/Pr) 
tends to infinity, which corresponds to a constant velocity inside the thermal boundary layer 
and f(7) = 7. In the other limit case as Pr — oo, the argument of the function f(¢/Pr) 
tends to zero, which corresponds to the linear approximation of the velocity inside the 
boundary layer and f(n) = 0.166 n?. By substituting the above-mentioned leading terms 
of the asymptotic expansion of f into Eq. (E5.3.1.3) and by solving the corresponding 
problems, we obtain the following expressions for the heat flux (E5.3.1.5): 


(Pr) => (Pr/7) 1/2 (Pr — 0), 


E5.3.1.6 
(Pr) => 0.339 Pr1/3 (Pr — 00). i 
Both considered limit situations occur in numerous problems of convective heat transfer. 
In the case Pr — 0, which approximately takes place for liquid metals (e.g., mercury), one 
can neglect the dynamic boundary layer in the calculation of the temperature boundary 
layer and replace the velocity profile v(x, y) by the velocity v.,.(x) of the inviscid outer 
flow. As Pr — oo, which corresponds to the case of strongly viscous fluids (e.g., glycerin), 
the temperature boundary layer is very thin and lies inside the dynamic boundary layer, 
where the velocity increases linearly with distance from the plate surface. 
In the entire range of the Prandtl number, the function (Pr) in formula (E5.3.1.5) is 
well approximated by the expression 


2 
p(Pr) = 0.0817 [(1 +72 P?” - 1] ce (E5.3.1.7) 
whose maximum error is about 0.5%. 
Let us write out the local Nusselt number: 
X oT, 
Nux =- = y Re Pr), E5.3.1.8 
X lor). . y Hex p(Pr) ( ) 


where Rex = XU;/v is the local Reynolds number. 


E5.3.2. Heat Transfer in Turbulent Flow 


> Temperature profile. Let us discuss qualitative specific features of convective heat 
and mass transfer in turbulent flow past a flat plate. Experimental evidence indicates that 
several characteristic regions with different temperature profiles can be distinguished in the 
thermal boundary layer on a flat plate. At moderate Prandtl numbers (0.5 < Pr < 2.0), it 
can be assumed for rough estimates that the characteristic sizes of these regions are of the 
same order of magnitude as those of the wall layer and the core of the turbulent stream, see 
Section E4.5.2. 
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For the description of heat and mass transfer in the wall layer, it is common to introduce 
the friction velocity U,,, friction temperature ©,, and dimensionless internal coordinate y* 


by the relations 
YU; 
U,=,/2, 0,=*É->, yt=—, (E5.3.1.9) 
p pCpUx V 


where 7; is the shear stress at the wall, p the fluid density, qs the heat flux at the wall, cp the 
specific heat of the fluid, v the kinematic viscosity, and Y the distance to the plate surface. 
In the molecular thermal conduction layer, adjacent to the plate surface, the deviation of 


the average temperature T from the wall temperature T, depends linearly on the transverse 
coordinate: 


TT) | 
O, E 
For Pr > 1, the linear law (E5.3.1.10) is satisfied for 0 < y? < 9 Pr Y”, 


In the logarithmic layer, the average temperature can be determined with the use of the 
relations* 


Pr yt. (E5.3.1.10) 


T,-T(Y) 
O, 
B(Pr) = (3.85 Pr! — 1.3? + 2.12 In Pr. 


= 2.12 In y* + (Pr), (E5.3.1.11) 


These formulas are valid within a wide range of Prandtl numbers, 6 x 10% < Pr < 10%, for 
y 0, o The lower bound of the logarithmic layer, U x» depends on the Prandtl number 


as follows: 
12Pr‘/3 if Pr>1 (for liquids), 
bs = $ 30 if Pro 1 (for gases), 
2/Pr if Pr« 1 (for liquid metals). 


In the stream core and a major part of the logarithmic layer, the average temperature 
profile can be described by the single formula 


ai =-2.12Inn+1.5(1-n), (E5.3.1.12) 
where Tm is the average temperature at the stream axis, n = Y /ôr the dimensionless distance 
to the plate surface, and ôr the thermal boundary layer thickness. The results predicted by 
Eq. (E5.3.1.12) fairly well agree with experimental data provided by various authors for 
turbulent flows of air, water, and transformer oil for 10? < Y/or < 1. 

The thermal boundary layer thickness can be estimated from the relation 


ôr(X) = 0.45 X4/ 4c, (E5.3.1.13) 


where cf 1s the local friction coefficient determined by formula (E4.5.2.2) or (E4.5.2.3). The 
empirical coefficient 0.45 was obtained by processing experimental data for 0.7 < Pr < 64. 
It is greater than the similar coefficient in relation (E4.5.2.1) for the hydrodynamic turbulent 
boundary layer thickness. (Qualitatively, this is accounted for by the fact that the turbulent 
Prandtl number is less than unity; that is, the hydrodynamic boundary layer lies within the 
thermal boundary layer.) 


* The universal constant 2.12 multiplying the logarithm is defined as Pr, /x, where Pr; = 0.85 is the turbulent 
Prandtl number for wall flows and « = 0.4 the von Karman constant. 
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> Nusselt number. For determining the local Nusselt number, it is recommended to use 
the Kader—Yaglom formula 


Pr Rex (sc)! 


= 1 i 2 f 
2.12 1n(5 cp Pr Re x)+ (3.85 Pr 1.3)- + 1.5 


(E5.3.1.14) 


which quite well agrees with numerous experimental data within a wide range of Prandtl 
numbers (0.5 < Pr < 100). 
For rough estimates, the simpler formula 


Nux = 0.0288 Pr°*Re% 


can be used, which is valid for 0.5 < Pr < 50. 

More detailed information about heat and mass transfer in turbulent flows past a flat 
plate, as well as various relations for determining the temperature profile and Nusselt 
(Sherwood) numbers, and a lot of other useful information can be found in the references 
given at the end of this chapter. 


E5.4. Convective Heat and Mass Transfer in Tubes and 
Channels 


Many convective mass and heat transfer processes in chemical industry, petroleum chem- 
istry, gas, nuclear, and other branches of industry occur in pipes (water, gas, and oil pipelines, 
heat exchangers, etc.). 

Starting from the classical works by Graetz (1883) and Nusselt (1910), many authors 
considered the problem about the temperature distribution in a fluid moving in a tube under 
various assumptions on the type of flow, the tube shape, the form of boundary conditions, 
the value of the Peclet number, and some other simplifications. In this section, we outline 
the most important results obtained in this field. 


E5.4.1. Heat and Mass Transfer in a Circular Tube with Constant 
Temperature of the Wall for Laminar Flows 


> Statement of the problem. Consider a laminar steady-state fluid flow in a circular tube 
of radius a with Poiseuille velocity profile (see Section E4.4.1). We introduce cylindrical 
coordinates R, Z with the Z-axis in the flow direction. We assume that for Z > O the 
temperature on the wall is equal to the constant 75. In the entry area Z < 0, the temperature 
on the wall is also constant but takes another value 7}. 

The convective heat transfer in a tube is described by the equation 


OF OL 18T ƏT 


Per(1- 9?) = —— +--+ E5.4.1.1 
rue a do? o ðo 02? ) 
and the boundary conditions 
= OL im. = _f0 for z <Q; 
0=0 5 =0%  e=l Fs A (ES.4.1.2) 
2=>-00, T — 0; 2>0 T— l. (E5.4.1.3) 
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The following dimensionless variables have been used: 


where T, is the fluid temperature, x the thermal diffusivity, Umax = a? AP/(4uL) the 
maximum velocity at the center of the tube, AP the pressure increment along the distance L, 
and u the dynamic viscosity of the fluid. 


> High Peclet numbers (initial region). As Per — oo, the fluid temperature in the 
region z < 0 is constant and equal to the temperature ‘7’ = 0 on the wall. In the region z > 0 
at z = O(1), a thin boundary layer is being formed near the wall of the tube. In this region, 
on the left-hand side of Eq. (E5.4.1.1) one may retain only the leading term of the velocity 
expansion as o — 1 and write v = 1 — 0? = 2£, where € = 1 — o. Moreover, in contrast 
with the first term on the right-hand side in (E5.4.1.1), one can neglect the last two terms; 
that is, AT = 0?T'/0€”. Thus, we arrive at an equation that coincides with (E5.2.2.4) up to 
notation. Taking into account the boundary conditions (E5.4.1.2), we obtain the temperature 
distribution in the boundary layer, 


] 1 2Per(1- oy 
7 Pe eee (E5.4.1.4) 
ra/3) 3 9z 
where 1 (1/3, z) is the incomplete gamma function (see Section M13.4). 
The corresponding dimensionless local and total heat fluxes have the form 
OT 1 (6Pepy!'” 
jr =- (Z) = ( z) l (E5.4.1.5) 
Oo gi ra/3) Z 
P 3(6 Per)! 373 
Ir = dz = 7°. E5.4.1.6 
T / JT dz 211/3) zZ ( ) 


The scope of formulas (E5.4.1.4)—(E5.4.1.6) is bounded by the condition z « Per. This 
restriction practically always holds in the similar problem about the diffusion boundary layer. 


> Arbitrary Peclet numbers. In the general case 0 < Per < oo, we seek the fluid 
temperature distribution separately on both sides of the inlet cross-section of the tube in the 
form of series: 


2 
Am 2) Fin 0) for z>0, (E5.4.1.7) 
Per 


qe L-S An exp (- 
m=0 

00 ne 

T=Y”"B E 


The eigenfunctions fm and g, and the eigenvalues Am and ng are determined from two 
spectral problems that are obtained by substituting the expansions (E5.4.1.7) and (E5.4.1.8) 
into Eq. (E5.4.1.1) and the boundary conditions (E5.4.1.2) and (E5.4.1.3). 

The temperature T = T(o, z) and its derivative must be continuous across the section 
ZE! 


3 gr(0) for z<0. (E5.4.1.8) 


OT OT 
T(0,-0) = T(0,+0) (0,0) = =—(0, 40). (E5.4.1.9) 
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The consistency conditions (E5.4.1.9) allow one to find the coefficients Am and By in the 
series (E5.4.1.7) and (E5.4.1.8). 
In what follows, we give the results of the analysis of this problem only for the region 


2 >0. 
The eigenfunctions fm(p) are expressed via the degenerate hypergeometric function 
(a, b; €) as 
fm(P) = exp (-3Am0”) Blam, 1; Amo"), (E5.4.1.10) 
1 1 a 


Om = 7-7 TAm- ’ 
2 4 4 Pes, 


and the eigenvalues Am satisfy the transcendental equation 


Plam 1; Am) = 0. (E5.4.1.11) 
The coefficients A,,, can be computed by the formula 
2 
Åm =- (E5.4.1.12) 


L 
la (2 
DA o=1, A=Am 


with the function f(p) = f(p; A) determined by relations (E5.4.1.10) where the indices m 
are omitted. 

Consider the asymptotic behavior of the eigenvalues Am and coefficients Am in some 
limit cases. 

As Per — 0, we have 


-1 
Am = (Ym Per), Am =—[YmdiQm)|» fm = Jomo), (ES.4.1.13) 
where Jo = Jo(€) and J; = J;(€) are the Bessel functions and the Ym are the roots of Jo, 
Jom) = 0. 
It is convenient to calculate approximate values of y,, by using the approximate expres- 
sion 
Vm =2.4 + 3.13m (= 0; Ty 2 ed) (E5.4.1.14) 
whose maximum error 1s less than 0.2%. 
As Pe => ov, the asymptotics of the eigenvalues Am for large m has the form 


Am =4m+ 35. (E5.4.1.15) 


This formula constructed under the assumption that m >> 1 can be used for all m. The 
maximum error in (E5.4.1.15) is attained at m = 0 and is equal to 1.4%. 
Instead of (E5.4.1.15), 1t is convenient to use the more precise formula 
Am = 4m + 2.7 (=O, Dolo ter), (E5.4.1.16) 
whose maximum error is 0.3%. 
The coefficients A,, of the series (E5.4.1.7) can be calculated by the formula 


Am = 2.85 Clie, (E5.4.1.17) 


whose maximum error is 0.5%. 

For large but finite Peclet numbers, the expressions (E5.4.1.16) and (E5.4.1.17) can be 
used only for a bounded set of eigenvalues such that Am << Per. 

The dependence of the ground eigenvalue Ay on the Peclet number is nicely approxi- 


mated by the formula 
0.27 Per) — 1 
wea EPU A 
exp(0.27 Per) — 0.18 


whose maximum error 1s about 1%. 
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> Bulk temperature. Heat flux. Taking into account the fact that the dimensionless fluid 
velocity distribution in a tube is u(o) = 1-0”, we obtain the bulk temperature in an arbitrary 
cross-section: 


1 
/ T'u(o)27 odo 1 
2 =4| T(1- odo. 


0 
u(o)27 0 do 
0 


(T) = 


By substituting the series (E5.4.1.7) into this formula, we obtain 


(T)=1-5 Em exp (- TA 2) , (E5.4.1.18) 


m=0 
where 


1 
Em F 44m f ea E oo do. 
0 


By differentiating (E5.4.1.7), we arrive at the dimensionless local heat flux to the tube 
wall, 


OT a X 
] == — == Am a 1 ex (- Ak ) ; E5.4.1.19 
jr (sr) 2, fn) exp (pgs ) 


where 
Fin (1) = 2amÀm eXP(}FAm)Blam + 1, 2; Am). 


> Nusselt number. The most practically important variable is the Nusselt number 


_ LIT 
Nu = TCP 


(E5.4.1.20) 


Here 1 — (7) is the temperature head equal to the difference between the wall temperature 
and the mean flow rate temperature. 

It follows from (E5.4.1.18)—-(E5.4.1.20) that at large distances from the inlet cross- 
section (as z — +00) the Nusselt number tends to the constant value 


-f'a 
Nu» = aen U (E5.4.1.21) 


, 
2 / FLAL — 050 do 
0 
For low Peclet numbers, the limit Nusselt number is 


Ny. = 20 200) 
~ 4 Ja) 


~416 (as Per => 0). (E5.4.1.22) 


For high Peclet numbers, the limit Nusselt number 1s 


Nus = 4A% ~ 3.66 (as Per — 00). (E5.4.1.23) 
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In the entire range of the Peclet number, the limit Nusselt number is nicely approximated 
by the formula 


4.16 + 1.15 Per 
Nie ES.4.1.28 
J 1 40.315 Per ( ) 


whose maximum error is about 0.6%. 

Calculations according to (E5.4.1.20) show that for high Peclet numbers one can con- 
ventionally divide the entire length of a heated (cooled) tube into two parts. On the first 
part, a temperature profile is formed with radial temperature distribution varying from the 
initial value (at z = 0) to some limit value f(g). In this region, the number Nu decreases 
near the inlet cross-section as a power-law function Nu = 277, where jr is described by 
(E5.4.1.5). On the second part of the tube, the radial distribution of the excess temperature 
ÔT =1—T does not vary along the tube (though the absolute values of temperature do vary), 
and the number Nu preserves the constant value 3.66. The first part of the tube is called the 
thermal initial region, and the second one, the region of steady-state heat exchange. 

It is conventional to define the length of the thermal initial region as the distance from 
the inlet cross-section to the point at which the Nusselt number differs from its limit value 
(E5.4.1.23) by 1%. Calculations show that the dimensional length of the thermal initial 
region is l = 0.11a Per. 


E5.4.2. Heat and Mass Transfer in a Circular Tube with Constant 
Heat Flux at the Wall for Laminar Flows 


> Statement of the problem. Now let us study the case in which a constant heat flux 
q = K(OT /OR)R=a = const, where « is the thermal conductivity coefficient of the fluid, is 
given on the surface of a circular tube for Z > 0. The entry part is modeled by the region 
Z < 0, where there is no heat flux across the tube surface and the temperature tends to the 
constant value 7} as Z — —o0. 

In this case, it is convenient to introduce the dimensionless temperature as 


~ KL —T}) 


T= (E5.4.2.1) 
aq 


and the other dimensionless variables are determined in the same way as in problem 
(E5.4.1.1)-(E5.4.1.3). 
The considered heat transfer process is described by Eq. (E5.4.1.1) with T’ replaced by 


T and with the boundary conditions 


E OF x A OT fO forz<0; 
g=0, 5=06 esL Zs f E (ES.4.2.2) 
z=, T>0. (E5.4.2.3) 


Note that the temperature distribution as z — +00 is not known in advance. 


> Temperature field far from the inlet cross-section. The temperature distribution far 
from the inlet cross-section has the form 


8 7 
Sapa A (Oy (E5.4.2.4) 


T | 
2 ) 


7 Per 
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The mean flow rate temperature of the fluid and the temperature head in the region of 
heat stabilization are, respectively, equal to 


al 4 
a See 
T 


where T is the dimensionless temperature on the tube wall. 
The limit Nusselt number is 


XdT/do o 4 
OA / Qe Lee eae 
aT) 11 


Obviously, NU» is independent of the Peclet number. 


OO 


> Temperature field in the initial region of the tube. For z < 0, we seek the solution of 
the complete problem (E5.4.1.1), (E5.4.2.2), (E5.4.2.3) in the form of the series (E5.4.1.8) 
(with T’ replaced by T). For z > 0, the temperature field is constructed on the basis of the 
asymptotic distribution (E5.4.2.4) as follows: 


4 00 
~ 3 0 8 7 2 2 
TA ==> ee Ae =A mm | fm(e). 


By substituting these series into (E5.4.1.1), (E5.4.2.2), and (E5.4.2.3) and by separating the 
variables, we obtain spectral problems for the eigenfunctions fm and gy and the eigenvalues 
Am and nk. 

The solution of the problem for fm is given by (E5.4.1.10), where the numbers Am 
satisfy the transcendental equation 


Plam: 13 Am) = 20m P(Am + 1, 2; Am). 


The coefficients of the expansions A,, and B,, are determined by the condition that the 
temperature and its derivative are continuous across the section z = 0 (E5.4.1.9). 

If we determine the length / of the thermal initial region on the basis of the formula 
Nu = 1.01 Nu», then we obtain l = 0.14 Pea. 


E5.4.3. Heat and Mass Transfer in Plane Channels for Laminar 
Flows 


> Plane channel with constant temperature of the wall. We shall study the heat 
exchange in a laminar fluid flow with parabolic velocity profile in a plane channel of 
width 2h. Let us introduce rectangular coordinates X, Y with the X-axis codirected with 
the flow and lying at equal distances from the channel walls. We assume that the temperature 
on the walls (at Y = +h) is constant and is equal to 7; for X <0 and to 7, for X >Q. Since 
the problem is symmetric with respect to the X -axis, it suffices to consider half of the flow 
region, O <€ Y <h. 

The temperature distribution 7, is described by the following equation and boundary 


conditions: 
OT YT AT 
Per(1 — y? — = — + —-; E5.4.3.1 
B OT B _f0 forx=<O; 
y=0 g7% y=l Pei o (ES.4.3.2) 
too, T — 0; z — +œ, T — l1, (E5.4.3.3) 
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with the dimensionless variables 


X Y T — T) hU max 
“9 9 = = 3 T = > Pe A A 
TE ae DT, 


To 


3 
> Umax = ¿1 


where Umax is the maximum fluid velocity on the flow axis and (V) is the mean flow velocity 
over the cross-section. 

By analogy with the case of a circular tube, we seek the solution of problem (E3.4.3.1)- 
(E5.4.3.3) in the form of a series for separated variables: 


T=1- 2, Am exp (a) fm(y) for x>0, (E5.4.3.4) 
00 ne 
T = 2 By, exp (q) gr(y) for «<0. (E5.4.3.5) 


The eigenvalues Am, ng, the eigenfunctions fm, g,, and the coefficients Am and By, can 
be obtained by analogy with the case of a circular tube in Section E5.4.1. 

In what follows, we present only the basic solutions of the problem for x > 0. 

The eigenfunctions fm(y) can be written as 


finly) =e ( > JE ae An l Amy? (E5.4.3.6) 
m = ex = Am So Sa L e Eas m G ds 


Here (a, b; €) is the degenerate hypergeometric function and the Am satisfy the transcen- 
dental equation 


1 E Ae. An 
$ (an. > An ) =0, where am = ÓN 7 Pe (E5.4.3.7) 


The coefficients Am are calculated by the formula (E5.4.1.12) with o replaced by y, 
where the auxiliary function f can be obtained from (E5.4.3.6) after the indices m are 
omitted. 

In the limit case as Per — 0, we have 


a1) 


= 
Am = [Per (Z +2m), Am = =>» 
eS (T+ 2nmy 


F068 (5 + rm) y|  (E5.4.3.8) 


where m = 0, 1, 2, ... 

As Per > oo, the eigenvalues Am and the coefficients Am can be obtained from formulas 
(E5.2.2.10) and (E5.2.2.11) (since formulas (E5.4.3.6) and (E5.4.3.7) pass as Per — oo 
into formulas (E5.2.2.8) and (E5.2.2.9), respectively). 


> Mean flow rate temperature. Nusselt number. The flow rate temperature for a plane 
channel is given by the formula 


1 
(T) = 5 / T - y?) dy. (E5.4.3.9) 
0 


The local heat flux can be found by using (E5.4.1.19) with z replaced by x and the derivative 
f', (1) calculated from (E5.4.3.6) 
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Let us substitute formulas (E5.4.3.4), (E5.4.3.9), and (E5.4.1.19) into (E5.4.1.20), and 
let x tend to infinity. As a result, we obtain the limit Nusselt number 


AFD 


aeee A (E5.4.3.10) 
3 Fo — y) dy 


OO 


The eigenfunction foly) = cos(ry/2) follows from (E5.4.3.8) for low Peclet numbers. 
By applying (E5.4.3.10), we obtain 


rt 


Nu = A 4.06 (as Per — 0). (E5.4.3.11) 


For high Peclet numbers, the limit Nusselt number is 
t3 
Nu = 30 = 3.77 (as Per — 00). (E5.4.3.12) 


Over the entire range of Peclet numbers, NU» is nicely approximated by the formula 


_ 4.06 + 3.66 Per 


Nua ee eee E5.4.3.13 
: 1+ 0.97 Per l ) 


whose maximum error 1s about 0.5%. 


> Plane channel with constant heat flux at the wall. Now consider the case in which 
a constant heat flux q is given on the walls of a plane channel for X > 0. We assume that 
for X < 0 the walls are thermally insulated and the temperature tends to a constant 7} as 
X => —00. 

For a = h, we introduce the dimensionless temperature J’ according to (E5.4.2.1). The 
heat exchange in a plane channel is described by Eq. (E5.4.3.1) (as T — T’) and the boundary 
conditions (E5.4.2.2), (E5.4.2.3), where z and o are replaced by x and y, respectively. 

The temperature distribution far from the inlet cross-section (in the heat stabilization 
region) has the form 


3 3 1 9 39 
a ++ 


T mes A 
2 Per 8 4 Pez 280 


(for x > 1). (E5.4.3.14) 


From the temperature distribution (E5.4.3.14) far from the input cross-section, one can 
find the limit Nusselt number 
Nu» = 4.12. 


E5.4.4. Turbulent Heat Transfer in Circular Tube and Plane Channel 


> Temperature profile. Let us discuss qualitative specific features of convective heat 
and mass transfer in a turbulent flow through a circular tube and plane channel in the 
stabilized flow region. Experimental evidence indicates that several characteristic regions 
with different temperature profiles can be distinguished. At moderate Prandtl numbers 
(0.5 < Pr < 2.0), the structure and sizes of these regions are similar to those of the wall layer 
and the core of the turbulent stream considered in Section E4.4.2. 

In the molecular thermal conduction layer, adjacent to the tube wall, the deviation 
of the average temperature 7’ from the wall temperature 7, satisfies the linear depen- 
dence (E5.3.1.10). In the logarithmic layer, the average temperature can be estimated using 
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relations (E5.3.1.11), which are valid for liquids, gases, and liquid metals within a wide 
range of Prandtl numbers, 6 x 10% < Pr < 10% 

In the stream core and a major part of the logarithmic layer, the average temperature 
profile can be described by the single formula 


T(Y)-T 
A = 2.1219 +0.3(1-1), (E5.4.4.1) 
where T'n is the average temperature at the stream axis, y = Y /a the dimensionless distance 
to the tube wall, and a the tube radius. The results predicted by Eq. (E5.4.4.1) fairly well 
agree with experimental data provided by various authors for turbulent flows of water, air, 
and liquid metals through circular tubes and plane channels for 3 x 10? < Y/a <1. 


> Nusselt number for the thermal stabilized region. In the thermal stabilization region 
of a turbulent flow through a smooth tube, for computing the limiting Nusselt number one 
can use the formula 


PrR 
œ = —__ S (E5.4.4.2) 
2.12 In(Pr Regé) + (3.85 Pr! — 1.3? -4.3+6.7€ 
Here the following notation is used: 
d d 
ice. Gea Serial a Prec, f= 4/5, 
Cy PX Ls Ei V X 


where a is the heat transfer coefficient, d = 2a the tube diameter, c, the specific heat at 
constant pressure, p the fluid density, x the thermal diffusivity, q, the heat flux at the wall, 
v the kinematic viscosity, and (V) the mean flow rate velocity. The drag coefficient A can 
be found from Eq. (E4.4.2.12) or (E4.4.2.13). Formula (E5.4.4.2) unifies the results of 
more than fifty experimental studies and applies to liquids and gases within wide ranges of 
Reynolds and Prandtl numbers, 5 x 10° < Reg < 2 x 10% and 0.6 < Pr < 4x 10*. In the case 
of mass exchange, the Nusselt number must be replaced by the Sherwood number and the 
thermal Prandtl number, by the diffusion one. 

In engineering calculations, the Nusselt number is often determined from simple two- 
term (or one-term) formulas like 


Nu. = A+ BP” Rey (E5.4.4.3) 


valid in a limited range of Prandtl and Reynolds numbers. For liquid metals, in the case of 
10* < Reg < 10° and constant temperature or heat flux at the wall, in Eq. (E5.4.4.3) one 
should set 


ASE B=0.025, n=m=0.8 (if T; = const), 


E5.4.4.4 
A=68, B=0.044, n=m=0.75 (if q; = const). l ) 


> Intermediate domain and the entry region of the tube. In the intermediate domain 
(2200 < Reg < 4000) at moderate Prandtl numbers, the Nusselt number can be estimated 
using the formula 


Nu = 3x 104Pr° Re}? (for 0.5 < Pr < 5). 
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For the entry region of the tube in the case of simultaneous development of hydrodynamic 
and thermal boundary layers, the local Nusselt number Nu = Nu(X ) at constant temperature 
or heat flux at the wall can be calculated from the formulas 


0.02 Res” Pre CG if T; = const, 
abe 0.021 Re?” Pro*¿08(1n Or if = (E5.4.4.5) 
; 7 ds = const. 


Here the following notation is used: 


i X 
Cy PX V a 


where Uj is the inlet velocity and œ = a(X) the local heat transfer coefficient (based on 


the inlet temperature). Formulas (E5.4.4.5) are valid for 0.5 < Pr < 200 in the entire entry 
0.25 


region, whose length x 7 is estimated as zz, = 1.3Re””. 

More detailed information about heat and mass transfer in turbulent flows through a 
circular tube or plane channel, as well as various relations for determining the temperature 
profile and Nusselt (Sherwood) numbers, and other useful information can be found in the 


references given at the end of this chapter. 


E5.4.5. Limit Nusselt Numbers for Tubes of Various Cross-Sections 


> Laminar flows. Below we give some results for the limit Nusselt numbers correspond- 
ing to the heat stabilization region for fully developed laminar flow of fluids in tubes of 
various cross-sections in the case of high Peclet numbers. 

Let us introduce the equivalent (or “hydraulic”) diameter de by the formula 


(E5.4.5.1) 


where S, is the tube cross-section area and P is the cross-section perimeter. For tubes of 
circular cross-section, de coincides with the diameter, and for a plane channel, de is twice 
the height of the channel. 

Consider a tube of arbitrary shape and denote the contour of the cross-section by I’. 
Generally speaking, the Nusselt number varies along the contour I’. We define the perimeter- 


average Nusselt number Nu as follows: 


Rie ds de 
Nu = =———. E5.4.5.2 
i ae = eke K l ) 


Here T, is the temperature on the wall of the tube, (T,}m is the mean flow rate temperature 
of the fluid,  1s the thermal conductivity coefficient, and qs is the perimeter-average heat 
flux given by the formula 


1 T, 
ds ==—x 6 dr, (E5.4.5.3) 
P T 


where T, /O€ is the derivative of the temperature T, along the normal to the contour of the 
tube cross-section. 
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TABLE E5.2 
The values of the limit numbers NU for fully developed flow in tubes of 
various shape for high Peclet numbers (the subscript 7’ corresponds to the 
constant temperature of the wall and the subscript q, to the constant heat flux). 


ner Sn 
Circular tube of diameter d 3.658 4.364 


Flat tube of width 2h 


1b 


Elliptic tube l l i E(4/1- b/a?) i 
with semiaxes l . where E(0) is the complete 
a and b : | elliptic integral 


of the second kind 


Tube 
of rectangular 
cross-section 
with sides 
a and b 
0 
Equilateral triangle with side a 


Regular hexagon with side a 


Semi-circle of diameter d 


Table E5.2 presents the perimeter-average Nusselt numbers for tubes with various cross- 
section shapes. 
At constant temperature on the wall of a tube of rectangular cross-section with sides a 


and b, the value Nus for a > b is nicely approximated by the formula 


Nu% =7.5-17.5€+23€-10é,  e=b/a, (E5.4.5.5) 


whose maximum error is 3%. 
At constant temperature on the wall of a tube whose cross-section is a regular N-gon, 
the limit Nusselt number is given by the approximate formula 


Nu» = 3.65 -0.18 N! -10 N”. (ES.4.5.6) 


The comparison with Table E5.2 shows that the maximum error in (E5.4.5.6) is less 
than 0.5% at N =3, 4, 6, oo. 


> Turbulent flows. The strength of heat transfer in turbulent flows of fluids through 
tubes of noncircular cross-section can be estimated using relations (E5.4.4.2)—-(E5.4.4.4) 
suggested for circular tubes. In this case, the characteristic length on which the Nusselt 
numbers Nu» are based is taken to be the equivalent diameter, de, defined by Eq. (E5.4.5.1). 
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The quantity P in this formula is the wettable perimeter, regardless of what part of the 
perimeter exchanges heat with the fluid. 

Detailed information about heat transfer in turbulent flows in tubes and channels, as 
well as various relations for determining the mean flow rate temperature and the Nusselt 
number, can be found in the references given at the end of this chapter. 


E5.5. Interior Heat Problems for Solid Bodies of Various 
Shapes 
E5.5.1. Statement of the Problem 


Consider a class of problems concerning transient heat exchange between convex solid 
bodies (or a cavity filled with a quiescent fluid) of various shapes and the environment. At 
the initial time t = O, the temperature is the same throughout the body and is equal to Ti, 
and for t > 0, the temperature on the surface I’ of the body is maintained constant and is 
equal to Zs. The temperature distribution inside the body is described by the heat equation 


T 
En = AT, (E5.5.1.1) 
OT 
the initial condition 
T=0 at 7 =, (E5.5.1.2) 
and the boundary condition 
T=1 onl. (E5.5.1.3) 


The dimensionless variables are introduced according to formulas (E5.1.1.13), where the 
characteristic length can be taken arbitrarily. 

The problem of transient diffusion into a cavity filled with a quiescent medium can be 
stated in a similar manner. 

In this section, attention is chiefly paid to the study of the bulk body temperature 


1 
== J T dv, (E5.5.1.4) 


where V = Í dv is the dimensionless volume of the body. 


E5.5.2. Bulk Temperature for Bodies of Various Shapes 


> Bulk temperature for a sphere, a parallelepiped, and a cylinder of finite length. 
First, consider the simplest one-dimensional (with respect to spatial coordinates) heat 
exchange problem for a solid sphere of radius a. The exact solution of this problem is well 
known and results in the following expression for the bulk temperature: 


6 << 1 t 
(T)=1-— Y exper k's), F=. (E5.5.2.1) 
a, k a 


The exact solution of the corresponding three-dimensional problem (E5.5.1.1)—(Œ5.5.1.3) 
for a parallelepiped with sides L1, L2, and L3 can be constructed by separation of variables 
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and results in the following formula for bulk temperature: 


8 300 o 1 
ry=1-() 3 — Qk-1Qm-1PQI- 1? 


k=1 m=1 l 


2k-1)* (Qm-1? (QI-1) 
x exp a a Fn a a). 065522 
L? L L? 
1 2 3 
Now consider heat exchange for a cylinder of finite length. Let a be the radius and L the 
length of the cylinder. By solving problem (E5.5.1.1)-(E3.5.1.3), we obtain the following 
expression for bulk temperature: 


32€ l 0%  TOQm-1Y 


k=1 m=1 


where the v;, are the roots of the Bessel function of the first kind of index zero: Jo(9y) = 0. 
Note that to compute the roots of this transcendental equation one can use the approximate 
formula 

Y, =2.4+3.13(k -—1) el ios) 


with a maximum error of 0.2%. 


> Bulk temperature for a bounded body of arbitrary shape. For a bounded body of 
arbitrary shape, the solution of problem (E5.5.1.1)—CE5.5.1.3) tends as T — oo to the limit 
value (equal to 1) determined by the boundary condition on the surface of the body. By 
setting T = 1 in (E5.5.1.4), we find the asymptotics of bulk temperature for large 7: 


(T) 31 as F> oœ. (E5.5.2.4) 


One can show that the bulk temperature of a bounded body of arbitrary shape has the 
following asymptotics for small 7: 


V 
T 


where S and V are the dimensionless surface area and volume of the body. 
For approximately determining the bulk temperature of a bounded convex body of 
arbitrary shape in the entire time range 0 < 7 < oo, one can use the formula 


6 il MES” 
)=1--5 em (- 9y 2 5). 
k=1 


This expression can be rewritten as follows: 


Q9 2 2 t 
(T)=1- a y Es exp (Sr SX ) l (ES.5.2.6) 


where S, and V, are, respectively, the dimensional surface area and volume of the body. 

Formula (E5.5.2.6) gives the correct asymptotics (E5.5.2.4) and (E5.5.2.5) for small 
and large times and is exact for a spherical particle. (Formula (E5.5.2.6) for S, = 4ra and 
V, = Fra? coincides with (E5.5.2.1).) 
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The approximation (E5.5.2.6) is compared with the exact bulk temperature (E5.5.2.2) 
for the parallelepiped in view of the relations S = 2(L; L2 + L1 L3 + L2 L3) and V, = Li L2 L3. 
The maximum error of formula (E5.5.2.6) is about 5% for 0.25 < L3 / Lı <4.0 and L/L, =1. 

The exact value (E5.5.2.3) is compared with the approximation (E5.5.2.6), where S, = 
2rrala + L) and V, = ra? L, for various ratios of the cylinder dimensions. The maximum 
error in formula (E5.5.2.6) is about 3.5% for 0.25 < 2a/L < 4.0. 

For practical calculations, it is expedient to replace the infinite series (E5.5.2.6) by the 
simpler formula 


2 
(T) = YV1-e1270+0.6 (A y Si 


Ve 


whose maximum deviation from (E5.5.2.6) 1s about 1.7%. 


E5.6. Mass and Heat Exchange Between Particles 
of Various Shapes and a Quiescent Medium 
E5.6.1. Stationary Mass and Heat Exchange 


> Statement of the problem. Consider stationary diffusion to a particle of finite size in a 
quiescent medium, which corresponds to the case Pe = 0. We assume that the concentration 
on the surface of the particle and far from it is constant and equal to C, and Ci, respectively. 
The concentration field outside the particle is described by the Laplace equation 


Ac =0 (E5.6.1.1) 

and the boundary conditions 
c=1 on the surface I’ of the particle, (E5.6.1.2) 
c=0 remote from the particle, (E5.6.1.3) 


is the dimensionless concentration. 


where c= 


The unknown quantity of most practical interest in these problems is the mean Sherwood 
number, which is determined by (E5.1.2.5) and is related to the mass transfer coefficient a, 
by 


00. 


D > 


Sh = (ES.6.1.4) 
where a is the characteristic length. 

From the mathematical viewpoint, the diffusion problem (E5.6.1.1)—(E5.6.1.3) is equiv- 
alent to the problem on the electric field of a charged conductive body in a homogeneous 
charge-free dielectric medium. Therefore, the mean Sherwood number in a quiescent fluid 
coincides with the dimensionless electrostatic capacitance of the body and can be calculated 
or measured by methods of electrostatics. 


> Shape factor. In what follows, it is convenient to introduce a shape factor 11, which has 
the dimension of length, as follows: 


T= 2% = op 2s (E5.6.1.5) 
D a 


where S, is the dimensional surface area of the particle. Note that sometimes II is referred 
to as “conductance.” 
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TABLE E5.3 
Shape factor for particles in quiescent medium. 


Shape of particle Shape factor II = Sh = + 
cloacal 


Oblate ellipsoid A a x2 


of revolution with semiaxes 
aandb, x =b/a<1 arccos x 


Prolate ellipsoid P — 
of revolution with semiaxes Mav X 


aandb, y=b/a>1 ay 


Circular cylinder 
of radius a and length L [8+4.1(1/4]a 
(0< L/a<16) 


4Ta102 | ( 01 ) ( 02 ) | 
-— + +21 : 
aij +0 pa a1 +0 y a1 +0 ea 


where y(x) = £ T(z) is the logarithmic 
derivative of the gamma function and 
In y =-w(1) = 0.5772 ... is the Euler constant 


Tangent spheres 
of radii a; and a2 


Orthogonally 
l À 0102 
intersecting spheres AION A == 


A O 
with radii a; and a2 Vay +0) 


Thin rectangular 2r Li 


plate with sides ae ra ea PA 
Lı and Ly (Li > L2) In(4L1 /L2) 


Table E5.3 shows the values of II for particles of various shape. It follows from 
(E5.6.1.5) that the mean Sherwood number can be obtained from the data in this table by 
dividing the shape factor by the surface area of the particle and then by multiplying by the 
characteristic length. 

One can interpret the table data as follows. Let us project a body of revolution onto a 
plane perpendicular to the symmetry axis. The projection is a disk of radius ap. The sphere 
of radius dp is called a perimeter-equivalent sphere. We introduce the perimeter-equivalent 


factor s : ee 
n= Pr _ surface ae of par E e (ES.6.1.6) 
Aras surface area of perimeter-equivalent sphere 
and consider the corresponding shape factor ratio 
i II = shape factor of the particle (E5.6.1.7) 


g 4ra, shape factor of the perimeter-equivalent sphere ' 


The dimensionless variables (E5.6.1.6) and (E5.6.1.7) are invariant with respect to the 


choice of the characteristic length. The dependence of II on 2 for particles of various 
geometric shapes is fairly well approximated by the formula 


Il = 0.637 + 0.327 (2% - 1076 (0.5 < E < 8.5). (E5.6.1.8) 
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It is expedient to use this approximate formula for the analysis of mass exchange 
between particles of complicated shape and a quiescent medium 1f the solution of problem 
(E5.6.1.1)—CE5.6.1.3) is unknown. 

To calculate the particle shape factor, it is also convenient to use the simple approximate 
formula 

T= 5.25 S1 y6, (E5.6.1.9) 
where 5, is the surface area and V, the volume of the particle. 

For spheres and cubes, the error in formula (E5.6.1.9) is at most 0.13%. For circular 
cylinders of radius a and length L =a, L = 2a, or L = 3a, the error in formula (E5.6.1.9) is 
respectively 1.1%, 0.6%, and 2.1%. 

It is useful to rewrite formula (E5.6.1.9) as follows: 


N=/S.f0, fO=AsV& As =2V 0 = 3.545, 


where € is a dimensionless geometric parameter, 


A = (36r)!/ = 2.199, 


The parameter € characterizes the particle shape and ranges in the interval 0 < € < 1. 
The value € = 1 corresponds to a spherical particle. Formula (E5.6.1.9) gives good results 
for weakly and moderately deformed convex particles with 0.88 < € < 1.0. (For example, 
this condition is satisfied for cubic particles, regular polyhedra, and circular cylinders of 
radius a and length L witha < L < 3a.) 

Let us write out some lower and upper bounds for the shape factor. The lower bound for 
an arbitrary particle is determined by the shape factor of the sphere of the same volume Vz: 


I > (487° V)”. (E5.6.1.10) 
Another lower bound has the form 
IT > OE E 


where Smax is the maximum projected area of the particle. The last formula becomes an 
equality for a disk. An upper bound is given by the shape factor of any surface (say, a 
sphere or an ellipsoid of revolution) surrounding the particle. 


E5.6.2. Transient Mass and Heat Exchange 


Suppose that at the initial time t = 0 the concentration in the continuous medium is constant 
and is equal to C; and that a constant surface concentration C; is maintained for t > 0. The 
transient mass exchange between a particle and a quiescent medium is described by the 
equation 


— = Ac (ES.6.2.1) 


PaO. 46=0: (E5.6.2.2) 


where 7 = tD /a? is dimensionless time. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 849 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 850 


850 MASS AND HEAT TRANSFER 


For a spherical particle, the solution of problem (E5.6.2.1), (E5.6.2.2), (E5.6.1.2), 
(E5.6.1.3) can be expressed via the complementary error function and has the form 


1 aj 
Sere e ) (E5.6.2.3) 
r 


LT 
where r 1s the dimensionless radial coordinate normalized to the radius of the particle. 
The mean Sherwood number for a sphere 1s 


Sh =1+ = (E5.6.2.4) 


VTT 
For nonspherical particles, the mean Sherwood number can be approximated by the 
expression 


1 
Sh = Shy + Ta (E5.6.2.5) 
where Sh, is the Sherwood number corresponding to the solution of the stationary prob- 
lem (E5.6.1.1)(E5.6.1.3). In (E5.6.2.5), Sh, Shy, and 7 are assumed to be reduced to 
dimensionless form by using the same characteristic length. 
For nonspherical particles, one can obtain Shy by using Table E5.3 and the expres- 
sion (E5.6.1.8). 


E5.7. Mass and Heat Transfer to a Spherical Particle in a 
Translational Flow 
E5.7.1. Statement of the Problem 


> Equation and the boundary conditions. Consider steady-state diffusion to a solid 
spherical particle of radius a in a translational flow with velocity U;. We assume that the 
concentration on the particle surface and far from it is constant and equal to Cs and Cj, 
respectively. The mass transfer process in the continuous medium is described by the 
equation (E5.1.1.9), which in the stationary case in the spherical coordinate system R, 0, y 
(in view of the fact that all variables in this axisymmetric problem are independent of p) 
has the form 


Oc vg Oc 1 ð / ,0c 1 Of. ,0c 
P TEE E ria a — |, E5.7.1.1 
o(» ðr Tr 4 r2 ðr ¢ a *72sin0 00 (sino ered 


and the boundary conditions 


rak Gd (on the surface of the particle), (E5.7.1.2) 
r=>0,) c>0 (far from the particle), (E5.7.1.3) 
where the dimensionless variables are introduced according to the formulas 
R VR Vo Ci =C aU: i 
= —, r= = 4 = S; = a Pe = š E5.7.1.4 
EA a o D l ) 


> Mean Sherwood number. In this section, attention is mainly paid to formulas for the 
calculation of the mean Sherwood number for a particle in a translational flow at various 
Reynolds and Peclet numbers. The Reynolds number and the mean Sherwood number, as 
well as the Peclet number, are determined by the particle radius: Re = aU; /v and 


sh==> | sin 6 a dð. (E5.7.1.5) 
2 0 or | 
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E5.7.2. Mass Transfer at Low Reynolds Numbers and Various Peclet 
Numbers 
For a solid spherical particle in a translational Stokes flow (low Reynolds numbers, Re — 0) 


the fluid velocity components Vr and Vg in Eq. (E5.7.1.4) are determined by formulas 
(E4.6.2.4). 


> Low Peclet numbers. For Pe = 0, which corresponds to a particle in a quiescent fluid, 
the exact solution of the problem (E5.7.1.1)—(E5.7.1.3) has the form 


c= —. (E5.7.2.1) 
r 


The corresponding mean Sherwood number is equal to unity, 
Sh = 1 (Pe = 0). (ES. 1.2.2) 
The three-term expansion of the mean Sherwood number as Pe — 0 has the form 


Sh = 1 + 4 Pe +2 Pe” In Pe, (E5.7.2.3) 


whose error is of the order of Pe*. The asymptotic formula (E5.7.2.3) with the last term 
omitted gives a good approximation to the Sherwood number for Pe < 0.4. 


> High Peclet numbers (the diffusion boundary layer). For high Peclet numbers, a 
thin diffusion boundary layer is formed near the surface of the sphere. The ratio of the 
thickness of this layer to the particle radius is of the order of Per1/3. In this region, the 
radial component of molecular diffusion to the particle surface is essential, and tangential 
diffusion may be neglected. Convective mass transfer due to the motion of the fluid should 
also be taken into account. 

The concentration distribution in the diffusion boundary layer can be expressed as 
follows via the incomplete gamma function: 


_ 1\3 ein3 
Se ee, (E5.7.2.4) 
D(1/3) \3 3 7-0+%sin20 


where the angle 0 is counted off as shown in Figure E4.4. 
By differentiating equation (E5.7.2.4), we obtain the dimensionless local diffusion flux 
to the surface of the sphere in the form 


Oc 1 =? 
PE (7) = 0.766 sin 0 (= —0 + J sin 26) Pe!/?. (E5.7.2.5) 
PJ ra 


One can see that the local diffusion flux attains its maximum at the front stagnation 
point on the surface of the sphere (at 6 = m) and monotonically decreases with the angular 
coordinate to the minimum value, which is zero and is attained at O = 0. 

The corresponding mean Sherwood number is determined by Levich’s formula 


Sh = 0.625 Pe!/3 (Pe > 00). (E5.7.2.6) 
Let us also present the two-term expansion for the mean Sherwood number, 
Sh = 0.625 Pe!/3+0.461 (Pe — 00). (E5.7.2.7) 


which refines formula (E5.7.2.6). Formula (E5.7.2.7) can be used for practical calculations 
if Pe = 10. 
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> Arbitrary Peclet numbers. The mean Sherwood number for a solid spherical particle 
in a translational Stokes flow in the entire range of Peclet numbers can be computed with 
the use of the Clift-Grace—Weber approximate formula 


Sh = 0.5 + (0.125 + 0.243 Pe)!/?. (E5.7.2.8) 


The interpolation formula (E5.7.2.8) gives exact asymptotic results both as Pe — 0 
(E5.7.2.2) and as Pe — oo (E5.7.2.6). The maximum error of formula (E5.7.2.8) in the 
entire range of Peclet numbers is about 2%. (Comparison was made with available results 
of finite-difference numerical solutions of problem (E5.7.1.1)—(E5.7.1.3).) 


E5.7.3. Mass Transfer at Moderate and High Reynolds Numbers 


> Spherical particle at various Reynolds numbers. In the case of a spherical particle 
in a translational flow at 0.5 < Re < 200 and 0.125 < Sc < 50, a number of numerical 
results concerning the mean Sherwood number can be described by the Clift-Grace—Weber 
approximate formula 


Sh = 0.5 + 0.527 Re?” (1 + 2 Re Sc)! (E5.7.3.1) 


whose error is about 3%. 

The analysis of available experimental data on heat and mass transfer to a solid sphere 
in a translational flow results in the following Clift-Grace—Weber correlations. 

Heat exchange with air at Pr = 0.7: 


Nu = 0.5 + 0.47 Re?” for 50<Re<2~x 10°, 
Nu = 0.5 + 0.2 Re?>® for 2x10°<Re<5~x10'. 


Mass transfer with a liquid for large Schmidt numbers (Sc > 100): 


Sh = 0.5 + 0.5 Re%* Sc!/3 for 50 < Re < 10°, 
Sh = 0.5 + 0.31 Re?55 Sc! for 10%<Re<5x10*. 


The experimental data for 0.5 < Re < 50 are well described by the expression (E5.7.3.1). 


> General correlation for the Sherwood number. For the calculation of the mean 
Sherwood number in laminar flows of various types without closed streamlines past a solid 
spherical particle, one can use the approximate formula 


Sh = 0.5 + (0.125 + Sh3,)!/3, (E5.7.3.2) 


where the auxiliary value Shao must be chosen equal to the leading term of the asymptotic 
expansion of the Sherwood number as Pe — oo (for given Re = const). Formula (E5.7.3.2) 
after the substitution of the value of Sha can be used for the calculation of the Sherwood 
number for various flows (one can consider, say, shear flows) in the entire range of Peclet 
numbers. For a solid spherical particle in a translational Stokes flow (as Re — 0), formula 
(E5.7.3.2) becomes (E5.7.2.8). 
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E5.8. Mass and Heat Transfer to Spherical Drops and 
Bubbles in Translational Flow 
E5.8.1. Statement of the Problem. Some Remarks 


In this section, attention is mainly paid to formulas for the calculation of the mean Sherwood 
number for spherical drops and bubbles of radius a in a translational flow with velocity U; at 
various Reynolds and Peclet numbers. Consider the exterior problem with limiting diffusion 
resistance of the continuous phase. We assume that the concentration on the drop or bubble 
surface and far from it is constant and equal to C, and C;, respectively. 

The mathematical statement of the problem on a steady-state mass transfer process in 
a continuous medium outside a drop is described by equation (E5.7.1.1) and the bound- 
ary conditions (E5.7.1.2)-(E5.7.1.3), where the fluid velocity components Vr and Vg in 
Eq. (E5.7.1.4) are determined from the corresponding hydrodynamic problem. The mean 
Sherwood number, as in the case of a solid spherical particle, is computed by formula 
(E5.7.1.5). 

The process of convective diffusion to the liquid-liquid (liquid—gas) interface substan- 
tially differs from the process of convective diffusion to the fluid—solid interface, which 
was considered in Section E5.7. This is due to the difference between the hydrodynamic 
conditions on the interfaces. The fluid velocity on the surface of a solid is always zero by 
virtue of the no-slip condition. On the contrary, the interface between two fluids can move, 
and the tangential velocity on the interface differs from zero. 

Convective transfer of a substance by a moving fluid to the fluid—solid interface takes 
place under the condition that the flow is somewhat retarded, so that the transfer rate close 
to the surface is considerably lower than that in the bulk of the solution. On the contrary, 
diffusion to a liquid-liquid (liquid—gas) interface takes place under the more favorable 
conditions of nonretarded flow. That is why convective diffusion of a substance to a 
liquid-liquid interface is much more intensive than that to a fluid—solid interface. 

We denote the mean Sherwood number for a gas bubble by Shy and for a solid sphere 
by Shp. 


E5.8.2. Mass Transfer at Low Reynolds Numbers and Various Peclet 
Numbers 


For spherical drops and bubbles in a translational Stokes flow (low Reynolds numbers, 
Re — 0) the fluid velocity components Vg and Vg in Eq. (E5.7.1.4) are determined by 
formulas (E4.7.1.7), where 8 = u2/u1 is the drop—ambient medium dynamic viscosity 
ratio. (The value 5 = 0 corresponds to a gas bubble.) 


> Drops and bubbles at low Peclet numbers. For Pe = 0, which corresponds to a drop 
(bubble) in a quiescent fluid, the exact solution of problem (E5.7.1.1)—(E5.7.1.3), as in the 
case of a solid particle, has the form (E5.7.2.1), and the corresponding mean Sherwood 
number is unity; see Eq. (E5.7.2.2). 

The three-term expansion of the mean Sherwood number as Pe — 0 has the form 


B 1 2+3 1 > 
Sh=1+ 5 Pe + 61+ B) Pe” In Pe + O(Pe”). (E5.8.2.1) 


For G — oo, formula (E5.8.2.1) passes into formula (E5.7.2.3) for a solid particle. 


> Drops and bubbles at high Peclet numbers (the diffusion boundary layer). For high 
Peclet numbers, a thin diffusion boundary layer is formed near the drop (bubble) surface. 
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The ratio of the thickness of this layer to the drop radius is of the order of Pe. In this 
region, the radial component of molecular diffusion to the drop surface 1s essential, and 
tangential diffusion may be neglected. Convective mass transfer due to the motion of the 
fluid should also be taken into account. 

For 0 < 6 << Pe!/3, the concentration distribution in the diffusion boundary layer can 
be expressed via the complementary error function as follows: 


1 /6Pe 1 — cos 0 
c=erfc | — (r - 1) ——— |, (E5.8.2.2) 
k 6+1 et) 


where the angle 0 is counted off as shown in Figure E4.5. 
By differentiating equation (E5.8.2.2), we obtain the dimensionless local diffusion flux 
to the surface of the spherical drop, 


Oc 3 Pe 1 — cos 
O E A N, (E5.8.2.3) 
Á ESE ™m(G+1) V/2—cos 0 


One can see that the local diffusion flux attains 1ts maximum at the front stagnation point 
on the drop surface (at 0 = m) and monotonically decreases with the angular coordinate to 
the minimum value, which is zero and is attained at 6 = 0. 

The mean Sherwood number for a spherical drop is given by the Levich formula 


1/2 
Sh=4/ E = 0.461 (==) (Ps 365): (E5.8.2.4) 


Let us also give the two-term expansion for the mean Sherwood number, 


Pe y? 3 


which refines formula (E5.8.2.4). 
Formula (E5.8.2.5) can be used for practical calculations at Pe > 100 for O < 8 < 


0.82 Pe!/3 — 1. The value p = 0 in (E5.8.2.4) and (E5.8.2.5) corresponds to a gas bubble. 
> Spherical bubbles at any Peclet numbers. The results of the numerical solution of the 


problem of mass transfer to a spherical bubble in a translational flow is well approximated 
by the following expression for the mean Sherwood number: 


Sh=0.6+(0.16+0.213Pey2  (8=0), (E5.8.2.6) 


whose maximum error 1s about 3% in the entire range of Peclet numbers. 


> Spherical drops at any Peclet numbers. In the range 0 < Pe < 200, the results of 

numerical calculations of mean Sherwood numbers for a spherical drop in a translational 

flow under a limiting resistance of the continuous phase is well described by the approximate 
formula B 

Sh = — Sh + ——Sh,, E5.8.2.7 

Gap Gat 2 l ) 

where ( is the ratio of dynamic viscosities of the drop and the ambient fluid (G = 0 

corresponds to a gas bubble, and G — oo, to a solid sphere), and Sh; and Shp are the 
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Sherwood numbers for a bubble and for a solid particle, which can be calculated by 
formulas (E5.8.2.6) and (E5.7.2.8), respectively. 

It is important to note that the expression (E5.8.2.7) gives three valid terms of the 
asymptotic expansion of Sh as Pe — 0 for any 6, see formula (E5.8.2.1). 

In the interval 200 < Pe < oo, for any values of the phase viscosities, the mean Sherwood 
number for a drop can be calculated by solving the cubic equation 


Sh? — 0.212- Sh _ (0.624} Pe = 0. (ES.8.2.8) 


E5.8.3. Mass Transfer at Moderate and High Reynolds Numbers 


> Spherical bubble at any Peclet numbers for Re > 35. For a spherical bubble in a 
translational flow at moderate and high Reynolds numbers and high Peclet numbers, the 
mean Sherwood number can be calculated by the approximate formula 


> 1/2 ) y 1/2 
Sh = | —Pe | - —— R E5.8.3.1 
(e) (175) sean 


whose error is less than 7% for Re > 35. 
For 0 < Pe < œ and Re > 35, to calculate the mean Sherwood number for a spherical 
bubble, one can use the formula 


1/2 
Sh = 0.6 + 0.16 + 0.637 (1 — 3) Pel (E5.8.3.2) 


vRe 


which is exact for Pe = 0 and passes into (E5.8.3.1) as Pe — oo. For Re = oo, the error of 
formula (E5.8.3.2) is about 3%. 


> Spherical drop at high Peclet numbers for Re > 35. For a spherical drop in a 
translational flow at moderate and high Reynolds numbers and high Peclet numbers, the 
mean Sherwood number is well approximated by the formula 


17/2 0.64 \ 1/2 
Sh = (Žre) ( 2 a) (E5.8.3.3) 
T e 


which passes into (E5.8.3.1) for 8 = 0. Formula (E5.8.3.3) can be applied for 0 < 8 < 2 and 
Re > 35. 


E5.8.4. General Correlations for the Sherwood Number 
> Bubbles. For the calculation of the mean Sherwood number in laminar flows of various 


types past a spherical bubble, one can use the approximate formula 


Sh = 0.6 + (0.16 +Sh? 2, (E5.8.4.1) 


where Sho, is the asymptotic value of the mean Sherwood number as Pe — oo, which can 
be calculated by solving the diffusion boundary layer equation in a given flow field. (It is 
assumed that there are no closed streamlines in the continuous phase.) 
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Formula (E5.8.4.1) after the substitution of the value of Sh. can be used for the 
calculation of the Sherwood number in the entire range of Peclet numbers. For a spherical 
bubble in a translational Stokes flow (as Re — 0), formula (E5.8.4.1) passes into (E5.8.2.6). 
The general formula (E5.8.4.1) can also be used in the case of linear shear flows. 


> Drops in the entire range of phase viscosities. For low and moderate Peclet numbers 
in an arbitrary laminar flow past a spherical drop under limiting resistance of the continuous 
phase, it is expedient to calculate the mean Sherwood number by using formula (E5.8.2.7), 
where Shp and Sh, are the Sherwood numbers for the limit cases of a bubble and a solid 
particle. These quantities can be calculated by formulas (E5.8.4.1) and (E5.7.3.2). For high 
Peclet numbers, in the entire range of phase viscosities, the mean Sherwood number can be 
found by solving the cubic equation 


Sh? — Sh¿Sh - Sh; = 0, (E5.8.4.2) 


where Shg is the asymptotic value of the mean Sherwood number obtained in the diffusion 
boundary layer approximation for a drop of moderate viscosity 3 = O(1) as Pe — oo, and 
Sh) is the corresponding asymptotic value for a solid particle (8 = 00) as Pe — oo. For 
the special case of a translational Stokes flow past a spherical drop, Eq. (E5.8.4.2) passes 
into (E5.8.2.8). 

For Stokes flows (Re — 0) at high Peclet numbers, one can use the approximate formula 


Sige (E5.8.4.3) 


where Sho is the asymptotic value of the Sherwood number for a gas bubble (8 = 0) as 
Pe — oo. For a translational or arbitrary linear straining Stokes flow past a spherical drop, 
formula (E5.8.4.3) 1s exact. 


E5.9. Mass Transfer to Nonspherical Particles in 
Translational Flow 


E5.9.1. Mass and Heat Transfer to a Particle of Arbitrary Shape at 
Low Peclet Numbers 


> Asymptotic formulas for the Sherwood number and diffusion flux. For low Peclet 
numbers, the problem of mass exchange between a particle of arbitrary shape and a uniform 
translational flow were studied by Brenner (1963). The following expression was obtained 
for the mean Sherwood number up to first-order infinitesimals with respect to Pe: 


a Pay (E5.9.1.1) 
T 


where Sho is the Sherwood number corresponding to a quiescent medium. The influence of 
the fluid motion is characterized by the modified Peclet number, in which the shape factor II 
of the particle plays the role of the characteristic length. 

Formula (E5.9.1.1) 1s quite general and holds for solid particles, drops, and bubbles of 
arbitrary shape in a uniform translational flow at any Re as Pe — 0. 

It gives a good approximation to the Sherwood number ratio for Pey < 5. In the 
special case of a spherical particle of radius a, in (E5.9.1.1) one should set 11 = 47a. For 
nonspherical particles, in (E5.9.1.1) one must use the values of II from Table E5.3. 
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For a particle of arbitrary shape in a translational Stokes flow, the first three terms of the 
asymptotic expansion of the dimensionless total diffusion flux as Pe — 0 have the form 


l l 
I'= lo + Pe I, + ere In Pep (f - e) + O(Pe’). (E5.9.1.2) 
TT TT 


Here Jo = II/a is the total flux to the particle in a quiescent fluid, f is the dimensionless 
vector equal to the ratio of the drag of the particle to the Stokes drag of a solid sphere of 
radius a (a is the characteristic length that appears in the definitions of the dimensionless 
variables Pe, J, and Jp), and e is the unit vector codirected with the fluid velocity at infinity. 
The Sherwood number is given by Sh = I/S, where S is the dimensionless surface area of 
the particle. 

To calculate Jọ = II/a, one can use the results of Section E5.6. 


> Some special cases. For an ellipsoid of revolution with semiaxes a and b (a is the 
equatorial radius) whose symmetry axis is directed along the flow, the Stokes drag is given 
by the formula 


4 =I 
=0é + D x — (x? — 1)arccot x for a2 b, 


(f-e)= X 


+ 
Xo 


1 —1 
Sx? _ yA o + 1) In 7 — 2x] for a < b, 


where y = (a/b) — iae 


For a body of revolution whose axis is inclined at an angle w to the incoming flow 
direction (see Figure E4.6), the following formula holds in the Stokes approximation (as 
Re — 0): 

@€-e)= fi cos? w + fi sin? w, (E5.9.1.3) 


where fj and f are the values of the dimensionless drag of the body for the cases in which 
its axis is parallel (w = 0) and perpendicular (w = 7/2), respectively, to the flow direction. 

In particular, for a thin circular disk, one should set f} = 8/(37) and fı = 16/(97) in 
(E5.9.1.3); for a dumbbell-like particle consisting of two adjacent spheres of equal radius, 
f\ = 0.645 and f, = 0.716. 

The logarithmic term sharply restricts the practical value of the expansion (E5.9.1.2). 
The two-term expression (E5.9.1.1) holds in a wider range of the Peclet number (although 
this expression is less accurate for very small Pe). 


E5.9.2. Mass Transfer to a Ellipsoidal Particle in Translational Flow 


> High Peclet numbers (the diffusion boundary layer approximations). Consider 
diffusion to the surface of a solid ellipsoidal particle in a homogeneous translational Stokes 
flow (Re — 0). The particle is an ellipsoid of revolution with semiaxes a and b oriented 
along and across the flow, respectively. (Here 6 is the equatorial radius.) We introduce the 
following notation: 


x=b/a, ae=ay73, Pee = acl; /D, (E5.9.2.1) 


where ae is the radius of the volume-equivalent sphere serving as the characteristic length. 
The dimensionless total diffusion flux to the surface of an ellipsoidal particle at high 
Peclet numbers is determined by the formula 


I =7.85 K(x)Pet’?, (E5.9.2.2) 
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where the shape coefficient K is given by 


1/3 De -1/3 
KO) = ($) i PP — 1)1/3 ( + += arctan 4/ X? — 1) for x21, 


X 


3 / a -1/3 
Kane 4 e 2/91 -y291/3 SE qa ES - y for < 1. 
(x) ( ) 
X 3 X X i 3 1 7 > X 
A ENAN 
(E5.9.2.3) 


For x = 1, we have K = 1, and formula (E5.9.2.2) after the division by 4r gives the 
Sherwood number (4.6.8) for the solid sphere. 
For 0.5 < y < 3.0, the shape coefficient is well approximated by the expression 


KO) =1+ (x-1), (E5.9.2.4) 


whose maximum error is 0.8%. 
The mean Sherwood number is given by the formula Sh = I/S, where S is the dimen- 
sionless surface area of the ellipsoid of revolution, 


277 1 x+ a) 
== (+ i nS for x21, 
1/3 2 2 
X 2Za/ y“—1 —i/y--1 
‘s NG (E5.9.2.5) 


g 27 n 1 
=— | x — 
Nee y 1-x? 
The dimensionless quantity S is related to the dimensional surface area S, of the 
ellipsoid by S = S,/a?. 


> Arbitrary Peclet numbers. For arbitrary Peclet numbers, the mean Sherwood num- 
ber (corresponding to the characteristic length ae) for a translational Stokes flow past an 
ellipsoidal particle can be approximated by the formula 


arcsin 4/1 — y) for x<l. 


3 1/3 
Sh=0.52 (=) + 5 {0-125 (=) + (7.85 KODI? Pec (E5.9.2.6) 


S \ de Ue 


where the shape factor II is given in the second and third rows of Table ES .3 and the quantities 
Pee, K, and S are defined in Eqs. (E5.9.2.1), (E5.9.2.3), and (E5.9.2.5), respectively. 

For 0.2 < y < 5.0, the maximum error of formula (E5.9.2.6) for an ellipsoidal particle 
does not exceed 10%. (The comparison used the results of the numerical solution of 
the corresponding axisymmetric mass and heat transfer problem by the finite-difference 
method.) 

Formulas (E5.9.2.2) and (E5.9.2.4) cannot be used in the case of a strongly oblate 
(x > 1) or a strongly prolate (x < 1) ellipsoid of revolution. 


E5.9.3. Mass Transfer to Particles of Arbitrary Shape 


> Bodies of revolution. Consider a bounded body of revolution whose axis is inclined 
at an angle w to the translation flow velocity at infinity (see Figure E4.6). In this case, the 
mean Sherwood number can be computed by the approximate formula 


Sh = Shy cos? w + Sh} sin’ w, (E5.9.3.1) 
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where Sh | and Sh | are the mean Sherwood numbers corresponding to the cases of parallel 
(w = 0) and perpendicular (w = 7/2) positions of the body in the flow, respectively. 

At low Peclet numbers, for the translational Stokes flow past an arbitrarily shaped body 
of revolution, formula (E5.9.3.1) coincides with the exact asymptotic expression in the first 
three terms of the expansion. Since (E5.9.3.1) holds identically for a spherical particle at 
all Peclet numbers, one can expect that for particles whose shape is nearly spherical, the 
approximate formula (E5.9.3.1) will give good results for low as well as moderate or high 
Peclet numbers. 


> Particles of arbitrary shape. For a steady-state viscous flow (without closed stream- 
lines) past arbitrarily shaped smooth particles, one can calculate the mean Sherwood number 
by the approximate formula 


Sh = 0.5 Sho + (0.125 She + Shi)! (E5.9.3.2) 


Here the auxiliary variables Sho and Sh. in (E5.9.3.2) are the leading terms of the 
asymptotic expansions of the mean Sherwood number at small and large Peclet numbers, 
respectively. (In (E5.9.3.2), Sh, Sho, and Sh. are defined on the basis of the same 
characteristic length.) 

For spherical particles, we have Sho = 1 (the radius is taken as the characteristic length), 
and (E5.9.3.2) turns into (E5.7.3.2). The substitution of the values of Sho and Shy 
corresponding to ellipsoidal particles in a translational Stokes flow into (E5.9.3.2) results 
in (E5.9.2.6). 

For a translational Stokes flow past a convex body of revolution of sufficiently smooth 
shape with symmetry axis parallel to the flow, the error € (in percent) in formula (E5.9.3.2) 
for the mean Sherwood number can be approximately estimated as follows: 


a b 
ia eee 
E< (22), 


where a and b are the maximum longitudinal and transverse dimensions of the particle. 
This estimate agrees well with the results previously described for an ellipsoidal particle. 

For a particle of a given shape, the auxiliary quantities Shọ and Sha occurring in 
(E5.9.3.2) can be determined either theoretically or experimentally. In the last case, the 
parameter Sho must be found from experiments on diffusion to the particle in a quiescent 
fluid. (Recall that the value Sho corresponds to the dimensionless capacity of the body; the 
electrostatic method for measuring this capacity is widely used in electrical engineering.) 
For a solid particle, the asymptotics of the mean Sherwood number as Pe — oo has the form 
Shs = B Pe!/3 , where B is a constant. Therefore, to find the parameter B and hence Sh, 
it suffices to carry out a single experiment at high Peclet numbers. (High Peclet numbers 
at low Reynolds numbers, Re < 0.5, can easily be achieved in water solutions of glycerin.) 
Thus, to find Sho and Sh, it suffices to carry out two fairly simple experiments. 


E5.9.4. Mass and Heat Transfer to a Circular Cylinder in 
Translational Flow 


Consider diffusion to the surface of a circular cylinder of radius a in a flow with velocity U; 
directed along the normal to the cylinder axis. This is a model problem used in chemical 
engineering for calculating mass transfer to prolate particles; it is used even more widely in 
mechanics of aerosols for analyzing diffusion sedimentation of aerosols on fibrous filters. 
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At low Reynolds numbers Re = aU;/v, the analytical solution of this problem results 
in the following two-term expansion of the mean Sherwood number (based on the radius of 
the cylinder) with respect to the high Peclet number Pe = aU; / D: 


0.580 


= —__!/3 4. 0.9993. 
(2.00 — In 2 Re)!/3 


oh 


If Sc > 0.5, then the mean Sherwood number for cylinders of various cross-sections 
perpendicular to the flow direction in a wide range of Reynolds numbers can be determined 
by using the following formula, derived from experimental data (Kutateladze, 1990): 


Sh = A Sc Re”, 


where the coefficients A and m are given below: 


The range of Re A m 
0.05 to 2 0.640 0.305 
2 to 4 0.556 0.41 
4 to 500 0.381 0.47 


500 to 2.5x 10° 0.430 0.47 
2.5x 10° to2.5x10* 0.142 0.60 
2.5 x 10% to 10° 0.0168 0.80 


E5.10. Transient Mass Transfer to Particles, Drops, and 
Bubbles in Steady-State Flows 


E5.10.1. Statement of the Problem 


We consider a laminar steady-state translational flow past a solid spherical particle (drop or 
bubble) of radius a and study transient mass transfer to the particle surface. At the initial 
time t = 0, the concentration in the continuous phase is constant and equal to Cj, whereas 
for t > 0 a constant concentration Cy is maintained on the particle surface. 

In the particle-centered spherical coordinate system (R, 6, (o), the nonstationary problem 
for the concentration C in dimensionless variables comprises the convective diffusion 
equation 


O 
TC + Pe(v- V)c = Ac (E5.10.1.1) 
OT 
and the initial and boundary conditions 
T=0, c=0; rel. al r>0o0 c— 0, (E5.10.1.2) 


where c=(Ci—-C)/(C,-C,), T= Dt/a?, r=R/a, Pe = aU/D, and U is the characteristic 
flow velocity (for the translational flow U = U;, where Uj is the fluid velocity at infinity). 
The steady-state flow field v is given. 
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TABLE E5.4 
The expressions for Shy in Eq. (E5.10.2.1) for spherical particles, drops, and bubbles; Pe = aU; /D. 


OS hee sco 


Bubbl Translational Stokes flow (2 re) 

a (Re < 1) ES 

2 Bubbl Laminar translational flow (3 Pe) 
TRP at high Reynolds numbers (Re > 1) =— 


Drop Translational Stokes flow 2Pe 
(Re < 1) EA + 5 | 
Translational Stokes flow E 
| Solid parile | Solid parile (Re < 1) 0.624 MTS MTS 


E5.10.2. General Correlations for the Sherwood Number 


> Spherical particles and drops at high Peclet numbers. In what follows we restrict 
ourselves to the case of high Peclet numbers and assume that there are no closed streamlines 
in the flow. 

The diffusion boundary layer in problem (E5.10.1.1), (E5.10.1.2) is first adjacent to 
the particle surface and then rapidly spreads over the flow region with the subsequent 
exponential relaxation to a steady state. The characteristic relaxation time 7; is of the order 


of Pe?24 for a solid particle and of the order of Pe”? for bubbles and drops of moderate 
viscosity. 

The time dependence of the mean Sherwood number for an arbitrary steady-state flow 
past spherical particles, drops, and bubbles can be determined by the approximate formula 


sl = 4/coth(7 Sh? es) (E5.10.2.1) 
Neg 


where Shy = lim Sh is the Sherwood number for the steady-state diffusion mode; Shs 


T—>00 
depends on the Peclet number and can be determined by solving the corresponding stationary 
problem. (For the translational flow, the stationary problem is determined by the equation 
and the boundary conditions (E5.7.1.1)—(E5.7.1.3).) 

Equation (E5.10.2.1) gives a valid asymptotic result for any flow field in both limit cases 
T — 0 and T — 00. 

Table E5.4 presents Shs: for the translational flow past spherical particles, drops, and 
bubbles of radius a. The parameter ( is the ratio of the dynamic viscosity of the drop to 
that of the ambient fluid and varies in the range 0 < 8 < 2 (the value P = 0 corresponds to a 
gas bubble). 

For example, in the case of nonstationary mass transfer in a steady-state translational 
Stokes flow past a spherical drop with limiting resistance of the continuous phase, the 
steady-state value Shy is presented in the third row of Table E5.4. By substituting this 
value into (E5.10.2.1), we obtain 


2 Pe 2 Per y]? 


The maximum error of Eq. (E5.10.2.2) for O < T < oo does not exceed 0.7%. 
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Formula (E5.10.2.1) gives good results for the mean Sherwood number for linear shear 
flows past spherical particles, drops, and bubbles at high Peclet numbers. (In the diffusion 
boundary layer approximation, the maximum error of Eq. (E5.10.2.1) for all 7 does not 
exceed 1.8% in any case.) 


> Spherical particles and drops at arbitrary Peclet numbers. To calculate the mean 
Sherwood number for an arbitrary laminar flow past spherical particles, drops, and bubbles 
in the entire range of Peclet numbers, one can use the interpolation formula 


Sh = (Shs — 1)4/ coth |a(Shg — 1)27 | + 1. (E5.10.2.3) 


Consider the behavior of this function in various limit cases. Since Shy — 1 as Pe — 0, 
we see that Eq. (E5.10.2.3) yields the exact result (E5.6.2.4) for a quiescent medium. As 
Pe — oo, we have Shy — oo, and the expression (E5.10.2.3) passes into (E5.10.2.1). 


For small 7, Eq. (E5.10.2.3) yields the exact result Sh = (nry! 2. As T — 00, we have 
Sh — Shs, which follows from (E5.10.2.3). 
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Chapter E6 
Electrical Engineering 


E6.1. Generalities 
E6.1.1. Introduction. Basic Notions, Definitions, and Notation 


> Preliminary remarks. Electrical engineering is a technical science studying physical 
phenomena related to directed motion of charged particles in conducting media at the 
level of macroprocesses and the problems of practical use of such phenomena. Electrical 
engineering is traditionally divided into the following fields: foundations of circuit theory, 
foundations of magnetic circuits, electric devices and transformers, electric machines, and 
foundations of electronics. 

The basic notions of electrical engineering coincide with similar notions in the course 
of physics. Electrical engineering employs the following physical quantities in the sense 
explained below. 


> Notions, definitions, and notation. The potential is the work done by electric forces to 
transfer the unit charge from a given point in space, in particular, a given point of the circuit 
to the point at infinity (the zero potential point). The potential is denoted by the symbol y 
and is measured in volts (V). The potential can be determined for a given point in space 
(circuit) with respect to the zero potential. 

The voltage (potential difference) is the work done by electric forces to transfer the unit 
charge from a point in space (circuit) to another point. The voltage is also measured in 
volts (V) and denoted by the symbol U. The voltage can be determined only between two 
points in space (circuit). 

The current strength (current) is the electric charge passing through the conductor 
transverse cross-section per unit time. The current strength is measured in amperes (A) and 
is denoted by /. The current strength can be determined for a given element of the electric 
circuit. 

The electromotive force (EMF) is the work done by forces of nonelectrostatical nature 
(extraneous forces) to transfer the unit charge from a point 1n space (circuit) to another point. 
The EMF is also measured in volts (V) and denoted by E. The EMF can be determined 
only for two points in space (circuit). 

The resistance (electric resistance) 1s a physical quantity characterizing the property of 
bodies or media with current flowing in them to transform the electric energy into the heat 
energy of particles of these bodies or media. The resistance is measured in ohms ({2) and is 
denoted by R. The reciprocal of resistance is called the conductance and is denoted by g. 
The SI unit of conductance is the siemens (S), 1S = 1/Q. 

The capacitance 1s the physical quantity characterizing the property of bodies to accu- 
mulate electric field energy. The SI unit of capacitance is the farad (F). 

The inductance 1s the physical quantity characterizing the property of bodies with current 
flowing in them to accumulate the magnetic field energy. The SI unit of inductance is the 
henry (H). 

The power is the work done in electric circuits by force of electrical and nonelectrical 
nature per unit time. The SI unit of power is the watt (W). 
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E6.1.2. Perfect Elements. Active and Passive Elements 


> Perfect elements. Notation conventions for perfect elements. Electrical engineering 
operates with ideal or perfect elements. The idealization consists in that each of the perfect 
elements has only one of the properties inherent in actual elements. Any perfect element 
is an abstraction, 1.e., a convenient model that with certain accuracy reflects the processes 
and phenomena occurring in actual elements. 

In electrical engineering, the following perfect elements are studied. 

A conductor is a perfect element in which the electric energy is neither transformed 
nor dissipated nor accumulated. The conductor has neither resistance nor inductance. The 
voltage at the ends of a perfect conductor is always zero. The connection of two points of 
a perfect conductor is called the short circuit. 

A disconnection is a perfect element in which the electric energy is neither transformed 
nor dissipated nor accumulated. The disconnection has no capacitance, and the disconnec- 
tion resistance and inductance can be assumed to be infinitely large. The current through a 
disconnection is always zero. The disconnection between two points of an electric circuit 
is called the open circuit. 

A switch 1s a perfect element having two stable states in one of which it is a perfect 
conductor and in the other it is a disconnection. The transition from one state into another 
occurs in an infinitely small time interval. 

A resistor 1s a perfect element that has only a finite value of resistance. The inductance 
of a perfect resistor is zero. In the resistor, the electric energy is dissipated; 1.e., it is 
irreversibly transformed into the heat energy. 

A capacitor is a perfect element that has only a finite value of capacitance. The resistance 
of a perfect capacitor is infinitely large, and its inductance is zero. In the capacitor, the 
electric field energy is accumulated. 

A coil (induction coil) is a perfect element that has only a finite value of inductance. The 
resistance of ideal induction coil is zero. In the induction coil, the magnetic field energy is 
accumulated. 

An ideal EMF source is an active element such that the voltage at its terminals is equal 
to the value of its electromotive force. This quantity is, in particular, independent of the 
current flowing through the EMF source. The short circuit problem for an ideal EMF source 
is ill posed. 

The ideal source of current is an active element such that the strength of the current 
flowing through it is always equal to the current of the source. The current of the source is, 
in particular, independent of its voltage. The open circuit problem for the current source is 
ill posed. 

By default, all the elements are assumed to be perfect. Any perfect element in electrical 
circuits (networks) 1s indicated by the symbol of its typical parameter. If it is necessary to 
distinguish several elements, then the parameters are equipped with corresponding indices. 

The notation conventions for perfect elements are shown in Fig. E6.1. 

Unless otherwise specified, it is assumed that the geometric dimensions of perfect 
elements are zero. 

The direction from minus to plus at the ideal EMF source shows the direction of 
extraneous forces or the direction of increase in the potential. The voltage on such a source 
is equal to £. 

A perfect element is said to be linear if its characteristic elements are independent of the 
current flowing in the element and of its voltage. By default, it is assumed that the elements 
are linear. 

The mathematical model of an actual element can be constructed from perfect elements 
with any desired accuracy of details. 
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R 
Resistor of resistance R 
L ee 
Ideal induction coil of inductance L 
Lie Ri Nonideal, real induction coil 
AAN of inductance L., and resistance R;, 
C l l 
— |. Capacitor of capacitance C 
Ideal source of voltage, electromotive force E 
os Ideal source of direct current 


ti | Switch (SPST = Single Pole, Single Throw) 
Syke [ete 
Syke | sri 


Figure E6.1. Notation conventions for perfect elements. 


> Active and passive elements. The perfect elements are divided into active and passive 
elements according to the character of the energy transformation in them. 

In passive elements, only the energy accumulation (inductance and capacitance) or its 
dissipation (irreversible transformation of electric energy into heat in resistors) may occur. 
In several passive elements, energy is neither accumulated nor transformed at all (conductor, 
disconnection, switch). 

In active elements, energy is transformed from one type into another. An EMF source 
and a current source are active elements. The energy transformation in active elements is 
always reversible. 


E6.1.3. Electric Circuits and Networks. Classification of Electric 
Circuits and Their Operation Modes 


> Electric circuits and networks. An electric circuit is an electrical engineering device 
that exists or may exist in reality. An electric circuit consists of actual elements. 

A network (electrical network) is a certain graphical representation of an actual device, 
which is constructed only of perfect elements. 

An equivalent circuit of an electric circuit consists of a set of different idealized elements 
chosen so that it were possible to describe the processes in the circuit with a prescribed or 
desired accuracy. 


> Classification of electric circuits and their operation modes. The electric circuits 
are classified according to the characteristics of the elements composing them as follows: 
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linear and nonlinear circuits, circuits with lumped parameters, and circuits with distributed 
parameters. For a circuit to be referred to as nonlinear, 1t suffices to contain at least one 
nonlinear element. For a circuit to be referred to as a circuit with distributed parameters, 
1t suffices that the linear dimensions of at least one element are commensurable with the 
wavelength of the electromagnetic field arising in this circuit. 

The operation modes of electric circuits are classified according to the character of 
variations in the input and output signals (currents and voltages) in time. The operation 
modes are divided into stationary, quasistationary (periodic), and nonstationary (transient). 


E6.1.4. Structure Elements of Network. Notion of the Graph of a 
Network 


> Structure elements of network. In any electrical network, the following structural 
elements can be distinguished: branch, node, loop. 

An branch is a series connection of several perfect elements. A branch can consist of a 
single element if it is not a conductor or a disconnection. A series connection 1s a connection 
of perfect elements in which the “output” of one element is the “input” of one and only one 
subsequent element. The branch origin is the “input” of the first of the elements, and the 
branch end is the “output” of the last of the perfect elements. The origin and the end of 
a branch are, as a rule, conditional notions. It is convenient to denote all perfect elements 
belonging to the same branch by the same indices. It follows from the charge conservation 
law that the current strength is the same for all elements of the branch. 

A node is a point common for three or more branches. For each of the branches 
belonging to (incident on) a given node, the node can be only the origin or the end of the 
branch. It follows from the definition of electric potential that the potentials of all points 
forming a given node are the same. 

An loop is any closed path in an electric circuit network such that none of the branches 
and none of the nodes are encountered twice when going around this path. A loop may be 
dependent and independent. 


> Graph of a network. The graph of a network is a graph such that the set of its vertices 
coincides with the set of the network nodes and the set of its edges coincides with the 
network branches. The set of independent loops in a network is the set of fundamental 
cycles in the graph of the network. The elements of a graph are branches, vertices, nodes, 
and loops. A branch is the current path between two vertices, and the current strength in 
all transverse cross-sections of the branch at a given time moment is constant. A node is 
a vertex at which three or more branches meet. A loop is a closed path beginning and 
terminating at the same vertex. The number of loops in a network may be rather large, but 
still, there is a number N of linearly independent loops, which can be determined by the 
formula 
N=B-K +1, 


where B is the number of branches and K is the number of nodes. 


E6.1.5. Physical Laws for Structure Elements 
For the basic structure elements of any electrical network, there exists its own physical law: 
Ohm's law (for branches), 


Kirchhoff’s first law (for nodes), 
Kirchhoff’s second law (for closed loops). 
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> Ohm’s law. Ohm's law is formulated as follows: the current strength on a part of the 
circuit is directly proportional to the voltage applied to this part and 1s inversely proportional 
to the resistance of this part. 

Ohm's law can be interpreted for a part of the circuit containing an EMF source F (the 
generalized Ohm law) as follows: the current of a part of the circuit is equal to the algebraic 
sum of its voltage and EMF divided by the resistance of the part. The EMF and the voltage 
are taken with positive sign if their directions coincide with the current direction and are 
taken with negative sign if their directions are opposite to the current direction. The four 
situations shown in Fig. E6.2 are possible. 


E 
a R b ¡Y tE 
E) VVV i — R 
T 
E 
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E S vvV OR 
T 
E 
a R b Ma 
E ae ~ 
T 
E 
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Figure E6.2. Generalized Ohm law for different parts of the circuit. 


> Kirchhoff’s laws. Kirchhoff’s first law is formulated as follows: 
y i, =0 (the algebraic sum of currents at a node is zero). 
k=1 


Here it is assumed that the currents flowing into a node are taken with the sign “+”, and the 


currents flowing out of a node, with the sign “—”. 
Kirchhoff’s second law can be formulated as follows: 


y Ey = y Ril, 
k=1 [=1 


where > /;._, Ex is the algebraic sum of EMF Ez, in a closed loop, and a term in this sum 
1s taken with sign “+” 1f the directions of the source EMF and of an arbitrary chosen path 
tracing coincide with each other, otherwise, the sign “—” is taken; aa RI, is the algebraic 
sum of voltages in the same loop, and a term of this sum is taken with sign “+” if the 
directions of current voltage and of an arbitrary chosen path tracing coincide with each 
other; otherwise, the sign “—” is taken. 


E6.1.6. Problems of Analysis and Synthesis of a Network. An 
Analysis of a Network by Physical Laws. Potential Diagram 


> Problems of analysis and synthesis of a network. In electrical engineering, the 
problems of network analysis and synthesis are distinguished. The analysis problem is a 
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problem of calculating currents in branches of a network, of voltages between nodes, of 
powers, etc. from the well-known structure of the circuit and the parameters of 1ts elements. 
The analysis problem is generally solved by constructing an equivalent circuit that, with 
a desired accuracy, reflects the circuit element properties important in the problem under 
study and the circuit structure. Further, the problem is solved by one of the methods for 
analyzing the circuits, which are considered below. The choice of any method is based on 
the following factors: the dimension of the obtained system of equations, the simplicity of 
algorithmization, and the restricted possibilities of using the method. 

The circuit synthesis problem involves the construction of a network ensuring the 
prescribed values of one or several parameters for one or several elements under certain 
restrictions. 


> An analysis of a network by Ohm’s and Kirchhoff’s laws. An analysis of any 

correctly described electric circuit can be performed by using only the three physical laws 

listed in Subsection E6.1.5. In general, to solve the problem, it is necessary to write out the 
equations of Kirchhoff’s second law for all independent loops and of Kirchhoff’s first law 
for all nodes except one arbitrary node. If necessary, the generalized Ohm law is written 
for separate branches. The system of linear equations thus obtained can be solved by any 
method. 

The order of calculations may be as follows: 

1. The positive directions of currents in all branches are chosen and indicated by arrows. 

2. The positive directions of path tracing are chosen. 

3. The system of equations according to Kirchhoff’s laws is constructed: (1) by the first 
law, we obtain N¡ = K — 1 equations, (11) by the second law, we have No = B-K +1 
equations, where B is the number of branches and K is the number of nodes (in the 
whole, we obtain N; + N2 = B equations). 


Example. As an example, consider the electrical network shown in Fig. E6.3. We choose the directions 
of the currents and the directions of the path tracing as is shown in Fig. E6.3. Then we obtain the system of 
equations: 

I 1— I 2 + ÍI 3 = 0, 
Ei + E) = LI Ri + hhk, 
E, + Ez = DR) + I R3. 

The unknowns in this system of equations may be any three quantities, and the others must be prescribed. 

Usually, the unknowns are the currents in the circuit branches. If it is necessary to introduce the voltage U AB 


into the system of equations, then it is also required to write out the generalized Ohm law for any of the three 
branches. 


Figure E6.3. Electrical network. 


Using Ohm’s and Kirchhoff’s laws, one can calculate the operation mode of any electric 
circuit. But the order of the system of equations can be large. The system can be simplified 
by different methods, and all of them are based on Kirchhoff’s and Ohm’s laws. A method 
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for solving the problems is chosen starting from the complexity of the network and of given 
parameters. 


> Distribution of the potential along an unbranched (unramified) electric circuit. 
The potential diagram is the distribution of electric potentials along parts of the circuit of 
a closed loop, namely, (P). 


Figure E6.4. Electrical network and the potential diagram; Ao; and Roz stand for the internal resistances of 
the EMF F and E), respectively. 


We illustrate the diagram construction with an example of a simple unbranched circuit 
shown in Fig. E6.4. Assume that the direction of the path tracing coincides with the direction 
of the current. To construct the potential diagram, we assume that one (any) of the potentials 
of the closed loop is zero. If the EMF F; exceeds the EMF Fn, then, in this case, we have 


m E¡ — E 
7 Ri + Ro. + Ro + Ro 


Let fa = 0; then 
Yp=Ya-Ril, Pe = p» + Ei- Rol, a=YP=Rol, Pa = pa- En- Rol =0. 


In these expressions, the value of the EMF source voltage £ is taken with sign “+” if the 
sense of the path coincides with the direction of E; otherwise, the sign “—” is taken. The 
value of the resistor voltage is taken with the sign “+” if the sense of the path is opposite to 
that of the current; otherwise, the sign “—” is taken. 


E6.2. Linear Circuits of Direct Current 
E6.2.1. Power of Direct Current 


To estimate the energy conditions, it 1s important to know how fast the work is done; 1.e, it 
is important to determine the power: P = UI. 

For resistive elements, this expression can be transformed using Ohm’s law as follows: 
Pr=UI=I?R=U?/R. 

For the EMF source whose direction coincides with the direction of the current, the 
power of extraneous forces is determined as Pg = El. But if the current and EMF 
directions are opposite (for example, in the case of battery charging), then the power of 
extraneous forces is: Pg = —El. In this case, the EMF source obtains energy from the 
external circuit. 
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The power of extraneous forces of the current source is equal to Py = Uab = UgpJ. If 
Uab < O, then the source gains energy from the external circuit. 

In any electric circuit, the energy balance—1.e., the power balance—must be satisfied, 
which means that the algebraic sum of powers of all energy sources must be equal to the 
algebraic sum of powers of all energy receivers: 


Y Pg=5 Pr. 


Example. Let us compose the energy balance for the network shown in Fig. E6.5. We obtain 


UasJ + Eil = I? Ri + R3. 


Figure E6.5. Electrical network illustrating the energy balance. 


E6.2.2. Notion of Nonideal Source. Equivalent Circuits and External 
Characteristics 


> Nonideal source. Equivalent circuits. A nonideal source of energy with known EMF E 
and internal resistance Ro can be represented by two basic equivalent networks (equivalent 
circuits): the voltage source (Fig. E6.6a) or the current source (Fig. E6.6b). 


(b) 


Figure E6.6. (a) Equivalent circuit of voltage source and (b) current source. 


The representation of actual electric energy sources in the form of two equivalent circuits 
is an equivalent representation with respect to the exterior part of the circuit (receiver); 1.e., 
in both cases, the voltages between the source terminals are the same (Uap). But the energy 
relations in the two equivalent circuits are not the same. There is no equality between the 
power of the EMF sources and the current source EI # U,pl and the loss power I 2Ro #1 7 Ro. 
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> External characteristic and operation modes of an EMF source. According to 
Ohm’s law, the EMF source terminal voltage takes the form 


U» = E-IRo. 


The dependence between the voltage U and the current J flowing through the EMF source 
is called the external characteristic of the EMF source or the volt-ampere characteristic 
(VACh). The external characteristic of the source U (1) completely determines the properties 
of this source and, for a majority of actual sources, this characteristic, can be represented 
as a Straight line (see Fig. E6.7). 


U,B 


Ly lo L, A 


Figure E6.7. External characteristic of the EMF source. 


Of all possible operation modes of an EMF source, we note the following four most 
important modes: 


point 1: open circuit mode, 

point 2: nominal (typical) operation mode, 
point 3: consistent operation mode, 

point 4: short circuit mode. 


The open circuit mode (point 1) 1s an operation mode in which the receiver resistance is 
infinitely large (R = 00). In practice, this corresponds to disconnection of an electric circuit, 
hence the open-circuit current is zero (J, = 0), and hence U, = E. In the open circuit tests, 
the EMF F can be determined from the readings of a voltmeter connected directly to the 
open-circuit terminals of the EMF source £. 

The nominal mode (point 2) of a source is characterized by the fact that its voltage, 
current, and power correspond to the values calculated by the manufacturing departments. 
In this case, the best operation conditions are guaranteed for the EMF source (efficiency, 
operating life, etc.). The quantities determining the nominal mode are usually indicated 
in the certificate, in the catalog, or on the device panel. In the nominal mode, Uy = 
E- Roly. 

In practice, the nominal mode is attained if Uy lies in the limits 0.90F < Uy < 0.95E. 

The consistent mode (point 3) 1s an operation mode in which the source transfers the 
maximal power Pmax to the receiver (to the external circuit). To achieve this operation 
mode, it is necessary to choose a value of the receiver resistance R, equal to the internal 
resistance of the source Ao, 1.e., R = Ro. 

The short circuit mode (point 4) is characterized by the fact that the receiver resistance 
becomes zero R = 0. As a rule, in practice, this is related to closing the electric energy 
receiver by a conductor of a very small resistance, the so-called industrial short circuit, often 
caused by a lot of abuse of electrical engineering devices (electric motors, transformers, 
home equipment, etc.). 
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For R =0, we have U’ = RI’ =0, and then the short circuit current is equal to T’ = E’/ Ro. 
Because of a small internal resistance of the EMF source E, the short circuit current (1”) can 
attain very large values significantly exceeding the value of nominal currents (J’ > Iy). 
Therefore, the short circuit mode, as a rule, 1s very dangerous and undesirable for both the 
source and the receiver. But in several cases, the short circuit mode is nominal for electrical 
engineering devices such as the welding transformers and generators, current transformers, 
etc. 

The parameters of the EMF source E can be determined graphically by using its external 
characteristic. 


E6.2.3. Problem of Maximal Power Transfer. The Source Efficiency 
Factor 


For the receiver to deliver the maximal power Pinax, 1t is necessary that the receiver operate 
with the EMF source F in the consistent operation mode. To achieve the consistent mode, it 
is necessary to choose the receiver resistance F so that it is equal to the internal resistance Ro 
of the EMF source £E. 


E 
Indeed, the power delivered by the receiver is equal to P = RI*, where I = RIR 
0 
Therefore, 
E? 
Pee 
(R + Ro)? 


Let us analyze this formula. If R = 0, then P = 0; if R = oo, then P = 0. Therefore, the 
function P = P(R) has an extremum. One can show that this function attains its maximum 
for R = Ry. The corresponding power delivered by the receiver is calculated as 


RE? F? 
Pac a a 
C (Ro+ Ro)?  4Ro 


and the power delivered by the source is equal to 


E E? 
Pr = Elo = E_———— = —. 
A a Ro + Ro 2Ro 


The source efficiency factor in this operation mode is equal to 


P, max 


—— =0.5; 
Pg 


n= 


1.e., 50% of energy the source is transferred to the receiver, and the other 50% are lost in 
the source itself (due to its internal resistance). 

The consistent mode is admissible and desirable in systems of telemechanics, automat- 
ics, telephony, etc., where it is necessary to distinguish the maximal possible power Pmax in 
the receiver; the 50% losses in the source can be neglected, because the power consumption 
in such systems is small of the order of several watts. 

In power-supply systems, such an operation mode is impossible, because the powers of 
the energy sources is of the order of megawatts (MW) and the 50% losses in the sources are 
extremely large. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 874 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 875 


E6.2. LINEAR CIRCUITS OF DIRECT CURRENT 3975 


E6.2.4. Theorem on Active Impedor (Two-Terminal Network) and Its 
Application 


> Theorem on active impedor. The electric circuit (Fig. E6.8) can be divided into two 
parts: the first contains a branch (e.g., resistance R) in which it is required to find the 
current J, the second—1.e., the other part of the circuit—contains an active impedor. 

The theorem on an active impedor can be formulated as follows: if the active circuit 
with a branch connected to it is replaced by a source with EMF F equal to the voltage at 
the terminals of the opened branch and with the resistance equal to the input resistance of 
active circuit, then the current in this branch does not change. 

An active impedor with respect to the resistance R, can be treated as an equivalent 
generator with EMF £ and the internal resistance Ro, which permits determining the 
current flowing through the resistance R as follows: I = E/(R + Ro). 

Sometimes, the theorem on active impedor is also called the equivalent generator method 
or the open-circuit and short-circuit method, the latter name explains the essence of this 
method. 

The unknown values of EMF F and the internal resistance Ro of an equivalent generator 
can easily be determined by open circuit and short circuit tests. From the open circuit test 
we determined U, and the equivalent generator EMF E = U}. 

The impedor internal resistance can be determined in the following two ways. First, 
one can calculate the resistance of the entire electrical circuit without the resistor R with 
respect to the terminals of the active impedor for the bridged EMF sources E with their 
internal resistances taken into account and for the open current sources. Second, one can 
first find the short circuit current by setting that the resistance R is zero and then determine 
the internal resistance by the formula Ry = E/T. 


> Example of applying the theorem on active impedor. We illustrate the use of the 
theorem on active impedor by an example for the network shown in Fig. E6.8a. In this 
network, we choose the positive direction of the desired current /;. Then we consider the 
network part connected to the first branch under study (enclosed in the dashed line) as an 
active impedor with EMF FE, and internal resistance Rọ (see Fig. E6.8b). In the network, 
the direction of EMF E, to point A is chosen arbitrarily; then Uag = E,. The full-scale 
network in open circuit mode is shown in Fig. E6.8c. 
In the impedor internal branches, the current is calculated by the formula 


En 


VÁ eee 
Ro) + R3 + Ro 


The open-circuit voltage determines the EMF of the active impedor as follows: 
Vap = By = Rale 


To calculate the impedor internal resistance, we transform the network replacing the 
source Ej by a short-circuited part (see Fig. E6.8d). The network input resistance is the 
internal resistance of the active impedor: 


_ (R2 + Roz) R3 


Ue Ro+R3+ Ro 


Returning to the original network, we determine the desired current by Ohm’s law: 


E, + Ex 


LSS 
Ri + Ro, + Ro 
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Figure E6.8. Electrical networks illustrating the active impedor method. 


E6.2.5. Two Compensation Theorems. Properties of Linear Circuits: 
Linearity Theorem and Reciprocity Theorem 


> Compensation theorems. The voltage compensation theorem (voltage compensation 
principle) says that the network part ab with voltage Ua» can be replaced by an equivalent 
EME source E = Uap whose direction is opposite to the positive direction of the voltage 
Uab (see Fig. E6.9). In this case, the current distribution in the network does not change. 


(b) Lp 


Figure E6.9. (a) Initial network and (b) transformed network. 
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The current compensation theorem (current compensation principle) says that the net- 
work part ab with current [,, can be replaced by an equivalent current source J = Lap whose 
direction coincides with the positive direction of the current Jp. 


> Linearity theorem and reciprocity theorem. Linearity theorem: if, in any linear 
electric circuit, there are variations in the EMF F or in the resistance, then any two 
quantities (currents or voltages) for any two branches of this circuit are related by the linear 
expression y = a + bx, where x is the current or voltage in one branch, and y, in the other 
branch. If, in the network, the EMF or the resistance vary simultaneously in two branches, 
then any three quantities in the network (currents or voltages) are related by the linear 
expression: y = a + bz + cz. 

The coefficients a, b, and c can be determined experimentally or can be calculated. 

So, for example, as the EMF £,,, varies in any mth branch, the currents /;, and J, in any 
kth and any pth branches are related by the linear expression I% = az +b,1,. According to the 
compensation theorem, any branch can be replaced by an appropriately chosen EMF; hence 
the variation in the resistance in the mth branch also results in variations in the currents 
and voltages in the branches, and there exists linear relations between these currents. The 
coefficients a; and bg can be determined if the values of the voltages and currents are known 
in the branches under study for two operation modes in the circuit. 

Reciprocity theorem: in any electric circuit, the current J; in the kth branch caused by 
the EMF Em located in the mth branch is equal to the current /,,, in the mth branch caused 
by the EMF Ex located in the Ath branch if Em = Ep. 


E6.2.6. Equivalent Transformations in Electrical Networks 


> Preliminary remarks. The analysis of a complicated electric circuit can often be 
simplified by replacing a group of resistive elements in its equivalent circuit with an equiv- 
alent group where the resistive elements are connected in a different way. An expedient 
transformation of electrical networks leads to a decrease in the number of its branches or 
nodes and hence in the number of equations determining its electric state. In all cases of 
replacement of electrical networks by equivalent networks of different form, it is necessary 
to ensure that the currents and voltages remain unchanged in the network parts that remain 
untransformed. 


> Series and parallel connection of resistors. The series connection of resistors is a 
connection such that the current flowing through the resistors is one and the same. For 
one and the same current to flow through the receivers connected in series, it is necessary 
that there be no electrical nodes at the points of their connection. Then the equivalent 
resistance KR for N resistors connected in series is determined as 


R=R,+Ao+---+Ry. (E6.2.6.1) 


The parallel connection of resistors 1s a connection such that the voltage at the resistor 
terminals (points of connection) is one and the same. For one and the same voltage to be at 
the terminals of the resistors, it is necessary that they have a single common input (node) 
and a single common output (node). 

For N resistors connected in parallel, we have 


ae E IN (E6.2.6.2) 
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> Useful formulas for several resistors. From formula (E6.2.6.2), one can obtain the 
equivalent resistances of two or three resistors connected in parallel: 


— kak 

= Ry + Ry 

E R, R2 R3 

= RiR + R¡R3 + RoR; 


(two parallel resistors), 
(three parallel resistors). 


A Y-network (also know as a star) of resistive elements can be transformed to an 
equivalent A-network; see Fig. E6.10. The inverse transformation is also possible. 


Figure E6.10. Invertible transformation between a A-network and a Y-network. 


A-to-Y transformation formulas: 


RyR31 Roa3R12 R31 R23 


R = _— > E _——————— STE 
: Riz + Ro3 + A31 i Riz + R23 + R31 Riz + Ro3 + R31 


The resistance of each ray in the equivalent Y-network is equal to the product of 
resistances of the two A-network branches adjacent to the corresponding ray divided by the 
sum of resistances of all branches in the A-network. 

Y-to-A transformation formulas: 

Ry Ry Ry R3 R3hy 


Ro=Rh, +A , 23=R+R , &£3,=R3+R 
12 1 + ft? + R; 23 2 + h3 + Ri 31 34 ity + R 


We also present similar formulas for conductances: 


9192 9293 9391 
oS ee OS COS =. 21 
gı + 92 + 93 gı + 92 + 93 gı + 92 + 93 
Thus, the conductance of each branch in the equivalent A-network is equal to the product 
of conductances of the Y-network rays adjacent to the same terminals divided by the sum 
of conductances of all rays. 


E6.2.7. Application of Equivalent Transformations in Network 
Analysis. Convolution Method 


It is convenient to use the method of equivalent transformations mainly for networks with 
a single energy source, provided that the energy source voltage does not change after the 
transformation. The convolution method is reduced to the transformation of the electric 
circuit into the simplest network with a single source and a single equivalent receiver; then 
the backward calculations are performed. 
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We illustrate the convolution method by an example of the network given in Fig. E6.11. 
First, we arbitrarily choose the direction of unknown currents 71, J2, 134. The resistors with 
resistances #3 and R4 connected in series are replaced by a resistor with equivalent resistance 
R34 by the formula R34 = R3 + R4. We transform the original network (Fig. E6.11a) into 
an equivalent network (Fig. E6.11b). The resistors with resistances R> and R34 connected 
in parallel are replaced by a resistor with equivalent resistance R234 by the formula 


We replace the transformed network (Fig. E6.11b) by an equivalent network (Fig. E6.11c). 
It follows from Fig. E6.11c that the resistors with resistances RA, and R234 are connected in 
series. Therefore, the resistance equivalent to them is calculated by the formula 


R' = Ri + R234. 


Thus, after the above transformations, the original network (Fig. E6.11a) is transformed 
into an equivalent network (Fig. E6.11d). 


Figure E6.11. (a) Original electrical network and (b, c, d) the transformed networks connected in series. 


The current f; at the circuit input (Fig. E6.11d) is calculated by Ohm’s law: 


E Ua 
= RI = RI Í 

To determine the currents in parallel branches, it is necessary to calculate the voltage 
Urq at them (Fig. E6.11c): Upa = R234141. 

We determine the currents in parallel branches (Fig. E6.11b) by the formula 
_ Ura Uba 


= fer 
Ra Raa 


qi 


h 
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E6.2.8. Superposition Principle. The Notion of Input and Transfer 
Conductances (Admittances) 


> Superposition principle. Input and transfer conductances. The following superpo- 
sition principle holds for linear electric circuits: the current in any branch is equal to the 
algebraic sum of currents in this branch (partial currents) under the separate action of each 
source 1f the other sources are replaced by resistors with resistances equal to the internal 
resistances of the corresponding sources. An analog of such a principle can be found in 
mechanics, where the motion of a body under the action of several forces can be considered 
as a result of addition of actions caused by each separate force. 

In the equivalent circuit with m branches, the current in each nth branch is equal to 
the algebraic sum of partial currents caused by each of the EMF and each of the current 
SOUrCeS. 

For a network without any current source, one can write an equation for the current in 
any nth branch of the linear electric circuit in the form 


La = Eigin T EGan AA EmY9mn (n < m). 


In this equation, the factors multipying the EMF have the dimension of conductances. 
Therefore, each of the factors with two equal indices gnn can be called the input conductance 
of branch n, and any of the factors with two distinct indices gmn can be called the transfer 
conductance of the branches n and m. 

The numerical values of the input and transfer conductances of branches can be calcu- 
lated as follows. We equate all the EMF Em with zero except for En. 

Then Ip = Engnn, whence gnn = In/En. Therefore, the input conductance of any 
branch is determined by the current to EMF ratio in this branch provided that the EMF are 
zero in the other branches. The value of the current in branch m can be determined if we 
equate all the EMF with zero except for En. Then Im = Emngmn, whence gmn = Im/En. 
Therefore, the transfer conductance of any two branches is determined by the ratio of the 
current in one branch to the EMF in the other branch provided that the EMF in the other 
branches are zero. 

The input conductance of a branch has a positive value, because it was assumed that we 
choose the same direction for the current and for the source EMF. The transfer conductance 
of two branches can take positive and negative values, and moreover, gmn = gnm, Which 
means that the reciprocity principle is satisfied. 


> Electrical networks illustrating the superposition principle. As an example, consider 
the network in Fig. E6.12a. 

The currents in branches are equal to the sum of partial currents in the networks; see 
Fig. E6.12b and c. 


(a) (b) (c) 


A Y 
l I 
Y MN 


Figure E6.12. Electrical networks illustrating the superposition principle. 
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We determine the currents in the original network as the sum of partial currents: 


Ri + R3 R 
I= Ii + = 911 1 + gb = aE = Sz as 
R3 Ri + R3 
L=L+L=9uE1 + 92 É) = A+ ba 
Ro R 
B = 1, +13 =93E1 + 932E2 = q + Es, 


where R = \/ Ry, Ro + Ri R3 T Ra R3. 

In the equivalent circuits with current sources, the partial currents of branches are 
determined from each of them by eliminating the other current sources by disconnecting 
the branches containing them. 


E6.2.9. Concise Methods for Analyzing Electric Circuits 


> Mesh-current method. The mesh-current method is based on Kirchhoff”s laws and is 
most convenient for analyzing electric circuits where the number of independent loops is 
less than the number of electrical nodes. 

When solving the problems, it is assumed that, in the independent loops of the electric 
circuit, there are their own currents, which are denoted for the first, second, etc. loops, 
respectively. 

Then the linear equations for the chosen unknown loop (fictitious) currents can be com- 
posed according to Kirchhoff’s second law. The number of the composed independent linear 
equations must correspond to the number of unknown loop currents. When constructing the 
equations, first, one must compose the simplest independent equations, and second, each 
subsequent equation must contain at least one branch that does not enter the loops already 
used. Solving the obtained system of equations for the unknown loop currents, one can 
determine the unknown (actual) currents. 

In the general case, for a network with n independent loops, the system of equations of 
the mesh-current method can be written as 


Rili Roln t + Aindan = £11, 
Ral + Radi +++ + Randnn = En, 


Rail + Rali ES y Raniañ = Eri 


(E6.2.9.1) 


The solution of this system for loop currents can, for example, be found by the Cramer 
method (see Section M5.3). 


Example. We illustrate the use of the mesh-current method by the example of the electrical network shown 
in Fig. E6.13. 
We have the system of equations 


(Ri + Ra — Rabo = Er, 
—Ra4lÍ; 1 + (R3 + R4 + R5)lz2 — R3l33 = E3 + Es, (E6.2.9.2) 
—R3bo + (R2 + R3)133 = En — Ez. 


We denote 


Rii = Ri + Ra, Rn = Rz + R+ Rs, R3=R2+R3, Ri = Ra =-Ra, R32 = Rz =-R3, 
Eu = b6, En = E+ Es, 233 =-b-— £3. 
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As a result, system (E6.2.9.2) takes the standard form (E6.2.9.1): 


Ruda + Rub = Er, 
Rafi + Rabo + Ro3l33 = Eno, 
R321. + 33133 = E33. 


Determining the loop currents from this system, we can readily find the actual currents in the circuit by the 
formulas 


h=fi, b=-—t3, b=b2-l3, Ig=ho-In, Is = bo. 


Figure E6.13. Electrical network illustrating the mesh-current method. 


> Node-potential method. The operation mode of any circuit is completely characterized 
by the equations constructed on the basis of Kirchhoff’s first and second laws, and to 
determine the currents in all branches, it is necessary to compose and solve a system with 
the same number of unknowns (unknown node potentials). But the number of equations to 
be solved can be decreased by using the node-potential method based on the application of 
Kirchhoff’s first law and the generalized Ohm law. 

To explain the essence of the method, consider the electrical network shown in 
Fig. E6.14. Assume that the potential of one of the nodes, for example, of the third, 
is zero, (p3 = 0. Then for nodes 1 and 2 we compose the following equations according to 
Kirchhoff’s first law: 


Is -—Ig4-Kh +16 =0, -—Ls-l6-L +13 =0. (E6.2.9.3) 
The currents in the branches can be determined by using Ohm’s law: 


Le =(p1-p2)96, Ll = (y1 + E1)gı, 
l4 = (-—y1) 94, Is =(~1 — 2 + Es)gQs, (E6.2.9.4) 
h =(-p + E), 13 = (p2 + £3)93, 


where (1 and y3 are the potentials of the first and second nodes. Substituting the expressions 
(E6.2.9.4) for the currents into (E6.2.9.3), we obtain 


pı(gı + ga + g5 + 96) — palgs + g6) = E g1 — Esgs, 
—pilgs + 96) + alga + 93 + g5 + 96) = Eigi — £393 + Esgs, 


or 
rg — 92912 = figs — Esgs, 
—p1921 + 92922 = Figs — £393 + Esgs. 
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Figure E6.14. Electrical network illustrating the node-potential method. 


Here 911 = 91 + 94 + 95 + 96 and g22 = 92 + 93 + gs + go are the sums of conductances of the 
branches adjacent to the first and second nodes, respectively, and 912 = 921 = gs + 96 is the 
sum of conductances of the branches connecting these nodes. 

The right-hand side of the last equation is an algebraic sum of products of the EMF E of 
sources by the conductances of the branches connected to the node of interest. This product 
is taken with the plus sign if the EMF F is directed towards the node and with the minus 
sign if the EMF F is directed from the node. (The positive direction of an EMF source is 
from minus to plus.) 

It is remarkable that the current directions in the branches need not be taken into account 
when composing the equations. 


> Nodal-pair method. The nodal-pair method is based on the generalized Ohm law and 
Kirchhoff’s first law and is used to calculate the electric circuits with two nodes (1.e., electric 
circuits with branches connected in parallel). When solving the problems by this method, 
one first determines the voltage between the two nodes by the formula: 


T = SEG Ei dk 
2 = == 
I 


where g; are the electric conductances of the corresponding branches, J; are the values 
of currents from the current sources, and g;F; is the product of electric conductance of a 
branch by the EMF £ of the same branch, which is taken with sign “+” if the EMF F is 
directed towards node 1; otherwise, the sign “—” is taken. 

After the voltage drop between two nodes is determined, one calculates the unknown 
currents by the generalized Ohm law. 


Example. We illustrate the use of the nodal-pair method by anthe example of the electrical network shown 
in Fig. E6.15. 
The voltage between two nodes is equal to 


_ Eigi — Fanga +J 
gı + 92 + ga 
where gı = 1/R1, g2 = 1/(R2 + R3), and g3 = 1/Ra. 


Ur 


> Proportional parts method. Sometimes, the currents in a circuit containing only one 
source can be found in a relatively simple way by using the proportional parts method. 
The essence of this method is that in one of the branches, usually in the most remote 
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Figure E6.15. Electrical network illustrating the nodal-pair method. 


from the energy source, an arbitrary value of the current strength 1s assumed, usually equal 
to 1 A. Then, starting from this current, one calculates the currents and voltages in the other 
branches, as a rule, by using Ohm’s law; these calculations are performed until the energy 
source voltage corresponding to the accepted values of currents in branches is found. After 
this, the coefficient of proportionality between the actual voltage Up and the calculated 
source voltage U” is derived: k = Up/U”. To determine the true values of currents in all 
the branches, one must multiply the current values obtained earlier by the proportionality 
coefficient k: Im = kI. 


E6.3. Nonlinear Electric Circuits of Direct Current 
E6.3.1. Notion of a Nonlinear Element. Several Typical 
Characteristics of Nonlinear Elements 


> Nonlinear elements and their characteristics. The electric circuits used in automatics, 
telemechanics, measurement and computation technology often contain separate passive 
elements whose electric resistance depends on the value and direction of the flowing current 
or the applied voltage. Such elements and the electric circuits containing them are said to 
be nonlinear and are used to determine certain functional dependencies between different 
electric quantities. 

The nonlinear elements can be uncontrolled or controlled. The first ones, impedors, are 
intended to operate without any actions on them from a controlled factor; the second ones, 
multiterminal devices, are used under the action of controlled factor on them (transistors, 
thyristors, etc.). 

The electric properties of nonlinear elements are represented by their volt-ampere char- 
acteristics (VACh) J = f(U). In the uncontrolled nonlinear elements, the VACh is shown by 
a single curve, and in the controlled, by a family of curves whose parameter is the control 
factor. The VACh of nonlinear elements have different shapes and, according to this, can 
be divided into symmetric and nonsymmetric. The electric resistance of linear elements is 
constant and the VACh 1s a straight line passing through the origin (Fig. E6.16.). 

In symmetric nonlinear elements, a change in the direction of the applied voltage U 
does not change the value of the current 7, but changes its direction, and hence the relation 
HU) =-f(-U) holds for their VACh (Fig. E6.17a). 

In nonsymmetric nonlinear elements, for the same magnitude of the voltage U applied 
in the opposite directions, the currents /; and J) are different in values and the inequality 
FU) #-f(-U) holds for VACh (Fig. E6.17b). 


> Static and differential resistances of a nonlinear element. For each nonlinear element, 
the static resistance Ro corresponding to a given VACh point can be distinguished. 

It follows from Fig. E6.18 that the value of this resistance for point A is proportional to 
the tangent of the angle 8 between the straight line connecting point A with the origin and 
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Figure E6.17. The volt-ampere characteristic of a nonlinear symmetric (a) and a nonsymmetric (b) element. 
the axis of currents, 1.e., 


U _ my OB 


ar ci mi BA 


= mp tan p, 


where my, my, and mp are the voltage, current, and resistance scales, respectively. 

The limit of the ratio of the voltage increment on the circuit part to the current increment 
on 1t, or the derivative of the voltage with respect to the current, determines the differential 
resistance. The value of this resistance is proportional to the tangent of the angle a between 
the tangent to VACh at the same point A and the axis of currents, 1.e., 


B dU _ my OB 


R ence 
D IU omy CA 


= Mp tana. 


Figure E6.18. Determining the static and differential resistances of a nonlinear element. 
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The static resistance characterizes the behavior of a nonlinear element in the constant 
current operation mode, and the differential resistance, in the case of the current small 
deviations from the steady state. 

Consider a closed circuit consisting of a nonlinear element and an active impedor with 
the external characteristic U = E—RoJ. Point A of intersection of the external characteristic 
of an active impedor (line 1) with the VACh nonlinear resistive element (curve 2) determined 
the operation mode circuit (Fig. E6.19). 


U; EU 


Figure E6.19. The volt-ampere characteristics of an active impedor and a nonlinear resistive element. 


E6.3.2. Equivalent Transformations of Characteristics of Nonlinear 
Elements 


If the VACh of a nonlinear element on the operation segment is practically linear, then, 
in calculation, the nonlinear element can replaced by an equivalent network consisting of 
a voltage source and a linear resistance Rp. So, for example, the VACh of a nonlinear 
element shown in Fig. E6.20 on small parts near the operation point A can be replaced by 
the straight line whose equation has the form 


Ui = Ei +mptana, 1 or Ur = Ej + Rpil. (E6.3.2.1) 


Figure E6.20. The volt-ampere characteristic of a nonlinear element. 


At the operating point A, the voltage U; and the current J on the nonlinear element 
(Fig. E6.21a) are related by the expression (E6.3.2.1). The equivalent networks of such 
an element are shown in Figs. E6.21b and c. In this case, the EMF F; is opposite to the 
current /, because only in the case of this EMF direction the potential of point 1 exceeds 
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(a) 7 (b); 
E 1 
RD) 
U] 
Rp 
I | I 
2 2 2 


Figure E6.21. Equivalent circuits for replacing a nonlinear element. 


the potential of point 2 by U1. The value of J; is equal to the segment OD cut off on the 
axis of currents by the continuation of the tangent. 
If a nonlinear element has the VACh shown in Fig. E6.22, then Eq. (E6.3.2.1) has the 
form 
U =—E) + Mp tan os) I Or U = -b + Rpol. 


If the current and voltage of a nonlinear element have the same positive directions 
(Fig. E6.21a), then the directions of the EMF and of the current in the current source are 
changed to the opposite in the equivalent networks. 


Figure E6.22. The volt-ampere characteristic of a nonlinear element. 


E6.3.3. Graphical Method for Analyzing Circuits with Nonlinear 
Elements 


> Preliminary remarks. Nonlinear electric circuits are often analyzed by the graphical 
method based on Kirchhoff’s laws and the VACh of some elements contained in the electric 
circuit. The initial data for calculations (VACh) are given in the form of graphs and tables. 


Remark. In the case of nonlinear circuits, one cannot use the theorems and methods based on the 
assumption that all the elements contained in these circuits are linear. So the superposition principle cannot be 
used in nonlinear circuits. The linearity theorem, the reciprocity theorem, and the proportional parts method 
also cannot be used. 

We consider several problems with different versions of connection of nonlinear ele- 
ments in nonlinear circuits whose networks are shown in Fig. E6.23. 
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> Series connection of nonlinear elements. Figure E6.23a shows the series connection 
of two nonlinear elements R¡(1¡) and R2(/2) whose VACh are given in Fig. E6.24. It is 
required to determine the current / and the voltages U; and U2 of elements for a given 
voltage U at the circuit terminals. 


(a) KW (b) 7 
a! 


U RD 


Figure E6.23. Examples of nonlinear circuits. 


To calculate the current J and the voltages U; and U2, one must construct an auxiliary 
characteristic, namely, the dependence of the current on the total voltage U; + U2. Since, 
just as in an unbranched circuit, the current 1s the same in both nonlinear elements, it follows 
that, to construct the characteristic /(U; + U2), it is necessary to sum the voltages U; and 
U> for equal values of the current /. 


Figure E6.24. The volt-ampere characteristics of nonlinear resistive elements connected in series. 


We put the voltage U on the abscissa axis and, from point A, draw the straight line AB 
parallel to the ordinate axis till the intersection with the curve [(U; + U2); the segment AB 
thus obtained is equal in scale to the current /. Then, from point 6, we draw the straight 
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line BC parallel to the ordinate axis. As a result, we obtain segments C D and CF equal in 
scale to U; and U2, respectively. Similarly, we can solve the problem of analyzing a circuit 
consisting of three or more elements with nonlinear characteristics connected in series. 

The graphical constructions for analyzing a series circuit can be performed differently. 
We assume that, in Fig. E6.23a, the ends of a circuit part are connected by the EMF source 
E = U. The voltage U, at the terminals of a nonlinear element R>(1>) is determined, on 
one hand, by the VACh of this element, and, on the other hand, by the difference between 
the EMF E = U and the voltage U4 at the terminals of the nonlinear element A, (11). 

Figure E6.25 presents the characteristic and the curves />(U2) and [,(U — U2) at whose 
point of intersection the currents in the elements coincide. 


Figure E6.25. Curve 12(Uz) and curve /¡(U — U2). 


> Parallel connection of nonlinear elements. In Fig. E6.23b, we show the parallel con- 
nection of two nonlinear elements A, (1; ) and R22) whose VACh are shown in Fig. E6.26. 
Assume that the voltage at the terminals of the circuit is equal to U. Then, by the VACh 
I,(U;) and £>(U»), it is easy to determine the currents J; and J in the nonlinear elements 
and, by the formula J; + Jh = 1, the current in the unbranched part of the circuit. 


UL, +h) 


Figure E6.26. The volt-ampere characteristics of nonlinear resistive elements connected in parallel. 


If a current J is given, then, to determine the voltage U and the currents /; and J in 
nonlinear elements, one must construct the auxiliary quantity (11 +/2)U, 1.e., the dependence 
of the total current on the voltage U. Since, in parallel connection, U; = U2 = U, it follows 
that, to construct this quantity, it is necessary to sum the ordinates of the curves /;(U,) and 
I,(U2) for the same values of the voltage. Then, on the ordinate axis, we put the interval 
OC equal in scale to the current / and, from point C, draw the straight line C B parallel 
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to the abscissa axis till the intersection with the characteristic (J; + JU. The segment 
CB = OA thus obtained is equal in scale to the voltage U. Finally, the segments AD and 
AF are equal in scale to the currents J; and J». 


> Mixed connection of nonlinear elements. In Figs. E6.23c and d, we show the mixed 
connection of nonlinear elements (c) and of nonlinear and linear elements (d). To determine 
the desired currents and voltages, one can also use the graphical method by analogy with 
calculations of series and parallel circuits. 


E6.4. Magnetic Circuits 


A set of devices containing ferromagnetic bodies and forming a closed circuit in which 
a magnetic flux is formed in the presence of a magnetizing force and along which the 
magnetic flux lines close up, 1s called a magnetic circuit. The magnetic circuits, just as the 
electric circuits, can be branched and unbranched. 


E6.4.1. Magnetic Field and lts Parameters 


> Magnetic induction vector. The magnetic field arising when a direct current flows 
through a conducting medium is graphically shown by magnetic lines of force and is 
characterized at each point by the magnetic induction vector B directed along the tangent 
to the field lines (Fig. E6.27). 


Figure E6.27. Magnetic field of a rectilinear conductor and an induction coil. 


The direction of this vector is determined by the right-hand screw rule (corkscrew rule), 
which means that if the translational motion of such a screw is aligned in direction with 
the electric current /, then the direction of its rotational motion coincides with that of the 
magnetic induction vector B. 

If the magnetic induction B has the same value and direction at all points of the field, 
then such a field is said to be uniform or homogeneous. 

In the international system of units, or the SI system, the magnetic induction (flux 
density) B is measured in teslas (T) or webers per square meter (Wb / m?). 
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> Magnetic flux. The second important quantity characterizing the magnetic field is the 
magnetic flux ®, i.e., the flux of the magnetic induction vector B through a surface S$ 
(Fig. E6.28a): 


b= | B-dS= | Bcos(B, dS) 45. 


The quantity ® can take either positive or negative value depending on the value of the 
angle between the directions of the vectors B and dS. 


B 


Figure E6.28. Determining the magnetic flux through (a) an arbitrary surface or (b) a plane surface in a uniform 
magnetic field. 


If a magnetic field is uniform (homogeneous), then, for all points of space, the magnetic 
induction vector is constant, B = const, and the magnetic flux is determined by the formula 
(Fig. E6.28b): 

P = BS cosa. (E6.4.1.1) 


In SI, the magnetic flux is measured in webers (Wb). 


> Magnetic field strength vector. Absolute and relative magnetic permeability. When 
studying magnetic fields and analyzing magnetic devices, one uses the magnetic field 
strength (intensity) vector H, which coincides in direction with the magnetic induction 
vector B: 

B = uaH = “oH, 


where Ha is the absolute magnetic permeability of the medium, uo = 47 - 10-’ H/m 
(henry/meter) is the magnetic constant (permeability of vacuum), and u is the (relative) 
magnetic permeability. 

For nonferromagnetic materials and media (wood, paper, copper, aluminum, air), a 
does not practically differ from uo (u = 1). 

For ferromagnetic materials (steel, cast iron, etc.), Ha 18 many times larger than uo and 
depends on the value of the magnetic field strength H. 

In SI system, the magnetic field strength H is measured in amperes per meter (A/m). 


E6.4.2. Ampere’s Circuital Law 


The calculations of magnetic circuits are based on Ampére’s circuital law, which was 
obtained on the basis of numerous experiments. This law states that the linear integral of 
the magnetic field strength vector along any loop is equal to the total current surrounded by 
this loop (algebraic sum of currents related to the loop): 


fH dl= $ Hoosadl= Yh, 


where H is the magnetic field strength at a given point in space, H = |H], dl is a length 
element of the closed loop, and cos a is the angle between the directions of the vectors H 
and dl. 
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The currents are assumed to be positive if their direction corresponds to the corkscrew 
rule (is clockwise). 
In particular, according to Ampéere’s circuital law, for the loop in Fig. E6.29, we have 


JH dl= $ Hoosadi=-h+h+h, 


Path tracing direction 
Figure E6.29. Ampere's circuital law. 


The quantity X` I; is called the magnetomotive force (MMF); in the SI system, the main 
unit of MMF is ampere (A). The main unit of the magnetic field strength in SI system is 
ampere per meter (A/m) and does not have any special name. One often uses the “ampere 
per centimeter” unit, 1 A/cm = 100 A/m. 


E6.4.3. Ohm’s Law for Magnetic Circuit 


To obtain the dependence between the magnetic flux and the MMF, we consider an example 
of unbranched circuit shown in Fig. E6.30. 

We assume that the parts l} and l) of the magnetic circuit are made of the same 
ferromagnetic material but have different transverse cross-sections 51 and 5}. 


Figure E6.30. Unbranched circuit. 


If the lengths of the magnetic circuit parts (1; and l2) significantly exceed the transverse 
dimensions, then we can assume that the magnetic induction at all points of each part is the 
same. 
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The magnetic induction for two parts of the circuit is determined by the formulas 


a a 
= By = —. 
2 35 


The magnetic field strength on these parts is calculated as 


Bı p B> p 
A, = = ———__, H> = == === 1, 
Hoti = ofl S1 Mol.  pop202 


(E6.4.3.1) 


Let us apply Ampéere”s circuital law to the loop coinciding with the center magnetic line 
of length / = l + ly. We obtain 


F= pra = Hi li + Hal) = Iw, (E6.4.3.2) 


where w is the number of turns of the current loop. In this equation, by analogy with the 
EME of an electric circuit, F = Iw is called the magnetomotive force or MMF. 
Substituting Hı and H, from (E6.4.3.1) into (E6.4.3.2), we find 


Dl, dl) 


F = [w = — + S| 
LolrS1 popa, 


= P Rmi + P Rm2. 


The quantity l/(ua S) = Rm is usually called the magnetic resistance of a magnetic 
circuit (by analogy with the electric resistance R = 1/7S). 

The magnetic resistance of air (gaps) is linear, because Ua = uo = const. The magnetic 
resistance of the core is nonlinear, because ua depends on B. 

The product of the magnetic flux ® by the magnetic resistance Rm is called, by analogy 
with electric circuit, the magnetic voltage: 


U Mab = ẹRmı, 
whence we obtain the magnetic flux 
7 Iw = Iw — U Mab e U Mab 
Rmı + Ry Rumi Rm2 


This equation is usually called Ohm’s law for a magnetic circuit. It should be noted that 
this analogy is purely formal, and the physical essence of processes in electric and magnetic 
circuits is different. 


E6.4.4. Ferromagnetic Materials and Their Properties 


> Ferromagnetic materials. Hysteresis loop. It is known that the magnetic permeability 
of ferromagnetic materials is a variable quantity and depends on B, and hence the magnetic 
resistance Km is also nonconstant, which significantly complicates the calculations of 
magnetic circuits. Therefore, to calculate the magnetic circuits with ferromagnetic parts, it 
is necessary to know the magnetization curves, which present the dependence B = f(H). 
These dependencies are obtained experimentally by testing closed magnetic circuits with 
distributed winding. 
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Figure E6.31. Dependence B = B(H) and the hysteresis loop. 


The primary magnetization of a specimen is described by the curve u, which is called 
the curve of primary magnetization (Fig. E6.31). 

If a specimen is cyclically magnetized with the magnetic field strength varying in the 
limits from Ax to —H x, then the graph is a closed curve, which is known as the hysteresis 
loop. 

If the process of cyclic magnetization is repeated for gradually increasing values of the 
magnetic field strength, then one can obtain a family of hysteresis loops and the so-called 
limit hysteresis loop. 

To the limit loop there corresponds a variation in the magnetic field strength in the limits 
from Hmax to —Hmax. Any increase in H beyond Hmax does not increase the hysteresis 
loop area. Such a hysteresis loop determines the value of the residual magnetic induction. 
The curve connecting the vertices of a hysteresis loops is called the normal magnetization 
curve. These curves are given in reference books and are used to analyze magnetic circuits. 


> Soft magnetic and hard magnetic materials. The process of cyclic magnetization 
reversal requires some energy, which is proportional to the hysteresis loop area. 

In this connection, for the magnetic circuits in electrical engineering devices operating 
under conditions of uninterrupted magnetization reversal (for example, transformers) it is 
expedient to use ferromagnetic materials with a narrow hysteresis loop (see curves œa in 
Fig. E6.32). Such ferromagnetic materials are said to be soft magnetic (electrical grade 
sheet and several special alloys, for example, permalloy consisting of nickel, iron, and other 
components). 

In production of permanent magnets, it is recommended to use ferromagnetic materials 
with a wide hysteresis loop (curves ô), which have a large residual induction. Such 
ferromagnetic materials are said to be hard magnetic (several alloys of iron with wolfram, 
chrome, and aluminum). 


E6.4.5. Kirchhoff’s Laws for Magnetic Circuits 


> Kirchhoff’s first law for magnetic circuits. The magnetic flux ® completely closed 
by a magnetic circuit is called the main flux, and the magnetic flux closed partially by parts 
of a magnetic circuit and partially by the environment is called the leakage flux. 

It is well known that the lines of the magnetic induction vector are closed. Therefore, 
the magnetic flux through any closed surface is always zero. Hence, the following equation 
holds for nodes of magnetic circuits: 


y ©, =0. (E6.4.5.1) 
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Figure E6.32. Hysteresis loops of soft magnetic (curves a) and hard magnetic (curves 0) materials. 


In this equation, the positive signs are taken for the fluxes with the positive direction 
away from the node, and negative signs are taken for the fluxes with direction towards the 
node of the magnetic circuit (or vice versa), just by analogy with Kirchhoff’s first law for 
direct current circuits. 

Equation (E6.4.5.1) expresses Kirchhoff’s first law for magnetic circuits: the algebraic 
sum of magnetic fluxes at a node of a magnetic circuit is zero. 


> Kirchhoff’s second law for magnetic circuits. Using Ampere”s circuital law, one 
can obtain an equation by analogy with Kirchhoff’s second law for electric circuits. In 
Fig. E6.33, we show a branched magnetic circuit. This circuit consists of six unbranched 
parts and has the same number of distinct magnetic fluxes. Each part of the magnetic circuit 
is made of the same material with constant transverse cross-section on its entire length. But 
different parts of this circuit can be produced of different ferromagnetic materials and can 
have different transverse cross-sections. Neglecting the leakage fluxes and assuming that 
the lengths of the parts significantly exceed their transverse dimensions, we can determine 
the magnetic inductions. 


Figure E6.33. Branched magnetic circuit. 


The magnetic field strengths on these parts of the magnetic circuit can be found from 
the magnetization curves under the obtained values of the magnetic induction. We apply 
Ampere’s circuital law, for example, to close the loop 1-2-3-1 of the magnetic circuit 
(bypassed clockwise) and obtain 


SF, = N Tw = hwi — [3w3 = Aly — A313 — Hala. 
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Taking into account the fact that 


$ $ $ 
H, = ——, H; = ——_, H, = —~, 
HoH s1 [04353 HoH494 
we have 
Pl 3l Pal 
` Fy = ——— —- 2 E 01 Ry -Rm3 — O4Rea. 


pop1581  pop393  pO0M4Sa 


Generalizing the last formula to any closed loop, we obtain Kirchhoff’s second law for 
a magnetic circuit: 


> Troy Intin= > DR y al 


1.e., the algebraic sum of MMF in a loop of a magnetic circuit is equal to the algebraic sum 
of magnetic voltages in the same loop. 

Here it should be specially noted that the resistance of any part of the magnetic circuit 
cannot usually be considered as a constant variable because of the dependence of the 
magnetic permeability of ferromagnetic materials on the induction. Therefore, the analysis 
of magnetic circuits is similar to the analysis of electric circuits with nonlinear VACh. 


E6.4.6. Analysis of an Unbranched Magnetic Circuit 


When analyzing an unbranched magnetic circuits, we encounter problems of two types. 

In some problems, it is necessary to determine the magnetizing current from a given 
magnetic flux, in other problems, the flux from a given current or a given MMF. In both 
cases, as a rule, the geometric dimensions of all parts of magnetic circuits, the material 
of which they are produced, the normal magnetization curves or hysteresis loops, and 
the number of turns of the induction coil are given. In magnetic circuits composed of 
soft magnetic materials, hysteresis can usually be neglected; 1.e., one can assume that the 
dependence of the induction on the magnetic field strength is unique and determined by the 
normal magnetization curve. 


> First problem for unbranched magnetic circuits. Consider the unbranched magnetic 
circuit shown in Fig. E6.34, which consists of a 7-shaped electromagnetic core and a steel 
plate closing its terminals. There is an air gap between the electromagnetic core terminals 
and the plate. It is required to determine the magnetizing current at which the magnetic flux 
in the air gap has a prescribed value. The electromagnet cross-section is 51, and the plate 
cross-section is 59». 


Figure E6.34. Unbranched magnetic circuit. 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 896 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 897 


E6.4. MAGNETIC CIRCUITS 897 


Under these conditions, we represent an entire magnetic circuit as three parts connected 
in series: the electromagnetic core, two air gaps, and the steel plate with the same flux O. 
To calculate the magnetic circuit, we determine the lengths of separate parts of the magnetic 
circuit: l1, l2, 213. For small dimensions of the core transverse cross-sections compared 
with their length, small inaccuracies in determining the center lengths of the circuit parts 
do not lead to significant calculational errors. The exact calculations of the magnetic flux 
distribution in the air gap 1s a difficult problem, but if the gap length is small and the plane 
of the ferromagnetic bodies surrounding the gap are parallel, then one can assume that 
the magnetic field in the gap is homogeneous and its cross-section 53 is equal to the core 
cross-section 5}. 

We represent the unbranched magnetic circuit as an equivalent network consisting of 
three series connected resistances Rm1, Rm2, Rm3, and MME F = Iw (Fig. E6.35a). In 
this scheme, the resistances Rm1 and Rm2 depend on the magnetic flux, and the resistance 
Rm3 is a constant quantity. According to Kirchhoff’s second law for magnetic circuit, we 
have 

F = Iw = Hih + Hl + 2H3l3. 


The magnetic inductions B1, B2, B3 are determined by a given value of the magnetic 
flux by formula (E6.4.1.1) 


lw SH, 


Figure E6.35. (a) Equivalent network of an unbranched magnetic circuit and (b) the auxiliary characteristic 


$d=fO_Hrlr). 


From the obtained values 6; and B2 of the magnetic induction and the normal magneti- 
zation curves for the corresponding materials, we determine the magnetic field strengths A, 
and H3. For the air gap, we have H3 = B3/p9. The magnetizing current is calculated as 


Iw _ Ail, + Hal) + 2Hhl3 
wo w l 


l= 


> Second problem for unbranched magnetic circuits. Now we consider the same 
magnetic circuit for which it is required to determine the magnetic flux from a given value 
of MME. In contrast to the preceding problem, this problem does not have a “direct” solution 
because of the nonlinear relation between the flux and the magnetizing current. 

Such a solution can be obtained, for example, by the following method. First, we 
prescribe a value of the magnetic flux, for example, ®’. Then, just as in the preceding 
problem, we find the MMF F” = I'w = 5 (HylyY. If the obtained value of MMF coincides 
with the given F = Jw, then the problem is solved. But such a coincidence is usually not 
obtained after the first attempt. Therefore, we must prescribe other values of the magnetic 
flux 9”, ©’, etc. and then find the corresponding values F”, F”, etc. and construct the 
auxiliary characteristic $ = PO) AH;/;) shown in Fig. E6.35b. 

Then we put the value of the given MMF F = Iw (point a) on the abscissa axis and 
draw a straight line from this point parallel to the ordinate axis till the intersection with the 
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curve PO Hlg) at point b. As a result, we obtain segment ab determining the desired 
value of the magnetic flux. 

It is necessary to point out that, in practical calculations, it does not make any sense to 
construct the entire curve (X` H;,1;) starting from the zero value of the magnetic flux. To 
obtain the first point of the curve, we must equate the given MMF with the magnetic voltage 
on the site with maximal magnetic resistance Ry 9” = Jw and, using the magnetization 
curve, determine the maximal flux ®’ from this equation. 

If there is an air gap in the magnetic circuit, then most often the gap is the site with 
maximal magnetic resistance. For the air gap, in the case of the circuit in Fig. E6.34, the 
last equation can be written as 


I 
243 0 = Iw or p’ = pops to 
L053 213 


Since the other parts of the same unbranched magnetic circuit, just as the part with maximal 
magnetic resistance, bound the magnetic flux, its subsequent values necessary to construct 
the curve P(X HAyl,) must be taken less than ©’. 

Since the magnetic flux is the same in all parts of the unbranched magnetic circuit, the 
quantity P(X Ayglz) can be constructed by analogy with the unbranched electric circuit by 
graphical summation of the abscissas of the straight line P(2.A313) and the curves ®(H,/,) 
and ®(H2l2) for the same values of the magnetic flux. The quantity P(Q.A313)1s described by 
the straight line passing through the origin. Its construction becomes easier 1f the magnetic 
field strength H3 is found for each value of 6, H3 = ®/(1195S3). 

The quantities P(H¡!¡) and ®(H2l2) are constructed by using the normal magnetization 
curves for the materials of the first and second parts of the magnetizing circuit. For this, it 
is necessary to multiply the ordinates of the magnetization curves by the respective cross- 
sections of the first and second parts (® = BS) and to multiply the abscissas by their lengths 
(HÌ). 


E6.4.7. Analysis of a Branched Magnetic Circuit 


Analysis of branched magnetic circuits is based on the use of Kirchhoff’s laws for magnetic 
circuits. Because of a nonlinear relation between the induction and the magnetic field 
strength for ferromagnetic materials, the analysis of such circuits is often performed by 
graphic-analytical methods by analogy with methods used to analyze nonlinear electric 
circuits. 

When analyzing a magnetic circuit, just as in the case of an electric circuit, it is necessary 
to prescribe the positive direction of MMF and of magnetic fluxes (1f they are not already 
given). 

In Fig. E6.36, we present an example of a branched magnetic circuit with a single MMF 
and its equivalent network. 


Figure E6.36. Branched magnetic circuit. 
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For such a magnetic circuit, “direct” computations are possible if the center rod has the 
same cross-section along the entire length and is produced of the same material as the other 
rods. The magnetic flux ®3 in the air gap must also be given. 

From the already known magnetic flux ©3, we calculate the induction Bı = 9 /S;; from 
the magnetization curve, we find the magnetic field strength H3 and the magnetic field 
strength in the air gap. The magnetic voltage in the third branch, 1.e., between the nodes a 
and b, is determined as 


U Mab = y Hr! y = A3(1, F la) + H4l4. 


Since the second and third branches are connected in parallel, it follows that U mab = Hal». 
After A) is computed, we find B from the magnetization curve. The fluxes are calculated 
as follows: P, = B282, Pı = By + Pz. We determine the flux ®;, calculate the magnetic 
induction B4, and then find the magnetic field strength H, from the magnetization curve. 
According to Kirchhoff’s second law, we have 


F= Iw= Hil + U Mab. 


A more general problem of calculating all fluxes for a given MMF can be solved by a 
graphical method by analogy with the calculations of direct current circuits with nonlinear 
elements. With the magnetic leakage fluxes taken into account, such a problem can be 
solved by the successive approximation method. 


E6.4.8. Analysis of a Branched Homogeneous Magnetic Circuit with 
Permanent Magnet 


The analysis of such a circuit cam be reduced to determining the value of magnetic induction 
in air gap ( Fig. E6.37), which depends on the shape of the magnetization curve B = f(H m) 
and the relation between the air gap length la and the magnetic circuit ferromagnetic part 
length lm, i.e., on the value N = la/lm, which is the demagnetization factor if the air gap 
cross-section coincides with the ferromagnetic part cross-section. 


Figure E6.37. Magnetic induction in a magnetic gap and the magnetization curve. 


Applying Ampere”s circuital law along the center magnetic line of a permanent magnet 
and taking into account the fact that there is no winding with magnetizing current, we obtain 


Hmlm + Haô =0, 
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where Hm and Ha are the magnetic field strengths in a ferromagnetic material and in the 
air gap, respectively; and ly, and ô are the respective lengths of the center magnetic line on 
the same parts. 

It follows from the above that 


Hy =-—H, = Peec (E6.4.8.1) 


where B is the value of the magnetic induction in the air gap and in the magnet body, 
provided that the air gap cross-section is equal in area to magnet cross-section and there is 
no magnetic leakage flux. 

Since the quantities Hm and B are related to each other by the magnetization curve 
B = f(Hm) and Eq. (E6.4.8.1) of the straight line OM, it follows that the ordinate of 
point A, which is the point of intersection of these lines, determines the value of the desired 
magnetic induction B. To construct the straight line OM, it suffices to connect the origin 
with point M whose ordinate is Br, which is the residual magnetic induction, and whose 
abscissa is Hp. 

The same calculations can be performed for a small length of the air gap. Otherwise, 
the pattern of the magnetic field distribution becomes more complicated, and it is necessary 
to pass from analytical calculations to experimental studies. 


E6.5. Single-Phase Harmonic Current Circuits 
E6.5.1. Effective and Average Values of Sinusoidal Quantities 


> Effective values of sinusoidal quantities. The electromotive force e varying in time by 
a sinusoidal law (see Fig. E6.38) can be obtained by rotating an open rectangular wire loop 
in a homogeneous magnetic field with constant angular velocity about an axis perpendicular 
to the field lines. 

The equation of sinusoidal EMF has the form 


e = Em sin(wt), 


where Em 18 its maximal value or the amplitude. 
Under the action of a sinusoidal EMF, in an electric circuit, there arises a sinusoidal or 
harmonic current whose instantaneous value is determined by the formula 


i = [m sin(wt + Y). 


The sinusoidal current is a special case of alternating current whose value and direction 
vary periodically by the sinusoidal law. 

The sinusoidal current has significant advantages over the alternating current of any 
other shape. The derivative and the integral of a sinusoidal function are again sinusoidal 
functions. Therefore, in the process of transformation of electric energy transferred over a 
distance, the shape of the curve of sinusoidal current remains the same. The power losses 
in sinusoidal current circuits are minimal, and the theoretical analysis of sinusoidal current 
electric circuits are simpler. 

A sinusoid is characterized by the following three parameters: 

1. The maximal value or amplitude Em. 

2. The period T’, which is the time of one full wave. The number of waves per second is 
called the frequency. The frequency is the inverse of the period, it is denoted by letter f and 
is measured in hertzs (Hz). Since the rotation of the wire loop by the angle 27 corresponds to 
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Figure E6.38. Graph of a sinusoidal electromotive force. 


the time equal to one period 1”, it follows that the angular velocity or the angular frequency 
is w = 2r f. The angular frequency is measured in rad/s or s”?. 

3. The phase, wt + Y, is the sine argument. The phase characterizes the state of 
oscillations at a given time moment t. The angle ~ is equal to the phase at the initial time 
moment (t = 0) and hence is called the initial phase. The phase displacement between two 
sinusoidal quantities with equal frequencies is the difference between their initial phases 
(in other words, the phase shifting, phase shift, phase difference). 


> Average values of sinusoidal quantities. The average value of a sinusoidally varying 
quantity is its value averaged over a half-period. For example, the average value of current 
is determined as 


2 [T 2 
(I= £ | Im sin(wt) dt = = Tn = 0.638 In. 
T 0 T 


The notion of effective value of a sinusoidally varying quantity is used very widely. 
Electric energy transformed into heat energy is proportional to the squared current (the 
Joule(—Lenz) law). To evaluate the effects of alternating currents, EMF, and voltages, the 
notion of the quadratic mean over a period, called the active or effective value, 1s introduced. 
For example, the effective value of current is 


I= TELE L f resin’ pdt = 22 = 0.707 1 (E6.5.1.1) 
SAF A a =| a y ™ W "A : m- ee 


As a rule, the electrical measuring instruments of direct estimation show the effective 
values of the measured quantities. 

The effective value of alternating current is numerically equal to the direct current for 
which, in the time interval equal to one period, the same quantity of heat is released in the 
resistance F as for the alternating current. 


E6.5.2. Representation of Sinusoidal Quantities by Vectors on 
Complex Plane 


> Sum of two sinusoidal quantities. The vector diagram. In alternating current circuits, 
Kirchhoff’s laws hold for instantaneous values. Their direct application to sinusoidal current 
circuits leads to addition and transformation of trigonometric functions, and it is convenient 
to perform these operations by using complex numbers. 

The instantaneous values of any sinusoidal quantities, for example, of the currents 
21 = [mi sin(wt + 41) and 77 = [mo sin(wt + Y), can be represented at each time instant t 
by the projections of the amplitude vectors /mı and /m2 onto the vertical axis as is shown 
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Figure E6.39. Determining the instantaneous value of the sum of two sinusoidal currents (a) by summing the 
projections of the amplitude vectors (b). 


in Fig. E6.39. In this case, the vectors rotate in the plane with constant angular velocity w 
about the point O anticlockwise. It should be noted that the vectors /mı and Im rotate 
about the origin with the same angular velocity w, and their mutual disposition remains 
unchanged. Therefore, they are usually represented at time ¢ = 0. 

The sum of instantaneous values of two sinusoidal currents 21 and 22 of the same 
frequency f can be determined as the projection of the amplitude vector m equal to the 
geometric sum of the summand vectors /m1 and [m2 and is presented in Fig. E6.40. The entire 
set of rotating vectors, constructed with preservation of the mutual orientation, 1s called the 
vector diagram, permits finding the sum or difference of several harmonic quantities, and 
reflects the processes in a sinusoidal current electric circuit. 


> Vector of current on complex plane. Complex effective value. A complex number 
can be represented as a vector on plane with two mutually perpendicular reference axes 
for quantities: the real axis (denoted by +1) and the imaginary axis (denoted by +7, where 
j? = —1). The length of a vector in a chosen scale characterizes the absolute value (or 
modulus) of the complex number, and the angle of rotation of the vector about the real axis 
is the argument of the complex number. The positive angle 1s counted counterclockwise, 
the negative angle is counted clockwise. 

Remark. In electrical engineering, the imaginary unit is denoted by the symbol 7, which differs from its 
common notation ¿ in mathematics (see Chapter M9). This is due to the fact that the symbol 2 in electrical 
engineering usually denotes the current. 


A complex number can be written in algebraic, exponential, or trigonometric form. For 
example, to the current ¿y = J sin(wt + 4) represented in Fig. E6.41 by a rotating vector 
there corresponds the complex number 


a+ jb = Ini = I, cos(wt + Y) + jIm sin(wt +), 


written by using the Euler formula ef% = cosa + j sina. The imaginary part b of this 
complex number is equal to the current îm. 


The amplitude is determined by the formula Im = Va? + b, and the phase angle can be 
found from the projections of the vector onto the axes: 


: cos(wt + Y) i 
—, W = ——__., 
az + b2 va? + b2 


In what follows, the vectors of various sinusoidal quantities are denoted by bold letters. 


sin(wt + Y) = 
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Figure E6.40. Vector summation of current vectors. Figure E6.41. Vector of current on complex plane. 


Example 1. Let us determine the resultant current 2 in Fig. E6.40. To this end, we represent each of the 
given currents in terms of complex amplitudes 


L = Ime", hb = Ime”. 


The geometric sum of vectors I, and I, gives the complex amplitude of the total current, I = Ime?”. The 
amplitude of the current J is determined by the length of the sum vector, and the initial phase 4 is determined 
by the angle made by this vector with the axis +1. 

This example can also be solved analytically by summing the corresponding complex numbers represented 
in algebraic form: 

I=], +I, = (1 + 7b, +a + jb2 = (a1 + a2) + j (bı + b2). 
The amplitude and the phase angle are determined by the formulas 
EE E R ET bi +b 
Im = V (ai +02 + (bi +2), tany = ——. 
a, + a2 


One can see that, in summation and subtraction of complex numbers, it is convenient to use their algebraic 
representation, and in multiplication (division), it is more convenient to use the exponential representation. 


In the analysis of electric circuits, it is often necessary to pass from the algebraic 
representation of a complex number to the exponential representation or vice versa. In 
addition to the complex amplitude, the complex effective value is also used, which is 
introduced as follows: 

I= im ie 


V2 


Here v2 in the denominator arises by analogy with the expression for the effective current 
(E6.5.1.1). 

We consider two numerical examples of passing from the instantaneous value of current 
to the complex current and conversely. 


Example 2. Express the complex effective value of the following current: 
TT 
= 3s ( t+ 2) . 
a sin{ wt + 7 


In this example, Im = 3, and the initial phase is 4 = 7/4. Therefore, 


ae 3; TT 1 
I= e” == ep = 2.1213 ( cos — + ¿sin 2) = 154197. 
v2 V2 40274 í 
Example 3. Write the expression of the instantaneous value of current if its complex effective value has 


the form 
I = 2017”, 


We find the amplitude value Im = 2 - V2 = 2.8284 and the initial phase 4 = -r /3. The instantaneous value 
of the current is 2 = 2.8284 sin (wt — =) . 
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Remark. In alternating current circuits, one can sum sinusoidal quantities (currents and voltages) that 
have the same frequency and different initial phases by using the trigonometric formulas 


` Ax sin(wt + Yk) = ` Aplcos(Yk)sin(wt) + sin(Yk)cos(wt)] = Ac sin(wt) + As cos(wt) = A sin(wt + Y), 
k=1 k=1 
where 


Ac=S Akcosyk, As= Y Agsinpr, A=y/A2+ A, siny = LE, cosy = LE. 
k=1 


k=1 


E6.5.3. Active Resistance in a Sinusoidal Current Circuit 
> Circuit with active resistance. Vector diagram. Figure E6.42 presents a circuit with 
active resistance to which the sinusoidal voltage is applied: 
u = Un sin(wt + wy). 
The current can be determined using Ohm’s law for instantaneous values 
u Un 


= 7 = R sin(wt + Yy) = Im sin(wt + wy). 


a 


O +] 
Figure E6.42. (a) A sinusoidal current circuit with active resistance and (b) the vector diagram for such a 
circuit. 


Comparing the expressions for the instantaneous values of voltage and current, one 
can see that there is no phase shift between voltage and current (Fig. E6.42a), which is 
determined by the angle equal to the difference of the voltage and current initial phases, 1.e., 


p= Yu - Y] = 0. 
Thus, the current and the voltage have the same initial phase (coincide in phase). 


> Instantaneous and average value of power. Ohm”s law in complex form. The 
instantaneous value of the power of this circuit 1s equal to the product of instantaneous 
values of its voltage and current: 


p = ut = Um Im sint(wt + wy) = UI[1 —cos(Qwt + 24y )], 


where I = Im/ v2 and U = Um / v2 are the effective current and effective voltage. The 
instantaneous power is measured by doubled angular frequency 2w and is all the time 
positive in the limits from zero to the amplitude value. 

We calculate the average value of power over a period: 


1 T 
P=-— dt = UI. 
F) p 


Thus, the average value of power in this circuit is determined by the product of the effective 
values of voltage and current, is called the active power, and is measured in watts (W). 
Ohm’s law in complex form for a circuit with active resistance has the form 


U= RI. 
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E6.5.4. Inductance in a Sinusoidal Current Circuit 


> Circuit with inductance. Vector diagram. Inductive reactance. Consider a circuit 
(Fig. E6.43) with induction coil of inductance L, whose active resistance is negligibly small 
(Ric = 0). Assume that sinusoidal current flows in this circuit: 


i = Im sin(wt — 7/2) = —Im cos(wt). 


Figure E6.43. (a) A sinusoidal current circuit with inductance and (b) the vector diagram for such a circuit. 


The EME of self-induction induced in the inductor is calculated as 
di 


er, = -L = —w Lm sin(wt) = Erm sin(wt). 


Here Erm = —wL Ip is the amplitude. 
According to Kirchhoff’s second law, we have 


er tu=0, 
which implies the instantaneous value of voltage applied to the inductor terminals 
ur =—er = wLIn sin(wt) = Urm sin(wt). 


The effective voltage U and effective current J are related according to Ohm’s law as 
follows: 7 7 


JLT XE 


where the quantity Xr = wL = 27fL is called the inductive reactance. The inductive 
reactance is directly proportional to the coil inductance and the frequency of the current 
flowing through it. 

The angle of phase shift between voltage and current is determined by the difference of 


their initial phases: 
p = bu -Yr =0-(-7/2) = 7/2. 
It is clear that the inductor voltage phase vector is 7/2 ahead of the current vector. 


> Instantaneous value of power. Ohm’s law for a circuit with inductance. The instan- 
taneous power in a circuit with inductance can be found as follows: 


1 
PL == => OUmlm sin(2wt) = -U I sin(2wt). 


In the first quarter of the period, where the current ¿ and the voltage u are positive (of 
the same sign), the power is also positive. The energy 1s transferred from source to circuit 
and is consumed to create a magnetic field. At the end of the first quarter of the period, the 
field energy 1s maximal. In the second quarter of the period, the current 2 remains positive 
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but decreases, and the voltage u is negative; then the power py is negative. The magnetic 
field energy is transferred back into the circuit. The average value of power in such a circuit 
is Zero: 


1 T 
Pr== dt = 0. 
wits 


Thus, in a circuit with inductance, the permanent energy oscillation (exchange) between 
the circuit and the magnetic field occurs without the source energy consumption. 
The amplitude power in an inductive circuit is determined by the formula 


Qr =Ul=PuL=2rfL1”, 


is called the reactive inductive power, is determined by the product of the effective voltage 
and effective current, and is measured in reactive volt-amperes (RVA). 
Ohm’s law in complex form for a circuit with inductance has the form 


U= qwLI = 7X pl. 


E6.5.5. Capacitance in a Sinusoidal Current Circuit 


> Circuit with capacitance. Vector diagram. Capacitive resistance. Assume that the 
sinusoidal voltage is applied to a capacitor of capacitance C (Fig. E6.44): 


u = Um sin(wt). 


@) (b) + 


Figure E6.44. (a) A sinusoidal current circuit with capacitance and (b) the vector diagram for such a circuit. 


The current flowing through the capacitor is equal to 


dU, 
i= C— = WC'UcCm cos(wt) = Im sin(wt + 7/2), 


where /m 1s the current amplitude, 


Ucm 
Ti = oC CC, == 
m Cm Xa 
l 1 a a 
The quantity Xç = —~ = — is called the capacitive reactance. The capacitive 
wC 21fC 

resistance is inversely proportional to the frequency of the feeding source and the capacitor 
capacitance. 


The phase shift angle between voltage and current is determined by the difference of 


their initial phases: 
Y = Yy -Yr =0-7/2 =-1/2. 


It is clear that the capacitor voltage phase vector is 7/2 behind the current vector. 
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> Instantaneous value of power. Ohm”s law for a circuit with capacitance. The 
instantaneous power in a circuit with capacitance: 


pc = ut = UT sin(2wt). 


In the first quarter of the period, where the voltage u and the current i have the same 
sign, the capacitor consumes energy from the feeding source, which created the electric 
field of the capacitor. In the second quarter of the period, the current 2 is negative, and the 
capacitor voltage u, still remaining positive, decreases from its maximum to zero, and the 
energy stored in the electric field is transferred back to the source, 1.e., the instantaneous 
power is negative. Then the processes repeat. Thus, the period-average in a sinusoidal 
current circuit with capacitance 1s zero: 


1 T 
Po == dt = 0. 
=e 


The power amplitude in a capacitive circuit 1s determined by the product of the effective 
voltage and effective current 


Qc = UI =U*wC = 2r fCU* 


and is called the reactive capacitive power; Qc is measured in reactive volt-amperes (RVA). 
Ohm’s law in complex form for a circuit with capacitance has the form: 


Uc = -¡XcL 


E6.5.6. Unbranched Electric Circuit 


> Kirchhoff”s second law. Reactive resistance. Voltage and impedance triangles. If 
the elements in an unbranched electric circuit do not affect one another, then the circuit can 
always be reduced to an equivalent circuit with three elements each of which is characterized 
by one of the parameters R, L, and C, as is shown in Fig. E6.45. 


Figure E6.45. Unbranched sinusoidal current circuit. 


In the analysis of such circuits, just as in the case of direct current circuits, it is necessary 
to introduce arbitrary positive directions of voltages and currents. 
The instantaneous values of voltages in unbranched circuits always satisfy Kirchhoff”s 
second law equation: 
U=UR+FTUC TUL. 


Kirchhoff’s second law equation can be written in complex form: 


U=UprR+Uc+U_. (E6.5.6.1) 
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The voltages on separate elements are calculated by the formulas 
Urn= RI, Uc=-jXcL U,=jXL1L (E6.5.6.2) 


Substituting expressions (E6.5.6.2) into (E6.5.6.1), we obtain the complex voltage at the 
terminals of a sinusoidal current circuit: 


U= RI-3XcI+3XLL 
This formula can be represented as 
U=(R+J4)L 


where X = Xz — Xc is the reactance of the circuit (reactive resistance), which can be both 
positive and negative. 

The quantity Z = R + jX is called the circuit impedance (total complex resistance); it 
can be represented in exponential form: 


Z = ze”, 


where z = v R? + X? is the modulus of the complex number Z and y is the argument of the 
complex number Z, which is equal to the phase shift angle in the circuit between voltage 
and current (tan y = X/R). 

In Fig. E6.46, we present the vector diagrams of an unbranched sinusoidal current circuit, 
which are constructed according to Kirchhoff”s second law equation, and in Fig. E6.46a, 
we consider the case of reactance X > 0; 1.e., the inductive load predominates in the circuit 
and the current 1s by a positive angle y behind the voltage; in Fig. E6.46b, we consider the 
case of reactance X < 0; 1.e., the capacitive load predominates in the circuit and the current 
is by a negative angle y ahead of the applied voltage. 


(a) (b) 


a 


O +1 


Figure E6.46. Vector diagrams of unbranched sinusoidal current circuit with predominating loads: (a) inductive 
load; (b) capacitive load. 


The rectangular triangle with legs Up and U’ = Uz + Uc and hypotenuse U is called the 
voltage triangle. One can readily pass from the voltage triangle to the similar impedance 
triangle shown in Fig. E6.47 with legs R and 7X and hypotenuse Z. 

The position of the impedance triangle is independent of the initial phases wy and Yy, 
because the active resistance R is always put on the complex plane in the positive direction 
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Figure E6.47. Impedance triangles with predominating loads: (a) inductive load; (b) capacitive load. 


of the real axis, and the reactance X is put, depending on the sign, in the positive or negative 
direction of the imaginary axis. 

> Instantaneous value of power, active power, total power, and reactive power. As- 
sume that the voltage initial phase Yy is zero and the instantaneous values of voltage and 
current are respectively described by the formulas 


u = Um sin(wt) i= [m sin(wt-— op). 


We obtain the following expression for the instantaneous value of power 


1 
p = iu = Unlm sin(wt) sin(wt — p) = 7 Umłmlcos Y — cos(2wt — p)] 


UI [cos y — cos(2wt — p)l. 


We find the period-average power (or the active power): 
1 T 
Pe zi tu dt = UI cos y, 
T Jo 


which is determined by half the product of the effective values of voltage, current, and 
power factor. 
The power factor is determined by the formula 


P P 


CSE Fg 


where the quantity S = UT is called the total power; it is measured in volt-amperes (VA) 
and is the power for given effective values of voltage and current, when the circuit power 


factor is equal to one, cos y = 1. 
In the analysis of electric circuits, the notion of reactive power is also used: 


Q=UTIsiny, 


which can be both positive (for y > 0) and negative (for y < 0), and its absolute value is 


determined by the formula 
QI = VS? — P?. 


The complex total power is determined as 
S = UI = UI) = Uei? = Ul cosy + jUI siny = P+jQ, 


where I = Je% is the complex conjugate current. 
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E6.5.7. Branched Electric Circuit 


> Complex values of currents. The circuit susceptance and the complex admittance. 
In the case of parallel connection of elements with parameters L, C, R attached to a source 
of sinusoidal voltage (Fig. E6.48), the following equation following from Kirchhoff’s first 
law holds: 

I=I R+IÍO + Iz; 


1.e., the complex value of the current in the unbranched part of the circuit is equal to the 
algebraic sum of complex values of currents in separate branches. 

Since the current in the branch with active resistance FR coincides in phase with the 
applied voltage, the current in the branch with inductance L is 7/2 behind the voltage, and 
the current in the branch with capacitance C is 7/2 ahead of the voltage, we obtain: 


U U 
Irp=—=g9U, I, =-j— =-70,U, Ic =j— = jbcU, 
R R g L J X; JOL C=] Xo JIC 
where g, by, and bo are, respectively, the (active) conductance, inductive susceptance, 
and capacitive susceptance of separate branches of the branched sinusoidal current electric 
circuit under study. 


Figure E6.48. Branched alternating current electric circuit. 
Let us determine the current in the unbranched part of the circuit: 
I = gU - j (bz — bc )U = (g — jb)U, 


where b = bz — bc is the circuit susceptance, which can be both positive and negative. 
The quantity 


Y = g- j(br - bc) = g — jb 


is called the complex admittance of a circuit and can be written in exponential form 
Ya ye IP, 


where y = y g% + b? is the modulus of the complex number Y and ọ = arctan(b/g) is the 
angle of phase shift between the applied voltage and the current in the unbranched part of 
the circuit. 

The complex admittance Y of any part of the circuit with parameters R, L, C is related 
to the complex impedance Z by the inverse relationship: 


1 1 R X R X 
= 2775790, 


A mz SS 
ZO R+jX RX RIX 2 


where z = VR? + X? is the impedance, g = R/ z? is the conductance, b = X I 22 is the 
susceptance. 
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> Vector diagrams and admittance triangles. In Fig. E6.49, we present the vector 
diagrams constructed on the complex plane for an electric circuit with parallel connection 
of elements with the parameters R, L, C; the first of them corresponds to the case of 
susceptance 6 > 0, 1.e., the inductive load predominates in the circuit and the current in the 
unbranched part of the circuit is by a positive angle y behind the voltage, and the second 
corresponds to the case of susceptance b < 0; 1.e., the capacitance load predominates in the 
circuit and the current in the unbranched part of the circuit is by a negative angle y ahead 
of the voltage. 


(a) 


tJ 


O 


Figure E6.49. Vector diagrams of branched sinusoidal current circuit with predominating loads: (a) inductive 
load, (b) capacitive load. 


Dividing the sides of a rectangular current triangle by the complex voltage, it is easy to 
obtain the admittance triangle (Fig. E6.50), which is similar to the first but rotated clockwise 
with respect to it by the angle 47. The admittance triangle position is independent of the 
initial phases wy and 47, because the conductance g is always put on the complex plane in 
the positive direction of the real axis, and the susceptance b is put, depending on the sign, 
in the positive (for b < 0) or negative (for b > 0) direction of the imaginary axis. 


Figure E6.50. Admittance triangles with predominating loads: (a) inductive load, (b) capacitive load. 


E6.5.8. Topographic Diagram 


In direct current circuits, one constructs graphs of distribution of the potential, which 
graphically interprets Kirchhoff’s second law. In the case of a sinusoidal current circuit, 
one constructs the topographic vector diagram, which is a set of points on the complex plane 
representing the complex potentials of the electric network points of the same name with 
respect to a single point whose potential is conditionally zero. Thus, the order of location 
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of the voltage drop vectors on the diagram strictly corresponds to the order of location of 
elements in the network. 

In Fig. E6.5la, we present the network of an unbranched electric circuit and construct 
its topographic diagram shown in Fig. E6.5 1b. 


(b) 


Figure E6.51. Unbranched electric circuit (a) and the topographic diagram (b). 


The construction of a topographic diagram starts from calculating the current vector. It 
is convenient to direct the current along the real axis Y; = 0. Then one arbitrarily chooses a 
point whose potential is zero, for example, Ya = 0. Thus, point a is at the origin.b 

The directions of the voltage vectors on the topographic diagram are shown with arbi- 
trarily chosen direction of the current vector I. The network is traced towards the positive 
direction of the current I. As we pass to point b, the potential increases by the value of the 
voltage drop on the resistor A, and is equal to 


Pr = Pa t+ FI = Uza. 


The vector of this voltage drop coincides in phase with the current vector I. 
The potential of point c is equal to 


Pe = Po + CjX o). 


The voltage Ucp = (~j X cy is by an angle 7 /2 behind the current. Similarly, the voltage 
vectors are constructed for other parts of the circuit. The vector of resultant voltage lies 
between points a and f. 

From the topographic vector diagram, one can readily determine the vector of voltage 
difference between two arbitrary points of the circuit. For example, to determine the vector 
of voltage difference between points d and f of the network, it suffices to draw the voltage 
vector between these points, because 


Usa = Pf- Pa 


This corresponds to the well-known rule of vector subtraction. 


E6.5.9. Resonance Phenomena 


> Preliminary remarks. The operation mode of an electric circuit containing induction 
coils and capacitors in which the equivalent (input) reactance or the equivalent (input) 
susceptance is zero is called the resonance operation mode. This operation mode is 


characterized by the relations 
Xe=0, B.=0. 
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The electric circuit in resonance behaves as the pure active resistance with respect to the 
external circuit; 1.e., the voltage and the current at the circuit input are in phase (coincide in 
phase). 

The following two types of resonance are distinguished: the voltage resonance and the 
current resonance. 


> Voltage resonance. The resonance arising in a circuit (Fig. E6.52), where the real 
induction coil and capacitor connected in series, 1s called the voltage resonance. 
The complex equivalent impedance of such a circuit is 


1 
Ze = Re + jXe = Ric + jXie—JXc = Ric + j(Xic - Xo) = Rie + j (wL - 5). 
W 


Equating the imaginary part with zero (Im Z = 0), we find the voltage resonance 
condition 


Xe = Xe -Xc = wL -1/(w%0C)=0 => Xw=Xc or wL =1/(w,C), 


where wr = 1/v LC is the resonance angular frequency. 


Figure E6.52. Electric network used to study the voltage resonance. 


The voltage resonance can be obtained by changing either the frequency of the power 
supply voltage or the value of the inductance or capacitance. The first case is called a 
frequency resonance, and the other two are called parametric resonances. 

The inductive (or capacitive) susceptance at the instant of the frequency resonance is 
called the characteristic impedance, is denoted by letter p, and is determined as 


1 L 
= A —. 
pi NT 


The strength of the current flowing in the circuit at the resonance instant is maximal: 


U U U 
I, = max Í = — = auae ==. 
lelxoo VRZ + (Xie—- Xo} XiX, Lie 


For certain values of capacitance, the capacitor and coil voltages attain their maximal 
values max Uç and max Uic, which are determined from the condition that the derivatives 


are Zero: 
We _, Wi 


dC ° dc 
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If the induction coil is assumed to be ideal (1.e., Ri. = 0), then the coil and capacitor 
voltages are equal to each other: 


Nich; = Xo, Uic = Uc. 


The ideal voltage resonance is equivalent to the case of shorted input terminals of the 
circuit (since I, = U/R, = U/0 = 00). 

The ratios of the induction coil (or capacitor) voltage to the input voltage in resonance 
are called the circuit quality factor (Q factor): 


= U Xi = Uc = pir = p or 
U U Ricdr Ric 
_ UX _ Uc _ Xic ly _ Xol; _ Xj _ XC 


U U Rel Ree Ri Bic 


The quality factor q shows to what extent the induction coil (or capacitor) voltage exceeds 
the input voltage; it depends on the coil and capacitor parameters. 


We write Kirchhoff’s second law for this circuit (Fig. E6.52) in complex form: 
U= Ui + Uc = Un. + Ux, + Uc = Riel + 97Xiel-jXoL 


We construct the vector diagrams (Fig. E6.53) on the basis of Kirchhoff’s second law on 
the complex plane in the three cases: (a) before resonance (Uie < Uc), (b) at the resonance 
instant (U;. = Uc), and (c) after resonance (Uie > Uc). 


El 


Figure E6.53. Vector diagrams of voltage: (a) before resonance (Uic < Uc, p < 0), (b) at the resonance instant 
(Uic = Uc, yp = 0), and (c) after resonance (Uic > Uc, p > 0). 
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As follows from the vector voltage diagram in the voltage resonance mode, the input 
current vector J, coincides in phase with the input voltage vector U; 1.e., the phase difference 
between these vectors 1s zero: 


Pe = Pu -Yr =Q. 


Here wy is the initial phase of the input voltage, and 47 is the initial phase of the input 
current. In resonance, the equivalent reactive power of the entire circuit 1s zero: 


Qe = Qic = Qc = Xiel? ~XoI? = 0, 


and the equivalent total power of the circuit becomes the pure active power 


Se = 4/ P2 + Q? =4/P2 = P, = Ricl?. 


In analyzing the parametric voltage resonance, as the capacitance value varies, the 
resonance curves (C), Uic(C), Uc(C), PLC), cos Ye(C’) are constructed by the formulas 


U U 
KC) =-= 


e WR24+WL-1/wCy 
UY R? + (wL? 
VR +(wL-1/w0} 


Uie(C) = Ziel = 


U 
UNO) = Xol = >, 
wO vV RÈ + (wL -1/wCy 
X L-1/wC 
Pe C”) = arctan R = arctan ae 


Sete eh eee m 


Ze S/R +(WwL-1/40Y 


> Current resonance. The resonance arising in a circuit (Fig. E6.54) where a real 
induction coil and a capacitor are connected in parallel is called the current resonance. 


Figure E6.54. Electric network used to study the current resonance. 


We find the complex equivalent admittance of such a circuit: 


AE AA A e 
Ric + J Xic -j XC (Ric + 1Xic)(Ric — JXic) y(-J XC) 
Ric . Xi 


1 
e = Gi — Bic + j} Bc = Gic — J (Bic — Bo), 


— — ee e 
R +X? RAX ~ Xo 
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EN E 
RŁ+ X2? “ RŁ+X2 
and the susceptance of the coil and capacitor. 

Equating the imaginary part of the obtained expression with zero, Bic — Bo = 0, we 


obtain the current resonance condition 


1 , 
where Gic = , and Bc = x are, respectively, the conductance 
C 


Xi 1 Wr Lic 
rt a a 
ROPA Xo Rer (bey 


where wr is the resonance angular frequency. 
The current strength at the resonance circuit input at the resonance instant is imaginary 


I, = min I = YU = 4/ G} + (Bic - Bo? U = GU. 


If the induction coil is assumed to be ideal (Rie = 0), then the currents in the coil and 
capacitor are equal to each other, I, = I es because Y,. = BoU and B;.U = BoU, where 


/ / Xi 1 
Yi = (Gi)? + (Bi)? =4/O+ (Bi y? = Bi = Di = Xx. 
ic 1 


The ideal current resonance is equivalent to the circuit break (open-circuit operation 
mode), because J, = G; U =0-U =0. 
We write Kirchhoff’s first law for the circuit under study in complex form: 


I = lii + Ic = Y¡¿U + YoU = (Gie — j Bi. )U + 7 BoU 
= G, .U-jB,,U+jBoU = Ir, + Lx, + Ic, 


where Ip, = Gi-U is the active component of the coil current and Ix, = —3JBicU is the 
reactive component of the coil current. 
We write Kirchhoff’s first law on the complex plane in three cases: (a) before resonance 


NI 


(Li. > Ic), ©) at the resonance instant (Li. = Ic), and (c) after resonance (fi. < Ic); 1.e., 
construct the vector diagrams of currents (Fig. E6.55). 

As follows from the current diagram (Fig. E6.55), in the current resonance operation 
mode, the vector of the input voltage coincides in phase with the vector of the input current; 
1.e., there is no phase shift between these vectors 


Pe = Yu -Yr = 0. 


In resonance, the equivalent reactive power of the entire circuit is zero 


Qe = Qie - Qc = BU? - BoU* =0, 


and the equivalent total power of the circuit Se is purely active, 


Se = 4/ P2 + Q2 = 4/ P2 = P, = Pe = Gig”. 
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Figure E6.55. Vector diagrams of currents: (a) before resonance (lic > lc, Ye > 0); (b) at the resonance instant 
ic = Ic, Pe = 0); (c) after resonance (Tic < Ic, pe < 0). 


In the analysis of the parametric current resonance, the resonance curves [¢(C), LC), 
I(C), PLC), cos Ye(C’) are constructed by the formulas 


IÍc(C) = BCU =4CU, 
Ric 


2 2 
L 
O) = TU R UÙ (E) (=) = const, 
AC) il i . RŽ + (wl) Ri + (wL)? 


2 2 
ic L 
I(C) = YU =4/G? + (Bic - Bo} U =U (5) + (= -w6) 
Ri + (wL? R? + (wL? 


Be L-wC[R? Ly 
pe(C) = arctan  = arctan (RARA 


Gee 
Ye RAR + WLP] + {wL -wO + WLP IP 


The current resonance, in contrast to the voltage resonance (which causes the overvoltage 
in electrical devices) is safe for electrical plants and, in particular, can be used to compensate 
for the reactive power in them. In current resonance, large currents arise in circuits only if 
the circuit branches have large susceptance; 1.e., the circuits contain large capacitor batteries 
or powerful induction coil. 


COS Ye(C’) = 


E6.5.10. Improvement of the Power Factor 


The power factor (cos y) is one of the fundamental energy characteristics of electrical 
engineering devices. 
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An increase in cos y decreases the losses in the electric energy transfer from source to 
receivers and increases the efficiency factor of devices. 
As is known, the power factor can be determined from the power triangle by the formula 


F P 
COS Y = Y ae = —_— ; 
S  yP24Q2 yP?+(Q1-QoY 


where y is the phase shift between the voltage U and current J vectors, S is the total power 
of the circuit, P is the active power of the circuit, Qz is the inductive power, Qc is the 
capacitive power, Q = Qr -Qc = UT sin y = U Ix is the reactive power of the circuit, and 
Ix = [sing is the reactive component of the actual current / (this current is called the 
reactive current). 

As follows from the last formula, to increase cos y, it 1s necessary to decrease the 
reactive power Q, but in alternating current motors (asynchronous motors), the torque is 
obtained by using the stator and conductors rotating field interaction with the rotor current. 
Hence such machines need an alternating magnetizing reactive current Ix (1.e., the reactive 
power Q = U Ix) to create the torque moment of the field, and this worsens the power factor 
cos y in industrial plant devices. A low value of the power factor results in an incomplete 
use of power in generators, power transmission lines, and transformers. They are uselessly 
loaded by the reactive current Jy. The reactive current Jx increases the losses AP, in 
wires as the electric energy is transferred. These losses consist of the losses arising due to 
the transfer of the active current Jp and the useless losses due to the transfer of the reactive 
current Jx. The latter are caused by the energy transmission from magnetic fields of motors 
to electrical stations and generators and by the reverse transmissions. 

The use of the current resonance permits unloading the energy source and the transmit- 
ting devices from these useless oscillations of electric energy and hence from the reactive 
current [x by closing the electric energy oscillations in the resonance circuit formed by 
capacitors of capacitance C' and a induction coil of inductance L. Practically, this unloading 
is realized by parallel connection of motors with parameters (Fp, Xp) equivalent to those 
of a battery of capacitors of capacitance C (Fig. E6.56a). 

To compensate for the phase shift completely, the reactive (capacitive) power Qc of the 
batteries must be equal to the reactive (inductive) power of motors Qz = U Jp sin p. 

In a majority of cases, the phase shift is compensated for incompletely, because the 
presence of a small reactive current Ix is of no importance for cosy = 0.95, because 


ENT E +I F and the complete compensation requires additional installation of devices 
with significant conductance (additional batteries of capacitors), which is often economi- 
cally unprofitable. 

Usually, the value of cos y that the electrical engineering device must have after com- 
pensation is prescribed; if the initial value of the current receiver J, and its cos Yp are known 
(as a rule, these values are given in the certificates of electrical engineering devices), then 
the required value of the capacitance C’ of the battery of capacitors is determined as follows. 

To decrease the phase shift pp to the value y, it is necessary, as the vector diagram 
shows (Fig. E6.56b), to decrease the resultant reactive current of the device by the quantity 
Ix, —Ix; here Ix, is the device reactive current before compensation, and {x is the reactive 
current after compensation. 

The active current Ig is related to the reactive current /x simply as Ix = Jp tangy; 
moreover, the active current can be expressed in terms of the active power P and the 
voltage U of the device (receiver) as 


eL 
In= = = cosg. 
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(b) 


Figure E6.56. Phase shift compensation: (a) network and the vector diagram (b). 
The active current does not vary in the course of compensation, fp, = Ir = const. After 


the required substitutions, one can express the desired difference of reactive currents as 
follows: 


P 
Ix, —Ix = [p(tan pp — tan p) = gen Pp — tan p). 


The capacitive current Ic, necessary to perform the compensation must be numerically 
equal to this difference: 


P 
Ic = Ix, -Ix = (an pp — tan p). (E6.5.10.1) 


By Ohm’s law, the capacitive current is related to the capacitance as 


1027 __Y 


= wU. (E6.5.10.2) 


From (E6.5.10.1) and (E6.5.10.2) we obtain the capacitance necessary to perform the 
compensation: 


C- P 
= zg en pp — tan p). 


The improvement of the power factor (cos y) by including capacitors (batteries of 
capacitors) is called the artificial improvement of the power factor in contrast to the natural 
improvement of the power factor, which is attained by complete use of the power of motors 
and by installing motors that do not consume reactive current (synchronous motors). 
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Chapter E7 


Empirical and Engineering Formulas 
and Criteria for Their Applicability 


E7.1. Empirical, Engineering and Interpolation Formulas. 
Least-Squares Method 
E7.1.1. Empirical and Engineering Formulas 


> Preliminaries. Requirements to empirical formulas. In science and engineering 
applications, functional dependences are often studied experimentally. The measurement 
results form a finite set of points, which is usually written as in the form of a table 


(E7.1.1.1) 


Here 21, £2, 23, ..., Y, are the values of the argument, and y1, Y2, Y3, .-., Yn are the 
corresponding values of the function. 

If the analytic dependence of y on x 1s unknown (or is known but very cumbersome), 
then the following practically important problem arises: find an empirical formula 


y = f(x) (E7.1.1.2) 


such that for all x; (+ = 1, 2, ..., n) the values provided by this formula only slightly differ 
from the experimental data y;, 


ly- fæ) <e G=1,2,...,n). 


The empirical formula must satisfy the following two fundamental requirements: 

(1) It must be sufficiently accurate. 

(11) It must be sufficiently simple. (Of two formulas with the same accuracy, the simpler 
one is preferable.) 

If there is no information about intermediate data, then it is usually assumed that the 
empirical function is continuous, smooth, and monotone on any interval [x;, x;,1] (unless 
Yi = Yi+1). 

Remark. Any experimental data are approximate, because measurements always have certain errors. 
Therefore, the accuracy of any empirical formula can never be better than that of the experimental data used to 
construct it. 
> Choice of the form of an empirical formula. The general form of the desired functional 
dependence (E7.1.1.2) is usually taken a priori from various considerations. At the initial 
stage, the basic functional dependence must contain a set of free parameters (indeterminate 
coefficients) whose values are further determined from the condition that the empirical 
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formula is consistent with the experimental data. Linear, rational -fractional rational, power- 
law, exponential, and (in the case of periodic processes) trigonometric functions are used 
most frequently. In what follows, we consider the most widely used types of empirical 
formulas in Sections E7.1.2 and E7.2. 

In many cases, 1f the argument ranges in a bounded interval, one can use a polynomial 


m 
y = > ax 
0 


to construct an empirical formula. The degree m of the polynomial and the indeterminate 
coefficients a, can be found from various considerations, which can take into account a 
priori known boundary or initial conditions. 


THEOREM (WEIERSTRASS). Let f(x) be a continuous function on a finite interval [a, b]. 
Then, for any e > 0, there exists a polynomial P(x) such that the inequality |f(x)-Plx)| <€ 
holds at every point of [a,b]. 


Assume that there is a class of qualitatively similar problems or phenomena that differ 
from each other by geometric characteristics (for example, by the shape of the region under 
study, the flow structure, etc.) and by the numerical values of physical-chemical parameters. 
If the dependence (E7.1.1.2) of the desired quantity y on the argument x is known for some 
specific (for example, the simplest) problem (this dependence may be approximate and 
may be obtained theoretically or experimentally), then the empirical formula describing a 
similar quantity for another problem of the same class can be sought in the form 


y = 01 f(a,1 + a3) + a4, (E7.1.1.3) 


where the numerical values of the parameters a; are determined, for example, by the least- 
squares method (see Section E7.1.2). Formula (E7.1.1.3) 1s obtained from (E7.1.1.2) by 
combining the translation and scaling operations in both variables x and y. In several cases, 
it suffices to use two-parameter dependences (E7.1.1.3) in which either az = 1 and az = 0 
or a3 = a4 = Q. 

In certain cases, the form of the empirical formula can be chosen on the basis of additional 
theoretical considerations concerning the character of the dependence under study. (Such 
formulas are often said to be semiempirical.) 


> Engineering formulas. The notion of engineering formula is wider than that of em- 
pirical formula. Engineering formulas are approximate formulas used in applications and 
obtained by either theoretical (approximate, analytic, or numerical) or experimental meth- 
ods. Various combinations of theoretical and experimental methods can be used as well. 

Ideally, the engineering formula must be sufficiently accurate and sufficiently simple 
and have a wide scope of applicability. 


E7.1.2. Least-Squares Method 


> General case. The least-squares method allows approximately determining a function 
presented in table form (E7.1.1.1) by measurement results. 
Consider a functional dependence of the form 
= FPO oes Gin); (E7.1.2.1) 


where a1, a7,..., Gm are the desired parameters. 
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Let us write the sum 


oe Y; — F(x;,a1,09,... Pa (E7.1.2.2) 


i=1 


of squared deviations, where x; and y; are the experimental data presented in the table of 
Eq. (E7.1.1.1). 

The numerical values of the parameters a; are determined by minimizing the sum 
(E7.1.2.2). Necessary conditions for the minimum of the expression (E7.1.2.2) lead to the 
following system of m algebraic (or transcendental) equations for the parameters a;: 


a 98_, ƏS 


pS A 5 = 0. B7;1 22.3 
Oa, Oa? Oam ' i 


These equations may be nonlinear in general. 

If system (E7.1.2.3) has a unique solution, then this is the desired solution. If there are 
several solutions, then one should compare the corresponding values of the sum (E7.1.2.2) 
and choose the parameter values that provide the minimum of S. 


Example 1. For the desired empirical dependence we take the linear function 
y = ax +b. 


To calculate the indeterminate coefficients a and b, one minimizes the sum 


9. Su -a£ — by. 


¿=1 


By using the necessary conditions for the minimum of the function S = S(a,b) (i.e., by equating the partial 
derivatives of S with respect to the parameters a and b with zero), we obtain the system of two linear equations 


n n n 
ad xi+bd ti = A 
i=l i=l i=l 
n n 
aX zi+bn=> yi 
i=1 i=l 


for a and b. Here the values x1, £2, ..., £n and y1, Y2, ..., Yn are assumed to be taken from table (E7.1.1.1). 


Example 2. If for the desired dependence we take the quadratic function 
yE ax’ +bx+c, 


then we obtain the system of three linear equations 
n n n n 
4 3 2 2 
ay xi +b> xi+c> C= X Tiis 
i=1 i=1 i=1 i=1 
n n n n 
3 2 
ay xi+b> x+c> a=) iui 
i=l i=l i=l i=l 
n n n 
2 
aX ri+bY z, +en= >) des 
2=1 2=1 2=1 


for the coefficients a, b, and c. 


> Special case (a generalization of Examples 1 and 2). System (E7.1.2.3) is simplified 
dramatically if the empirical function (E7.1.2.1) is taken to be linear in the parameters as, 


y = polz) + a1 91 (£) + +++ +ampmí2). (E7.1.2.4) 
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Then system (E7.1.2.3) 1s the linear algebraic system that can be written as 


a1(Y1, 91) + ar(p1, 2) + + Am(Y1; Pm) = (pr, Y), 
ar(pa, p1) + A2(Y2, Pa) + +++ + Am(¥2, Ym) = (Pa, Y ), 


aim: p1) + a2(Ym, p2) e O Pim) = (Oris Y), 


where 


(oj Pr) = > estadal), (Y= > > ¢j@d¥i, Yi = ys olas). 


i=1 i=1 


E7.1.3. Refinement of Empirical Formulas 


> Statement of the problem. Assume that the empirical formula (E7.1.1.2) does not 
agree well with the experimental data (E7.1.1.1). It is required to modify this formula so as 
to satisfy the experimental data. 


> The simplest method for refining empirical formulas. Here we describe the simplest 
method for refining an empirical formula 1f it the sum of squared deviations provided by 
this formula is larger than desired. 

Consider the auxiliary function 


y = f(x)+a, (E7.1.3.1) 


where a is an unknown constant. We determine a from the condition that the sum 
n 
S=X_[yi- f(t) -af (E7.1.3.2) 
i=l 


of squared deviations be minimal. A necessary condition for the minimum of the sum 
(E7.1.3.2) can be found from the condition S% = 0 and gives 


ioe 
= 2 io i = Yi i), ERL 
a a Ei = yi — f (21) ( ) 


which ensures the minimum of the sum under study. Here e, is the deviation of the 
experimental data from the results provided by the empirical formula (E7.1.1.2) at the 
point zi. 

Thus, if a + O, then the addition of the constant a determined by formula (E7.1.3.3) 
to the right-hand side of the empirical formula (E7.1.1.2) results in a refinement of this 
formula in the sense that the sum of squared deviations decreases. If a = 0 or a = O, then 
this method does not give the desired effect. In this case, one can use the more general 
method described below. 


> A more general method for refining empirical formulas. Instead of (E7.1.3.1), we 
take a more general auxiliary function 


y = f(x) + ap(x), (E7.1.3.4) 


where y(x) is a given function and a is an unknown constant. 
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Consider the sum 


S =X lyi- fE) - apta. (E7.1.3.5) 


i=1 


A necessary condition for the minimum of this function implies the equation 


N lay f (21) — ay(z;)] = 0, 


i=1 


which permits finding the desired constant a, 
n 
X cipli) 
i=1 
a = — 
n 
Y pas) 
i=1 


Remark 1. Instead of formula (E7.1.3.4), one can refine the empirical formula (E7.1.1.2) by using the 
more complicated two-parameter dependence 


; Ei = Yi — Hi). (E7.1.3.6) 


y = f(x) + ajpi(x) + arpr(x). 


Remark 2. To refine the empirical formula (E7.1.1.2), one can use the four-parameter dependence 
(E7.1.1.3). 


E7.1.4. Interpolation Formulas 


> Linear interpolation. Lagrange interpolation polynomial. Interpolation formulas 
are formulas that give the exact values y,, of a function on a given discrete set of values £m 
the argument. 

Linear interpolation formulas 


y= > asilo), (E7.1.4.1) 
1=1 


where p¡(2), ..., n(x) is a given system of functions, are used most frequently. The 
coefficients a; are determined from the condition that the function y coincides with the 
given values Ym at the respective points £m, 


n 


E ape) m= thie Dx: tins 27 


i=1 


For the sequence p. (1) = x’”"! of polynomials, we obtain the function 


y = Ln- (2) = Y y | | E (E7.1.4.2) 


> 
Li — 4; 
i=l ja OY 


which is called the Lagrange interpolation polynomial. The (n — 1)st-order polynomial 
(E7.1.4.2) exactly satisfied the data of table (E7.1.1.1). 
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Let a function f(x) have an nth-order derivative on a finite interval [a,b]. Then the 
error in replacing f(x) with the Lagrange polynomial L,,_;(x) such that f (£m) = Ln-1(tm) 
(m=1,...,n)1s estimated as 


1 
|f(@) - En1(z)| < — max |f| (2-2 — a2)... (£ — Sn) 


n! a<x<b 


< E max | f(x) (Y 


n! a<x<b 


> Two-point linear interpolation. In applications, the linear interpolation formula with 
two points x and 2,1 1s used most frequently. This formula reads 


A a Oa eS (E7.1.4.3) 
Lk41 — Tk 


and corresponds to the case of n = 2 in formula (E7.1.4.2) with xı and x2 redenoted by £k 
and 2 +1, respectively. Formula (E7.1.4.3) describes the straight line segment passing with 
endpoints (£k, Yk) and (£k+1, Yk+1) On the (x, y)-plane. 

Remark. The interpolation formulas (E7.1.4.2) with n > 2 are rather cumbersome and are not used 


practically to construct empirical formulas on the basis of experimental data (because it does not make any 
sense to take a function exactly coinciding with the measurement results, which always contain certain errors). 


E7.2. Criteria for Applicability of Empirical Formulas 
E7.2.1. Direct Method for Verifying Two-Parameter Formulas 


> Method of complete elimination of free parameters. For simplicity and clarity, we 
illustrate the method of complete elimination of free parameters by an example of two- 
parameter functions explicitly defined as 


y = F(a, a, b). (E7.2.1.1) 


It is required to examine whether formula (E7.2.1.1) can be used to approximate given 
experimental data by an appropriate choice of the constants a and b. 

By specifying the values of the function at three arbitrary (but distinct) points £i, £j, 
and £g, we obtain the three relations 


yi =F(x;,a,b), y¡=F(xj,a,b), Yk =F(x;, a, b). (EJ 212) 


From now on, we use the short notation y; = y(%;), yj = y(x), and yk = y(£k). By 
eliminating the free parameters a and b from (E7.2.1.2), we obtain the criterion relation. It 
1s convenient to write 1t out as 

o=]; (E7.2.1.3) 


where the left-hand side contains a function 
O = O47, 25; Les Vis Uk): (E7.2.1.4) 


It is necessary to satisfy relation (E7.2.1.3) for any values of 2, 7, k(1<7<j<ks<mn, 
where n 1s the total number of experimental points) for the dependence (E7.2.1.1) to hold. 
For the applicability of formula (E7.2.1.1) as an empirical formula, it is necessary to satisfy 
relation (E7.2.1.3) with prescribed accuracy. 
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In practice, it is convenient to use the special case of formula (E7.2.1.4) with 2 = j — 1 
and k= +1. In this case, it is useful to represent the results of experimental data processing 
obtained by calculating the function (E7.2.1.4) by points (x;, O) on the (x, ©)-plane and 
estimate their deviations from the straight line O = 1 (see the criterion (E7.2.1.3)), which is 
parallel to the abscissa axis. 

We use the above-described method in the case of two-parameter empirical dependences 
of special form 

y =af(x) +6, (E7.2.1.5) 


where f(x) is a given function and a and b are free parameters. We take three distinct points 
Ti, Zj, and £g to which there correspond three values y;, yj, and yg of the desired quantity. 
Under the assumption that the functional dependence (E7.2.1.5) takes place, we have 


yi =af(xi)+b, yy =af(rj)+b, yeaa (rp) +6. (E7.2.1.6) 
By eliminating the parameters a and b from these relations, we obtain 


Yk-Yi Fx) (25) 


= CR ANP (E7.2.1.7) 
y Yi Juj)- fos) 
By introducing the new auxiliary variable 
O = YY Hxj)- F(x) (E7.2.1.8) 


YY fa- fa)” 


we can verify the applicability of the two-parameter approximations of the form (E7.2.1.5), 
because condition (E7.2.1.3) must be satisfied for them, which follows from relation 
(E7.2.1.7). 

Formula (E7.2.1.8) readily admits computer implementation, and by choosing the func- 
tion f(x) in (E7.2.1.5) in various ways, one can compare the corresponding approximation 
errors and then take the dependence with the least error. 


Example 1. For the logarithmic dependence 
y=alnx+b=aln(cx), c= exp(b/a), (E7.2.1.9) 


formula (E7.2.1.8) becomes 
_ Yk-yi lnx;-Inx; 


O (E7.2.1.10) 


Yi Yi Inv, —-Ina; 


For the applicability of two-parameter approximations of the form (E7.2.1.9), relation (E7.2.1.3) must be 
satisfied under condition (E7.2.1.10). 


Example 2. Consider the two-parameter power-law dependence 
y=az” (¢ 20,420). (E7.2.1.11) 


Taking the logarithms of both sides of this formula, we obtain a dependence of the form (E7.2.1.5) with 
f(x) = Ina, b = Ina, and a = m and with y replaced by In y on the left-hand side. By substituting f(x) = ln x 
into (E7.2.1.8) and by replacing y by In y, we obtain 


a PS a (E7.2.1.12) 
Iny; -—Iny; ln zp -ln zi 


Formula (E7.2.1.12) permits verifying the applicability of power-law functions of the form (E7.2.1.11). 


In Table E7.1, we present direct criteria (necessary conditions) for the applicability 
of two-parameter monotone dependences of the simplest form obtained by the method of 
complete elimination of free parameters. 
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TABLE E7.1 


Some two-parameter dependences and direct criteria of their applicability of the form 
(E7.2.1.3) obtained by the method of complete elimination of free parameters. 


z a | z n 
= Li NY; — 


Li (Lk — Li MYj — Yi) 
LE (Li — Li)(YR — Yi) 


(Xj — Li)Y7 (YR — Yi) 
(£k — Li)yR (Yj — Yi) 
Li (Le — Li)YR(Y; — Yi) 
LE (L;5 — Li)YG (Yr — Yi) 


In(xx/xi) In(y; /Yyi) 


(£k — £i) In(y;/y:) 
(xj — x4) In(yr / ys) 
(Yk — yi) ln(x; /xi) 
7 Yr—-Yi f(x5)— f(x) 
a m ln(yk/y:) In[f(z;)/f(£] si 
EN ISO iGo) BE id 
= In(ye/yi) fas) f(x) a 
id is In(y;/ys) fee) — Fr) 


Remark 1. Fora majority of two-parameter functions (E7.2.1.1), it is impossible to eliminate free param- 
eters from relations (E7.2.1.2); 1.e., 1t is impossible to obtain the criterion relation (E7.2.1.3) explicitly. This 
fact does not permit using this method efficiently for more general multi-parameter dependences. 


Remark 2. The direct method of elimination of free parameters can be used in the case of multi-parameter 


dependences of the special form 
N 
yor 2 GH | (E7.2.1.13) 
E ¡ 0595 (2) 


where f(x), g;(x), h(x), and F(z) are given functions and a; and b; are free parameters. To this end, we first 
must rewrite (E7.2.1.13) in the equivalent form 


M N 
Pla > bigi(a) = Y aifil(a), 


¿=1 


where F™ is the inverse function of F. Further, taking the required number of points x, (k=1,2,..., N+M+1) 
and the values y corresponding to them, one can eliminate the parameters a; and b; from the resulting system 
of linear algebraic equations. 


> Method of partial elimination of free parameters. We describe the method of partial 
elimination of free parameters for two-parameter functions y = F(x, a,b). Prescribing the 
values of the function at two arbitrary points, we obtain two relations, y; = F (xi, a,b) and 
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y; = F(x;,a,b). By eliminating one of the parameters from them and then by solving 
the obtained relation for the other parameter, we obtain a criterion relation of the form 
ALi, Tj, Yi, Yj) = 0 OF VX, Lj, Yi, Yj) = b. 

Let us apply this method to the two-parameter family of functions (E7.2.1.5). By 
eliminating the parameter b from the first two relations in (E7.2.1.6), we obtain the relation 


Yi Vi 
LE a, (E7.2.1.14) 
which can also be used to verify the applicability of functions of the form (E7.2.1.5). If any 
two points x; and x; and the values y; and y; corresponding to them are substituted into 
the left-hand side of (E7.2.1.14), then one and the same constant a must be obtained. (If 
Eq. (E7.2.1.14) is satisfied approximately with satisfactory accuracy, then the constant a can 
readily be verified by the least-squares method.) Another criterion relation for the family 
of functions (E7.2.1.6) can be derived in a similar way by eliminating the parameter a: 


Yi (X53) — y; F(Z) 
222 = E7.2.1.15 
i (a5) — f(x) 


In the special case of the logarithmic law (E7.2.1.9), the first criterion relation (E7.2.1.14) 
acquires the form 
Yj- Yi 


HA (E7.2.1.16) 
ln x;—1n x; 


and the second criterion relation (E7.2.1.15) becomes 


iln zj — y; ln zi 
AT ee ON Y (E7.2.1.17) 
ln x;—1n x; 


Now we consider the two-parameter power-law dependence (E7.2.1.11). We take 
logarithms of both sides of this formula and then apply the resulting equation to two points 
x; and xj. After the elimination of the parameter a, we obtain the first criterion relation 


cid 
a NA (E7.2.1.18) 
ln x;—1n z; 


For the power-law dependence (E7.2.1.11), we can also obtain the second criterion relation 


ln z; ln y; — ln x; ln y; 
e UND o ES E (E7.2.1.19) 
ln z; -ln zj 


by eliminating the parameter m. 

In Table E7.2, we present the direct criteria (necessary conditions) for the applicability 
of two-parameter monotone dependences of the simplest form obtained by the method of 
partial elimination of free parameters (usually, one sets 7 =2+ 1). 

The method of partial elimination of free parameters leads to simpler criteria than the 
method of complete elimination of free parameters; in addition, it permits obtaining one of 
the parameters readily (cf. Table E7.1 and Table E7.2). 
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TABLE E7.2 
Several two-parameter dependences and direct criteria of their applicability obtained by 
the method of partial elimination of free parameters; f~ is the inverse function of f. 


| No. | Formofempirical formula | Form of empirical formula Applicability criterion 
ee E 
af w | A 


Lid 5 vi 


Yi = Yi 
(Li — Lj)Yi Ys 


3 
x Lili (Yi —Y5) 
= — > = b 
a.” In(yi/yj) 
miw) 


Yi Yj 
In(y: 
e 
aa 
A l i 
Li — 25 
YiGg(ej)-—Yjg(@i) 
= af(x) + bg(x) O RCT Ch ie a f(x), g(x) is given 


> Several generalizations. The method of partial elimination of free parameters can be 
used in the case of multi-parameter dependences of special form (E7.2.1.13). For example, 
for three-parameter dependence in the form of a quadratic polynomial 


y= ax” + bx +c, 
we obtain the criterion 
(Ek — Li MY; — Yi) — (Lj -—Li)YR-Yi) _ 
(Ek 20707) (2j MAR — 23) 
For a more general three-parameter dependence 
y = af (2) + bg(x) + cho), 
where f(x), g(x), and h(x) are given functions, we have the criterion 


(yjhi— Yi hjMgrhi = gik) — (yr hi — Yi hr (gj hi - gihj) _ 
(fjhi— fihiMgrhi — g9ihx) —(fehi — fihkXgjhi-— gih;) 
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Here we use the shorthand notation to = (Xp), Ip = (Lp), and hp = h(£p), where p=1, 7, k. 
The other two criteria can be obtained by cyclic permutations of the constants a, b, and c 
and the functions f, g, and h. 
Remark. Instead of the explicit dependence (E7.2.1.1), one can consider a more general dependence 
F(a, y, a,b) = 0 and, in particular, an implicit dependence of the special form 
g(x,y) = af (x,y) + 8, 

which generalizes formula (E7.2.1.5). In this case, instead of (E7.2.1.14) we have the criterion 

G(X 5, Yj) — G(Li, Yi) 

Hs, yi) — (Li, Ys) 


E7.2.2. Three-Parameter Empirical Formulas 
> Three-parameter formula of power-law form. Consider the power-law dependence 
y =ar" +b (E7.2.2.1) 


containing three parameters a, b, and m. We compose the geometric mean for the two 
extreme points: Lem = y/21Tn. Let TE € Tom SL £k+1- We use the linear interpolation 
formula (E7.1.4.3) to obtain the approximate value Ysm. Assuming that the points (x1, y1), 
(Zom; Yem), (Ln, Yn) lie on the curve (E7.2.2.1), we obtain three equations 


yı = ary +b, Yem=ULg +b, Yn = ax, +D. 


By raising Com = 1/1127, to the power m and by multiplying by a, we obtain 


AL orm =,/arfarir => Yem-b= V(y1 -byn — b). 


By squaring the last relation, we obtain the constant 6, 


2 
n= 
E Aa A (E7.2.2.2) 
Y1 + Yn- 2Yom 
Since the coefficient b is now known, the change Y = y — b takes formula (E7.2.2.1) to 
a formula of the form (E7.2.1.11) with two parameters. To verify its applicability, we can 
use the criterion relation (E7.2.1.12) or (E7.2.1.18), where ys must be replaced by ys — b, 
SEn k. 
> Three-parameter formula of exponential form. Consider the exponential dependence 


y =ae™ +b (E7.2.2.3) 


containing three parameters a, b, and A. We compose the arithmetic mean for the two 
extreme points, Zam = F(a + Ln). Let £k € Lam € Tx+1. We use the linear interpolation 
formula (E7.1.4.3) to find the approximate value yam. Assuming that the three points 
(21,41), (Tam Yam), (Tn, Yn) lie on the curve (E7.2.2.3), we obtain 
yı =0e "1 +b, Yam = aeTr@1ten) 4 p, Yn = ae tn +b. 
This implies that yı — b = ae"! and y, — b = ae**”, and hence (y1 — b)(Yn — b) = (Yam — DY. 
Now we determine the constant b: 
_  YiYn— Yam 
Yı + Yn — 2Yam 

Since the coefficient b is now known, the change Y = y — b takes formula (E7.2.2.3) 

to the formula Y = ae*” with two parameters. To verify its applicability, we can use the 


criterion dependence given in Tables E7.1 and E7.2 (the 6th row in both cases), where ys 
must be replaced by ys — b, s = îi, j, k. 


(E7.2.2.4) 
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Remark 1. An exact analytic criterion for the applicability of formula (E7.2.2.3) in the case of equally 
spaced argument, 1.e., for 
Av, = ini -2i=h G1, Zaida = 1), 


In ( pta) = const. 


has the form 
A = 


>| 


Yi+1 — Vi 

Remark 2. In Subsection E7.2.1, we presented criteria for verifying the applicability of a quadratic 
polynomial with three parameters. In Subsection E7.2.3, we describe more complicated criteria for verifying 
three-parameter formulas. 


E7.2.3. Combined Method for Verifying Empirical Formulas 


> Description of the method. Three-parameter dependences of power-law form. 
In the cases where there are sufficiently many experimental points, empirical formulas 
can be verified by a combined method. This method is based on the differentiation of 
the dependence under study, after which, using the original dependence and its derivative 
calculated at several points, the required number of free parameters is eliminated. 

We illustrate the above by an example of the three-parameter power-law dependence 


y = alx +b)”. (E7.2.3.1) 
By successively setting x = xj, £ = £j, Y = £k in (E7.2.3.1), we cannot eliminate the free 


parameters from the obtained relations; 1.e., the direct method cannot be used. 
Therefore, we proceed as follows. First, we differentiate (E7.2.3.1) with respect to zx, 


y = am(x +b)", (E7.2.3.2) 
and then eliminate the parameter a from (E7.2.3.1) and (E7.2.3.2). We have 
+b 
aoo (E7.2.3.3) 
Y m 


Relation (E7.2.3.3) contains two parameters m and b and already admits the application of 
the direct method. By setting x = x; and x = x; in (E7.2.3.3) and then by eliminating one 
of the free parameters, we obtain two criterion relations containing the first derivatives: 


(i —27)Y;Y 


YY; —YjY; 
/ / 
iYiYi — UGYiY, 
Zo a eh (E7.2.3.5) 
YY, — YjY; 
In a similar way, consider the three-parameter dependence 
y = ax" +b, (E7.2.3.6) 


for which it is also impossible to derive criterion relations by the direct method. By 
differentiating (E7.2.3.6), we obtain 


y = amg ™!, (E7.2.3.7) 
By eliminating the parameter a from (E7.2.3.6) and (E7.2.3.7), we obtain 
=b 
ee (E7.2.3.8) 
Y m 


By setting x = x; and x = x; in (E7.2.3.8) and then by eliminating the parameter b, we 
obtain the criterion relation 
LY, Tj Y; 
— =m (E7:2:3:9) 
Yi — Yj 


containing the first derivatives. 
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> Dependences of exponential and logarithmic type. We present several other simple 
useful criteria for widely used three-parameter functions. 
For the exponential dependence 


y = ae +b, 
we have the criterion 
/ / 
Y; = Y; 
Ne (E7.2.3.10) 
Yi — Y; 


For the logarithmic dependence 
y = aln(bx+c«)=aln(x+.D)+ E (D =c/b, E =alnb), 


we have the criterion 
Yi yi Sn 
In(y;/y;) 

> Formula for calculation of the derivatives. Criteria (E7.2.3.4), (E7.2.3.5), (E7.2.3.9), 
(E7.2.3.10), and (E7.2.3.11) contain derivatives, which can be calculated approximately by 
using appropriate approximation formulas. 

In what follows, we present three difference schemes most widely used in numerical 
mathematics to calculate the derivatives at the point x;.: 


r _ Yk+1— Yk-1 
UA a 4 


(E7.2.3.11) 


(central difference), 


Lk41 — Uk-1 

a A (right difference), 
Uk+1 — Tk 

Y y RA (left difference). 
Lk — Uk-1 


Numerical experiments show that the first scheme based on the central difference pro- 
vides the most accurate results. It is expedient to use just this scheme for computations. 


E7.3. Construction of Engineering Formulas by the 
Method of Asymptotic Analogies 
E7.3.1. Description of the Method of Asymptotic Analogies 


> Preliminary remarks. The most important stage in the study of specific physical and 
engineering problems is to find general quantitative laws valid for a class of qualitatively 
similar problems. In many cases, general results of this type can be obtained by the method 
of asymptotic analogies. The method is based on the passage from the usual dimensionless 
variables to special asymptotic coordinates and can be used for constructing wide-scope 
approximate formulas. (For example, in problems of mass and heat transfer one and the 
same formula can be used for describing a variety of qualitatively similar problems that 
differ in surface shape and flow structure.) 

Suppose that there is a class of problems that differ in geometric characteristics and 
depend on a dimensionless parameter x (0 < x < 00). We assume that the dependence of the 
basic desired variable w on the parameter x is known for some specific (say, the simplest) 
geometry: 

y = f(x), (E7.3.1.1) 


where f(x) is a monotone function. 

In problems of mass and heat transfer, y is usually the Sherwood (Nusselt) number or the 
volume-average concentration; the parameter x is dimensionless time, the Peclet number, 
or the dimensionless rate constant of a chemical reaction. 
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> Transition to asymptotic coordinates. Let us transform (E7.3.1.1) as follows. Let the 
leading terms of the asymptotic expansions of y for small and large x have the form 


y —> yo (asx — 0), Y — Yo (as x — 00), (E7.3.1.2) 


where yo and y depend in certain way on zx, 


Yo = p(s), Yo = Y(T), (E7.3.1.3) 


and are determined from the analysis of formula (E7.3.1.1). We also assume that the 
condition p/y + const is satisfied. 

Note that the original dependence (E7.3.1.1), as well as the asymptotics (E7.3.1.2) and 
(E7.3.1.3), can be determined either theoretically or experimentally. 

Using (E7.3.1.1)-CE7.3.1.3), we write the following two relations: 


y _ f(x) Yoo _ W(x) 


yo play yo pla) 


(E7.3.1.4) 


By expressing x from second relation and by substituting it in the first equation (E7.3.1.4), 
we find the explicit form of y in terms of the asymptotics yo and Yə. As follows from 
(E7.3.1.4), the structure of this relation is generally written as 


I- Fee) (E7.3.1.5) 


The function f contained in the original formula (E7.3.1.4) and the function Ff’ contained 
in formula (E7.3.1.5) are related as 


1) = p@)F (22) 
(x) 


It is seen that, in contrast to formula (E7.3.1.1), formula (E7.3.1.5) remains invariant 
with respect to the choice of the method for determining the dimensionless value y. We 
suggest that the range of each of the ratios y/yo and y../yo be identical for all problems 
of the class under consideration. The variables y/yo and y../yo are called asymptotic 
coordinates. 


Example. In applications, one usually encounters power-law asymptotics, 
dr lim y/yo = 1), Yoo = Ba" ( lim y/Yoo = 1), (E7.3.1.6) 


where A, B, k, and m are some constants and k # m (for the entire class of considered problems, we assume 
that the constants k and m remain the same but the parameters A and B can vary). 
In the case of power-law asymptotics (E7.3.1.6), formula (E7.3.1.5) can be expressed explicitly via the 


function f: 
k 1 
y _ 1 qe)” (guy 
E E eee Jo l E7.3.1.7 
yo A de Yo i( B yo l l 


m 1 
y _ 1 gum (g=) 
y ae OS pa E7.3.1.8 
Yo B E Yo i( B yo 


> Description of the method. The basic idea of the method of asymptotic analogies is to 
use the expression (E7.3.1.5) (or formulas (E7.3.1.7) and (E7.3.1.8)) to approximate similar 


or, equivalently, 
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Initial (simple) problem 


O 


y=f(x) 


Finding the initial dependence 


Finding asymptotics 


yyy as x>0 
YY, aS XO 


Yo = O(X), Ya = W(X) 


Determining the desired dependence 


F remains ih same, 
y, and fi change 


Other problems of the class in E 


Figure E7.1. Scheme of application of the method of asymptotic analogies for a class of qualitatively similar 
problems. 


characteristics for a wider class of problems describing qualitatively similar phenomena or 
processes. Specifically, after the relation (E7.3.1.5) has been constructed with the help of 
(E7.3.1.1) for some specific (say, the simplest) case, we can evaluate y for other problems 
of this class by finding the asymptotics yo (as x — 0) and yo (as x — oo) and then by 
substituting these asymptotics into (E7.3.1.5). The approximate formulas thus obtained are 
asymptotically sharp in both limit cases x — O and z — ov. 

Figure E7.1 presents a principle scheme of applying the method of asymptotic analogies. 

In the books by Polyanin and Dilman (1994) and Polyanin et al. (2002), the formulas 
obtained by the method of asymptotic analogies were compared with the already known 
formulas obtained by exact, numerical, and approximate methods for a large number of 
specific cases. These investigations confirmed the high accuracy and wide capabilities of 
the method of asymptotic analogies. In other words, the final functional relation (E7.3.1.5) 
between y and its asymptotics remains the same (or varies slightly) in a wide class of 
problems of the same type, and the specific features of geometric distinctions between these 
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problems (like the surface shape and the flow structure) are sufficiently well taken into 
account by the corresponding asymptotic parameters yo and Yoo. 

As a result, the scope of the final formula (E7.3.1.5) (or formulas (E7.3.1.7) and 
(E7.3.1.8)) 1s substantially wider than that of the original formula (E7.3.1.1). In this 
sense, one can say that formulas of the type of (E7.3.1.6) are more informative than the 
original formula (E7.3.1.1). 


Remark. The original dependence (E7.3.1.1), as well as the asymptotics (E7.3.1.3) can be determined 
either theoretically or experimentally. 


E7.3.2. Illustrating Examples: Interior Heat Exchange Problems for 
Bodies of Various Shape 


> Statement of the problem. Consider a class of problems concerning transient heat 
exchange between convex bodies of various shape and the ambient medium. At the initial 
time t = 0, the temperature is the same throughout the body and is equal to 7j, and for t > 0, 
the temperature on the surface I’ of the body is maintained constant and is equal to Z. The 
general mathematical statement of the problem about the temperature distribution inside 
the body is given in Section E5.5.1 (see formulas (E5.5.1.1)—(E5.5.1.3)). 

In this section, attention 1s paid to the study of the bulk body temperature 


(T) = > / T dv, (E7.3.2.1) 


where T'is the dimensionless temperature and V = Í, dv is the dimensionless volume of 
the body. 


> General formulas for the bulk temperature of the body. To approximate the de- 
pendence of the bulk temperature on time, we use the method of asymptotic analogies. 
The simplest original problem is taken to be the one-dimensional (with respect to spatial 
coordinates) heat exchange problem for a sphere of radius a. The exact solution of this 
problem is well known and results in the following expression for the bulk temperature: 


Gai 
(Ty =1- z DD a expr? k? P, r=, (E7.3.2.2) 
k=1 


where x 1s the thermal diffusivity. 
The asymptotic expressions (for small and large 7) of (E7.3.2.2) have the form 


(Tho =6r! VF F>0; (Doo =l (F> oœ) (E7.3.2.3) 
and are a special case of (E7.3.1.6) for yo = (To and Yoo = (TY, where A = 6n7!/2, B= 1, 


k= >, and m = 0. By substituting these values into (E7.3.1.7) with f = (7), we can rewrite 
(E7.3.2.2) as follows: 


00 a 2 
= = Te > y = exp -pe ia | (E7.3.2.4) 


k=1 


Following the method of asymptotic analogies, we shall use formula (E7.3.2.4) for the 
calculation of bulk temperature for nonspherical bodies. To this end, for a body of a given 
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shape, we must first calculate the asymptotics of bulk temperature for small and large 7 and 
then substitute these asymptotics into (E7.3.2.4). 

For a bounded body of arbitrary shape, the solution of problem (E5.5.1.1)—(E5.5.1.3) 
tends as T — oo to the limit value (equal to 1) determined by the boundary condition on 
the surface of the body. By setting 7’ = 1 in (E7.3.2.1), we find the asymptotics of the bulk 
temperature for large 7: 

Tce (E7.3.2.5) 


Now let us consider the initial stage of the process, corresponding to small values 
of dimensionless time. Let us integrate Eq. (E5.5.1.1) over the volume v occupied by the 
body. Taking into account the identity AT = div (grad T`) and applying the Gauss divergence 
theorem, we replace the volume integral on the right-hand side by a surface integral. As a 
result, we obtain 

2 | Ta =- dE dl’, (E7.3.2.6) 
OT v T OE 
where € is the coordinate along the inward normal on I. 

For small 7, the temperature mainly varies in a thin region adjacent to the surface. In 
this region, the derivatives along the surface can be neglected compared with the normal 
derivatives. Therefore, the temperature distribution as 7 — 0 is described by the equation 


OT OT 
— = => ERSZ 
OT dE l ) 
with the initial and boundary conditions, 

T=0, T=0; €=0, T=1, 


where the value € = 0 corresponds to the surface of the body. 
The solution of problem (E7.3.2.7) 1s given by the complementary error function 


F 


T = erfe ($) (E7.3.2.8) 


By differentiating this formula with respect to € and by setting € = 0, we obtain the 
asymptotics as 7 — 0 of local heat flux to the surface of the body, 


(=) oe (E7.3.2.9) 


Let us substitute (E7.3.2.9) into (E7.3.2.6). After the integration, we obtain 


O 1 
— | T dv = ——S, E7.3.2.10 
OT | PTT l ) 


where S is the dimensionless surface area of the body. 

Let us integrate both sides of (E7.3.2.10) with respect to 7 from O to 7. With regard 
to the initial condition (E5.5.1.2) and relation (E7.3.2.1), we obtain the desired asymptotic 
expression for bulk temperature as T — 0: 


S 


(To = 2 = (E7.3.2.11) 


=) |) 
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The substitution of (E7.3.2.5) and (E7.3.2.11) into (E7.3.2.4) gives an approximate 
dependence of bulk temperature of an arbitrarily shaped body on time: 


6 + ESE 
(T) = l-> 2 T (E) . 


6% 1 „2 Xt 
(T) = O JS a). (E7.3.2.12) 


where S, and V, are, respectively, the dimensional surface area and volume of the body. 
For practical calculations, it 1s expedient to replace the infinite series by the simpler 
formula 


ae Sixt 
(T) = ¡e e1.27w +06 Cai pen A wW = E (E7.3.2.13) 


whose maximum deviation from (E7.3.2.12) is about 1.7% (see Table E7.3). 


> Bulk temperature for bodies of various shape. Let us compare the approximate de- 
pendence (E7.3.2.12) with some well-known exact results on heat exchange for nonspherical 
bodies. 

First, consider a parallelepiped with sides L1, L2, and L3. The solution of the corre- 
sponding three-dimensional problem (E5.5.1.1)—CE5.5.1.3) can be constructed by separation 
of variables and results in the following formula for bulk temperature: 


8 300 00 00 1 
m=1-(5) 2 k=O Pa? 


k=1 m=1 [=1 


2 2 2 
cop a on , 2] a). PELE 


2 2 
L L; 


Since the surface area and the volume of the parallelepiped are given by the formulas 
Sy = 2(L1L + L¡L3 + £213) and V} = L¡L,L3, we can rewrite (E7.3.2.14) as 


3 œ œ CO 
m1 (5 ) EE oan ra 


k=1 m=1 l=1 


2k-1 2m-1 i=in 
2 + + 2 
TT Li Lo 13 ae 
4 ck . ay V2 
Li = Ly a L3 


In Table E7.3, the approximation (E7.3.2.12) 1s compared with the exact bulk tempera- 
ture (E7.3.2.15) for six distinct values of L,, L2, and L3. The maximum error of formulas 
(E7.3.2.12) and (E7.3.2.13) is about 5% for 0.25 < L3/L¡ < 4.0 and L>/Lj =1. 


x exp (E7.3.2.15) 
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TABLE E7.3 
Comparison of exact and approximate values of bulk temperature (1') for bodies of various shape. 


Dimensionless time S2xt/V 


E> = 1, E3 = 0.25 
E,=1,E3=0.5 
E,=1,E3=1 
mil E; =2 
E, =1, FE; =4 
E,=2,E3=4 


Paralle- 
lepiped, 
formula 
(E7.3.2.15); 
Fi = Li/Li 


Cylinder, 


formula 
(E7.3.2.17); 
B= aft 


Now consider heat exchange for a cylinder of finite length. Let a be the radius and L the 
length of the cylinder. By solving problem (E5.5.1.1)—CE5.5.1.3), we obtain the following 
expression for bulk temperature: 


op eae 1 %  72Qm-1)? 
T)=1-—= —— exp 1 — | — + —— | yt ?, E7.3.2.16 
St Esta Pomar I | @ T? i l 
where the Y; are the roots of the Bessel function of the first kind of index zero: Jo(v;,) = 0. 
(The first sixty roots Y; are tabulated in the book by Janke et al. (1960).) 
Formula (E7.3.2.16) can be rewritten in the form 


cp) gaan 1 L9 + 17 a*(2m—1)° 2x1 
T)=1-— —— exp | -—— — s AE eel | 
= 1-7 LL ama P| Mase ve | RI 


where S, = 27a(a + L) is the surface area and V, = ma? the volume of the cylinder. 

In Table E7.3, the exact value of the bulk temperature given by (E7.3.2.17) is compared 
with the approximation (E7.3.2.12) for various ratios of the cylinder dimensions. The 
maximum error in formula (E7.3.2.12) is about 3.5% for 0.25 < 2a/L < 4.0. 


E7.3.3. Illustrating Examples: Mass Exchange Between 
Bubbles/Particles and Flow 


> Mass transfer to a spherical bubble at low Reynolds numbers. The problem of mass 
transfer to a spherical bubble in a translational flow as Re — 0 was studied in the entire 
range of Peclet numbers by finite-difference methods. The results for the mean Sherwood 
number are well approximated by the expression (E5.8.2.6) 


Sh = 0.6 + (0.16 + 0.213 Pe)!/”, (E7.3.3.1) 


where the bubble radius is taken as the characteristic scale. 
The maximum deviation of (E7.3.3.1) in the entire range of Peclet numbers is about 3%. 
We use formula (E7.3.3.1) as a basis for obtaining a more general dependence, which 
can be used for nonspherical bubbles and more complicated flows. To this end, we use the 
method of asymptotic analogies, by setting x = Pe and y = Sh. 
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From formula (E7.3.3.1) we find its asymptotics: 
Sho=1 (Pe—0), Sho =(0.213Pe)!/? (Pe — 00), (E7.3.3.2) 


which corresponds to the values of the exponents k = 0 and m = 1/2 in formulas (E7.3.1.6)— 
(E7.3.1.8). 

Passing from the original variables Pe and Sh to the asymptotic coordinates Sh/Shy 
and Sh/Sh, in (E7.3.3.1), we obtain the dependence 


25 1/2 
= = 0.6 + 0.164 ES | (E7.3.3.3) 


where Sho, is the asymptotic value of the mean Sherwood number as Pe — oo, which 
can be calculated by solving the diffusion boundary layer equation in a given flow field or 
determined experimentally. 

Now we consider an axisymmetric shear flow, where the dimensional fluid velocity 
components remote from the bubble have the following form in the Cartesian coordinates 
X1, X2, X3: 

V = (Vi, V2, V3) = [GX], -GX2, 2GX3), (E7.3.3.4) 


where G is the shear coefficient. 
For a spherical bubble in a shear Stokes flow (E7.3.3.4), the asymptotics of the mean 
Sherwood number has the form (Polyanin et al., 2002) 


3 1/2 
Sho=1 (Pe>0)  Sh,= (= Pe ) (Pe — 00), (E7.3.3.5) 
TT 


where Pe = a |G /D. By substituting the asymptotics (E7.3.3.5) into formula (E7.3.3.3), 
we obtain the formula 
Sh = 0.6 + (0.16 + 0.955 Pe)!/, 


whose error in the entire range of the Peclet numbers does not exceed 3%. 


> Mass transfer to a solid particle at low Reynolds numbers. The problem of mass 
transfer to a solid spherical particle in a translational Stokes flow (Re — 0) was studied in 
the entire range of Peclet numbers by finite-difference methods. To find the mean Sherwood 
number for a spherical particle, it is convenient to use the following approximate formula 
(E5.7.2.8): 

Sh = 0.5 + (0.125 + 0.243 Pe)'/, (E7.3.3.6) 


where the particle radius is taken as the characteristic scale. 
The maximum deviation of (E7.3.3.6) in the entire range of Peclet numbers is about 2%. 
From formula (E7.3.3.6), we find its asymptotics: 


Sho = 1 (tim Sh/Sho =1), 

oe (E7.3.3.7) 

Sho. = (0.243 Pe)!/3 (lim Sh/Sho, = 1), 
C=O 


which corresponds to the exponents k = 0 and m = 1/3 in formulas (E7.3.1.6)—(E7.3.1.8). 
By passing from the original variables to the asymptotic coordinates in (E7.3.3.6) with 
the use of (E7.3.3.7), one can derive the approximate formula 


34 1/3 
= = 0.5 + 0.125 + (E) | À (E7.3.3.8) 
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which is equivalent to formula (E5.9.3.2). The approximate formula (E7.3.3.8) can be 
used to calculate the mean Sherwood number for a steady-state viscous flow (without 
closed streamlines) past smooth particles of nonspherical shape (for example, ellipsoidal 
particles). The auxiliary value Sh, must be chosen equal to the leading term of the 
asymptotic expansion of the Sherwood number as Pe — oo. 

For a particle of a given shape, the auxiliary quantities Sho and Sh,, occurring in 
(E7.3.3.8) can be determined either theoretically or experimentally (see Section E5.9.3). 


Remark. For a solid spherical particle in an axisymmetric shear flow (E7.3.3.4), the maximum error of 
formula (E7.3.3.8) in the entire region of Peclet numbers is about 3%. 


> Transient mass transfer in steady-state flows. We consider a laminar steady-state 
flow past a solid spherical particle (drop or bubble) of radius a and study transient mass 
transfer to the particle surface. At the initial time t = 0, the concentration in the contin- 
uous phase is constant and equal to Cj, whereas for t > 0 a constant concentration Cs is 
maintained on the particle surface. The mathematical statement of the problem about the 
concentration distribution in the flow is given in Section E5.10.1 (see formulas (E5.10.1.1) 
and (E5.10.1.2)). 

In what follows, we restrict ourselves to the case of high Peclet numbers, 1n which there 
are no closed streamlines in the flow. 

For an axisymmetric shear flow past a bubble (the fluid velocity field far from the bubble 
is determined by formula (E7.3.3.4)), the mean Sherwood number can be calculated by the 


formula 
Sh = 4/ SES coth (3 Pe 7), (E7.3.3.9) 
T 


which was obtained in the diffusion boundary layer approximation. In formula (E7.3.3.9), 
we use the notation 7 = Dt/a? and Pe = a?G/ D. 
From formula (E7.3.3.9), we can find the asymptotics 


Sho = (rry! (r>0, — Shay =(3Pe/r)/? (T > 00). (E7.3.3.10) 
By passing to asymptotic coordinates in (E7.3.3.9) with the use of (E7.3.3.10), we obtain 
Sh Sha Ne 
—— = th . E7.3.3.11 
Sh, °° ( Sho 


For an arbitrary steady-state flow past spherical particles, drops, and bubbles, we have 
Sho = (rry 0, and formula (E7.3.3.11) becomes 


> =4 /coth(TSh2 7), (E7.3.3.12) 


where Sha = lim Sh is the Sherwood number for the steady-state diffusion mode and 


FED a’. 

Equation (E7.3.3.12) gives a valid asymptotic result for any steady-state flow field in 
both limit cases 7 — 0 and 7 — 00. 

Table E7.4 presents a comparison of the mean Sherwood numbers calculated according 
to Eq. (E7.3.3.12) with available data for various flows past spherical drops, bubbles, and 
solid particles at high Peclet numbers (in this table, we use the abbreviation DBLA for 
“diffusion boundary layer approximation”). The parameter 6 is the ratio of the dynamic 
viscosity of the drop to that of the ambient fluid and varies in the range 0 < PB < 2. (The 
value 8 = 0 corresponds to a gas bubble.) 


Remark. One can find other examples of using the method of asymptotic analogies in the books by 
Polyanin and Dilman (1994) and Polyanin et al. (2002). 
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942 EMPIRICAL AND ENGINEERING FORMULAS. CRITERIA FOR THEIR APPLICABILITY 
TABLE E7.4 


Maximum error of Eq. (E7.3.3.12) for various types of flow past spherical drops, 
bubbles, and solid particles (according to the data by Polyanin and Dilman, 1994). 


= Dispersed phase Flow type Solution method 
Drop, Axisymmetric shear Analytical, 
bubble Stokes flow DBLA 
Drop, Translational Analytical, 
bubble Stokes flow DBLA 
Drop, Two-dimensional Analytical, 
bubble shear Stokes flow DBLA 
Bubbl Laminar translational flow Analytical, 
yee at high Reynolds numbers DBLA 


Axisymmetric shear flow Analytical, 
Bubble at high Reynolds numbers DBLA En 
Drop, Flow caused by Analytical, 
bubble an electric field DBLA 
7 Solid Translational flow of Analytical, 07 
particle an ideal (inviscid) liquid DBLA i 
Solid Translational Interpolation of numerical iA 
particle Stokes flow and analytical results l 
Solid Translational Finite-difference numerical 4 
particle Stokes flow method (at Pe = 500) 
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Chapter S1 
Integrals 


S1.1. Indefinite Integrals 


Throughout Section S1.1, the integration constant C is omitted for brevity. 


S1.1.1. Integrals Involving Rational Functions 


> Integrals involving a + bz. 
d 1 
1. / 4 = — In ja + bx]. 


a+bx b 
(a + bx)" 
2. bay dí === —1. 
[tas x) dx PO NF 
d 1 
E = zz (a+ ba -aln la + bz). 
a+ bx 
a 1 pl 
[= = 5 5 (a+ bey? —2a(a + be) + a? In Ja + be 
at bx 


J dx o 1 m] 

r(a+br) a gy l 

/ dx 1 b at bx 
ee =-—+—In | 
x2(a + bx) ax az £ 


x dx 1 
e = (Inla+ bal + 
(a+bxy? b? 


2d 1 2 
| Z5 = a (ot te 22 In fa + bal- E ). 
(a+br)* b a+ bx 


J dx 1 1 a + bx 
E A m Z 
xla+bxy?  ala+br) a? £ 

i Ja E 
(a+bxy L a+br  2(a+bxy 


> Integrals involving a + x and b + z. 


1. [= ssl its 


T 
a+bx) 


1 b+ 
= , a+b. Fora = b, see Integral 2 with n = —2 in 


dx 
2. J m 
(a+z\(b+x) a-b 
the previous item. 


AFT 


945 
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946 INTEGRALS 
— = (a ina +21- bIn|b + al): 
1 1 atx 
(a+ £)(b + x)" J (b—a)(b+2) y (a — by? NE 
x dx E b a atx 
(at+ax\b+xy (a—b\(b+x) (a-b) "bre | 
r? dx b? a? h 
Taoa ea Ma Gs = meee 
x 1 1 1 2 a+r 
(a + £) (b + 2) ~ (a—by hera TT. úl (a — by "bre | 
x dx E 1 a a b ) + a+b a|], 
(a+ a (b+) (a-b? \a+x b+zx (a-bY lb+x 
x dx 1 a> b? 2ab atx 
J (a + £)?(b + x)? a-b} AT e ve, 5 (a — by 3 b+z 
> Integrals involving a? + x. 
ll: / = 3 E A 
aF a a 
x 1 x 
(a? + x2)? 5 2a*(a* + x7) 5 2a3 oe a 
x 3x 3 x 
(a? eas = 4a? (a2 + x?) 5 8a*(az + 2?) = 8a oer a 
x q 1 
(a? A naa? + 22)" fae 2na? | a E e e 
5. [ss = > Ina? +2?) 
TAL | 1 
(+2? Ua? +22)’ 
rdr | 1 
¡ES 240230. 4(a? +2 
8. ee a 
(a2 +22)! 0 In(a2 + aya? Ai 
T 8b E 
9. [25 =r- a arctan —. 
FE a 
10. a de ee a = 
(+222 2(a24+22) 2a a 
r? dx z £ E 
DAA 24 92) Mary úl AR 8a3 ii 
r? dx $ 1 dx 
(a2 + 72)r41 na + 22)” “Zn Cae oa 
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13. 


14. 


15. 


16. 


17. 


18. 


19. 


20. 


21. 


22, 


23; 
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3 2 2 
CO. E ü 2.3 
[FF ura 


34 2 1 
ON 
(a? + (a2 +22? 2(a2+27) 2 
x? dx 1 a? 
EPS Se SS 8 S es 
(a2 + (a2 + 2yn+l X(n - Da? +x! 2n(a? + x2)” 


J dx 1 q? 
— = — ln ——. 
x(a? + q?) PO 
J dx 1 1 q? 
a RAP A E A 
r(a? + x2?)  2a?(a? +x?) 2af a+r? 
| da l 1 l q? 
o A A N 
x(a? +x?)  4a?(a? +x?) 2at(at+x2?%) 2af  at+x? 
dx B 1 x 
x2(a? + 2?) dx a iS a 
/ dx => 1 x 3 sean £ 
alal+a2? atx 2at(al+x2) 209 a 
| de 1 1 a i 
a(al+a2d? atx? 2aHK(al+a2) af al+al 
i dx 1 x Tx 15 x 
Sy FT a RATA A arctan—. 


x2(a? + x2y aoa  4at(at+x2? 8a®(a24+22) 8a’? a 


| dx 1 1 1 L as 
a(al+a23W  2atx2  ab(al+a2) 4at(a24+22)2 2a8 — al+a2 


> Integrals involving a” — x^. 


l; 


Le 


ON 
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[sa dx 1 atx 
a | 
sl 2a la-x 


| x 1 a+r 
ARE E n 
(2-22 2a2(a2-22) 4a3 la-x 


[= E x A 3x A 3 A 
— 3 dal(al—a2?  8at(al — x?) pl a-r 


2 
x o/s 12 
Era n= 5 EN 
(a? = Inar(a2 — 22)" 2na? (a? — x? 
peas A a — xl. 


xdr 1 
|a x2) Na — 22) 
x ax 1 
MA 


{oo xdr 1 12 
= = A Sl Za oa 
(a? _ q2yn+l 2n(a? _ r2)” 
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948 INTEGRALS 
2 
x“ dx a a+r 
A [ane in|] 
x? dx £ 1 a+r 
0. E 
Lar q2y ~ Xa- 22) be ae 


11. ==> 2? dx x x 1 de 
(a2 — 223 ~ A(a2 — 222 a — x?) = a—xl 


12. | ut de ee {oo ¡O 
(02-22 2n(a2? -x2 2n J (a-r? 
x’ dx go a > 2 

13. ¡a — al. 


x dx a? 1 
14. 2 — + In fg? e] 
¡=> £2)? ~ Ha- r?) 2 aa 
3d 1 2 
15. E = da e A a ee ISO E 
(a? — (a2 — g2yn+1 (n _ 1)(a2 2 q2yn-1 2n(a? = r2)” 
dx 1 q? 
w [E tl 
J x(at—a2%) 2a? |a?-zr? 
‘a | dx 1 i 1 l q? 
a (=== pp == OOS — n — |, 
x(at—a2yY  2at(at—-x?%) 2a* lat—a? 


dx 1 1 1 q? 
18. + aa ara MÁ 
x(at—ax2Y  4at(at-x2? 2a4(a2-27) 2af lalt—-a? 


> Integrals involving a> + z. 
Į; [EE E nen 
aò? +x? 6a?  a-ar+a?  ay3 av3 
> / PI: AE J ME 
l (a? + ay 3a3(ae +r?) 3a’ aò +x’ 
3 / radar l pÉ orte | 1 O a 
l a+r? 6a (a + xy av/3 av3 
rdr | q? 1 x dx 
(a3 + x3)? 3a3(a3 + x3) y 3a3 J a +x’ 


i 


sd 1 
3 = = In |a? +23. 


a+r? 3 
J dx 1 a? 
de E 
rae +r?) 3a% læ +r’ 
dx 1 1 a? 
i. aon te | 
r(ae+a3) 3a3(ae +23) 3al læ +r’ 
/ dx A 1 J xdr 
x2(a? + a?) TS a+ as 


9 / dx = 1 q? 4 i x ax 
l alal+ad? ax = 33a®(a3. +23) 3a J a3 +3’ 


Sc 
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> Integrals involving a> — x°. 
¡ / AX 1 a tanta 1 i 2x +a 
, ——— = — ln — + — arctan ! 
ao 6 (a-a) a3 ie 


> B £ 3 dx 
(a3 — 5 = 5 3a3(a3 — x3) o ad =q3" 


3 / cada E 1 ii a? + az + x? 1 pare 2% +a 
l aj=a3 6a (a — xy av3 aJ/3 
4 zdx B q? , 1 J zdx 
l (a3 - x3)?  3adad-a3d) 3a3 J a — 23" 


2 
x^ dx 1 3 3 
5. [= jie =| 


dx 1 a? 
s AE 
xlad—a3)  3a% lada? 
dx 1 1 a? 
7. | 
x(a -r°  3a%(ajd—x3) 3af lada? 
J dx acd 7 1 J x dr 
r?(a3-x3) ax æJ -r 


9 J dx n q? A 4 J x Ax 
l aUad-ad? ax 3abad=x3) 3a6 ) a3 — 23 


> Integrals involving af + «+. 


oA 


1. bl = In An arctan a 
at +r  4a3 y2 a?-arv2 + r2 F — a? 
2: ee cee arctan e 
2a2 a? 
3 x sd E 1 e ge a a po ee azy 2 | 
at + zt Erro -arv2+xa2 2ay2 i ie Es 


at — x4 Age a-r 2.a3 
gdr 1 ar + q? 


a4 —274 dal a! 


ada _ i a+r 1 £ 
— — arctan —. 
a a 


at Se 4a a— TI 


4. pen, de l A aa? 
a 


S1.1.2. Integrals Involving Irrational Functions 


> Integrals involving x!⁄. 
io 2 1/2 2a ba:1/2 


o an 
az+b?x b2 b3 
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ade 244 ara? 203 ba:1/2 
= ET Y + Pi . 
q 1/2 dx q 1/2 1 ba1/2 
T e = ESTA + RT arctan 
x?/? dg 2g3/2 3a? x!/? 3a bx!/? 
CP MAR We@+Pa Bo a 
bx 1/2 
e P P arctan 
2 2 bal? 
/ (a2 + b2x)a3/2 = eel)? a eae l 
dx q? l bx!/? 
= > + — arctan 


(a2+beayal/2 ar(a2t+b*x) ard 


1/2 q 2 92 ba! /2 
JŽ £ a 2 Kä £ 


-br b B la—brl/2! 
a dx 2a 2a?x!? a. jatbal/? 
J -Pr B A Y Fal 
a da x!/? 1 a+ bx! 
0. rr e Piel 
a3/? da 3ata 1 2b 23/2 3a a+ ba! 
i: J age PY. Malba) 2 A 
1 a+ bal? 
Pu ~ ab oe 
E pot 
(a2 —b2x)x3/2  a2z!/2 a3 |a-br!/2 


J x A q 1/2 A 1 dl 
(a2 —-b?x)?r!/2 a(a2—bx) 2adb | a—be/2 1 


> Integrals involving (a + bx)?/2. 


Jarry” de = 


2 
a+ bx) Ct? 
b(p + ay 


(a + ba) P)/? _ atat bar) P+2)/2 | 


2 p/2 
f zarta) dx = >l TT ma) 


2 (p+6)/2 72 (pt4)/2 q2 (p+2)/2 
A ati AA E A 
b3 pt 6 p+ 4 p+ 2 


> Integrals involving (x? + a”)!/2. 


2 
Jo + ay? dx = 5 ua? + 212 + > In |x + (a? + aA]: 
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1 
2: ES + ay? = za + aa? 
1 3 3 
3: Je + apar ds qua + ay + ¿Una? + r)? + ~ In| x + (a? + ay. 
1 REA E 
4. / (a? + ay? de = (a? + x)! — al EO], 
x x 
dx 
5. |= = İn r +(x? +a)? ; 
V £2 +a? | | 
x Ax 
6. = (x? + aie, 
V £2 + a? 
gA Jo + ay 3/2 de = a a(x + ary. 


> Integrals involving (x? - a*)!/”. 


1 2 
ll: Jo — ay? dí = ¿ala — ay? — = In| x + (a? — a) |, 
1 
2, ES — ay? de = 5 (x — ay? 
1 
3. Jo — a?) dx = qa — a? p/? — aaa? — ay? + =a! In| x + (a? — ay? |, 
1 
4. / SG — ay? di = (a? — ay? — a arccos] Z 
x x 
dx 
5. ¡== = In r + (2? -a . 
a | 
a ae ee 


T Jo — q?y 3/2 dx = -a x(x? — ey. 


Integrals involving (a? — «?)!/2. 


v 


1 2 
|; Ja — ay dx = —=x(a? — O + = arcsin Z 
2 2 a 


1 
gH Jue — r?) dx = (a — 227. 
1 3 3 
3. Ja — ay dx = —al(a? — r? + La x(a? — r)? + =a? arcsin = 
4 8 8 a 
2 2\1/2 
4. / Lg = yy dx = (a? — re)? ln a + (a? - a7)? l 
x X 
5 J ue = arcsin al 
| Valza? a 


x dx 
6. — = tar = y. 
Va? — x2 
Ja -2y3P de = a ale? — my? 


= 
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952 INTEGRALS 


> Integrals involving arbitrary powers. Reduction formulas. 


dx 1 qa 
Ea 
lar” +b) bn lax”+b 
dx 2 qn? 
ji | 
rV” +a? an r” +a? +a 
3 J a = = arccos! E 
i ev £” a? 7 an qn 2 
d 2V az?” + bx” 


dx 
| / Var” + ba” bnx” 


The parameters a, b, p, m, and n below in Integrals 5-8 can assume arbitrary values, 
except for those at which denominators vanish in successive applications of a formula. 
Notation: w = ax" +b. 


1 
5. farias F by di = m h (a we F npb / aw?! da) > 
m+np 
1 
6. Jara +b)? dx = an a yet +(m+n+np+t1) | aw?! da l 
n 
1 
7. Jarras +b)? dx = qm eae —a(m+n+np +1) J LWP de . 
m 
1 


8. fora +b)? dx = [pr —b(m-n + y forrar de 


a(m+np +1) 


$1.1.3. Integrals Involving Exponential Functions 


5 
Q 
8 

a 

ES 

ay 
Q 
8 

AS 
a |3 
| 
S| 
a 


4 r e dx = e (= = =) 
l az a 
5. qe” dx = et Za” Al = Dn —... + epy +(-1)” E ; 
a a qn gal 


O` 


ely g 
J ara y = 7x Pn(x), where Pp) is an arbitrary polynomial of 
k=0 


degree n. 


d 1 
¡== =~ — Inja + be]. 
ap 


a + beP? a 
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arctan (7/7) if ab>0 
e — a ; 
/ dx E pv'ab b 
aePT + beP? 1 b + eP” y —ab 
AZ) if ab <Q. 
2pv —ab b — eP? \/—ab 


„ Vat bert va + ber? -ya 
J B md 
Vat ber? 2 Vat ber” 


arctan ————-_ if a < 0. 


py-a v-a 


if a >Q, 


S1.1.4. Integrals Involving Hyperbolic Functions 


> Integrals involving cosh z. 


1 
1. [ costa + bx) dx = z sinh(a + bx). 


2. J zcoshzda = x sinh z — cosh z. 


3. / x” cosh x dx = (a? + 2) sinh x — 2x cosh x. 
E r2% g2k-1 
4. g” cosh z dx = (2n)! 2 = sinh x — Qk- D! cosh j ; 
k g2k+1 r2% 
5. go cosh z dx = (2n + 1)! 3 den sinh x — Qk! cosh d d 


zx? cosh x dx = x? sinh x — px?! cosh x + p(p — 1) / x? cosh x dz. 
cosh? x dx = 51 + 7 sinh 27. 


cosh? x dx = sinh z + > sinh? x 


DD 
E Se ee, e 


we E ch sinh[2(n — k)x] 
9. f cost dx = om T t 1 mn An=k) ” = ll 2: ash 
1 sinh[(2n — 2k + 1)x] = sinh?**! 
10. h?"+! » de = O a 
Jos di PEA 20412 Dk +1 TES 
de oi 
li -1 pl =) 
11. cosh’ x dx = — sinh x cosh? x + —— | cosh’~ «dz. 
P P 
1 
12. J cosh ax cosh bx dx = 7p (a cosh bx sinh ax — b cosh az sinh bx). 
a == 
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954 INTEGRALS 
J ee arctan (e°) 

coshaz a l 
14. J dx s sinh x | 1 

cosh?” x 2n-1 |cosh?”! x 

F 2*(n —1)(n -2)...(n—k) 1 ios 
ee ee cl 2... 
7 (2n —3)(2Qn —5)...Qn-—2k-1) cosh2" 241 x 


15 J dx _ sinh x | 1 
cosh2”*! y 2n | cosh?” x 


A E ] | Qn- DN 


arctan sinh x, 


— — 2K(n-1(n=2)...(n=k) cosh’? a} Qn)! 
e RL 
7 sign x PRE b + acosh x tor 
dx b2 — q2 a+bcosh x 
ds Pu 7 1 atb+Va2—b2 tanh(x /2) E E 


KO yl —___—__a_a_ana_maa—_a—_——— 
a? -b  a+b-vVa?—b? tanh(x/2) 


> Integrals involving sinh z. 


1 
ll / sinh(a + bx) dx = 7 cosh(a + bx). 
Bn x sinh x dx = x cosh z — sinh z. 
3. x? sinh z dz = (x? + 2) cosh x — 2x sinh x. 
1 och a og 2k-l 
4. a” sinh x dx = (2n)! bs Qk)! cosh x — DP Gk- D! sinh j 2 
k=0 k=1 
qe tl q2k 
eo sinh x dx = (2n + 1)! 2 sa cosh x — Qk! sinh J E 


x? sinh x dx = x? cosh x — px?! sinh x + p(p—1) / xP sinh x dz. 
sinh? x dx =-52 + | sinh 2z. 


sinh? z dx = -cosh x + 5 cosh? x 


E e A e, e a 


n n sinh[2(n — k)x] 
sinh?” x dx = (21) Sn 5am t 55 l S De ‘ nan k a 2 ites 


a cada] cosh[(2n — 2k + 1)zx] 
= > (-1 Sa A A a 
sinh xdx = ( FO AR a kel 


= pyrtk gk £98 
2o ) ” 2k+1 


= 
— 


bert! x 
Me 53 
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11. 


12. 


13. 


14. 


15; 


16. 


17. 


> 


pa 


8. 


S1.1. INDEFINITE INTEGRALS 955 


1 —] 
sinh? z de = — sinh?! x cosh x — P- / sinh? x dx. 
P P 


1 
J sinh ax sinh bx dx = 5 (a cosh az sinh bx — b cosh bx sinh ax) 
a? — b2 
/ dx 


1 ax 
E t nE, 
sinh ax a e bid Z 


de coshz | 1 


sinh?! x 


n-1 
A 2km-1IMm-2)...(n—k) 1 
k-1 AAA = 
is UD (2n —3)(2n —5)...(2n —2k -— 1) sinh2”-2*-1 -| Ms 


dx cosh x 1 
J sinh2"* 2 - sinh?” x 
Soe (2n-1)2n-3)...(Qn-2k+1) 1 
2k(n—-1)(n-2)...(n-k)  sinh?7?* x 
A) PRA 
J dx 1 i atanh(x/2)-b+ Va? + b? 


sinh?” xz  2n-1 


2n-1 
CUa In tanh —, 


[peor mn 


tq” _§—.. 
a+bsmhz vVa?+b?  atanh(x/2)-b-vVa? +b? 
PERE B Ab-Ba | atanh(x/2) -b+ Va? +b? 


dí = —1 + 
a + bsinh x b bVa?+b? atanh(£/2)-b-vVa? +b 


Integrals involving tanh zx or coth z. 


J tanh x dx = ln cosh z. 
tanh? z dz = x — tanh x. 


tanh? z dz = -} tanh? x + In cosh z. 


tanh?” 25+! x 
ak aedes A ooo e 
A 3 en) Se a 


(- py Ce tanh?" 22 7 


2n+1 = T AR 
tanh“ x dx = ln cosh z — D In cosh x — E MIRAD? 


eee a, e ae 


= ee ee 


3 


tanh? z dx = — 


1 
7 tanh?! x + l tanh?? x dx. 


coth x dx = In|sinh zl. 


coth? z dx = z — coth z. 


e e Se 
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956 INTEGRALS 


9, SS Dar = -4 coth? x + In|sinh z|. 


2n-2k+1 
In E coth E 
10. [co tb" «dx = r= E ¡0 ee ae 
n G n coth2”-2*t2 r 
2n+1 = ; 
1. f coth xt dr = In |sinh x| — 2 awa = In |sinh x| po Eo 
n = l, 2; 
1 
12. J cout LALE 7 coth? | x + [cor x dz. 
$1.1.5. Integrals Involving Logarithmic Functions 
li | mazax = vlnaz- z. 
Ze Jomado = La“ Ina — aa" 
l +1 l +1 ; 
—— qx” In ax — aee sl, 
3. [ er inarae = ptl (p+ 1) 
5 In? ax if p=-1. 
4. [oo r)? dx = x(In r)? —2xln x +22. 
5. [own r)? dtS 22(In xy — La” In x + ia, 
p+l 2 p+l 2 p+l 
; = E ee Se 
6. [rane dx=< p+l (p +1) (p +1) 
3 In? x if p=-1. 


T fon 2)" de = == Loren Fimea ikto a n=1,2,... 


8. fo x)? dx = x(In x)? -q [oo DA dx, q+-1. 


n = ntl a (-1)* a 
9, E (In x) A AO ; 


a Ll. Ze 


1 
10. EXE Y dx = —— ar" (In 2)2 — ee EXE Dr de, p,q#-l. 
p+1 p+1 


1 
11. fma + bx) dx = q (az + 6) In(ax + b)— 2. 
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14. 


15. 


18. 


S1.1. INDEFINITE INTEGRALS 


Lis Ge E a 
f «mario az = F(x £) Ina + ba) 7 (=F), 


1 a? 1/2? ax? 
2 3 
In(a + = — — — | In(a+ — — + 
fe n(a + bx) dx 3 (« x z) n(a + bx) — 3 5( 3 TI 


J nude _ In x A 1 AS 
(a+bx? DWatbr) ab atbx 


In z dz B Ing 1 1 £ 


$= 7+ E | 
(a + bay 2b(a+ bx)? 2ab(a+bx) 2a?b EVE 
tn va+bx+ya 


Va+br-ya 
Va + bx 
ER 


= [no 2)Wa+bx+wya 
In x dz 


Verte 
m + fan x—2)va+bzr + 2,/-a arctan 


/ In(x? + a’) dL =F In(x? + a?) — 2x + 2a arctan(x /a). 


E In(z? + a?) du = > (a? + az) In(x* + az) — x]. 


ax 
e) 


957 


a if a >Q, 


if a <Q. 


19. [© In(z? +a 2 dz = = 3 L fg In(x? + a?) — 20 + 2a*x —2a° arctan(x/a)|. 


S1.1.6. Integrals Involving Trigonometric Functions 


> Integrals involving cos x (n = 1, 2,...). 


1; 
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1 
[ costa + bx) dx = 7 sin(a + bx). 


Jocoszas = COS £ + £ SIN Z. 
2 


£ cos x dx = 2x cos x + (x? — 2) sin 2. 


o) n-1 


q2n2k+1 
a+ cos x de =(2n +1)! 5 T sin £ + 
k=0 


cos? z dz = +0 + 7 L sin 2x. 


cos? z dz = sin z — > sin? z. 


e o Se Se e 


x? cos a da = x? sin x + px”! cos x — p(p—1) J x? cos x dz. 


qn 2k- 1 


On-2k+D)! (2n —2k)! 


en k 
t cose = am De 1) vam e 1) Gs 


q 2n-2k 


COS z : 
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958 INTEGRALS 
1 ch sin[(2n —2k)x] 
9. [ cos £ d£ = = 72m O a 1 a | > 
i sin[(2n —2k + 1)x] 
2n+1 = k 
10. J eos xdx = LE cae 
d IS E 
iN = In|t (5+2) 
/ COS £ eS 2 4 
d 
12. J > = tan £ 
COS” £ 
dx sin £ 1 LT 
13. = +5 Inftan (+2). 
[=> 2cos-xr 2 2 4 
=) 
14. J dx ye sin £ yA / dx . ee 
cos”x (n—1)cos™!x n-1 J cos”?g 
me J rde 3 (2n—2)(2n—4)... Qn-2k+2) (2n—2k)x sin cos x 
| cos? g 7 (2n-1)Qn—3)... (2n-2k+3) (2n-2k+1)Qn-2k) cos?” k+l y 
2 (n—1)! 
+ (vtanein cos 21). 
sin ((b- aJx sin |(b + a)x 
16. f cosas cos ba dx = heel + T a + +b. 
(a — b) a a ET 
SS arctan — — if at > bf, 
7 J dx _j va Va 
l a+bcosx 1 in i aa MN T 
= | —— | j ar 
Vb Vb? — a? — (b — a) tan(x /2) 
J dx b sin x a / dx 
18. PS ee oe CN 
(a + bcos x) did xr) b-a J a+bcoszx 
dx 1 atant | 
19. —— = — arctan 
a? + b? cos? x ad NES 
a tan x 
A arctan ~——— if az > b, 
30 J dx jJ ava Va 
l a2 —b2 cos? z 1 i JP auns as 
— In| l 1 as, 
2av b? -a? |vb?-al+atanzx 
b 
21. Es cos bx dx = e | ——— sin bx + aa g0 bx |. 
a2 + b2 a2 + b2 
ax 2 dd 2 : 2 
22. fe cos’ x d£ = acos x + 2ĉ2sin z cosg + -— |. 
al +4 a 
ax n-1 S 
23. fe cos” «dx = SG COS £ + n sin £) + AA e? cos”? x do. 
a? +n? a? +n? 
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S1.1. INDEFINITE INTEGRALS 959 
> Integrals involving sin x (n = 1, 2, ...). 


1 
/ sin(a + bx) dx = a cos(a + bx). 


pa 


£ Sin £ dx = sin £ — g cos z. 


13 


A A a 


r? sin z dx = 2x sin £ — (a? —2)cos x. 


a? sin x dx = (327 — 6) sin x — (a? — 6T) COS x. 


5. | z” singdz = (2n)! ey aon cosa en oon an 7 
— (Qn —2k)! = n= MEN 
6. | a2 sine dx =(2n+))! E ent 2 45 Eb ET ES an j 
On -—2k + D)! (Qn —2k)! 


k=0 


Y sin z dx =-a? cos x + px”! sin x — p(p — 1) J x? sin z dz. 


sin? z dz = 51 = 1 sin 2g. 


x sin? x dz = lx’ = tax sin 2% — A cos 2z. 


Ss e ee, ee E 


10. ES x dx =-—cos x + + cos? x. 
n-1 . 
De E mm (-1)” kak Si[Qn-—2k)x] 
11. [sin far Fan Inv 2201 25D Cno OR 
where Cx E n are binomial coefficients (0! = 1). 


—ki(m—k)! 


Ps cos[(2n —2k + 1)x] 
2n+1 = n+k+1 wk 
7 J a 251) Consi ET ES 


13. E = Inftan =|, 
sin £ 2 


15 J ai Zea + > Inftan 2 
l singz 2sinex 2 28 


dx COS x% n-2 dx 
16. - = —-—— + —— - y RL 
sin” x (n-1)sin™!e2 n-1 J sin?2zx 
n-1 


17 / CAG _ y (2n—-2)Qn—4)...(2n-2k+2) sin +(Qn-2k)x cos x 
l sin2? 7 Qn-DQGn-3)... Qn-2k+3) Qn-2k+1)Qn-2k) sin2M2k+1 y 
2-1)! 
Qn—-D! 


k=0 


(In [sin x|- x cot 2) 
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960 INTEGRALS 


n[(b — in[(b 
18. IE E a + +b. 


b+atanz/2 i 
—— arctan A if a2 > b, 


dz F Y 
J 


a+bsing | 1 is b- Vb? -a° + atan 2/2 
b? —-a? |b+ vb? -a?+atanz/2 


19. 
if b2 > a?. 


| bcos x a / dx 
20. — = __—__ + —— | —____. 
(a+bsinxy?  (a2-bNa+bsinx) a*-b J a+bsinz 


J dx 1 Va? +b? tan z 


ZA. = —__—_. arctan 


a? +b? sin? x ava? + b2 a 
Va? -— b? tan x 


arctan ————————— if a? > b, 
a 


1 
2) J dx _) ava? -b 
b2 sin? Vb? —a? tanz +a 


1 


E fy PE E 
2avb? — a2 Vb? — a2 tan x -—a 
sin x dx 1 _  kcosz 
23. ——— = —— arcsin 


V 1+ k? sin? x k VI+k2 


nzrd 1 
24. = = n|k cosg + v1- ke? sin? z |. 
V1—k2 sin? x k 


1+k 
25. sin a V/1 + k? sin? ado == V1 + k? sin? z — 
26. sina V 1-— k? sin? x dx 
2 
= V1- k? sin? s- Ink cosa + v1- k? sin? z |. 


b 
27. / e°” sin ba dx =e"" (> sin bx — ——— cos bo). 
a? + b2 a? + b? 


2 k cos x 


TES 


arcsin 


AL 

e : E 2 

28. e1? sin? z dz = (a sin? 7 — 2 sin £ cos £ + =). 
al +4 a 


ax n-1 EN | 

29. Es sin” z dz = eG sin z — n COS x) + ————— a ) > fesi 2 a de. 
at +n 

> Integrals involving sin x and cos z. 

cos[(a + bJa]  cos|(a—b)x| 


la! en 
Ha +b) o A 


l. Jiet ba dz = — 


1 C 
= — arctan (- tan ax) 
b2 cos? ax + @ sin? ax sa sinzaxr abc b 


3 y A 1 ctanax +b 
— o n — |}. 
b2 cos? ax — = sin? ax = Sabe “elanar=) 
o E n+m-1 p2k-2m+1 


T 
A n,m=1,2,... 
e Do E — 2m+1? 
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S1.1. INDEFINITE INTEGRALS 961 
dx aA k tan2*2M y 
5. —— = C „n hltan z| + ) C ———., n,m=1,2,... 
cos2"t! y sin2™+1 y dé = BE a 


> Reduction formulas. 
The parameters p and q below can assume any values, except for those at which the 
denominators on the right-hand side vanish. 


sin?! cost! x a1 
1. / sin? x cos? x dx = — p / sin? * x cos! x dx. 
Dg p+q 
sin?t! g cost? x = 
2: J sin? z cos? x dx = a = d 7 / sin? x cos?” x dx. 
Prd Prd 
sin?! x cost! x y. —] 
3. J sin? x cos? z dx = —————_ (sin? pe 2) 
p+q p+q-2 
_@-DU-I) PE r cost? rdr 
(p+qXp+q-2) 
sin? x cost! x +q+2 
4. / sin? x cos? x dx = ———————_ peau / sin? z cos! x dz. 
p+1 p+1 
sin?+*! x cost! x +q+2 
5. / sin? x cos? z dx = ————— + prat? / sin? x cos?*? x dx. 
q+1 q+1 
sin?! z costt! z —1 
6. J sin? z cos! z dx = a p T / sin? z cost? x dx. 
q q 
sin?t! z cost! =y 
7. J sin? z cos! z dx = —_A— d E / sin? x cost? x de. 
P P 


> Integrals involving tan x and cot z. 


1. J anc do =- eos a} 
2. [ san? cde = inz- a 


> tan? x + In [cos z|. 


tan? x dx 


n 
tan?” x dx = (-1)"x—- y 
k=1 


(1 de (tan pyrene! 


7 AN 
Mr AAA 


n 
tan?”*! x de = (-1)""! In [cos z| — 3 
k=1 


En" (tan gy ante 
2n-2k+2  ” 


dx B ( 
a+btanx a2+b2 


a l arccos ( 1 ss COs b>a, b>0 
$$ = —___. (ia x), a, i 
Va + btan? x b-a b 


cot x dx = In |sin zl. 


ax + bln |a cos z + bsin x| ). 


Se, A See, e e es 
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962 INTEGRALS 
9. ES xz dz =-cotxr-—z. 


cot? x dx = -4 cot? x —In [sin xl. 


i 14 (cot 27 2k4+1 
11. Jero) AA n=1,2,... 
k=1 


2n-2k +1 
de 14 (cot 27 2k+2 
12, | cot’! xdg = (-1)" In [sin x| + > Zo n=1,2, 
d 1 
13. | =p (ow - in asing + beos a). 


$1.1.7. Integrals Involving Inverse Trigonometric Functions 


ow: a, db 
1. J asesinado = g arcsin — + V a2 — 22. 


a a 
EN qa? r£ 

2. ES Z) dr =T (arcsin Z) — 2z +2vV a2 - 2? arcsin —. 
a a a 


i 1 ME E 
x arcsin — dg = ge” — aĉ) arcsin — + T a? — r?. 
a 


r3 


> Č O | 
x arcsin — dx = — arcsin — + = (x? + 2a?) V a? — 22. 
a 3 a 9 
T T 
arccos — dx = z arccos — — V a? — x2. 
a a 
a? EN? £ 
(arccos =) dx =x (arccos =) — 2g — 2V a? — x2 arccos =. 
a 


a a 


x 1 D g 
x arccos — dx = gea — aĉ) arccos — — ay a? — x. 
a a 


DD 
o eee SS ee es, 


3 
4 £ a Y 
8. x” arccos — dx = — arccos — — —(2? + 2a?) V a? — x2. 
a 3 a 9 
x cr a 
9, arctan — du = x arctan — — — In(a? + 2’). 
a a 2 
x 1 w AE 
10. x arctan — dx = — (a? + az) arctan — — —. 
a 2 a 2 
3 2 3 
x £ T ax a 
11. ES arctan — dx = — arctan — — — + — In(a? + x’). 
a 3 a 6 6 
x z a 
12. [ accor — dx = xarccot — + — In(a? + 1). 
a a 2 
x 1 £ QAT 
13. Je arccot — dx = — (a? + az) arccot — + —. 
a 2 a 2 
3 2 3 
x x L ax a 
14. i? arccot — dx = — arccot — + —— — — In(a? + 22). 
a 3 a 6 6 
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S1.2. TABLES OF DEFINITE INTEGRALS 963 


S1.2. Tables of Definite Integrals 


Throughout Section S 1.2 it is assumed that n is a positive integer, unless otherwise specified. 


S1.2.1. Integrals Involving Power-Law Functions 


| 


> Integrals over a finite interval. 


1 wn i k 
a” de (-1) 
= (-1)” | In2 X 
/ ae oa N ME we k 


[ dx o æ 

o x2?+2zcosß+1 2sinß` 
A (eo) dx _ msin(a/) 
0 


E5 . . o) a < 1, x 2n+1 . 
x2+2xcosB+1  sin(ra)sin 8 al pen yn 
1 
i 
/ ios RD e oa 
0 2sin(Ta) 


> 


l dx TT 
=== == 0 <a< 1. 
o 2U lg e  sin(ra) 


2 da Ta 
=— , —l<a<l. 
o (l-r)  sintra) 


1 
R E FI a) 
7. [eo ld —2)t! dr = B(p, qd) = ==, p,q > 0. 
0 Ip +q) 
l TT 
8. | rP (1 -z9 dr = ———, q>p>0. 
0 q sin(rp/q) 
1 
9, / P1 IS = — "FP __ q > p. 
0 q° sin(Tp/q) 
l T 
10. amara = T p>1,9>0. 
0 q sin(7/p) 
a OE a S 
11. / = 7 de=xcot(rp), |p| <1. 
0 l=x 
l pl _ -p 
12: / a a Miel 
0 l+zx sin(Tp) 
1 Pp yP 1 
13. / == da==-—reotímp), [pl <1. 
o ul p 
1 Pp _ yP 1 
14. [== o re 
0 + 2x p  sin(Tp) 
1 ,l+p _ ,,.1-p 1 
15. / ——— dex = = cot() --, o] <1. 
o 1-2? 2 2 p 
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964 INTEGRALS 
1 l+p _ ,.1-p 1 
X X TT 
16. n (=== ===> < 1. 
/ ie a A 
1 
d 2 
17. | SS > wna. 
o yv(1+axd-x) 4 
18. [E -ini 
o Vd-aad-x» «a l-a 
1 
d 
19, | SS - = Lea 
-1 (a-2)vV1-x? va*t-1 
1 
nd 2(2n)!! 
20. / On e A a 
tz (Onan 
Ligh le 2n —1)!! 
21. f= os a 
o vVl-zx (2n)!! 


m [ rn dr a a a Ee) 12... 
0 l-72 2 2x4x...x(2n) 
sa [ ede. DKA xX Om) Ea 
do Via? 1x3x...xQn+1) rin 


1 A-1 
24, / A a e sl 
o (l+ar\1l-2) (1+4+a)sin(7)) 


1 A-1/2 
25. / E O 
o (l+ar)(1-2x) 


k = arctan va, -4 <A<1, a > 0. 


sin[QA — 1)k] 


_ 9471/2 a 7 2A 
Dat PA+>)P(1 A) cos Dar 


> Integrals over an infinite interval. 


¡ f dr T 
Jo ax? +b  2vVab 


> f dx ESA 
0 a+ 1 4 
00 a-l q 
3. / E E == , O<ac<l. 
0 x+l sin(Ta) 
00  mAl he 
4. / AT a CN a 
o Úr+axy?  aòsin(rà) 
00 NST A-1 a | 
5, / A e IPS he 
o (x+aXx+b)  (b—-a)sin(TA) 


œ yòl + 0) dx TT a—=C b-c 
6. c = —— E E O E 
/ (a + aa +b) sag | “ed a 

00 A _ 
| A me Caer -l<A <2. 
o (x+1) = 2sin(7A) 
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S1.2. TABLES OF DEFINITE INTEGRALS 965 
00 A=l d T þà-2 = qr’ 2 
8. | —_ EA = ee) O<A <4. 
o (£? +a (1? +b?)  2(a2—b?) sin(rA/2) 
Oo yP! = yl 
9. / aa dx = m[cot(7p)—cot(7q)], p,g> 0. 
j = 
OS aa Gg TON K DNS) O 
10. | oe ae A 0O<A<n+1, e eta to A 
o Uz+agyt a sin(rA) n! 
11 IN ada mL Omane a et? 
o (a+ bx)n+!/2 i (2n-1)!! pmtl ’? 
ab O. AE Las m<b-=3. 
1 IN dx _TOn-3M 1 Peete 
do (raya. 20n-2DM am 
00 A-1 _p A 
13. / A a eee a > 0. 
o (x+a)*1 Aa-—1) 
oo ,a-l 
14. / D A Pree 
o ve +)1 bsin(ra /b) 
oo „a-l _ 
15. / E A a 
o (+1)?  desin[r(a —b)/b] 
e a do 124 D(A - 1/2) 
16. — = + vb — A>0 
/ (x +.a)*(x + by vr (ya ) ¡NON 
oe hee m sin A Ta TC 
17. Air. A=—, (Gets b, 0. 
/ toe bsin C sin(A + C) b b ee = 


OO a—1 
ve dx lp(l 1 1 
18. / aan ee ge zatb<1, a > 0. 


00 2 
m Im —1)!!(2n —2m — 3)!! 
19, / O APA a eee 
o (lar*+by  2(Qn-2)!ampnomvab 
00 2m+1 = mM! 
20. / A i WE, E 
o (lax2+b)3  2(n-—1)lamtHgnm 


E Ad 1 
pA / A B(-,v-*), p>0, UO<u<pv. 
0 p 


(l+axPy — patt!P p 
OO n+l 
22 / (Va2+ aa)" de = E T n=2, 3,... 
0 ne — 
CO 
d 
23, / — E 
0 (£+ x? +a? ) a= (n4 — 1) 
00 | n+m+1l 
24. I T r? +a2—2)" da = —_—_— 
0 (n-m-1Xn-m+1)...(n+m+1) 
mw = LLama US n-z: 
25. / a A A e ee 
0 (x + x2 +2)” (nrm-1im—-m+1)...(n+m+1)ar mm! 
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966 INTEGRALS 


S1.2.2. Integrals Involving Exponential Functions 


e 1 
1. / e“ dr = —, a>O. 


a 
1 ! LR 
n! n! 1 
Ze Pedres v-o) ———, a>0 n=1,2,... 
an+! k! n-k+1 
0 0 «El 


= n! 
E ae = p’ a>0: n=L 2... 
a 


Uso 


rle? dx = 


S dz Ind 
thee ae a 


qn 
E a ee, as 
p 


— 


Nn 
| 
= 
Q 
V 
O 


An’ 
the ms are Bernoulli numbers. 


00 renl q e 2n |B 
8. / IR q a Z) onl a2... 
o err+1 D An 
sade oP ae 61 6 T 
9, ge >p>0 0>po>o0. 
| == 4% gsin(rp/q) 124 = pod 
CO ar —AL 
10. / <= E b> a. 
o eT + er db (=) 
COS TT 
CO ¿PT _ ¿QU 
11. / AA eae, 
o 1-e bw pt+q  p+q 
00 p 1 u 
12. / baer? eM dx = —B(4,v+1). 
0 ( G Xp 
2 L a 
13. -~ax*)dx==,/—, a>0 
| p(o?) aa Z a 
00 
14. / a+ xp (aa?) de = —, a>0, n=1,2, 
0 Jant 
g 1x3X 00 X Onal 
15. / a PASA as 0: (Fe — ol ma 
0 9n+1 gn+1/2 
OO 2 
2.2 _yT b 
= 1 
17. / exp (az? — 7) de = =4/= exp(2v ) a,b>0 
0 IE 2 a 
a 1 1 
18. exp(-") de = =P (2), a>0 
0 a a 
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S1.2. TABLES OF DEFINITE INTEGRALS 967 


$1.2.3. Integrals Involving Hyperbolic Functions 


j a dr T 
` Jọ coshax  2la| 


2 Vb? — a? , 
== arctan a? if |b] > lal, 
b-a a 


JA = 
in ee 1 i a+b + Va? -—b? 


ee ea 
a?—-b? a+b-va? +b? 


© yn de m N 2n+1 
3. [ = = (= ) |\Bon|, a>0; the Bm are Bernoulli numbers. 
0 cosh ax 2a 
00 q? 2 
mer — 2 
E are 
0 cosh* ax alay" 
°° cosh 
s [U LR al 
o cosh bx 2h (= ) 
COS J 
OO h q2n 1 
6. | g?” nc’ to pee ce Oe as TS bS lak: m=]; 2e 
0 cosh bx 2b da2” cos (+ wa/b) 
cos( =) cos (=) 
a parent cosh ax cosh bx pto Dl Ie Ie esa 
0 cosh(cz) C Ta ) ( Tb 
cos | — ] +cos| — 
C C 
f x Ax T? 
= , a>Q. 
o sinhax  2a2 
9 == 1 in 2 +b+ Va? +1? D0 
== a i 
0 ae Wiehe amb ny ae ome ppl 


~ sinh ag , T TA 
10. Ei (E ), b> Jal. 
/ sinh a TIA al 
°° zp sinh ax m d” TA 
o at), Bee di 
u f or ES 2B dain | 95 ala E 


2n 
qn TT 
12. f TA dir= quntl ——1b,1, a > 0. 


S1.2.4. Integrals Involving Logarithmic Functions 


1 
1. / qe In” zdz = Cinta, asO: msl 2 ss 
0 


> [ In x a T? 
0 +1 12 
1 2 n k 
n] Z| 
3 [- = pei | A ee a 
o «tl 12 — E 
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968 INTEGRALS 


1 1 1 p-1 
4. / A Fe L [ln a — 7 cot(rp)], O<u<l. 
o T+Aa sin(7 u) 


1 
ay [inet ar =P, p>-1. 
0 


6. / gh! In(1 + ax) dx = — er -1<pu<0. 
0 par sin(7 u) 
1 2n k-1 
E 1 Cl) 
T zn- (1 +2) dz = — , n=1,2,... 
| x n(1+x)dx 7y, > T n 
k=1 
1 ae 1) 
8. E a” In(1 + x) dx = lina > [o =0, 1, 
0 k=1 


1 Te k 
E 2In2 4-1)” (—1) 
9, 2 In(1 +2) de + — 5 A 
| eee ~ Int al = H 7 
Oe oa 

10. / In dx =7(a-6), a,b>0. 

5 Bpr? 

o  1+21 q? sint(rp/q) 


a 1 
12. / eh" Inadx =-—(C+Iny), pw>O, C=0.5772... 
0 H 


S1.2.5. Integrals Involving Trigonometric Functions 


> Integrals over a finite interval. 


aa r1x3x...xQn-1) 
L. AAA pao 
/ AA Seon Oreo) ee 


me 2x4x...xQn) 
2, ntl rdg ED a 
/ A Siren A 


1/2 ta aa DA 
3 A e e ee ee 
/ A one 2 TRS Ce ty) E TE 
= 11 
T m-2)!! if n=2m-1, 
2 Om- D! 2d 
(m=! e ae ees 
Oye TA 
7 dx (2n-2k-1)!!(2k-1)!! /a+byh 
4. EE (=), > 101. 
| (a+bcos x)"*! ST b2 aes (n—-k)! k! a—b gol 


Ela r1x3x...xQn-1) 
5, APR pa 
/ me A DAA E 
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S1.2. TABLES OF DEFINITE INTEGRALS 969 
A 2x4x...x(Qn) 
6. intl zd = EROA a =i PACA 
/ Pr CESTA 
T 2 
I(u+1 
E / x sin’ z dz = a >-—1. 
0 D(u+ 3) 
i sin x dx 1 1+k 
8. —— = — ln À 
0  vVl-ksila 2k l-k 
Tr /2 ln! 
9, / sin?”t! z cos "+ y dx = OE n,m = 1, 2, ... 
0 2(n+m+1)! 
T/2 
/ «pol q-l pi, lL 
10. sin’ £ COs xdr =>B(>p,>34). 
0 
20 
2n — 1)!! A 
11. / (asin zx + bcos x)” dx la +) y 5d eee ARANA 
10 [ sin x dx a fO<asl, 
Jo Vaz +1—2acos x 2/a if 1<a. 
m/2 
13. / (tan z)" de = >> |\|< 1. 
0 2cos(3TA) 


> Integrals over an infinite interval. 


COS ax T 
1. dx=,/—, a>o0. 
| Ja Y 2a 


OO 


/ eosar = COSTE de = In| |, ab +0. 
0 E a 


OO 
cos ax —cos bx 
A ¿T(b—a), a,b 2 0. 
0 q? 


CoO 
4, / r! cos ar dx = a ¥T (u) cos(4rpy), a>0, O<u<l. 


0 
“ cos ax T 
5. -=n y a ,b >O. 
/ E i 


6 T aeai de = T2 ox ( Z) feos (2) sin (2) a,b >Q 
h Prt AA O V3 a ere 
© COS AX O T pa 
T: / Carr dx = ap! + ab)e 5 a, b > 0. 
/ oa cos ax dx _ TI (bere = ee) 
o +22 +272)  2be(b?- c?) 


as 1 it 
9, Adr ee ee; 0. 
f cos(a) esa, a> 


ES rd 
10. j cos(axP) dx = CD) cos—, a>0, p>l. 
0 pal/p 2p 


, a,b,c>Q0. 
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970 INTEGRALS 
u [E sin az y T Si 
= — a. 
0 2 
10. [= sin? az 7 E is at 
0 2 
13, [EZ a- EN RE 
0 2a 
CO 
14. / x sin az dx = a Tp) sin(+ TH), a>0, O<p<l. 
0 
ii 1 / 
15. / sin ( ) dí == a a> 0. 
0 2 2a 
de rá 
16. / sin ( (ax?) d = (1/p) sin —, a>0, p>l. 
0 pal/p 2p 
Toa 
ds 5 if lal < 1, 
17 / SIN © COS ax SIN q Cos ar, _ z if lal = 1, 
i 0 if 1<l|al. 
CO 
t 
18. [= = ae ne sign a. 
0 2 
= b 
19. [oe T sin bx dx = ——— “Taye” a> 0. 
0 + b2 
ae a 
20. Pe Y cos ba dx = “lage” a> 0. 
0 + b2 


l Ir b2 
21. x?) cos bæ dz = +4 / Z (-). 
ot ) cos bx dx zV 7 Plz 
b 


00 1 2, 
23; / (cos ax + sin ax) cos(b* x?) dx = — = exp pa) , a,b>0. 
0 b 8 2b 


S1.3. General Reduction Formulas for the Evaluation of 
Definite Integrals 


> Below are some general formulas, involving arbitrary functions and parameters, that 
could facilitate the evaluation of integrals. 


S1.3.1. Integrals Involving Functions of a Linear or Rational 
Argument 


f f(x)dx =0 if f(x) is odd. 
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S1.3. GENERAL REDUCTION FORMULAS FOR THE EVALUATION OF DEFINITE INTEGRALS 971 


2A f f(x)dx = n f(x)dx if f(x) is even. 
—a 0 


UY 


iro+sa-ard=2 f f(x) dz. 
4. | U@- fade =o. 


f see 22) de= [fade 
0 0 


se 


S1.3.2. Integrals Involving Functions with Trigonometric Argument 
ne Tr /2 
1. / f(sin x) dx = 2 | f(sin x) dx. 
0 0 
Tr /2 7/2 
2, / f(sin x) dx = / f(cos x) dx. 
0 0 
Tr /2 
3. / f(sinz,cosx)dx=0 if f(x, y)=-f(y, x). 
0 
Tr /2 m /2 
4. | f(sin 2x) cos z dx = / f (cos? x) cos x dx. 
0 0 
nT m/2 
5. / x f (sin x) dx = nn? | f(sinx)dx if f(x) = f(-2). 
0 0 
nT m/2 
6. / af (sin a) de = Inn / físina)da if fer) = -f (0). 
0 0 


2r 2n TT 
f(asin x+bcos x) x= | f(v a? +l sinx) di=2 | f(v a +b? cos x) dz. 
0 0 


8. MG) de= | feina) da if la] > 1. 
IAS da = MES de if O<|al<1. 
$1.3.3. Integrals Involving Logarithmic Functions 

i [ f(a) In” z de = (5Y f Proa e 


b d\n b 
2. | feo ga) ar = (5) J E ar 


b d xn b 
3, / FIE In” g(a) de = (—) / Haga) de. 


= 


L 


A=0 
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972 INTEGRALS 


S1.3.4. General Reduction Formulas for the Calculation of Improper 
Integrals 


> Improper integrals involving power functions. 


os at bx dx 1 9 
l — dx. 
/ E =l Paaa 
oy — f(b b 
de / e) di = | f(0) — f(co)] In— if a>0,b>0, f(x) is continuous 
0 T a 
on [0, 00), and f(oo) = lim f(x) is a finite quantity. 
m — f(b b 
3. / IST) dx = f(O)In— if a>0,b>0, f(x) is continuous on [0, oo), 
0 £ a 
and the integral / J@) dx exists; c > 0. 
A x 
4. / t(jar-2}) ar=— f f(x)dx if a>0, b>0. 
0 L a Jo 
L a2 b L ma . 
5. x“ f| jax-— dz = — (x^ +ab)f (|x|) dx if a>0, b>0. 
0 L a? Jo 
OO 1 OO 
6. / t(jar-2}) S => f f(x)dx if a>0, b>0. 
0 X £ b 0 
me 1 \ dx £ INdx . 
0 LE LE 0 T T 
i a \ de , . ; . 
8. f(z,—)—=0 if f(2,y)=-f(y, 2), a>0 (the integral is assumed to exist). 
0 LE T 


> Improper integrals involving logarithmic functions. 


T (2+4) do ina f (1452 if a>0 
0 a Œ) X 0 a 2) 2 
os p l l An p d 
2 / (La (2+5)2 acot 
0 a xP x p Jo a rep} x 
A . (lUeD 
oA / TEA tr) dx =0 (a special case of the integral below). 
0 1 +z? 
B 1 In x l ; l l 
4. f| £, — dx=0 if f(x,y)= f(y,x) (the integral is assumed to exist). 
0 x)1+2x 
~ 1 \ Inz l ; : l 
5. f\ x, — |— dxr=0 if f(x,y)= f(y,x) (the integral is assumed to exist). 
0 LE LE 


> Improper integrals involving trigonometric functions. 


qa sin x mp2 l 
1. / f(x) 7 dx 7! f(x)dx if f(x) = fC) and f(x +r)= f(x). 
0 0 
ES sin x e . 
2. / f(x) 7 dx - | f(x)cosxdx if f(x)= flex) and f(x + 7)=-f(x). 
0 0 
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BIBLIOGRAPHY FOR CHAPTER S1 973 
00 : m /2 
3. i TONT pe / A o O 
0 T£ 0 sın x 
00 ; m/2 
4. / = de = / j a De Doa 
0 T 0 sin 
00 : 7/2 : 
5. / LD os nda = | A eg de if fox) =-f(z). 
ac 0 sın £ 


6. J Heno 2) tan x dx = f(sinx)dx if f(x) = f(x). 


7 [+ LA dee = SPEA) a m a dx ao 
cosh” a — cos? x 
1 \ arctan x dx 
e CES ES 
0 £ x x 


> Calculation of improper integrals using analytic functions. Suppose 
F(z)= f(r,x)+ig(r,x), z=r(cosx+3sinzx) 1^ =-l1, 


where F(z) is a function analytic in a circle of radius r, f(r,x) = Re F(z), and g(r, x) = 
Im F(z). Then the following formulas hold: 


E f(r,z) T 7 
———— dx = — Fire“). 
o «+a? “Za we) 


2, / O ee IEE’) _ F). 
0 


x? +a? 


a a O E A 
0 dy 2 


4. / AA cacti LF (r)- Fre]. 
0 2a 


x(x + a?) 


1. 
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Chapter S2 
Integral Transforms* 


$2.1. Tables of Laplace Transforms 
$2.1.1. General Formulas 


Original function, f(x) Laplace transform, f(p) = 1 e ”” fix) dx 
0 


1 | afi(x) + bfr(a) af \(p) + bf2(p) 

2 | f(x/a), a>0 af(ap) 

: { faa) 7 ne i PF) 

A ae Fey mL ay" Fo 

5 = f(x) / 1 Fa) dq 

6 | e” f(a) f(p-a) 

7 | sinh(aa) f(x) 5[f@-a)- f+ a)] 

8 | cosh(ax) f(a) 5 [f0-0)+f(w+a)] 

9 | sinwxr) f(x) - +1 f(p-iw)- f(ptiw)], 7 =-1 


10 | cos(wx) f(x) LT F(p—iw) + f(p+iw)|, E =- 
2 a p Fe 
a-l 1 = a/2 T 
12 | z r=), a>-1 / ty Ja (2 VPE) F(t) dt 
0 
13 | f(asinhz), a>0 / i Jp(at) f(t) dt 
0 
14 | f(x+a)= f(x) (periodic function) — il : f(xje?” de 
= 0 


fx +a) =- f(x) =/ -px 
15 er Ha)e "dx 


(antiperiodic function) 


16 | f(a) pf (p) - f(+0) 


E O p" f(p)- PR) 


k=1 


* For definitions and properties of the special functions occurring in this chapter, such as J¿(z), erfc z, 
T(z), etc., see Chapter M13. 


975 
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976 INTEGRAL TRANSFORMS 
C (ST | 
No. Original function, f(x) Laplace transform, f(p) = | e”? f(x) dz 
0 
18 | a f(x), men ES o [p” F(p)| 
£ > = dp 
d” m n ae 
1 ve -1 — 
9 | ga FO], man CO er 
20 / f(t) dt Fw) 
0 p 


x 1 = 
21 | e-oroa — f() 
0 P 


2 / (wi) fat. v>-1 Tet Dp Fe) 
0 


23 / dl 
0 


24 / " sinh [ata — t)] f(t) dt aj) 
0 


25 / sin [aCe —2)] f@dt af(P) 
0 p? + a? 

A | ORD dt HOR 
0 

27 [oa l ad 
ae P J, q) aq 
el i. Fe 

dl l ge - | Fa dq 
x p 0 

29 / nava) FO at a, 
1 a Jt x/1 

30 = | cos(2v zt ) f(t) dt a 

a| esos L FVA) 
/ ra) od 5 p 


32 [- WS exp (CO) dt KB) 


33 Haya | F /12 82) J (at) dt (Vp +e) 
0 


34 færa | VEB) Natya Fl p-a?) 
0 
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S2.1.2. Expressions Involving Power Functions 


EN Original function, f(x) Laplace transform, f(p) = / e ”” f(x) de 
0 


fO<x<a, 
fa<x<b, 
if b<zx 


. X (2n — 1) yr 
np] 


a? _ Urp) e erfc(,/ap ) 


Ea E 
T 


S2.1.3. Expressions Involving Exponential Functions 


Nof Original tunerom fe) Original function, f(x) Laplace transform, f(p) = = J e ”” f(x) dx 

E des O 

O a 
roe+ay” 


ee pee 
Gea rr 
DE 
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978 INTEGRAL TRANSFORMS 


No Original, for) Original function, f(x) Laplace transform, f(p) = = | na ol ee | e ”” f(x) dx 
ee exp(—a/2), EXC 2,/ap 


yz exp(—a/x), VTP w exp(-2 Vap ) 


a n 


DETE e 
m 


+= ON p`- (na) p eP erfc(\/a/p) 
Be: Fz exp (2yaz ) (7/p “e? erfe(ya/p) 


S2.1.4. Expressions Involving Hyperbolic Functions 


No | Original fan, foe) Original function, f(x) Laplace transform, f(p) = = | taint iL eee e ”” f(x) de 
AA A > ooo 
RE 
+a 


sinh (2y/ax ) gua 
i 


oe pl Lp +a)e e2/p erf( y a/p ap 2 


eee: T (2y/ax ) n D? Bue erf(\/a/p 
HH ses 
cosh” 
rs E AE 


Bl cosh(2yaz ) r, Fen erf(ya/p) 


ia el mp? (praje 
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$2.1.5. Expressions Involving Logarithmic Functions 


Original function, f(x) Laplace transform, Fp) = / e ”” f(x) de 
0 


1 
1 Inz FO 
C = 0.5772 ... is the Euler constant 
E In(1 + az) —e?! Bi(—p/a) 
Lola, 


n! 
pr+l ( 
b- O. ne . is the Euler constant 


l+5+i+---++-Inp-C), 


(2+3+3%+- +4 -In(4p)-Cl, 


ain Tot 1 


ne: C =0.5772... 


g”! Emp” | wv) —In pl, (v) is the logarithmic 
In x, 
derivative of the gamma function 
p = p+a 


S2.1.6. Expressions Involving Trigonometric Functions 


Ne] Organ oo) Original function, f(x) Laplace transform, f(p) = = | ee Pd | e ”” f(x) dx 
A A 


a” (2n)! 
p|p? + Qay| |p? + (4a)?] .. . [p? + (2na)? | 


a OnT)! 
[p? + e |p? + 32a? AP [p? + (2n + 1)a?| 


hale 2k+1 
Par LO ‘Cnt (5) 


0<2k<n 
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980 INTEGRAL TRANSFORMS 
No. Original function, f(x) Laplace transform, f(p) = if e” f(x) dx 
0 
1 S 
8 rs) sin’ (ax) aarctanQa/p)- tpin(1 + 4a~p~) 


9 | sin(2/az ) ae i 


10 ~ sin(2/az) rerf(ya/p) 


11 cos(ax) P . 
2 2 
> p +2a 


n! n+1 a 2k 
13 | x” cos(az), n=1,2,... — > C Oni (=) 
(Pta) chen p 

1 — 
14 = [1 = cos(azx)| > In(1 + ap >) 

x 

l 1, Ptb 
15 | = = b 2f 

A [cos(asw) — cos(ba)| > In aa 
16 Vx cos(2/az ) PP pp Daye? 


17 = cos(2,/az ) [Ip ?!” 


2abp 


18 | sin(ax)sin(bx) Tp? + (a+ bY] [p + (a dy] 


b(p” od: b*) 
|p? +(a+ by | |p? + (a — by | 


19 cos(ax) sin(bx) 


p(p +a + b*) 
|p? + (a+ b)| [p> + (a—b) | 


20 cos(ax) cos(bz) 


ax cos(ax) — sin(ax) parctan a a 
Ih 


A 
ba: a 
22 | e” sin(ax) Gane 
=b 
23 | e” cos(az) e. a 
2 
24 | sin(ax)sinh(ax) ae P : 
p* + 4a 
2 2 
25 | sin(ax)cosh(ax) ae ee 
p* +4a 
2 2 
26 | cos(ax) sinh(az) alp 
pt +4a 


27 cos(ax)cosh(ax) 
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S2.1. TABLES OF LAPLACE TRANSFORMS 981 


S2.1.7. Expressions Involving Special Functions 


Original function, f(x) Laplace transform, Fp) = / e ”” fix) dx 
0 
1 2 1 
1 | erf(ax) — exp (b p ) erfc(bp), b= — 
p 2a 
ya 
2 erf (vax ——== 
erf (/ax ax 
EE AMS E O 
+ 
erfe(./ax Vax ) Dee ee 
p./p+a 
erfe(./ax ax p+./ap 
Jea e ooo 
hs 
P 
: 1 
sa ge 
ce 


-1/2 -v-1/2 
spa E ci eer 


BE Jo ( (a Vx? + ba ) ae by p° +a?) 


C E e 
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982 INTEGRAL TRANSFORMS 
ll Mc Original function, f(x) Laplace transform, f(p) = | e” f(x) dx 
0 
q ro (ax), y>—t pe A Y + Da ” (p _ ve OS 
23 aT (ax), v>-1 A PT + Da"p(p 7 aye 
1 
Lo(2/ax ) ~ 
25 ES (2/az ) L (e/i) 
JE ya 
26 | "P1,Qyar),  v>-1 Gh ge er 


2 arcsinh(p/a) 
ÓN led Cm ypa 

In(p + y/p?-a?)-—1 
28 | Kolar) In(p+ yp?-0?)-Ina 


p — a? 


S2.2. Tables of Inverse Laplace Transforms 
$2.2.1. General Formulas 


can.  § (p+a) e °” f(x) 

oe 1 z£ 

a A 

T 1 b x 
f(ap+b), a>0 —exp(-—2 | #(= | 
f(p-a)+ f(p+a) 2 f(x) cosh(ax) 
f(p—a)- f(p+a) 2 f(x) sinh(ax) 

“ave 0 if O<a<a, 
e fO), as ifa<z 
pf(p) di a, if f(+0) =0 


8 FO [ f(t) dt 
pP 
D 
M Lar 5 


9 e i e~ F(t) dt 
0 
1 ou E 
LFO / (a — t) f(t) dt 
P 0 
f(p) E / [1 ena f(t) dt 
p(p + a) a Jo 
f) / i spe “Ed 
(p +a} 0 
f(p) 1 | eee: EE, 
1 O eee — z t)dt 
Gro y ee 
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S2.2. TABLES OF INVERSE LAPLACE TRANSFORMS 983 
By 1 c+100 Le 
No. Laplace transform, f(p) Inverse transform, f(x) = an J e?” f (p) dp 
T c-100 
y popa 

14 | FW) _ 2 | e sinfol —t f(t) dt 

(p + ay? +b? b Jo | | 

lg n-1 

— Se, Dana t t) dt 
5 | Fe n=1,2 anf -HFA 


FiF) [ fit) fola - t) dt 
0 PE joa 
= [at [ros 
i9: | K5) / JD (2V2t) ft) dt 
20 (2) UN J(2VTE) f(t) dt 
21 | 27(p+-) | DOVETE) OA 
22 sari (p+*). -5<v<0 ES aviar) rod 


23 | f pee: t) dt 
24 | —F (vp) d 

Jp p mi exp(- Dro t 

2 
25 | f(p+ vp) 57% f (x — Epa? li Aa — sl (al 
26 Fl p> +a?) faja | HVEZP) hab dt 
0 
27 vat p-a?) fiay+a | HVE) Naty at 
0 
28 TA /p +a) [ Jo (av r-t) f(t) dt 
p? +a? 0 
29 Hvp-a*) f Io(av z? -t ) f(t) dt 
p-a? 0 
30 FivVWw+a?-b?) e “7 f(a) + be” f f (Va? -t )I(bt)dt 
0 

id oo qe 

F Un p) m rw F(t) dt 

liq ) i i. t) dt 

poe i Tas!” 
33 | fíp-ia)+ f(ptia), E =-1 2 f (x) cosíax) 


34 | 7 [F(p — ia) — fo + ia)| „i=l 2 f(x) sin(ax) 
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984 INTEGRAL TRANSFORMS 
35 df(p) —xf(x) 
dp 
36 | ELO) x)” f(x) 
dp” 
n d” Fp) E tee 
37 | iP, men ur” = efa) 
38 i, Ha) dq X ña) 
p T 
P OO 
30 F) Fa) dg / LO at 
0 x 


p 
40 Zf Fod [La 
P Jp o t 


S2.2.2. Expressions Involving Rational Functions 


E 1 
No. Laplace transform, f(p) Inverse transform, f(x) = an 
mi 
1 
1 o 1 
p 


/ E Pe Fep) dp 


C—100 


1 
2 E 
p+a 
1 
P £ 
l —ax 
p(p + a) ye 
l -aL 
(p +a} e 
P =0T 
6 (p + a} (1-azx)je 
l 1 
7 | —— La 
D-a? p sinh(ax) 
8 p P e cosh(ax) 
+ 1 (err _ oe") 
(p + a)(p + b) a—b 
p 1 a b 
10 | ee ax a 
(p + a)(p +b) — (act - be) 
l 1 
11 ——— E 
D + a? a sin(ax) 
12 p? E 7 cos(ax) 
> A bx - 
(p +b} +a? ae sin(ax) 
p b 
14 a ET -bx | A | 
(p +b)? +a? e — |cos(ax) a sin(ax) 
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S2.2. TABLES OF INVERSE LAPLACE TRANSFORMS 985 
eD 1 c+100 oo 
No. Laplace transform, f(p) Inverse transform, f(x) = an | e?” f (p) dp 
TL Je—ioo 


| 1 -a£ 
Geo E (e +ax—1) 
A 1 ( b + b -ax ao 
pE + ay(p + b) abia—b)“ TE TA 
1 1 —ax -aL 
18 PO 72 (1 —e ` —axe ) 
1 (cabbie + (a -oe «(bae * 
(p + a)(p + b)(p + ©) (a — b)\(b—c)(c-a) 
20 p alb- oe +b(c- ae” + cla- bje” 
(p + a)(p + b)(p + ©) (a —b)(b—c)(c—a) 
21 p a’ (c-b)? +b (a -oe +c bene 
(p +a)(p + b)(p + c) (a — b)(b—c)(c—a) 


1 1 
(p + ap + bP (a—by e 


22 


P 1 -ax —ba 
23 OEO Fae DY E [ae + [a + b(b aya] e \ 

p 1 2 -ax b b 2 b b —ba 
Caer: a Ae + b(b — 2a -—b"x + abr)e | 
rn 
(p +a) 7 

P —ax 
26 Gay x(1->ax)e 

p? 

Cum (1 —2ax + Lata”) gmi 
1 1 
28 p + a2) ae [1 = cos(ax)| 
1 1 ee b. 

29 A o a a] sla fı —e [cos(az) + a sin(az) I 

1 1 E o 
DO a le + 5 sin(bx) — cos(ba) 

31 — A pt aF (bx) + b sin(b )| 
Grae ED) 72 4 be —ae a cos(bx sin(bx 
p 1 
32 ae —absin(bx) + b° cos(ba)| 


(p + a)(p* + b?) a? + b2 


i A am _ al [cos(kx)- V3 sin(ko)), 
a 


p = 2 gor + enn |cos(ka) + V3 sin(ko)| ; 
a 
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986 INTEGRAL TRANSFORMS 


~ 1 C+2100 us 
Laplace transform, f(p) Inverse transform, f(x) = an 
Tt J ee 
3 
p+a3 
| ee” cos(cx) + ke™ sin(cx) 
(p +a) [(p +b) + c?] (a—byY? + ec? 


+ ae”? cos(ca) + ke” sin(cx) 


A A (a-b? + e? 
(p + a) [(p +b} + e?] bP +e -ab 


C 


; ade + (b? +e —2ab)e* cos(cx) + ke” sin(cx) 
p (a-b)? +e í 


+ + by? + c? 2_ p 
(p +a) [p +b} +0 oae pe, TÈ 


1 
YS) 


pte parte 


Aea EI 
p 1 
p 1 
49 a — 5, [sinh(ax) + sin(ax)] 
—a 
= pt -at 


(cosh € sin € — sinh € cos E), 


pî — za 


l (cos € sinh € + sin € cosh El, 
pt + aa av2 
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S2.2. TABLES OF INVERSE LAPLACE TRANSFORMS 987 
a a 
No. Laplace transform, f(p) Inverse transform, f(x) = == / e”? F(p) dp 
TL Je—ioo 
1 Le. 
54 Pia? FE [sin(ax)— ax cos(ax)| 
p Ds 
55 Pin? 5,2 sin(az) 
2 
be 
T o a [sin(az) + ax cos(ax)| 
3 
ron cos(ax) — + ax sin(az) 
ee E 
58 e Yale a? 2 203% [sin(az) — ax cos(az)| 
oy IAE. EA — =, |= sinh(ax) ~ È sinh(bx)| 
(p? — ap? — b?) 2 a sinh(ax) — 5 sinh(bx 
60 p cosh(ax)-— cosh(bx) 
(pP — a*)(p* — b?) a? — b? 
61 p a sinh(ax) — b sinh(bz) 
(p? — a*)(p* — b?) a? — b? 
62 p a? cosh(ax) — b? cosh(bx) 
(P -a° p= b?) a? — b? 


1 1 1 1 
(P? + a?)(p? + b?) Bae ly sina) - 5 sintbo) 
64 A cosíax)-—cosí(bx) 

(p? + a?)(p? + b?) Par 

p° —a sin(ax) + b sin(bx) 
(p? + a*)(p* +b?) b? — a? 

p? -a? cos(ax) + b* cos(bx) 
(p? + a*)(p* +b?) b2 — a2 


69l ===>. ¡Moli a” (1-e “en(as)|, ROS era 
1! n! 


w A ee na?” 


Sy explak 1) [az cos(bk x) — bk sin(b, x)| , 
k=1 


T(Qk-— 1) 
2n 


Ak =04COS Yr, bk = ASIN Pk, YR = 


1, l + 
re sinh(ax) + = ) exp(a,x) 
71 TE mel, DRA x : ae 
pr — ar [ap cos(bk £) — by, sin(b.x)], 
m™(k — 1) 
Ak = ACOS Pk, bk = ASIN Pk, YR = A 
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988 INTEGRAL TRANSFORMS 


By 1 c+100 oa 
No. Laplace transform, f(p) Inverse transform, f(x) = a / e?” f(p) dp 
Tt JS c-ioo 


-ax ) n 
E TEE EV FET >D exp(ak £) 


Qn+1)a2” (n + 1)atr*! = 


x lar cos(bk x) — bk sin(by.1)| ; 


1 


pan+l + q2n+l” n=0, L, uw 


m(2k — 1) 
Ak Ea COS Pk, be = ASIN Ox, YR = “oe 


ax 9) n 
2 ARETO ET y exp(a, T) 
k=1 


Qn+ lar (2n + 1)asn+ 


x ak cos(bk £) — bk sin(bk x)| j 


1 


pent! — g2n+1” n=0, L, E 


21k 


Ak = ACOS Qk, by = ASIN Yr, k = FES) 


Q(p) A 
P(p)’ Qla) 
P(p) = (pai)... (P-an); — P'(ax) 
((p) is a polynomial of degree (the prime stands for the differentiation) 
<n-1; aj #a;if 1%) 

Q(p) 

Pp) AA 
P(p) =(p-ay" ...(p-an)””; (mz — 1)! (1-1)! 
((p) is a polynomial of degree a 1 22 Q(p) | 
<M¡+M2+:::+mm-1; 
di Ají 14] Exp) 

i j J 


exp (akz), 


CADA PAA > OSN + RD 


P(p) 
P(p) = (° + ai)... W + an); k=l 
Q(p) and R(p) are polynomials PGs P(p) . 
of degree <2n-2; a 4aj, 14 7 p? + a, 


c+100 ns 
Laplace transform, f(p) Inverse transform, f(x) = Aan i ed, RA | e?” f(p) dp 


ax Pr (tar) 


5 
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ag 1 a ES 
Laplace transform, f(p) Inverse transform, f(x) = — | | e?” f(p) dp 
? erf (vax vaz ) 
ale ax A Paes 1/2 
EOS CE 
Fany” + (1 — 2ax)e”” | [erf(yaz Š 1] 

elem 

14 > e (2-2) e" erfe( Vax) - z Vx 

p(./p+V/a) a a yra 
1 2 

15 2 2r! x! _ dare” ® erfc(a/x 

as VP (VP +a) oe) 
l 2 2 2 a? x 
16 ay Wi v+1)/x-ax(2a'x + 3)e* * erfe(ay/z ) 
(VD + a) VT 
pr ge _ q 1/2 
—n-1/2 ma A -ax 
1 
20 We Ip(ax) 
2 y 
VP + a? — : sin(ax) 
VP +a? =p V 2rr? 
7 


1/2 


p? + VP +a? + p) ae 


2 2\ -n-1/2 (x/a)" J, (ax) 
P +0 A A RA AR, 
1x3x5x...xQn-1) 


) 
E ”Inlax) 
28 2  2\-n-1/2 (x/a) 
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$2.2.4. Expressions Involving Arbitrary Powers 


C+HLOO ey 
o. | Laplaco wanstomm, Fo) Laplace transform, fi (p) Inverse transform, f(x) = iain Sao o TA e?” f(p) dp 
g 1 T 
ere en ooo 


(p+a)'? + (pro 27 E E "exp|- 5(a + b)x) I, |} (a — b)x! 


da +b a—b 
El (p+aXp+b)] * wG Ge = 5 2 z) vaya 2 z) 
(p +a’) pa V> => ——_*——- x" Jy (az) 
e TES 
2 a a = ye 
myror pi eP 
T ln O ayn v J 
DEA E rer aa 
uale Ly a (00) 
oe — art ead 


P +a + p 
a [p +a’) 


af “a va” rJ (ax) 


2 Ae vaa? Ty (ax) 
|p- at = 


“oe! Iys(ax)—-v(yv + la’ x J (ax) 


vax Iyy(ax)—v(v + 1a” x I, (ax) 


a” Jy (ax) 


S2.2.5. Expressions Involving Exponential Functions 


OEE Laplace transform, f(p) Inverse transform, f(x) = | Tense transform, fe) yy f Todo e”? F(p) dp 
Aa. lfO ADE... IN O<zx<a, 
p if a<x 
qese T= 
=e." 
if a<r 
a if O0<zx<a, 


1 ifa<zx<b, 
O if b<z 


0 if O<a<a, 
r-a ifa<r<)b, 


b-a ifb<r 


4 e , 
no qa fO<zx<a, 
(p ene fa<z 
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S2.2. TABLES OF INVERSE LAPLACE TRANSFORMS 991 
ak 1 Cc+100 me 
No. Laplace transform, f(p) Inverse transform, f(x) = oe / e” f(p) dp 
TL Sc-ico 
0 if O< “<a, 
-V -ap AU 
6 |p"e”, v>0 { e-a rade 
7 | p (e? -1)*, a>0 fla)=n if na<x<(n+ la, n=0,1,2,... 
a/p n 
8 | e™?-—1 an 
9 | peP m cosh (2vazx ) 
10 p agr -= sinh(2/az ) 
11 | peP \ oon z cosh (2y/ax ) sinh (2/az ) 
2V Ta? 
12 pler”, v > -l1 IA 
13 | 1-eP Ñ |= Ji (2yax ) 
14 | pe = cos(2,/az ) 
1 
15 | per Ria sin(2,/az ) 
1 By 
16 | p Ro? sin(2/ax ) — ,/— cos(2yax ) 
2v rra? Ta 
17 | peP, et (2/0) FJ Qyaz) 
18 exp (-y/ap ), a>0 oe q? exp (-E) 
19 | pexp (-, /ap ) , a>0 ws (a — 6012 exp (-E) 
1 
20 y (ap), az0 erfe( Y=) 
1 = a 
21 vpexp(-yap ), a>0 rer (a-2x)x a/a exp (-E) 
22 ES exp(—/ap ), a20 l exp (-=) 
JP / TL 4x 
1 2312 a ya 
23 exp(—,/ap), a20 (2) - fe( ) 
a p(-yap) 7 i Va erfe NE 
exp(-k y p? + a? ) 0 fO<zx<k, 
se Pa Be Jo(avz?-k?) if k<ax 


0 fO<zx<k, 
Ip (ava? — k? ) ifk<z 
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INTEGRAL TRANSFORMS 


S2.2.6. Expressions Involving Hyperbolic Functions 


o. | aplico A) Laplace transform, f(p) 
DES ps 


2 p? AT) 
VP 
PP 


p”sinh(a/p), v>-2 


1 


e 0 
pcosh(ap) ar 


——, >0 
p? cosh(ap) ü 


cosh(a/p) 
VP 


Inverse transform, f(x) = 


ÓN e”” f(p) dp 
f(x) =2n if aQn-1)<x<aQn +1); 

m=O, L 2. Cee 0) 

f(x) =2n(x-an) if aQn-1)<x<a(Qn + 1); 
n=0. 1 Zi (eS 0) 

we [cosh(2y/ax ) —cos(2V/az ) | 
zg [sinh (2 VaR) ~sin( aver 


L(g /a)’"[1, (Q/ax) - Jy (2a )] 


f= es if a(4n-— 1)< x <a(4n + 1), 
12 if a(4n4+1) <2 <a(4n+3), 
n=0, 1,2,... (0:30) 


x -—(-1)”(x-— 2an) if 2n-1<x/a<2n+ 1; 
Wea, Ll Loss (60) 

1 
Warn [cosh(2y/azx ) +cos(2y/az ) | 


va [sinh(2/ax ) + sin(2 vaz ) | 


Ha) =(E F if 2a(n-1)< zx < 2an; 
m= le. 


f(x) = (Qn-1) if 2a(n-1)< zx < 2an; 
f= la D2 Ges 


—Inx-C, 


~~ 1 Ct+L0O a 
Laplace transform, f(p) Inverse transform, f(x) = a / e?” f(p) dp 
TU Jci 
S ra 
fh & 


C= 0971 25 


is the Euler constant 


+ 1 -lng-C ) = i 
. is the Euler constant 

+25 —In(4x)-—C] a", 
2. 


COUST] ry 


Ss ik la 
C = 0.5772. 


„X (2n — I) yT 


TH" wv) —In A $ 


derivative of the gamma function 


v(v) is the logarithmic 


1 
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S2.2. TABLES OF INVERSE LAPLACE TRANSFORMS 993 


EN Laplace transform, fi (p) Inverse transform, f(x) = LJ en f(p) dp 
TED 
á pra. 
l 
p+a 
in p+b 
p+a 


eo en) 


pS 


= |cos(ax) — cos(bu)| 


Wp th + b? 
E p +a? 
De 
5 [cos(bx) + bx sin(bx) — cos(ax) — ax sin(ax)| 
2 y? +a x 


Ora +k +k? 
=e 


1 
(VP +e x È 
1 1 
pln G \/ p? — - = [cosh(ax) — 1] ees sinh(ax) 
x x 


$2.2.8. Expressions Involving Trigonometric Functions 


a 1 Cc+100 a 
Laplace transform, f(p) Inverse transform, f(x) = an l e” f(p) dp 
TU Jcioo 
ES p) sinh ( V 2ax V2ax ) sin(V2az ) 
va 

ates p) a V2ax ) sin(V2az ) 

Py/P 

cos(a/p) 

= sinh(v2ax ) cos ( 

a E i 


eae 


| to 


2 cos(kx)(e?” — e 
x 


— ex sin 
a ooo eee 
— ex (ya ) cos (ya —— cos ( — 
a 1 
7 arctan — — sin(ax) 
P £ 
1 a : 
= Ta — Si(ax) 
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994 INTEGRAL TRANSFORMS 


$2.2.9. Expressions Involving Special Functions 


as 1 c+100 ee 
No. Laplace transform, f(p) Inverse transform, f(x) = —— / e?” f(p) dp 


271 


—100 


0 if O<2<a, 
3 | erfc(.,/ap), a>0 | vi fa<z 
x 
| y 0 if O<2<a, 
4 | —~erfc(,/ap), a>0 f i 
Jp {te if r>a 


1 

1 — if O<x<aq 

7 | —erf(./ap), a>0 1 T<A, 
VP ( ) | a8 


0 if r>a 


8 | erf(ya/p) — sin(2y/az) 


sinh(2/ax ) 


9 a exp(a/p)erf(y/a/p) 


1 
y TL 


1 1 
10 — exp(a/p)erfc(./a/p —— exp 2 Vaz 
a-1 : 
11 -a b ; .b>0 Xx if 0<2z<b, 
paa É use 


12 | y(a,b/p), a>O pe? gap, (2v bx ) 
13 | a*x(p, a) exp (ae *) 
0 1fO<zx<a, 
14 | Ko(ap), a>0 { Hay fader 
0 if O<2<a, 
h h 
15 | K,(ap) a>0 cosh [v arecosh(z/a)] Pasi 
EZ 
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S2.3. TABLES OF FOURIER COSINE TRANSFORMS 995 


S2.3. Tables of Fourier Cosine Transforms 
S2.3.1. General Formulas 


AA bf lx) E III b frc(w) 


a 


qd?” 


x” f(a), , C1)" 


fic(u) 


2n+1 


EE 


S2.3.2. Expressions Involving Power Functions 


A Original function, f(x) Cosine transform, fou) = = | ean Ln, omen | f(x) cos(ux) dx 
if O<2<a, i ~ sina) 
fa< 


fO<x<l, 
2- g- ¡Ll<y<z, 


f 2<x 


Tsin(au 
ae ) (the integral is understood 


in he sense of Cauchy principal value) 


Oe + ——_____ t sin(bu) 
a? +(b+r)} " a+ (bay E x) 
ina > exp (——— ) sin 
ci E Pl ya) Ge 4 


ae T mac — be 
(a2 + sp +3) >” 2 ab(a?-— b?) 


qm 


n, m=1,2,...; n+1>m2>0 
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fO<zxz<a, 


fa<z 


(a? + y [a co AS ¡ee 


felted 


INTEGRAL TRANSFORMS 


> Jo(au) 


sin ( inv) JE -— yyju” 


S2.3.3. Expressions Involving Exponential Functions 


TN Original function, f(x) 


Cosine transform, fou) = = | Seemann oae | f(x) cos(ux) dx 


id T 
o 


> L 


L/T (a? + y cos( 4 arctan = ) 
a 
e oe re 
2 a? + u? 


aaa aa > ED ao y 


0<2k<n+1 
1 


Us ma 

Tm 

dar r./r—a’ 
where r = Va? + uê, 


kn = =e 


cos ( 2au V2au ) 
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S2.3. TABLES OF FOURIER COSINE TRANSFORMS 997 


S2.3.4. Expressions Involving Hyperbolic Functions 


oee Original function, f(x) Cosine transform, fou) = = f f(x) cos(ux) dx 


cosh(az) aca +mab') cosh(47b'u) | 
O la<b UN a O o 
cosh(bz) ’ b | cos (rab 1) + cosh (bw) 


1 T sinh ( Aa 


cosh(ax) + cos b a sin b sinh ( (mar lu) 


E exp( ax” ) cosh(bx), 
A 
a 4a? cosh? (+ Ta” ly) 


sinh(ax) aes T sin(rab”) 
sinh(bx) ’ 2b cos ( (rab ) + cosh (mbr ly 


D TEN 


S2.3.5. Expressions Involving Logarithmic Functions 


ca Original function, f(x) Cosine transform, fou) = = | Cosine wansform, Jew) | Federa f(x) cos(ux) dx 
ae x if Ox are 
T T 
> T ny 3g meote l 
C = 0.5772 ... is the Euler constant 
eee EE 
E +r 


mia + q? Bs eo") 
, a,b>0 
A 5 
az _aC+5 +a In(ue +a7)+uarctan(u a 
In x, e A cero EA E see row 2 for C 
u? +a 
Jere pe o oo 
e] 
A/D 


= coth( (ra 'u) 


T 
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998 INTEGRAL TRANSFORMS 


S2.3.6. Expressions Involving Trigonometric Functions 


Original function, f(x) Cosine transform, fu) = / f(x) cos(ux) dx 
0 


me) 


> 


(u+a)” —lu+al” a a) 
A sin(ax), a >00, |v|< 1 E cos ( Irv) 
£ a e * cosh(bu) if u<a, 
eth’ = 9% sinh(ab) if u>a 
sin(ax) Tb” | e e *° cosh(bu)] if u<a, 
x(x? + 02)’ mb ee sinh(ab) if u>a 
5 RE ; atu a-U | 
"2 sin(ax), a,b > >| PC eg (a-u) +b? 
1, 
— sin? ax), — aji -45 
Cfa ea 
1 
7| ea T n(2a-u) if u < 2a, 
my 


aman sin(byzx), a,b>0 E En 2 E 


aa a Ez n(o- 
(A2+ B3174 P ee Ha rere 
A=4a, B = 4b, p= = arctan(b/a) 


ESTO) Fe in (a — a if u<a, 
0 > u>a 
se a>0,0<v<l aal ae ) | lu- al“ +(u+a)” 


ae) ab cosh(bu) if u<a, 
+ bp?” ou cosh(ab) if u>a 


©” cos(ax), a,b>0 
A cos( 
yz 


a cos(by/x) 


19 | exp (=b27) cosíax), b>0 


a,b>0 


A 


ES rt (a — aed 


n| o> 


NR 
e |a Aa 

œ| 

O 

p$ 
yo) 
Ti Y 

Q 

N 


O 

O 

9) 
ZTN 

he 


e e +4) 
2 

75 Joly) 
[cos (qa. lu’ ) + sin(4a u )| 


Jr Aw Bu? 
exp (=azx”) COS (bx*), a>0 (A2+ B3)1/1 exp(- A? + 2 a (y- A? + B? ), 


A| a 


20 COS (ax”), a>0 


| 


N 
po 


a a a 
Nn E — 


A = 4a, B = 4b, p= = arctan(b/a) 
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S2.3. TABLES OF FOURIER COSINE TRANSFORMS 999 


S2.3.7. Expressions Involving Special Functions 


n a reer. AN 
No. Original function, f(x) Cosine transform, fu) = / f(x) cos(ux) dx 
0 


3 | si(az) 2 m| H , uża 
2u U-a 
De eyo: Y 
4 | Jolax), a>0 { — u“) if 0<u<a, 
0 ifa<u 


COS [v arcsin(u/a)| ra ee 
AMA i u<a, 
er 
5 | J (ax) a>0 v>-l a” sin(ry /2) . 
MMMM if a<u, 
¿lu + E)” 
where € = vu? -— a? 


v* cos [v arcsin(u/a)| if O<u<a, 
6 | =J (ax) a>0,v>0 a” cos(ry /2) 
i v(u + Vu? — a? y 


Ji (a? B u?) v-1/2 


ifa<u 


7 | x’ Jar), a>0,v > => Qay T (v + 1) if O<u<a, 
ifa<u 
Ne em) 0 if O<u<a, 
£ V az), IYF Vrau 
8 , 
a>0,-1<v<-3 i TEF ifa<u 


9 | J(aVz), a>0 L sin(&) 


u 4u 
l 4 a? 
1 — J ; >0 SS Ga 
dl ri © in (Fs) 
2 
v/2 ON + gee a TV 
11 £ Jy (ays), a>0,-1<v< 5 (5) u 'sin( -7 ) 


if O<u<a, 


12 | Jo (av q? + b? ) 


ifa<u 


x Y (ax) a>QO, lv|< 5 


13 | Yolax), a>0 l 


15 Ko(av x? +0? ), a,b>0 aa PDV ta) 
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1000 INTEGRAL TRANSFORMS 


S2.4. Tables of Fourier Sine Transforms 
S2.4.1. General Formulas 


Original function, f(x) Sine transform, f si)= / f(x) sin(ux) du 
0 
1 


afi(x) + b f(x) af is(u) + bf2s(u) 
flax) a>0 (2) 
2n a 
a) ae), WS Leas (aly aa —— fs(u) 
gn ` R ore) 
4 | a" far), n=0,1,... DA Sow), f(u) -| f(x) cos(xu) dx 
0 


5 | flax)cos(br), a,b>0 MED 


- Se -=Q0u + 
Í a?+(x-b)}  a?+(x +b) me sin(bu) 
xr+b r-b ma 
a? + (x +b)? a? +(x- b} me cos(bu) 
n-—2 
= Tue *” (2n —k —4)! i 
oes SO a, 2s: _ Tue o Qn-k-4)! |, 
9 (£? + a2)” 22n2(n — 1)! 4273 Z k!(n-k-2)! (2au) 
q mel P 
lO | Gear CU ae ee 
n,m=0,1,...;0<m<n n! Oa 
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S2.4. TABLES OF FOURIER SINE TRANSFORMS 1001 


Original function, f(x) Sine transform, f su) = | eA i, Malas: | f(x) sin(ux) du 
A A 


S2.4.3. Expressions Involving Exponential Functions 


Original function, f(x) Sine transform, 7 su) = |__| Prenda | f(x) sin(ux) du 
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1002 INTEGRAL TRANSFORMS 


S2.4.4. Expressions Involving Hyperbolic Functions 


a a ————eo ceo —  — ———eee——% 
No. Original function, f(x) Sine transform, f s(u) = / f(x) sin(ux) dx 
0 


1 T -1 
2o >0 — tanh(+ 
sinh(ax) dl 2a ( zm a) 
Po el 
plat. asi m sinh(zra u) 
sinh(ax) 4a? cosh? (ratu) 
1 2 
3 Jl sinh(ax), b> la] > arctan ( 577) 
CEE SE a>0 arctan [sinh (¿a *u)] 
x cosh(ax)’ E 
1 T 


5 | 1-tanh(Sazr), a>0 u asinh(rau) 


6 h(2 -1 ve ay 
cot (Sax) , a>0 A coth (ra u) e 
cosh(ax) T sinh (mbu) 
ca b o AA 
ú sinh(bx) pales 2b cos(rab”!) + cosh(mb”u) 


sinh(az) 
cosh(bz) ’ 


T sin(5rab”) sinh(3b*u) 


b cos (ab) + cosh (bw) 


la] <b 


$2.4.5. Expressions Involving Logarithmic Functions 


No. Original function, f(x) Sine transform, E s(u) = / f(x) sin(ux) du 
0 


n ifO<x<l, [Ci(u) —Inu-—C], 


0.5772... is the Euler constant 


1 
: u 
0 fl<z C 


| = - +n(Inu+C) 


In zx 
3 | -4/57 nu) +C= >| 


2 
21 (1 — v) cos ( TX) 


ru” (yw) + = cot( =) —In u] 


4 | z lngz, |<] 
DE 


5 In| <==, a>0 T sin(au) 
a—x u 
(1 +b +a LA 
In CDe a,b>0 E sin(bu) 


i = Salt 1 24 2h C 
A SA Basin. 


uz + a? 
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S2.4. TABLES OF FOURIER SINE TRANSFORMS 1003 


S2.4.6. Expressions Involving Trigonometric Functions 


Original function, f(x) Sine transform, ř su) = / f(x) sin(ux) dx 
0 
— al 
= EZ if O<u<a, 
ir if u>a 


iara al” — |u + 2 
T sin(axz), a>0,-2<v<1 “4rd — sin 
a y iO ae ee ae if O<u<a, 
+b? > Mb bu sinh(ab) if u>a 
sin(nx) f sinu ifO<u<r, 
1 — q? if u>r 


a 
al a ja Zz a+ (uy _ Ur if 7 id > 
„toy ta +b) + a? 


if O< wu < 2a, 


~ sin (ax) a>O if u = 2a, 
if w>2a 
2 
exp(—a 2”) sin(bo), > i) sinh ( >) 


1 if 0<u<a-b, 
z sin(ax)sin(ox), a2b>0 if a-b<u<a+b, 
ifatb<u 


11 


exp(-ayz ) sin(ayx), a>0 


if O<u<a, 
A, m if u=a, 
T ifa<u 
T(uta)” —sign(u — a)ļu - a|” 
A cos(ax), a>0, |v|<1 ~ Aa a =D cos (inv) 
x cos(ax) 5 a ab Sinh(bu) if u<a, 
an aN ime” “cosh(ab) if u>a 


] — a, 


Jea FE 
a | Fz cos (ayz )cos(byzx ), a,b > 0 o = +5) 
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1004 INTEGRAL TRANSFORMS 


S2.4.7. Expressions Involving Special Functions 


Original function, f(x) Sine transform, F su) = I f(x) sin(ux) du 
0 
1 u? 
1 erfe(axr), a>0 = 1 — exp (5) 
u 4a? 
; 1 ue 
2 | ci(ax) a>O 1 
2u a? 
0 if O<u<a, 
¿mu ifa<u 
if O<u<a, 
4 | Jolax) a>0 E 


sin |v arcsin(u/a 


a? — u? 


J (ar) a>0,1v>-2 a” cos(rry /2) 


E(u + E)” 
where € = vu? -— a? 


1 arcsin(u/a) if O<u<a, 
o y volar): a>0,v>0 e TE 


y™ sin [v arcsin(u/a)| if O<u<a, 


if a<u, 


a” sin(ry /2) 


= u? — a? ) 


tae — eR 


sen E ; 


= 2 
ya a™ (aa) 


a 
a > 0, Lee sore 


= if 0<u<a 


AV 
2 [In(u -vyu a?) — In a| 


ifa<u 


ifa<u 


SOR rr gee -lna 
Vu? + a2 


a’ K, (ax), a>0, y>-+ vi (2a) e o MS 
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Chapter S3 


Orthogonal Curvilinear 
Systems of Coordinates 


S3.1. Arbitrary Curvilinear Coordinate Systems 
S3.1.1. General Nonorthogonal Curvilinear Coordinates 


> Metric tensor. Arc length and volume elements in curvilinear coordinates. The 
curvilinear coordinates x1, x?, x? are defined as functions of the rectangular Cartesian 
coordinates x, Y, Z 


q! = al (a, pear q? = x(x, Y, Z), r= x(x, Y, Z). 


Using these formulas, one can express x, y, z in terms of the curvilinear coordinates 


x!, £%, x? as follows: 


r=x(a', x”, x), y= y(x}, x’, x), z= z(x!, xv’, x). 
The metric tensor components gij are determined by the formulas 


Ox Ox Oy Oy Oz Oz 


-— + — - + — =: 
Ox? OxI 0x* 0x1 Or? Ox) 
gula? £, 2°) = gi(x',27,0°); 1,7 = 1, 2, 3. 


a 
Gi, TA, DT”) = 


The arc length dl between close points (x, y, z) = (x!, x*, x°) and (x + dz, y+dy, z+dz)= 
(x! + dx}, x? + dz?, x? + da?) is expressed as 


3 3 
(dl? = (dey + (dy) + (dF = Y Y gis(2!,2?,2%) da! de’ 


i=l j=1 


The volume of the elementary parallelepiped with vertices at the eight points (x!, x, x), 
(x'+dz!, x, x), (al, x2+da?, x), (al, x, xr? +da?), (x'+dz!, a? +dr?, x), (x! +dz!, 


a. £? + dx), (al, x? + dx*, a? + dx), (x! + dx}, x? + dzr?, x? + dx?) is given by 


dV = aS He 3 dx! da? da? = +,/det |gij| dx! da? da?. 
q! 


Here the plus sign corresponds to the standard situation where the tangent vectors to the 
coordinate lines x!, x”, x°, pointing in the direction of growth of the respective coordinate, 
form a right-handed triple, just as unit vectors i, j, k of a right-handed rectangular Cartesian 


coordinate system. 


1005 
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> Vector components in Cartesian and curvilinear coordinate systems. The unit 
vectors 1, j, k of a rectangular Cartesian coordinate system* x,y,z and the unit vectors 
i1, lo, 13 of a curvilinear coordinate system x), x*, a? are connected by the linear relations 


io 1 Oo, Oy. % 
" SIm \ôÔr” ôr” 


, dx? . Ox? . Ox? . 
i = A a ee 
JPL Sy A / 922 Ay 2 / 933 Sa 3 
; Ox}. Ox? . Ox? . 
= 4/11 — + 400 —b + ./933 —i; 
J 911 By 1 922 Oy 2 933 Oy 3 


Ox! Ox? Ox? 
k=</ —h + ,/ — Ll + ,/ — j}. 
gil ae 1; 922 a l? 933 ae 13 


In the general case, the vectors 11, In, 13 are not orthogonal and change their direction from 
point to point. 

The components vz, Vy, Uz of a vector v in a rectangular Cartesian coordinate system 
x, y, z and the components v1, U2, v3 of the same vector in a curvilinear coordinate system 


xl, «*, x? are related by 


V = Ugi + vyj + UzK = 0111 + V212 + U313, 
tn = Vi (Fave + Fy + Gets. n= 1,2, 3; 
Ox v OX v On: v3 . 
a0 Von 0 Joa Oe Jo 
Oy vı Oy v OY V3 l 
Mod J/g Ox? Va Ox? yg 


Oz v y 2 V2 y 22 V3 
Jz" gu 0124/00 On? 4/033 


Uy = 


$3.1.2. General Orthogonal Curvilinear Coordinates 


> Orthogonal coordinates. Length, area, and volume elements. A system of coordi- 
nates is orthogonal if 
gij, z’, z?) =0 for iF). 


In this case the third invariant of the metric tensor is given by 
g = det |gij| = 911922933. 


The Lamé coefficients Ly of orthogonal curvilinear coordinates are expressed in terms 
of the components of the metric tensor as 


UI. tied 


* Here and henceforth the coordinate axes and the respective coordinates of points in space are denoted by 
the same letters. 
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Arc length element: 


dl = Y (Lı de)? + (Lz da*)* + (L3 dad) = y gu (dx!) + goo (da*)? + g33(dx*)’. 


The area elements ds; of the respective coordinate surfaces x’ = const are given by 


ds, = dl, dl3 = Lz L3 dí? da? = 9 da? da”, 
ds, = dl; dl3 = Lı Lz dz! dz? = \/q1933 de! dx’, 
ds3 = dl; dl, = Lı Lz dz! dz? = gu gm da! dx’. 


Volume element: 
dV = Li l2 L} dx! dz? da? = \/ 911922933 dx! da? da?. 


> Basic differential relations in orthogonal curvilinear coordinates. In what fol- 


lows, we present the basic differential operators in the orthogonal curvilinear coordinates 


xl. 2? 23. The corresponding unit vectors are denoted by i4, 1, 13. 


The gradient of a scalar f is expressed as 

l 0 1 0 l 0 
E A 
v91 Ox V 922 Ox V 933 Ox 


Divergence of a vector v = vilų + val) + uzlz: 


d == = — —_— — —— = == A : 
1V V y 7 2 (o | aa + Ae (va J T + E U3 4 J aa 


Gradient of a scalar f along a vector v: 


n ðf, m Of, u OF 
Va Ox! vgn Ox? /933 Ox? 


Gradient of a vector w along a vector v: 


grad f = Vf = 


(v-V)f 


(v. V)w = 11 (v í Vwi + i2 (Vv : V )w + 13(V i V )w3. 


Curl of a vector v: 


— (avi) - 5 (via) | 


Ox? 
salvan) q (avi) 


O 
La! 


Remark. Sometimes curl v is denoted by curl v. 


culv=Wxv=1; 


+h 


vyg ) ¿a va); 


Laplace operator of a scalar f: 


apo vir =S 


si th) (th) AEA] 
ls 


gu Ox! dx? \ gor Ox? 0x3 \ 933 Ox? 
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S3.2. Cylindrical and Spherical Coordinate Systems 
S3.2.1. Cylindrical Coordinates 


> Transformations of coordinates and vectors. The metric tensor components. The 
Cartesian coordinates are expressed in terms of the cylindrical ones as 
L=pcosy, y=psny, 2=2 
(U<p<oo, U<p<2T, -œ < z < co). 


The cylindrical coordinates are expressed in terms of the Cartesian ones as 


p= a +y anya Sz (sin p = y/p). 


Coordinate surfaces: 


ety’ = D (right circular cylinders with their axis coincident with the z-axis), 


y=xtany  (half-planes through the z-axis), 
aa (planes perpendicular to the z-axis). 


Direct and inverse transformations of the components of a vector v = vz1 + vyj + Uzk = 


Uz = Uz; Uz = Uz. 


Metric tensor components: 


op = 1, Ip ap, ga =1, yg=p. 
> Basic differential relations. Gradient of a scalar f: 
Of 1 Of Of 
Vf=—i,+—-—i, + —i,. 
j Op” pdp” oz” 
Divergence of a vector v: 
_ 1 (pvp) é 1 0v, ðv, 


V. 
“=p Op p õp ð 


Gradient of a scalar f along a vector v: 


VU 
(v-V)f= on + “ect ro, 
Gradient of a vector w along a vector v: 
(y - V)w = (v; V)wpl, + (v : VWoly + (v - V)wziz. 
Curl of a vector v: 


1 Ov, Ov Ov, Ov 1 | O(pve) Ov 
V = = eae: o 7 eg ee e 7 p a O a 
dl Ce o) ot (SE aa ters | Op |! 


Laplacian of a scalar f: 


18 / Əf\ 19% Pf 
Steet ESA A 
: p Op O a 


Remark. The cylindrical coordinates p, y are also used as polar coordinates on the plane xy. 
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$3.2.2. Spherical Coordinates 


> Transformations of coordinates and vectors. The metric tensor components. The 
Cartesian coordinates are expressed in terms of the spherical ones as 


x=rsin0cosp, y=rsinésiny, z=rcosé 


(O<r<oo 0<0<T, 0<y<27). 


The spherical coordinates are expressed in terms of the Cartesian ones as 


Z y ; y 
r=4/xz? +y? +2z?, O=arccos=, tanp=“ (sin = —==) 


Coordinate surfaces: 


a? + y +2 =r? (spheres), 


a? + y? — z? tan? =0 (circular cones), 
y = x tan Y (half-planes through the z-axis). 


Direct and inverse transformations of the components of a vector v = vz1 + vyj + Uzk = 
Urly + volg + Vol: 


Ur = Uz SINO cos P + vy sin Ó sin p + Vz cos O, Ux = Ur sin O cos P + Vg cos A cos Y — vo SiN y, 
Vo = Uz COSO cos Y + vy cos Ô sin y — v; sin, Vy = vr sind sin Y + vg cos Ô sin p + Vo COS Q, 
Up = —Uz SIN Y + Vy COS Y; Uz; = Uy COs 0 — vg SINO. 


The metric tensor components are 


> Basic differential relations. Gradient of a scalar f: 


Of: OE 1 Of, 
Vf = >i, + —— lo + —— — lp. 
f Or” + 00° sind ap * 
Divergence of a vector v: 
10,5 ax 
‘v= —— r) + ——— 0 + 
` r2 Or (r vr) rsin 6 00 (sin vo) 
Gradient of a scalar f along a vector v: 


Of wðf Of 
y OE O * sind Op 


Gradient of a vector w along a vector v: 


1 Ove 
rsinp Op ` 


(v: V)w = (v : V)wy1, + (v : V)welg + (v : Viwl,. 


Curl of a vector v: 


1 (sin Ove) Ove}, 1f 1 Av, Orve) TE O(rve) Ovr : 
r sin 0 00 (OY 4 ! f 


sin? Oy Or 
Laplacian of a scalar f: 


OO 1 ð. of 1 Of 
e (r | * 72 sind 00 (sin 27) j r2 sin2 0 Oy?’ 


Vxv= 


or 00 
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Chapter S4 
Ordinary Differential Equations 


> In this chapter we shall often use the term “solution” to mean “general solution”; 
C, Ci, and C are arbitrary constants. Notation like $4.2.1.12 stands for equation 12 from 
Subsection S4.2.1. 


$4.1. First-Order Equations 
$4.1.1. Simplest Equations Integrable in Closed Form 
1. yi = f(y). 
Autonomous equation. 
Solution: x= ae +C. 


Particular solutions: y = Az, where the A; are roots of the algebraic (transcendental) 
equation f (Ap) = 0. 


2. y, = f(x)g(y). 
Separable equation. 
d 
Solution: / ste ts f(x)dx+C. 


gly) 
Particular solutions: y = Az, where the Az are roots of the algebraic (transcendental) 


equation g(A;) = 0. 


3. g(x)y;, = fi(x)y + folz). 
Linear equation. 
Solution: 


de. 


yY = Ce ue J et Jola) dx, where F(x)= pi) 
g(x) g(x) 


4. g(x)y’, = filx)y + fo(ax)y”. 
Bernoulli equation. Here, k is an arbitrary number. For k + 1, the substitution w(x) = y! 
leads to a linear equation: g(x)w!, = (1-k)fi(a)w + (1 — k) fo(a). 

Solution: 


k 


yk = CeF 4 (1 -kje | bi e Poed La 
g(x) g(x) 


5. Y, = f(y/z). 
Homogeneous equation. The substitution u(x) = y/x leads to a separable equation: xu’, = 


f(u)—u. 
1011 
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1012 ORDINARY DIFFERENTIAL EQUATIONS 
6. y= flax+by+c). 


If b #0, the substitution u(x) = ax + by +c leads to a separable equation: u/, =bf(u)+a. 


ya ge) 


Generalized homogeneous equation. The substitution u = yx" leads to a separable 
equation, xu’, = f(u)—ku. 


Y en, m 
8. y, ==—f(a"y”). 
x 


Generalized homogeneous equation. The substitution z = x”y™ leads to a separable 
equation: xz},=nz+mzf(z). 


; ax+by+c 
E E fe 
ax + By+y 
by — _ 
1°. For A = aß — ba #0, the transformation x = u + E , y = v(u) + —— leads 


to an equation: 


u, = (ER 


au + Bu 


Dividing both the numerator and denominator of the fraction on the right-hand side by u, 
we obtain a homogeneous equation of the form S4.1.1.5. 


2°. For A = 0 and b #0, the substitution v(x) = ax + by + c leads to a separable equation 


of the form S4.1.1.2: 5 
ee a 


Pu + by — cp 
3°. For A = 0 and 6 # 0, the substitution v(x) = ax + By + y also leads to a separable 
equation: 
b —b 
nee: oe), 
Pu 


S4.1.2. Riccati Equation 


Preliminary remarks. A Riccati equation has the general form 


yt, = PLY + fi@)y + fol). (S4.1.2.1) 


1°. Given a particular solution yo = yo(x) of the Riccati equation (S4.1.2.1), the general 
solution can be written as: 


y = wa) + 0) [C~ [ ®@)frla) da] 


(S4.1.2.2) 
Da) = exp] | hæla) + fia] de |. 
To the particular solution yo(x) there corresponds C = 00. 
Often only particular solutions will be given for the specific equations presented be- 


low in Subsection S4.1.2. The general solutions of these equations can be obtained by 
formulas (S4.1.2.2). 
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2°. The substitution 


u(x) = exp (- / y da) 


reduces the general Riccati equation to a second-order linear equation: 


foun, —[( + fife) ut + fofju =0, 
which often may be easier to solve than the original Riccati equation. Specific second-order 
linear equations are outlined in Section $4.2. 
3°. Many solvable equations of this form can be found in the book by Polyanin and Zaitsev 
(2003). 
l. y = ay? + bx”. 
Special Riccati equation, n 1s an arbitrary number. 


1°. Solution for n + —2: 
1 wi, 1 k 1 k 
y =-=, w(x) = V2 Cy (<Vab« ) +0, (¿vaba Ji: 
w aE \k aE \k 


where k = 5(n +2) Jm(z) and Y,,(z) are Bessel functions (see Subsection M13.6). 


2°. Solution for n = —2: 


A 2aA al 2ar de 
pe te a a c) , 
J £ = a 7 


where A is a root of the quadratic equation aà? + \ +b = 0. 


2. y, =y" + f(x)y-a’-af(z). 


Particular solution: yọ = a. The general solution can be obtained by formulas (S4.1.2.2). 


3. y= f(x)y? + ay-ab-b’ f(z). 

Particular solution: yo = b. The general solution can be obtained by formulas (S4.1.2.2). 
4. y =y t+af(x)yt f(a). 

Particular solution: yy =-1/x. The general solution can be obtained by formulas (S4.1.2.2). 
5. yl =$f(2)y-azr”f(2)y + ana”?. 


Particular solution: yy = ax”. The general solution can be obtained by formulas (S4.1.2.2). 


6. y =f(x)y + ang” - aa?” f(z). 


Particular solution: yo = ax”. The general solution can be obtained by formulas (S4.1.2.2). 


7. y, =-(n+ lary? +27 f(0)y- f(a). 


Particular solution: yy =2~""!. The general solution can be obtained by formulas (S4.1.2.2). 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 1013 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 1014 


1014 ORDINARY DIFFERENTIAL EQUATIONS 

S. ry) = f(x)y? + ny + ax" f(x). 

Jax” tan va | fa) dx + c| if a >00, 
vlaļ x” tanh -viai fac) dx + c| if a <0. 


Solution: y= 


9. xy! = 2" f(a)y? + [ax f(x) -n]y + bf (x). 


The substitution z = x"y leads to a separable equation: z/, = o] (0? + az + b). 


10. y, = f(z)y? + g(x)y -a f(a) - ag(a). 
Particular solution: yo = a. The general solution can be obtained by formulas (S4.1.2.2). 


11. yf = f(x)y? +g(x)y + anz” -az f(x)-ax”g(x). 
Particular solution: yy = ax”. The general solution can be obtained by formulas (S4.1.2.2). 
1. y= ae*"y? +aeò™®f(x)y+Af(x). 


A 
Particular solution: yọ = ——e*". The general solution can be obtained by formulas 
a 


(S4.1.2.2). 

13. y/ = f(x)y? - ae*” f (x)y + are”. 

Particular solution: yo =ae*”. The general solution can be obtained by formulas (S4.1.2.2). 
14. y = f(x)y? + are - a*e*” f (x). 


Particular solution: yo =ae*”. The general solution can be obtained by formulas (S4.1.2.2). 
15. y’ = f (x)y? + Ay + ae?” f (x). 
Jae tan va | eò f(x)dx + c| if a >O, 

ja] eò” tanh -viai | efo dx + c| if a<0. 


Solution: y= 


16. y, =y- Ju) + fi (a). 
Particular solution: yo = f(x). The general solution can be obtained by formulas (S4.1.2.2). 


17. y, = f(x)y"- f(x)g(x)y + 9, (a). 
Particular solution: yo = g(x). 


$4.1.3. Other Equations 


L yy, = f(x)y+ g(x). 
Abel equation of the second kind. Many solvable equations of this form can be found in the 
books by Zaitsev and Polyanin (1994) and Polyanin and Zaitsev (2003). 
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2. yy, = f(x)y? + g(x)y + h(x). 
Abel equation of the second kind. Many solvable equations of this form can be found in the 
books by Zaitsev and Polyanin (1994) and Polyanin and Zaitsev (2003). 


> In equations S4.1.3.3—S4.1.3.21 below, the functions f, g, and h are arbitrary composite 
functions whose arguments can depend on both x and y. 
3. yl = f(y+ax"+b)-anz™". 


The substitution u = y + ax” +b leads to a separable equation: u, = f(u). 


n y 
4. T = Es + yf (x)g(a"y™). 


n—nk k+m-1 
The substitution z = xy” leads to a separable equation: ae =mx m fíx)z m  g(z). 


5. y= yen tax” + by”). 
The substitution w = ax” + by’ leads to a separable equation: w’, = [an + bmf(w)]. 


6. [x" f(y) + zg(y)ly,, = h(y). 
This is a Bernoulli equation with respect to x = x(y) (see equation S4.1.1.4). 


7. alf(ary”) + matg(ae"y") ly, = y[h(2" y") -ne*g(2"y”)]. 


The transformation t=x"y”, z =a" leads to a linear equation with respect to z = z(t): 
tin f(t) + mh(t)]z, = -kf tz- kmg(t). 


8. alf(a”y”) + my*g(2"y”)ly, = y[h(2"y") - ny*g(e"y"”)]. 


The transformation t = x”y™, z = y~* leads to a linear equation with respect to z = z(t): 
tin f(t) + mh(t)]z, = —kh(t)z + kng(t). 


9. xlsfla”y”)- mg(e*y?) ly, = yingla*y”) - kf(a"y"”)]. 
The transformation t =x"y"”, w = x*y® leads to a separable equation: tf (t)w) = wg(w). 


n-1 m_ 9 


10. [f(y) + ama"y™"|y! +g(1)+ana" y 


Solution: [fw dy + ES de tac y =0 


11. y, =e*f(e y). 

The substitution u =e*"y leads to a separable equation: u, = f(u) + Xu. 

12. y. = ef (ez). 

The substitution u = e*¥x leads to a separable equation: Ci. = du? f(u) + u. 


13. y, = yfle y”). 
The substitution z = e**y”” leads to a separable equation: z/.= œz + mz f(z). 
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1 
14. y, =—f(a7e%). 

x 
The substitution z = x"e“Y leads to a separable equation: xz), = nz + œz f(z). 
15. y! = f(2)e Y +9(z). 
The substitution u=e~” leads to a linear equation: wu, =—Ag(x)u-A f(x). 

/ n n- y 

16. y,= e + f(1)g(1"e?). 
The substitution z = z”e” leads to a separable equation: z/.= f(x)zg(z). 


a 
17. y, =-—y + y" f (x) g(e*y™). 


The substitution z =e“*y" leads to a separable equation: 
F Q k+m-1 
Z, = M exp a — ka f(x~)z m  g(z). 
m 


18. y/ = eo? PY f (ae? + be”). 


The substitution w = ae°” + bePY leads to a separable equation: w’, = e° [aa + b3f(w)). 
19. [e°* f(y) + aBly, + e°% g(x) + aa =0. 


Solution: J e PY f(y) dy + / 7 g(x) dx — ae PY =C. 


20. ax[f (xe) + ayg[2"e 9) ly, =h(2"e%) -nyg(2"e99). 


The substitution t = 7”e% leads to a linear equation with respect to y = y(t): 
t[nf(t) + ah(t)ly, = ng(t)y + hit). 


21. [f(e y") + mag[e “y ly”, = y[h(es?y”) - axg(e*y™)]. 


The substitution t = e**y"" leads to a linear equation with respect to x = x(t): 
tla fŒ) + mhOr, = mg(t)x + f(t). 


S4.2. Second-Order Linear Equations 


Preliminary remarks. A homogeneous linear equation of the second order has the general 
form 


FAY 2 + Lay + foy = 0. 
Let yo = yo(x) be a nontrivial particular solution (yo + 0) of this equation. Then the 


general solution of this equation can be found from the formula 


_F 
y= (Ci +0 f dz), where F=f Sede 
0 


For specific equations described below, sometimes only particular solutions are given, 
while the general solutions can be obtained with the above formula. 
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S4.2.1. Equations Involving Power Functions 
1. Yoo + ay =Q. 
Equation of free oscillations. 
Cı sinh(xYVJa] ) + Cr cosh(xVlal]) if a <0, 
Solution: y=3 C,+Cox if a =0, 
Cı sin(x/a ) + Cy cosíxy/a ) if a>O. 
2. Y, -ar"y=0. 


1°. For n = —2, this is the Euler equation S4.2.1.12 (the solution is expressed in terms of 
elementary function). 


2°. Assume 2/(n + 2) = 2m + 1, where m is an integer. Then the solution is 


x(a! 24 py! E exp (La) +O exp (Las)! if m20, 
q q 


y 
(aD) E exp (La) + C exp 5) if m <0, 
q q 
d n+2 1 
here D = —, q = —— = —. 

ias dx’ * 2 2m+1 
3°. For any n, the solution is expressed in terms of Bessel functions and modified Bessel 
functions: 


Civil y (Ls) +C2VxY 1 (La) if a <0, 
2q q 2q q 


y = 
CivzI]ı Las) +CoyiKy (Las) if a > 0, 
2g \ 4 q 


2q 2q 


where g = $(n + 2). The functions J,(z), Y (z) and 1,(z), K,(z) are described in Sec- 
tions M13.6 and M13.7 in detail; see also equations S4.2.1.13 and S4.2.1.14. 
3. Y, t ay, + by = 0. 


Second-order constant coefficient linear equation. In physics this equation is called an 
equation of damped vibrations. 


exp (=5ax) [Ci exp(5Az) + C exp (Az) | if A =a’ -4b > 0, 
Solution: y= 4 exp (=> ax) fe sin (4 Az) + C7 cos(4Ax)| if à? =4b-a? > 0, 
exp (=5ax) (Ciz + Cy) if a* = 4b. 
4. Y, t+ay,+(bat+c)y =0. 


1°. Solution with b % 0: 


y =exp(-Laz) VE [CJ (340€) +0, (4 voe), £=x+ = 


where J; /3(z) and Y; /3(z) are Bessel functions. 
2°. For b = 0, see equation S4.2.1.3. 
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5. y/ +(ax+b)y! + (az? + Be + y)y =0. 


The substitution y =u exp(sx?), where sis a root of the quadratic equation 4s*+2as+a=0, 
leads to an equation of the form S4.2.1.11: u”...+[(a+4s)1+b]u!.+[(0+2bs)1+y+2s5]u=0. 
6. LY. + ay’, + by = 0. 
1°. The solution is expressed in terms of Bessel functions and modified Bessel functions: 
l-a 
ma a2 (C1J,(2Vbx)+C3Y,(2Vbx)| if br > 0, 
= E 


x2 CiL,(2y(bx])+C,K,(2y/bx]) if br <0, 


where y = |1 —al. 


2°. Fora= $(2n + 1), where n = 0, 1, ..., the solution is 
dr” d” . 
C1 da cos V 4ba + Co — ae sin V 4bx if bx > 0, 
Ci — cosh \/4ļbx| + Oo sinh \/4|bz| if bx <0. 
ae a 


7. LY. + ay’, + bxy = 0. 


y= 


1°. The solution is expressed in terms of Bessel functions and modified Bessel functions: 


Je [CJ (vbr) +Y, (vbx)]  ifb>0, 
soaua if b<0, 


y= 


where v = 4|1 —al. 


2°. For a = 2n, where n = 1, 2, ..., the solution is 
l d l 
al) cos(avb) + O (2) sin (2 Vb) if b>0, 
a) cosh(xV-b ) +O,(-+) sinh («V-— ) if b<0. 


x dx x Ax 


rte = 0. 


For n = 1, this is the Euler equation $4.2.1.12. For n + 1, the solution is 
b b 
Cı sin vb ar | +C cos vb gi” if b>0, 
n— 1 n— 1 
—b —/—b 
Ci exp aA ga + C) exp( E if b <0. 
n-— n- l1 
9. ry, +ay, +bx"y=0. 


If n =-—1 and b = 0, we have the Euler equation S4.2.1.12. If n +-1 and b + 0, the solution 
is expressed in terms of Bessel functions: 


=P loa (Po P) Ta E). where El 


8. LY. + ny’, + bx 
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4 / = 
10. xy, +(b-x)y, -ay =0. 
Degenerate hypergeometric equation. 
1°. 1£0%0,-1,-2,-3,..., Kummer’s series is a particular solution: 


Oo k 
baba=) RT 
fa Soe 


where (a), = a(at+1)...(a+k-—1), (a) = 1. If b > a> Q, this solution can be written in 
terms of a definite integral: 
I'(0) 


Ba, b; x) = =—2— " ¿eta = 1 dk 
oa Tr(a) T(b—a) Jo 


where I'(z) = J, a et! dt is the gamma function. 
If 6 is not an integer, then the general solution has the form: 
y = C) ®(a, b; x) + Cox! ®(a—b+1, 2-b; x). 


2°. Forb%+0,-1,-2,-3,..., the general solution of the degenerate hypergeometric equation 
can be written in the form 


y = C¡OP(a,b; x) + Cy WV (a, b; £), 
while for b = 0, —1, —2, -3, ..., it can be represented as 
y =x (Ci ®(a—b+1, 2-b; 2) + CyW(a—b+ 1, 2-b; a)]. 
The functions ®(a, b; x) and V(a, b; x) are described in Subsection M13.8 in detail. 


1. (az, + b)y” + (aix + b1)y/, + (aoz + bo) y = 0. 
Let the function J (a, b; x) be an arbitrary solution of the degenerate hypergeometric equa- 
tion zy”, + (b— x)y, — ay = 0 (see equation S4.2.1.10), and let the function Z,,(x) be an 


arbitrary solution of the Bessel equation xy”, + xy’, +(x? —v*)y =0 (see S4.2.1.13). The 
results of solving the original equation are presented in Table S4.1. 


TABLE S4.1 
Solutions of equation S4.2.1.11 for different values of the determining parameters. 


Solution: y= eX “w(z), where z = ZE 


a= NENA 
b= (arb; —a,b2)ax” 


a2 = n a a= a 
ai = —a; /(2b2) 


v=1- (Qhok+b;)az_ ; 


B=2VB(k) 


(a, 4; 82) 
EA 


Ddw | 2 Zi Oz 
4aob2 see also ar 


Notation: D = a;—4aga2, B(k) = nk? +bik+bo 
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12. ay”. + ary’, + by = 0. 


Euler equation. Solution: 


l-a 

lx Z (Cilet + Coal) if (1-ay > 4b, 
l-a 

Y = $ lx] 2 (Ci + C2ln|æ) if (1 - a}? = 4b, 
1-a 

|x| 2 [Cy sin(u1n |z|) + Cy cos(uln lap] if (1-a)? < 4b, 


where u = 3/11 —a)* -4b1P. 


13. xy”, + gy’ + (2*-1?)y=0. 
Bessel equation. 


1°. Let v be an arbitrary noninteger. Then the general solution is given by 
y = C1J, (2) + C2Y (2), (1) 
where Jy (x) and Y,,(x) are the Bessel functions of the first and second kind: 


ee CDM (a /2 +F _ J(x)cos tv — J (2) 
dais 2 kiTtw+k+1)’ w= sin Ty 


(2) 


k=0 


Solution (1) is denoted by y = Z,(x), which is referred to as the cylindrical function. 
The functions J,(x) and Y, (x) can be expressed in terms of definite integrals (with 


x > 0): 
T . : 00 ; 
TÍ (2) =f, cos(x sin 0 — v0) d0 — sin rv Jl exp(—a« sinh t — vt) dt, 
TY (x) = f sin(x sin 0 — v0) dé OS Leo” cosavje Et dt, 
0 0 
2°. In the case y =n+ >, where n=0, 1,2,...,the Bessel functions are expressed in terms 


of elementary functions: 


2 1 dyx”si 2 1 d\n 
A o ==, Jawy rn) —, 
2 TT x dx x 2 T x Ax £ 


Ypa @) = CDH J a40). 


The Bessel functions are described in Section M13.6 in detail. 


14. ay + xy! -— (x? +1? )y =0. 


Modified Bessel equation. It can be reduced to equation S4.2.1.13 by means of the substi- 
tution x =i (i? =-1). 
Solution: 
y = Cil (x) + C2 K,(2), 


where l (x) and K, (x) are modified Bessel functions of the first and second kind: 


SS am mL (a) Lx) 
eS 3 aroak D Oo aa 


The modified Bessel functions are described in Section M13.7 in detail. 
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15. ay” + axy! + (b2” +c)y = 0, n +0. 


The case b = 0 corresponds to the Euler equation S4.2.1.12. 
For b + 0, the solution is 


y = oa 017, (vb2%) + oy, (= vox? )), 


n 


where v = AO —a)*—4c; J,(z) and Y, (2) are the Bessel functions of the first and 
second kind. 


16. ay”. + azy’, +a"(bx” +c)y =0. 


The substitution € = x” leads to an equation of the form S4.2.1.11: 
no Eyes +n(n-1l + ae + (bE + c)y = 0. 


17. ay” +(ax+b)y! + cy =0. 


The transformation xz = z!, y = z*e*w, where k is a root of the quadratic equation 


k? + (1-a)Jk +c=0, leads to an equation of the form S4.2.1.11: 
zw”, + [(2—b)z+2k+2-alw, +[(1 —b)z +2k +2-a-—bk]w = 0. 


18. (l-a*)y”, -2ay’ +n(n+1)y = 0, n=0, 1, 2,... 


Legendre equation. 
The solution is given by 


y = Cia COn tx), 


where the Legendre polynomials P,(x) and the Legendre functions of the second kind 
Q(x) are given by the formulas 


l+ wl 
= > —Fm-1(£)Fr-m(2). 
T 27 (0) Pa=m(2) 


1 d” 1 
Paa) = gra D, Qn(@) = 5 Pa(2)in 


The functions Pa = P,(x) can be conveniently calculated using the recurrence relations 


1 2n+1 n 
P(z)=1, Pila)=x, Pæ)==82°-1), ..., Pasito) = Pala) Pat). 
2 n+1 n+1 
Three leading functions Qn = Q(x) are 


l+zx xc. 1+2 3x7 —1 l+x 3 
= 21 =A, = np — - =, 


1 
Qo(x) = 2 ln 


The Legendre polynomials and the Legendre functions are described in Subsection 
M13.10.1 in more detail. 
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19. (1-2%)y/, -2xy! +v(v +1)y =0. 


Legendre equation; v is an arbitrary number. The case y = n where n is a nonnegative 
integer 1s considered in S4.2.1.18. 

The substitution z = x? leads to the hypergeometric equation. Therefore, with |x| < 1 
the solution can be written as 


v l+v 1 =p Vv 3 
= FS, A s; T ) F(—, 1 paz =o Is 
y= Ci > ae ae + O72 > + ye 


where F(a, 3, y; x) is the hypergeometric series (see equation S4.2.1.22). 
20. (ax? + by”, tary, + cy = 0. 


The substitution z= leads to a constant coefficient linear equation: y!,+cy=0. 


; dx 
Vax? +b 
21. (1-27)y” + (ax +b)y! + cy =0. 

1°. The substitution 2z = 1+x leads to the hypergeometric equation S4.2.1.22: 


21 —z)y,, + [az + +(b- a)|y, + cy = 0. 
2°. Fora=-2m-3,b=0, and c= A, the Gegenbauer functions are solutions of the equation. 


2. a(a-1)y,+[(a+B+1)x-y]y), + aBy =0. 


Gaussian hypergeometric equation. For y #0, —1, —2, —3, ...,a solution can be expressed 
in terms of the hypergeometric series: 


(8) x" 


de E (a), = (a +1)...(a+k-1), 


Fa, B,y;2)=1+ > 
k=1 


which, a fortiori, is convergent for |x| < 1. 
For y > 6 > 0, this solution can be expressed in terms of a definite integral: 


ro) 
I(6)IT(y- p) 20 


where I'(0) is the gamma function. 


1 
F(a, b, y; £) = aes Oey) a de, 


If y is not an integer, the general solution of the hypergeometric equation has the form: 
y = CF, p, y; £) + Cr T Fla-y+1, B-y+1, 2-7; 2). 


In the degenerate cases y =O, —1, —2, —3, ..., a particular solution of the hypergeometric 
equation corresponds to C1 = 0 and Ch = 1. If y is a positive integer, another particular 
solution corresponds to C = 1 and C3 = Q. In both these cases, the general solution can be 
constructed by means of the last formula given in the preliminary remarks at the beginning 
of Section S4.2. 

Table S4.2 gives the general solutions of the hypergeometric equation for some values 
of the determining parameters. 
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TABLE S4.2 
General solutions of the hypergeometric equation for some values of the determining parameters. 


Cac i le uy de 


Ci (14+ V1)" + Coa? (14-V 1-2 )** 
C1(1+/0)*+On(1-vz)* 


ieee ya y 


11% s / 1 da) 


aye (0+0: | ietz- da) 


23. (1- yy”. -2x(1- a*)y’ + [p(v + 1)(1- 2?) -ply = 0. 


Legendre equation, v and y are arbitrary parameters. 


The transformation x = 1-2€, y = |x? — 114w leads to the hypergeometric equation 
S42:1.22: 


ECE- lwee + (ut DA - 28)w, + (1 wv + w+ Dw =0 


with parameters a = u-v, p =u+v+l,y=u+l1. 
In particular, the original equation is integrable by quadrature if v = u or v = -u - 1. 


24. (x-a) (x-b)} y! -cy = 0, a + b. 


; £ — E ; . 
The transformation €= In y =(x—b)n leads to a constant coefficient linear equation: 
C = 


(a — EUR q e) —cn = 0. Therefore, the solution is as follows: 

Y = Cilx = ae? 17 = pa? + Calz = a? lg = ya? 
where A? = 4c(a—by?+1%0. 
25. (ar*+bx+c)y/ + Ay =0. 


. dx 
The transformation €= is —__——————, w= — leads to a constant coefficient 


Doo lax? + bx + c| 


linear equation of the form S4.2.1.1: Wee +(A+ac— tow = 0. 


26. x*(ax"-1)y” +x(api” +q)y/ + (arx” + s)y = 0. 
Find the roots A;, A and B,, B2 of the quadratic equations 


A -(q+1)A-s=0, B’-(p-1)B+r=0 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 1023 


K10319: A.D.Polyanin and A.I.Chernoutsan, A concise handbook of mathematics, physics, and engineering sciences, Chapman & Hall/CRC, 2010 (v.6, Aug 2010) Page 1024 


1024 ORDINARY DIFFERENTIAL EQUATIONS 


and define parameters c, a, 3, and y by the relations 
c=A1, a@=(A,+By)n", PB=(4+B23n?, y=1+(41-42)n”?. 


Then the solution of the original equation has the form y = x°u(ax"), where u = u(z) is the 
general solution of the hypergeometric equation S4.2.1.22: z(2-1)u”,+[(a+8+1)2-y]u, + 
au =Q. 


$4.2.2. Equations Involving Exponential and Other Functions 

ly! + aey = 0, A + 0. 

Solution: y = C1 Jo(z) + CrYo(z), where z = 21 Ya ern /2. Jo(z) and Yo(z) are Bessel 
functions. 

2. y”, + (ae” —b)y = 0. 

Solution: y = C1 J, 7 (2\/a e/*) FOl (2/a eu?) where J,,(z) and Y,(z) are Bessel 
functions. 

3. y! — (ae? + be** + c)y = 0. 

The transformation z = e*”, w = oy, where k = ye/ A, leads to an equation of the form 


S4.2.1.11: A2z0% + AQ + lw! — (az + byw =0. 


2ax 


4. Y, tay, + bey = 0. 


The transformation € = e°”, u = ye leads to a constant coefficient linear equation of the 
form S4.2.1.1: Wee + bau = 0. 


2ax 


5. Y,” ay, + bey = 0. 


The substitution € = e*” leads to a constant coefficient linear equation of the form $4.2.1.1: 
! — y — 
Yee + ba “y =0. 


6. Y, +ay, + (be^? + c)y =0. 

Solution: y= eax /2 fe ln (2A b ag) +Y, (27! b e^i] , where v= 1 Va? —4e; 

J (z) and Y,(z) are Bessel functions. 

7. Y- —(a—2q cosh 2x)y = 0. 

Modified Mathieu equation. The substitution x = t leads to the Mathieu equation S4.2.2.8: 
Yer + (a — 2q cos 2£)y = 0. 

For eigenvalues a = an(q) and a = bn (q), the corresponding solutions of the modified Mathieu 


equation are 


OO 


Cezn+p(T, q) = Ceomipliz, q) = X AS? cosh[(2k + p)al, 
k=0 


Sernsp(@, q) = -i Se2n+plix, q) = Y Bajos sinh[(2k + p)al, 
k=0 


where p can be either 0 or 1, and the coefficients Ae and Bs are specified in S4.2.2.8. 


The modified Mathieu functions are discussed in the books by Bateman & Erdélyi 
(1955, vol. 3) and Abramowitz & Stegun (1964) in more detail. 
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8. y” +(a-2qc0s2x)y = 0. 
Mathieu equation. 


1°. Given numbers a and q, there exists a general solution y(x) and a characteristic index ju 


such that 
E eg (q), 


For small values of q, an approximate value of u can be found from the equation 


y(T+T)=€ 


2 
cosh(ru) = 1 +2sin? (trva pel in T/a) + O(q*). 
(Tp) A ge) oe) 
If y¡(x) is the solution of the Mathieu equation satisfying the initial conditions y¡(0) = 1 
and yi (0) = 0, the characteristic index can be determined from the relation 


cosh(27 1) = y] (7). 


The solution y¡(x), and hence u, can be determined with any degree of accuracy by means 
of numerical or approximate methods. 

The general solution differs depending on the value of y¡ (7) and can be expressed in 
terms of two auxiliary periodical functions y¡(x) and ~2(x) (see Table S4.3). 


TABLE 584.3 
The general solution of the Mathieu equation S4.2.2.8 expressed 
in terms of auxiliary periodical functions p1(x) and y2(x). 


Period of 
Pmt | ce parce | = | misarealmumber 


2 
ere 2px p=p+51, 1=-1, 
es Pere TRR) p is the real part of y 
mal (C1 cos vx +C sin vx)pr(x) = iv is a pure imaginary number, 
YATE +(C cos vx—C} sin vx) p2(x) cos(271) = i a 
p= p= Ciypi(@) + C2rp2(2) 


2°. In applications, of major interest are periodical solutions of the Mathieu equation that 
exist for certain values of the parameters a and q (those values of a are referred to as 
eigenvalues). The most important solutions are listed in Table S4.4. 

The Mathieu functions possess the following properties: 


TV TV 
Cean (x, -q) = El)” cern, (= — E, a), ce2m+ (2, —q) = El)" sezn+1 (= — 2, a), 


E TE n TE 
sean (@, -0) = INT sen (52, q), sean, -0) = CD” cerns (Z -2 q). 


Selecting a sufficiently large m and omitting the term with the maximum number in the 
recurrence relations (indicated in Table $4.4), we can obtain approximate relations for the 
eigenvalues an (or bn) with respect to parameter q. Then, equating the determinant of 
the corresponding homogeneous linear system of equations for coefficients A”, (or Bi’) to 
zero, we obtain an algebraic equation for finding an(q) (or bn(q)). 
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TABLE 584.4 
Periodical solutions of the Mathieu equation ce, = ce, (x, q) and se, = sen(z, q) (for odd n, 
the functions cen and sen are 27-periodical, and for even n, they are 7-periodical); certain 
eigenvalues a = a, (q) and b = b,,(q) correspond to each value of the parameter q; n = 0, 1,2,.... 


Recurrence relations Normalization 
Mathieu functions E 
for coefficients conditions 


IAS" =a Aq”: 42m2 =< Aen)? 
SG As” cos(2mzx) GAS =(aan Ag AS: an +r 2m) 
m=0 gAim+2=(A2n—4Mm’) Adi =/ 2 if n=0 
AS m>2 1 if n21 
gA3”'=(aons1-1-g) At” 
qArmis=[d201-(Qm+1)7] 


A gas. anal 


2m-1> 


Ceomsi(@, 9) Ame cos [(2m+1)x] 


seon(x, )=)Y Bin, sinQmo), E ee tn 
m=0 4B3m+2=(b2n—4m ) Bom 


seo=0 - qB? m22 


q B3” bona tB . 
g Bet =[bone1—(2m+1)"] 


2n+1 2n+1 
Xx B3m+1-0B2m-1> m21 


se2n+ (2, =>) Bims sin [(2m-+ 1a] 


m=0 


For fixed real q + 0, the eigenvalues an and bn are all real and different, while: 


if q>0 then ay<b <aj<b¿<a,<-:-*-; 
if q<0 then aọ< a < bı < b< a< az < b3 <b4<:- 


The eigenvalues possess the following properties: 


anq) = azn (q), banq) = ban (q), Gans 4) = b2n+1 (q). 


The solution of the Mathieu equation corresponding to eigenvalue an (or bn) has n zeros 
on the interval O < x < m (q is a real number). 

Listed below are two leading terms of asymptotic expansions of the Mathieu functions 
cen(x,q) and sen(x, q), as well as of the corresponding eigenvalues a,,(q) and bn(q), as 
q — 0: 

| e Ta 
ceo(x, q) = A (1 — > COS an), ag(q) = -5 + y 


cer (x, q) = cos x — > cos3x, ajq)=1+q; 


q cos 4x 5q? 
cex(x, q) = cos 2a + y 3 aq) = 4+ -5 
y q pcos(n+2)x  cos(n-—2)x ail q? 
COn CE, q) = COS NX + — | A — pe > an(q) =n + ren 7 D 
se, (x, q) = sin z — > sin 3z, bi(q=1-q; 
q q” 
sez (z, q) = sin2x — 12 sin Ax, bo(q) =4— 7 : 
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arsin(n+2)e  sin(n—2)x q 
SEN q) = SIN NT — 4 ETT = oe: ae A ba (q) = n? T esi) (n 2 3). 


The Mathieu functions are discussed in the books by Bateman & Erdélyi (1955) and 
Abramowitz & Stegun (1964) in more detail. 


9, Yn + atan z y, + by = 0. 

1°. The substitution £= sin x leads to a linear equation of the form S4.2.1.21: (€? — Dye ¿+ 
(1 — a)€y, — by =0. 

2°. Solution for a = —2: 


Beats Cı sin(kx)+C,cos(kx) if b+ 1 =k* > 0, 
a Cı sinh(kx) + Cz cosh(kx) if b+1=-k? <0. 


3°. Solution for a = 2 and b = 3: y= C] cos? z + C3 sin z (1 + 2 cos? x). 


S4.2.3. Equations Involving Arbitrary Functions 


> Notation: f = f(x) and g = g(x) are arbitrary functions; a, b, and A are arbitrary 
parameters. 


1. y, + fy +a(f-a)y=0. 
Particular solution: yy =e”. 


2. y+ afy,—- fy =0. 
Particular solution: yo = 2. 


3. ay, +(5f+a)y,, + (a-1)fy =0. 


Particular solution: yo = 1“. 


4. vy” +[(ax+1)f+ax-1]ly! +a*xfy =0. 


Particular solution: yo = (ax + 1)e *”. 


5. ry. + [(ax? + bx) f + 2)y,, + bfy = 0. 
Particular solution: yo = a+b/z. 

6. ay” +afy+a(f-a-l1)y=0. 
Particular solution: yo = x “. 


7. yl +(f+ae”)y! +ae*"(f+A)y =0. 
Particular solution: yo = exp (-<<**). 


8. yl- (f? + fy = 0. 


Particular solution: yo = exp ( J J dx). 
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9 yl, +2 y + ($ + fly =0. 


Solution: y = (Cox + C1) exp (-/ T da). 


10. y, +(1-a)fy,,-a($%+ f/,)y =0. 


Particular solution: yo = exp (a J J da), 


11. y, +fy,+(fg-9+9/,)y =0. 


Particular solution: yo = exp (- J g da), 


12. fy”, -afly! —-bf*y=0. 
Solution: y= Ce” + Ce”, where u = vo ff do. 


13. yl. + F(f + a)y’, + by =0. 
AA 


The substitution €= J f7* dx leads to a constant coefficient linear equation: Ye tay. +by =0. 


14. y/ - fly + ate y =0. 
Solution: y = C4 sin (a f el da) + C> cos (a / el de). 


15. y! - fly! - ate y = 0. 


Solution: y = C1 exp (a / el da) + C exp (=a / el da). 


S4.3. Second-Order Nonlinear Equations 
S4.3.1. Equations of the Form y”. = f(z, y) 
1. Yn = f(y). 
Autonomous equation. 
1/2 

Solution: / Cs +2/ fw) dy dy = Cy +a. 

Particular solutions: y = Az, where Az are roots of the algebraic (transcendental) 
equation f(A;) = 0. 
2. yy, TAr yY”: 
Emden—Fowler equation. 
1°. With m + 1, the Emden—Fowler equation has a particular solution: 


(n+2)\(n+t¢m+liso 


n+2 
= A£ Im , here A = 
ya Y A(m— 1? 


2°. The transformation z = rt y™!, w = xy../y leads to a first-order (Abel) equation: 
zim - lhw+n4+2)w, =-w% +w + Az. 
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3°. The transformation y = w/t, x = 1/t leads to the Emden—Fowler equation with the 


independent variable raised to a different power: w, = AA 


4”. The books by Zaitsev and Polyanin (1994) and Polyanin and Zaitsev (2003) present 
28 solvable cases of the Emden—Fowler equation (corresponding to some pairs of n and m). 


n" = -3 
Ermakov's equation. Let w = w(x) be a nontrivial solution of the second-order linear 
; dx 
equation w% „+ f(x)w =0. The transformation £ = / —>», z= 2 leads to an autonomous 
w w 


equation of the form S4.3.1: Zeg =z”. 


den? 
Solution: Ciy? = aw? +w? @ +C / —) 
w 


> Further on, f, g, h, and w are arbitrary composite functions of their arguments indicated 
in parentheses after the function name (the arguments can depend on z, y, y). 
4. y” = Fflay+bx+c). 


The substitution w = ay + bx + c leads to an equation of the form S4.3.1.1: wf, = af(w). 


5. y” = f(y +azr?+bz +c). 


The substitution w=y+ax? +bxz+c leads to an equation of the form S4.3.1.1: w”, = f(w)+2a. 


6 yla = xf (yx). 


Homogeneous equation. The transformation t =—In|z|, z = y/x leads to an autonomous 
equation: 2, — 2, = f(z). 


7. Yon = 2° f (ya). 
The transformation ¿=1/x, w=y/x leads to the equation of the form $4.3.1.1: We ES Fw). 


n _ 3/2 -1/2 
Having set w = yx7!/, we obtain L (xw) = TA + 2 f(w)w”,. Integrating the latter 
equation, we arrive at a separable equation. 


Solution: f [Cy + 4w? +2 f fw) dw] sis 


Yaa ad E Ec TN 


Generalized homogeneous equation. The transformation z = xy, w = xy../y leads to a 


first-order equation: z(w-— k)w” = z'f(z)tw-w’. 


10. yf = ya f(ary™). 


Generalized homogeneous equation. The transformation z = a2"y™, w = xy, /y leads to a 


first-order equation: z(mw + njw’, = f(2)+w-wu?. 
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yY 
1. a= FJ, 
eee vas) 


Setting u(x) = y(ax? + bx + cy and integrating the equation, we obtain a first-order 
separable equation: 


(ax? + bax + O uy = (4b? —achu? + A u™ f(u) du + Ci. 


12, y, =e f(e y). 

The transformation z = e*”y, w = y../y leads to a first-order equation: z(w+a)w, = 
A! f(z)-w’. 

13. y, =yf(e*y™). 


The transformation z = e *y"”, w = y!./y leads to a first-order equation: z(mw + a)w 


FD- w. 


/ 
Z 


14. y”, =x?f(arer). 


The transformation z = 1"e%, w = xy. leads to a first-order equation: z(aw+n)w, = 


f(z) +w. 
I 
15. y”, = =y + ya) p = w(x) 
. on y z i 
Y Y 
, dx y | 7 
The transformation € = J Be w= mn leads to an equation of the form S4.3.1.1: Wee = fw). 
-1/2 dx 
Solution: Cs +2 fw) dw dw = C+ | 
is | Pa 


S4.3.2. Equations of the Form f(x, y)y). =g(£,Y, Y.) 


L. Yze "Ya = f(y). 
Autonomous equation. The substitution w(y) = y;. leads to a first-order equation. For 
solvable equations of the form in question, see the book by Polyanin and Zaitsev (2003). 


2. Yen + (yy, +9(y) = 0. 


Lienard equation. The substitution w(y) = y/, leads to a first-order equation. For solvable 
equations of the form in question, see the book by Polyanin and Zaitsev (2003). 


3. Yoo + lay + f(a) |, + fa (12)y = 0. 


Integrating yields a Riccati equation: y, + f(x)y + Say? = 0% 


4. Y, + Lay + f(0) ly, + af (x)y* = g(a). 


On setting u = yl, + ay”, we obtain a first-order linear equation: us + f(x)u = g(x). 
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2 
5. Vow = a ay, +e “Ef (y). 


Solution: / Cs +2/ fw) dy O T. 


6 Ya, =f (yy. 


Solution: = Cn +x, where F(y) = J f(y) dy. 


/ y 
F(y)+ C1 
Te Y= [e° f(y) + a| Y’ 


The substitution w(y) = ey’, leads to a first-order separable equation: wy = f(y). 


d 1 
Y SL ae , where Fw) = | fay. 


Solution:  — 
F(y)+C1 


8. ry, =ny, + q f(y). 
1°. Solution for n + —1: 


n+1 


pa +2[ foa) Cdy= 22 


2°. Solution for n = -1: 


+ O). 


Cs + 2 j f(y) dy ne dy = £ln |x| + C2. 


9 TY za = F(Y)Y a: 
The substitution w(y) = xy!./y leads to a first-order linear equation: Yw =—w + 1+ f(y). 


10. xy”, = |x" f(y) + k-1]y/, 


1 
Solution: a a = C2 + qa, where F(y) = | fw dy. 
11. 2%y/ +2xy! = f(y). 


The substitution x =+te' leads to an autonomous equation of the form S4.3.1.1: Yi = f(y). 


12. (ax*+b)y” +axy + f(y)=0 


The substitution leads to an autonomous equation of the form S4.3.1.1: 


dx 
= / Var? +b 
13. Yas = f(y)y, + g(x). 


Integrating yields a first-order equation: y, = / f(y) dy + i g(x) dx + C. 


14. vy” +(n+1)y, = x" f(yx”). 
ae A E=2", w=yx" leads to an autonomous equation of the form S4.3.1.1: 
ne Wee = fw). 
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1032 ORDINARY DIFFERENTIAL EQUATIONS 


15. gyl. +39,Y.= (y) g=9(2). 


Integrating yields a first-order separable equation: g(x)(y/, =D | f(y) dy + Cj. 
Solution for g(x) > O: 


1/2 
[[er+2[ tea] Pay=02+ | O) 
16. y, =-ay,, +e” f(ye™”). 


The transformation € = e°", w=ye"" leads to the equation Wee = = a? f(w), which is of the 
form of S4.3.1.1. 


17. xy, = f(x" jys. 

The transformation z=x”"e%, w= xy”. leads to the following first-order separable equation: 
z(aw + njw, =[f() + Jw. 

18. y +2y! = f(e”). 


The transformation z=x”"e%, w=xy/. leads to the following first-order separable equation: 
z(aw + n)w, = f(z). 


19. yy” +(y/)?+ f(x)yy,, + g(x) =0 


The substitution u = y leads to a linear equation, u”, + f(x)u”, + 2g(x) = 0, which can be 
reduced by the change of variable w(x) = u% to a first-order linear equation. 


20. yy,- (y) + f(2)yy!, + 9(x)y* = 0. 


The substitution u = y;./y leads to a first-order linear equation: ul, + f(x)u + g(x) = 0 


21. yy, Mya) +f(x)y + ay = 0. 


1°. For n= 1, this is an equation of the form S4.3.2.22. 
2°. For n + 1, the substitution w = y!” leads to Ermakov’s equation S4.3.1.5: w”, + 
(1—-n)f(x)w +a. —n)w? =0 


22. yy, My) + f(x)y? + g(x)y"*" = 0. 


The substitution w=y! leads to a nonhomogeneous linear equation: w”...+(1-n)f(x)w+ 
(1—n)g(x) =0 


23. yy”, +a(y,) + f(2)yy!, + g(2)y? = 0. 


The substitution w = y**! leads to a linear equation: w”,. + f(x)w!, + (a+ 1)g(x)w =0. 


24. YY = Fu) (y). 


The substitution w(x)=<y/, /y leads to a Bernoulli equation $4.1.4: 2w”,=w+[f(2)-1]u?. 
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25. y —aly,) + f(2)eY + g(2) =0. 

The substitution w = €e% leads to a nonhomogeneous linear equation: w”, — ag(x)w = 
af(x). 

26. y” —a(y!)+be*"Y + f(x) =0. 


The substitution w =eY leads to Ermakov’s equation S4.3.1.5: w”,,—af(x)w = abw”. 


27. Yhes HOY) -3Y =e" f(y). 


The substitution w(y) = yy leads to a first-order linear equation: wy +2aw = 2 f(y). 


28. yl, +aly,) = [eP f(y) + Bly} 
Solution: 


e°” dy 1 
eC. O = fem dy. 
lr +5 (y) Fw) dy 


29. Ya + (yy) +9(y) =0. 
The substitution w(y) = (y!) leads to a first-order linear equation: wy +2 f(y)w+2g(y)=0. 


30. yt, + FUL - 34, = e* ay). 
The substitution w(y)=e* (yi, y leads to a first-order linear equation: Wy +2 f(y)w=29(y). 


3L y, = af (y)(y;,)°. 
Taking y to be the independent variable, we obtain a linear equation with respect to x = x(y): 
Cy == (y)z. 

yy 


32. Yoe = f(y) (yi)? + g(2)Y > 
Dividing by y;., we obtain an exact differential equation. Its solution follows from the 
equation: 


Inlyil= | fydy+ | g(x) dex +C. 
Solving the latter for y/., we arrive at a separable equation. In addition, y = C1 is a singular 
solution, with C4 being an arbitrary constant. 
33. Yo, = S(u)g(uy, - y). 
The substitution w = xy. — y leads to a first-order separable equation: w, = xf(x)g(w). 


/ 
”m _ Y LY y 
The substitution w(x)=xy/, /y leads to a first-order separable equation: zwi = f (W)+w-u?. 


35. gn + 29080 = Hu)lyiV 9),  9=9lu). 
The substitution w(y) = Y/O leads to a first-order separable equation: WWy = f(y)h(w). 


36. Yo = f(y? + ay). 


The substitution w(y) = (y! y +ay leads to a first-order separable equation: wy =2f(w)+a. 
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Chapter S5 


Some Useful Electronic 
Mathematical Resources 


arXiv.org (http: //arxiv.org). A service of automated e-print archives of articles in the fields of 
mathematics, nonlinear science, computer science, and physics. 

Catalog of Mathematics Resources on the WWW and the Internet (http://mthwww.uwc.edu/ 
wwwmahes/files/math01.htm). 

CFD Codes List (http://www.fges.demon.co.uk/cfd/CFD_codes_p.html). Free software. 

CFD Resources Online (http: //www.cfd-online.com/Links). Software, modeling and numerics, 
etc. 

Computer Handbook of ODEs (http://www.scg.uwaterloo.ca/ ecterrab/handbook_odes.html). An 
online computer handbook of methods for solving ordinary differential equations. 

Deal.II (http://www.dealii.org). Finite element differential equations analysis library. 

Dictionary of Algorithms and Data Structures—NIST (http://www.nist.gov/dads/). The diction- 
ary of algorithms, algorithmic techniques, data structures, archetypical problems, and related 
definitions. 

DOE ACTS Collection (http://acts.nersc.gov). The Advanced CompuTational Software (ACTS) 
Collection is a set of software tools for computation sciences. 

EEVL: Internet Guide to Engineering, Mathematics and Computing (http://www.eevl.ac.uk). 
Cross-search 20 databases in engineering, mathematics, and computing. 

EqWorld: World of Mathematical Equations (http://eqworld.ipmnet.ru). Extensive information 
on algebraic, ordinary differential, partial differential, integral, functional, and other mathemat- 
ical equations. 

FOLDOC—Computing Dictionary (http://foldoc.doc.ic.ac.uk/foldoc/index.html). The free on- 
line dictionary of computing is a searchable dictionary of terms from computing and related 
fields. 

Free Software (http://www.wseas.com/software). Download free software packages for scientific- 
engineering purposes. 

FSF/UNESCO Free Software Directory (http://directory.fsf.org). 

GAMS: Guide to Available Mathematical Software (http://gams.nist.gov). A cross-index and 
virtual repository of mathematical and statistical software components of use in computational 
science and engineering. 

Google— Mathematics Websites (http://directory.google.com/Top/Science/Math/). A directory 
of more than 11,000 mathematics Websites ordered by type and mathematical subject. 

Google — Software (http://directory.google.com/Top/Science/Math/Software). A directory of 
software. 

Mathcom— PDEs (http://www.mathcom.com/corpdir/techinfo.mdir/scifaq/q260.html). Partial 
differential equations and finite element modeling. 

Mathematical Atlas (http://www.math-atlas.org). A collection of short articles designed to provide 
an introduction to the areas of modern mathematics. 
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Mathematical Constants and Numbers (http: //numbers.computation.free.fr/Constants/constants. 
html). Mathematical, historical, and algorithmic aspects of some classical mathematical con- 
stants; easy and fast programs are also included. 

Mathematical WWW Virtual Library (http://www.math.fsu.edu/Virtual/index .php). A directory 
of mathematics-related Websites ordered by type and mathematical subject. 

Mathematics Archives (http: //archives.math.utk.edu). Combined archive and directory of mathe- 
matics Websites, mailing lists, and teaching materials. 

Mathematics Genealogy Project (http: //www.genealogy.ams.org). A large biographical database 
of mathematicians. 

Mathematics Websites (http: //www.math.psu.edu/MathLists/Contents.html). A directory of math- 
ematics Websites ordered by type and mathematical subject. 

Math Forum: Internet Mathematics Library (http://mathforum.org). A directory of mathematics 
Websites ordered by the mathematical subject. 

MathGuide: SUB Gottingen (http: //www.mathguide.de). An Internet-based subject gateway to 
mathematics-related Websites. 

MathWorld: World of Mathematics (http://www.mathworld.com). An online encyclopedia of 
mathematics, focusing on classical mathematics. The Web's most extensive mathematical 
resource. 

MGNet (http://www.megnet.org/mgnet-codes.html). Free software. 

Netlib (http://www.netlib.org). A collection of mathematical software, papers, and databases. 

Numerical Solutions (http://www.numericalmathematics.com/numerical-_solutions.htm). A library 
of mathematical programs. 

PlanetMath.Org (http://planetmath.org). An online mathematics encyclopedia. 

Probability Web (http://www.mathcs.carleton.edu/probweb/probweb.html). A collection of prob- 
ability resources on the World Wide Web; the pages are designed to be especially helpful to 
researchers and teachers. 

Science Oxygen— Mathematics (http://www.scienceoxygen.com/math.html). Topics from vari- 
ous sections of mathematics. 

Scilab (http://scilabsoft.inria.fr). A free scientific software package. 

Software — Differential Equations (http: //www.scicomp.uni-erlangen.de / SW /diffequ.html). 
General resources and methods for ODEs and PDEs. 

S.O.S. Mathematics (http://www.sosmath.com). A free resource for math review material from 
algebra to differential equations. 

Statistics Online Computational Resources (http://socr.stat.ucla.edu). Interactive distributions, 
statistical analysis, virtual probability-related experiments and demonstrations, computer games, 
and others. 

Stat/Math Center (http://www.indiana.edu/ statmath/bysubject/numerics.html). Numerical com- 
puting resources on the Internet. 

UW-L Math Calculator (http://www.compute.uwlax.edu/index.php). Calculus, differential equa- 
tions, numerical methods, statistics, and others. 

Wikipedia: Free Encyclopedia—List of Open Source Software Packages (http://en. wikipedia. 
org/wiki/List_of_open-source_software_packages). 

Wikipedia: Free Encyclopedia— Mathematics (http://en.wikipedia.org/wiki/Mathematics). A 
collection of short articles from various sections of mathematics. 

Wolfram Functions Site (http://functions.wolfram.com). More than 87,000 formulas used by 
mathematicians, computer scientists, physicists, and engineers; more than 10,000 graphs and 
animations of the functions. 

Yahoo — Mathematics Websites (http://dir.yahoo.com/science/mathematics/). A directory of 
mathematics Websites ordered by type and mathematical subject. 

Yahoo—Software (http://dir.yahoo.com/Science/Mathematics/Software). A directory of software. 
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Chapter S6 
Physical Tables 


S6.1. Symbols and Units 


S6.1.1. Greek Letters 


Uppercase | Lowercase | Name | Uppercase | Lowercase | Name 
Oa f «| Ape | N |v a 
sf p | ome | = | = | x 
ry | Gamma o [| Omicron 
a f o me n f a f 
O | r 


AICA ICC O A E 
AO CI CI CI CC 
pK | ex | Kee [) Xx | x | cm 
AECI E E IC E 

OZ M | u | m | oao | om | Omega © 


S6.1.2. SI Prefixes 


Symbol | Fasor [Prix [Symbol 
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1038 PHYSICAL TABLES 


S6.1.3. SI Base Units 


S6.1.4. SI Derived Units with Special Names 


COI TT TN 
A [I 
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S6.1. SYMBOLS AND UNITS 1039 


S6.1.5. Non-SI Units Accepted for Use with SI 


O o IO IET |O o 
© dy | da | ime | 1d = 24h = 1440 min = 86400 s 
K ge es 


imac tae |] me | 


S6.1.6. Other Common Non-SI Units 


CO e IO e EFECTO 
O om CO e NET 
os | a | ms [iD TAMU = 1650545107 e 
Tam = 1.01325 x 10° Pa 

O a | forme 
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1040 PHYSICAL TABLES 


S6.1.7. Base Planck Units 


The base Planck units are those of length, mass, time, electric charge, and temperature; 
these are derived from five fundamental physical constants: speed of light in vacuum (c), 
gravitational constant (G), reduced Planck constant (A), Coulomb constant (ke = 1/(47€0)), 
and Boltzmann constant (kp). 


Planck length Ip = /hG/e 1.616 x 10% m 


Planck temperature Tp = mpc’/kp = E (Gk) 1.417 x 10% K 


S6.2. Physical Constants 


S6.2.1. Universal Constants 


6.674(28 + 67) x 1071! N m2/ke? 


S6.2.2. Astronomical Constants 


Men kath Moon dines BI 
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S6.2. PHYSICAL CONSTANTS 1041 


S6.2.3. Planetary, Lunar, and Solar Parameters 


sn [osmano | saom EI | ETE 


* This is the average Moon—Earth distance. The Moon’s average distance to the Sun is 1 AU, the same as the 
Earth's. 
** Tn 2006, Pluto was reclassified as a dwarf planet after the discovery of similar objects. 


S6.2.4. Electromagnetic Constants 


4n 107 N/A? = 1.256637 10% H/m 


S6.2.5. Atomic and Nuclear Constants 


vane 
w= mk) | 5291712 x10" | 
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Proton—electron mass ratio 1836.153 


Specific charge of electron -1.758 820 x 10'! C/kg 


NE 
=> 


Specific charge of proton e/Mp 9.578 834 x 10’ C/kg 
Magnetic moment of electron ie —1.001 160 pp 
Magnetic moment of proton 
Fine-structure constant Q = e?/ (4regoħc) 7.297 353 x 107 


1.097 373 x 107 m! 


Q 
$ 


Rydberg constant (reciprocal wavelength) | Roo = m-e*/ (SE; h’ 
Rydberg constant (electron energy) Rap = Aches 13.605 69eV = 1 Ry 


Rydberg constant (frequency) Hy Chis 3.289 842 x 101 s7! 


po 
3 


Rydberg constant (angular frequency) Tig 2 MC 2.067 069 x 101% s7! 


Ae = h/(mec) 2.426 310 x 1072 m 


2.792 847 un 
Compton wavelength of electron 


Compton wavelength of proton Ap = h/ (Mpc) 1.321 410 x 107% m 


S6.2.6. Other Constants 


Quantity 


Avogadro’s number 6.022 14 x 10% mol"! 
Gas constant 8.3144 J /(mol K) 


Stefan—Boltzmann constant 
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S6.3. Nuclear Physics 
S6.3.1. Masses of Light Nuclides 


Z | Nuide | M-A AMU | Z | Nuclido | M-A AMU 


o a CI CI TC 
ARCO CIO CI CI AC 
cf [como | e | os 
DEI ICO IC IN 
of mw | oo A] o 
ICON OTI IE 7 E | mo 
INEA [a [cos |s| © | oo 
cs [ooo fs P| mms 
ICON me [aos f s | o E 
a e toes CA TT 

o 

= 


PEE 


4 Be | 901219 
OR CC eee 
5 | w | 000030 [| 1w| mw | -o0m%6 


Notation: Z charge number, M particle mass, A mass number. 


ole 


$6.3.2. Leptons 


Leptons are fermions, i.e., spin-1/, elementary particles. They all have baryon number 0 
and form three generations: electronic, comprising electrons (e7) and electron neutri- 
nos (Ve), muonic, comprising muons (w~) and muon neutrinos (v,,), and tauonic, comprising 
tauons (T~) and tauon neutrinos (v+). Every lepton has a corresponding antilepton. The 
main properties of leptons are listed below. 


Tapion [mas Mee [Q [E [E [f= | Meun cine] Common decay males 


OE OCIO TA E 
ma eor fofo E m [ 
O O a 


0. | 0.51100 | 100 F1 EEN stable stable 


w U c> e+ y+ Vi 
EA ai AONE OOX NE 


T — E€ + v+, 
T, Tt 1,777 El +1 | 291x103 A A 
TH DA... 

Tt? => ett+Vet WY... 


Notation: Q electric charge (in e), Ly ,,,- lepton numbers. The tilde denotes an antiparticle. 
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S6.3.3. Quarks 


Quarks combine to form composite particles—hadrons (baryons and mesons). All quarks 
are fermions and have spin !/2 and baryon number !/3; they have six flavors and form three 
generations: up and down (first), charm and strange (second), and top and bottom (third). 
Every quark flavor has a corresponding antiquark. 


== pp pas 
Co O O e fe O ET 
rom Joao po Jo] oman 


EC O O EN 
COIE EA 
Ca Japo] 
CODO OOO 


Notation: Q electric charge (in e), I isospin, I; isospin projection, C charm, S strangeness, 
T topness, B bottomness. 


S6.3.4. Elementary Bosons 


Elementary bosons are bosonic (integer-spin) elementary particles that act as carriers of the 
fundamental forces: electromagnetic (photons), weak (Z and W bosons), strong (gluons), 
and gravitational (gravitons, currently hypothetical). Also the existence of the Higgs boson 
is theoretically predicted, which is thought to be the mediator of mass. 


ee it 
ae as 


Cow IEC e IC ICI 
aa [ef 
Comms CI | o E A 

MECO [ef neo fo | 


Notation: Q electric charge, S spin quantum number. 


S6.3.5. Some Baryons 


Baryons are the family of composite particles made of three quarks. Baryons have half- 
integer spins and, hence, are fermions. They have lepton number 0 and baryon number 1. 
Each baryon has a corresponding antibaryon, where each quark is replaced by the corre- 
sponding antiquark. 
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ADO E 
[ras fose oye o [o o pee, wes 
[wee m7 Po ja ojo Po o | 2600 
Ce [we fosa a e a Popo [a A 
IIS O | x0 
Ce [ae Pure a Pr [ao fo [| sa 
Ca [we [os Jo pea [opo Je 
e e apa [oo 495] 10000 
a a es apo [ope [ale [ 50007 
ua es Jo poo o e e 50007 
a [oa es Japo [oo fal i [seco 
Ca [om Pen Japo [oo fal x | 50007 
Ca [om fiom [afr a e o foo] sx 
Tae [te [ome PrP fo [fo Po] | ron 
ee [ee Pass Po Pio fifo fi [af axis 
a oa popa opa] 0% > 
æ [ee or E O IT 
s [a | só fo Pe o e e e o] reo 


Notation: Q electric charge (e), J total angular momentum number, S strangeness, C charm, 
B bottomness, / isospin, /, isospin projection. 


S6.3.6. Some Mesons 


Mesons are the family of composite particles made of a quark and an antiquark. Mesons have 
integer spins and, hence, are bosons. They have lepton number 0 and baryon number 0. Each 
meson has a corresponding antimeson, where each quark is replaced by the corresponding 
antiquark. 


Particle Quark Mass SC Mean lifetime, s 
| Content METE] C 
© udd du 139.57. 57 OS +1 260x108 


Ez a [oe ejem wine 
E A Oe Teele leis 9 | Seen 
rl IAE) er 
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Particle Quark mess SG. Mean lifetime, s 
content a C 
Kt, K- K- | agis fis 493.7 AO O 1.24x108 | 
1 
K0, K? ds, d 497.7 Lip) Ne 
eel as lee ae 
Pasa [|e fol ole |e far] esco 
24 
a OOOO i 
293 
— T 782.6 7.7X10 


| sk | 1019.4 4 


06 
MET COD 
El 
o 
Sa 


da 

Fa 1.5x 102 
0 [Ey] 7.3x10% 
o [f= 7.3x107?0 
DE 1.04 1072 

mn 410x107 

aq 


DAD: 1 5.0x 1073 
e] as | em [o Jeje [o japajsa] 15000 
me | e |»so|o[oofojojoJo| 25x0% 
4 | a |3w6s or |ofojoloJo| miao” 
pr | œ joss jojrjofojojojo| 12x10" 


Notation: Q electric charge (e), J total angular momentum number, P parity, S strangeness, 
C charm, B bottomness, J isospin, l; isospin projection. 


ojo 
SEO 
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oja 
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DOE 
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Chapter S7 
Periodic Table 


The periodic table of the chemical elements (also known as Mendeleev’s table) illustrates 
recurring (“periodic”) trends in the properties of the elements. Currently (as of May 2010), 
the standard table contains 118 elements; see next page. 

The elements are listed in order of increasing atomic number (the number of protons in 
the atomic nucleus). Each element has a name and a symbol and is listed together with its 
standard atomic weight—the relative atomic mass, or the ratio of the average mass per atom 
of the element to 1/12 of the mass of an atom of !?C, calculated for all naturally occurring 
isotopes of the element. If an element has no stable isotopes, its standard atomic weight is 
taken to be the atomic mass number (the total number of protons and neutrons in the atomic 
nucleus) of the longest-lived isotope. 

The elements are arranged in 18 groups (vertical columns) and 7 periods (horizontal 
rows). In most groups, the elements have very similar properties that exhibit a clear trend. 
Many groups are given unsystematic names such as the alkali metals (group 1, except 
hydrogen), alkaline earth metals (group 2), transition metals (groups 3-11), pnictogens 
(group 15), chalcogens (group 16), halogens (group 17), and noble gases (group 18). 
Some regions of the periodic table show horizontal trends in properties, which is true for 
the transition metals and especially for the lanthanides (group 3, period 6) and actinides 
(group 3, period 7). 

The chemical properties of an element are primarily determined by its electron config- 
uration—the distribution of electrons in atomic orbitals (allowed quantum states). The set 
of orbitals corresponding to the same principal quantum number, n, is called an electron 
shell. The shells corresponding to n = 1,2,3,... are denoted by K, L, M,... (K 1s 
the innermost shell). Each shell is divided into subshells corresponding to the azimuthal 
quantum number, l (l = 0,...,n — 1), and the subshells are labeled s, p, d, f, g, h, etc. 
Each subshell can accommodate up to a maximum of 2(2/ + 1) electrons and the maximum 
number of electrons in the nth shell is 2n?. The electrons in an atom occupy orbitals starting 
from the lowest-energy orbital. 

The number of electrons in an atom determines its electron configuration. For example, 
sodium Na has 11 electrons and its electron configuration is written as 1s* 2s? 2p° 3s, 
which means that there are 2 electrons in the K-shell, 8 electrons in the £-shell with 2 in 
the s-subshell and 6 in the p-subshell, and 1 electron in the s-subshell of the M-shell. The 
electron configuration of Na can be written as [Ne] 3s for short, where [Ne] stands for that 
of Ne (15? 2s? 2°). 

The order in which orbitals are filled by the electrons is given by Madelung’s rule (also 
known as the n + l rule): (1) orbitals are filled in order of increasing n + l, (11) if two 
orbitals have the same value of n + l, they are filled in order of increasing n. This rule is 
graphically illustrated in Fig. S7.1. According to the rule, the orbitals are filled in the order 
1s2s2p3s 3p4s 3d4p5s4d5p6s4f 5d6p7s5f 6d7p for the 118 elements of the periodic 
table. Madelung’s rule was established experimentally, 1t applies only to neutral atoms in 
their ground state, and it works very well for most of the elements. However, there are a 
few exceptions; for example, Cr should have four electrons in the 3d orbital but has five, 
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Figure S7.1. Approximate order in which atomic orbitals are filled by electrons (Madelung’s rule). 


with the electronic configuration [Ar] 3d°4s! rather than [Ar] 3d*4s? (the former turns out 
to have a lower energy than the latter). Similarly, Cu takes the configuration [Ar] 3d!°4s! 
instead of [Ar] 3d74s?. There are 18 more known exceptions in periods 5, 6, and 7. 

The chemical properties of an element are chiefly determined by the outmost (valence) 
electrons in the electronic configuration. These electrons have the highest energies and 
travel farthest from the nucleus and usually belong to the outmost (valence) shell, which 1s 
especially true for light atoms. Atoms with complete valence shells (all noble gases) are 
the most chemically inert, while those with only one electron in their valence shells (alkali 
metals) or just missing one electron from having a complete shell (halogens) are the most 
reactive. However, for heavier atoms, electrons in inner subshells can have higher energy 
than those in the outer subshell; for example, the 3d electrons have more energy than the 
4s electrons and are, therefore, most important in chemical reactions. 

The number of valence shell electrons determines the group to which the element 
belongs. The type of orbital in which the atom’s outermost electrons reside determines the 
block to which it belongs. The s-block comprises groups 1 and 2 (plus helium), the p-block 
comprises the last six groups (13 through 18), the d-block contains all transition metals 
(groups 3 to 12). The lanthanides (elements 57—71) and actinides (elements 89-103) form 
the f-block. Elements within each block exhibit some similarity in their properties. 

For more details about the periodic table, its applications, and the element properties, 
see the bibliography below. 
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A 


Abel convergence criterion for series, 213 
Abel criterion of uniform convergence for 
function series, 217 
Abel theorem, 215, 241 
Abel equation, 1014, 1015 
on convergence of power series, 218 
convergence radius of power series, 218 
Abel-Ruffini theorem, 109 
abscissa, 61, 79 
abscissa axis, 61 
absolute acceleration, 681 
absolute convergence, 214 
absolute elongation, 752 
absolute future, 436 
absolute indices of refraction, 535 
absolute motion, 681, 684 
absolute past, 436 
absolute trajectory, 681 
absolute value 
of complex number, 230 
of number (modulus of number), 7 
absolute value theorem, 187 
for double integral, 196 
for triple integral, 201 
absolute velocity, 681 
absolutely convergent 
function series, 216 
series, 214 
absolutely rough surface, 701 
absorbed radiation dose, 631 
absorption, 800, 826 
absorption, of light, 555 
absorption band, 556, 557 
absorption capacity, 558 
absorplion coefficient, 634 
absorption of gases on surface of liquid 
film, 826 
acceleration, 406, 668 
acceleration due to gravity, 426 
acceptor levels, 611, 615 
acoustic waves, 521 
actinides, 1047 
action at distance, 411 
active elements, 866, 867 
activation energy, 637 
active forces, 687, 696, 701 
active power, 904 
active (effective) value 
of current, 521 
of voltage, 521 
acute triangle, 37 
addition 
of accelerations, 408 


INDEX 


of angular momenta, 582 
of angular velocities, 408, 409 
of complex numbers, 229 
of hyperbolic functions, 31 
of inverse hyperbolic functions, 34 
of inverse trigonometric functions, 28 
of matrices, 115 
of numbers, $ 
of orbital and spin angular momenta, 588 
of power series, 221 
of real numbers, 5 
of rotations about intersecting axes, 684 
of translational motions, 684 
of trigonometric functions, 23 
of velocities, 407, 409, 436 
addition formulas, 24, 31 
additional maxima, 550 
additional pressure under curved surface, 463 
additive inverse of real number, 5 
adiabatic envelope, 443 
adiabalic index, 445 
adiabatic process, 445 
adjoint matrix, 117 
admissible stress, 752 
admittance triangles, 911 
affine coordinate system, 134 
affine space, 133 
aiming parameter, 42] 
algebra, 103 
algebraic branch point, 245 
algebraic equation, 109 
binomial, 108 
biquadratic, 107 
cubic, 105 
cubic, complete, 106 
cubic, incomplete, 105 
fourth-degree, 107 
linear, 105 
of degree n, 109 
quadratic, 105 
reciprocal, 107 
alkali metals, 1047 
alkaline earth metals, 1047 
allowed energy bands, 609, 611 
alpha decay, 626 
alpha particle, 626 
altitude 
of pyramid, 53 
of trapezoid, 45 
of triangle, 40 
Ampère circuital law, 496, 891 
Ampère force, 493 
Ampère law, 493 
amplitude, 511, 900 
amplitude of damped oscillations, 517 
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analytic continuation, 238 
analytic geometry, 6] 
analytical mechanics, 716 
angle 
between planes, 93 
between segments, 62 
between straight line and plane, 94 
between straight lines in space, 91 
between two straight lines, 67 
between vectors, 82 
of torsion, 753-755 
shear, 747, 749, 753 
angle bisector of triangle, 40 
angular acceleration, 407, 408 
angular dispersion, 550 
angular frequency, 513, 901 
angular momentum, 421-424, 431-433, 429, 
580-583, 710 
intrinsic (spin), 500, 582, 585, 588, 600 
of mechanical system about center, 710 
of particle, 421 
of rigid body, 429 
of system about x-axis, 710 
of system of particles, 423 
orbital, 582, 586, 588, 624 
total, 586, 588, 591, 619 
angular strain, 747 
angular velocity, 407, 408 
anisotropic body, 747 
anisotropic crystal, 613 
anisotropic media, 553 
annihilating polynomial, 122 
annulus, 49 
anomalous dispersion, 556 
antiderivative, 171 
antinodes (of standing wave), 526 
antisymmetric matrix, 114 
apex, 57 
apex of pyramid, 53 
apothem of regular pyramid, 53 
apparent size of area clement, 537 
apparent source, 536 
approximate (numerical) methods for computation 
of definite integrals, 194 
approximate analytic methods for solution of 
equations, 269 
approximate solution of equations (root-finding 
algorithms for continuous functions), 160 
approximation function, 288 
arbitrary curvilinear coordinate systems, 1005 
arbitrary motion of rigid body, 678 
arbitrary series (Leibniz, Abel, and Dirichlet 
convergence criteria), 213 
arc coordinate, 669 
arccosine, 27 
arccotangent, 27 
Archimedes principle, 777 
arcsine, 27 
arctangent, 27 
area 
of triangle, 41, 63 
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of polygon, 63 
of quadrilaterals, 43 
argument, 140 
argument of complex number, 230 
arithmetic, 3 
arithmetic mean, 11 
arithmetic operations, 5 
arithmetic progression, 10 
arithmetic sequence, 10 
arm of couple, 689 
artificial anisotropy, 555 
artificial improvement of power factor, 919 
associated Legendre functions, 374, 582 
differential equation, 374 
associated linear space of affine space, 133 
asymmetry coefficient, 390 
asymptote, 145 
of graph of function, 145 
of hyperbola, 72 
asymptotic analogies method, 934 
asymptotic cone, 97 
asymptotic coordinates, 934 
asymptotic formulas 
for calculation of integrals, 185 
for diffusion flux, 857 
for integrals with weak singularity, 185 
for Laplace integrals of general form, 186 
for Laplace integrals of special form, 185 
for power Laplace integral, 186 
for Sherwood number, 856 
asymptotic properties of Fourier coefficients, 224 
asymptotic solution, 803, 829 
atom deexcitation time, 531 
atom, hydrogen, 514, 531, 569-571, 583 
alom in external magnetic field, 590 
atom luminescence, 54] 
atomic energy, 620, 637 
atomic mass number, 617-621, 1047 
atomic mass unit, 620, 1039 
atomic structure, 570 
atomic weight, 618, 1047 
augmented matrix, 123 
autonomous equation, 1011, 1028, 1030 
average components, 783 
average dipole moment, 484 
average drag of particle, 817 
average fluid velocity, 783, 792-796, 798 
average temperature, 834 
average values of sinusoidal quantities, 901 
average velocity, 457 
average velocity profile, 792-796, 799 
averaging method (Van der Pol—Krylov— 
Bogolyubov scheme), 287 
Avogadro constant, 44] 
Avogadro number, 441 
axial drag, 813, 814 
dumbbell-like particle, 812, 813, 857 
oblate ellipsoid, 812 
prolate ellipsoid, 812 
thin circular disk, 811 
axial principal drag, $14 
axiomatic definition of probability, 382 
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axioms of affine space, 133 
axioms of statics, 690 
axis 

of buoyancy, 777 

of rotation, 408 

principal optic, 536 
axis curvature, 759 
axisymmetric bodies, 813 
axisymmetric Poiseuille flow, 788 
axisymmetric shear flow, 940 
azimuthal angle, 81 


balance conditions for system of forces, 692 
balanced system of forces, 687 
ball, 58 
Banach problem, 385 
band theory of semiconductors, 614 
bams, 633 
baryon, 644, 1044 
baryon charge, 648 
base of natural (Napierian) logarithms, 8, 17 
basic convergence (divergence) criteria for series 
with positive terms, 212 
basic criteria of uniform convergence, 216 
basic differential relations, 1008, 1009 
basic equation 
of motion of rigid body with fixed point, 432 
of rotational dynamics of rigid body about 
fixed axis, 429 
of kinetic theory of ideal gas, 453 
basic hypotheses accepted in strength of 
materials, 747 
basic law of hydrostatics, 773, 774 
basic law of relativistic dynamics, 439 
basic laws of mechanics, 689 
basic laws of statics, 690 
basic matrix of linear system of algebraic 
equations, 123 
basic operations with matrices, 114 
basic properties of inequalities, 5 
basic properties of nuclei, 617 
basic quadrilaterals, 44 
basic theorems of statics, 690 
basic theorems on residues, 246 
basic units of measurement, 655 
basis of linear space, 133 
basis vectors, 80 
Bayes formula, 383, 384 
beam, 756 
beam strength conditions, 762 
beat, 513 
becquerel, 625 
bending, 755 
bending moment, 746, 755 
bending with torsion, 766 
Bernoulli equation, 265, 1011 
Bernoulli formula, 384 
Bernoulli integral, 780 
Bernoulli numbers, 356 
Bernoulli process, 384 
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Bernoulli theorem, 400 
Bessel equation, 272, 1020 
Bessel formula, 364 
Bessel function 
of first kind, 272, 362, 1020 
of second kind, 272, 362, 1020 
Bessel functions (cylinder functions), 362 
beta decay, 627 
beta function, 361 
beta-minus decay, 627 
beta-plus decay, 628 
bilateral constraint, 718 
billet split lens, 541 
bimodal distribution, 390 
binormal, 669 
binomial algebraic equation, 108 
binomial coefficients, 9, 24, 355 
binomial distribution, 384, 390 
binomial theorem, 9 
Biot-Savari-Laplace law (Biot-Savart law), 494 
biquadratic equation, 107 
birefringence, 554 
bisection method, 160 
black body, 558 
Blasius law, 798 
Blasius problem, 797 
Blasius solution, 797, 798, 831 
Bloch theorem, 611 
Bloch waves, 611 
blooming of optical systems, 553 
Bochner transform, 260 
Bohr-Sommerfeld quantization condition, 572 
Bohr magneton, 583 
Bohr model, 570 
Bohr postulates, 570 
Bohr radius, 571 
boiling, 462 
boiling temperature, 462 
Boltzmann constant, 442, 450, 454 
Boltzmann distribution, 457 
Boltzmann entropy formula, 450 
Boltzmann relation, 566 
Bolzano-Cauchy theorem, 141 
Bose-Einstein condensate, 599 
Bose-Einstein condensation, 600 
Bose-Einstein distribution, 600 
Bose-Einstein statistics, 597, 599 
boson, 587, 597, 1044 
Bouger law, 557 
bound charges, 481 
bound states, 575 
boundary condition, remote from body for 
translational flow, 782 
boundary conditions, 311, 821 
at dielectric interface, 482 
at interface between different magnetic 
materials, 499 
on surface of solid body, 781 
boundary layer, 796, 798, 827, 831 
diffusion, 827-830, 851, 853-857, 861 
laminar, 796, 805 
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boundary layer (continued) 
thermal, 831-833 
turbulent, 798, 804, 806 
boundary layer thickness, 799 
boundary of X-ray spectrum, 564, 589 
boundary point of domain, 231 
boundary value problems 
for elliptic equations, 348 
for elliptic equations with two space 
variables, 342 
for hyperbolic equations, 347 
lor hyperbolic equations with one space 
variable, 336 
for parabolic equations, 345 
for parabolic equations with one space 
variable, 332 
bounded sequence, 141 
bounded set, 162 
bounds for roots of algebraic equations with real 
coefficients, 110 
Boussinesq model, 783, 792, 797 
boxes (in statistics), 598 
branch of many-valued function, 234 
branch point, 245 
of function, 234, 235 
of infinite order, 245 
branched electric circuit, 910 
Brewster angle, 552 
brightness, 538 
Brillouin zone, 607, 611, 612, 614 
bubble 
at high Peclet numbers (diffusion boundary 
layer), 853 
at low Peclet numbers, 853 
in translational flow, 808 
Bubnov-Galerkin method, 288 
buffer layer, 793, 799 
bulk temperature, 837, 845, 846, 936 
for bodies of various shape, 845, 938 
for bounded body of arbitrary shape, 846 
for cylinder of finite length, 845 
for parallelepiped, 845 
for sphere, 845 
Bunyakovsky inequality, 187 
buoyancy force, 803, 808 


C 

calibration transformation, 507 

for vector potential, 498 
caloric equation of state, 443 
candela, 538 
canonic equation of stale, 452 
canonical coefficients, 129 
canonical equation 

of circle, 68 

of ellipse, 70 

of hyperbola, 72 

of parabola, 74 

of quadratic curves, 75 

of straight line, 89 
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canonical form 
for central surfaces, 96 
of elliptic equations, 310 
of hyperbolic equations, 309 
of parabolic equations, 309 
of quadratic curve, 75 
of quadric, 99 
canonical representation of quadratic form, 129 
capacitance, 477, 479, 865 
in sinusoidal current circuit, 906 
of capacitor, 479 
capacitive resistance, 520, 906 
capacitor, 479, 866 
capacitor charge, 479 
capacitor energy, 486 
capacitor voltage, 479 
capillary effects, 464 
carbon cycle, 641 
Cardano solution, 105 
Camot cycle, 446 
Carnol theorem, 446, 743 
Cartesian coordinates, 61 
Cartesian coordinate system, 61, 79 
Cauchy convergence criterion for series, 213 
Cauchy criterion, 211 
Cauchy inequality, 11, 187, 215, 240 
Cauchy integral, 239 
Cauchy integral formula, 239 
Cauchy problem, 306, 312 
existence and uniqueness theorem, 262, 281, 
302 
Cauchy residue theorem, 246 
Cauchy series multiplication formula, 215 
Cauchy test, 192 
Cauchy theorem, 153, 215 
for multiply connected domain, 239 
for simply connected domain, 239 
Cauchy-Bunyakovsky inequality, 11 
Cauchy—Hadamard formula, 241 
Cauchy-Riemann conditions, 232 
Cauchy-Riemann sum, 183 
Cauchy-Schwarz-Bunyakovsky inequality, 11, 
187, 215 
Cauchy-Schwarz inequality, 82, 136, 388 
Cauchy-type integral, 240 
causality, 411, 436 
Cayley—Hamilton theorem, 121 
cellular model, 818 
center 
of buoyancy, 777 
of curvature, 669 
of ellipse, 70 
of gravity, 39, 420, 698 
of gravity of rigid body, 698 
of hydrodynamic reaction, 814 
of hyperbola, 72 
of inertia, 413 
of mass, 413, 704 
of oscillation (of physical pendulum), 515 
of parallel forces, 698, 704 
of pencil of straight lines, 66 


center (continued) 

of regular polygon, 45 

of sphere, 58 

of surface, 96 
center-of-mass frame, 413 
central angle, 45, 47 
central compression, 750 
central limit theorems, 401 
central field, 412, 416, 421, 580 
central force, 412 
central moment of bivariate random variable, 

397 

central surface, 96 
central tension, 750 
centrifugal energy, 423, 582 
centrifugal force, 429 
centripetal acceleration, 407 
centroid, 39 
certain event, 380 
chain reaction, 638-640 
chalcogens, 1047 
change in mechanical energy, 418 
change of variables 

in double integral, 198 

in triple integral, 202 
characteristic equation, 76, 292 

for system of ODEs, 299 

of matrix, 121 

of quadratic curves, 76 

of quadratic form, 101 
characteristic equations (PDEs), 308 
characteristic impedance, 913 
characteristic index, 1025 
characteristic matrix, 120 
characteristic polynomial of matrix, 121 
characteristic quadratic form, 101 
characteristic system, 305 
characteristic X-ray spectra, 589, 590 
characteristics, 307 
characteristics of nuclei, 617 
characteristics of particles, 647 
characteristics of radiation source, 538 
charge 

baryon, 648 

electric, 469 

lepton, 648 
charge carriers, 488 
charge distribution, 469 
charge independence, 622, 649 
charge number, 617 
charm (quark flavor), 644 
charmonium, 645 
Chebyshev inequality, 400 
Chebyshev polynomials, 376 

of first kind, 376 

of second kind, 377 
Chebyshev theorem, 400 
chemical potential, 452, 462, 600, 603 
Chi-square distribution, 395 
chord, 46, 96 
circle, 46, 68 
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circuit impedance, 520, 908 
reactive, 520 
resistive, 520 
circuit quality factor, 914 
circuil susceptance, 910 
circuit with active resistance, 904 
circuit with capacitance, 906 
circuit with inductance, 905 
circular cylinder in translational flow, 800, 804, 
859 
circular frequency, 511 
circular motion, 407 
circular sector, 48 
circularly polarized, 528 
circulation, 205 
circulation of magnetic induction, 496 
circumcenter, 40 
circumcircle of triangle, 40 
circumscribed about circle, polygon, 43 
Clairaut equation, 269 
Clapeyron—Mendeleev equation, 441 
class of systems of units of measurement, 655 
classes of subatomic particles, 643 
classes of integrable functions, 183, 196 
classical definition of probability, 381 
classical free-electron theory of metals, 491 
classical model of dispersion medium, 555 
classical solution, 315 
classification 
of crystals, 609 
of electric circuits and their operation 
modes, 868 
of molecular levels, 592 
of mechanical constraints, 718 
of quadrics, 99 
of second-order linear partial differential 
equations, 307 
of terms of complex atoms, 588 
Clausius—Clapeyron relation, 462 
Clausius—Mossoltti relation, 485, 557 
Clausius inequality, 448 
closed domain, 231 
closed path integral, 205 
closed system of particles, 413 
coefficient 
damping, 517, 520 
damping, wave, 522 
Einstein, 565 
of friction, 412, 797-800 
of kinetic friction, 700 
of longitudinal bending, 771 
of mutual inductance, 505 
of reflection, 529, 553, 577 
of rolling friction, 701 
of self-inductance, 504 
of static friction, 412, 700 
of variation, 390 
of viscosity, 465 
of wave damping, 522 
quantum amplification, 567 
wave altenuation, 557 
coercive field, 501 
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coercive force, 501 
cofactor expansion of determinant 
along column, 113 
along row, 113 
cofactor of element, 113 
coherence 
spatial, 542 
temporal, 542 
coherence length, 542 
coherence of light waves, 539 
coherence time, 542 
coherent quanta, 567 
coherent sources, 525 
coherent waves, 525 
coil. 866 
cold reservoir, 444 
collinear vectors, 78 
collision frequency, 464 
collisions of molecules in gas, 464 
collocation method, 289 
color (quantum number), 645 
column vector, 114 
combined method for verifying empirical 
formulas, 932 
combined stress, 763 
commensurability of physical quantities, 578 
common difference, 10 
common logarithm, 8 
common ratio, 10 
commuting matrices, 116 
comparison of infinitely small quantities, 146 
compatibility conditions, 324 
compensation theorems, 875, 876 
compensator, 554 
complementary error function, 356, 369, 827, 
854, 937 
complementary event, 380 
complementary modulus, 372 
complete cubic equation, 106 
complete elliptic integral 
of first kind, 370 
of second kind, 370 
complete group of events, 380 
complete group of incompatible events, 380 
complex admittance of circuit, 910 
complex amplitude, 512 
complex conjugate matrix, 117 
complex effective value, 902, 903 
complex exponential diagram, 512 
complex linear space, 132 
complex number, 229 
complex plane, 229 
complex total power, 909 
complex values of currents, 910 
complex vector diagram, 512 
complicated (anomalous) Zeeman effect, 590 
composite function, 140, 164, 222 
composite number, 3 
composition of harmonic oscillations, 512 
composition of mutually perpendicular harmonic 
oscillations, 513 
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compound capacitor, 480 
compound motion, 681 
of body, 684 
of point, 681 
compound percentage, 7 
Compton effect, 564 
Compton wavelength, 565 
concave functions, 148 
concise methods for analyzing electric circuits, 
881 
condition 
Bohr-Sommerfeld quantization, 572 
for planes to be parallel, 93 
for planes to be perpendicular, 94 
for planes to coincide, 94 
for straight line and plane to be perpendicular, 
95 
for three points to be collinear, 66 
for two straight lines in space to meet, 95 
Wulf—Bragg, 551 
condilional convergence, 214 
conditional extrema of functions of several 
variables, 169 
conditional extremum of function of two 
variables, 168 
conditional maximum, 168 
condilional minimum, 168 
conditional probability, 382, 383 
conditionally convergent series, 214 
conditions 
Laue, 550 
for phase equilibrium, 461 
for straight line and plane to be parallel, 94 
for two straight lines to be parallel, 92 
for two straight lines to be perpendicular, 92 
for two planes to be parallel, 93 
for two planes to be perpendicular, 94 
for vectors to be parallel, 83 
for vectors to be perpendicular, 83 
of compatibility of initial and boundary 
conditions, 324, 326 
of expansion in Taylor series, 220 
of extremum of function of two variables, 167 
of fusion, 641 
conducting ball in uniform field, 478 
conduction current, 488 
conductivity, 488 
intrinsic, 610 
conductivity band, 609, 610 
conductor, 477, 866 
in external electric field, 478 
cone, 57, 97 
confinement, 642, 645 
congruent polyhedral angles, 51 
conical surface, 57 
conjugate complex number, 229 
conjugate tensor, 813 
connection 
of conductors, 477 
of resistors, 491 
of emf sources, 491 
consequences of Lorentz transformations, 435 
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conservation condition for physical quantity, 579 
conservation law of angular momentum, 423, 424, 
649 
conservation of angular momentum for system of 
particles, 423 
conservative force, 416 
conservative system, 416 
consistency condition for linear system, 123 
consistent mode, 873 
consistent system of linear algebraic equations, 
123 
constant 
Avogadro, 441, 1042 
Boltzmann, 442, 450, 454, 1042 
decay, 625 
effective spring, 514 
electric, 470, 1041 
Euler, 360, 363, 369 
fine structure, 586, 1042 
gas, 442 
Kerr, 555 
of separation, 321 
Planck, 561, 1040 
Planck, reduced, 561, 1040 
Rydberg, 569, 571, 583, 1042 
Verdet, 555 
von Kármán, 784, 793, 833 
constant magnetic field, 492 
constants, physical, 1040 
constrained maximum, 168 
constrained mechanical system, 687 
constrained minimum, 168 
constraint, 168 
constraint equations, 687, 718 
constraint reaction forces, 412, 687, 702 
construction of graphs, 158 
construction of Green functions, 348 
contact angle, 464 
contact phenomena (for semiconductors), 615 
continuity equation, 779, 801 
continuous bivariate random variable, 396 
continuous functions, 147, 163 
continuous random variable, 386 
continuum approximation, 605 
contraction ratio, 234 
controlled fusion, 642 
convection current, 488 
convective diffusion, 821, 853 
convective diffusion equation, 823, 860 
convective mass and heat transfer 
boundary conditions, 822 
equations, 821-823 
in liquid film, 829 
in tubes and channels, 834 
convergence 
in distribution, 399 
in mean, 399 
in mean square, 399 
in probability, 398 
of function series, pointwise, 215 
of function series, uniform, 216 
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of functions, nonuniform, 149 
of functions, pointwise, 149 
of functions, uniform, 149 
of random variables, 398 
convergence criteria for arbitrary numerical series 
(absolute and conditional convergence), 213 
convergence criteria for series with positive 
(nonnegative) terms, 212 
convergence domain of series, 216 
convergence tests for improper integrals of 
unbounded functions, 194 
convergent sequence, 14] 
convergent numerical series, 21] 
converging system of forces, 690, 692, 716 
conversion formulas, 372 
convex functions, 148 
convex polygon, 43 
convex polyhedron, 51 
convolution theorem, 252, 256 
for Fourier transform, 256 
for Laplace transform, 252 
coordinate axes 
in space, 79 
on plane, 61 
coordinate method for specifying motion of 
point, 668 
coordinate of point, 61 
coordinale of system, 79 
coordinate transformations, 135 
coordinates 
asymptotic, 934 
in space, 78 
of element, 132, 133 
of center of mass of body, 203 
of center of mass of flat plate, 200 
coplanar vectors, 78 
core of cross-section, 765 
core of turbulent flow, 793 
Coriolis acceleration, 410, 682 
Coriolis force, 429 
corner of polygon, 43 
corpuscular-wave duality, 563, 573 
correction coefficient for drag force, 817, 818 
correlation of two random variables, 397 
correlated random variables, 398 
cosine, 21 
cosine integral, 358 
cotangent, 22 
Cotton—Mouton effect, 555 
Couette flow, 782 
Coulomb law, 470 
dry friction, 700 
countable set, 3 
couple of forces, 688-691 
couple of rotations, 685 
coupled pendulums, 516 
coupling 
jj, 588, 624 
LS, 588, 624 
spin-orbit, 585 
Russell-Saunders, 588, 624 
covalent (homeopolar) chemical bond, 593 
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covariance, 397 
covariance of two random variables, 397 
Cramer rule, 124 
creeping flow, 662, 780, 800, 824 
criteria 
for applicability of empirical formulas, 926 
of mean-square convergence of Fourier 
series, 226 
of positive and negative definiteness of 
quadratic form, 128 
of uniform convergence of Fourier series, 226 
of uniform convergence of series, 216 
critical force, 768-770 
critical mass, 639 
critical molar volume, 459 
critical opalescence, 557 
critical point, 459 
critical pressure, 459 
critical stresses, 768 
critical temperature, 459 
cross-section of nuclear reaction, 632 
cross-section rigidity in bending, 759 
cross-section rigidity in torsion, 755 
cross product of two vectors, 83 
cube, 52 
cubic equations, 105 
cumulative distribution function, 386 
curie (unit), 625 
Curie temperature, 485, 502 
curl of vector field, 206 
current, 488, 865 
conduction, 488 
convection, 488 
displacement, 506 
in closed circuit, 490 
current compensation principle, 876 
current compensation theorem, 876 
current density, 488 
current resonance, 915 
current strength, 865 
curvature, 657, 669 
curve, visibility, 538 
curvilinear integral, 204 
curvilinear coordinate systems, 1006 
cylinder, 56 
cylinder function, 362 
cylindrical capacitor, 480 
cylindrical coordinates, 81, 1008 
cylindrical diverging waves, 522 
cylindrical function, 1020 
cylindrical surface, 55 
cylindrical tube, 57 


D 


D'Alembert equalion, 507 

D’ Alembert—Euler conditions, 232 

D'Alembert convergence criterion for series, 212 
D'Alembert formula, 312 

D'Alembert principle, 716 

Dalton law, 455 

damped electric oscillations, 518 


INDEX 


damped oscillations, 517 
damping coefficient, 517 
damping decrement, 517 
logarithmic, 518 
Darcy formula, 794 
daughter nuclei, 625 
Davison—Germer experiments, 573 
de Broglie formulas, 573 
de Broglie waves, 573 
de Moivre formula, 231 
de Morgan laws, 381 
Debye frequency, 605 
Debye temperature, 605 
Debye theory, 605 
decadic logarithm, 8 
decay constant, 625 
decelerated motion, 668 
decreasing function, 140 
decreasing sequences, 142 
defect of matrix, 118 
definite integral, 183 
deformation, 745 
degenerate Fermi gas, 601 
degenerate hypergeometric equation, 1019 
degenerate hypergeometric function (Kummer 
function), 367, 369, 828, 836, 840 
degenerate quadratic curves, 75 
degenerate quadratic form, 128 
degenerate quadric, 99 
degree of freedom, 405 
delayed neutrons, 638, 640 
delayed potentials, 508 
density, 413 
energy flux, wave, 529 
density of states, 560, 565, 601 
Brillouin zone, 607 
energy, 601 
of electron gas, 602 
density, probability, 573 
dependence of binding energy on nuclear 
composition, 620 
dependent variable, 140 
derived units of measurement, 655 
derivative, 150 
of function at point, 232 
of higher orders, 154 
of polynomial, 105 
Descartes—Euler solution, 107 
Descartes theorem, 111 
determinant of matrix, 119 
determinant of order 2, 112 
determinant of order 3, 112 


determined system of linear algebraic equations, 


123 
deuterium, 618 
deuteron, 618 
developed turbulence in boundary layer, 806 
d-fold degenerate matrix, 118 
diagonal matrix, 114 
diamagnetic materials (diamagnets), 498, 501 
diameter of circle, 46 
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diameter of set, 195 
diameter of sphere, 58 
diatomic chain, 608 
dichroic plate, 554 
dichroism phenomenon, 554 
dielectric, 481, 610 
difference 
between local and average fields, 484 
of complex numbers, 229 
of events, 380 
of matrices, 115 
of polynomials, 103 
ol vectors, 78, 132 
differentiable function, 150, 163 
differential, 150 
differential calculus for functions of single 
variable, 150 
differential constraints, 718 
differential cross-section, 570, 633 
differential equation of rotational motion of rigid 
body about fixed axis, 711 
differential equations 
of equilibrium of rod, 756 
of equilibrium of rod under bending, 756 
of motion of point in projections onto natural 
coordinate axes, 701 
of motion of point particle in Cartesian 
coordinates, 70] 
differential operators of field theory, 170 
differential resistance of nonlinear element, 884 
differential scattering cross-section, 570 
differentiation formulas, 25, 28, 32, 35 
differentiation of functions of several variables, 
163 
differentiation rules, 152 
diffraction, 545 
Fraunhofer, at circular hole, 548 
Fraunhofer, at slit, 547 
Fresnel, at circular hole, 545 
Fresnel, at slit, 546 
of X-rays at crystal, 550 
diffraction grating, 549 
diffraction graling as spectral device, 550 
diffraction grating period, 549 
diffusion 
Fick law, 466 
diffusion boundary layer, 827, 835, 861 
diffusion boundary layer approximation, 827, 829, 
94] 
diffusion coefficient, 466 
diffusion flux, 466, 828 
to film surface, 827 
diffusion Peclet numbers, 824 
diffusion regime of reaction, 822, 824 
diffusivity, 466 
digamma function, 360, 363 
dihedral angle, 50 
dilatation ratio, 234 
dimension 
of affine space, 133 
of linear space, 133 
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of matrix, 114 
of physical quantity, 656 
dimensional formula, 656 
dimensional quantities, 656-659 
dimensionless diffusion flux, 824 
dimensionless form of equations, 780 
dimensionless internal coordinate, 799 
dimensionless mass transfer equation, 822 
dimensionless quantities, 656 
dimensions, 655-657 
Dini integral, 344 
dioptre, 537 
dipolar polarization, 484 
dipole, 469 
in external field, 474 
dipole moment, 469 
Dirac delta function, 320 
direct analytic continuation, 238 
direct current, 488 
direct method for verifying two-parameter 
formulas, 926 
direct problem of kinematics, 406 
direction coefficients of straight line, 89 
direction cosine of vector, 80 
direction of non-equilibrium processes, 442 
in thermally insulated system, 449 
direction of convexity of graph of function, 157 
directional derivative, 166 
directional pattern, 531 
directional radiation pattern, 531 
directrix, 55, 57 
of ellipse, 70 
of hyperbola, 72 
of parabola, 74 
Dirichlet-Jordan convergence criterion for Fourier 
series, 224 
Dirichlet conditions, 223 
Dirichlet convergence criterion for series, 214 
Dirichlet criterion of uniform convergence of 
function series, 217 
Dirichlet problem, 314 
Dirichlet theorem on Fourier series, 223, 224 
disconnection, 866 
discontinuities of first kind, 147 
discontinuities of second kind, 147 
discrete bivariate random variable, 396 
discrete probability space, 381 
discrete random variables, 386 
discreteness, 575 
discreteness of energy levels, 575 
discriminant of algebraic equation, 110 
discriminant of quadratic form, 128 
disk, 46, 69 
dispersion, 522, 524 
dispersion equation, 317 
dispersion medium, 524, 555 
dispersion of light, 555 
anomalous, 556 
normal, 556 
displacement, 405 
displacement current, 506 


1060 


displacement of current loop in magnetic 
field, 497 

dissolution of plate by laminar liquid film, 829 
dissolving solid particles, 800 
distance, 405 

between elements, 136 

between parallel lines, 68 

between points, 62 

between points on plane, 62 

between straight lines, 95 

between two parallel planes, 95 

from point to plane, 95 

from point to straight line, 67, 95 
distributed forces, 699, 745 
distribution 

Boltzmann, 457 

Bose-Einstein, 600 

Fermi-—Dirac, 600 

Maxwell, 456 

Maxwell-Boltzmann, 456, 600 


distribution function of two-dimensional random 


vector, 395 
distribution of bivariate random variable, 395 
distribution of potential along unbranched 
(unramified) electric circuit, 871 
divergence, 208 
divergence of tensor, 783 
divergence theorem, 208 
divergent integral, 191 
divergent series, 211 
divisibility tests, 3 
division 
of complex numbers, 229 
of polynomials, 103 
of power series, 221 
of segment in given ratio, 63 
domain of function, 140 
donor energy levels, 610 
Doppler effect for electromagnetic waves in 
vacuum, 532 
Doppler effect in acoustics, 527 
dot product, 82, 136 
double integral, 195, 197 
double factorial, 9, 355 
double-magic nuclei, 621 
drag coefficient, 795, 804, 808, 816, 842 
for circular cylinder, 805 
for circular tube, 795 
for drop, 808 
for spherical drop, 808 
for spherical particle, 803, 804 
for tubes, 796 
drag crisis, 804, 806 
drag force, 412 
body of revolution with arbitrary orientation, 
811 
circular cylinder, 805 
disk, 810 
spherical drop, 808 
drag law for spherical bubbles, 808 
driving force, 518 
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drop 

at high Peclet numbers (diffusion boundary 

layer), 853 

at low Peclet numbers, 853 

in translational liquid flow, 808 
dry friction force, 412 
Duffing equation, 285 
Duhamel first principle, 350 
Duhamel second principle, 351 
Duhamel integral, 294 
Dulong—Petit law, 604 
dumbbell-like particle, 857 
dynamic Euler equations, 734 
dynamics, 410 

of absolutely rigid body, 730 

of electron in crystal, 612 

of point particle, 701 

of rigid body, 429 


E 


Earnshaw theorem, 476 
eccentric compression, 765 
eccentric extension, 765 
eccentricity of ellipse, 70 
eccentricily of hyperbola, 72 
eddy (turbulent) viscosity, 783, 791-793, 798 
edge 
of dihedral angle, 50 
of polygon, 43 
of polyhedral angle, 50 
of polyhedron, 51 
of trihedral angle, 50 
effect 
capillary, 464 
Cotton-Mouton, 555 
Compton, 564 
Doppler, in acoustics, 527 
Doppler, for electromagnetic waves, 532 
external photoelectric, 562 
Hall, 492 
isotopic, 572 
Kerr, 555 
Mossbauer, 630 
Paschen—Buck, 591 
symmetry, 621 
tunnel, 577 
Zeeman, anomalous, 590 
Zeeman, normal, 583, 591 
effective cross-section, 465 
ellective mass, 613 
effective potential energy, 422, 623 
effective spring constant, 514 
effective value, 521 
effective values of sinusoidal quantities, 900 
effective viscosity, 818 
effective viscosity of suspensions, 818 
eigenfunctions, 278, 322 
of orbital angular momentum operator, 581 
eigenvalue, 278, 322 
eigenvalue of matrix, 120 
eigenvalue problems, 277 
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eigenvalues equation of matrix, 120 
eigenvalues 
of angular momentum operator, 581 
of orbital angular momentum operator, 581 
of square matrices, 120 
eigenvector of matrix, 120 
Einstein coefficients, 566 
Einstein-de Haas experiments, 585 
Einstein equation, 563 
Einstein formula (for volume concentration), 818 
Einstein theory (of crvstal heat capacity). 604 
elastic collision, 418 
elastic force, 412 
elastic rod, 523 
elastic waves, 521, 604 
elasticity, 747 
electric capacitance, 479 
electric charge, 469 
electric circuit, 867 
electric constant, 470 
electric current, 488 
electric dipole, 469 
electric dipole moment, 469 
electric displacement field, 482 
electric field, 470 
of point charge, 471 
of relativistic particle, 510 
of system of point charges, 471 
electric permittivity, 482 
electric resistance, 865 
electric susceptibility, 482 
electrical conduction of metals, 603 
electrical engineering, 865 
electrical network, 867, 880 
electrical network branch, 868 
electrical network loop, 868 
electrical network node, 868 
electrical resistance of conductor, 489 
electrically closed, 469 
electrically neutral system of charges, 469 
electrodynamics, 469 
electromagnetic field, 470 
electromagnetic induction, 502 
electromagnetic interaction, 643 
electromagnetic waves, 527 
electromotive force, 489, 865 
electron capture, 628 
electron configuration, 1047 
electron energy, 592 
electron gas in metal, 601 
electron heat capacity of metals, 603 
electron shell, 587, 1047 
electron subshell, 587, 1047 
electron spin and fine structure of spectrum, 585 
electronic mathematical resources, 1035 
electronic polarization in nonpolar dielectrics, 
484 
electrons in periodic field, 608 
electronvolt, 563 
electrostatic field, 471 
electrostatic image method, 478 
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electrostatic induction, 478 
electrostatics of conductors, 477 
electrostalics of dielectrics, 481 
electroweak interaction, 647, 650 
elementary cell of phase space, 597 
elementary charge, 469 
elementary event, 380 
elementary functions, 15, 234 
elementary geometry, 37 
elementary momentum of force, 708 
elementary (subalomic) particles, 642-650 
elementary symmetric functions, 110 
elementary theory of gyroscope, 737 
elementary theory of impact, 738 
elementary work, 712 
elementary work of force, 712 
ellipse, 69 
ellipsoid, 96 

of revolution, 857 
elliptic equation, 308, 311, 313 
elliptic integral, 370 

of first kind, 372 

of second kind, 372 

of third kind, 372 
elliptic modulus, 372 
elliptic paraboloid, 98 
elliptically polarized, 528 
elliptically polarized oscillation, 513 
Emden—Fowler equation, 1028 
emf (electromotive force), 489 
emission 

forced, 566 

spontaneous, 566 
empirical formula for binding energy, 624 
empirical formulas, 921 

criteria for applicability, 926 
endothermic reaction, 634 
energy 

centrifugal, 423, 582 

Fermi, 600 

Fermi, of electrons, 602 

of electromagnetic waves, 529 

of electrostatic field, 485, 486 

of ideal gas, 454 

of ionization, 570 

of isolated conductor, 486 

of loop, 505 

of magnetic field, 505 

of system of charges, 485 

of zero-point oscillations, 576 
energy bands, allowed, 609 
energy bands, forbidden, 609, 610, 614 
energy characteristics (of radiation), 538 
energy density 

of electric field, 486 

of electromagnetic field, 508 

of magnetic field, 505 

of states, 602 
energy hierarchy, 592 
energy method (for determining frequency), 512 
energy radiance, 538 
engineering formulas, 922 
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enthalpy, 444 
entire function, 244 
entire transcendental function, 244 
entropy, 448, 449 
of ideal gas, 449 
of mixine, 450 
of phase transition, 462 
of van der Waals gas, 449 
equalities, 5 
equation 
Abel, 1014, 1015 
algebraic, 109 
autonomous (ODE), 1011, 1028, 1030 
Bernoulli, 265, 1011 
Bessel, 272, 1020 
binomial, 108 
biquadratic, 107 
caloric, of state, 443 
canonic, of state, 452 
characteristic, of matrix, 121 
characteristic, of quadralic curves, 76 
characteristic, of quadratic form, 101 
Clapeyron—Mendeleev, 441 
Clairaut, 269 
continuity, 779, 801 
convective diffusion, 822, 823, 860 
convective heat transfer, 823 
convective mass transfer, 822 
cubic, 105 
cubic, complete, 106 
cubic, incomplete, 105 
d'Alembert, 507 
degenerate hypergeometric, 1019 
dimensionless mass transfer, 822 
dispersion, 317 
Duffing, 285 
Einstein, for photoeffect, 563 
elliptic (PDE), 308, 311, 313 
Emden—Fowler, 1028 
Ermakov, 1029 
Euler, 272, 297, 780, 1020 
exact (ODE), 265, 267 
first-order quasilinear (PDE), 307 
for average concentration, 825 
for stream function, 801 
fourth-degree, 107 
Gaussian hypergeometric, 1022 
general Riccati, 267, 1012, 1013 
generalized homogeneous, 264, 282, 1012, 
1029 
heat, 307 
heat transfer, 823 
heat, with source, 316 


homogeneous linear (ODE), 264, 282, 312, 


313, 1011, 1029 
homogeneous linear, of second order 
(ODE), 1016 
Hopf, 307 
hyperbolic (PDE), 308, 309, 311, 312, 352 
hyperbolic, first canonical form, 309 
hyperbolic, second canonical form, 309 
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hypergeometric, 1022 

hypergeometric, degenerate, 1019 

Klein—Gordon, 339 

Lagrange, 269 

Laplace, 308, 847 

Legendre, 1021-1023 

Lienard, 1030 

linear algebraic, 105 

linear, of arbitrary order (ODE), 292 

linear, with constant coefficients (ODE), 292 

linear, with variable coefficients (ODE), 296 

mass transfer, 825 

mass transfer, dimensionless, 822 

Mathieu, 1025 

Meshcherskii, 415 

modified Bessel, 273, 1020 

modified Mathieu, 1024 

of circle in Cartesian coordinate system, 68 

of curve, 64 

of curve in plane, 64 

of damped vibrations, 1017 

of damped oscillations, 272, 517 

of ellipse, 70 

of ellipse in polar coordinates, 71 

of free oscillations, 1017 

of forced oscillations, 518 

of harmonic oscillations, 511 

of hyperbola, 72 

of hyperbola in polar coordinates, 73 

of kinetic theory of ideal gas, 453 

of motion, 411, 511 

of motion of electron in crystal, 612 

of motion of rigid body with fixed point, 432 

of normal, 151 

of parabola, 74 

of parabola in polar coordinates and parametric 
equations, 75 

of pencil of planes, 89 

of pencil of straight lines, 66 

of plane, 84 

of plane harmonic wave, 522 

of plane passing through point and parallel to 
another plane, 86 

of plane passing through point and parallel to 
two straight lines, 87 

of plane passing through point and perpendicu- 
lar to two planes, 87 

of plane passing through three points, 86 

of plane passing through two points and 
parallel to straight line, 86 

of plane passing through two points and 
perpendicular to given plane, 87 

of planes passing through line of intersection 
of planes, 89 

of projections of forces, 692 

of rotational motion of rigid body about fixed 
axis, 429, 711 

of quadratic curve, 75 

of simple harmonic oscillations, 511 

of state, 441 

of state of ideal gas, 441, 662 

of straight line in space, 89, 90 
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equation (continued) 


of straight line on plane, 64 

of straight line passing through two given 
points, 65 

of tangent line, 151 

of tangent of ellipse, 70 

of tangent of hyperbola, 73 

of tangent of parabola, 74 

of tangent plane, 166 

parabolic (PDE), 307, 311, 351 

Poisson, for adiabatic process, 445, 735 

Poisson, three-dimensional, 320 

Poisson, two-dimensional, 320 

process, 442 

quadratic, 105 

reciprocal, algebraic, 107 

Riccati, 267, 269, 1012 

Riccati, general, 267, 1012, 1013 

Riccati, special, 1013 

Schródinger, 574 

Schródinger, time-dependent, 574 

Schródinger, time-independent, 574 

Schródinger, three-dimensional, 574, 579 

second-order constant coefficient linear, 272, 
1017 

separable, 1011 

special Riccati, 1013 

telegraph, 317 

thermal boundary layer, 831 

thermal, of state, 443 

Ihree-dimensional Poisson, 320 

two-dimensional Poisson, 320 

Tsiolkovsky, 415 

Van der Waals, 442, 458, 459 

wave, 308, 522 

Young-Laplace, 463 


equations 


admitting reduction of order (ODEs), 281, 302 

arbitrary order (ODEs), 292-303 

arbilrary order, linear (ODEs), 292-302 

arbitrary order, nonlincar (ODEs), 301-303 

characteristic (PDEs), 308 

constraint, 687, 718 

convective mass and heat transfer, 822, 823 

elliptic (PDEs), 308, 310 

equilibrium, for quiescent incompressible 
fluid, 780 

equilibrium, for rigid body, 692 

Euler, for ideal incompressible fluid, 780 

Euler, dynamic, 734-736 

Euler, kinematic, 733 

first-order ODEs, 261-271, 1011-1016 

first-order quasilinear (PDEs), 305-307 

hydrodynamic, 778 

hyperbolic (PDEs), 308, 309 

integrable by quadrature (ODEs), 261 

invariant under scaling—translation transforma- 
tions (ODEs), 283 

involving arbitrary functions (ODEs), 1027 

involving exponential and other functions 


(ODEs), 1024 
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involving power functions (ODEs), 1017 
Lagrange, of second kind, 723 
linear (PDEs), 307-353 
Maxwell, 506 
Maxwell, for constant magnetic field, 498 
Maxwell, in electrostatics, 476 
Maxwell, in magnetostatics, 498 
Maxwell, in medium, 508 
Maxwell, in vacuum, 506 
Navier-Stokes, for laminar flow, 779, 787, 824 
nonlinear, of arbitrary order (ODEs), 301 
not solved for derivative (ODEs), 262, 268 
ODEs, 263-304, 1011-1033 
of straight line passing through point and 
perpendicular to plane, 91 
of straight line passing through two points, 91 
of equilibrium of rigid body, 692 
of equilibrium of rod, 756 
of moments of forces, 692 
of motion of plane figure, 676 
of motion of particle in projections onto 
natural coordinate axes, 701 
of motion of particle in Cartesian coordinates, 
701 
of solenoidal electric field, 503 
parabolic equations (PDEs), 308, 309 
PDEs, 305-353 
Reynolds, for turbulent flow, 782, 783 
second-order (ODEs), 271-292, 1016-1033 
second-order, linear (ODEs), 271-280, 
1016-1028 
second-order, linear (PDEs), 307-353 
second-order, nonlinear (ODEs), 283-293, 
1028-1033 
solved for derivative (ODEs), 261, 263, 281 
solved for highest derivative (ODEs), 301 
Stokes, 800 
with separable variables (ODEs), 263 
with separated variables (ODEs), 263 
equilateral hyperbola, 72 
equilateral triangle, 37, 42, 43 
equilibrium equations for quiescent incompress- 
ible fluid, 780 
equilibrium equations for rigid body, 692 
equilibrium macrostate, 598, 599 
equilibrium process, 442 
equilibrium state, 441 
equilibrium thermal radiation, 558 
equilibrium thermodynamics, 442 
equipartition law, 455 
equipartition theorem, 455, 561 
equipotential surfaces, 475 
equivalent (or hydraulic) diameter, 791, 843, 844 
equivalent circuit, 867 
equivalent events, 380 
equivalent infinitely small functions, 146 
equivalent resistances, 49] 
equivalent sources, 491 
equivalent systems 
of equations, 124 
of forces, 687 
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equivalent transformations exponential function, 17 
in electrical networks, 877 exponential integral, 357, 369 
of characteristics of nonlinear elements, 886 exposure radialion dose, 631 
ergodic hypothesis, 598 extended complex plane, 232 
Ermakov equation, 1029 exterior problem of hydrodynamics, 781 
error function, 318, 356, 368 external angle, 37 
complementary, 356 external characteristic, 873 
escape velocity, 427 external forces, 413, 703, 745 
essential singularity, 243 external photoelectric effect, 562 
estimation theorem external stationary field, 411 
for double integral, 196 extraction from drops, 800 
for triple integral, 201 extraordinary wave, 554 
Euclidean space, 136 extremal points, 156 
Euler formula, 25 of functions of several variables, 167 
Euler-Fourier formulas. 224 of functions of three variables, 167 
Euler constant, 360, 363, 369 extremely rarefied gas, 467 
Euler equation, 272, 297, 433, 780, 1020 extremely viscous liquids, 824 
Euler equations for ideal incompressible extrinsic semiconductors, 610, 615 
fluid, 780 
Euler formula, 25, 235, 360, 679, 769, 770 F 


Euler line, 40 
Euler substitutions, 177 
Euler theorem, 31 ¿ face of polyhedron, 51 
Euler transform of first kind, 260 A AF teih ar la dE 
= face of trihedral angle, 50 

Euler transform of second kind, 260 e 

q | : factorial, 9, 355 
evaporation—condensation curve, 46] Falkner formula, 799 
evaporation, 822 false position method, 160 
evaporalion into bubbles, 800 farad. 477 
even function, 140 i 
even number, 3 


face of dihedral angle, 50 
face of polyhedral angle, 50 


Faraday law of electromagnetic induction, 502 
favorable outcome, 381 


event, 380 imei TA 
exact differential equations, 265 eo ia 
exact solution, 828, 830 Fermi-Dirac distribution, 600 
excess coefficient, 390 Fermi-—Dirac statistics, 597, 599 
exchange energy, 594 Fermi energy, 600, 602, 614 
exchange interaction, 594 of electrons, 602 
existence of nontrivial solutions of homogeneous Fermi surface, 602 
_ system, 127 of electrons in metal, 614 
exitance, radiant, 538 Fermi temperature, 603 
exothermic reaction, 634 fermion, 587, 597 
expansion Ferrari solution, 108 
of nonperiodic functions in Fourier series, 225 ferroelectrics, 485 
of periodic functions in Fourier series, 225 ferromagnetic materials (ferromagnets), 498, 501, 
of polynomial in powers of linear binomial, 893 
104 hysteresis loop, 501, 893 
expansion of ideal gas into vacuum, 450 Fick law of diffusion, 466 
expectation, 388 fictitious forces, 428 
of bivariate random variable, 397 field 
of continuous random variable, 388 central, 412, 416, 421, 580 
of discrete random variable, 388 coercive, 501 
of function of random variable, 388 electric, 470 
expected value of random variable, 388 electric, of point charge, 471 
experimental antecedents of quantum physics, electric, of relativistic particle, 510 
569 electric, of system of point charges, 471 
experiments electromagnetic, 470 
Davison-Germer, 573 electrostatic, 471 
Rutherford, 569 external stationary, 411 
explicit formula of Blasius, 795 gravitational, 425 
explicit formula of Nikuradze, 795 in conductor, 477 
exponential distribution, 393 magnetic, 470, 492, 890 


exponential form of complex number, 235 magnetic, at axis of circular current, 494 


field (continued) 
magnetic, in center of circular current, 494 
magnetic, in matter, 498 
magnetic, of linear current segment, 495 
magnetic, of nonrelativistic particle, 509 
magnetic, of rod, 496 
magnetic, of solenoid, 496 
of charged ball, 476 
of charged plane, 476 
of charged string, 475 
of dipole, 473 
of disk, 473 
of segment, 472 
of source, 411 
potential, 416 
solenoidal electric, 502 
temperature, 831 
uniform, 412 
film 
flowing by gravity on inclined plane, 785 
on cylindrical surface, 786 
on inclined plane, 785 
film thickness, 826 
fine structure constant, 586, 1042 
fine structure of spectral lines, 585 
finite motion, 419 
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first boundary value problem, 276, 313, 343, 344 


first Brillouin zone, 607 
first comparison criterion, 212 
first cosmic velocity, 427 
first Fresnel zone, 545 
first law of photoeffect, 562 
first law of thermodynamics, 443, 444 
for ideal gas, 445 
for simple system, 444 
first noteworthy limit, 144 
first-order differential equations, 261, 1011 
first-order phase transition, 462 
first-order quasilinear partial differential 
equation, 305 
with n independent variables, 306 


first problem for unbranched magnetic circuits, 


896 
first problem of dynamics, 702 
fission of excited nuclei, 638 
fixed hinge, 694 
flat cross-section hypothesis, 751, 758 
flavor (of quark), 644 
flexural rigidity, 759 
flow 
axisymmetric Poiseuille, 788 
axisymmetric shear, 940 
Couette, 782 
creeping, 662, 780, 800, 824 
in rectilinear tube of constant cross-section, 
787 
of viscous liquid about solid particle, 662 
past cylinder, 804, 805 
past nonspherical particles, 809, 815 
past spherical bubble, 806 
past spherical drop, 806 
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past spherical particle, 802, 803 
simple shear, 782 
translational Stokes, 802, 806, 809-812, 
851-853, 856-861 
translational Stokes, bodies of revolution, 811 
translational Stokes, ellipsoidal particles, 810 
translational Stokes, particles of arbitrary 
shape, 812 
translational Stokes, spherical bubble, 806 
translational Stokes, spherical drop, 806 
with parabolic velocity profile, 788, 826, 839 
flow separation, 803 
fluctuating components, 783 
fluctuations, 599 
fluid, 773 
fluid flows in tubes, 787 
fluid streamlines, 787 
fluidity, 773 
flux density, 442, 443 
of momentum, 466 
of heat, 466 
of particles, 466 
flux of electric field, 474 
flux of magnetic induction, 496 
flux of vector field, 208 
focal axis of ellipse, 70 
focal distance, 537 
of ellipse, 69 
of hyperbola, 71 
of parabola, 74 
of spherical mirror, 537 
of thin lens, 537 
focal parameter, 74 
of ellipse, 70 
of hyperbola, 72 
focal plane, 536 
focal power, 537 
focal properties 
of ellipse, 70 
of hyperbola, 72 
of parabola, 74 
focal radius, 70, 72 
of parabola, 74 
focus 
of ellipse, 69, 70 
of hyperbola, 71, 72 
of optical system, 536 
of parabola, 74 
focus-directrix properties 
of ellipse, 70 
of hyperbola, 72 
forbidden energy bands, 609 
force, 411, 687 
active, 687, 701 
Ampere, 493 
buoyancy, 803, 808 
center, 412 
central, 413 
centrifugal, 429 
coercive, 501 
conservalive, 416 
constraint reaction, 412, 687, 702 
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force (continued) 
Coriolis, 429 
critical, 768-770 
distributed, 699, 745 
drag, 412 
driving, 518 
dry friction, 412 
elastic, 412 
electromotive, 489, 865 
external, 413, 703, 745 
fictitious, 428 
field, 411 
generalized, 514, 721, 723, 728 
generalized Lorentz, 492 
gravitational, 412 
eravity, 779, 803, 808 
hydrodynamic, 812 
inertial, 428 
internal, 413, 703, 716, 746 
longitudinal, 746, 750 
Lorentz, 492 
lumped, 745 
natural, 412 
net, 411, 420 
nonconservative, 416 
nuclear, 621 
of inertia, 716, 809 
of pressure on curved wall, 775 
of pressure on plane wall, 774 
of surface tension, 463 
perturbing, 729 
potential, 713, 714 
propulsive, 415 
quasielastic, 484, 514 
restoring, 514 
resultant, 411 
static friction, 700 
forced (induced) absorption, 565 
forced electric oscillations, 520 
forced emission, 566 
forced mechanical oscillations, 518 
forced oscillations, 518, 729 
forced transition, 565 
forces of inertia, 716, 809 
formal solution, 315 
formula 
Bayes, 383, 384 
Bernoulli, 384 
Bessel, 364 
Blasius, 795 
Boltzmann, 450 
Cauchy-Hadamard, 241 
Cauchy integral, 239 
d'Alembert, 312 
Darcy, 794 
de Moivre, 231 
dimensional, 658 
Einstein (for volume concentration), 818 
Euler, 25, 224, 235, 360, 433, 679, 768-771 
Falkner, 799 
for calculation of volume of domain, 203 
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for repeated integration by parts, 173 

Fourier cosine, inversion, 257 

Heron, 41 

Jacobi, 130 

Kader—Yaglom, 834 

Leibniz, 155 

Liouville, 271, 296 

Lorentz-Lorentz, 557 

Maclaurin, 156 

Mellin transform, inversion, 258 

Newlon—Leibniz, 184 

Newton—Leibniz, for function of complex 
variable, 239 

Nikuradze, 795 

of finite increments, 153 

of integration by parts, 173, 239 

Planck, 561 

Poisson, 364, 385 

Prandtl-Nikuradze, 795 

Rayleigh—Jeans, 560 

Reichardt, 794 

Richardson—Dashman, 604 

Rutherford, 570 

Spalding, implicit interpolation, 799 

Stirling, 360 

Stokes, 803 

Taylor, 156 

Thomson, 517 

Torricelli, 781 

total probability, 383 

Watson, 186 

Weizsäcker, 624 

Wien, 559 

Young-Laplace, 463 

Zhuravskii, 760 


formulas 


addition, 24, 31 

asymptotic, for integrals with weak singularity, 
185 

asymptotic, for Laplace integrals of general 
form, 186 

asymptotic, for Laplace integrals of special 
form, 185 

asymptotic, for power Laplace integral, 186 

de Broglie, 573 

differentiation, 25, 28, 32, 35 

empirical, 921 

engineering, 922 

Euler—Fourier, 224 

for angular momentum, 733 

for Bernoulli process. 385 

for calculation of Green functions, 334, 337 

for drag coefficient, 791, 795, 796, 803-805, 
808, 809, 816 

for moment of forces of inertia of body, 717 

for radius of convergence of power series, 218 

for stresses and strains, 751 

for transfer coefficients in gas, 466 

Fresnel, 552 

interpolation formulas, 925 

involving arbitrary powers, 10 

linear interpolation, 925 
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formulas (continued) 
Mollweide, 38 
three-parameter empirical, 931 
two-parameler empirical, 926 
four-momentum, 437 
four-vector (4-vector), 437 
Fourier law, 465 
Fourier coefficients, 224 
Fourier cosine inversion formula, 257 
Fourier cosine transform, 257, 260 
Fourier expansion, 225 
Fourier integral, 513 
Fourier series, 223, 224, 513 
in complex form, 226 
of square-integrable functions, 226 
Fourier sine transform, 255, 257, 260 
Fourier transform, 255, 260, 331 
cosine, 257, 260 
sine, 255, 257, 260 
fourth-degree equation, 107 
fractional integral, 260 
fractional power series, 245 
frame acceleration, 681 
frame motion, 681, 684 
frame of reference, 405 
frame velocity, 681 
Fraunhofer approximation, 540 
Fraunhofer diffraction 
at circular hole, 548 
at slit, 547 
[ree axes, 432 
free charges, 488 
free material system, 687 
free mechanical oscillations with single degree of 
freedom, 513 
free oscillations in electric circuit, 516 
free spectral range, 550 
free support of two bodies, 694 
free symmetric top, 433 
free undamped oscillations, 513 
lreezing-out of degrees of freedom, 455 
frequency, 511, 900 
of vortex shedding, 805 
Fresnel biprism, 541 
Fresnel formulas, 552 
Fresnel integrals, 359 
Fresnel mirrors, 541 
Fresnel zones, 545, 546 
friction laws (Coulomb laws), 700 
friction temperature, 833 
friction velocity, 793, 799, 833 
fringes of equal inclination, 543 
fringes of equal thickness, 543 
Froude number, 665, 780 
frustum of cone, 58 
frustum of pyramid, 54 
function 
analytic at point, 233 
analytic al point at infinity, 233 
analytic in domain, 233 
associated Legendre, 374, 582 
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beta, 361 

Bessel, of first kind, 272, 362, 1020 

Bessel, of second kind, 272, 362, 1020 

cylinder, 362 

complementary error, 356, 369, 827, 854, 937 

composite, 140, 164, 222 

concave, 148 

continuous, 147, 163 

convex, 148 

cylindrical, 1020 

decreasing, 140 

degenerate hypergeometric (Kummer), 367, 
369, 828, 836, 840 

differentiable, 150, 163, 232 

digamma, 360, 363 

Dirac delta, 320 

elementary, 15, 234 

entire, 244 

entire transcendental, 244 

error, 318, 356, 368 

error, complementary, 356 

even, 140 

exponential, 17 

gamma, 359, 1019 

Gegenbauer, 801, 1022 

generating, 356, 374 

Green, 277 

harmonic, 233 

Hermite, 378 

holomorphic at point, 233 

hyperbolic, 29 

implicit, 164 

incomplete gamma, 361, 368, 369, 829, 835, 
851 

increasing, 140 

infinitely large, 146 

infinitely small, 146 

integrable, 183, 196 

integrand, 171 

inverse, 14] 

inverse hyperbolic, 33 

Lagrange, 168 

Legendre, 373, 801 

Legendre, of second kind, 1021 

logarithmic, 18 

Macdonald, 365 

Mathieu, 1025, 1026 

meromorphic, 245 

modified Bessel, of first kind, 273, 365, 1020 

modified Bessel, of second kind, 273, 365, 
1020 

monotone, 140 

multi-valued, 140, 232 

Neumann, 362 

nondecreasing, 140 

nonincreasing, 140 

odd, 140 

of complex variable, 229, 231 

of random variables, 387 

of several variables, 162 

of two or three variables, 162 

periodic, 140 
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function (continued) 

power, 15 

probability density, 386, 456 

psi, 360 

rational, 174 

real-valued, of real variable, 140 

regular al point, 233 

Riemann, 340, 341 

single-valued, 140, 232 

special, 355 

spherical, 582 

stream, 797, 801, 802, 807, 809, 810 

strictly concave, 149 

strictly convex, 148 

Struve, 260 

trigonometric, 19, 26 

wave, 573 

wave, of molecule, 592 

Zhukovskii, 235 
function series, 215 
fundamental fermions, 646 
fundamental interaction, 643 
fundamental laws of geometric optics, 535 
fundamental oscillation, 527 
fundamental solution, 320 
fundamental theorem of algebra, 109 
fundamental trigonometric substitution, 179 
fundamental vector bosons, 643, 646 
fusion reactions, 641, 642 


G 


Galerkin method (projection method), 287, 288 
Galilean invariance, 412 
Galilean relativity, 412 
Galilean relativity principle, 412 
Galileo transformations, 412 
Gamma decay, 630 
gamma function, 359, 1019 
gas, 773 
gas constant, 442 
Gas mixing, 450 
Gauss convergence criterion for series, 213 
Gauss law 
for electric displacement, 482 
for magnetism, 496 
Gauss theorem, 474, 475 
for electric displacement, 482 
for magnetism, 496 
Gauss transform, 260 
Gaussian hypergeometric equation, 1022 
Gaussian method, 125 
Gaussian surface, 475 
Gegenbauer functions, 801, 1022 
general (complete) equation of plane, 84 
general correlations for Sherwood number, 852, 
855, 861 
general equation 
of plane, 84 
of quadratic curve, 75 
of quadric, 99 
of straight line, 65 
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of straight line in space, 90 
of straight line passing through given point, 65 
of dynamics (d’Alembert—Lagrange principle), 
722 
general form of integral transforms, 251 
general formulas for solving nonhomogeneous 
boundary value problems, 334, 338 
general fourth-degree equation, 107 
general nonorthogonal curvilinear coordinates, 
1005 
general orthogonal curvilinear coordinates, 1006 
general properties of particles, 643 
general properties of Sturm—Liouville problem, 
278 
general reduction formulas for calculation of 
improper integrals, 972 
general reduction formulas for evaluation of 
definite integrals, 970 
general Riccati equation, 267, 1012, 1013 
general scheme of solution of equilibrium 
problem for body, 693 
general solution of first-order PDE, 305 
general solution of Stokes equations, 801 
general square system of linear equations, 124 
general theorems of dynamics of mechanical 
system, 703 
general theory of relativity, 428 
eeneralized coordinates, 719, 723 
generalized force, 514, 721, 723, 728 
generalized homogeneous equation (ODE), 264, 
282, 1012, 1029 
generalized Laguerre polynomials, 375 
generalized Lorentz force, 492 
generalized reciprocal (algebraic) equation, 107, 
109 
generalized triangle inequality, 11, 215 
generalized velocities, 723 
generaling function, 356, 374 
generic term of sequence, 141 
generic term of series, 211 
geometric constraints, 718 
geometric definition of probability, 381 
geometric distribution, 391 
seometric mean, 11 
geometric meaning of definite integral, 183 
geometric meaning of derivative, 151, 234 
geometric meaning of double integral, 196 
geometric optics, 535 
geometric parameter, 849 
geometric progression, 10 
geometric sequence, 10 
Gergonne point, 40 
Gibbs free energy, 452 
Gibbs paradox, 450 
gluons, 623, 643, 645, 1044 
gorge ellipse, 97 
Goursat problem, 312, 340 
gradient, 417 
Gram-Schmidt orthogonalization, 137 
Gram determinant, 137 
graph of function, 140 
graph of network, 868 
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eraling period, 549 

eravitational mass, 425 
gravitational field, 425 
gravitational film, 784 
gravitational force, 412 
gravitational sedimentation, 817 
eravity force, 779, 803, 808 
greatest common divisor, 4 
Greek alphabet, 1037 

Green function, 277 

Green theorem, 209 

erey body, 558 

ground state of atom, 571, 574, 583, 586, 587 
eroup velocity, 524 

growth exponent, 252 
gyromagnetic ratio, 500, 583, 585 
gyroscope, 433 

gyroscope approximation, 433 


H 


Hadamard—Rybezynski solution, 807 
hadron, 644 

half-life period, 625 

Hall effect, 492 

halogens, 1047 

Hamilton operator, 170, 823 
Hamiltonian, 578 

Hankel transform, 260 

hard magnetic materials, 894 

Hardy transform, 260 

harmonic function, 233 

harmonic mean, 11 

harmonic oscillations, 511 

harmonic oscillator, 572, 576, 579, 604 
harmonic series, 213 

harmonic waves, 522 

harmonics, 513, 527 

Hartley transform, 260 

heat, 443 

heat and mass transfer 


in circular tube with constant heat flux at wall, 


for laminar flows, 838 
in circular tube with constant temperature of 
wall, for laminar flows, 834 

in plane channels, for laminar flows, 839 
heat capacity, 444 

at constant pressure, 445 

at constant volume, 444 

of crystal lattice, 604, 606 

of electrons (in crystals), 603 

of ideal gas, 455 
heat conduction, 465 
heat equation, 307 

with source, 316 
heat exchange, 443, 450, 845, 846, 938, 939 
heat flux, 832, 833, 842 
heat transfer coefficient, 842 
heat transfer equation, 823 
heat transfer in laminar flow, 831 
heat transfer in turbulent flow, 832 
heat transfer to flat plate, 831-834 
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heavy gyroscope, 433 
height of pyramid, 53 
Heisenberg uncertainty relation, 573, 578 
Helmholtz free energy, 451 
henry, 504, 1038 
Hermite functions, 378 
Hermite polynomials, 368, 369, 377 
Hermitian matrix, 114 
Heron formula, 41 
Hertz vibrator, 530 
heterogeneous calalysis, 800 
higher-order derivatives, 154 
higher-order differentials, 154 
Hilbert transform, 260 
holes, 610, 613 
holography, 544 
holography principles, 544 
holonomic constraint, 718 
homogeneous boundary condition, 312 
homogeneous conductor, 488 
homogeneous equalion, 264, 282, 312, 313, 1011, 
1029 
homogeneous initial condition, 312 
homogeneous linear equation of second 
order, 1016 
homogeneous linear equations, 292, 314, 271, 
296 
homogeneous system of linear algebraic 
equations, 123 
hoof, 57 
Hooke law, 412, 747 
Hopf equation, 307 
Homer scheme, 104 
hot reservoir, 444 
Hund rule, 589 
Huygens—Fresnel principle, 545 
Huygens principle, 536 
Huygens—Steiner theorem, 430 
Huygens theorem on moments of inertia, 705 
hydraulic (or equivalent) diameter, 791, 843, 844 
hydrodynamic boundary condition far from 
body, 782 
hydrodynamic boundary conditions 
for solid body, 782 
for spherical drop, 806 
hydrodynamic boundary layer, 796 
on flat plate, 796 
hydrodynamic drag coefficient, 791 
hydrodynamic equations, 778 
of thin films, 785 
hydrodynamic force, 812 
hydrodynamics, 773 
of thin films, 784 
hydrogen atom, 571 
in quantum mechanics, 583 
hydrogen cycle, 641 
hydrogen-like ions, 571 
hydrogen molecule, 593 
hydrostatics, 773 
hyperbola, 71 
hyperbolic cosine, 29 
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hyperbolic cotangent, 29 
hyperbolic equation, 308, 311, 352 
boundary and initial conditions, 312 
first canonical form, 309 
second canonical form, 309 
with two independent variables, 35] 
hyperbolic functions, 29 
of half argument, 32 
of multiple argument, 32 
hyperbolic paraboloid, 99 
hyperbolic sine, 29 
hyperbolic tangent, 29 
hyperboloid, 96 
hyperboloid of revolution, 97 
hyperfine structure, 619 
hypergeometric distribution, 391 
hypergeometric equation, 1022 
hypergeometric series, 1022 
hyperons, 644 
hypotenuse, 41 
hysteresis loop, 501 


ideal constraints, 720 
ideal emf source, 866 
ideal gas law, 441 
ideal source of current, 866 
identity matrix, 114 
illuminance, 539 
image, 478 
images in optical systems, 536 
real, 536 
virtual, 536 
imaginary axis, 229 
imaginary part, 229 
imaginary quadratic curve, 75 
imaginary quadric, 99 
imaginary semiaxis 
of hyperbola, 72 
of one-sheeted hyperboloid, 96 
of two-sheeted hyperboloid, 97 
imaginary unit, 229 
impedance, 520 
reactive, 520 
resistive, 520 
triangle, 908 
implicit functions, 164 
impossible event, 380 
improper integrals, 190 
involving logarithmic functions, 972 
involving power functions, 972 
involving trigonometric functions, 972 
of unbounded functions, 193 
with infinite integration limits, 190 
improper subspace, 134 
improvement of power factor, 917 
impulse of force, 411, 708 
incenter, 40 
incenter point, 40 
incidence plane, 535 
incircle of triangle, 40 
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incoherent, 539 
incompatible events, 380 
incomplete cubic equation, 105 
incomplete elliptic integrals, 372 
incomplete gamma function, 361, 368, 369, 829, 
835, 851 
inconsistent system of linear algebraic equations, 
123 
increasing function, 140 
increasing sequences, 142 
indefinite integrals, 171, 945 
indefinite quadratic form, 128 
independent events, 383 
independent random variables, 396 
independent trials, 386 
independent variable, 140 
index 
of inertia of quadratic form, 129 
reflection, 553, 567 
refraction, 528, 535 
refraction, absolute, 535 
refraction, relative, 535 
indices of refraction, 535 
induced emf, 502 
inductance, 504, 865 
inductance coil, 866 
inductance in sinusoidal current circuit, 905 
inductance of solenoid, 504 
inductive reactance, 520, 905 
inelastic collision, 419, 438 
inequalities, 5 
inequalities for mean values, 11 
inertia, 410 
inertial forces, 428 
inertial reference frames, 410, 689 
infinite-dimensional linear space, 133 
infinite motion, 419 
infinite products, 211 
infinitely large function, 146 
infinitely large sequence, 143 
infinitely rapid heterogeneous reaction, 822 
infinitely small function, 146 
infinitely small sequences, 143 
inflection points, 157 
initial condition(s), 311, 407, 781, 821 
initial moment of two-dimensional random 
variable, 397 
initial phase, 901 
inner product, 136 
inscribed angle, 47 
inscribed in circle, polygon, 43 
instantaneous value of power, 904, 905, 907, 
909 
instantaneous axis of rotation, 408, 679 
instantaneous center of accelerations, 678 
instantaneous center of velocities, 676 
integer, 3 
integer number, 3 
integrable function, 183 


integral, 171 

absolutely convergent, 192 

Bernoulli, 780 

Cauchy, 239 

Cauchy -type, 240 

complete elliptic, 

complete elliptic, of first kind, 370 

complete elliptic, of second kind, 370 

cosine, 358 

curvilinear, 204 

definite, 183 

Dini, 344 

divergent, 191 

double, 195, 197 

Duhamel, 294 

elliptic, 370 

elliptic, of first kind, 372 

elliptic, of second kind, 372 

elliptic, of third kind, 372 

exponential, 357, 369 

Fourier, 513, 573 

fractional, 260 

Fresnel, 359 

incomplete elliptic, 372 

indefinite, 171, 945 

iterated, 197 

Laplace, 248 

Laplace, general form, 186 

Laplace, special form, 185 

line, of first kind, 204, 205 

line, of second kind, 205 

logarithmic, 357, 369 

Poisson, 344 

power Laplace, 186 

probability, 318, 356 

Riemann, 183 

sine, 358 

surface, of first kind, 207 

surface, of second kind, 208 

triple, 200-202 
integral de Moivre—Laplace theorem, 385 
integral formulas of vector calculus, 208 
integral friction coefficient for plate, 798 
integral of differential binomial, 178 


integral of function of complex variable, 238 


integral sum, 183, 195 
integral transforms, 251, 975 
integral transforms method, 328 
integrals, 171, 945 
improper integrals, 190 
involving arbitrary powers, 952 
involving exponential functions, 952, 966 
involving functions of linear or rational 
argument, 970 
involving functions with trigonometric 
argument, 971 
involving hyperbolic functions, 953, 967 
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involving inverse trigonometric functions, 962 


involving irrational functions, 949 


involving logarithmic functions, 956, 967, 971 


involving power functions, 182, 963 


involving rational functions, 945 
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involving trigonometric functions, 957, 968 


over finite interval, 963, 968 

over infinite interval, 964, 969 

with infinite limits, 190 
integrand function, 171 
integrating factor, 266 
integration 

by parts, 173 

of exponential functions, 179 


of expressions involving radicals of lincar- 


fractional functions, 177 

of functions of complex variables, 238 

of hyperbolic functions, 179 

of improper fractions, 176 

of irrational functions, 177 

of polynomials multiplied by elementary 
functions, 181 

of product of polynomial by exponential 
functions, 181 


of product of polynomial by trigonometric 


function, 181 

of proper fraction, 175 

of rational functions, 174 

of trigonometric functions, 179 
intensity of electromagnetic wave, 529 
intensity of source, luminous, 538 
intensity of source, radiant, 537 
intensity of wave, 524 
interaction between light and matter, 551 
interaction unification, 650 
intercept equation of plane, 85 


intercept-intercept equation of straight line, 66 


interfacial tension, $06 
interference, 525 

from natural sources of light, 541 

in thin films, 543 

of light, 539 

of many waves, 54] 

of two waves, 540 
interior angle, 37 

of polygon, 43 
interior heat problems for solid bodies, 845 
interior problem of hydrodynamics, 781 
intermediate bosons, 643 
internal conversion, 630 
internal energy, 443 

mechanical, of system, 418 

of ideal gas, 445, 448, 455 

of van der Waals gas, 448 
internal force factors, 746 

of rod, 746, 753, 755 
internal forces, 413, 703, 716, 745 
internal mechanical energy of system, 418 
internal photoeffect, 563 
interphase transport, 661 
interpolation formulas, 925 
interpolation polynomial, 122 
interpolation, two-point linear, 926 
intersection of events, 380 
intersection of straight line and plane, 95 
intersection of subspaces, 134 
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interval of convergence of power series, 218 
invariant of quadratic curve, 76 
invariant of quadric, 100 

invariants of system of sliding vectors, 686 
inverse Fourier transform, 256, 331 
inverse function, 141 

inverse hyperbolic cosine, 33 

inverse hyperbolic cotangent, 34 

inverse hyperbolic functions, 33 

inverse hyperbolic sine, 33 

inverse hyperbolic tangent, 34 

inverse Laplace transform, 252 

inverse matrix, 119 

inverse Mellin transform, 258 

inverse population of levels, 567 

inverse problem of kinematics, 406, 407 
inverse transform, 251 

inverse transforms of rational functions, 253 
inverse trigonometric functions, 26 
invertible matrix, 119 

involutive matrix, 120 

ion, 570 

ionic (heteropolar) chemical bond, 593 
ionic polarization in solid crystal dielectrics, 485 
ionization energy, 570 

irradiance, 539 

irrational numbers, 4 

irrigation density, 826 

isobaric process, 445 

isobars, 618 

isochronism of harmonic oscillations, 515 
isochronous, 515 

isolated conductor, 477 

isolated singularity, 243 

isolated system of particles, 413 
isomers, 630 

isomorphic Euclidean spaces, 137 
isomorphic linear spaces, 133 

isosceles trapezoid, 45 

isosceles triangle, 37, 42 

isothermal bulk modulus, 442 
isothermal process, 445 

isotherms of real gas, 458 

isotopes, 618 

isotopic effect, 572 

isotopic spin, 649 

isotopic spin conservation law, 650 
isotopic spin vector, 649 

isotropic dielectric, 482 

isotropic magnetic material, 500 

iterated integral, 197 

iteration and numerical methods, 291 


J 


Jacobi formula, 130 
Jacobian, 165, 199 
Jacobian determinant, 199 
Jensen inequality, 148 
3j-coupling, 588, 624 
joining face of prism, 51 
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joint distribution function of random variables, 


395 

joint probability density function, 396 
Jordan—Gauss method, 126 
Jordan lemma, 248 
Jordan transformation, 126 
joule, 415 
Joule—Lenz law 

for circuit segment, 490 

in differential form, 489 
Joule-Thomson process, 444 


K 


K-capture, 628 
Kónig axes, 704 
Kónig theorem, 416 
Kader—Yaglom formula, 834 
Kármán constant, 784, 793, 833 
Kármán hypothesis, 783 
Kármán velocity defect law, 794 
Kármán vortex, 805 
Kepler first law, 427 
Kepler second law, 421, 427 
Kepler third law, 427 
kernel of integral transform, 251 
Kerr constant, 555 
Kerr eflect, 555 
kilogram, 410 
kinematic constraints, 718 
kinematic Euler equations, 733 
kinematic integrable constraint, 718 
kinematic viscosity, 779 
kinematics, 405, 667 
of point, 405, 667 
of rigid body, 408, 671 
kinetic energy, 416, 714 
of mechanical system, 714 
of point, 714 
of system of particles, 416 
Kinetic-molecular theory, 441 
kinetic theory of ideal gases, 453 
Kirchhoff first rule, 491 
Kirchhoff law, 491, 558, 868, 869 
first, 868, 869 
first, for magnetic circuils, 894 
second, 868, 869, 907 
second, for magnetic circuit, 895 
voltage, 491 
Kirchhoff second rule, 491 
Klein-Gordon equation, 339 
Kolmogorov theorem, 400 
Kontorovich-Lebedev transform, 260 
Kronecker—Capelli theorem, 123 
kth absolute moment, 389 
kth central moment, 389 
kth moment, 388 
Kummer series, 367, 1019 
Kummer transformation, 367 
kurtosis, 390 


INDEX 


L 


L'Hospital rule, 153 
Lagrange method, 129 
Lagrange ordinary differential equation, 269 
Lagrange equations of second kind, 723 
Lagrange function, 168 
Lagrange interpolation polynomial, 925 
Lagrange multiplier, 168 
Lagrange theorem, 153, 724 
Laguerre polynomials, 368, 375 
generalized, 375 
Lamé coefficients, 1006 
Lambertian source, 538 
laminar boundary layer, 796, 805, 831 
laminar flow, 779, 784, 786, 792, 821, 831, 834, 
838, 839, 843 
heat transfer to flat plate, 831, 832 
hydrodynamic boundary layer, 796-798, 804, 
805, 831 
in thin films, 785 
in tubes of various cross-sections, 786, 791, 
792 
mass and heat transfer, 821-823 
mass and heat transfer in circular tubes, 834- 
839 
mass and heat transfer in plane channels, 839- 
841 
mass transfer in liquid films, 826-830 
Navier-Stokes equations, 779 
transient mass transfer, 860-862 
Landé splitting factor, 590 
Langevin—Debye law, 484 
lanthanides, 1047 
Laplace equation, 308, 847 
Laplace integral, 248 
general form, 186 
special form, 185 
Laplace operator, 170, 823 
Laplace transform, 251, 260, 328 
inverse, 251, 328 
Larmor precession, 501 
laser, 565-567 
latent heat, 462 
lateral bending, 755 
lateral face of prism, 51 
lateral face of pyramid, 53 
Laue conditions, 550 
Laue patterns, 550 
Laurent series, 241, 242 
law 
Ampère, 493 
Ampère circuital, 496, 891 
Ampère force, 493 
Biot-Savart-Laplace (Biol-Savart), 494 
Blasius, 798 
Bouger, 557 
Coulomb, 470, 700 
Dalton, 455 
Dulong—Petit, 604 
equipartition, 455 
Faraday, for electromagnetic induction, 502 
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Fick, 465 

Fourier, 465 

for ideal gas, 441 

Gauss, for electric displacement, 482 

Gauss, for magnetism, 496 

Hooke, 412, 523, 747 

isotopic spin conservation, 650 

Joule—Lenz, for circuit segment, 490 

Joule—Lenz, in differential form, 489 

Karman velocity defect, 794 

Kepler, first, 427 

Kepler, second, 421, 427 

Kepler, third, 427 

Kirchhoff, current, 491, 869 

Kirchhoff, first, 491, 868, 869 

Kirchhoff, for magnetic circuits, 894 

Kirchhoff, for magnetic circuits, first, 894 

Kirchhoff, for magnetic circuits, second, 895 

Kirchhoff, second, 491, 868, 869, 907 

Kirchhoff, thermal radiation, 558 

Kirchhoff, voltage, 491, 869 

Langevin—Debye, 484 

Malus, 551 

Moseley, 590 

Newton, first, 410, 689 

Newton, of cooling, 466 

Newton, of universal gravitation, 425 

Newton, second, 411, 689 

Newton, third, 411, 689 

of communicating vessels, 773 

of conservation of angular momentum, 420, 
424, 711 

of conservation of electric charge, 469 

of conservation of energy, 415, 418, 487, 506, 
508, 649 

of conservation of energy for electromagnetic 
fields, 508 

of conservation of mechanical energy, 418 

of conservation of momentum, 413, 414 

of conservation of momentum of mechanical 
system, 709 

of conservation of momentum projection onto 
any axis, 709 

of conservation of velocity of center of mass 
of mechanical system, 707 

of cosines, 38 

of equality of action and reaction, 689 

of hydrostatics, basic, 773, 774 

of independence of light beams, 535 

of inertia, 689 

of inertia of quadratic forms, 129 

of large numbers, 399, 400 

of light refraction, 535 

of motion, 405 

of photoeffect, first, 562 

of photoeffect, second, 562 

of proportionality between force and 
acceleration, 689 

of rectilinear light propagation, 535 

of relativistic dynamics, basic, 439 

of rotation of rigid body about fixed axis, 674 
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law (continued) 
of sines, 38 
of sliding friction, 700 
of tangents, 38 
of thermodynamics, first, 443 
of thermodynamics, for simple system, 444 
of thermodynamics, for ideal gas, 445 
of thermodynamics, second, 446 
of thermodynamics, third, 451 
of universal gravitation, 425 
Ohm, for circuit with capacitance, 907 
Ohm, for circuit with current source, 490 
Ohm, for circuit with inductance, 905 
Ohm, for magnetic circuit, 892, 893 
Ohm, for simple circuit segment, 489 
Ohm, for unbranched circuit, 490 
Ohm, in differential form, 488 
Pascal, 773 
Planck, 561 
Prandtl, of wall, 793 
radioactive decay, 625 
Rayleigh, 557 
Rayleigh—Jeans, 560 
Snell, 535, 552 
Stefan—Boltzmann, 559 
Stokes, 803 
velocity-addition, 407, 409, 436 
von Karman friction, 799 
Wiedemann—Franz, 492, 603 
Wien, 559 
Wien displacement, 559 
laws 
friction, 700 
Coulomb, 700 
de Morgan, 381 
of geometric optics, 535 
of mechanics, basic, 689 
of rolling friction, 700 
of statics, basic, 690 
of thermodynamics, 441 
leakage flux, 894 
least common multiple, 4 
least squared error method, 290 
least squares method, 289, 922 
left-hand limit, 144 
left rectangular Cartesian coordinate system, 61 
leg of isosceles triangle, 42 
leg of right triangle, 41 
leg of trapezoid, 45 
Legendre equation, 1021-1023 
Legendre function, 373, 801 
of second kind, 1021 
Legendre polynomials, 373, 1021 
Leibniz convergence criterion for series, 213 
Leibniz formula, 155 
length 
contraction, 435 
of coherence, 542 
of element, 136 
of thermal initial region, $38, 839 
of vector, 78 
of wave train, 542 
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Lenz rule, 503 
lepton, 646, 1043 
charges, 648 
level line, 162 
levels, acceptor, 611 
levels, donor, 610 
Lienard equation, 1030 
light characteristics (of radiation), 538 
light absorption, 555-557 
light beams, 535 
light dispersion, 555 
anomalous, 556 
normal, 556 
light, natural, 551 
light polarization, 551 
light, partially polarized, 551 
light pressure, 564 
light quanta, 562, 563 
light rays, 535 
light scattering, 557 
limit, 139 
limit angle of total reflection, 552 
limit formulas for Bernoulli process, 385 
limit Nusselt number 
for circular tube, 838, 839 
for plane channel, 841 
for tubes of various cross-section, 843 
limit of function at point, 144, 162 
limit of sequence, 141 
limit theorems, 255, 398, 399 
limiling diffusion resistance, 853 
limiting resistance of continuous phase, 854, 861 
limits of applicability of geometric optics, 535 
Lindeberg central limit theorem, 401 
line in space, 89 
line integral of first kind, 204, 205 
line integral of second kind, 205 
line of action of force, 687 
line spectra, 569 
linear circuits of direct current, 871 
linear combination of column vectors, 118 
linear combination of row vectors, 118 
linear combination of vectors, 132 
linear density of charge, 469 
linear eccentricity 
of ellipse, 70 
of hyperbola, 72 
linear elasticity, 747 
linear equation, 105 
ODE of arbitrary order, 292 
ODE with constant coefficients, 292 
ODE with variable coefficients, 296 
linear harmonic oscillator, 531 
linear interpolation formulas, 925 
linear momentum, 410 
linear shear flow, 782 
linear space, 131 
linear span, 134 
linear strains, 747 
linear subspace, 134 
linearity theorem, 877 
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linearly dependent column vectors, 118 

linearly dependent elements, 132 

linearly dependent row vectors, 118 

linearly distributed load, 699 

linearly independent column vectors, 118 

linearly independent elements, 132 

linearly independent row vectors, 118 

linearly polarized oscillation, 513 

linearly polarized wave, 551 

Lindstedt—Poincaré method, 286 

Liouville formula, 271, 296 

Liouville theorem, 234, 244 

Lipschitz convergence criterion for Fourier 
series, 224 

Lipschitz criterion of uniform convergence of 
Fourier series, 226 

liquid, 773 

liquid-drop (hydrodynamic) nuclear model, 623 

liquid metals, 824, 832, 842 

Lissajous figures, 513 

Lloyd mirror, 542 

load intensity, 699 

local coefficient of friction, 799 

local (differential) diffusion flux, 824 

local de Moivre—Laplace theorem, 385 

local dimensionless diffusion flux, 851 

on spherical drop, 854 

local equilibrium, 442 

local friction coefficient, 797, 833 

local frictional stress, 797 

local heat flux, 835, 840 

local maximum, 156 

local minimum, 156 

local Nusselt number, 832, 834, 843 

local Reynolds number, 799 

logarithm, 8 

log-normal distribution, 387 

logarithmic branch point, 245 

logarithmic damping decrement, 518 

logarithmic derivative of gamma function, 363, 
366 

logarithmic function, 18 

logarithmic integral, 357, 369 

logarithmic layer, 793, 799, 833, 842 

logarithmic residue, 246 

longitudinal force, 746, 750, 751 

Lorentz calibration condition, 507 

Lorentz force, 492 

Lorentz four-dimensional vector, 437 

Lorentz four-vectors, 436 

Lorentz-Lorentz formula, 557 

Lorentz transformations, 434 

lower bound, 139 

lower limit of sequence, 143 

lower triangular matrix, 114 

lumen, 538 

luminescence, 54] 

luminous efficacy, 538 

luminous exitance, 538 

luminous flux, 537, 538 

luminous intensity, 538 
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lumped force, 745 

lumped toque, 745 

lux, 539, 1038 

Lyapunov central limit theorem, 401 


Mossbauer effect, 630 
Macdonald function, 365 
Maclaurin-Cauchy integral criterion of conver- 
gence of series, 213 
Maclaurin formula, 156 
Maclaurin method, 111 
Maclaurin power series, 220 
Maclaurin series, 220 
macroscopic molecular currents, 498 
macroscopic state, 598 
Madelung rule, 1047 
magic nuclei, 621 
magic numbers, 621 
magnetic charges, 496 
magnetic circuits, 890 
magnetic field, 470, 492, 890 
at axis of circular current, 494 
flux density, 492, 890 
in center of circular current, 494 
in matter, 498 
induction, 492, 890 
of current plane, 497 
of linear current segment, 495 
of nonrelativistic particle, 509 
of rod, 496 
of solenoid, 496 
strength, 499, 891 
magnetic flux, 496, 891 
magnetic flux density, 492, 890 
magnetic induction, 492, 890 
magnelic moment, 493, 498, 583, 585 
induced, 498 
intrinsic, 500, 585 
microscopic, 498 
nuclear, 617, 619 
of current-carrying loop, 493 
of electron, 501, 583, 585, 1042 
of neutron, 617 
of proton, 617, 1042 
orbital, 500, 585 
orbital, projection, 583, 585, 591 
spin, 500, 585 
total, 588, 591 
magnetic permeability, 500 
magnetic quantum number, 582 
magnetic resistance, 893 
magnetic rotation of polarization plane, 555 
magnetic spin quantum number, 585 
magnetic susceptibility, 500 
magnetic voltage, 893 
magnetization, 498 
of material, 498 
magnitude of complex number, 230 
magnitude of vector, 78 
main continuous distributions, 393 
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main diagonal, 114 
main discrete distributions, 390 
main operations over polynomials, 103 
main properties 
of operations with vectors, 79 
of Laplace transform, 252 
of Mellin transform, 259 
main theorems about differentiable functions, 
153 
majorant series, 217 
Malus law, 551 
Markov inequality, 400 
mass, 410 
of system, 704 
mass and heat exchange between particles and 
quiescent medium, 847 
mass and heat transfer, 821 
convective, 821, 834 
in circular tubes, 834-839, 841 
in laminar flows, 821-823, 831, 834 
in plane channels, 839-842 
in turbulent flows, 825, 832 
Stationary, 847 
to circular cylinder in translational flow, 859 
to nonspherical particle in translational 
flow, 856 
to particle of arbitrary shape at low Peclet 
numbers, 857 
to spherical drops and bubbles in translational 
flow, 853 
to spherical particle in translational flow, 850 
transient, 849 
mass concentration, 821 
mass defect, 620 
mass density, 413, 821 
mass exchange between gases and liquid 
films, 826 
mass force density, 779 
mass fraction of total mass, 821 
mass number, 617 
mass of body of variable density, 203 
mass transfer 
convective, 821, 834 
at low Reynolds numbers, 851, 853 
at moderate and high Reynolds numbers, 852, 
855 
in circular tubes, 834-839, 84] 
in laminar flows, 821-823, 831, 834 
in liquid films, 826 
in turbulent flows, 825, 832 
stationary, 847 
to ellipsoidal particle in translational flow, 857 
to nonspherical particles in translational 
flow, 856 
to particles of arbitrary shape, 858 
transient, 849 
mass transfer coefficient, 847 
mathematical induction, 12 
Mathieu equation, 1025 
Mathieu functions, 1025, 1026 
matrix, 114 
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matrix entry, 114 
matrix of quadratic form, 128 
maximum, 156 
maximum modulus principle, 234 
maximum stresses, 761 
Maxwell-Boltzmann distribution, 457, 600 
Maxwell-Boltzmann statistics, 597, 599 
Maxwell distribution, 456 
Maxwell equations, 506 
for constant magnetic field, 498 
in electrostatics, 476 
in magnetostatics, 498 
in medium, 508 
in vacuum, 507 
Maxwell identities, 452, 453 
Maxwell rule, 460 
Mayer relation, 445 
mean flow rate temperature, 839, 840 
mean flow rate velocity, 786, 788, 826, 840 
mean lifetime of nucleus, 626 
mean Sherwood number, 825, 847, 850, 858, 
361 
cylinders of various cross-seclion, 860 
spherical bubble, 854, 855, 939 
spherical drop, 854, 856 
spherical particle, 852, 940 
mean value of function, 196, 201 
mean value theorem, 187 
for double integral, 196 
for integration, first, 187 
for integration, second, 187 
for triple integral, 201 
mean values, |] 
mean velocity of nonisotropic particles falling in 
fuid, $15 
mechanical constraints, 687, 718 
mechanical energy, 418 
of system of particles, 418 
mechanical motion, 405 
mechanical power, 416 
mechanical system, 687 
mechanical work, 415 
mechanism of compound nucleus, 636 
mechanism of direct nuclear reactions, 636 
mechanism of nuclear reactions, 635 
median of trapezoid, 45 
median of triangle, 39 
medium particle, 521 
Meijer transform (A -transform), 260 
Meler—Fock transform, 260 
Mellin transform, 258, 260 
inversion formula, 258 
melting-freezing curve, 46] 
meromorphic function, 245 
Mertens theorem, 215 
mesh-current method, 881 
Meshcherskii equation, 415 
meson, 644, 1045 
metacenter, 777 
metacentric height, 778 
metal, 609 
metastable states, 458 
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method 

averaging, 287 

bisection, 160 

Bubnov-Galerkin, 288 

collocation, 289 

combined, for verifying empirical formulas, 
932 

direct, for verifying two-parameter formulas, 
926 

electrostalic image, 478 

energy (for determining frequency), 512 

false position, 160 

Fourier, 321 

Galerkin, 287, 288 

Gaussian, 125 

integral transforms, 328 

iteration and numerical, 291 

Jordan—Gauss, 126 

Lagrange, 129 

least squared error, 290 

least squares, 289, 922 

Lindstedt—Poincaré, 286 

Maclaurin, 111 

mesh-currenl, 881 

moment, 289 

Newton, 111 

Newton-Raphson, 161 

nodal-pair, 883 

node-potential, 491, 882 

of asymptotic analogies, 934 

of complete elimination of free parameters for 
verifying empirical formulas, 926 

of electron pairs, 594 

of Euler polygonal lines, 270 

of “integration by differentiation”, 268 

of molecular orbitals, 594 

of moments, 289 

of negative masses, 698 

of partial elimination of free parameters for 
verifying empirical formulas, 928 

of partition, 698 

of partitioning domain, 290 

of regular (direct) expansion in powers of 
small parameter, 285 

of scaled parameters, 286 

of sections, 746 

of separation of variables, 321 

of successive approximations (for Cauchy 
problem), 291 

of successive approximations, 269 

of Taylor series expansion in independent 
variable, 270 

of undetermined coefficients, 174 

of vector diagrams, 512 

perturbation, 780 

Picard, 269 

proportional parts, 883 

regula falsi, 160 

Runge-Kutta, for Cauchy problem, 291 

Runge-Kutta, of fourth-order approximation, 
271 

shooting, 291 
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methods 
for finding center of gravity, 698 
for finding quotient and remainder, 104 
for interpreting indeterminate expressions, 154 
of regular series expansions with respect to 
independent variable, 283 
perturbation, in problems with small parameter, 
284 
metric tensor, 1005 
metric tensor components, 1005, 1008, 1009 
microscopic nuclear model, 623 
microscopic state, 598 
midline, 38 
minimal polynomial, 122 
Minkowski inequality, 11, 82, 136, 187, 215 
minor, 113, 117 
mixed boundary value problem, 276, 314 
mixed connection of nonlinear elements, 890 
mixture of ideal gases, 455 
mode of continuous probability distribution, 390 
mode of discrete probability distribution, 390 
model 
atomic, nuclear, 570 
atomic, planetary, 570 
atomic, Thomson, 569 
Bohr, 569, 570 
Boussinesq, 783, 792, 798 
cellular, 818 
liquid-drop (hydrodynamic) nuclear, 623 
microscopic nuclear, 623 
nuclear atomic, 569 
nuclear evaporation, 637 
nuclear, Fermi gas, 623 
planetary, 570 
Prandtl, 826 
of dispersion medium, 555 
of transfer phenomena in gases, 465 
shell, of nucleus, 624 
statistical, of decay, 637 
Thomson, 569 
vector, of angular momentum, 580 
von Kármán, 826 
modified Bessel equation, 273, 1020 
modified Bessel function, 273, 365 
of first kind, 273, 365, 1020 
of second kind, 273, 365, 1020 
modified Mathicu equation, 1024 
modulated oscillations, 513 
modulus 
of complex number, 230 
of number, 7 
modulus of elasticity 
of first kind, 748, 749 
of second kind, 750 
molar heal capacity, 445 
mole, 441 
molecular currents, 498 
molecular optics, 555 
molecular orbitals, 593 
molecular physics, 441 
molecular polarizability, 484 
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molecular thermal conduction layer, 841 of power series, 221 

Mollweide formulas, 38 of real numbers, 5 

moment, 388 of series, 215 
arm, 420 multiplicative inverse of real number, 5 
arm of force, 687 multiplicative separable solution, 317 
method, 289 multiplicity of eigenvalue, 121, 322 
of angular momentum, 710 multiplicity of root, 293, 294, 299 
of force, 420, 687 multiplicity of radiation line, 589 
of force about axis, 420 multi-valued function, 140, 232 
of force about center, 687 muon, 647, 1043 
of inertia, 429 mutual induction, 504, 505 
of inertia of cross-section about axis, 759 mutuality theorem, 505 
of momentum, 421 
of momentum of point about axis, 710 N 


of momentum of point particle about fixed 
center, 710 
of resistance of cross-section under bending, 
761 
of two-dimensional random variable, 397 
moments of inertia, 704 
of body, 203 
of flat plate, 200 
of some bodies, 430 
momentum, 410, 414, 708 
conservation law, 709 


Napierian base, 19 

natural coordinale axes, 669 

natural forces, 412 

natural light, 551 

natural logarithms, 142 

natural method for specifying motion of 

point, 669 

natural number, 3 

natural oscillations, 526 

natural variables, 452 

ae $ nature of nuclear forces, 622 
in special relativity . 437 Navier-Stokes equations, 779, 787, 824 
of mechanical system, 708 n-dimensional coordinate space, 132 
of point particle, 410, 708 n-dimensional linear space, 133 
of unclosed system, 414 necessary condition 

momentum-energy four-vector, 437 for series to be convergent, 211 

monotone functions, 140 of extremum, 167 . 


monotone sequences, 142 necessary and sufficient conditions 


Morera theorem, 239, 241 for existence of extremum, 157 
Moseley law, 390 — for vector field to be potential, 206 
most probable velocity, 456 needle-like rod, 811 
motion negative binomial distribution, 392 

circular, 407 negative definite quadratic form, 128 

in central field, 421, 427, 580, 582 negative index of inertia of quadratic form, 129 

in central field, hydrogen atom, 580 neighborhood of point 

in central field of gravity, 427 at infinity, 232 

of center of mass, 414 on complex plane, 232 

of rigid body about fixed axis, 430, 672, 674, Nernst theorem, 451 

711, 730 net force, 411, 420 
of rigid body about fixed point, 409, 431, 732, net moment 
734 of forces of inertia, 717 

of part of loop, 503 of momentum, 710 

of several particles, 816 network, 867 

of two/several spheres, 817 Neumann function, 362 

of wire loop in constant magnetic field, 502 Neumann problem, 314 

plane, 408, 431 neutral axis, 759 

relative to rotational frame, 408 in case of eccentric extension or compression, 

rotational, 408 165 

translational, 408 in case of oblique bending, 763 
moving hinge. 694 neutral layer, 758 
multimodal distribution, 390 neutrino, 629, 643, 646, 647, 1043 
multiplication neutron, 619, 1041, 1045 

of matrix by scalar, 115 neutron capture, 639 

of complex numbers, 229 neutron multiplication coefficient, 639 

of matrices, 116 newton, 411, 1038 

of numbers, 5 Newton first law, 410, 689 


of polynomials, 103 Newton hypothesis, 740 


Newton 
Newton 
Newton 
Newton 


law of cooling, 466 
law of universal gravitation, 425 
method, 111 
rings, 544 
Newton second law, 411, 689 
Newton third law, 411, 689 
Newton—Leibniz formula, 184 

for function of complex variable, 239 
Newton—Raphson method, 161 
newtonian fluid, 779 
newtonian regime of flow, 816 
nicol, 554 
nilpotent matrix, 120 
no-slip conditions, 782, 802, 809 
noble gases, 1047 
nodal-pair method, 883 
node-potential method, 491, 882 
nodes 

of standing wave, 526 

of wave function, 575 
nominal mode, 873 
non-inertial reference frames, 427 
nonconservative force, 416 
nondecreasing function, 140 
nondegenerate matrix, 119 
nondegenerate quadratic curves, 75 
nondegenerate quadric, 99 
nonequilibrium systems, 442 
nonequilibrium thermodynamics, 442 
nonholonomic constraint, 718 
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nonhomogeneous linear equations, 293, 297, 319 


existence theorem, 274 
nonhomogeneous system 

of linear algebraic equations, 123 

of linear first-order ODEs, 301 
nonideal source, 872 
nonincreasing function, 140 
nonintegrable constraint, 718 
noninertial reference frames, 689 


nonlinear electric circuits of direct current, 884 


nonlinear elements, 884 

nonlinear equations of arbitrary order (ODEs), 
301 

nonnegative quadratic form, 128 

nonpolar dielectrics, 484 

nonpolar molecule, 484 

nonpositive quadratic form, 128 

nonrelativistic limit, 411 

nonrelativistic velocities, 434 

nonsingular matrix, 119 

nonstationary constraints, 718 

norm of element, 136 

normal (longitudinal) force, 746 

normal acceleration, 406, 668 

normal coordinates, 727 

normal dispersion, 556 

normal distribution, 394 

normal matrix, 117 

normal pressure force, 700 

normal representation of quadratic form, 131 

normal stress, 746 
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normal vector, 85 
normal vibrational modes, 515 
normed Euclidean space, 136 
n-sided pyramid, 53 
nth arithmetic root, 7 
nih-order determinant, 112 
nth radical, 7 
nuclear atomic model, 569 
nuclear binding energy, 619 
nuclear composition, 617 
nuclear dimensions, 619 
nuclear evaporation model, 637 
nuclear Fermi gas model, 623 
nuclear fission, 637 
nuclear forces, 620-622 
nuclear hydrodynamic model, 623 
nuclear magnetic moment, 619 
nuclear magneton, 617 
nuclear models, 623 
nuclear multiplet, 649 
nuclear physics, 617 
nuclear power engineering, 637 
nuclear reaction energy, 634 
nuclear reactions, 632 
nuclear shape, 619 
nuclear spin, 619 
nuclear time, 636 
nuclear transformations, 625 
nucleons, 617 
nuclides, 617 
null matrix, 114 
null subspace, 134 
null vector, 78 
number e, 8, 17, 19 
number of collisions against wall, 454 
number of degrees of freedom, 455 
of mechanical system, 719 
number sets, 139 
numerical eccentricity of ellipse, 70 
numerical integration of differential equations, 
270 
numerical sequence, 141 
numerical series, 211 
Nusselt number, 834, 837 
for circular tube, 837 
for thermal stabilized region, 842 
nutation of Earth axis, 433 


O 


obelisk, 54 

oblate ellipsoid of revolution, 809 

oblate spheroid, 96 

oblique asymptote, 145 

oblique bending, 763 

oblique prism, 51 

obtuse triangle, 37 

odd function, 140 

odd number, 3 

ODE, abbreviation for ordinary differential 
equation 
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Ohm law, 868, 869 
for circuit with capacitance, 907 
for circuit with current source, 490 
for circuit with inductance, 905 
for magnetic circuit, 892, 893 
for simple circuit segment, 489 
for unbranched circuit, 490 
in differential form, 488 
one-dimensional chain, 606 
one-dimensional random variables, 386 
one-sheeted hyperboloid, 96 
open circuit, 866 
open circuit mode, 873 
open intervals, 139 
operations with fractions, 6 
operations with power series, 221 
operations with powers and roots, 8 
operator 
angular momentum, 580 
coordinate, 578 
differential, 170, 287, 311-320, 779, 1007- 
1009 
Hamilton, 170, 578, 824 
Hermitian, 578 
Laplace, 170, 581, 824, 1007-1009 
momentum, 578, 579 
orbital angular momentum, 580 
squared angular momentum, 580 
operator approach in quantum mechanics, 578 
operators 
differential, of field theory, 170, 1007-1009 
of physical quantities, 578 
opposite of real number, 5 
opposite vector, 78 
optical branches, 608 
optical path difference, 541 
optical path length, 536 
optical property 
of hyperbola, 73 
of ellipse, 71 
of parabola, 75 
optically active media, 554 
optically anisotropic media, 553 
optics, 535 
geometric, 535 
orbital quantum number, 582 
orbital velocity, 427 
order of branch point, 245 
order of interference, 525, 541 
order of pole, 244 
order of zero of function, 243 
ordered pair of objects, 379 
ordinary differential equation, 261, 1011 
Abel, 1014, 1015 
autonomous, 1011, 1028, 1030 
Bernoulli, 265, 1011 
Bessel, 272, 1020 
Clairaut, 269 
degenerate hypergeometric, 1019 
Duffing, 285 
Emden—Fowler, 1028 
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Ermakov, 1029 

Euler, 272, 297, 782, 1020 

exact, 265, 267 

Gaussian hypergeometric, 1022 

general Riccati, 267, 1012, 1013 

generalized homogeneous, 264, 282, 1012, 
1029 

hypergeometric, 1022 

hypergeometric, degenerate, 1019 

homogeneous, 264, 282, 312, 313, 1011, 1029 

homogeneous linear, of second order, 1016 

Lagrange, 269 

Legendre, 1021-1023 

Lienard, 1030 

linear, of arbitrary order, 292 

linear, with constant coefficients, 292 

linear, with variable coefficients, 296 

Mathieu, 1025 

Meshcherskii, 415 

modified Bessel, 273, 1020 

modified Mathieu, 1024 

of damped oscillations, 272, 517 

of free oscillations, 1017 

of forced oscillations, 518 

of harmonic oscillations, 511 

Riccati, 267, 269, 1012 

Riccati, general, 267, 1012, 1013 

Riccati, special, 1013 

second-order constant coefficient linear, 272, 
1017 

separable, 1011 

special Riccati, 1013 

ordinary differential equations, 261-303, 

1011-1033 

admitting reduction of order, 281, 302 

arbitrary order, 292-303 

arbitrary order, linear, 292-302 

arbitrary order, nonlinear, 301-303 

Euler, dynamic, 733-735 

Euler, kinematic, 733 

first-order, 261-271, 1011-1016 

integrable by quadrature, 261 

invariant under scaling—translation transforma- 
tions, 283 

involving arbitrary functions, 1027 


involving exponential and other functions, 1024 


involving power functions, 1017 
nonlinear, of arbitrary order, 301 
not solved for derivative, 262, 268 
second-order, 271-292, 1016-1033 
second-order, linear, 271-280, 1016-1028 
second-order, nonlinear, 281-292, 1028-1033 
solved for derivative, 261, 263, 281 
solved for highest derivative, 301 
with separable variables, 263 
with separated variables, 263 

ordinary wave, 554 

ordinate, 61, 79 

ordinate axis, 61 

orientational mechanism of magnetization in 

paramagnetic materials, 501 
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orientational mechanism of polarization (dipolar 
polarization), 484 
oriented area, 63 
origin in space, 79 
origin of affine coordinate system, 134 
origin on plane, 61 
originalion of bands from atomic levels, 609 
orthocenter of triangle, 40 
orthogonal coordinates, 1006 
orthogonal curvilinear systems of coordinates, 
1005 
orthogonal elements, 136 
orthogonal matrix, 117 
orthogonal polynomials, 373 
orthogonality of associated Legendre functions, 
374 
orthogonalization, 137 
orthonormal basis, 137 
in finite-dimensional Euclidean space, | 37 
orthotropic bodies, 812 
oscillating wake, 804 
oscillation amplitude, 511 
oscillation frequency, 511 
angular, 511 
circular, 511 
oscillations, 511 
coherent, 512 
damped, 517 
damped, electric, 518 
forced, 518 
forced, electric, 520 
forced, mechanical, 518 
free, 511 
free, in elastic rod, 526 
free, in electric circuit, 516 
harmonic, 511 
isochronous, 515 
natural, 511, 526 
natural, in elastic rod, 526 
oscillator, 530 
Hertz, 530 
linear harmonic, 531, 576 
quantum, 579, 604 
quantum, three-dimensional, 579, 580 
oscillatory systems with several degrees of 
freedom, 515 
osculating circle, 669 
Ostrogradsky-Gauss theorem, 208 
overtones, 527 
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pairing, 621 
parabola, 74 
parabolic equation, 307, 311, 351 
initial and boundary conditions, 311 
with two independent variables, 349 
paraboloid, 97 
of revolution, 98 
paradox 
Gibbs, 450 
twin, 436 


1081 


parallel-plate capacitor, 479 
parallel axis theorem, 430 
parallel connection 
of capacitors, 491 
of emf sources, 491 
of nonlinear elements, 889 
of resistors, 491, 877 
parallel lines, 49, 67, 68 
parallel planes, 49 
parallel vectors, 78 
parallelepiped, 51, 52 
parallelogram, 44 
parallelogram rule, 78 
paramagnetic materials, 498, 501 
parameter of ellipse, 70 
parameter of hyperbola, 72 
parametric equations 
of curve on plane, 64 
of straight line in space, 89 
of straight line on plane, 66 
paraxial approximation, 536 
parent nucleus, 625 
Parseval identity, 227 
Parseval relation 
for Fourier cosine transform, 257 
for Fourier sine transform, 258 
partial density, 821 
partial derivative, 163 
partial differential equation 
continuity, 779, 787 
convective diffusion, 860 
convective heat transfer, 823 
convective mass transfer, 821 
dimensionless mass transfer, 822 
elliptic, 308, 311, 313 
first-order quasilinear, 307 
for stream function, 797, 801 
heat, 307 
heat, with source, 316 
heat transfer, 823, 831 
Hopf, 307 
hyperbolic, 308, 309, 311, 312, 352 
hyperbolic, first canonical form, 309 
hyperbolic, second canonical form, 309 
Klein—Gordon, 339 
Laplace, 308, 847 
mass transfer, 825 
mass transfer, dimensionless, 822 
parabolic, 307, 311, 351 
Poisson, 477 
Poisson, three-dimensional, 320 
Poisson, two-dimensional, 320 
Schródinger, 574 
Schródinger, time-dependent, 574 
Schródinger, time-independent, 574 
Schródinger, three-dimensional, 579 
telegraph, 317 
thermal boundary layer, 831 
wave, 308, 522, 523 
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partial differential equations, 305-353 
convective mass and heat transfer, 821, 822 
elliptic, 308, 310 
Euler, for ideal incompressible fluid, 780 
first-order quasilinear, 305-307 
first-order quasilinear, with n independent 

variables, 306 
hydrodynamic, 789 
hyperbolic, 308, 309 
linear, 307-353 
Navier—Stokes, for laminar flow, 779, 787, 824 
parabolic equations, 308, 309 
Poisson, 735 
Reynolds, for turbulent flow, 783 
second-order linear, 307-353 
Stokes, 800 
partial fraction decomposition of rational 
function, 174 

partial increment of function, 163 

partial limit of sequence, 143 

partial sum of series, 211 

partially polarized light, 551 

particle, 405 

particle identity, 586 

particle in uniform magnetic field, 493 

particle spin, 585, 647 

partition diameter, 195 

Pascal law, 773 

Paschen-Buck effect, 591 

passive elements, 866, 867, 884 

path difference, optical, 541 

path integral, 204 

Pauli exclusion principle, 586, 587 

PDE, abbreviation for partial differential 

equation 
Peclet number, 822, 824, 831, 835-839, 850, 
85 1-862 

pencil of straight lines, 66 

pendulum oscillations in field of gravity 
forces, 660 

percentage, 6 

perfect elements, 866 

perfect non-wetting, 463 

perfect wetting, 463 

perfectly flexible unstretchable massless line, 

perimeter-average Nusselt number, 843, 844 

perimeter-equivalent factor, 813, 848 

perimeter-equivalent sphere, 813, 848 

period, 900 
diffraction grating, 549 
oscillations, 511 

periodic boundary conditions, 604 

periodic function, 140 

periodic table (Mendeleev table), 587, 1047 

permutation, 379 

perpendicular axis theorem, 430 

perpendicular bisector, 40 

perpendicular lines, 67, 68 

perpetual motion machine 
of first kind, 444 
of second kind, 446 
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perturbation method, 780 
perturbation methods in problems with small 
parameter, 284 
perturbing forces, 729 
phase, initial, 511 
phase of harmonic oscillation, 461, 901 
phase displacement, 901 
phase equilibrium, 460 
phase of complex number, 230 
phase transition heat, 462 
phase transition entropy, 462 
phase velocity, 524 
phenomenon of birefringence, 554 
phonon, 608 
pholoeffect, 562, 563 
Einstein equation, 563 
external, 562 
first law, 562 
internal, 563 
second law, 562 
photometric characteristics of light wave, 538 
photometry, 537 
photon, 563, 600, 630, 641, 643-646, 648 
physical applications of double integral, 200 
physical applications of integral, 189 
physical constants, 1040 
physical foundations of mechanics, 405 
physical kinetics, 442 
physical laws for structure elements, 868 
physical meaning of derivative, 151 
physical pendulum, 515 
physical tables, 1037 
physical similarity, 664 
physical simulation, 664 
Picard method, 269 
piezometric head, 775 
piezometric plane, 775 
Planck constant, 561, 1040 
Planck law, 561 
Planck quantization assumption, 561 
plane 
in space, 84 
polarization, of wave, 528, 551 
transmission, of polarizer, 551 
plane channel 
with constant heat flux at wall, 841 
with constant temperature of wall, 839 
plane geometry, 37 
plane mirror, 537 
plane motion of rigid body, 408, 431 
plane of action, of couple, 689 
plane Poiseuille flow, 787 
plane polarized wave, 528, 551 
plane refracting surface, 537 
plane stress state, 748 
plane system of forces, 693 
plane triangle, 37 
plane wave, 521 
plane-parallel (plane) motion of rigid body, 675, 
731 
planetary model, 570 
plasticity, 747 


p-n transition, 615 

pnictogens, 1047 

Pochhammer symbol, 355 

point-slope equation of straight line, 65 
point at infinity, 232 

point charges, 470 

point mass, 689 

point of affine space, 133 

point of extremum, 167 

point of intersection of straight lines, 68 
point of local maximum, 167 

point of local minimum, 167 

point of tangency, 46 

point particle, 405 

point sel, 162 

point of discontinuity of function, 147 


pointwise convergence of function series, 215 


pointwise convergence of functions, 149 
Poiseuille flow 
axisymmetric, 788 
plane, 787 
Poisson equation 
for adiabatic process, 445, 735 
for electric potential, 477 
three-dimensional, 320 
two-dimensional, 320 
Poisson formula, 364, 385 
Poisson coefficient, 749 
Poisson distribution, 392 
Poisson integral, 344 
Poisson theorem, 400 
polar angle, 62 
polar axis, 61 
polar coordinales, 61, 62, 1008 
polar coordinate system, 61 
polar dielectric, 484 
polar form of complex number, 230 
polar molecules, 484 
polar moment, 756 
of inertia, 753 
of inertia of cross-section, 754 
of resistance of cross-section, 755 
polar radius, 62 
polarization density, 481 
polarization density vector, 481 
polarization of dielectric, 481 
moving in magnetic field, 510 
polarizing prisms, 554 
polarizer, 551 
pole, 61, 243 
polygon, 43 
polyhedra, 51 
polyhedral angle, 50 
polyhedron, 51 
polynomial, 103 
Lagrange interpolation, 925 
with matrix argument, 120 
polynomial remainder theorem, 104 
polytropic index, 445 
polytropic process, 445 
position vector, 79, 405, 667 
of point, 79 
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positive definite quadratic form, 128 
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positive index of inertia of quadratic form, 129 


positive integer power of matrix, 120 
postulate of statistical physics, 600 
postulates 

Bohr, 570 

of special relativity, 434 
potential, 206, 865 

of conductor, 477 

of electrostatic field, 472 

of field of point charge, 473 


of field of system of point charges, 473 


of gravitational field, 203, 426 
of vector field, 206 
potential curves, 419 
potential diagram, 871 
potential difference, 865 
potential energy, 416, 417 
of charge in electrostatic field, 472 
of conservative interaction, 417 
of interaction of charged particles, 485 


of particle in external potential field, 417 


potential field, 416 
potential flow of ideal fluid, 781 
potential force, 713 


potential function of current loop in magnetic 


field, 497 
potential vector field, 206 
power, 7, 865 
power function, 15 
power Laplace integral, 186 
power of direct current, 871 
power on subcircuit, 521 
power series, 218 


expansions of elementary functions, 25, 29, 32, 


35 

powers, 7, 231 

of hyperbolic functions, 31 

of square matrices, 120 

of trigonometric functions, 24 
Poynting vector, 508 
Prandtl hypothesis, 783 
Prandtl law of wall, 793 
Prandtl model, 826 
Prandtl-Nikuradze implicit formula, 795 
Prandtl] number, 824, 832 
precession of gyroscope, 433 
pressure, 779 

ideal gas, 453 

light, 564 

wave, 529 
pressure gradient, 787 


primary system of equations of equilibrium of 


rigid body, 692 
prime number, 3 
primitive function, 171 
principal axes of inertia, 437 
principal central axes of inertia, 763 
principal dielectric permittivities, 553 
principal directions, 748 
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principal drags, 812, 815 
axial and transversal, 814 
dumbbell-like particle, 813 
needle-like ellipsoids, 813 
nonspherical bodies, 813 
thin circular cylinders, 813 
thin circular disk, 813 
principal maxima of diffraction grating, 549 
principal moments of inertia, 432 
principal normal, 669 
principal optic axis, 536 
principal part of Laurent series, 242 
principal plane of crystal, 553 
principal postulate of statistical physics, 598 
principal quantum number, 570, 583 
principal stresses, 748 
principle 
Archimedes, 777 
current compensation, 877 
d'Alembert, 716 
Duhamel, first, 350 
Duhamel, second, 351 
Fermat, 536 
Galilean relativity, 412 
holography, 544 
Huygens, 536 
Huygens—Fresnel, 545 
maximum modulus, 234 
of corresponding states, 461 
of independence of forces, 747 
of invariant light speed, 434 
of laser operation, 565 
of linear superposition, 297, 315, 880 
of relativity, 434 
of superposition, 297, 315, 425, 471, 473, 494, 
521, 573, 880 
of superposition, for field strength, 471 
of superposition, for fields, 471, 473, 494 
of superposition, for homogeneous system, 298 
of superposition, for magnetic induction, 494 
of superposition, for potential, 473 
of superposition, for wave functions, 573 
of superposition, for waves, 521 
of uniqueness, 478 
of virtual displacements, 720 
Pauli exclusion, 586, 587 
Rayleigh-Rilz, 279 
uncertainty, 573, 578 
voltage compensation, 876 
prism, 51 
probability, 381 
probability density function, 386, 456 
probability element, 387, 396 
probability flux density, 574 
probability integral, 318, 356 
probability multiplication theorem, 383 
probability of event, 382 
probability of random events, 380 
probability of union of events, 382 
probability theory, 379 
problem 


Banach, 385 
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Blasius, 797, 798 
boundary value, first, 276, 313, 343, 344 
boundary value, mixed, 276, 314 
boundary value, second, 276, 313, 344 
boundary value, third, 276, 314 
Cauchy, 262, 281, 291, 302, 306, 312 
Dirichlet, 314 
for unbranched magnetic circuits, first, 896 
for unbranched magnetic circuits, second, 897 
Goursat, 312, 340 
Neumann, 314 
of dynamics, first, 702 
of dynamics, second, 702 
of hydrodynamics, exterior, 781 
of hydrodynamics, interior, 781 
of kinematics, direct, 406 
of kinematics, inverse, 406, 407 
of maximal power transfer, 874 
on motion of rigid body about fixed point, 734 
statically determinate, 692 
statically indeterminate, 692 
Sturm-Liouville, 277, 278, 334-336, 338, 339, 
343 
two-body, 424 
problems 
boundary value, for elliptic equations, 348 
boundary value, for elliptic equations with two 
space variables, 342 
boundary value, for hyperbolic equations, 347 
boundary value, for hyperbolic equations with 
one space variable, 336 
boundary value, for parabolic equations, 345 
boundary value, for parabolic equations with 
one space variable, 332 
eigenvalue, 277 
for homogeneous linear equations, 349 
for hyperbolic equation, 338 
for nonhomogeneous linear equations, 35] 
for parabolic equation, 334 
for strength analysis, 752 
heat, for solid bodies, 845 
of analysis and synthesis of network, 869 
of statics, 690 
with boundary conditions of first kind, 279 
with many space variables (PDEs), 345 
procedure of solving Cauchy problem, 306 
process equation, 442 
process with constant heat capacity, entropy 
change, 449 
product 
of complex numbers, 230 
of hyperbolic functions, 31 
of matrices, 116 
of matrix by scalar, 115 
of polynomials, 103 
of scalar and vector, 131 
of trigonometric functions, 23 
of vector by number, 78 
progressions, 10 
prolate ellipsoid of revolution (spheroid), 810 
prolate spheroid (ellipsoid of revolution), 96 


proof by contradiction, 12 
proof by counterexample, 13 
propellant use, 415 
proper subspace, 134 
proper time, 435 
properties 
of Bose-Einstein distribution, 600 
of concave functions, 149 
of continuous functions, 147 
of convex functions, 149 
of convergent sequences, 141 
of convergent series, 212 
of couple of forces, 689 
of definite integrals, 184 
of determinants, 113 
of dimensions, 656 
of double integral, 196 
of electric charge, 469 
of electromagnetic waves, 528 
of exponential function, 17 
of Fermi-Dirac distribution, 600 
of fractions, 6 
of hyperbolic functions, 30 


of incompressible (dropping) liquid, 773 


of indefinite integral, 172 

of infinitely small and infinitely large 
functions, 146 

of integrals in terms of identities, 184 


of integrals in terms of inequalities, 187 


of internal forces, 703 
of inverse hyperbolic functions, 34 
of inverse trigonometric functions, 27 
of limits, 144 
of linear equations, 314 
of logarithmic function, 19 
of logarithms, 8 
of moment of inertia, 430 
of nuclear forces, 621 
of positive sequences, 142 
of power function, 16 
of power series, 219 
of quadrilaterals, 43 
of stationary states, 575 
of Sturm-Liouville problem, 335, 339 
of trigonometric functions, 22 
of triple integral, 201 
of uniformly convergent series, 217 
proportional parts method, 883 
proportionality limit, 771 
proportions, 6 
propulsive force, 415 
protium, 618 
proton, 617, 1041, 1042, 1045 
psi function (digamma function), 360 
Ptolemy theorem, 43 
Puiseux power series, 245 
pure active resistance, 913 
pure bending hypotheses, 758 
pure imaginary complex number, 229 
pure semiconductor, 610 
pyramid, 53 
Pythagorean theorem, 42, 136, 659 
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Q 
quadrant, 61 
quadratic, 75 
quadratic curve, 68, 75 
quadratic equation, 105 
quadratic form, 127 
quadratic form, with n variables, 127 
quadratic mean, 11 
quadric, 99 
quadric surfaces, 96 
quadrics 
canonical equations, 96 
general theory, 99 
qualitative analysis of functions, 158 
qualitative model of transfer phenomena in 
gases, 465 
qualitative properties of integrals, 184 
qualitative theory of energy bands, 609 
quality factor of oscillatory system, 519 
quantity of heat, 443 
quantum amplification coefficient, 567 
quantum chromodynamics, 645 
quantum generator, 567 
quantum mechanics, 573 
quantum mechanical description of energy 
regions, 611 
quantum number 
magnetic, 582 
magnetic, spin, 585 
orbital, 582 
principal, 570, 582, 587 
radial, 582 
spin, 582, 585 
spin, secondary, 585 
spin, magnetic, 585 
quantum oscillator, 572, 576, 579, 580 
quantum statistics, 597 
quantum statistical distributions, 597 
quantum theory of crystals, 597 
quark color, 645 
quark confinement, 646 
quark flavor, 644 
quark structure of hadrons, 644, 1045 
quarks, 625, 645, 1044 
quarter wave plate, 554 
quasi-equilibrium process, 442 
quasi-momentum of electron, 611 
quasi-momentum of phonon, 608 
quasielastic force, 484, 514 
quasiparticles, 608 
quasistatic process, 442 
quasistationary approximation (electromagnetic 
induction), 504 
quotient, 103 
of complex numbers, 230 


radial quantum number, 582 
radiant energy, 537 
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radiant exitance, 538 
radiant flux, 537 
radiant intensity, 537 
radiation 
of moving charges, 530 
of plane current, 529 
Vavilov-Cherenkov, 544 
radiation capacities, 558 
radiation capacity of black body, 558 
radiation capture, 639 
radiation dose measurement, 631 
radiation quality factor, 631 
radiation weighting factor, 631 
radicals, 231 
radioactive decay law, 625 
radioactive families, 630 
radioactive sample activity, 625 
radioactivity, 625 
radius 
of convergence, 218 
of convergence of power series, 218, 241 
of curvature, 669 
of sphere, 58 
ramification point, 245 
random event, 380 
random variable, 386 
range of function, 140 
rank of matrix, 118 
rank of quadratic form, 128 
rarefied gas, 467 
rale of suspension precipitation, 818 
rational function, 174 
rational number, 4 
rational polynomial function, 174 
ratios, 6 
Rayleigh criterion, 549 
Rayleigh-Jeans law, 560 
Rayleigh law, 557 
Rayleigh-Ritz principle, 279 
Rayleigh scattering, 557 
reactance, 520 
capacitive, 520, 906 
inductive, 520, 905 
of circuit, 520, 908 
reaction energy, 634 
reactive capacitive power, 907 
reactive current, 918 
reactive inductive power, 906 
reactive power, 909 
real-valued functions of real variable, 140 
real axis, 139, 229 
real Euclidean space, 136 
real gases, 458 
real linear space, 132 
real matrix, 117 
real number, 3, 4 
real part, 229 
real semiaxes 
of hyperbola, 72 
of one-sheeted hyperboloid, 96 
of two-sheeted hyperboloid, 97 
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rear stagnation point, 802 

reciprocal (algebraic) equation, 107 
reciprocal of real number, 5 
reciprocity law for shear stresses, 748 
reciprocity theorem, 877 

rectangle rules, 195 


rectangular Cartesian coordinate system, 61, 79 


rectangular hyperbola, 72 
rectangular parallelepiped, 52 
rectilinear tube of arbitrary cross-section, 790 
reduced length, 770 
reduced length coefficient, 770 
reduced length of physical pendulum, 515 
reduced mass, 424 
reduction formulas, 22, 961 
reduced Planck constant, 561, 1040 
reduction of Riccati equation to second-order 
linear equation, 267 
reference frame, 405 
reflection from barrier, 577 
reflection of waves, 527, 551 
reflection of traveling wave, 527 
refraction of waves, 55] 
region of stabilized flow, 792, 795, 798 
regula falsi method, 160 
regular part of Laurent series, 242 
regular polygon, 45 
regular polyhedra, 54 
regular polyhedron, 54 
regular prism, 51 
regular pyramid, 53 
regular triangle, 37, 43 
Reichardt formula, 794 
relation 
belween energy and mass, 438 
between field strength and potential, 472 
between force and potential energy, 417 
relations for Green function, 342 
relationship between Cartesian and polar 
coordinates, 62 
relative acceleration, 681 
relative frequency, 381 
relative index of refraction, 535 
relative motion of point, 681-683 
relative spectral sensitivity, 538 
relative trajectory, 681 
relative velocity, 425, 68] 
relativistic energy, 437 
relativistic momentum, 437 
relativistic properties of fields, 509 
relativity of motion, 407 
relativity of simultaneity, 435 
relaxation time, 442 
remainder, 103 
remainder in Taylor formula 
in form of Cauchy, 156 
in form of Lagrange, 156 
in form of Peano, 156 
in form of Roche, 156 
in form of Schlémilch, 156 
in integral form, 156 
remainder of function series, 216 


INDEX 


remainder of series, 211 
removable singularity, 243 
repeated integration by parts, 173 
representation 
of complete elliptic integrals in series 
form, 371 
of elementary functions by Maclaurin 
series, 220 
of Green function in terms of particular 
solutions, 277 
of inverse transforms as convergent series, 255 
of sinusoidal quantities by vectors on complex 
plane, 901 
of solutions as series in independent variable, 
274 
of solutions to boundary value problems via 
Green functions, 332, 336, 337, 343, 345, 
347, 348 
of vector in terms of basis, 133 
residual magnetization, 501 
residual (plastic) strain, 749 
residue, 245-247 
of analytic function at isolated singular 
point, 245 
resistance, 489, 520, 865 
resistivity, 488, 489, 492 
resistor, 490, 520, 866 
resolved system, 126 
resolved unknown, 126 
resolving power, 550 
of optical instruments, 549 
resonance, 519 
resonance curves, 519 
resonance frequency, 519 
resonance operation mode, 912 
resonance particles, 645 
resonance phenomena, 912 
resonance under arbitrary periodic action, 519 
resonant absorption, 630 
restoring force, 514 
resultant force, 411 
resultant moment of system of forces about 
center, 088 
resultant of system of forces, 687 
resultant vector 
of forces of inertia, 717 
of system of forces, 688 
reversed statement of Blasius problem, 798 
reversible process, 442 
Reynolds equations, 782, 783 
Reynolds number, 662, 780, 796, 824 
for film flow, 786 
Reynolds stress, 783 
rhombus, 44 
Riccati equation, 267, 1012 
Richardson-Dashman formula, 604 
Riemann function, 340 
Riemann integral, 183 
Riemann sum, 183 
right-angled triangle, 37 
right arm of hyperbola, 72 
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right circular cone, 57, 97 
right circular cylinder, 55 
right cylinder, 55 
right-hand limit, 144 
right-handed trihedral, 83 
right prism, 51 
right rectangular Cartesian coordinate system, 61 
right triangle, 37, 41 
rigid body, 408 
rigid clamping, 695 
rigidity, 745 
rigidity of rod cross-section under tension or 
compression, 752 
rod flexibility, 770 
roentgen (róntgen), 631 
Rolle theorem, 153 
root mean square, 11 
root mean square deviation, 390 
root mean square velocity, 455 
root of equation, 109 
root of multiplicity m, 109 
rotation 
about fixed axis, 408, 429, 672 
about fixed point, 732 
about instantaneous axis, 408, 609, 679 
of liquid in cylindrical vessel, 774 
of polarization plane, 554 
of polarization plane, magnetic, 555 
of rigid body about fixed axis, 672, 732 
per unit length, 555 
rotational levels, 594 
rotational motion, 408 
rotational spectra, 594 
rotational tensor, 812 
rotator, 595 
Rouché theorem, 243 
row vector, 114 
rule 
Cramer, 124 
Hund, 589 
Kirchhoff first, 491 
Kirchhoff second, 491 
L'Hospital, 153 
Lenz, 503 
Maxwell, 460 
of parallelogram, 78 
of product, 379 
of sum, 379 
sigma, 394 
Simpson, 195 
trapezoidal, 195 
triangle, 78, 113 
rules 
for alignment of mechanical constraint reaction 
lorces, 694 
for calculating higher-order derivatives, 155 
of combinatorics, 379 
of differentiation, 152 
of rectangle, 195 
selection, 577, 583, 586, 589 
Runge-Kutta method for Cauchy problem, 291 
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Runge-Kutta method of fourth-order approxima- second problem for unbranched magnetic 

tion, 271 circuits, 897 
running angle of torsion, 753 second problem of dynamics, 702 
Russell-Saunders coupling, 588 secondary spin quantum number, 585 
Rutherford experiments, 569 sector, 48 
Rutherford formula, 570 secular terms, 286 
Rydberg constant, 569, 571, 572 sedimentation 
Rydberg correction, 584 of colloids, 800 

of isotropic particles, 814 
S of nonisotropic particles, 814 
segment, 48 


Saint-Venant strength condition, 767 
sample space, 380 

Sarrus scheme, 113 

saturated vapor, 458 


selection rules, 577, 583, 586, 589 
self-adjoint matrix, 114 
self-consistent field, 586, 599 


saturation magnetization, 501 self-induction, 504 l 
saturation property, 622, 624 self-induction electromotive force, 504 
scalar, 131 semi-invariant of quadric, 100 
scalar product, 82, 136 semiaxis of ellipsoid, 96 
scalar square, 82 semiclassical approximation, 598 
scalar triple product of three vectors, 84 semiconductor 
scalar triple product of vectors, 84 of n-type, 610 
scale of electromagnetic waves, 532 of p-type, 611 
scalene ellipsoid, 96 pure, 610 
scalene triangle, 37 semimajor axis of ellipse, 70 
scallering, 422, 563, 565, 632 semimetal, 609 
elastic, 465, 632 semiminor axis of ellipse, 70 
light, 557 separable equation, 1011 
light, Rayleigh, 557 separable solution, 317 
particle, 422, 569, 619 separation constant, 321 
phonon, 608 sequence of n independent trials, 386 
photon, 564, 565 sequence of trials, 384 
Tyndall in turbid media, 557 series, 211 
scallering angle, 422, 557 series connection 
scaltering center, 465 of capacitors, 480 
scattering coefficient, 557 of emf sources, 481 
scattering cross-section, 531, 570 of nonlinear elements, 888 


schlicht mapping, 232 of resistors, 491, 877 
Schmid numu, aah series solutions of boundary value problems for 
Schrödinger equation, 574 parabolic equations, 323 

OR E EEA sets on plane and in space, 162 


time-independent, 574 settling rate of particle, 816 
three-dimensional, 574, 579 = : 
shape coefficient, 858 


secant, 20, 47 erage 
second-order constant coefficient linear equation shape factor, 848, 856, 858 
shear flow, 782 


(ODE), 272, 1017 : , 
second-order curve, 75 axisymmetric, 940-942 
second-order determinant, 112 linear, 782, 856, 862 
second-order differential operators, 170 _ Simple, 182, 189 
second-order linear differential equations, 271 shear modulus, 749, 750 


second-order linear equations, 1016 shear rate, 782 

second-order nonlinear differential equations, 281 Shear stress, 754, 760, 792, 833 

second-order nonlinear equations, 1028 shear tensor, 782 | 

second-order phase transitions, 462 shell model of nucleus, 624 

second boundary value problem, 276, 313, 344 Sherwood number, 824, 825, 842, 847, 850-862 
second convergence criterion, 212 shock wave front propagation in nuclear 
second cosmic velocity, 427 explosion, 659 

second differentials, 164 shooting method, for boundary value problems, 
second law of photoeffect, 562 291 

second law of thermodynamics, 446 short circuit, 866 

second noteworthy limit, 144 short circuit current, 874, 875 


second partial derivatives, 164 short circuit mode, 873 


INDEX 


SI (International System of Units) 
base units, 1038 
derived units, 1038 
prefixes, 1037 
sigma rule, 394 
sienature of quadratic form, 129 
similar processes, 664 
similarity, 664 
similarity paramelers, 664 
simple (normal) Zeeman effect, 583, 591 
simple capacitor, 479 
simple circuit segment, 489 
simple harmonic oscillations, 511 
simple percentage, 6, 7 
simple pole, 244 
simple shear, 749 
simple shear flow, 782, 783 
simple thermodynamic system, 442 
simple zero, 243 
simplest properties of nonhomogeneous linear 
equations, 319 
simplest summation formulas for power 
series, 223 
simplification of boundary conditions, 276 
Simpson line, 40 
Simpson rule, 195 
simulation, 664 
sine, 20, 21 
sine integral, 358 
single-phase harmonic current circuits, 900 
single-step methods of second-order approxima- 
tion, 271 
single-valued function, 140, 232 
singular solution, 262 
sinusoid, sine curve, 21 
sinusoidal current, 900 
skew lines, 49 
skew-symmetric matrix, 114 
skewness, 390 
slope-intercept equation of straight line, 64 
slowing down X-ray radiation, 564 
small discriminant, 76 
small oscillations 
of conservative system, 725 
of mechanical systems, 724 
soft magnetic materials, 894 
Sokhotski theorem, 244 
solenoidal electric field, 502 
solid angle, 51 
solid geometry, 49 
solids formed by revolution of lines, 55 
solution 
Blasius, 797, 798, 831 
Cardano, 105 
classical, 315 
Descartes—Euler, 107 
Ferrari, 108 
formal, 315 
fundamental, 320 
Hadamard-Rybczynski, 807 
multiplicative separable, 317 
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of eigenvalue problems, 322 
of first-order PDE, 305 
of Maxwell equations, in form of delayed 
potentials, 507 
of Stokes equations, 801 
separable, 317 
singular, 262 
trivial, 127 
solution of linear problems 
for parabolic equations using Laplace 
transform, 330 
of mathematical physics by Fourier transform, 
331 
using Laplace transform, 329 
solution of problems 
for elliptic equations, 326 
for hyperbolic equations, 324 
for Laplace equation in polar coordinate 
system, 344 
for parabolic equations, 321 
of statics, 693 
solution of Cauchy problem using Laplace 
transform, 294 
solution of Goursat problem in terms of Riemann 
function, 341 
Sommerfeld theory, 601 
sound branches, 608 
source energy power, 538 
source luminous intensity, 538 
space-like interval, 436 
space of elementary events, 380 
spacecraft propulsion, 415 
spacelime interval, 436 
Spalding implicit interpolation formula, 799 
spatial coherence, 542 
spatial inversion, 648 
spatial parity, 648 
special functions, 355 
special relativity, 434 
special Riccati equation, 1013 
special theory of relativity, 434 
specific activity, 625 
specific binding energy, 620 
specific excess surface energies, 785 
specific Gibbs free energy, 452 
specific heat, 833, 842 
specific heat capacity, 445 
specific latent heat, 462 
specific phase transition heat, 462 
specific refraction, 557 
specific volume, 462 
spectra of alkali metals, 584 
spectra of complex atoms, 586, 588 
spectral decomposition of light, 538 
spectral series, 569, 571 
spectrum of matrix, 120 
sphere, 58 
spherical bubble, 800 
at any Peclet numbers, 854, 855 
in translational flow at various Reynolds 
numbers, 808, 809 
in translational Stokes flow, 806-808 
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spherical bubble (continued) 
mass and heat transfer in translational 
flow, 853-855 
transient mass transfer in steady-state 
flow, 860-862 
spherical cap, 58 
spherical capacitor, 479 
spherical coordinates, 81, 1009 
spherical diverging waves, 522 
spherical drop 
at any Peclet numbers, 855, 862 
at high Peclet numbers, 856, 861 
in translational flow, 808 
in translational flow at various Reynolds 
numbers, 808, 809 
in translational Stokes flow, 806-808 
mass and heat transfer in translational 
flow, 853-855 
transient mass transfer in steady-state 
flow, 860-862 
spherical functions, 582 
spherical mirror, 537 
spherical motion, 679 
spherical particle 
at arbitrary Peclet numbers, 862 
at high Peclet numbers, 861 
al various Reynolds numbers, 853 
in translational flow, 802-804 


in translational flow in wide range of Reynolds 


numbers, 804 
in translational Stokes flow, 802 
mass and heat transfer in translational 
flow, 853-855 
transient mass transfer in steady-state 
flow, 860-862 
spherical parts, 58 
spherical refracting surface, 537 
spherical sector, 59 
spherical segment, 59 
spherical zone, 59 
sphericity parameter, 814 
spheroid, 96 
spin, 500, 582, 585, 588, 600 
of boson, 600 
of fermion, 600 
of electron, 585, 587, 593 
of nucleus, 619 
of neutron, 617 
of neutrino, 629 
of proton, 617 
of particle, 649 
spin-orbit interaction (coupling), 585, 624 
spin quantum number, 582, 585 
spontaneous emission, 566 
spontaneous fission, 637 
spontaneous transition, 565 
square matrix, 114 
square system of linear algebraic equations, 123 
stability 
of equilibrium, 419 
of compressed rods, 768, 771 
of floating bodies, 777 


INDEX 


standard deviation, 390 
standard form of Fourier transform, 255 
standard theory of electroweak interaction, 650 
standing wave, 526 
static resistance of nonlinear element, 884 
static friction force, 700 
static loop, 502 
static moment of cross-section cut-off part about 
axis, 761 

statically determinale problem, 692 
statically indeterminate problem, 692 
statics, 690 
stationary constraints, 718 
stationary mass and heal exchange, 847 
stationary points, 167 
stationary state, 574, 575 

of nonequilibrium system, 443 
statistical approach, 441 
statistical definition of probability, 381 
statistical distributions, 597 
statistical meaning of entropy, 450 
statistical model of decay, 637 
statistical weight, 450, 598 
statistics 

Bose-Einstein, 599 

Fermi-Dirac, 599 

Maxwell-Boltzmann, 599 
steady-state motion 

of bubbles in fluid, 807 

of drops in fluid, 807 

of spherical particles in fluid, 803 
steady-state oscillations, 518 
Stefan-Boltzmann law, 559 
steradian, 538 
Stirling formula, 360 
stirring liquid, 663 
Stokes equations, 800 
Stokes formula, 803 
Stokes law, 803 
Stokes theorem (curl theorem), 208 
stopping voltage, 562 
STR dynamics, 437 
straight line, 49, 64 
strain state, 747 
strains, 747 

at point, 746 

in symmetric lateral bending, 760 

in symmetric pure bending, 758 

in tension or compression, 752 

in torsion, 753 
strangeness, 649 
stream function, 797, 801, 803, 807, 810 
strength, 745 

in symmetric bending, 761 

in tension and compression, 752 

in torsion, 755 

of electric field, 470, 471 

of gravitational field, 426 

of gravitational field generated by point 

mass, 426 
of materials, 745 
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strength condition, 752, 755, 762, 764 
beam, 762 
Saint-Venant, 767 
von Mises, 767 
stress, 523, 746 
admissible, 752 
stress concentration, 751 
stress state, 746 
biaxial, 748 
in torsion, 753 
linear, 748 
plane, 748, 767 
simple shear, 749 
triaxial, 748 
uniaxial, 748, 750 
volumetric, 748 
stress=strain state at point, 748 
stress vector, 746, 748 
stresses, 746 
at point, 746 
critical, 770, 771 
in bending with torsion, 766, 767 
in eccentric tension/compression, 765, 766 
in oblique bending, 763, 764 
in symmetric lateral bending, 760 
in symmetric pure bending, 758 
in tension or compression, 753 
in torsion, 755 
maximum, 761 
normal, 746, 748, 749, 759 
principal, 748 
Reynolds, 783 
shear, 746, 748, 754, 760, 764 
tangential, 746, 749, 754 
tensile, 749 
stretched string, 523 
strictly concave function, 149 
strictly convex function, 148 
strong interaction, 643 
strong law of large numbers, 400 
Strouhal number, 805 
structure of complex atoms, 586 
structure elements of network, 868 
structure of general solution (Cauchy problem), 
301 
Struve function, 260 
Sturm—Liouville problem, 277, 278, 334-336, 
338, 339, 343 
subdiagonal matrix, 114 
sublimation-deposition curve, 461 
subsequence, 141 
subspaces of linear spaces, 134 
subtraction 
of complex numbers, 229 
of inverse hyperbolic functions, 34 
of inverse trigonometric functions, 28 
of matrices, 115 
of power series, 221 
of trigonometric functions, 23 
sufficient conditions 
for convergence of improper integrals, 191 
of extremum, 167 
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sum 
of complex numbers, 229 
of elements of linear space, 131 
of matrices, 114 
of polynomials, 103 
of series, 211 
of subspaces, 134 
of two sinusoidal quantities, 901 
of vectors, 78 
summation formulas for power series, 221, 223 
supercooled vapor, 458 
superdiagonal matrix, 114 
superheated liquid, 458 
superposition principle, 297, 425, 471, 473, 494, 
521, 573 
for field strength, 471 
for fields, 425, 471, 474, 494 
for magnetic induction, 494 
for homogeneous system, 298 
for wave functions, 573 
for waves, 521 
sure event, 380 
surface density of charge, 469 
surface energy, 462 
surface integral of first kind, 207 
surface integral of second kind, 208 
surface tension, 462, 623, 809 
surface tension coefficient, 462-464, 784, 809 
surface tension force, 463 
surfactants, 808 
switch, 866 
Sylvester criterion, 128 
Sylvester inequalities, 118 
Sylvester theorem, 121, 123 
symbols of order, O and o, 146 
symmetric bodies, 698 
symmetric matrix, 114 
symmetric random variable, 387 
symmetrical bending, 755 
symmetry effect, 621, 623 
system 
in thermostat, 451 
of forces, 687, 690-693, 713, 716, 745 
of linear algebraic equations, 123 
of linear differential equations, with constant 
coefficients, 298 
of Maxwell equations in vacuum, 507 
of Maxwell equations in medium, 508 
of parallel forces, 693 
of particles, 413 
of two equations with two unknown quantities, 
124 
of two random variables, 395 
of units of measurement, 655 
system of first-order linear homogeneous 
equations 
general solution, 298 
particular solutions, 299 
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table 
of basic integrals, 172 
of derivatives of basic elementary functions, 
151 


of higher-order derivatives of some elementary 


functions, 155 
of integral transforms, 259 
periodic (Mendeleev’s), 587, 1047 
tables 
of definite integrals, 963 
of Fourier cosine transforms, 995 
of Fourier sine transforms, 1000 
of inverse Laplace transforms, 982 
of Laplace transforms, 975 
of physical constants, 1040-1042 
of units of measurement, 1038-1040 
tangent, 20, 21, 46 
tangent line, 151 
tangential (shear) stresses, 746, 748, 754, 760, 
764, 791 
tangential acceleration, 406, 668 
Taylor formula, 156 
Taylor power series, 220 
Taylor series, 220, 241 
telegraph equation, 317 
temperature, 441, 443, 445, 447, 454 
boiling, 462 
bulk, 837, 845-847, 936-939 
condensation, 600 
critical, 458, 459, 463, 600 
Curie, 485, 502 
Debye, 606 
Fermi, 603 
friction, 833 
mean flow rate, 839, 840, 843 
melting, 461, 462 
of ideal gas, 454 
temperature coefficient of resistivity, 489 
temperature field, 823, 831 
far from inlet cross-section, 838 
in initial region of tube, 839 
temperature profile, 832-834, 841-843 
tesla, 492 
test charged particle, 471 
theorem 
Abel, 215, 241 
Abel, on convergence of power series, 218 
Abel, on convergence radius of power 
series, 218 
Abel-Ruffini, 109 
absolute value, 187 
absolute value, for double integral, 196 
absolute value, for triple integral, 201 
Bernoulli, 400 
binomial, 9 
Bloch, 611 
Bolzano-Cauchy, 141 
Carnot, 446, 743 
Cauchy, 153, 215 
Cauchy residue, 246 
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Cauchy, for multiply connected domain, 239 

Cauchy, for simply connected domain, 239 

Cayley—Hamilton, 121 

central limit, 401 

Chebyshev, 400 

convolution, 252, 256 

convolution, for Fourier transform, 256 

convolution, for Laplace transform, 252 

current compensation, 877 

Descartes, 111 

Dirichlet, on Fourier series, 223, 224 

divergence, 208 

Earnshaw, 476 

equipartition, 455, 560, 561 

estimation, for double integral, 196 

estimation, for triple integral, 201 

Euler, 51 

fundamental, of algebra, 109 

Gauss, 474, 475 

Green, 209 

Huygens-Steiner, 430 

Huygens, on moments of inertia, 705 

de Moivre—Laplace, 385 

König, 416 

Kolmogorov, 400 

Kronecker-Capelli, 123 

Lagrange, 153, 724 

Lindeberg central limit, 401 

Liouville, 234, 244 

local de Moivre-Laplace, 385 

Lyapunov central limit, 401 

mean value, 187 

mean value, for double integral, 196 

mean value, for integration, first, 187 

mean value, for integration, second, 187 

mean value, for triple integral, 201 

Mertens, 215 

Morera, 239, 241 

mutuality, 505 

Nernst, 451 

of principal axes of inertia, 432 

on accelerations in compound motion of 
point, 682 

on accelerations of points of plane figure, 677 

on active impedor (two-terminal network), 875 

on angular momentum, 710, 711 

on arrangement of two lines in space, 93 

on basic minor, 118 

on equivalence of couples of forces, 690 

on equivalence of systems of forces, 691 

on kinetic energy, 712 

on kinetic energy in differential form, 715 

on kinetic energy in integral form, 715 

on momentum, 708 

on momentum in differential form, 709 

on momentum in integral form, 709 

on motion of center of mass, 707 

on parallel transfer of force, 691 

on projections, 38 

on reducing system of forces to center, 691 

on resultant couple of forces, 690 
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theorem (continued) thermodynamic temperature scale, 447 
on varialion in kinetic energy of system on thermodynamics of surface layer, 463 
impact, 743 thermonuclear energy, 620, 637, 641 
on variation in moment of momentum of point of sun and stars, 641 
on impact, 739 thickness of diffusion boundary layer, 830 
on velocities in compound motion of thickness of hydrodynamic boundary layer 
point, 682 in laminar flow, 798 
on velocities of points of plane figure, 676 in turbulent flow, 799 
Ostrogradsky—Gauss, 208 thickness of thermal boundary layer, 833 
m, 656 thin circular disk (hydrodynamic drag), 811, 813, 
Poisson, 400 857 
polynomial remainder, 104 thin lens (focal distance), 537 
probability multiplication, 383 third boundary value problem, 276, 314 
Ptolemy, 43 third law of thermodynamics, 451 
Pythagorean, 42, 136, 659 third-order determinant, 112 
Rolle. 153 Thomson atomic model, 569 
Rouché, 243 Thomson formula, 517 
Sokhotski, 244 three equilibrium conditions, 461 
Stokes (curl theorem), 208 three-dimensional Poisson equation, 320 
Sylvester, 121, 123 three-dimensional quantum oscillator, 579 
uniqueness, 243 three-dimensional Schrödinger equation, 579 


Varignon, on moment of resultant, 693 three-parameter empirical formulas, 931 

Viète, 105, 106, 110 three-phase system, 461 | 

voltage compensation, 876 three subdomains in wall region, 793 

work-energy, 416 threshold of nuclear reaction, 635 
heorems throat ellipse, 97 


about differentiable functions, 153 throttling process, 444 


. time dilation, 435 
compensation, $76 : a oT 
vant 255, 398, 399 time-dependent Schródinger equation, 574 


time-independent Schródinger equation, 574 
time-like interval, 436 

time of atom deexcitation, 531 

time of coherence, 513, 542 

tokamak, 642 

topographic diagram, 911 

torque, 420 

Debye, 605 tocan of couple of forces, 689 

Einstein, 604 Torricelli formula, 781 


of alpha decay, 627 torsion, 753-755, 766-768 
of finite Fermi systems, 623 torsional rigidity, 755 


of gyroscope, 737 


of dynamics of mechanical system, 703 
of statics, basic, 690 
on number of real roots of polynomials, 111 
on residues, basic, 246 
on sliding vectors, 686 
theory 


: torus, 59 

de total derivative, 164 
thermal boundary layer, 831-833, 843 e poa pe i BARRENA 
thermal boundary layer equation, 831 total increment of function, 163 
thermal boundary layer thickness, 833 total power, 909 
thermal conduction layer, 833, 841 total probability formula, 383 
thermal conduction of metals, 603 total reflection of light, 535 
thermal conductivity, 464 trace of matrix, 117 
thermal diffusivity, 823, 835, 842, 936 trace of square matrix, 117 
thermal efficiency, 444 trajectory (path), 405, 669 
thermal equation of state, 443 transcendental branch point, 245 
thermal initial region, 838, 839 transfer phenomena in gases, 464 
thermal Peclet numbers, 824, 831 transform, 251 
thermal pressure coefficient, 442 Bochner, 260 
thermal radiation, 558 Euler, of first kind, 260 

equilibrium, 558 Euler, of second kind, 260 
thermal volume expansion coefficient, 442 Fourier, 255, 260, 331 
thermodynamic approach, 441 Fourier, inverse, 256, 331 
thermodynamic cycle, 444 Fourier cosine, 257, 260 
thermodynamic parameters, 441 Fourier sine, 255, 257, 260 


thermodynamic potentials, 451, 452 Gauss, 260 
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transform (continued) 
Hankel, 260 
Hardy, 260 
Hartley, 260 
Hilbert, 260 
inverse, 251 
Kontorovich-Lebedev, 260 
Laplace, 251, 252, 260, 328 
Laplace, inverse, 251, 328 
Meijer (K-transform), 260 
Meler—Fock, 260 
Mellin, 258, 260 
Mellin, inverse, 258 
two-sided Laplace, 260 
Weber, 260 
Weierstrass, 260 
transforms 
of Fourier cosine, tables, 995 
of Fourier sine transforms, tables, 1000 
of integral, 251, 975 
of integral of general form, 251 
of inverse Laplace transforms, tables, 982 
of Laplace transforms, tables, 975 
transformation 
calibration, 507 
calibration, for vector potential, 498 
Jordan, 126 
Kummer, 367 
of charges and currents, 509 
of fields, 509 
of quadratic curves to canonical form, 75 
transformations 
equivalent, in electrical networks, 877 
equivalent, of characteristics of nonlinear 
elements, 386 
Galileo, 412 
Lorentz, 434 
nuclear, 625 
of coordinates, 135, 1008 
of graphs of functions, 159 
of real quadratic forms, 128 
of vectors, 1008 
transient mass and heat exchange, 849 
transient mass transfer to particles, drops, and 
bubbles in flow, 860 
transient zone, 795 
transition metals, 1047 
translation tensor, 812 
translational flow, 782, 800, 831 
past cylinder, 804, 805, 859 
past particles of arbitrary shape, 812, 856-859 
past spherical bubble, 806-808, 853-856, 861 
past spherical drop, 806-808, 853-856, 861 
past spherical particle, 803, 850-852, 861 
translational motion, 408, 672, 684 
translational Stokes flow, 852, 854 
past bodies of revolution, 811 
past ellipsoidal particles, 809, 857, 858 
past particles of arbitrary shape, 812, 857, 859 
past spherical bubble, 806, 853, 861 
past spherical drop, 806, 853, 861 
past spherical particle, 802, 851, 861 
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translationally moving noninertial frames, 428 
translatory velocity, 409 
transmission plane of polarizer, 551 
transpose, 116 
transuranic elements, 640 
transversal drag, 811 
axisymmetric body, 813 
dumbbell-like particle, 812 
oblate ellipsoid, 812 
prolate ellipsoid, 812 
thin circular disk, 811 
transverse (cross-axis) force, 746 
transverse wave, 521, 523, 528 
trapezoid, 45 
trapezoidal rule, 195 
traveling wave, 522, 604 
traveling wave reflection, 527 
triangle, 37 
triangle inequality, 38, 136 
triangle rule, 78, 113 
triangular pyramid, 53 
triaxial ellipsoid, 96 
trigonometric circle, 19 
trigonometric form of complex number, 230 
trigonometric functions, 19 
of half argument, 25 
of multiple arguments, 24 
trigonometric substitutions, 178 
trihedral angle, 50 
triple point, 461 
triple integral, 200-202 
tritium, 618 
triton, 618 
trivial solution, 127 
truly neutral particle, 643 
truncated cylinder, 56 
truncated prism, 52 
Tsiolkovsky equation, 415 
tunnel effect, 577 
turbulent (eddy) flux of admixture, 825 
turbulent boundary layer, 783, 798, 799 
turbulent core, 793, 794 
turbulent diffusion coefficient, 825 
turbulent diffusion tensor, 825 
turbulent flow, 779, 782, 791-796, 799, 825, 832, 
843, 844 
in plane channel, 795 
in tubes, 665, 793, 796 
Reynolds equations, 783 
turbulent heat transfer in circular tube and plane 
channel, 841 
turbulent Prandtl number, 825, 833 
turbulent Schmidt number, 825 
turbulent (eddy) viscosity, 783, 791-793, 798, 
825, 826 
turbulent viscosity coefficient, 826 
turning points, 419 
twin paradox, 436 
twisting moment, 746, 753, 754, 766 
two-body problem, 424 
two-dimensional Poisson equation, 320 


two-dimensional random variables, 395 
two-dimensional random vector, 395 
two-parameter empirical formulas, 926 
two-phase coexistence curve, 461 
two-phase system, 461 

two-point linear interpolation, 926 
two-sided Laplace transform, 260 
Tyndall scattering in turbid media, 557 
types of dielectric, 484 

types of equations, 308 

types of magnetic materials, 500 

types of mechanical constraints, 694 
types of stress state, 748 


ultraviolet catastrophe, 561 
Umov vector, 524 


unbounded set, 162 
unbranched electric circuit, 907 


uncertainty principle (relation), 573, 578, 622, 


643 
unclosed system, 424 
uncorrelated random variables, 398 
undetermined system of linear algebraic 
equations, 123 
uniaxial crystal, 553 
uniaxial compression, 749, 759 
uniaxial tension, 748, 749, 759 
uniform body, 413 
uniform convergence of function series, 216 
uniform convergence of functions, 149 
uniform distribution, 393 
uniform field, 412 
uniform motion, 406, 655, 670 
along given curvilinear path, 406 
uniform rotation, 675 
uniformity of time, 418 
uniformly accelerated, 406 
uniformly accelerated motion along given 
trajectory, 406 
uniformly convergent series, 216 
uniformly distributed load, 699 
uniformly rotating reference frame, 428 
uniformly varying motion, 670 
uniformly varying rotation, 675 
unilateral constraints, 718 
unimodal distribution, 390 
union of events, 380 
uniqueness theorem, 243 
unit vector, 78 
unitary matrix, 117 
units (of measurement), 655 
non-Sl, 1039 
Planck, 1040 
SI base, 1038 
SI derived, 1038 
unsaturated vapor, 459 
upper bound, 139 
upper limit of sequence, 143 
upper triangular matrix, 114 
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use of particular solutions 
for construction of other solutions, 315 
for construct general solution, 267 
useful power of current source, 490 
utilization of particular solutions for reducing 
order of equation, 296 
V 
valence band, 610 
Van der Waals equation, 442, 458, 459 
Van der Waals isotherms, 460 
Vandermonde determinant, 122 
variable parameter, 64 
variance, 389 
of random variable, 389 
Varignon theorem on moment of resultant, 691 
of system of converging forces, 690 
various forms of Fourier transform, 255 
various statements of theorem 
on kinetic energy, 715 
on momentum, 709 
Vavilov-Cherenkov radiation, 544 
vector, 78, 114, 131 
vector bosons, 643 
vector, 78 
acceleration, 667 
of angular acceleration, 672 
of angular momentum, 580 
of angular velocity, 408 
of angular velocity of rigid body, 672 
of current on complex plane, 902 
of forces of inertia, resultant, 717 
of moment of couple of rotation, 685 
of normal acceleration, 679 
of system of forces, resultant, 688, 707, 716 
of tangential acceleration, 679 
of voltage difference, 912 
position (radius), 79, 667 
Poynting, 508 
Umov, 524 
unit, 78, 405 
velocity, 667 
zero (null), 78 
vector components in Cartesian system, 1006 
vector diagram, 512, 904-906, 911 
vector method for specifying motion of 
point, 667 
vector model, 581 
vector potential, 498 
vector space, 131 
velocity, 406, 667 
absolute, 681 
angular, 407 
average, 406, 457, 488, 605, 792-800 
escape (first cosmic), 427 
frame, 681 
friction, 793, 799, 833 
group, 524, 573 
inslantaneous, 406 
mean flow rate, 786, 788, 826, 840 
most probable, 456 
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velocity (continued) 
of electromagnetic waves in vacuum, 528 
orbital (second cosmic), 427 
phase, 524, 535, 544, 573 
relative, 425, 532, 681, 740 
rool mean square, 455 
translatory, 409 
velocity addition in special relativity, 436 
velocity profile in circular tube, 793 
velocity profile in turbulent boundary layer, 797 
Verdet constant, 555 
vertex, 37 
of cone, 57, 97 
of graph of electric network, 868 
of ellipse, 70 
of hyperbola, 72 
of parabola, 74 
of paraboloid, 97 
of polygon, 43 
of polyhedral angle, 50 
of polyhedron, 51 
of pyramid, 50 
of sector, 20 
of spherical sector, 59 
of triangle, 37 
of trihedral angle, 50 
vertical asymptote, 145 
Viète theorem, 105, 106, 110 
vibrational levels, 594 
vibrational spectra, 594 
vibrations, 511, 604, 606, 608 
virtual displacement, 719-724 
of point, 719 
of system, 719 
virtual gluons, 644, 645 
virtual particles, 622, 643 
virtual pions, 622 
virtual photons, 623 
viscosity, 465, 467, 662, 780, 821 
dynamic, 657, 778, 802, 835 
effective, of suspensions, 816, 818, 819 
kinematic, 657, 663, 779, 792, 808, 824, 842 
turbulent (eddy), 783, 792, 793, 798, 825 
viscous sublayer, 793-795, 799 
voltage, 479, 487, 490, 865, 873 
capacitor, 479 
complex, 908 
effective, 904, 907 
magnetic, 893 
stopping, 562 
voltage compensation principle, 876 
voltage compensation theorem, 876 
vollage resonance, 913 
voltage triangle, 908 
volume density 
of bound charge, 482 
of electric charge, 469 
of electric current, 488 
of electric energy, 486 
of energy of elastic waves, 524 
of energy of electromagnetic waves, 529 
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of energy of equilibrium thermal radiation, 560 
of magnetic energy, 505 

of molecular current, 500 

of radiant energy, 537 

of thermal power of current, 489 

of wave energy, 524 


volume hologram, 544 

volume rate of flow, 784, 786-788 
von Kármán constant, 784, 793 
von Kármán friction law, 799 

von Kármán model, 826 

von Mises strength condition, 767 
vorticity region, 804 


W 


wall region, 793, 799 
Watson formula, 186 
watt, 416, 538, 865, 1038 
wave 


Bloch, 611 

circularly polarized, 528 
cylindrical, 522 

de Broglie, 573 
electromagnetic, 528 
elliptically polarized, 528 
harmonic, 522 

in air column, 523 

in elastic rod, 523 

in stretched string, 523 
longitudinal, 521 
monochromatic plane, 528 
plane, 521 

plane polarized, 528 
spherical, 522 

standing, 526 

surface, 522 

transverse, 521 


wave attenuation, 557 

wave attenuation coefficient, 557 

wave equation, 308, 318, 338, 522, 523 
wave front, 522, 546, 659 

wave function, 573-578 


of electron in infinite periodic potential, 611 
of molecule, 592 
spherically symmetric, 621 


wave intensily, 524 

wave interference, 525 

wave packet, 524, 542 
wave-particle duality, 563, 573 
wave path difference, 525 
wave polarization plane, 528 
wave pressure, 529, 564 

wave processes, 521 

wave properties of light, 539 
wave radialion by moving charges, 530 
wave resistance of circuit, 518 
wave surface, 522 

wave train, 541 

wave vector, 522 

wave zone, 530 

wavelength, 522 
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wavenumber, 522 Wronskian, 364, 366 
weak convergence, 399 of degenerate hypergeometric functions, 369 
weak interaction, 643 Wronskian determinant, 271, 277, 296 
weak law of large numbers, 399 Wull-Bragg condition, 551 
weber, 496, 1038 | 
Weber number, 809 Y 
Weber transform, 260 ; 4 
wedge, 54 yield of nuclear reaction, 632 
Weierstrass criterion of uniform convergence, Young experiment, 540, 541 

216 Young-Laplace equation, 463 
Weierstrass transform, 260 Young-Laplace formula, 463 
Weizsäcker formula, 624 Young modulus, 412 
well with finite walls, 575 Young relation, 784 
well with infinite walls, 575 Y -transform, 260 
wetting, 464 
welling angle for wall material, 784 Z 


Wiedemann—Franz law, 492, 603 
Wien displacement law, 559 
Wien formula, 559 

Wien law, 559 


Zeeman effect 
anomalous (complicated), 585, 590, 591 
normal (simple), 583, 591 

zenithal angle, 81 


work, 415 : 
d zero matrix, 114 
of Ampére force, 497, 502 zero of function, 243 
of central force, 416 zero-point oscillations, 566, 572, 576 
of electrostatic field, 472 zero vector, 78 
of external forces, 415 zeros of analytic functions, 243 
of field, 417 zeros of Bessel functions, 365 
of force, 415, 712, 713 zeros of Legendre polynomials, 373 
of liberation, 604 Zhukovskii function, 235 
of Lorentz force, 492, 503 Zhuravskii formula, 760 
of nonelectrostalic forces, 489 zone plate, 546 
of solenoidal electric field, 502 
elementary, 712 TI 
mechanical, 415 
photoelectric, 563 T-mesons (pions), 622 


work-energy theorem, 416 m theorem, 656 


Mathematics/Physics/Engineering Sciences 


A CONCISE HANDBOOK OF MATHEMATICS, 
PHYSICS, AND ENGINEERING SCIENCES 


Presents basic notions, formulas, equations, problems, theorems, 
methods, and laws on each of the subjects in brief form 
e First part covers arithmetic, elementary and analytic geometry, 
algebra, differential and integral calculus, functions of complex 
Variables, integral transforms, ordinary and partial differential 
equations, special functions, and probability theory 
* Second part covers molecular physics and thermodynamics, 
electricity and magnetism, oscillations and waves, optics, special 
relativity, quantum mechanics, atomic and nuclear physics, and 
elementary particles 
* Third part covers dimensional analysis and similarity, mechanics of 
point masses and rigid bodies, strength of materials, hydrodynamics, 
mass and heat transfer, and electrical engineering, as well as 
methods for constructing empirical and engineering formulas 
* Focuses on formulas, problems, methods, and laws that most 
frequently occur in scientific and engineering applications and 
university education 
* Includes numerous examples, figures, graphs, and diagrams, with 
many results represented in tabular form 
* Avoids, wherever possible, special terminology and excessively 
complicated details 
| © Provides a compact and clear presentation of the material, allowing 
readers to get quick help on the desired topic and to understand 
difficult issues "p 
e Offers an extensive table of contents, a detailed index, special font un 
highlighting in the text, and cross-references that help readers find ©) 
m 
"ad 
pem 


'SƏISAHd 


. SNIMSSNIDNS ANV 


the desired information 


This self-contained handbook has no analogs in the literature due to its 
breadth of coverage and selection of material for engineers, researchers, m 
and graduate and postgraduate students. Y 
are a J} i 
CRC Press | fune ino, Boca kaon E 30487, j 0000 
) ioteciencacras | eran na if | | | c! 
wwe ETE prat inm Park ere Milton Park > 
Abbie Foon, Con O48 ARB, Le 81433 20639 


ICAA Lower iras | 4 


6/2/2018 Fighting the pollution by public radio broadcast antennas 


Eric Brasseur Home | Links | Contact | 


Fighting the pollution by public radio broadcast 
antennas 


Un texte en francais : La pollution radio par les émetteurs FM 
Een tekst in het Nederlands: De radiovervuiling door FM-stralen 
A petition: www.petition-electrosmog.be 


The electromagnetic pollution has now reached such a level that not only hypersensitive persons are being harmed. 
The debate most often focuses on cell phones, their relay antennas, W1-Fi routers and similar technologies. It is 
often pointed out that domestic appliances like power saving lamps and cheap electronic devices, are harmful too. 
Recently, I came to the conclusion that I too had problems with electromagnetic radiations. Yet after a few months 
investigating, I was surprised to find out that far out the main cause of my problems was nothing I had heard about. 
A 100 MHz FM public radio broadcast antenna is located atop a local hospital and burns the whole city with an 
astounding force of 2 V/m (pike value). 


I found other persons that are harmed. For example people who develop severe headaches or tiredness after a few 
hours working in a given place. They have no problems in other places, that are less exposed to the FM radio 
waves. It seems to me that people who live in strongly exposed habitations often develop psychiatric problems. My 
guess is that probably several thousand persons in the city are severely affected. Maybe tens of thousands are 
affected but without getting obviously sick. 


Most puzzling is the fact that this hammering by radio waves 1s completely useless. It wouldn't change anything to 
the quality of the reception by the listeners in the city, if the force of the radio waves was divided by 100 or 
preferably 1,000. The purpose of those antennas is to emit far away in the countryside. That's why they are located 
atop hills or tall buildings and they have a huge power. But, due to their rudimentary construction, quite much of 
that power is wasted and hits the nearby city. 


It is legal to hit the ground with such force. Whether I measure in rooms or in the open, it 1s at worst a little below 
the norms. Hence the problem is with the norms. They keep being too high, despite the efforts of many scholars and 
health organizations. The situation 1s catastrophic. If the people did understand the harm that is done to their 
children, revolts would break open. 


Below is a picture of a cheap calculator that I transformed. It contains no more battery nor solar power cell. Instead 
it draws its energy from a 1 meter long antenna. Anyplace in the city center, in direct view of the emitter, the power 
of the radio waves is strong enough to feed the device. I made this because nobody was frightened by the figures I 
was reporting, except some friends that are into electronics. Everybody knows that a car can kill even at 30 km/h 
speed but almost nobody has any knowledge about radio waves figures. When I showed the calculator, everybody 
understood and some whitened. (The calculator also works in some classrooms where I tried it out. The emitter was 
visible through the windows... Should I warn the parents of the students that failed their exams?) 
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This didn't help anyway, so I invented another device: the "snake". The picture below shows six of them, an early 
version. 
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You just hang the snake in the flux of radio waves and the LED lamp at one end will bright up, clearly visible in 
daytime and enough to light and read a text at night. 
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The snake is less impressive than the calculator but it is much cheaper and easier to make and it can be sent in an 
envelope. I made tens of them and sent them to politicians, newspapers, universities... I gave some to local people, 
together with a user guide on a sheet of paper. Just like the calculator, the snake contains no battery. The lamp lights 
up solely on the power of the radio waves. The picture below shows a later version, that can be rolled up in an 
envelope that fits the conditions to be sent with only one stamp. 
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However mad it is to send such power on a city, nothing has been done yet against this. It's like an 19th century 
chemical plant sending its pollutants all around. Some complain but others argue that closing the factory would 
mean people laid off. Some then reply that being employed to feed children that die from ugly sicknesses may be 
nonsense... And so on, except for the fact that the chemical factory indeed had a purpose while the strength of the 
radio waves we're talking about, has no serious purpose at all. 


Something common to all heavy sources of electromagnetic pollution 1s that 1t wouldn't cost much to make them 
harmless. For example, high tension power lines can be made harmless by feeding them DC current instead of AC 
current. This requires some more heavy electronics at the input and the output but the price of it is a detail in the 
whole. I studied the schematics of power saving lamps and simply noticed that they were conceived by people who 
do not understand the propagation of radio waves. Adding the necessary components to make the lamps radio-silent 
would almost not increase their prices. Enforcing proper norms will not change our way of life, 1t will just stop to 
favor the sociopathics amongst the industrials and lobbyists. 


So, what can I do to help people understand the situation? They need to appropriate the scientific knowledge 
involved. Most assume that the necessary studies will be made by labs and then the governments will adapt the laws 
accordingly... That would be OK if it wasn't for the trillions of money involved. A minister in Belgium tried to 
prevent sugar dispensers in schools, she immediately got a made-up scandal on her shoulders. All she ultimately 
managed to get was to have some health advice notices glued on the sacred dispensers... 


Flows of observations are now available, showing the effects of radio waves that match the norms: brains of rats 
destroyed, people unable to work, eggs that don't hatch, quarreling birds, increased risk of cancer, cows aging 
abnormally... I myself had seeds germinate and saw them die quicker when closer to a power saving lamp. Their 
strategy to cope with this is simple: "OK, there does exist scientific evidence of some danger... but there also does 
exist evidence that there is no danger at all! So let's balance the whole..." The norms are lowered but kept above 
what cell phone operators need for the current systems. The fact in itself of making a balance between scientific 
evidence is nonsense. Either a study proves a given danger and it can be verified, or bust. But anyway, what are 
those studies that tend to prove that there would be no danger? Lots of them are simply payed for by the cell phone 
industry... Yet some are perfectly serious, for example those concluding that radiations within the norms will not 
heat the brain or the body abnormally. This is perfectly true. There is no problem of scientific fairness involved with 
these studies. But, is a bullet harmless because it only very slightly heats your bones? A more sophisticated 
approach is to pick out studies that have borderline conclusions: "there may be a problem but it is not clear..." The 
study will be assumed to conclude that there is no problem at all, while it just was an inconclusive experiment like 
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(When I'm exposed, I tend to compulsively perform simple tasks. What if a study examines if being exposed 
hampers the ability to perform that kind of tasks?) 


Then, there is the problem that I'm going to make people sick. Indeed, electromagnetic hypersensitivity has a 
psychological component. Once people understand that they are victim to the radio waves and what symptoms the 
radio waves cause, they can overreact and become very sick when they start feeling the symptoms or just when they 
know there is a strong radiation force around. The radio waves induce a physiological stress, that hampers the 
proper functioning of the brain. When you add a psychological stress, due to the awareness of the problem, the 
summation of the two multiplies... Therapies for hypersensitive persons imply to dislearn them to overreact. Some 
friends of mine just refuse to start talking about electromagnetic sensitivity because they don't want to embark in the 
sickness. They do so with everything, meanwhile they eat very good food and have lots of pleasure in life. It 
works... with people with a strong health and a tad of selfishness. 


When you are in a cold wind and you feel a pain in the neck, you know it is due to the wind and you take cover. 
Almost nobody can do this with the symptoms of an exposition to strong radio waves. You feel tired, some brain 
fog, like if your head was in a clamp, a headache, or simply you make stupid errors... You will blame yourself or the 
location, possibly the noisy people around... while in fact you are mainly undergoing electromagnetic sensitivity. 
The home of a friend is strongly exposed. After about twenty minutes I can nor more find my words and speak 
correctly, unless I wrap my head in aluminum foil. There is a fair chance that a while ago, I would have blamed my 
friend for being annoying (he is) to the point of making me speechless. There also is a fair chance that my friend is 
annoying because he hangs in that electromagnetic pollution everyday. Since he lives there, he became an alcoholic, 
lost his job, manages to keep no girlfriend... (Everything I mention here can have other causes. Quite often, such 
causes just add up. For example, the person blaming the noisy people around, would maybe have felt nothing if the 
noisy people weren't there. Like you don't feel your bad knee when you carry no bag.) 


The impact of the electromagnetic pollution is severe. It is a far too heavy, and pointless, contribution to our 
burdens and losses. But how do you establish, scientifically, be it as an amateur, that there indeed is a problem? My 
initial approach can be an illustration of this. As my home is uninhabitable, I spend most of the day working in local 
libraries. I noticed that I could work quite well at some places and not at all at other places. Then I saw an article 
taped on a board, about the effects of cell phone and Wi-Fi radiations. Okay... I made a spreadsheet, with a row for 
each location and a note from 0 to 10 according to my ability to work there. Although I knew it was a weak 
approach, I then filled in each row the strength of the closest Wi-Fi router, as listed by my laptop. There was no 
correlation... but this proved not at all that the Wi-Fi was innocent. Weeks later I made a nonsensical but working 
little assembly that made the variability of the radio waves hearable. This time I got a correlation. Mild, but 
obvious. The ability to work is horizontally while the intensity of the radio signals is vertically: 
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It quickly became obvious that I was measuring no strong signal in the GHz bands. I had no doubt that there were 
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weak. The problem was with lower frequencies. I accused the fluorescent lamps for a while, till I finally understood 
that there was only one strong source, hitting me everywhere; those 100 MHz public radio broadcasts. The picture 
below shows the final correlation. Only one dot disagrees with the theory: 
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I was heavily disturbed by the radio waves, simply unable to work, long before I started puzzling on the subject. 
This is a strong proof that the matter 1s not just psychological. Reciprocally, once I understood the psychological 
component, I tried to use it positively, to counterbalance the effects of the electrosmog. I did get some results but I 
was never able to work correctly in the most exposed places. It is by no means "Just psychological". It is useless "to 
be willing to make a small effort". I did efforts that frightened other people. One thing that does clearly help 1s 
eating a lot of sugar (Organic jam on rice bread...) (by the way, is that why sugar dispensers are placed everywhere 
kids are supposed to think and learn, to counterbalance the effects of the nearby cell phone relay antennas?) Alcohol 
does also help and I'm afraid this 1s why people seem to become alcoholics in exposed habitations. 


Also, it does sometimes happen that I feel like undergoing strong radio waves but when I pop out my measuring 
device, I measure nothing serious. I have a natural tendency to be knocked-out... The radio waves are far out my 
heaviest problem but they are not always responsible. 


I started studying other sources of radio pollution. I had an obvious benefit of removing every power saving lamp in 
my home. I put ferrite cores on most power chords. On one power chord that I sometimes use to feed my laptop 
inside my shielded tent, I had to put ten ferrites till I felt no more direct effect. Something very interesting 1s that till 
then I had no problem when using my cell phone. You guessed correctly: I started having problems, to the point that 
I never more hold it against my ear. I always use an earplug linked to the cell phone by a wire with two ferrite cores. 
I suppose that since I started avoiding the exposure to strong radio waves (which significantly improved my life and 
ability to work), my brains are no more constantly knocked out. So they get knocked out if I hold my cell phone 
against my head. And I feel it. This is one more synergy between the public broadcasts emitters and the cell phone 
industry: one hides the other away. 'Want to prove that inhabitants close to a relay antenna are no worse than those 
further away? Do the experiment in a city that 1s strongly exposed to public broadcasts... 


So: buy a measuring tool or have a friend assemble one for you. And start comparing your problems and those of 
the people around you, with the level of electromagnetic pollution. If you can, make large-scale experiments with 
tens of persons, under advice of somebody with knowledge in statistics (to build an expressive statistic yet 
completely false, is *easy*). We need many such experiments, till it becomes unbearable for local interlocutors to 
negate the problem and not to dim the emissions. Step by step, we need to conquer our world back. Some 
enterprises and some countries have already set their norms at responsible levels. 


One very important parameter is the rate at which the problems build up and then disappear, when exposed. Some 
people claim that they instantly feel when their cell phone is going to ring. I never could verify this. A ae claims 
that his cat reacts when he is going to get a text message on his cell phone. I tried several tim: § to ses pue 7 y KES phost 
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behavior while making my cell phone emit close to him but I got nothing. So I suppose that the cat reacts to the tone 
of the cell phone and my friend brain-confuses the timing. (I don't pretend nobody can feel a text message arriving, 
I'm just saying that I never could verify.) What I'm sure about is that my problems need minutes to build up, most 
often some ten or twenty minutes, the problem possibly becoming really painful after an hour. Once the problem 
built up, it needs much more time to diminish, maybe four times more. I often had to sleep a whole night on it. One 
day I "burned" my brains by holding a very polluting power saving lamp about 3 decimeters away from my head. I 
only noticed the problem after half an hour. But then it was horrible, like if a flame had been sweeping inside my 
head. Really just like the ache of a burn wound. I had a strong nausea and headache, that calmed down only hours 
later. I identified a few persons whose problems are obviously due to the electromagnetic pollution, in all cases the 
same applies: 1t needs time to build up. This means you cannot simply walk in and out of an exposed zone and 
claim you feel no difference. Also, you cannot get into a safe zone and claim you feel no better. If you were already 
poisoned, you will stay that way a long while. The only sure approach is to stay really long in a safe zone, 
preferably spend the night there, then go working in a polluted area. Try to be aware of what happens to you. The 
next day go working in a safe zone and try to see the difference. (This 1s a goldmine to build inconclusive studies.) 


Everybody is sensitive to electromagnetic waves. The question is about the level of the sensibility. That's why 
people who get seriously sick with the current levels of exposition are called "hypersensitive". They are more 


sensitive than the average, sometimes with very painful and debilitating consequences. 


There is a whole ladder of symptoms. This is roughly the ladder for me, exposed to the 100 MHz FM broadcasts: 


head in a clamp, maybe difficulties to talk 
Tried it once for 2 hours, had to stay the whole next day in bed with an awful headache. 


The serious problems begin for me at 0.1 V/m. Yet I know some people that wouldn't be called hypersensitive and 
that get problems similar to mine at about 0.3 V/m. A friend spent with me the two hours under the 10 V/m 
radiation and claimed he endured no problem... but he made surprising errors on the way back. It is very difficult 
for me, in my city, to find locations where the force is around 0.01 V/m. Values between 0.1 and 0.3 are common. It 
is easy to find building with rooms reaching 1 V/m. The force is quite predictable, according to the location and the 
orientation of the building, how much it emerges out of other buildings... So, because many people are being 
affected and because the radiation is reasonably easy to measure or to estimate, making statistics linking common 
health problems with the level of exposition is quite doable. 


Hypersensitive persons would be 1% of the population. The need to protect this minority is enough to stop those 
powerful broadcasts from reaching the ground. I don't understand why I have to add that everybody is being 
harmed, be it to a lesser degree. I met official people whose job 1s to help hypersensitive persons. They've seen their 
pain and anguish by themselves... but they feel clueless as to how to stop the emissions. It's a very strange situation, 
when even the people close to the steer and convinced of a problem, can't do anything to stop it. 


It has been claimed that the hypersensitivity of some persons is caused by an accumulation of toxic metals or 
organic pollutants. In such cases, antioxidants can be of immediate help and detoxifications would greatly help. 
(Note that common medical analysis like looking for mercury and the like in samples of blood, urine or hair, will 
reveal nothing even under severe intoxication, because blood and hair renew constantly. Only a sudden intoxication 
can be revealed by such analysis. The toxics slowly accumulated in standing body cells like the brain... Best method 
seem to be to take a well-tuned quantity of chelating molecules and then perform an analysis of the blood or urine.) 


Cell phone and Wi-Fi radiations are different, for several reasons: they don't spread the same way in the body, they 
are pulsated and their frequency make they will not target the same macromolecules in the body. It would seem that 
you need 3 times more force of FM broadcast waves than cell phone or Wi-Fi waves, to have a same global 
impact... 


I was frightened when I understood that under those 2 V/m force of radiation, an electric current in the order of 1 

mA oscillates through the body. Such a current at a high frequency of 100 MHz will interact with the body quite 
differently than a DC or low frequency AC current. You cannot make direct comparisons... Anyway, 100 mA of DC 
current can be enough to kill a person by electrocution. 1 mA of low frequency current is enough to fee! the current 
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hormones by glands everywhere in the body? What if the person being exposed is a pregnant woman, with the baby 
just at the worst place in the flux of current? The length of an "antenna" matters much to allow it to build up 
current. Teenagers have the "optimal" length for 100 MHz radio waves... One thing I'm sure about is that 1f the 
government decided that from now on the school kids will be latched electrodes on the body and a current of 1 mA 
send through several hours a day, whatever the frequency, the parents will not accept. But this *is* happening, 
through radio waves, and I could feel the neuroleptic-like effect of it. (By the way, this implies that those 
experiments that show brains of rats destroyed by cell phones waves within the norms, apply only to a lesser degree 
to human brains, because of the difference in size. Rats are close to the optimal length to be harmed by cell phone 
waves... The optimal wavelength to dammage teenagers is that of those 100 MHz public broadcasts...) 


The radiations harm me more inside buildings than outside. I may get more sick under 0.2 V/m in a room than 
under 2 V/m directly exposed to an antenna. I don't know exactly why. Here are four possibilities: 


e The roofs atop buildings act like prisms and send the waves towards the inhabitants beneath. Radio waves 
coming from above would be more harmful than when coming from aside. 


e The radio waves resonate and echo inside the building and build up in metallic structures. This creates halos 
of proximity that will inject more power inside nearby living bodies. For example, while simply wrapping 
aluminum foil around my head, it is obvious that some designs of shielding will make me even more sick 
than using no aluminum at all. The same way, when some parts of the shielding of my tent wear off and stop 
to be conducting, I can get serious problems till I replace or complement the faulty area. 


e Buildings contain their own sources of electromagnetic pollution. They add their effects to those of the 
pollution from the outside... 


e Close to metallic structures, the electromagnetic field can become rotating. This because waves with 
equivalent strength come from different directions with different phase shifts. 


Again, the four possibilities mentioned above are potentially very suitable to build experiments that demonstrate 
there is no problem. Perform the experiment in an anechoic place with the waves coming from aside and no other 
radiation than the one from the experiment... Just the opposite from real world situations but you can claim to be 
serious at avoiding parasitic variables... 


If you want to find the FM emitters somewhere, fmscan.org is the reference I used till now. 


This is the schematic of the "snake": 


37.5 cm BAT 62 1125cm 


BAT 62 


BAT62 detection diodes are no more produced. BAT15 diodes work fine but they wear out; after a few months they 
stop functioning. SMS7630 diodes are great but very little and mechanically fragile. MMSD701T1G diodes are 
sturdy and powerful; an excellent choice for a beginner. Such SMD diodes do also work for cell phone frequencies, 
which allows to test out a snake with a calling cell phone pushed against it. But any detection diodes that can 
manage 100 MHz will do. 


The LED I'm currently using is the L-7113SEC-H . It lights up with a low tension and a very low current (the bluer 
a LED, the more tension it needs). Its color 1s red yet close to orange hence it is easily seen by the human eye (the 
eye 1s most sensitive to green, yellow and orange). The beam is quite narrow so when the LED is directed towards 
somebody's eyes it will appear quite bright. 


For the lengths of 37.5 and 112.5 centimeters, any electric wire with two copper conductors will do. Audio signal 
wire 1s a practical solution. Use the shielding as one of the two conductors. The lengths of the two Segments must 


not be precise. What matters is that the total length of the snake be 1.5 meters. Do not hesitate ; a littl 
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longer or shorter snake gives better results. 


A schematic of my current probes, that I connect to a standard multimeter, measuring Volts DC. The measure 
displayed by the multimeter must be multiplied by 10. When using a 200.0 mV scale, just read while forgetting the 


dot: 


10 am 


BAT15 


10 nF 


This is a picture of a device that tries to pack the whole in a neat gadget. The electronic circuit is a €7 digital Volts 
display with a scale of 200.0 mV. I soldered away the jumper that makes the dot be displayed. The antenna is only 7 
cm long, so an RMS value 1s displayed (for roughly steady radio waves). The whole cost about €12. Hold the 
antenna perpendicular to the direction the waves come from and try to hold the device away from conducting 
objects like your body or metallic objects. You cannot closely trust such simple device yet it is very handy and 
adequate to compare the radiation level in different places: 
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Those probes and device, quite easily allow to know the direction some 100 MHz radiation come from. Hold the 
thing at some decimeters from your body, roughly at the height of the belly. Your body and the device form a 
directional antenna... When the device is towards the emitter, it will display up to twice the value, while when it is 
hidden from the emitter by your body, the measure will be very low. 


If you measure something strong, yet by turning in different directions the device always shows approximately the 
same value, then you are probably undergoing low-frequency radio waves like short wave broadcasts. 


If the emitter is close, like a power saving lamp or a wrongly build power supply, converge towards it simply using 
the fact that the closer you get, the stronger the measure. 


Such measuring tools are handy to find out power chords and appliances that pollute, yet then the measure 
displayed doesn't mean much. Once you are really close to an emitter, the measuring device and the emitter interact 
and the power flowing through the measuring device can be tremendous even though the device is only weakly 
polluting. You are in the "halo of proximity" of the device... Best example is most quality laptops, which emit 
almost no radio waves. I never could notice a problem while using my laptop when it is plugged to nothing... Yet if 
I hold a measuring tool against the screen I get frightening data... A few decimeters further, where my head can be, 
the measuring tool tells there is nothing... So, the high figures close to the laptop indeed tell that strong currents 
flow through it, but competent people made things such that those currents harm nobody... 


If you want a global measure, away from the effects of your body, hold the device above your head. Or place it on 
some plastic or cardboard box and walk some distance away. 


The windows are a common entry point of radio waves and electric wires can be awfull ducts, yet in some cases I 
noticed that metallic structures unrelated with electricity, like the copper tubes of water heating radiators, were the 
main ducts of radio pollution towards a room. 


Below is a device I assembled to focus on 1.8 GHz cell phone radio waves. Close to the nearby cell phone relay 
antenna, in direct view of it, I could not measure much more than 0.1 V/m (pike value). While this is still too much, 
it is by no means comparable to the frightening 2 V/m intensity of the FM broadcasts. I also went measuring in 
places where people complain about problems similar to mine. They thought the reason was the nearby cell phone 
relay antennas. But I could measure no significant intensity of cell phone radio waves at all, while the force of the 
FM broadcasts was above 0.2 V/m... 
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After about a year experimenting, the most simple protection I could come up with against 100 MHz broadcasts 1s a 
headband of aluminum, much the shape and size of a sweatband. I hide it inside a bonnet. I have no idea as to how 
and why it helps, aside from the general fact that any conducting structure will change something to the propagation 
of high frequency currents. Don't make it too high, a 3 to 4 centimeters height is OK. To try this out, you can just 
fold in a circle a 1 meter long wrap of aluminum and compress it to a flattened ring that fits your head. If you intent 
to re-use it, then you must strengthen it with lengths of tape before (inside) and after (outside) the ring is 
constituted. Make sure the tape does not hamper a perfect electric contact all around the ring. This protection 1s not 
perfect but it really helps. 

When the field strength 1s above 0.1 V/m, I need a complementary vertical band in order to be able to work. 

This also 1s a cheap way to make statistics. Compare days with the headband to days without the headband. In order 
to be scientific, you must ask somebody else to put the headband inside your bonnet every morning, at random. 
Every morning, the other person writes down 1f there was a conducting headband inside the bonnet or not. Every 
evening, you write a comment down to how your day was (headache? brain fog? errors? doomed day?) Then after a 
while you compare the two. At worst, if you have to do it alone, buy two identical bonnets, push a plastic headband 
inside one and an aluminum headband inside the other, and spend each day without knowing which one you picked. 
At the end of the day, write your appreciation down before checking and writing down which bonnet you picked. 
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A friend who is a physician points out that in many administrations, be they public or private, the employees are 
being persecuted. (That often happens when the work done by the administration 1s mostly useless and only serves 
to justify the social position and the salaries of a few people.) A statistic about the health impact of radio waves in 
such administrations could be of few significance, because the people have all kinds of health problems due to the 
harassment. The addition to this by the radio waves may be comparatively negligible. (Yet another way to build a 
statistic that shows few or no impact of the radio waves: perform it in a place where people bow under 
humilations...) 


I was quite frightened to discover that the symptoms caused by radio waves, as I see them around me, are very close 
to those of "radiation poisoning". This 1s part of nuclear medicine. When a victim is exposed to a short and strong 
burst of radioactivity or any other ionizing radiation, its body will quickly react like if it had been poisoned. A 
"low" poisoning by radiations yields headaches, tiredness, difficulties to think... while stronger poisoning can lead 
to the person die in a few days like if it was heavily burn. The exposure to ionizing radiations is measured in 
"Gray". 1 Gy leads to a low poisoning. So I computed out how much energy a person gets from the local FM 
emitter, like the person I know that get sick at their desk. The result is 0.01 Gy for 8 hours of exposition, which is 
quite close. 


Radio waves can induce all the typical problems caused by that ionisinig radiations but the energy levels involved 
can be quite different. For example, ionizing radiations cause burns without increasing the temperature of the body, 
while radio waves can only burn if they are powerful enough to heat the body. Radio waves can induce cancer but 
again the energy required is ways higher, like spending ten years using a cell phone against the head, several hours a 
day. 


Body cells can be attacked by all kinds of means. Ionizing radiations lead to direct damage of the cell membrane. 
Radio waves disturb the molecular cell gates operate. The cell will always react the same way, as for poisoning: it 
will close the cell gates, to try to shun itself from the outside world and from the harm. This has many 
consequences. The cell 1s less able to fulfill its purpose inside the body. It uses resources to try to protect its internal 
parts. It will accumulate waste. That's why people get tired, less efficient or even sick. When the aggression made to 
the cell is deemed too strong, the cell will auto-destruct. That's the way radiations and chemicals can be used 
against cancer, making the cancer cell suicide. 


The cells can be helped to better recover from the state of shock. Also they can be made to go less likely into the 
state of shock. Medication and health advice can be helpful for this. 


A link has been proposed between autism and radio pollution. The growth of the human brain is very complex, with 
cells traveling from one side of the brain towards the other to find their place. This involves a tremendous amount 


of communication and coordination between the cells. What if those cells are too often put into a state of shock? 


These are two scientific publications about the link between autism and radio waves : 


http://www.ncbi.nlm.nih. gov/pubmed/16530334 


http://www.ncbi.nlm.nih.gov/pubmed/14962625 Powered by ¿ 2 000webhost 


http://www.ericbrasseur.org/electrosmog_fm.html 14/15 


6/2/2018 Fighting the pollution by public radio broadcast antennas 


Publications about how radio waves disturb cells : 


http: //www.ncb1.nlm.nih.gov/pubmed/10860806 


http: //www.ncb1.nlm.nih.gov/pubmed/12379225 


Links 


http://www.teslabel.be 
http://www.clag.be 
http://www.001.be.cx 
http://www.criirem.org 
http://www.next-up.org 
http://www.robindestoits.org 
http://www.beperkdestraling.org 
http://www.stopumts.nl 


A petition: www.petition-electrosmog.be 


Eric Brasseur - October 3 2009 till October 16 2015 


Powered by e 000webhost 


http: //www.ericbrasseur.org/electrosmog_fm.html 


15/15 


ADVANCED 


wy GAT iN CE 
AA 


DC Circuits + Transfer Switches 
Panel Upgrades + Circuit Maps + More 


Edition 


Page: 4 


41940 - Advanced Home Wiring_001-063.indd 5 D 


Pro-Vision MESE Y Text 


o BERO SAE NN 


Introduction 


xperienced home electricians understand the need to keep up with changes in the world of wiring. Wiring 

projects, and more advanced projects in particular, almost always require a permit from your municipality and 
typically an on-site inspection or two as well. If you aren't up-to-date with wiring codes, there is a likelihood that 
your project will not pass inspection. But beyond the practicality of passing inspections, the codes that govern 
wiring practices are updated for good reason: they improve safety. And when you're talking about your own home 
and family, that's worth paying attention to. 

This newest edition of BLACK+DECKER Advanced Home Wiring has been reviewed and revised to reflect 
the many changes to wiring code published in the 2014 edition of the National Electrical Code (NEC), which is 
updated every three years. And this time around there were an unusually high number of changes. They include 


the requirement that an available neutral wire be present in every switch box, expansion of the types of circuits 
that require AFCI protection, a new prohibition on tying into a garage receptacle, and more. Several of these 


changes are reflected in the updated information you'll find here. 

Almost all of the advanced wiring projects featured in this book involve new circuitry, panel upgrades, or 
troubleshooting with diagnostic equipment. Among the high-level projects: making a direct-current, solar-electric 
circuit; upgrading the grounding and bonding on your new 200-amp or larger home circuit; installing an 
automatic transfer switch for your backup power supply; wiring a room addition; and using a multimeter to 
precisely locate an open neutral in a home circuit. 

Because the projects found in this book are advanced in nature, do not attempt any of them unless you are 
confident in your abilities. Consult a professional electrician if you have any concerns—in many cases your best 
solution might be to do some of the work yourself, such as pulling new sheathed cable through walls, and to have 
the electrical contractor do the other work, such as making the connections. But do keep in mind that home 


wiring can be a fun and fascinating pursuit, and successfully accomplishing a major project is personally gratifying 


and can also save you substantial amounts of money. 
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EE Wiring Safety 


(> afety should be the primary concern of anyone 
J working with electricity. Although most household 
electrical repairs are simple and straightforward, 
always use caution and good judgment when working 
with electrical wiring or devices. Common sense can 
prevent accidents. 

The basic rule of electrical safety is: Always turn 
off power to the area or device you are working on. At 
the main service panel, remove the fuse or shut off 


Shut power OFF at the main service panel or the main 
fuse box before beginning any work. 


yt AA 


>) 


Be 


Confirm power is OFF by testing at the outlet, switch, or 


fixture with a voltage tester. 
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the circuit breaker that controls the circuit you are 
servicing. Then check to make sure the power is off by 
testing for power with a voltage tester. Tip: Test a live 
circuit with the voltage tester to verify that it is working 
before you rely on it. Restore power only when the 
repair or replacement project is complete. 

Follow the safety tips shown on these pages. 
Never attempt an electrical project beyond your skill 


or confidence level. 
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Create a circuit index and affix it to the inside of the door to 
your main service panel. Update it as needed. 


Installation instructio 
on inside of box 
Instrucciones de Instalación 
dentro de la caja 


Use only UL-approved electrical parts or devices. These 
devices have been tested for safety by Underwriters Laboratories. 
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Wear rubber-soled shoes while working on electrical Use fiberglass or wood ladders when making routine 
projects. On damp floors, stand on a rubber mat or dry household repairs near the service mast. 
wooden boards. 


Electracraft* 


a plug 


e, e 
Extension cords are for temporary use only. Cords must be Breakers and fuses must be compatible with the panel 
rated for the intended usage. manufacturer and match the circuit capacity. 
Never alter the prongs of a plug to fit a receptacle. If Do not penetrate walls or ceilings without first shutting off 
possible, install a new grounded receptacle. electrical power to the circuits that may be hidden. 
2 
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areful planning of a wiring project ensures you 

will have plenty of power for present and future 
needs. Whether you are adding circuits in a room 
addition, wiring a remodeled kitchen, or adding an 
outdoor circuit, consider all possible ways the space 
might be used, and plan for enough electrical service 
to meet peak needs. 

For example, when wiring a room addition, 
remember that the way a room is used can change. 
In a room used as a spare bedroom, a single 15-amp 
circuit provides plenty of power, but if you ever choose 
to convert the same room to a family recreation space, 
you will need additional circuits. 

When wiring a remodeled kitchen, it is a good idea 
to install circuits for an electric oven and countertop 


range, even if you do not have these electric appliances. 


Installing these circuits now makes it easy to convert 
from gas to electric appliances at a later date. 


MAIN 
PRINCIPAL 


Examine your main service panel (see page 10). The 
amp rating of the electrical service and the size of the circuit 
breaker panel will help you determine if a service upgrade 

is needed. 
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A large wiring project adds a considerable load 
to your main electrical service. In about 25 percent 
of all homes, some type of service upgrade is needed 
before new wiring can be installed. For example, many 
homeowners will need to replace an older 60-amp 
electrical service with a new service rated for 100 


amps or more. This is a job for a licensed electrician 
but is well worth the investment. In other cases, the 
existing main service provides adequate power, but 

the main circuit breaker panel is too full to hold any 
new circuit breakers. In this case it is necessary to 

install a circuit breaker subpanel to provide room for 
hooking up added circuits. Installing a subpanel is a 


job most homeowners can do themselves (see pages 
65 to 67). 

This chapter gives an easy five-step method 
for determining your electrical needs and planning 
new circuits. 


l Five Steps for Planning a Wiring Project 


| : og Code” 
National Electrical € oe 
\ des valonai Eledrical = 


NEPA 


Learn about codes (see pages 11 to 13). The National 
Electrical Code (NEC), and local electrical codes and building 
codes, provide guidelines for determining how much power 
and how many circuits your home needs. Your local electrical 
inspector can tell you which regulations apply to your job. 
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Prepare for inspections (See pages 14 to 15). Remem- Evaluate electrical loads (see pages 16 to 19). New circuits 

ber that your work must be reviewed by your local electrical put an added load on your electrical service. Make sure that 

inspector. When planning your wiring project, always follow the the total load of the existing wiring and the planned new 

inspector's guidelines for quality workmanship. circuits does not exceed the service capacity or the capacity of 
the panel. 


Draw a wiring diagram and get a permit (See pages 20 to 21). This wiring plan will help you organize your work. 
+= 
Y 
= 
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Examine Your Main Service Panel 


The first step in planning a new wiring project is to the main service helps you determine if you need a 
look in your main circuit breaker panel and find the service upgrade. 

size of the service by reading the amperage rating on Also look for open circuit breaker slots in the 

the main circuit breaker. As you plan new circuits panel. The number of open slots will determine if you 
and evaluate electrical loads, knowing the size of need to add a circuit breaker subpanel. 


D 

E 

A 

z 

ri 

p” : 

Find the service size by opening the main service panel and Older service panels use fuses instead of circuit breakers. 
reading the amp rating printed on the main circuit breaker. Have an electrician replace this type of panel with a circuit © 
In most cases, 100-amp service provides enough power to breaker panel that provides enough power and enough open 
handle the added loads of projects such as the ones shown breaker slots for the new circuits you are planning. 


in this book. A service rated for 60 amps or less should 
be upgraded. Note: In some homes the main circuit breaker is 
located in a separate box. 


Expandable 


| 


Not expandable 


Look for open circuit breaker slots in the main circuit breaker panel or in a circuit breaker subpanel, if your home already has 
one. You will need one open slot for each 120-volt circuit you plan to install and two slots for each 240-volt circuit. If your main 
circuit breaker panel has no open breaker slots, install a subpanel (see pages 65 to 67) to provide room for connecting new circuits. 
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|| Learn About Codes 


To ensure public safety, your community requires that 
you get a permit to install new wiring and have the 
work reviewed by an inspector. Electrical inspectors 
use the National Electrical Code (NEC) as the primary 
authority for evaluating wiring, but they also follow the 
local building code and electrical code standards. 

Most communities use a version of the NEC 
that is not the most current version. Also, many 
communities make amendments to the NEC, and 
these amendments may affect your work. 

As you begin planning new circuits, call or visit 
your local electrical inspector and discuss the project 
with him or her. The inspector can tell you which of 
the national and local code requirements apply to 
your job and may give you a packet of information 
summarizing these regulations. Later, when you 
apply to the inspector for a work permit, he or she 


+ BEST "PRO 


will expect you to understand the local guidelines as 
well as a few basic NEC requirements. 
The NEC is a set of standards that provides 


minimum safety requirements for wiring installations. 


It is revised every three years. The national code 
requirements for the projects shown in this book are 
thoroughly explained on the following pages. For more 
information, you can find copies of the current NEC, 
as well as a number of excellent handbooks based on 
the NEC, at libraries and bookstores. 

In addition to being the final authority of code 
requirements, inspectors are electrical professionals 


with years of experience. Although they have busy 
schedules, most inspectors are happy to answer 
questions and help you design well-planned circuits. 


l Basic Electrical Code Requirements 


Electrical code requirements for living areas: Living areas need at least one 15-amp or 20-amp basic lighting/receptacle 
circuit for each 600 sq. ft. of living space and should have a dedicated circuit for each type of permanent appliance, such as an air 
conditioner, or a group of baseboard heaters. Receptacles on basic lighting/receptacle circuits should be spaced no more than 12 
ft. apart. Many electricians and electrical inspectors recommend even closer spacing. Any wall more than 24" wide also needs a 
receptacle. Every room should have a wall switch at the point of entry to control either a ceiling or wall-mounted light or plug-in 
lamp. Kitchens and bathrooms must have a ceiling or wall-mounted light fixture. 
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Highlights of the National Electrical Code » 


BY MATERIAL 
Panels 


Maintain a minimum 30" wide by 36" deep of 
clearance in front of the panel. 

Match the amperage rating of the circuit when 
replacing fuses. 

Use handle ties on all 240-volt breakers and on 120- 
volt breakers protecting multi-wire branch circuits. 
Close all unused panel openings. 

Label each fuse and breaker clearly on the panel. 


Electrical Boxes 


Use boxes that are large enough to accommodate the 
number of wires and devices in the box. 

Install all junction boxes so they remain accessible. 
Leave no gaps greater than 1" between wallboard and 
the front of electrical boxes. 

Place receptacle boxes flush with 

combustible surfaces. 

Leave a minimum of 3" of usable cable or wire 
extending past the front of the electrical box. 


Wires & Cables 


Use wires that are large enough for the amperage 
rating of the circuit. 

Drill holes at least 2” from the edges of joists. Do not 
attach cables to the bottom edge of joists. 

Do not run cables diagonally between 

framing members. 

Use nail plates to protect cable that is run through 
holes drilled or cut into studs less than 114” from the 
front edge of a stud. 

Do not crimp cables sharply. 

Contain spliced wires or connections entirely in a 
plastic or metal electrical box. 

Use wire connectors to join wires. 

Use staples to fasten cables within 8” of an electrical 
box and every 54" along its run. 

Leave a minimum 1⁄4" (maximum 1”) of sheathing 
where cables enter an electrical box. 

Clamp cables and wires to electrical boxes with 
approved clamps. No clamp is necessary for one-gang 
plastic boxes if cables are stapled within 8”. 
Connect only a single wire to a single screw 
terminal. Use pigtails to join more than one wire to a 
screw terminal. 
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Switches 


Use a switch-controlled receptacle in rooms without a 
built-in light fixture operated by a wall switch. 

Use three-way switches at the top and bottom on 
stairways with six risers or more. 

Use switches with grounding screws with plastic 
electrical boxes. 

Locate all wall switches within easy reach of the room 
entrance and not behind the door. 

Install a neutral wire in switch boxes. 

Use black or red wires to supply power to switched 
devices. 


Receptacles 


Install receptacles on all walls 24” wide or greater. 
Install receptacles so a 6-ft. cord can be plugged in 
from any point along a wall or every 12 ft. along a wall. 
Include receptacles in any hallway that is 10 ft. long 

or longer. 

Use three-slot, grounded receptacles for all 15- or 
20-amp, 120-volt branch circuits. 

Include a switch-controlled receptacle in rooms 
without a built-in light fixture operated by a wall switch. 
Install GFCI-protected circuits in bathrooms, kitchens, 
garages, crawl spaces, unfinished basements, and 
outdoor receptacle locations. 


Light Fixtures 


Use mounting straps that are anchored to the 
electrical boxes to mount ceiling fixtures. 

Keep non-IC-rated recessed light fixtures 3" from 
insulation and 1⁄2" from combustibles. 

Include at least one switch-operated lighting outlet in 
every room. 


Grounding 


Ground receptacles by connecting receptacle 
grounding screws to the circuit grounding wires. 
Use switches with grounding screws whenever 
possible. Always ground switches installed in 
plastic electrical boxes and all switches in kitchens, 
bathrooms, and basements. 
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BY ROOM 
Kitchens/Dining Rooms 


Install at least two 20-amp small appliance receptacle 
circuits. 

Install dedicated 15-amp, 120-volt circuits for dish- 
washers and food disposals (required by many local 
codes). 

Install GFCI protection for all countertop receptacles; 
receptacles behind fixed appliances do not need to be 
GFCI protected. 

Position receptacles for appliances that will be 
installed within cabinets, such as microwaves or 

food disposals, according to the manufacturer's 
instructions. 

Include receptacles on all counters wider than 12”. 
Space receptacles a maximum of 48" apart above 
countertops and closer together in areas where many 
appliances will be used. 

Locate receptacles on the wall above the countertop 
not more than 20" above the countertop. 

Install at least one receptacle not more than 12” below 
the countertop on islands and peninsulas that are 12" 
x 24” or greater. 

Do not connect lights to the small appliance receptacle 
circuits. 

Install at least one wall or ceiling-mounted light fixture. 


Bathrooms 


Install a separate 20-amp GFCl-protected circuit only 
for bathroom receptacles. 

Ground switches in bathrooms. 

Install at least one receptacle not more than 36" from 
each sink. 

Install at least one ceiling- or wall-mounted light fixture. 


Utility/Laundry Rooms 


Edition 
age: 12 


Install a separate 20-amp circuit for a 

washing machine. 

Install approved conduit for wiring in unfinished rooms. 
Use GFCl-protected circuits for 120-volt receptacles 
within 6 feet from a sink (including the washing 
machine receptacle). 
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Living, Entertainment, Bedrooms 


Install at least one 15- or 20-amp lighting/receptacle 
circuit for each 600 sq. ft. of living space. 

Install a dedicated circuit for each permanent 
appliance, such as an air conditioner or group of 
electric baseboard heaters. 

Use electrical boxes listed and labeled to support 
ceiling fans. 

Include receptacles on walls 24” wide or more. 
Space receptacles on walls in living and sleeping 
rooms a maximum of 12 ft. apart. 

Check with your local electrical inspector about 
requirements for installing smoke and carbon 
monoxide alarms during remodeling. 


Outdoors 


Check for underground utilities before digging. 

Use UF cable or other wiring approved for wet 
locations for outdoor wiring. 

Run cable and wires in schedule 80 PVC plastic and 
other approved conduit, as required by local code. 
Install in-use rated weatherproof receptacle covers. 
Bury cables and wires run in conduit at least 18” deep; 
cable not in conduit must be buried at least 24" deep. 
Use weatherproof electrical boxes with 

watertight covers. 

Install GFCl-protected circuits for receptacles. 

Support boxes that are not attached to a building and 
that contain switches or receptacles using at least two 
pieces of conduit. Secure the conduit not more than 
18 feet from the box. Locate the box at least 12” above 
the ground. 


Stairs/Hallways 


Use three-way switches at the top and bottom on 
Stairways with six risers or more. 

Include receptacles in any hallway that is 10 ft. long or 
longer. 

Position stairway lights so each step and landing is 
illuminated. 
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| Prepare for Inspections 


Electrical inspectors who issue the work permit 

for your wiring project will also visit your home to 
review the work. Make sure to allow time for these 
inspections as you plan the project. For most projects, 
inspectors make two visits. 

The first inspection, called the rough-in, is done 
after the cables are run between the boxes but before 
the insulation, wallboard, switches, and fixtures are 
installed. The second inspection, called the final, is 
done after the walls and ceilings are finished and all 
electrical connections are made. 

When preparing for the rough-in inspection, make 
sure the area is neat. Sweep up sawdust and clean up 
any pieces of scrap wire or cable insulation. Before 
inspecting the boxes and cables, inspectors will check 
to make sure all plumbing and other mechanical work 
is completed. Some electrical inspectors will ask to 
see your building and plumbing permits. 


| 8" maximum 


About 20" 
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At the final inspection, inspectors check random 
boxes to make sure the wire connections are correct. 
If they see good workmanship at the selected boxes, 
the inspection will be over quickly. However, if they 
spot a problem, inspectors may choose to inspect 
every connection. 

Inspectors have busy schedules, so it is a 
good idea to arrange for an inspection several days 
in advance. In addition to basic compliance with 
code, inspectors expect your work to meet their 
own standards for quality. When you apply for a 
work permit, make sure you understand what the 
inspectors will look for during inspections. 

You cannot put new circuits into use legally until 
an inspector approves them at the final inspection. If 
you have planned carefully and done your work well, 
electrical inspections are routine visits that give you 
confidence in your own skills. 


Inspectors may measure to see that 
electrical boxes are mounted at consistent 
heights. Height may not be dictated by 
code, but consistency Is a sign of good 
workmanship. Measured from the center 
of the boxes, receptacles in living areas 
typically are located 12" above the 
finished floor and switches at 48". For 
special circumstances, inspectors allow 
you to alter these measurements. For 
example, you can install switches at 36" 
above the floor in a child's bedroom, 

or set receptacles at 24" to make them 
more convenient for someone using 

a wheelchair. 


| Cable 
| staple 


Inspectors will check cables to see 
that they are anchored by cable staples 
driven within 8" of each box and every 
47 ft. thereafter when they run along 
studs. When bending cables, form the wire 
in a smooth curve. Do not crimp cables 
sharply or install them diagonally between 
framing members. Some inspectors 
specify that cables running between 
receptacle boxes should be about 20" 
above the floor. 
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| What Inspectors Look for 
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14" sheathing, minimum 


6" to end of wire 


Wall surface 


Electrical box faces should extend past the front of framing members so the boxes will be flush with finished walls (left). 

Inspectors will check to see that all boxes are large enough for the wires they contain. Cables should be cut and stripped back so 
that at least 3" of usable length extends past the front of the box and so that at least %" of sheathing reaches into the box (right). 
Label all cables to show which circuits they serve: inspectors recognize this as a mark of careful work. The labels also simplify the ® 


final hookups after the wallboard is installed. 


Is your Receptacle Spacing Correct? > 


3 ft.sliding 3 ft. fixed 2 ft. aft. © 
@ O ® @ 


4 ft. 
3 ft. 
Refrigerator 
1 ft. 
= 3 ft 


Island 


Example of receptacle spacing requirements in a 
typical room. Measure receptacle spacing distance along 
the wall line. Install receptacles along partial height walls 
and along balcony guards in lofts and similar areas. 


Example of countertop receptacle spacing in a 
typical kitchen (right). 
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|) Evaluate Electrical Loads 


Before drawing a plan and applying for a work permit, 
make sure your home's electrical service provides 
enough power to handle the added load of the new 
circuits. In a safe wiring system, the current drawn 


by fixtures and appliances never exceeds the main 
service capacity. 

To evaluate electrical loads, use whatever 
evaluation method is recommended by your electrical 
inspector. Include the load for all existing wiring as 
well as that for proposed new wiring when making 
your evaluation. 

Most of the light fixtures and plug-in appliances 
in your home are evaluated as part of general 
allowances for basic lighting/receptacle circuits and 
small-appliance circuits. However, appliances that 
are permanently installed require their own dedicated 
circuits. The electrical loads for these appliances are 
added in separately when evaluating wiring. 

If your evaluation shows that the load exceeds the 
main service capacity, you must have an electrician 
upgrade the main service before you can install new 
wiring. An electrical service upgrade is a worthwhile 
investment that improves the value of your home 
and provides plenty of power for present and future 


wiring projects. 


| Amperage » 
AMPS x VOLTS TOTAL CAPACITY SAFE CAPACITY 
[OE 1,800 watts 1,440 watts 
As AU = 2,400 watts 1,920 watts 
ASS 3,000 watts 2,400 watts 
e Us a = 3,600 watts 2,880 watts 
aa v acne 265 ; 
omon A 20 Ax 240 V = 4 800 watts 3 840 watts 
= 30Ax240V= 7,200 watts 5,760 watts 
* NOT Eves To AA EN A PC ans 
F e wee S 
Amperage rating can be used to find the wattage of an 
appliance. Multiply the amperage by the voltage of the 
circuit. For example, a 13-amp, 120-volt circular saw Is 
rated for 1,560 watts. 
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| calculating Loads 


Add 1,500 watts for each small appliance circuit required If the nameplate gives the rating in kilowatts, find the 
by the local electrical code. In most communities, three such watts by multiplying kilowatts times 1,000. If an appliance 
circuits are required—two in the kitchen and one for the lists only amps, find watts by multiplying the amps times the 
laundry—tfor a total of 4,500 watts. No further calculations are voltage—either 120 or 240 volts. 


needed for appliances that plug into small-appliance or basic 
lighting/receptacle circuits. 


| Fixed Devices > 


Do not connect one or more fixed devices that in 
total exceed 50 percent of a multiple outlet branch 
circuit's amperage rating. Fixed devices do not 
include light fixtures. This means that that all fixed 
devices (such as a permanently wired disposal or hot 
water circulating pump) on a multiple outlet branch 
circuit may not exceed 7.5 amps (about 900 watts) 
on a 15-amp multiple outlet branch circuit and may 
not exceed 10 amps (about 1,200 watts) on a 20-amp 
multiple outlet branch circuit. 


Air-conditioning and heating appliances are not used at the 
same time, so figure in only the larger of these two numbers 
when evaluating your home's electrical load. 
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| Locating Wattage 


Light bulb wattage ratings are 
printed on the top of the bulb. If a 
light fixture has more than one bulb, 
remember to add the wattages of all 
the bulbs to find the total wattage of 
the fixture. 


Dishwashers installed permanently 
under a countertop may need a 
dedicated 15-amp, 120-volt circuits. 
Dishwasher ratings are usually between 
1,000 and 1,500 watts. Portable 
dishwashers are regarded as part of 
small appliance circuits and are not 
added in when figuring loads. 
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Electric water heaters are permanent 
appliances that require their own 
dedicated 30-amp, 240-volt circuits. 
Most water heaters are rated between 
3,500 and 4,500 watts. If the nameplate 
lists several wattage ratings, use the 
one labeled “Total Connected Wattage” 
when figuring electrical loads. 


Nameplate aaae 


Electric ranges can be rated for as 
little as 3,000 watts or as much as 
12,000 watts. They require dedicated 
120/240-volt circuits. Find the exact 
wattage rating by reading the nameplate 
found inside the oven door or on the 
back of the unit. 


Food disposers are considered 
permanent appliances and may require 
their own dedicated 15-amp, 120-volt 
circuits. Most disposers are rated 
between 500 and 900 watts. 


Nameplate 


Microwave ovens are regarded 

as permanent appliances. Add in its 
wattage rating when calculating loads. 
The nameplate is found on the back 
of the cabinet or inside the front door. 
Most microwave ovens are rated 
between 500 and 1,200 watts. 
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Freezers are permanent appliances 
that may need a dedicated 15- or 20- 
amp, 120-volt circuits. Freezer ratings 
are usually between 240 and 480 watts. 
But combination refrigerator-freezers 
rated for 1,000 watts or less are plugged 
into small appliance circuits and do not 
need their own dedicated circuits. The 
nameplate for a freezer is found inside 
the door or on the back of the unit, just 
below the door seal. 


A central air conditioner requires 

a dedicated 240-volt circuit. Estimate 

its wattage rating by adding the 
numbers labeled RLA and FLA on the air 
conditioner's metal plate. Multiply the 
RLA+FLA by 240. 
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Nameplate 


Electric clothes dryers are 
permanent appliances that need 
dedicated 30-amp, 120/240-volt circuits. 
The wattage rating is printed on the 
nameplate inside the dryer door. Use 
5,000 watts as a minimum, regardless 
of the printed rating. Washing machines 
and gas-heat clothes dryers with 
electric tumbler motors do not need 
dedicated circuits. They plug into the 
20-amp small-appliance circuit in the 
laundry room. 


0 


Nameplate 


Window air conditioners, both 
120-volt and 240-volt types, are 
permanent appliances that require 
dedicated circuits. The wattage rating, 
which can range from 500 to 2,000 
watts, is found on the nameplate 
located inside the front grill. Make sure 
to include all window air conditioners in 
your evaluation. 


Forced-air furnaces and heat pump 
air handlers have electric fans and are 
considered permanent appliances. They 
require dedicated 15-amp, 120-volt 
circuits. Include the fan wattage rating, 
printed on a nameplate inside the 
control panel, when figuring wattage 
loads for heating. You should also 
include the wattage rating for heat 
pump backup heating coils. 


Electric room heaters that are 
permanently installed require a 
dedicated circuit and must be figured 
into the load calculations. Use the 
maximum wattage rating printed 
inside the cover. In general, 240-volt 
baseboard-type heaters are rated for 
180 to 250 watts for each linear foot. 
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nderstanding the difference between GFCI 

(ground-fault circuit interrupter) and AFCI (arc 
fault circuit interrupter) is tricky for most homeowners. 
Essentially it comes down to this: Arc-fault interrupters 
keep your house from burning down; ground-fault 


interrupters keep people from being electrocuted. 

The National Electric Code (NEC) requires 
that an AFCI breaker be installed on most branch 
circuits that supply outlets or fixtures in newly 
constructed homes. The NEC also requires adding 
AFCI protection to these circuits when you add new 
circuits and modify or extend existing circuits. They're 
a prudent precaution in any home, especially if it has 
older wiring. AFCI breakers will not interfere with the 
operation of GFCI receptacles, so it is safe to install 
an AFCI breaker on a circuit that contains GFCI 
receptacles. For a discussion on codes that concern 


AFCI and GFCI breakers see pages 120 to 121. 


GROUND-FAULT 

CIRCUIT-INTERRUPTERS 

A GFCI is an important safety device that disconnects 

a circuit in the event of a ground fault (when current 

takes a path other than the neutral back to the panel). 
On new construction, GFCI protection is required 

for receptacles in these locations: kitchen counter 

tops, bathrooms, garages, unfinished basements, 

crawlspaces, outdoors, within six feet of sinks, and 

in unfinished accessory buildings such as storage 

and work sheds. In general it is a good practice to 

protect all receptacle and fixture locations that could 

encounter damp or wet circumstances. 
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| Tools & Materials > 


Insulated Combination tool 
screwdriver AFCI or 
Circuit tester GFCI breaker 


ARC-FAULT CIRCUIT INTERRUPTERS 
AFCls detect arcing (sparks) that can cause 


fires between and along damaged wires. AFCI 
protection is required for 15- and 20-amp, 120- 
volt circuits that serve living rooms, family rooms, 
dens, parlors, libraries, dining rooms, bedrooms, 
sun rooms, kitchens, laundry areas, closets, and 
hallways. AFCI protection is not required for 
circuits serving bathrooms, garages, the exterior 
of the home, appliances such as furnaces and 
air handlers. 

The easiest way to provide AFCI protection for 
a circuit is to install an AFCI circuit breaker labeled 
as a ‘combination’ device in the electrical panel. 
The 2014 NEC allows several alternate methods of 
providing AFCI protection, but you should consult 
an electrician before using these alternate methods. 
You should install combination AFCI circuit breakers 
when installing new circuits that require AFCI 
protection. You should install either combination AFCI 
circuit breakers or AFCI receptacles when you modify, 
replace, or extend an existing circuit that requires 


AFCI protection. 


AFCI breakers (left) are similar in 
appearance to GFCI breakers (right), but 
they function differently. AFCI breakers 
trip when they sense an arc fault. GFCI 
breakers trip when they sense fault 
between the hot wire and the ground. 


An AFCI-protected 
receptacle 
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How to Install an AFCI or GFCI Breaker 
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Locate the breaker for the circuit 
you'd like to protect. Turn off the main 
circuit breaker. Remove the cover from 
the panel, and test to ensure that power 
is off. Remove the breaker you want 

to replace from the panel. Remove the 
black wire from the LOAD terminal of 
the breaker. 


Connect the new breaker's coiled 
white wire to the neutral bus bar on 
the service panel. 
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Find the white wire on the circuit 
you want to protect, and remove it from 
the neutral bus bar. 
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Make sure all the connections are 
tight. Snap the new breaker into the 
bus bar. 


Flip the handle of the new AFCI or 
GFCI breaker to OFF. Loosen both of 
the breaker's terminal screws. Connect 
the white circuit wire to the breaker 
terminal labeled PANEL NEUTRAL. 
Connect the black circuit wire to the 
breaker terminal labeled LOAD POWER. 
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Turn the main breaker on. Turn off 
and unplug all fixtures and appliances 
on the AFCI or GFCI breaker circuit. 
Turn the AFCI or GFCI breaker on. Press 
the test button. If the breaker is wired 
correctly, the breaker trips open. If it 
doesn't trip, check all connections or 
consult an electrician. Replace the 
panel cover. 
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Sl Replacing a Service Panel 


50 


nly a generation ago, fuse boxes were commonplace. 


But as our demands for power increased, 
homeowners replaced the 60-amp boxes with larger, 
safer, and more reliable circuit breaker panels. ‘Typical 
new homes were built with perfectly adequate 100-amp 
load centers. But today, as average home size has risen 
to more than 2,500 sq. ft. and the number of home 
electronics has risen exponentially, 100 amps is often 
inadequate service. As a result, many homeowners have 
upgraded to 200-amp service, and new single-family 
homes often include 250 amps or even 400 amp service. 

Upgrading your electrical service panel from 
100 amps to 200 amps is an ambitious project that 
requires a lot of forethought. The first step is to obtain 
a permit. When you are ready to begin, you will need 
to have your utility company disconnect your house 
from electrical service at the transformer that feeds 
your house. When you schedule this, talk to your utility 
company about the size of your service drop or lateral. 
That may need to be upgraded too. Not only does this 
involve working them into your schedule, it means you 
will have no power during the project. You can rent a 
portable generator to provide a circuit or two, or you can 
run a couple extension cords from a friendly neighbor. 
But unless you are a very fast worker, plan on being 
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without power for at least one to two days while the 
project is in process. 

Also check with your utility company to make 
sure you know what equipment is theirs and what 
belongs to you. In most cases, the electric meter and 
everything on the street side belongs to the power 
company, and the meter base and everything on the 
house side is yours. Be aware that if you tamper with 
the sealed meter in any way, you likely will be fined. 
Utility companies will not re-energize your system 
without approval from your inspecting agency. 

Upgrading a service panel is a major project. 

Do not hesitate to call for help at any point if you're 
unsure what to do. 


| Tools & Materials > 


Weatherhead 


Service cable 


200-amp load center 
(service panel) 
Circuit wires 


200-amp bypass 


meter base Plywood backer board 
Circuit breakers Screwdrivers 

(AFCI if required Drill/driver 

by local code) Tape 


Schedule 80 or Allen wrench 
RMC conduit 


and fittings 


Circuit tester 
Multimeter 


Modern homeowners consume more power than our 
forebears, and it is often necessary to upgrade the electrical 
service to keep pace. While homeowners are not allowed to 
make the final electrical service connections, removing the old 
panel and installing the new panel and meter base yourself 
can save you hundreds or even thousands of dollars. 
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Service drop cables 


Weatherhead 


Service mast 


RMC conduit 


Power meter Service 


entrance 
cables 


Meter base 


Aboveground service drop. In this common configuration, 
the service cables from the closest transformer (called the 
service drop) connect to service entrance wires near the 
weatherhead. This connection is called the service point and is 
where your property usually begins. The service entrance wires 
from the weatherhead are routed to a power meter that's 
owned by your utility company but is housed in a base that's 
considered your property. From the meter the service entrance 
wires enter your house through the wall and are routed to the 
main service panel, where they are connected to the main 
circuit breaker. 
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Service 
entrance 
cables 


Power meter 


Meter base 


Conduit 


Underground service lateral. Increasingly, homebuilders 
are choosing to have power supplied to their new homes 
underground instead of an overhead service drop. Running the 
cables in the ground eliminates problems with power outages 
caused by ice accumulation or fallen trees, but it entails a 
completely different set of cable and conduit requirements. 
For the homeowner, however, the differences are minimal, 
because the hookups are identical once the power service 
reaches the meter. 
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| Locating Your New Panel > 


Local codes dictate where the main service 

panel may be placed relative to other parts of 

your home. Although the codes vary (and always 
take precedence), national codes stipulate that 

a service panel (or any other distribution panel) 
may not be located near flammable materials, in a 
bathroom, clothes closet or other area designated 
for storage, above stairway steps, or directly above 
a workbench or other permanent work station 

or appliance. The panel also can't be located in 

a crawl space. If you are installing a new service 
entry hookup, there are many regulations regarding 
height of the service drop and the meter. Contact 
your local inspections office for specific regulations. 


circuit breaker 
height 79” (ideal 
height 60”) 


Minimum 36" deep 
unobstructed 


ee one 
O Minimum 30" wide 


unobstructed 
access 


Attach to studs or to 3⁄4" 
backer 
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All the equipment you'll need to upgrade your main panel 
is sold at most larger building centers. It includes (A) a new 
200-amp panel; (B) a 200-amp bypass meter base (also called 

a socket); (C) individual circuit breakers (if your new panel is 
the same brand as your old one you may be able to reuse 

the old breakers); (D) new, THW, THHW, THWN-2. RHW, RHW-2, 
XHHW (2/0 copper seen here); (E) 2" dia. rigid metallic conduit; 
(F) weatherhead shroud for mast. 
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The main circuit breaker (called the service equipment) 
may need to be located outside next to the electric meter 

if your main panel is too far away from the point where the 
service cable enters your house. The maximum distance 
allowed varies widely, from as little as 3 ft. to more than 10 
ft. Wiring the service cable through the shutoff has the effect 
of transforming your main panel into a subpanel, which will 
impact how the neutral and ground wires are attached (see 
Subpanels, pages 64 to 65). 


Job: 41940 Title: CSP - Advanced Home Wirid g4 


tga %GB AM 


Page: 52 


Pro-Vis 


How to Replace a Main Panel 


Shut off power to the house at the transformer. This 
must be done by a technician who is certified by your utility 
company. Also have the utility worker remove the old meter 
from the base. It is against the law for a homeowner to break 
the seal on the meter. 


a 
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Disconnect incoming circuit wires from breakers, 
grounding bar, and neutral bus bar. Also disconnect cable 
clamps at the knockouts on the panel box. Retract all circuit 
wires from the service panel and coil it up neatly, with the 
labels clearly visible. 
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Label all incoming circuit wires before disconnecting them. 
Labels should be written clearly on tape that is attached to the 
cables outside of the existing service panel. Test the circuits 
before starting to make sure they are labeled correctly. 
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Unscrew the lugs securing the service entry cables at the 
top of the panel. For 240-volt service you will find two heavy- 
gauge SE cables, probably with black sheathing. Each cable 
carries 120 volts of electricity. A neutral service cable, usually 
of smaller gauge than the SE cables, will be attached to the 
neutral bus bar. This cable returns current to the source. 


Ist 
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Remove the old service panel box. Boxes are rated for Replace the old panel backer board with a larger board 

a maximum current capacity; and if you are upgrading, the in the installation area (see sidebar, page 52). A piece of %" 
components in the old box will be undersized for the new plywood is typical. Make sure the board is well secured at wall 
service levels. The new box will have a greater number of framing members. 


circuit slots as well. 


Attach the new service panel box to the backer board, Attach properly sized cable clamps to the box at the 
making sure that at least two screws are driven through the knockout holes. Install one cable per knockout in this type of 
backer and into wall studs. Drill clearance holes in the back of installation and plan carefully to avoid removing knockouts that 
the box at stud locations if necessary. Use roundhead screws you do not need to remove (if you do make a mistake, you can 
that do not have tapered shanks so the screwhead seats flat fill the Knockout hole with a plug). 


against the panel. 
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Splicing in the Box > 


Some wiring codes allow you to make splices inside the 
panel box if the circuit wire is too short. Use the correct 
wire cap and wind electrical tape over the conductors 
where they enter the cap. If your municipality does 

not allow splices in the panel box, you'll have to rectify 
a short cable by splicing it in a junction box before it 
reaches the panel and then replacing the cable with a 
longer section for the end of the run. Make sure each 
circuit line has at least 12” of slack. 


D'E Dig 


Attach the hot lead wire to the terminal on the circuit 
breaker, and then snap the breaker into an empty slot. When 
loading slots, start at the top of the panel and work your way 
downward. It is important that you balance the circuits as you 
go to equalize the amperage. For example, do not install all the 
15-amp circuits on one side and all the 20-amp circuits on 

the other. 
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Attach the white neutral from each circuit cable to the 
neutral bus bar. Most panels have a preinstalled neutral bus 
bar, but in some cases you may need to purchase the bar 
separately and attach it to the panel back. The panel should 
also have a separate grounding bar that you also may need to 
purchase separately. Attach the grounds as well. 


Create an accurate circuit index and affix it to the inside 

of the service panel door. List all loads that are on the circuit 
as well as the amperage. Once you have restored power to the 
new service panel (see step 18), test out each circuit to make 
sure you don't have any surprises. With the main breakers on, 
shut off all individual circuit breakers, and then flip each one 
on by itself. Walk through your house and test every switch and 
receptacle to confirm the loads on that circuit. 


(continued) 
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Install grounding conductors (see pages 58 to 59). Local Replace the old meter base (have the utility company 
codes are very specific about how the grounding and bonding remove the meter when they shut off power to the house, step 
needs to be accomplished. For example, some require 1). Remove the old meter base, also called a socket, and install 
multiple rods driven at least 6 ft. apart. Discuss your grounding a new base that's rated for the amperage of your new power 
requirements thoroughly with your inspector or an electrician service. Here, a 200-amp bypass meter base is being installed. 


before making your plan. 


Update the conduit that runs from your house to the Install new service entrance wires. Each wire carries 
bottom of the meter base. This should be 2” rigid conduit 120 volts from the meter to the service wire lugs at the top 

in good repair. Attach the conduit to the base and wall with of your service panel. Code Is very specific about how these 
the correct fittings. Rigid metal conduit is a good option, but connections are made. In most cases, you'll need to tighten 
Schedule 80 PVC is probably the best choice for housing the the terminal nuts with a specific amount of torque that 

service entrance wires. requires a torque wrench to measure. Also attach the sheathed 


neutral wire to the neutral/grounding lug. 
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Attach the SE wires to the lugs connected to the main 
breakers at the top of your service entry panel. Do not remove 
too much insulation on the wires—leaving the wires exposed 
is a safety hazard. The neutral service entry wire is attached 
either directly to the neutral bus bar or to a metal bridge that 
is connected to the neutral bonding bus bar. Install the green 
grounding screw provided with the panel. 


Tall Mast, Short Roof » 


The service drop must occur at least 10 ft. above 
ground level, and as much as 14 ft. in some cases. 
Occasionally, this means that you must run the 
conduit for the service mast up through the eave of 
your roof and seal the roof penetration with a boot. 


Service drop C Weatherhead 
Y AN 


Nid Mast (conduit) 


Boot minimum 
18 inches from 
the bottom of the 


drip loop 
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Install service entrance wires from the meter to the 
weatherhead, where the connections to the service drop wires 
are made. Only an agent for your public utility company may 
make the hookup at the weatherhead. 


Have the panel and all connections inspected and 
approved by your local bullding department, and then contact 
the public utility company to make the connections at the 
power drop. Once the connections are made, turn the main 
breakers on and test all circuits. 


1st 
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I)! Grounding & Bonding a Wiring System 


ll home electrical systems must be bonded and 
grounded according to code standards. This 
entails two tasks: the metal water and gas pipes must 


be connected electrically to create a continuous low 
resistance path back to the main electrical panel; 

and the main electrical panel must be grounded to 

a grounding electrode such as a ground rod or rods 
driven into the earth near the foundation of your 
house. Although the piping system is bonded to the 
ground through your main electrical service panel, the 
panel grounding and the piping bonding are unrelated 
when it comes to function. The grounding wire that 
runs from your electrical panel to grounding electrode 
helps even out voltage increases that often occur 
because of lightning and other causes. The wires that 
bond your metal piping are preventative, and they 
only become important in the unlikely event that an 
electrical conductor energizes the pipe. In that case, 
correct bonding of the piping system will ensure that 
the current does not remain in the system, where it 
could electrocute anyone who touches a part of the 
system, such as a faucet handle. Bonding is done 
relatively efficiently at the water heater, as the gas 
piping and water piping generally there. 

Gas pipe in older homes is usually steel or copper. 
The bonding connection point for these pipes can be 
at any accessible location, such as at the water heater 
or at the gas meter. Gas pipe in some new homes is 
a flexible material called corrugated stainless steel 
tubing (CSST). The bonding point for CSST must be 
at the first piece of steel or copper pipe where the gas 
service enters the home. This is because lightning can 
blow holes in CSST, causing a gas leak. 


| Tools & Materials > 


Hammer 3 pipe 
Straight edge ground clamps 
screwdriver Eye and ear 
Drill protection 
Ya" drill bit Work gloves 
A length of Grounding rods 
ground wire 5-lb. maul A pair of 8-ft.-long metal ground rods are driven into the 
Some wire staples Gaulk earth next to your house to provide a path to ground for your 


home wiring system. 
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How to Bond Metallic Piping 


Determine the amperage rating of your electrical service 
by looking at your main breakers. The system amperage 
(usually 100 or 200 amps) determines the required gauge 

of the bonding wire you need. #4 copper wire Is sufficient 
for service not exceeding 200 amps. Smaller, less expensive 
copper wire is allowed for services between 100 and 175 


o BES 


Run the bonding wire from a point near your water heater 
(a convenient spot if you have a gas-fueled water heater) to 
an exit point where the wire can be bonded to the grounding 
wire that leads to the exterior grounding electrodes. This iS 
frequently done at the service panel. Run this wire as you 
would any other cable, leaving approximately 6 to 8 ft. of wire 


at the water heater. If you are running this wire through the 
ceiling joists, drill a ⁄2" hole as close to the center as possible 
to not weaken the joist. Staple the wire every 2 ft. if running it 


D parallel to the joists. eS) 


amps. Check with your electrical inspector if you want to use 
wire smaller than +44. 


Route the ground wire through each clamp wire hole and 
then tighten the clamps onto the wire. Do not cut or splice the 
wire: The same wire should run through all clamps. 


Install pipe ground clamps on each pipe (hot water supply, 
cold water supply, gas), roughly a foot above the water heater. 
Do not install clamps near a union or elbow because the 
tightening of the clamps could break or weaken soldered 
joints. Also make sure the pipes are free and clear of any paint, 
rust, or any other contaminant that may inhibit a good clean 
connection. Do not overtighten the clamps. Use clamps that 
are compatible with the pipe so that corrosion will not occur. 
Use copper or brass clamps on copper pipe. Use brass or steel 


clamps on steel pipe. (continued) 
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At the panel, turn off the main breaker. Open the cover Locate an open hole on your ground and neutral bus 

by removing the screws, and set the cover aside. Route the and insert the ground wire. These holes are large enough to 

ground wire through a small %" hole provided towards the accommodate up to a #4 awg wire, but it may be difficult at 

rear of the panel on the top or bottom. You will usually have times. If you're having trouble pushing the wire in, trim a little 

to knock the plug out of this hole by placing a screwdriver on wire off the end and try with a clean cut piece. Secure the set 

it from the outside and tapping with a hammer. Make sure screw at the lug. Replace the panel cover and turn the main 

the ground wire will not come into contact with the bus bars breaker back on. 

in the middle of the panel or any of the load terminals on the 

breakers. e 


Tips for Grounding the Main Service Panel 


| 
O Neutral bus 


The neutral and grounding wires should not be connected Metallic conduit must be physically and electrically connected 
to the same bus in most subpanels. The grounding bus should to panel cabinets. A bonding bushing may be required in some 
be bonded to the subpanel cabinet. The neutral bus should not cases, where not all of a knockout is removed. 

be bonded to the subpanel cabinet. 
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| Ground Rod Installation 


The ground rod is an essential part of the grounding 
system. Its primary function is to create a path to 
ground for electrical current, such as lightning, line 
surges, and unintentional contact with high voltage 
lines. If you upgrade your electrical service you likely 
will need to upgrade your grounding wire and rods to 
meet code. 

Note: Different municipalities have different 
requirements for grounding, so be sure to check with 
the AHJ (Authority Having Jurisdiction) first before 
attempting to do this yourself. 

Call before you dig! Make sure the area where you 
will be installing the ground rods is free and clear from 
any underground utilities. 


+. MAS 


Exercise Your Breakers » 


Your breakers (including the main) should be 
“exercised” once a year to ensure proper mechanical 
function. Simply turn them off and then back on. A 
convenient time to perform the exercise is at daylight 
savings time, when you'll need to reset all of your 
clocks anyway. 


How to Install a Grounding Electrode System 


A RATA — RT EMOS Pl DADO POS 


Begin by purchasing two copper-coated steel ground 
rods %/:" diameter by 8' long. Grounding rods have a driving 
point on one end and a striking face on the other end. 
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Drill a %46" hole in the rim joist of your house, as close as 
practical to the main service panel to the outside of the house 
above the ground level at least 6”. 


(continued) 
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About a foot from the foundation of the house, pound Run uninsulated #4 copper wire from the ground bus in 
one ground rod into the earth with a five-pound maul. If you your main service panel through the hole in the rim joist and to 
encounter a rock or other obstruction, you can pound the the exterior of the house, leaving enough wire to connect the 


ground rod at an angle as long as it does not exceed 45°. Drive two ground rods together. 
until only 3" or 4" of the rod is above ground. Measure at least 
6 ft. from the first ground rod and pound in another one. 


Using a brass clamp commonly referred to as an acorn, Connect the second ground rod with another acorn to the 
connect the wire to the first ground rod, pulling the wire taut uncut grounding wire previously pulled through the first acorn. 
so no slack exists. Continue pulling the wire to reach the Trim the excess wire. 


second grounding rod, creating a continuous connection. 
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Dig out a few inches around each rod to create clearance 
for the five-pound maul. Creating a shallow trench beneath 
the grounding wire between the rods is also a good idea. Drive 
each rod with the maul until the top of the rod is a few inches 
below grade. 


Tips for Grounding 


| 
A listed metal strap may be used to ground indoor 
communication wires such as telephone and cable TV if an 
intersystem bonding terminal is not available. 
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Inject caulk into the hole in the rim joist on both the interior 
and exterior side. 
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A piece of reinforcing bar encased in a concrete footing is a 
common grounding electrode in new construction. Called an 
ufer, the electrode must be No. 4 or larger rebar and at least 20 ft. 
long. (Shown prior to pouring concrete.) 
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nstall circuit breaker subpanels if the main circuit 

breaker panel does not have enough open breaker slots 
for the new circuits you are planning. Subpanels serve as 
a second distribution center for connecting circuits. They 
receive power from a double-pole circuit breaker you 
install in the main circuit breaker panel. 

If the main service panel is so full that there is no 
room for the double-pole subpanel breaker, you can 
reconnect some of the existing 120-volt circuits to 
special slimline breakers (photos below). 

Plan your subpanel installation carefully, making 
sure your electrical service supplies enough power to 
support the extra load of the new subpanel circuits. 
Assuming your main service is adequate, consider 
installing an oversized subpanel breaker in the main 
panel to provide enough extra amps to meet the needs 


of future wiring projects. 

Also consider the physical size of the subpanel, 
and choose one that has enough extra slots to hold 
circuits you may want to install later. The smallest 
panels have room for up to six single-pole breakers 
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(or three double-pole breakers), while the largest 
models can hold 20 single-pole breakers or more. 

Subpanels often are mounted near the main 
circuit breaker panel. Or, for convenience, they can 
be installed close to the areas they serve, such as in 
a new room addition or a garage. In a finished room, 
a subpanel can be painted or housed in a decorative 
cabinet so it is less of a visual distraction. If it is 
covered, make sure the subpanel is easily accessible 
and clearly identified. 


| Tools & Materials > 


Hammer Cable clamps 

Screwdriver Three-wire NM cable 
Circuit tester Cable staples 

Cable ripper Double-pole circuit breaker 


Combination tool Circuit breaker subpanel 


Screws Slimline circuit breakers 
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To conserve space in a service panel, you can replace single-pole breakers with slimline breakers. Slimline breakers take up 
half the space of standard breakers, allowing you to fit two circuits into one single slot on the service panel. In the service panel 
shown above, four single-pole 120-volt breakers were replaced with slimline breakers to provide the double opening needed for a 
30-amp, 240-volt subpanel feeder breaker. Use slimline breakers (if your municipality allows them) with the same amp rating as the 
standard single-pole breakers you are removing, and make sure they are approved for use in your panel. If your municipality and 
panel allow slimline breakers, there may be restrictions on the quantity and location where they may be installed on the panel. 
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Wiring diagram for wiring a feeder from the main service panel to a subpanel in a separate building. 


_ How to Install a Subpanel 


| 


Subpanels are subject to the same Open a knockout in the subpanel Attach a cable clamp to the knockout 
installation and clearance rules as service using a screwdriver and hammer. Run in the subpanel. Insert the cable into the 
panels. The subpanel can be mounted to the feeder cable from the main circuit subpanel, and then anchor it to framing 
the sides of studs or to plywood attached breaker panel to the subpanel, leaving members within 8" of each panel and 
between two studs. The panel shown about 2 ft. of excess cable at each end. every 54" thereafter. 


here extends 1⁄2" past the face of studs 
so it will be flush with the finished wall 


surface. 
(continued) 
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Strip away outer sheathing from the Strip Y" of insulation from the white Strip away Y" of insulation from the 
feeder cable using a cable ripper. Leave neutral feeder wire, and attach it to the red and the black feeder wires. Attach 
at least 4" of sheathing extending into main lug on the subpanel neutral bus one wire to the main lug on each of the 
the subpanel. Tighten the cable clamp bar. Connect the grounding wire to a hot bus bars. Fold excess wire around 
screws so the cable is held securely, but setscrew terminal on the grounding bus the inside edge of the subpanel. 

not so tightly that the wire sheathing bar. Fold excess wire around the inside 

is crushed. edge of the subpanel. 


Slimline 0 
breakers 
po | 
At the main circuit breaker panel, shut off the main Strip away the outer sheathing from the feeder cable so 
circuit breaker, and then remove the coverplate and test for that at least 14" of sheathing will reach into the main service 
power. If necessary, make room for the double-pole feeder panel. Attach a cable clamp to the cable, and then insert the 
breaker by removing single-pole breakers and reconnecting cable into the knockout, and anchor it by threading a locknut 
the wires to slimline circuit breakers. Open a knockout for the onto the clamp. Tighten the locknut by driving a screwdriver 
feeder cable using a hammer and screwdriver. Note: some against the lugs. Tighten the clamp screws so the cable is held 
panels do not allow slimline breakers and some restrict where securely, but not so tightly that the cable sheathing is crushed. 
Slimline breakers can be installed. Read the instructions on the 
panel cover. 
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Bend the bare copper wire from the feeder cable around 
the inside edge of the main circuit breaker panel, and connect 
it to one of the setscrew terminals on the grounding bus bar. 


Strip Y" of insulation from the red 
and the black feeder wires. Attach one 
wire to each of the setscrew terminals 
on the double-pole feeder breaker. 
Note: If your subpanel arrived with a 
preinstalled grounding screw in the 
panel back, remove and discard it. 
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Neutral bus bar 


service panel. 


Hook the end of the feeder circuit 
breaker over the guide hooks on the 
panel, and then push the other end 
forward until the breaker snaps onto 
the hot bus bars (follow manufacturer's 
directions). Fold excess wire around the 
inside edge of the circuit breaker panel. 


Strip away Y" of insulation from the white feeder wire. 
Attach the wire to one of the setscrew terminals on the 
neutral bus bar. Fold excess wire around the inside edge of the 


If necessary, open two tabs where 
the double-pole feeder breaker will 

fit, and then reattach the cover plate. 
Label the feeder breaker on the circuit 
index. Turn the main breaker on, but 
leave the feeder breaker off until all 
subpanel circuits have been connected 
and inspected. 


ADVANCED HOME WIRING 


1st 


67 


proofs for 
reference 
only 


Job: 41940 Title: CSP - Advanced Home WirllelStifediti AM 
Page: 67 


41940 - Advanced Home Wiring_064-128.indd 67 D 


Pro-Vision O Text 


Edition 


age: 66 


1st 


roofs for 
only 


reference 


p 


ae 
+ BRED ZERE 


LS Baseboard Heaters 


Bevo heaters are a popular way to provide 


| Tools & Materials > 


additional heating for an existing room or primary 
heat to a converted attic or basement. 


Heaters are generally wired on a dedicated Drill/driver 
240-volt circuit controlled by a thermostat. Several Wire stripper 
heaters can be wired in parallel and controlled by a Cable ripper 
single thermostat (see circuit map 15, page 39). Wallboard saw 
Baseboard heaters are generally surface-mounted Baseboard heater or heaters 
without boxes, so in a remodeling situation, you only 240-thermostat (in-heater or in-wall) 
need to run cables before installing wallboard. Be sure 12/2 NM cable 
to mark cable locations on the floor before installing Electrical tape 
drywall. Retrofit installations are also not difficult. Basic wiring supplies 


You can remove existing baseboard and run new cable 
in the space behind. Baseboard heaters (and other 
heating equipment) get very hot and can ignite nearby 
combustible materials. Maintain the manufacturers 
recommended distance between the heater and 
materials such as curtains, blinds, and wood. 


x a 
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Baseboard heaters can provide primary or supplemental heat for existing rooms or additions. Install heaters with clear space 
between the heater and the floor. 
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Single-pole Double-pole 
thermostat thermostat 
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Single-pole and double-pole thermostats work in a similar 
manner, but double-pole models are safer. The single-pole 
model will open the circuit (causing shutoff) in only one leg of 
the power service. Double-pole models have two sets of wires 
to open both legs, lessening the chance that a person servicing 
the heater will contact a live wire. 


In-heater and wall-mount are the two types of baseboard 
thermostats you can choose from. If you are installing multiple 
heaters, a single wall-mount thermostat is more convenient. 
Individual in-heater thermostats give you more zone control, 
which can result in energy savings. 


| How Much Heater Do You Need? > 


If you don't mind doing a little math, determining how 
many lineal feet of baseboard heater a room requires is 
not hard. 


1. Measure the area of the room in square feet 
(length x width) _____ 

2. Multiply the area by 10 to get the baseline minimum 
wattage: 

3. Add 5% for each newer window or 10% for each 
older window: 

. Add 10% for each exterior wall in the room: 
5. Add 10% Tor Gacn exterior door. 
6. Add 10% if the space below is not insulated: 


7. Add 20% if the space above is not well insulated: 


8. Add 10% if ceiling is more than 8 ft. high: T e 
9. Total of the baseline wattage plus all additions: 


10. Divide this number by 250 (the wattage produced per 
foot of standard baseboard heater): 

11. Round up to a whole number. This is the minimum 
number of feet of heater you need. 


Note: It is much better to have more feet of heater than is 
required than fewer. Having more footage of heater does 
not consume more energy, it does allow the heaters to 
work more efficiently. 


| Planning Tips for Baseboard Heaters > 


e Baseboard heaters require a dedicated circuit. A 
20-amp, 240-volt circuit of 12-gauge copper wire will 
power up to 16 ft. of heater. 

e Do not install a heater beneath a wall receptacle. 
Cords hanging down from the receptacle are a 
fire hazard. 
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e Donot mount heaters directly on the floor. You 
should maintain at least 1" of clear space between 
the baseboard heater and the floor covering. 

e installing heaters directly beneath windows is a 
good practice. 

e Locate wall thermostats on interior walls only, and do 
not install directly above a heat source. 
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_ How to Install a 240-Volt Baseboard Heater 


At the heater locations, cut a small hole in the drywall 3" to Remove the cover on the wire connection box. Open a 


4” above the floor. Pull 12/2 NM cables through the first hole: knockout for each cable that will enter the box, and then feed 
one from the thermostat, the other to the next heater. Pull all the cables through the cable clamps and into the wire 

the cables for subsequent heaters. Middle-of-run heaters will connection box. Attach the clamps to the wire connection 
have two cables, while end-of-run heaters have only one cable. box, and tighten the clamp screws until the cables are 

(See also circuit map 15, page 39.) eripped firmly. 
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Anchor the heater against wall about 1” off floor by driving Make connections to the heating element if the power 


flathead screws through the back of the housing and into wires are coming from a thermostat or another heater 

studs. Strip away cable sheathing so at least 1⁄2" of sheathing controlled by a thermostat. See the next page for other wiring 
extends into the heater. Strip 34" of insulation from each wire schemes. Connect the white circuit wires to one of the wire 
using a combination tool. leads on the heater. Tag white wires with black tape to indicate 


they are hot. Connect the black circuit wires to the other 

wire lead. Connect a grounding pigtail to the green grounding 
screw in the box, and then join all grounding wires with a wire 
connector. Reattach the cover. 
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One heater with end-cap thermostat. 
Run both power leads (black plus tagged 
neutral) into the connection box at either 
end of the heater. If installing a single-pole 
thermostat, connect one power lead to 
one thermostat wire and connect the 
other thermostat wire, to one of the 
heater leads. Connect the other hot 

LINE wire to the other heater lead. If you 
are installing a double-pole thermostat, 
make connections with both legs of the 
power supply. 


Multiple heaters. At the first heater, 
join both hot wires from the thermostat 
to the wires leading to the second heater 
in line. Be sure to tag all white neutrals 
hot. Twist copper ground wires together 
and pigtail them to the grounding screw 
in the baseboard heater junction box. 
This parallel wiring configuration ensures 
that power flow will not be interrupted to 
the downstream heaters if an upstream 
heater fails. 

© 


Wall-mounted thermostat. If installing a 
wall-mounted thermostat, the power leads 
should enter the thermostat first and then 
be wired to the individual heaters singly or 
in series. Hookups at the heater are made 
as shown in step 4. Be sure to tag the 
white neutral as hot in the thermostat box 
as well as in the heater box. 


1st 
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DS | Wall Heaters 


pa a wall heater is an easy way to provide ESO! 
supplemental heat to a converted attic or basement eo 
without expanding an existing HVAC system. 

Wall heaters are easy to install during a remodel 
(most have a separate can assembly that you attach to 
the framing before the drywall is installed). They can 
also be retrofitted. 

Most models available at home centers use 
120-volt current (shown below), but 240-volt models 
are also available. 


| Tools & Materials > 


Drywall saw Wire connectors 

Drill Wall heater 

Fish tape Thermostat 

Combination tool (optional) 

Screwdrivers Wallboard saw Wall heaters are an easy-to-install way to provide 

12/2 NM cable supplemental heat. Some models have built-in thermostats, 


while others can be controlled by a remote thermostat. 


_ How to Install a Wall Heater in a Finished Wall 


1 


Make an opening in the wall for the heater. Use a stud Turn power off, and test for power. Pull 12/2 NM cable 
finder to locate a stud in the area where you want to install from the main panel to the wall opening. If the heater 

the heater. Mark the opening for the heater according to the is controlled by a separate thermostat, pull cable to the 
manufacturer's guidelines so that one side of the heater sits thermostat, and then run another cable from the thermostat to 
flush with a stud. Pay attention to clearance requirements. Cut the heater location. 


the opening with a wallboard saw. If the wall is open, install the 
heater can before hanging drywall (inset). 
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Disconnect and remove the motor 
unit from the heater can. Remove a 
knockout from the can, and route the 
cable into the can. 


Secure the heater unit in the can 
as directed by the manufacturer. 
Reconnect the motor if necessary. 
Attach the grill and thermostat knob 
as directed. Connect the new circuit 
breaker at the main panel. 
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Install the can in the opening. 
Secure the cable with a clamp, leaving 
8" to 12” of cable exposed. Attach 

the can to the framing as directed by 
the manufacturer. 


Wire the heater. Connect the black 
circuit wire to one of the black heater 
leads. Connect the white circuit wire to 
the other lead. Connect the grounds. 


Variation: Connect a thermostat to control a wall heater. Some wall heaters do not 
use built-in thermostats. Install a thermostat in the heater circuit before the wall 


heater. Connect the black and the white wires coming from the main panel to the red 


leads on the thermostat. Connect the wires going to the heater to the black leads on 


the thermostat. Connect the grounds. 
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TO Backup Power Supply 


pre g a backup generator is an invaluable way to 


| prepare your family for emergencies. The simplest 
backup power system is a portable gas-powered 
generator and an extension cord or two. A big benefit 
of this approach is that you can run a refrigerator 
and a few worklights during a power outage with a 
tool that can also be transported to remote job sites 
or on camping trips when it's not doing emergency 
backup duty. This is also the least expensive way to 
provide some backup power for your home. You can 
purchase a generator at most home centers and be 
up and running in a matter of hours. If you take this 
approach, it is critically important that you make 
certain any loads being run by your generator are 
disconnected from the utility power source. 

The next step up is to incorporate a manual 
transfer switch for your portable generator. Transfer 
switches are permanently hardwired to your service 
panel. They are mounted on either the interior or 
the exterior of your house between the generator 
and the service panel. You provide a power feed from 
the generator into the switch. The switch is wired to 


selected essential circuits in your house, allowing you 
to power lights, furnace blowers, and other loads that 
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can't easily be run with an extension cord. But perhaps 
the most important job a transfer switch performs is 

to disconnect the utility power. If the inactive utility 
power line is attached to the service panel, “backfeed” 
of power from your generator to the utility line can 
occur when the generator kicks in. This condition 
could be fatal to line workers who are trying to 

restore power. The potential for backfeed is the main 
reason many municipalities insist that only a licensed 
electrician hook up a transfer switch. Using a transfer 
switch not installed by a professional may also void the 
warranty of the switch and the generator. 

Automatic transfer switches turn on the generator 
and switch off the utility supply when they detect a 
significant drop in line voltage. They may be installed 
with portable generators, provided the generator is 
equipped with an electric starter. 

Large standby generators that resemble central air 
conditioners are the top of the line in backup power 
supply systems. Often fueled by home natural gas 
lines or propane tanks that offer a bottomless fuel 
source, standby generators are made in sizes with as 
much as 20 to 40 kilowatts of output—enough to cy 
supply all of the power needs of a 5,000-sq.-ft. home. 


Generators have a range of uses. 
Large hard-wired models can provide 
instant emergency power for a whole 
house. Smaller models (below) are 
convenient for occasional short-term 
backup as well as job sites or 
camping trips. 
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| Options for Backup Generators 
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A 2,000- to 5,000-watt gas-powered generator and a A permanent transfer switch patches electricity from 

few extension cords can power lamps and an appliance or a large portable generator through to selected household 

two during shorter-term power outages. Appliances must circuits via an inlet at your service panel (inset), allowing you to 
not be connected to household wiring and the generator power hardwired fixtures and appliances with the generator. 


simultaneously. Never plug a generator into an outlet. Never 
operate a generator indoors. Run extension cords through a 
garage door. 
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For full, on-demand backup service, install a large standby generator wired through to an automatic transfer panel. In the 
event of a power outage, the household system instantly switches to the generator. 
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| A Typical Backup System 


5 an | 


Service entry cables 


e 


Backup generators supply power to a manual transfer switch, which disconnects the house from the main service wires and 
routes power from the generator through selected household circuits. O 


|) Choosing a Generator 


Choosing a generator for your home's needs requires 10,000 watts). If the surge watts aren't listed, ask, 

a few calculations. The chart below gives an estimate or check the manual. Some generators cant develop 
of the size of generator typically recommended for a many more surge watts than run watts; others can 
house of a certain size. You can get a more accurate produce twice as much surge as run wattage. 

number by adding up the power consumption (the It’s not necessary to buy a generator large enough to 
watts) of all the circuits or devices to be powered by match the surge potential of all your circuits (you won't 
a generator. It's also important to keep in mind that, be turning everything on simultaneously), but surge 

for most electrical appliances, the amount of power watts should factor in your purchasing decision. If you 
required at the moment you flip the ON switch is will be operating the generator at or near capacity, it is 
greater than the number of watts required to keep also a wise practice to stagger startups for appliances. 


the device running. For instance, though an air 
conditioner may run on 15,000 watts of power, it will 


require a surge of 30,000 watts at startup (the power SIZE OF HOUSE RECOMMENDED GENERATOR 
range required to operate an appliance is usually listed (IN SOUARE FEET) SIZE (IN KILOWATTS) 
somewhere on the device itself). These two numbers Up to 2,700 5-11 
are called run watts and surge watts. Generators are 
typically sold according to run watts (a 5,000-watt est hale 
generator can sustain 5,000 watts). They are also rated 3,701-4,700 20 
for a certain number of surge watts (a 5,000-watt 4,701-7,000 42—47 
generator may be able to produce a surge of 
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Types of Transfer Switches 


Cord-connected transfer switches (shown above) are 
hard-wired to the service panel (in some cases they're installed 
after the service panel and operate only selected circuits). 
These switches contain a male receptacle for a power supply 
cord connected to the generator. Automatic transfer switches 
(not shown) detect voltage drop-off in the main power line and 
switch over to the emergency power source. 


Generator Tips » 
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If you'll need to run sensitive electronics such 

as computers or home theater equipment, look for a 
generator with power inverter technology that dispenses 
“clean power” with a stable sine wave pattern. 
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When using a cord-connected switch, consider mounting 
an inlet box to the exterior wall. This will allow you to connect 
a generator without running a cord into the house. 


A generator that will output 240-volt service is 
required to run most central air conditioners. If your 
generator has variable output (120/240) make sure the 
Switch is set to the correct output voltage. 
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| Running & Maintaining a Backup System 


Even with a fully automatic standby generator 
system fueled by natural gas or propane, you will 
need to conduct some regular maintenance and 
testing to make sure all systems are ready in the 
event of power loss. If you're depending on a 
portable generator and extension cords or a standby 
generator with a manual transfer switch, you'll also 
need to know the correct sequence of steps to follow 


in a power emergency. Switches and panels also need 
to be tested on a regular basis, as directed in your 
owner's manual. And be sure that all switches (both 
interior and exterior) are housed in an approved 
enclosure box. 


ANATOMY OF A PORTABLE BACKUP GENERATOR 


Start switch 


Pull-cord starter 


Smaller portable generators often use pull-cords instead of 
electric starters. 


Fuel tank 


Built-in GFCI 


= BL Voltage 
EH = selector 
es 5000X 

— Built-in circuit 


breaker 
i 


— AC power 
| outlets 


Gasoline engine 


Oil dipstick 


Portable generators use small gasoline engines to generate power. A built-in electronics panel sets current to AC or DC and 
the correct voltage. Most models will also include a built-in circuit breaker to protect the generator from damage in the event it 
is connected to too many loads. Better models include features like built-in GFCI protection. Larger portable generators may also 


feature electric starter motors and batteries for push-button starts. 
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Plug the generator in at the inlet 

box. Make sure the other end of the 
generator's outlet cord is plugged into 
the appropriate outlet on the generator 
(120-volt or 120/240-volt AC) and the 
generator is switched to the appropriate 
voltage setting. 


o 


Start the generator with the pull-cord 
or electric starter (if your generator 

has one). Let the generator run for 
several minutes before flipping the 
transfer switch. 


Pree TT 
815 


Flip the manual transfer switch. 
Begin turning on loads one at a time by 
flipping breakers on, starting with the 
ones that power essential equipment. 
Do not overload the generator or the 
switch, and do not run the generator 
at or near full capacity for more than 
30 minutes at a time. 


Maintaining & Operating an Automatic Standby Generator 
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If you choose to spend the money and install a dedicated standby generator of 10,000 watts or more and operate it through 
an automatic transfer switch or panel, you won't need to lift a hand when your utility power goes out. The system kicks in by 
itself. However, you should follow the manufacturer's instructions for testing the system, changing the oil, and running the 


motor periodically. 
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Installing a Transfer Switch 


transfer switch is installed next to the main 

service panel to override the normal electrical 
service with power from a backup generator during 
a power outage. Manual transfer switches require an 
operator to change the power source, while automatic 
switches detect the loss of power, start the back-up 
generator, and switch over to the backup power feed. 
Because the amount of electricity created by a backup 
generator is not adequate to power all of the electrical 
circuits in your house, you'll need to designate a few 
selected circuits to get backup current (see page 81). 


| Tools & Materials > 


Circuit tester Level 

Drill/driver Manual transfer switch 
Screwdrivers Screws 

Hammer Wire connectors 

Wire cutters (yellow) 

Cable ripper Standby power 

Wire strippers generator 
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A manual transfer switch connects emergency circuits in 
your main panel to a standby generator. 


One flip of a switch reassigns the power source for each critical circuit so your backup generator can keep your refrigerator, 
freezer, and important lights running during an outage of utility power. 
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| selecting Backup Circuits > 


Before you purchase a backup generator, determine 
which loads you will want to power from your generator 
in the event of a power loss. Generally you will want to 
power your refrigerator, freezer, and maybe a few lights. 
Add up the running wattage ratings of the appliances 
you will power up to determine how large your backup 
generator needs to be. Because the startup wattage of 
many appliances is higher than the running wattage, 
avoid starting all circuits at the same time—it can 
cause an overload situation with your generator. Here 
are some approximate running wattage guidelines (see 
page 132 to 137 for more information on calculating 
electrical loads): 


+ HD 


e Refrigerator: 750 watts 

e Forced air furnace: 1,100 to 1,500 watts 

e Incandescent lights: 60 watts per bulb (CFL and LED 
lignts use less wattage) 

e Sump pump: 800 to 1,000 watts 

e Garage door opener: 550 to 1,100 watts 

e Television: 300 watts 


Add the wattage values of all the loads you want to 
power, and multiply the sum by 1.25. This will give you the 
minimum wattage your generator must produce. Portable 
standby generators typically output 5,000 to 7,500 watts. 
Most larger, stationary generators can output 10,000 to 


20,000 watts (10 to 20 kilowatts). 


How to Install a Manual Transfer Switch 
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Determine which household circuits are critical for 
emergency usage during a power outage. Typically this will 
include the refrigerator, freezer, furnace, and at least one light 
or small appliance circuit. 


Turn off the main power breaker in your electrical service 
panel. CAUTION: The terminals where power enters the main 
breakers will still be energized. 


(continued) 
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Match your critical circuits with circuit inlet on your pre- 
wired transfer switch. Try to balance the load as best you can 
in the transfer switch: For example, if your refrigerator is on 
the leftmost switch circuit, connect your freezer to the circuit 
farthest to the right. Double-pole (240-volt) circuits will require 
two 120-volt circuit connections. Also make sure that 15-amp 
and 20-amp circuits are not mismatched with one another. 


Feed the wires from the transfer switch into the knockout 
hole, taking care not to damage the insulation. You will note 
that each wire is labeled according to which circuit in the 
Switch box it feeds. 
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Select and remove a knockout at the bottom of the main 
service panel box. Make sure to choose a knockout that is 
sized to match the connector on the flexible conduit coming 
from the transfer switch. 


Secure the flexible conduit from the switch box to the main 
service panel using a locknut and a bushing where required. 
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Attach the transfer switch box to the wall so the closer 
edge is about 18” away from the center of the main service 
panel. Use whichever connectors make sense for your 

wall type. 
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Locate the red wire for the switch box circuit that 
corresponds to the circuit you've disconnected. Attach the 


red wire to the breaker you've just removed, and then reinstall 
the breaker. 
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Remove the breaker for the first critical circuit from the 
main service panel box, and disconnect the hot wire lead from 
the lug on the breaker. 


it 


È Je p “3 
1 p po k e 
: ! | E 
há 7 IM yi a 4 _ : 
ml al Al  — ct f 
| i- o 
| P 2 
A La Ile | E E F 
i | y A ES a 
| | | A 3 Ji | E i = r 
| d] ? Fi ag = a 
sect A zm! been he 
hea = - Es a e | ¡E A 
i r se E 
d+ oe Te 
1” ~~ A 
Li : i z z 
a L. F E iy a) = 1 
E > Le pas i 7 
4 Ya 
: “E . - 
i 
l j 
ail 3 
A i 
- 7 DÍA mn” nn ~ = 
y 
— = = > = 


~T 
i] 


z F 
if 


A 


Locate the black wire from the same transfer switch circuit, 
and twist it together with the old feed wire, using a yellow wire 
connector. Tuck the wires neatly out of the way at the edges of 
the box. Proceed to the next circuit, and repeat the process. 


(continued) 
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If any of your critical circuits are 240-volt circuits, attach Once you have made all circuit connections, attach the 
the red leads from the two transfer switch circuits to the white neutral wire from the transfer switch to an opening in 
double-pole breaker. The two circuits originating in the transfer the neutral bus bar of the main service panel. 

switch should be next to one another, and their switches 

should be connected with a handle tie. If you have no 240-volt 

circuits you may remove the preattached handle tie and use 

the circuits individually. 
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Attach the green ground wire from the transfer switch to Begin testing the transfer switch by making sure all of the 
an open port on the grounding bar in your main service panel. switches on it are set to the LINE setting. The power should still 
This should complete the installation of the transfer switch. be OFF at the main panel breakers. 


Replace the cover on the service panel box, and make sure to 
fill in the circuit map on your switch box. 
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Standby Generators » 


Make sure your standby generator is operating properly and has been installed professionally. See page 76 for 
information on choosing a generator that is sized appropriately for your needs. 
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Before turning your generator on, attach the power cord Flip each circuit switch on the transfer switch box to GEN, 
from the generator to the switch box. Never attach or detach a one at a time. Try to maintain balance by moving back and 
generator cord with the generator running. Turn your standby forth from circuits on the left and right side. Do not turn all 
power generator on, and let it run for a minute or two. circuits on at the same time. Observe the onboard wattage 
meters as you engage each circuit, and try to keep the 
wattage levels in balance. When you have completed testing 
the switch, turn the switches back to LINE, and then shut off 
your generator. 
z 
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othing improves the convenience and usefulness 

of an outbuilding more than electrifying it. 
Running a new underground circuit from your house 
to an outbuilding lets you add receptacles and light 
fixtures both inside the outbuilding and on its exterior. 
If you run power to an outbuilding, you are required to 
install at least one receptacle. 

Adding one or two 120-volt circuits is not 
complicated, but every aspect of the project is strictly 
governed by local building codes. Therefore, once 
you ve mapped out the job and have a good idea of 
what's involved, visit your local building department to 
discuss your plans and obtain a permit for the work. 

This project demonstrates standard techniques 
for running a circuit cable from the house exterior to a 
shed, plus the wiring and installation of devices inside 
the shed. To add a new breaker and make the final 
circuit connections to your home's main service panel, 
see page 52. If you run power to an outbuilding, you 
are required to install at least one receptacle. 

First, determine how much current you will need. 
For basic electrical needs, such as powering a standard 


light fixture and small appliances or power tools, a 
120-volt, 15-amp circuit should be sufficient. A small 
workshop may require one or two 120-volt, 20-amp 
circuits. If you need any 240-volt circuits or more than 
two 120-volt, 20-amp circuits, you will need to install 
at least a 60-amp subpanel with appropriate feeder 
wires. Installing a subpanel in an outbuilding is similar 
to installing one inside your home, but there are some 
important differences. 

You may use #14 copper wire for one 120-volt, 
15-amp circuit or #12 copper wire for one 120-volt, 
20-amp circuit. Use #10 copper wire for two 120-volt, 
20 amp circuits. Also, if the shed is more than 150 


ft. away from the house, you may need heavier-gauge 
cable to account for voltage drop. 
Most importantly, don’t forget to call before you 


dig. Have all utility and service lines on your property 


marked even before you make serious project plans. 
This is critical for your safety of course, and it may 
affect where you can run the circuit cable. 


Adding an electrical circuit to an outbuilding such as this shed greatly expands the activities the building will Support and 
is also a great benefit for home security. 
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| Tools & Materials > 
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Spray paint Hacksaw Single-pole switches (2) THNN wire 
Trenching shovel 90° sweeps for Interior ceiling light (12 gauge) 
(4" wide blade) conduit (2) fixture and metal 20-amp GFCI- 
4" metal junction box Plastic conduit fixture box protected circuit 
Metal L-fittings (2) bushings (2) Exterior motion- breaker 
and conduit nipple Pipe straps detector fixture and Wire stripper 
for conduit Silicone caulk plastic fixture box Pliers 
Wood screws and caulk gun EMT metal conduit Screwdrivers 
Conduit with Double-gang and fittings for Wire connectors 
watertight boxes, metal (2) inside the shed Hand tamper 
threaded and One exterior Utility knife Schedule 80 conduit 
compression fittings receptacle box UF two-wire cable Eye protection 
Wrenches (with cover) (12 gauge) 


& Security light i © 


Rigid conduit from service box 


GFCI (covered) 


A basic outdoor circuit starts with a waterproof fitting at the house wall connected to a junction box inside. The underground 
circuit cable—rated UF (underground feeder)—runs in a 24"-deep trench and is protected from exposure at both ends by metal or 
PVC conduit. Inside the shed, standard NM cable runs through metal conduit to protect it from damage (not necessary if you will be 
adding interior wallcoverings). All receptacles in the shed must be GFCI protected. 
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How to Wire an Outbuilding 


Pak 


T EN 
Identify the circuit's exit point at the house and entry From outside, drill a hole through the exterior wall and the 
point at the shed and mark them. Mark the path of the trench rim joist at the exit point for the cable (you'll probably need to 
between the exit and entry points using spray paint. Make the install a bit extender or an extra-long bit in your drill). Make the 
route as direct as possible. Dig the trench to the depth required hole just large enough to accommodate the L-body conduit 
by local code (24") using a narrow trenching shovel. fitting and conduit nipple. 
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Assemble the conduit and junction box fittings that From outside, seal the hole around the conduit with 

will penetrate the wall. Here, we attached a 12" piece of 34" expandable spray foam or caulk, and then attach the free end 
IMC (intermediate metallic conduit) and a sweep to a metal of the conduit to the back of a waterproof L-body fitting. Mount 
junction box with a compression fitting and then inserted the the L-body fitting to the house exterior with the open end 
conduit into the hole drilled in the rim joist. The junction box is facing downward. 


attached to the floor joist. 
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Cut a length of IMC to extend from the L-fitting down 

into the trench using a hacksaw. Deburr the cut edges of 

the conduit. Secure the conduit to the L-fitting, and then 
attach a 90° sweep to the bottom end of the conduit using 
compression fittings. Add a bushing to the end of the sweep to 
protect the circuit cable. Anchor the conduit to the wall with a 
corrosion-resistant pipe strap. 
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Run conduit from the exterior box down into the trench. 
Fasten the conduit to the building with a strap. Add a 90° 
Sweep and bushing, as before. Secure the conduit to the box 
with an offset fitting. Anchor the conduit with pipe straps, and 
seal the entry hole with caulk. 
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Inside the shed, drill a ⁄4" dia. hole in the shed wall. On the 
interior of the shed, mount a junction box with a knock-out 
removed to allow the cable to enter through the hole. On the 
exterior side directly above the end of the UF trench, mount 
an exterior-rated receptacle box with cover. The plan (and your 
plan may differ) is to bring power into the shed through the 
hole in the wall behind the exterior receptacle. 


Run UF cable from the house to the outbuilding. Feed one 
end of the UF circuit cable up through the sweep and conduit 
and into the L-fitting at the house (the back or side of the fitting 
is removable to facilitate cabling). Run the cable through the 
wall and into the junction box, leaving at least 12" of extra 
cable at the end. 


(continued) 


Ist 


ADVANCED HOME WIRING 89 


proofs for 
reference 
only 


Job: 41940 Title: CSP - Advanced Home WiritQ 94 Edite AM 
Page: 89 


1st 


roofs for 
reference 
only 


p 


Lay the UF cable into the trench, making sure it is not Inside the outbuilding, install the remaining boxes for the 


twisted and will not contact any sharp objects. Roll out the cable, other switches, receptacles, and lights. With the exception of 
and then feed the other end of the cable up through the conduit plastic receptacle boxes for exterior exposure, use metal boxes 
and into the receptacle box in the shed, leaving 12" of slack. if you will be connecting the boxes with metal conduit. 


Connect the electrical boxes with conduit and fittings. Cut a length of conduit to fit between the coupling and 
Inside the outbuilding, you may use inexpensive EMT to the next box or fitting in the run. If necessary, drill holes for 
connect receptacle, switch, and fixture boxes. Once you've the conduit through the centers of the wall studs. Attach the 
planned your circuit routes, start by attaching couplings to all conduit to the fitting that you attached to the first box. 


of the boxes. 
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If you are surface-mounting the conduit or running it Measure to find how much wire you'll need for each 
up or down next to wall studs, secure it with straps no more run, and cut pieces that are a foot or two longer. Before 
than 3 ft. apart. Use elbow fittings for 90° turns and setscrew making L-turns with the conduit, feed the wire through the 
couplings for joining straight lengths as needed. Make holes first conduit run. 
through the wall studs only as large as necessary to feed the 
conduit through. 


Feed the other ends of the wires into the next box or Once you've reached the next box in line, coil the ends of 
fitting in line. It is much easier to feed wire into 45° and 90° the wires and repeat the process with new wire for the next run. 
elbows if they have not been attached to the conduit yet. Keep working until all of the wire is run and all of the conduit and 
Continue feeding wire into the conduit and fitting until you fittings are installed and secured. If you are running multiple feed 
have reached the next box in line. wires into a single box, write the origin or destination on a piece 


of masking tape and stick it to each wire end. 
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Neutral wires 


Grounding 
wires 


4 a) Box grounding 
tel 


W a {1 D screw 
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' Note: Your Code may require f$ 
an in-use rated receptacle E Receptacle 
box cover. E grounding 
m screw 


Make the wiring connections at the receptacles. Strip Variation: Installing a GFCI-protected breaker for the new 
Y of insulation from the circuit wires using a wire stripper. circuit at the main service panel is the best way to protect 
Connect the white (neutral) wire and black (hot) wire of the UF the circuit and allows you to use regular receptacles in the 
cable to the LINE screw terminals on the receptacle. Connect building, but an alternative that is allowed in many areas 
the white (neutral) and black (hot) wires from the NM cable to is to run the service into a GFCI-protected receptacle and 
the LOAD terminals. Pigtail the bare copper ground wires and then wire the other devices on the circuit in series. If you 
connect them to the receptacle ground terminal and the metal use this approach, only the initial receptacle needs to be a 
box. Install the receptacle and cover plate. GFCI receptacle. 


Continue installing receptacles in the circuit run, and Install the light fixtures. For this shed, we installed a caged 
then run service from the last receptacle to the switch box ceiling light inside the shed and a motion-detector security 
for the light fixture or fixtures. (If you anticipate a lot of load light on the exterior side. 


on the circuit, you should probably run a separate circuit 
for the lights). Twist the white neutral leads and grounding 
leads together and cap them. Attach the black wires to the 
appropriate switches. Install the switches and cover plate. 
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Run NM cable from the electrical box in the house at the At the service panel, feed the NM cable in through a cable 


start of the new circuit to the main service panel. Use cable clamp. Arrange for your final electrical inspection before you 
Staples if you are running the cable in floor joist cavities. If the install the breaker. Then attach the wires to a new circuit 

cable is mounted to the bottom of the floor joists or will be breaker, and install the breaker in an empty slot. Label the new 
exposed, run it through conduit. circuit on the circuit map. 


Turn on the new circuit, and test @ 
all of the receptacles and fixtures. 

Depress the Test button and then the 

Reset button if you installed a GFCI 

receptacle. If any of the fixtures or 

receptacles is not getting power, check 

the connections first, and then test the 

receptacle or switch for continuity with 

a multimeter. Backfill the trench. 
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standalone Solar Lighting System 


self-contained electrical circuit with dedicated 

loads, usually 12-volt light fixtures, is one of 
the most useful solar amenities you can install. A 
standalone system is not tied into your power grid, 
which greatly reduces the danger of installing the 
components yourself. Plus, the fact that your light 
fixtures are independent of the main power source 
means that even during a power outage you will have 
functioning emergency and security lights. 

Installing a single solar-powered circuit is relatively 
simple, but don't take the dangers for granted. Your 
work will require permits and inspections in most 
jurisdictions, and you can't expect to pass if the work is 
not done to the exact specifications required. 

Solar panels that convert the sun’s energy into 


electricity are called photovoltaic (PV) panels, 


AN 
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EA eS 
on eS 


a. 


and they produce direct current (DC) power. PV 
solar panel systems can be small and designed to 
accomplish a specific task, or they can be large 

enough to provide power or supplementary power 


to an entire house. Before you make the leap into a 
large system, it’s a good idea to familiarize yourself 
with the mechanics of solar power. The small 
system demonstrated in this project is relatively 
simple and is a great first step into the world of 
solar. The fact that the collector, battery, and lights 
are a standalone system makes this a very easy 
project to accomplish. By contrast, installing panels 
that provide direct supplementary power through 
your main electrical service panel is a difficult 
wiring job that should be done by professional 
electricians only. 
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This 60-watt solar panel is mounted on a garage roof and powers a Self-contained home security lighting system. Not only does 
this save energy costs, it keeps the security lights working even during power outages. 
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|) Schematic Diagram for an Off-the-Grid Solar Lighting System 


Photovoltaic panel (60 watt) 


DC disconnect switch 


A 
A A || Charge controller 
“Te 


Junction box 


| Tools & Materials > 


Tape measure 
Drill/driver with bits 
Caulk gun 
Crimping tool 
Wiring tools 
Metal-cutting saw 
Photovoltaic panel 
(50 to 80 watts) 
Charge controller 
Catastrophe fuse 
Battery sized for 
3 day autonomy 
Battery case 
Battery cables 
12-volt LED lights 
including motion- 
sensor light 
Additional 12-volt light 


fixtures as desired 


20 ft. Unistrut 17%" 
thick U-channel (See 
Resources, page 125) 

(4) 45° Unistrut 
connectors 

(2) 90° Unistrut 
angle brackets 

(4) Unistrut hold 
down clamps 

(12) 3" spring nuts 

(12) %"-dia. x 1"-long 
hex-head bolts 
with washers 

DC-rated disconnect 
or double throw 
snap switch 

6" length of /4"-dia. 
liquid-tight flexible 


metallic conduit 


(2) 4" liquid 
tight connectors 
(2) Lay-in 
grounding lugs 
(2) Insulated terminal 
bars to accept one 
2-gauge wire and 
4 12-gauge wires 
(2) Cord cap 
connectors for 
Y"-dia. cable 
14" ground rod 
and clamp 
Copper wire 
(6, 12-gauge) 
Green ground screws 
Ys" Flexible metallic 
conduit or 


Greenfield 


Override switch 


Load 


Catastrophe fuse 


12-volt deep well 
marine battery 


Motion sensor (optional) 


14" Greenfield 
connectors 

(4) 16" junction boxes 
with covers 

(4) square boxes 
with covers 

PVC 6"x 6" junction 
box with cover 

14/2 UF wire 

14" x 20 nuts and 
bolts with lock 
washers 

Roof flashing boot 

Roof cement 

Silicon caulk 

Eye protection 
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Mounting PV Panels 


The mounting stand for the PV panel is constructed from metal U-channel (a product called Unistrut is seen here. See 

Resources page 125) and pre-bent fasteners. Position the solar panel where it will receive the greatest amount of sunlight for the 

longest period of time each day—typically the south-facing side of a roof or wall. For a circuit with a battery reserve that powers 

two to four 12-volt lights, a collection panel rated between 40 and 80 watts of output should suffice. These panels can range from 

$200 to $600 in price, depending on the output and the overall quality. eS 
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The stand components are held Connections for the feed wires that An EPDM rubber boot seals off the 


together with bolts and spring-loaded carry current from the collector are opening where the PVC conduit carrying 
fasteners. The 45° and 90° connectors made inside an electrical box mounted the feed wires penetrates the root. 
are manufactured specifically for use on the back of the collector panel. 


with this Unistrut system. 


96 ADVANCED HOME WIRING 


Paad = MACE Porma IS > Mao D Job: 41940 Title: CSP - Advanced Home Wiri% 84h Editg AM 


Pro-Vision O Text Page: 96 Pro-Vis: 


>o MMS. 22. Eg 


How to Wire a DC Lighting Circuit 


Mount a junction box inside the building where the conduit 
and wiring enter from the power source. Secure the box to the 
conduit with appropriate connectors. Run two #14 awg wires 
through the conduit and connect them to the positive and 
negative terminals on the panel (See previous page). 


Attach a junction box for enclosing the DC disconnect, 
which is a heavy-duty switch, to a wall stud near the battery 
and charge controller location. Use a metal single-gang box 
with mounting flanges. 
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Plan the system layout. Determine the placement of the 
battery, and then decide where you will position the charge 
controller and DC disconnect. The battery should be placed at 
least 18" off the floor, in a well-ventilated area where it won't 
be agitated by everyday activity. Mark locations directly on 
the wall. 


Run flexible metal conduit from the entry point at the 
power source to the junction box for the DC disconnect box. 
Use hangers rated for flexible conduit. 


(continued) 
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Attach the DC disconnect switch to the wire leads from Attach a double gang metal junction box to the building’s 
the power source. frame beneath the DC disconnect box to enclose the 
charge controller. 


i 
J 
F 
Plans 
PN 
ji 


Install the charge controller inside the box. Run flexible Mount a PVC junction box for the battery controller about 2 
conduit with connectors and conductors from the disconnect ft. above the battery location, and install two insulated terminal 
box and to the charge controller box. bars within the box. 
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A 
Build a support shelf for the battery using 2 x 4s. The shelf Set up grounding protection. Pound an 8-ft. long, %"-dia. 
should be at least 18" above ground. Set the battery on the ground rod into the ground outside the building, about 1 ft. 
shelf in a sturdy plastic case. from the wall on the opposite side of the charge controller. 


Leave about 2” of the rod sticking out of the ground. Attach a 
ground rod clamp to the top of the rod. Drill a %6" hole through 
the garage wall (underneath a shake or siding piece) and run 
the #6-gauge THWN wire to the ground rod. This ground will 
facilitate lightning protection. See pages 58 to 63 for more 
information on grounding the system. 


Wire the DC disconnect. Attach the two #14-gauge wires Wire the charge controller. Route two more #14-gauge 
to the two terminals labeled “line” on the top of the DC wires from the bottom of the DC disconnect terminals into 
disconnect switch. the 4" x 16" junction box and connect to the “Solar Panel 


In” terminals on the charge controller. The black wire should 
connect to the negative terminal in the PVC box and the red 
to the positive lead on the charge controller. Finish wiring of 
the charge controller according to the line diagram provided 
with the type of controller purchased. Generally the load wires 
connect to the orange lead, and the red wire gets tied to the 
battery through a fuse. 


(continued) 
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OPTION: Attach a motion sensor. Some charge controllers Run wiring to the loads (exterior DC lighting fixtures in this 
come equipped with a motion sensor to maximize the case) from the charge controller. DC light fixtures (12-volt) with 
efficiency of your lighting system—these are especially LED bulbs can be purchased at marine and RV stores if you 
effective when used with security lighting. The motion sensor can't find them in your home center or electrical supply store. 


is typically mounted to a bell box outside and wired directly 

to the charge controller with an 18-gauge x 3-conductor 

insulated cable. A system like this can support up to three 

motion sensors. Follow the manufacturer's directions for 

installing and wiring the motion sensor. a 


14 


STRO 


e 


Install the battery. Here, a deep-cell 12-volt marine battery is Install the catastrophe fuse onto the positive terminal 
used. First, cut and strip each of the two battery cables at one using nuts and bolts provided with the battery cables. Connect 
end and install into the battery control junction box through the battery cables to the battery while paying close attention 
cord cap connectors. Terminate these wires on two separate, to the polarity (red to positive and black to negative). Make 
firmly mounted insulated terminal blocks. sure all connections have been made and double checked. 
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Troubleshooting & Repairs 


unning new circuits and hooking up new fixtures 

are fairly predictable projects when it comes 
to estimating time and expense. This is less true 
with repairing problems in your system and fixtures. 
In some cases, a repair is as simple as opening an 
electrical box, spotting a loose wire connector and 
remaking the connection. But there are also times 
when fixing a dead circuit or device is a highly 
frustrating proposition. Such cases are almost always 
caused by tricky diagnostic challenges. Wires are 
hidden behind walls and there very often are no 
visual clues to system breakdowns. So essentially, 
minimizing repair frustration boils down to learning 


to deploy logical, systematic diagnostics. Educated 
troubleshooting, you could say. 

In this project youll learn how to use the most 
important diagnostic tool in any electrician's toolkit: 
the multimeter. These handy devices come in a 
dizzying array of types and qualities, but for diagnostic 
purposes they are used to take readings for current 
(amperage), voltage and continuity (whether an 
electrical path is open or closed). Once you learn the 
basics of operating a multimeter, you can enlist it in 
a logical, deductive manner to track down the source 
of a wiring problem. Once located, correcting the 
problem is usually very simple. 


Diagnostic tools for home wiring use include: Touchless circuit tester (A) to safely check wires for current and confirm that 
circuits are dead; Plug-in tester (B) to check receptacles for correct polarity, grounding and circuit protection; Multimeter (C) to 
measure AC/DC voltage, AC/DC current, resistance, capacitance, frequency and duty cycle (model shown is an auto-ranging digital 
multimeter with clamp-on jaws that measure through sheathing and wire insulation). 
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| Multimeters 


Multimeters are nearly indispensible diagnostic tools traditional way. An example of a clamp-on multimeter 
for doing intermediate to advanced level electrical work can be seen on the next page. Among homeowners, 

(as well as automotive and electronics repair). They are however, the most common multimeters these days are 
used to measure voltage, current (amperage) and a few digital, auto-ranging tools that use probes or alligator 
other conditions such as continuity, capacitance and clamps at the ends of wire leads for diagnostic work. 
frequency. For your home electrical system, by far the Older multimeters that do not have autoranging 

most used feature of a multimeter is testing voltage and capability must be pre-set to estimated calibration 
current, although there are occasions where testing for levels before use. Non-digital multimeters or ammeters 
resistance is needed. Among professional electricians, usually have a dial gauge that gives readouts. These 
the most common and widely used multimeters have tools are somewhat more difficult to use and are 

a clamp-on ammeter that measures current through less precise. Considering that digital, autoranging 

the wire insulation so you don't have to disconnect multimeters can be found for just a few dollars (the 
the circuit and expose bare wire. Most clamp-on top of the line models cost over $100) there is really 
multimeters also are fitted with insertible probes with no good reason not to replace your old device with one 
which you can measure voltage and continuity in the that resembles the tools seen on these pages. 


Capacitance Frequency 


Temperature 
(-4° to 1832° F 


one Microamperage 
Neon circuit testers are inexpensive and easy to use 


(if the light glows the circuit is hot), but they are less 
sensitive than multimeters and can be unsafe. In 
some cases, neon testers won't detect the presence Ohms (resistance) 
of lower voltage in a circuit. This can lead you to 
believe that a circuit is shut off when it is not—a 
dangerous mistake. The small probes on a neon circuit 
tester also force you to get too close to live terminals 
and wires. For the most reliable readings, buy and 
learn to use a multimeter. At the very least, switch to a 
touchless tester like the one on page 107, Step 1. 


Milliamps 


Diode/continuity Amperage 


(current) 


Voltage (AC and DC) 


Black lead probe 
Red lead probe 


Amperage 
input (red lead) 
for household 
current up to 
10 amps 


Common input 
(black lead) 


y — \ Voltage/ 
small 
amperage/ 


q \ \ resistance 
AN WN V input (red 


lead) 


A digital, autoranging multimeter must be adjusted to 

the proper setting for the reading you want to take. The probe 
leads also must be inserted into the correct inlet at the bottom 
of the tool. Inserting the red lead into the incorrect inlet can 
cause the tool to trip an internal fuse. Study your owner's 
manual carefully before using any tool. 
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How to Measure Current 


x 


Create access to the wires you need to test. In most cases 
this requires that you remove the cover to an electrical service 
panel or an electrical box (inset). 


Clamp the jaws of a clamp-on multimeter onto the 
conductor or one of the conductors (if more than one) leading 
to a circuit breaker. If you are using a non-clamping multimeter, 
touch one probe to the screw terminal where the hot lead 

is attached to the breaker and touch the other probe to the 
metal panel box. The readout on your meter is the amount of 
current flowing in that circuit. 
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Set the multimeter to test for amperage (current is 
measured in amperes or amps). On some multimeters you 
need to select between amperage settings that are above or 
below 40 amps. Use the rated amperage of the circuit as a 
guide (amperage is printed on the circuit breaker switch). 


Taking Measurements 
at a Receptacle > 


You may use a multimeter to measure for voltage at a 
wall receptacle. Regardless of whether the outlet is in 
service, if it is live you will get a voltage reading in the 
approximate range of the receptacle rating—here, 120 
volts. To detect live current, measured in amps, the 
receptacle must be in use, with an appliance drawing 
from it. Taking an amperage reading in such an instance 
will only yield the amount of current being drawn, which 
is a factor of the appliance, not the circuit capacity, 
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How to Measure Voltage 


To measure voltage using the Turn the multimeter to the VAC 
multimeter, you will have to use the two setting to measure AC voltage that is 
probes provided with the multimeter found in your house. Set the multimeter 
and have access to a live terminal or to VDC if measuring DC voltage, such 
Slot as well as a grounded terminal as in a car or a battery-fed device. 

or slot. If your meter has probe holders On some multimeters, like the one 

at the top, snap the probes into them. above, you select “V” for voltage then 
They are like extra hands. change between AC and DC with 


the"FUNC” button. 


To measure the AC voltage, place 
one probe on a grounded surface, such 
as the metallic junction box or the bare 
ground wire. Place the other probe 

on the hot screw terminal or into the 
receptacle slot associated with the hot 
wire. The voltage readout should be in 
the range of 120 volts, plus or minus 5 
volts (usually 120 volts in a residence in 
the US). 


— 


240 VOLTS. You can also measure voltage across the two hot DC Voltage. When testing DC voltage, such as in a car battery, 
leads to determine if you have 240 volts. This can be done at you can measure exactly the same way as for AC as long as 
your range receptacle, dryer receptacle, or any other 240-volt the meter is set to the DC function. For more accurate results, 
receptacle. Place one probe in one of the small slots and the test the voltage while the battery is in use. 


other probe in the other slot directly across from it. The voltage 
should read 240 volts, plus or minus 5 volts. 
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_ How to Test for Continuity 


Continuity is a condition in a circuit where the 
conductors form an unbroken pathway through 
which current may flow. When measuring for 


continuity, always make sure there is no power 


>o ESOT = ik 


present on the circuit you are testing or damage 
may occur to the meter. You can also measure the 
resistance in this mode as well. 


The setting for continuity is an “audible” or diode symbol 
e, display on the dial. Select this setting, 


To test a circuit, touch one probe to one of the wires on a 
given circuit and the other to the second wire of the circuit. If 
you hear an audible sound or read a value of resistance other 
than zero, you have a complete or unbroken path for current 
to flow. 
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Verify that the continuity tester is functional by touching 

the two probes together. You should hear an alert sound e 
and/or see a reading of zero ohms (Ohms is a value of the 

resistance to current flow). 


Remove the switch from the circuit and place one 

of the probes onto the common terminal and the 
other probe onto one of the other two terminals used 
for the traveler wires. If the meter indicates infinity 
ohms or there is no sound, flip the switch and if it is 
in working order the meter should read zero ohms 

or emit an audible sound. It should only work in one 
direction or the other, not both. 
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| Troubleshooting an Open Neutral 


An open neutral is an electrical problem where the low or high voltage, which could damage voltage 
circuit is broken on the return path wire or neutral sensitive electronics such as a computer or flat screen 
(white wire). When this situation occurs anything TV. The lights will be dim or not work at all, depending 


plugged into or connected to this circuit can experience upon where the problem lies within the circuit. 


| Possible Symptoms of an Open Neutral > 


. When a whole circuit does not work and the breaker associated with that circuit is operating normally. 
2. When the neutral or white wire registers as a hot wire by using a non contact voltage tester when the circuit breaker 
is on. This most likely indicates a problem between the main service panel and the utility transformer. The condition 


should be readable on other receptacles as well. 

If you register a voltage lower than 110 volts between the hot and neutral. 

When the incandescent lights work, but are very dim. 

When the fluorescent lights are barely lit and are flickering. 

Discoloration of the wires or exposed copper turning green under the wirenut holding the neutral wires together. 


Ce 
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- How to Troubleshoot an Open Neutral 


Verify which lights and receptacles 
are on the circuit by turning the 
breaker off and by checking for power 
with a non-contact voltage tester. It 

is helpful to either draw a map of the 
house or place some tape on every 
affected opening. 


When you have found the problem connection, remove 
the wire cap and, if it is possible, cut the damaged portions of 


Start at the outlet nearest to the 
panel. With the breaker off and using 
a multimeter, check for continuity 
between the neutral (white wire) and 
the ground (bare or green wire). These 
two wires land at the same point 
electrically in your electrical panel. 

If there is an indication of continuity 
between these two wires, the neutral 
and ground connections are sound and 
you should proceed to the next outlet 
as you move away from the panel. 


When you encounter a point at 
which you read infinity ohms or there is 
no continuity between the neutral and 
ground wires, the problem lies within 
the connections in that box or the box 
just upstream (toward) the panel from 
the one you are checking. Sometimes 
you will see evidence of arcing on the 
wire cap containing the connection 
which may include discoloration, or a 
blackish char near the copper. 


a 


Turn the circuit breaker back on and verify the proper 
voltage is present at your receptacles by measuring with 


the wires off and restrip the wires to expose new copper. Line a multimeter. 

the wire ends up and twist on a new wire cap. 
= 
MN 
= 
58 
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Troubleshooting a Short Circuit 


Short circuits are a direct connection between the idea behind electrical troubleshooting is to simplify 
hot or power wire (black or red) and to either the the circuit by checking it at certain points, in order 
neutral (white) or ground (bare) wire. This connection to narrow down the problem point by process of 
between the two will cause your circuit breaker or elimination. Generally, the problem is that there is 
fuse to blow, which should interrupt power to the a bare ground wire touching a hot terminal within a 
affected circuit. switch or an outlet box. There will usually be a black 

Short circuits are a common problem and can scorched mark or some sign of an electrical arc where 
usually be solved by taking the following steps. The the problem lies. 


How to Troubleshoot a Short Circuit 
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Turn the power off at the affected breaker and verify Using a multimeter set to the ohms or continuity setting, 
with a non-contact voltage tester that there is no power check the wires at the panel. Touch one of the probes to the 
present. Unplug everything from the receptacles and turn the hot or black wire and the other probe to the ground or bare 
lights off on the circuit that is affected. wire. If the meter rings or indicates a low resistance value, 


you have a direct short to ground. If the meter does not ring 
or indicates a high resistance value the circuit is clear. If the 
meter does not ring, start by turning the switches on one-by- 
one and re-testing to verify the resistance value. If the meter 
indicates a low resistance value or a short circuit, the problem 
is downstream from the switch or within the light fixture itself. 
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If the meter consistently rings or indicates a low resistive 
value, you will need to find the electrical box that contains the 
affected circuit. Choose a box that is convenient to open and 


preferably in the middle of the run, such as a receptacle. Verity 
there is no power present by touching all of the wires within 


the box with a non-contact voltage tester. 


Check the resistance between the 
black and the ground on both sets of 
cables. One of the cables should cause 
the continuity alert to ring and the other 
should not. Mark the affected one with 
a piece of black tape and place wire 
caps over the exposed ends of the 
black wires. 
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Check the wires at the panel to 
see if the short has cleared. If the short 
is clear, the problem lies down stream 
from the opened box and it is now safe 
to turn the breaker back on to help 
eliminate further problem points. If the 
short is still present, the problem lies 
between the opened electrical box and 
the panel. 


If the box you have chosen is in fact in the middle of the 
run, it will contain at least two cables. Remove the receptacle 
from the two cables and separate all of the wires. 


= oh he Ne 
Choose another box in the middle of 
the affected circuit, there by narrowing 
down the possible problem areas 

until the short circuit can be positively 
identified and corrected. When you have 
discovered the short circuit, verify the 
wires are still in good shape and repair 
the connection. 


1st 
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all switches are available in three general types. 
To re-connect or replace a switch, it is important 


to identify its type. 


Single-pole switches are used to control a set of 
lights from one location. Three-way switches are used 
to control a set of lights from two different locations 
and are always installed in pairs. Four-way switches 
are used in combination with a pair of three-way 
switches to control a set of lights from three or 


more locations. 


Identify switch types by counting the screw 
terminals. Single-pole switches have two screw 
terminals, three-way switches have three screw 


Grounding screw 


Amperage & 


‘Underwriters 
Laboratories 


Mounting strap 


Front 
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Push-in fittings 


voltage ratings 


Screw terminals 


Wire compatibilty ratings 


Wire release 
(UL) approved opening 

for push-in 
fittings 


Mounting screw | O, se h 


CN 


terminals, and four-way switches have four. Most 
switches include a grounding screw terminal, which is 
identified by its green color. 

When replacing a switch, choose a new switch 
that has the same number of screw terminals as the 
old one. The location of the screws on the switch 
body varies depending on the manufacturer, but these 
differences will not affect the switch operation. 

Whenever possible, connect switches using the 
screw terminals rather than push-in fittings. Some 
specialty switches (pages 118 to 119) have wire leads 
instead of screw terminals. They are connected to 
circuit wires with wire connectors. 


A wall switch is connected to circuit 
wires with screw terminals or with push-in 
fittings on the back of the switch. A switch 
may have a stamped strip gauge that 
indicates how much insulation must be 
stripped from the circuit wires to make 
the connections. 


The switch body is attached to a 

metal mounting strap that allows it to 

be mounted in an electrical box. Several 
rating stamps are found on the strap and 
on the back of the switch. The abbreviation 
Wire UL or UND. LAB. INC. LIST means that the 
switch meets the safety standards of the 
Underwriters Laboratories. Switches also 
are stamped with maximum voltage and 
amperage ratings. Standard wall switches 
are rated 15A or 125V. Voltage ratings of 
110, 120, and 125 are considered to be 
identical for purposes of identification. 


For standard wall switch installations, 
choose a switch that has a wire gauge 
rating of #12 or #14. For wire systems 
å with solid-core copper wiring, use only 
| switches marked COPPER, CU, or CO/ALR. 
m o: For aluminum wiring, use only switches 
marked CO/ALR. Note that while CO/ALR 
e switches and receptacles are approved by 
> the National Electrical Code for use with 
«UN aluminum wiring, the Consumer Products 
pene Safety Commission does not recommend 
using these. Switches and receptacles 
marked AL/CU can no longer be used with 
aluminum wiring, according to the National 
Electrical Code. 


Back 
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| single-Pole Wall Switches 


A single-pole switch is the most common type of 
wall switch. It has ON-OFF markings on the 
switch lever and is used to control a set of lights, 
an appliance, or a receptacle from a single location. 

A single-pole switch has two screw terminals and a 
grounding screw. When installing a single-pole switch, 
check to make sure the ON marking shows when the 
switch lever is in the up position. 

In a correctly wired single-pole switch, a hot 
circuit wire is attached to each screw terminal. 
However, the color and number of wires inside the 
switch box will vary, depending on the location of the 
switch along the electrical circuit. 

If two cables enter the box, then the switch lies in 
the middle of the circuit. In this installation, both of 
the hot wires attached to the switch are black. 

If only one cable enters the box, then the switch 
lies at the end of the circuit. In this installation 
(sometimes called a switch loop), one of the hot wires 
is black, but the other hot wire usually is white. A white 
hot wire should be coded with black tape or paint. 


Note: Position 

of the screw 
terminals ona 
switch may vary, 
depending on 
manufacturer 


Grounding 
screw 


Two screw 
terminals 


Switch lever 


A single-pole switch is essentially an interruption in the black 
power supply wire that is opened or closed with the toggle. 
Single-pole switches are the simplest of all home wiring switches. 


| Typical Single-Pole Switch Installations 


Grounding Groundingwire 
wires 
Grounding 
wire 
Neutral out 
Power out 
Mr 
Available 
neutral 
Power out 
Power in Ee a’ / ’ Power in 
Two cables enter the box when Old method: One cable enters the Code change: In new switch wiring, 
a switch is located in the middle of a box when a switch is located at the end the white wire should not supply current 
circuit. Each cable has a white and a of a circuit. In this installation, both of to the switched device and a separate 
black insulated wire, plus a bare copper the insulated wires are hot. The white neutral wire should be available in the 
grounding wire. The black wires are wire should be labeled with black tape Switch box. 
hot and are connected to the screw or paint to identify it as a hot wire. The 
terminals on the switch. The white wires grounding wire is connected to the 
are neutral and are joined together with switch grounding screw. 
a wire connector. Grounding wires are 
pigtailed to the switch. a 
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| Three-Way Wall Switches 


Three-way switches have three screw terminals and 
do not have ON-OFF markings. Three-way 
switches are always installed in pairs and are used to 
control a set of lights from two locations. 

One of the screw terminals on a three-way switch 
is darker than the others. This screw is the common 
screw terminal. The position of the common screw 
terminal on the switch body may vary, depending on 
the manufacturer. Before disconnecting a three-way 
switch, always label the wire that is connected to the 
common screw terminal. It must be reconnected to 
the common screw terminal on the new switch. 

The two lighter-colored screw terminals on 
a three-way switch are called the traveler screw 
terminals. The traveler terminals are interchangeable, 
so there is no need to label the wires attached to them. 

Because three-way switches are installed in 
pairs, it sometimes is difficult to determine which of 
the switches is causing a problem. The switch that 
receives greater use is more likely to fail, but you may 
need to inspect both switches to find the source of 


the problem. 


e | Typical Three-Way Switch Installation o 


ET ee 3 i Two cables enter the box: one 
€ EA P A et fe it Cente 
Traveler screw terminals Grounding wires Two- ers cable has two wires, plus a bare 
VS EIA AE], CAS AL A A 7 oo copper grounding wire; the other cable 
fh ae EA EEC LL has three wires, plus a ground. The 


wos Get: i black wire from the two-wire cable is 

z connected to the dark common screw 
terminal. The red and black wires from 
the three-wire cable are connected to 
the traveler screw terminals. The white 
neutral wires are joined together with a 
AOS, wire connector, and the grounding wires 
A o ES are pigtailed to the grounded metal box. 


1} e 
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How to Replace a Three-Way Wall Switch 


Turn off the power to the switch at the panel, and then 
remove the switch cover plate and mounting screws. Holding the 
mounting strap carefully, pull the switch from the box. Be careful 
not to touch the bare wires or screw terminals until they have 
been tested for power. Note: If you are installing a new switch 


e A... 


2 


circuit, you must provide a neutral conductor at the switch. 


Common screw terminal 


Locate the dark common screw 
terminal, and use masking tape to 

label the “common” wire attached to it. 
Disconnect wires and remove switch. 
Test the switch for continuity. If it tests 
faulty, buy a replacement. Inspect wires 
for nicks and scratches. If necessary, clip 
damaged wires and strip them. 
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Common screw terminal 


Connect the common wire to the 
dark common screw terminal on the 
switch. On most three-way switches, 
the common screw terminal is black. 
Or it may be labeled with the word 
COMMON stamped on the back of the 
switch. Reconnect the grounding screw, 
and connect it to the circuit grounding 
wires with a pigtail. 


Test for power by touching one probe of the circuit tester to 
the grounded metal box or to the bare copper grounding wire 
and touching the other probe to each screw terminal. Tester 
should not glow. If it does, there is still power entering the box. 
Return to the panel, and turn off the correct circuit. 


5 


Connect the remaining two circuit 
wires to the screw terminals. These 
wires are interchangeable and can be 
connected to either screw terminal. 
Carefully tuck the wires into the box. 
Remount the switch, and attach the 
cover plate. Turn on the power at 

the panel. 
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| Four-Way Wall Switches 


Four-way switches have four screw terminals and 
do not have ON-OFF markings. Four-way switches 


are always installed between a pair of three-way 
switches. This switch combination makes it possible 
to control a set of lights from three or more locations. 
Four-way switches are common in homes where 
large rooms contain multiple living areas, such as a 
kitchen opening into a dining room. Switch problems 
in a four-way installation can be caused by loose 
connections or worn parts in a four-way switch or in 
one of the three-way switches (facing page). 

In a typical installation, there will be a pair of 
three-wire cables that enter the box for the four-way 
switch. With most switches, the white and red wires 
from one cable should be attached to the bottom or 
top pair of screw terminals, and the white and red 
wires from the other cable should be attached to the 
remaining pair of screw terminals. However, not all 
switches are configured the same way, and wiring 
configurations in the box may vary, so always study the 


wiring diagram that comes with the switch. 


| Typical Four-Way Switch Installation 


Grounding wires 


Four wires are connected to a four-way switch. The red Switch variation: Some four-way switches have a wiring 

and white wires from one cable are attached to the top pair guide stamped on the back to help simplify installation. For the 
of screw terminals, while the red and white wires from the switch shown above, one pair of color-matched circuit wires 
other cable are attached to the bottom screw terminals. In will be connected to the screw terminals marked LINE 1, while 
new switch wiring, the white wire should not supply current the other pair of wires will be attached to the screw terminals 
to the switched device, and a separate neutral wire should be marked LINE 2. 


available in the switch box. 
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_ How to Replace a Four-Way Wall Switch 


i | 


Turn off the power to the switch at the panel, and then remove the switch cover Disconnect the wires and inspect 
plate and mounting screws. Holding the mounting strap carefully, pull the switch from them for nicks and scratches. If 

the box. Be careful not to touch any bare wires or screw terminals until they have necessary, clip damaged wires and strip 
been tested for power. Test for power by touching one probe of the neon circuit tester them. Test the switch for continuity. Buy 
to the grounded metal box or bare copper grounding wire and touching the other a replacement if the switch tests faulty. 


probe to each of the screw terminals. The tester should not glow. If it does, there is still 
power entering the box. Return to the panel, and turn off the correct circuit. 


Connect two wires from one incoming cable to the top set Attach remaining wires to the other set of screw terminals. 

of screw terminals. Pigtail the grounding wires to the grounding screw. Carefully 
tuck the wires inside the switch box, and then remount the 
switch and cover plate. Turn on power at the panel. 
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| Double Switches 


A double switch has two switch levers in a single 
housing. It is used to control two light fixtures or 
appliances from the same switch box. 

In most installations, both halves of the 
switch are powered by the same circuit. In these 
single-circuit installations, three wires are connected 
to the double switch. One wire, called the feed 
wire (which is hot), supplies power to both halves 
of the switch. The other wires, called the switch 
leg, carry power out to the individual light fixtures 
or appliances. 


— E 


“ : 


- Ground 


In rare installations, each half of the switch Single-circuit wiring: Three black wires are attached to the 
is powered by a separate circuit. In these switch. The black feed wire bringing power into the box is 


separate-circuit installations, four wires are 
connected to the switch, and the metal connecting 


connected to the side of the switch that has a connecting tab. 
The wires carrying power out to the light fixtures or appliances 
are connected to the side of the switch that does not have 


tab joining two of the screw terminals is removed (see a connecting tab. The white neutral wires are connected 


photo below). together with a wire connector. 


AY 


P 
k 
oe 


pa 


Connecting tab 


Feed Ue í ZA A 
A E, ANA } hh 
Separate-circuit wiring: Four black wires are attached to the switch. Feed wires Remove the connecting tab on 
from the power source are attached to the side of the switch that has a connecting a double switch when wired in a 
tab, and the connecting tab is removed (photo, right). Wires carrying power from the separate-circuit installation. The tab can 
switch to light fixtures or appliances are connected to the side of the switch that be removed with needlenose pliers or 
does not have a connecting tab. White neutral wires are connected together with a a screwdriver. 


wire connector. 


Ist 


116 ADVANCED HOME WIRING 


proofs for 
reference 
only 


41940 - Advanced Home Wiring_064-128.indd 116 > 


Pro-Vision Maj O Text 


Job: 41940 Title: CSP - Advanced Home Wiri Lh Edika AM 


Page: 116 


Pro-Vis 


Edition 
se: 116 


| Pilot-Light Switches 


A pilot-light switch has a built-in bulb that glows 
when power flows through the switch to a light fixture 
or appliance. Pilot-light switches often are installed for 
convenience if a light fixture or appliance cannot be 
seen from the switch location. Basement lights, garage 
lights, and attic exhaust fans frequently are controlled 
by pilot-light switches. 

A pilot-light switch requires a neutral wire 
connection. A switch box that contains a single 
two-wire cable has only hot wires and cannot be fitted 
with a pilot-light switch. 


|| switch/Receptacles 


A switch/receptacle combines a grounded receptacle 
with a single-pole wall switch. In a room that does not 
have enough wall receptacles, electrical service can 
be improved by replacing a single-pole switch with a 
switch/receptacle. 

A switch/receptacle requires a neutral wire 
connection. A switch box that contains a single 
two-wire cable has only hot wires and cannot be fitted 
with a switch/receptacle. 

A switch/receptacle can be installed in one 
of two ways. In the most common installations, 
the receptacle is hot even when the switch is off 
(photo, right). 

In rare installations, a switch/receptacle is wired 
so the receptacle is hot only when the switch is 
on. In this installation, the hot wires are reversed, 
so that the feed wire is attached to the brass screw 
terminal on the side of the switch that does not have a 
connecting tab. 
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Pilot-light switch wiring: Three wires are connected to the 
switch. One black wire is the feed wire that brings power into 
the box. It is connected to the brass (gold) screw terminal on 
the side of the switch that does not have a connecting tab. The 
white neutral wires are pigtailed to the silver screw terminal. 
The black wire carrying power out to a light fixture or appliance 
is connected to the screw terminal on the side of the switch 
that has a connecting tab. 


Switch/receptacle wiring: Three wires are connected to the 
switch/receptacle. One of the hot wires is the feed wire that 
brings power into the box. It is connected to the side of the 
switch that has a connecting tab. The other hot wire carries 
power out to the light fixture or appliance. It is connected to 
the brass screw terminal on the side that does not have a 
connecting tab. The white neutral wire is pigtailed to the silver 
screw terminal. The grounding wires must be pigtailed to the 
green grounding screw on the switch/receptacle and to the 
grounded metal box. 
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our house may have several types of specialty 
switches. Dimmer switches (pages 96 to 97) are 


used frequently to control light intensity in dining 
and recreation areas. Timer switches and time-delay 
switches (below) are used to control light fixtures 
and exhaust fans automatically. Electronic switches 
provide added convenience and home security, and 
they are easy to install. Electronic switches are 
durable, and they rarely need replacement. 

Most specialty switches have preattached wire 
leads instead of screw terminals and are connected to 
circuit wires with wire connectors. Some motor-driven 
timer switches require a neutral wire connection and 


| Timer Switches 


Countdown timer switches can be set to turn lights or 

fans on and off automatically once each day. They are 

commonly used to control outdoor light fixtures. 
Timer switches have three preattached wire 

leads. The black wire lead is connected to the hot 

feed wire that brings power into the box, and the 

red lead is connected to the wire carrying power out 


Countdown timer switch. This 
rocker-type switch gives you the option 
to easily program the switch to shut 

off after a specified time: from 5 to 60 
minutes. Garage lights or basement 
lights are good applications: anywhere 
you want the light to stay on long 
enough to allow you to exit, but not to 
Stay on indefinitely. These switches often 
are used to control vent fans. 
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Occupancy sensor. Many smart 
Switches incorporate a motion detector 
that will switch the lights on if they 
sense movement in the room and will 
also shut them off when no movement 
is detected for a period of time. The 
model shown above also has a dimmer 
function for further energy Savings. 


cannot be installed in switch boxes that have only one 
cable with two hot wires. It is precisely due to the rise 
in popularity of “smart” switches that the NEC Code 
was changed in 2014 to require an available neutral 
wire in newly-installed switch boxes. 

If a specialty switch is not operating correctly, you 
may be able to test it with a continuity tester. Timer 
switches and time-delay switches can be tested for 
continuity, but dimmer switches cannot be tested. 
With electronic switches, the manual switch can 
be tested for continuity, but the automatic features 
cannot be tested. 


to the light fixture. The remaining wire lead is the 
neutral lead. It must be connected to any neutral 
circuit wires. A switch box that contains only one 
cable has no neutral wires, so it cannot be fitted with 
a timer switch. 

After a power failure, the dial on a timer switch 
must be reset to the proper time. 


Programmable timer switch. A 
dial-type timer allows you to program 
the switch to turn on for specific time 
periods at designated times of day 
within a 24-hour cycle. Security lights, 
Space heaters, towel warmers, and 
radiant floors are typical applications. 


Job: 41940 Title: CSP - Advanced Home Wirk% 9h Editer AM 


Page: 118 


Pro-Vis 


+ MES 


Preset timer switch. This lets you turn on lights, heat lamps, Spring-wound timer switch. A relatively simple device, this 
and other loads for a designated amount of time (10 to 60 timer switch functions exactly like a kitchen timer, employing a 
minutes) with one easy push of a button. The green LED at hand-turned dial to and spring mechanism to shut the switch 
the bottom of this unit provides a readout of how much time off in increments up to 15 minutes. 


is left before the switch shuts off. The model shown is not 
compatible with fluorescent ballasts. 


Daylight sensor switch. This switch automatically turns on Backlit countdown timer. This digital switch lets you 
when light levels drop below a proscribed level. It can also be program lights or other devices to stay on for up to 24 hours 
programmed as an occupancy sensor to shut off when the and then shut off automatically. The backlit, LED readout gives 
room is vacant and turn on when the room is entered. a countdown, in minutes, of the amount of time left in the 
“on” cycle. Up and down buttons let you raise or lower the 
remaining time easily, and a manual override button will shut 
off the switch until it is turned back on. 
z 
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GROUND-FAULT LOCATION REQUIREMENTS 


ll 


Kitchen receptacles. Install ground-fault circuit 
interrupt (GFCI) protection on all 120-volt 
receptacles that serve kitchen countertops. This 
does not include receptacles under the kitchen 
sink receptacles located on kitchen walls that do 
not serve the countertop and receptacles that are 
not within six feet of a sink. 

Kitchen. Install ground-fault circuit interrupt 
(GFCI) protection on the outlets that supply 
dishwashing machines. 

Bathroom receptacles. Install ground-fault circuit 
interrupt (GFCI) protection on all 120-volt 
receptacles located in bathrooms. This applies 

to all receptacles regardless of where they are 
located in the bathroom and includes receptacles 
located at countertops, inside cabinets, and along 
bathroom walls. This also applies to bathtubs and 
shower stalls that are not located in a bathroom. 
Install ground-fault circuit interrupt (GFCI) 
protection on all circuits serving electrically 
heated floors in bathrooms, kitchens, and around 
whirlpool tubs, spas, and hot tubs. 

Garage and Accessory Building receptacles. Install 
oround-fault circuit interrupt (GFCI) protection 


on all 120-volt receptacles located in garages and 
grade-level areas of unfinished accessory buildings. 
Exterior receptacles. Install ground-fault circuit 
interrupt (GFCI) protection on all 120-volt 
receptacles located outdoors. This does not apply to 
receptacles that are dedicated for deicing equipment 
and are located under the eaves. This applies to 
holiday lighting receptacles located under the eaves. 
Basement receptacles. Install ground-fault circuit 
interrupt (GFCI) protection on all 120-volt 
receptacles located in unfinished basements. An 
unfinished basement is not intended as habitable 
space and is limited to storage and work space. 
Crawl space receptacles. Install ground-fault 
circuit interrupt (GFCI) protection on all 120-volt 
receptacles located in crawl spaces. Receptacles 


in crawl spaces are not required unless equipment 
requiring service is located there. 

Sink receptacles. Install ground-fault circuit interrupt 
(GFCI) protection on all 120-volt receptacles that are 
located within six feet of the outside edge of a sink. 
This includes wall, floor, and countertop receptacles. 
Boathouse receptacles. Install ground-fault circuit 
interrupt (GFCI) protection on all 120-volt 
receptacles located in boathouses. 
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Ground-fault receptacles and circuit breakers detect 
unwanted current running between an energized wire and a 
grounded wire. 
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A combination ARC-fault circuit breaker detects sparking 
(arcing) faults along damaged energized wires and detects 
these faults between wires. A branch ARC-fault circuit breaker 
only detects arcing faults between wires. 
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10. Spas, tubs, and other circuits requiring ground-fault 
protection. Install ground-fault circuit interrupt 
(GFCI) protection on all circuits serving spa tubs, 
whirlpool tubs, hot tubs, and similar equipment. 
Refer to the general codes for more information 
about receptacles serving these components. 

11. Install GFCI circuit breakers and receptacles so 


that they are readily accessible. 


ARC-FAULT LOCATION REQUIREMENTS 

1. Install a combination type or an outlet 
(receptacle) type arc-fault circuit interrupter 
(AFCI) on all 15- and 20-amp, 120-volt branch 
circuits serving sleeping, family, dining, living, 
sun, and recreation rooms, kitchens, laundry 
areas, and parlors, libraries, dens, hallways, 
closets, and similar rooms and areas. This 
means that 15-and 20-amp, 120-volt branch 
circuits serving most interior spaces in a home 
are required to have AFCI protection. Note that 
garages, basements, utility and mechanical rooms, 
and exterior branch circuits are not included in 


Receptacles for whirlpool tubs must be GFCI protected. 
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this list, although local building officials may 


include these areas by interpretation. 

2. You may provide AFCI protection for the entire 
branch circuit by installing a combination-type 
AFCI circuit breaker in the electrical panel where 
the branch circuit originates. 

3. You may provide AFCI protection to a branch 
circuit using several different combinations of 
branch-circuit type AFCI circuit breakers and 
branch-circuit type AFCI receptacles. Refer to 
general codes or your local building inspector for 
details about these alternate methods. 

4. Provide AFCI for branch circuits that are 
modified, replaced, or extended. You may use 
either of the following methods: (a) install 
a combination-type AFCI circuit breaker in 
the electrical panel where the branch circuit 
originates, or (b) install a branch-circuit type 
AFCI receptacle at the first receptacle in the 
existing branch circuit. 

5. Install AFCI circuit breakers and receptacles so 
that they are readily accessible. 
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E Junction Boxes, Device Boxes & Enclosures 


ll electrical boxes are available in different 
depths. A box must be deep enough so a switch 

or receptacle can be removed or installed easily 
without crimping and damaging the circuit wires. 
Replace an undersized box with a larger box using 
the Electrical Box Fill Chart (see page 124) as a 
guide. The NEC also says that all electrical 
boxes must remain accessible. Never cover 

an electrical box with drywall, paneling, or 
wall coverings. 


NONMETALLIC BOX INSTALLATION 

1. Use nonmetallic boxes only with NM type cable 
or with nonmetallic conduit or tubing. You may 
use nonmetallic boxes with metallic conduit or 


tubing if you maintain the electrical continuity 

of the metallic conduit or tubing by installing Box shape is directly related to function, as electrical fixtures 

are created to fit on boxes of a particular shape. Octagonal and 

round boxes generally are designed for ceiling mounting, while 

square and rectangular boxes are sized for single-pole, duplex, 
metallic conduit or tubing. and other standard switch and receptacle sizes. 

2. Extend NM cable sheathing at least Y inch into a 


nonmetallic box knockout opening. o 
3. Secure NM cable, conduit, and tubing to each EN, ES sve O > 
box. You may secure NM cable with cable clamps | E EE? 


a bonding jumper through the box. In many 
situations it is easier to use a metallic box with 


inside the box or with compression tabs provided 
where the cable enters the box. You do not need 
to secure NM cable to a standard single-gang box 
(21⁄4 by 4 inches) mounted in a wall or ceiling if 
you fasten the cable not more than eight inches 
from the box and if the sheathing enters the box at 
least 1⁄4 inch. Measure the eight inches along the 
length of the sheathing, not from the outside of 


the box. 


LIGHT FIXTURE BOX INSTALLATION 

1. Use boxes designed for mounting light fixtures if 
a light fixture is to be mounted to the box. These 
boxes are usually four-inch round or octagonal. 

2. You may use other boxes to mount light fixtures on 
walls if the fixture weighs less than 6 pounds and 
if the fixture is secured to the box using at least 
#6 screws. 

3. Support light fixtures weighing at least 50 pounds 


independently from the light fixture box. You may 


Do not support heavy light fixtures using only the light 
fixture electrical box. The eye hook supporting this chandelier 
weighing less than 50 pounds. Note that ceiling is driven into the same ceiling joist to which the electrical box 
fans are not light fixtures. is mounted. 


use the light fixture box to support light fixtures 
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BOX CONTENTS LIMITATIONS 


1. Limit the number of wires, devices (such as switches 


and receptacles), and fittings in a box. This limitation 


is primarily based on the heat generated by the wires 
and devices in the box. The actual size of the box 
relative to its contents is a secondary consideration. 

2. Use the cubic inch volume printed on the box or 
provided in the box manufacturer's instructions to 
determine box volume. Do not attempt to measure 
the box volume. Do not estimate box volume from the 
volume of similar size boxes. You will probably not get 
the same volume as provided by the manufacturer. 

3. Use table “Wire Volume Unit” to determine the 
volume units required by wires, devices, and 
fittings in a box. 


BOX INSTALLATION TOLERANCES 

1. Install boxes in non-combustible material, such as 
masonry, so that the front edge is not more than 
Y inch from the finished surface. 

2. Install boxes in walls and ceilings made of wood or 
other combustible material so that the front edge 
is flush with the finished surface or projects from 
the finished surface. 

3. Cut openings for boxes in drywall and plaster so 
that the opening is not more than % inch from the 
perimeter of the box. 


Volume Units > 


Calculate the volume units required by wires, devices, and 
fittings based on the following definitions: 


Volume units for current-carrying wires. Allow one 
volume unit for each individual hot (ungrounded) and neutral 
(grounded) wire in the box. Use Table 47 to determine the 
volume units of common wire sizes. Example: two pieces 

of #14/2 NM are in a box. Each piece of this cable contains 
one hot (ungrounded) and one neutral (grounded) wire 

and one grounding wire. From table “Wire Volume Unit", 
each #14 wire uses 2.00 cubic inches in the box. The total 
volume units required by the hot (ungrounded) and neutral 
(grounded) wires is eight cubic inches. 


Volume units for devices. Allow two volume units for each 
device (switch or receptacle) in the box. Base the volume 
units on the largest hot (ungrounded) or neutral (grounded) 
wire in the box. Example: NM cable size #14 and #12 are ina 
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Boxes must be installed so the front edges are flush with the 
finished wall surface, and the gap between the box and the wall 
covering is not more than Y”. 


Wire Volume Unit > 


WIRE SIZE (AWG) WIRE VOLUME 


14 2.00 in.* 
12 Lai 
10 2.50 in.* 
8 3.00 in.’ 
6 5.00 in.’ 


box. From Table 47, #14 wire uses 2.00 cubic inches and #12 
wire uses 2.25 cubic inches. Allow 4.5 cubic inches volume 
units (2 x 2.25 cubic inches) for each switch or receptacle in 
the box based on the volume of the larger #12 NM cable. 


Volume units for grounding wires. Allow one volume 
unit for all grounding wires in the box. Base the volume 
unit on the largest hot (ungrounded) or neutral (grounded) 
wire in the box. 


Volume units for clamps. Allow one volume unit for all 
internal cable clamps in the box, if any. Base the volume 
unit on the largest hot (ungrounded) or neutral (grounded) 
wire in the box. 


Volume units for fittings. Allow one volume unit for all 
fittings in the box, if any. Base the volume unit on the largest 
hot (ungrounded) or neutral (grounded) wire in the box. 
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l Electrical Box Fill Chart » 


BOX SIZE MAXIMUM NUMBER OF 

AND SHAPE VOLUME UNITS PERMITTED 
(SEE NOTES BELOW) 

(If volume not labeled by manufacturer) 14 12 10 8 


AWG AWG AWG AWG 
JUNCTION BOXES 


4 x 14" Ror0 6 5 5 4 
4x1" Ror 0 / 6 6 5 
4 x 24" R or 0 10 9 8 / 
4 x 1M" S 9 8 / 6 
Ax" § 10 9 8 / 
4x 24" S 15 13 {2 10 
Ae x "S 12 W 10 8 
URS ||US 14 13 I] 9 
AM x 2V" S 21 18 16 14 
DEVICE BOXES 
3x2x 14 3 3 3 2 
lo 5 4 4 3 
ÓN ) 4 4 3 
S ae 6 ) ) 4 
eS 3x2x 24% / 6 6 4 
e 9 8 / 6 
4x 2s x 1" ) 4 4 3 
4x 2% x 1%" 6 ) 5 4 
4x 2 x 2i 6 5 4 
Notes: 


e R = Round; O = Octagonal; S = Square 
or rectangular 

e Each hot or neutral wire entering the box is 
counted as one volume unit 

e Grounding wires are counted as one volume unit 
in total—do not count each one individually. 

e Raceway fittings and external cable clamps do 
not count. Internal cable connectors and straps 
count as one volume unit. 

e Devices (Switches and receptacles mainly) each 
count as two volume units. 

e When calculating total volume units, any non-wire 
components should be assigned the gauge of the 
largest wire in the box. 

e For wire gauges not shown here, contact your 
local electrical inspections office. 


Ist 
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BOX SUPPORT IN WALLS, 
CEILINGS & FLOORS 


¡e 


Provide support for boxes that rigidly and securely 
fasten them in place. You may use nails or screws 
to support these boxes. 

Protect screws inside boxes so that the threads 
will not damage the wires. 

Wood braces used to support boxes must be at 
least one by two inches. 

Use “cut-in” or “old work” retrofit boxes only 

if they have approved clamps or anchors that 

are identified for the location where they 

are installed. 


DAMP LOCATIONS 


l. 


Install a receptacle box cover that is 
weatherproof when the cover is closed and a 
plug is not inserted into a receptacle located in 
a damp location. This applies to 15-amp and 
20-amp receptacles. A damp area is protected 
from direct contact with water. Refer to the 
definition of damp location. You may use a 
receptacle cover suitable for wet locations in a 
damp location. 

Install a watertight seal between a flush- 
mounted receptacle and its faceplate. This will 
require a gasket or sealant between the finished 
surface (such as stucco, brick, or siding) and 
the faceplate. 


WET LOCATIONS 


P 


Install a receptacle box cover that is 
weatherproof when the cover is closed on any 
receptacle located in a wet location. This applies 
to 15-amp and 20-amp receptacles in any indoor 
or outdoor wet location. This applies regardless 
of whether or not a plug is inserted into 

the receptacle. 

Install a watertight seal between a flush- 
mounted receptacle and its faceplate. This will 
require a gasket or sealant between the finished 
surface (such as stucco, brick, or siding) and 

the faceplate. 
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Preface 


The Illustrated Dictionary of Electronics—8th Edition has been revised, clarified, and up- 
dated, reflecting technological advances of recent years. New definitions have been added in 
the fields of wireless technology, robotics, and artificial intelligence. Every effort has been 
made to be concise and accurate, without “talking down” to the reader. 

Many definitions contain cross references (indicated in ALL CAPITALS); these provide 
recommended additional information or allow comparison with related terms. Expressions of 
special significance are printed in italics. Electronics abbreviations are included in the text; 
the full terms are stated as definitions. 

While an effort has been made to avoid superfluous mathematics, equations are some- 
times necessary to completely and effectively define a term. Mathematics beyond the high- 
school level has not been used. £ D 

Appendix A contains the standard symbols used in electrical and electronic diagrams. 

These symbols are used in illustrations throughout this dictionary. Appendix B contains the 
following data tables: 


. Conversion between electrical systems 
. Greek alphabet 

. Mathematical functions and operations 
. Prefix multipliers 

. Resistor color code 


J Aa UN 


Suggestions for future editions are welcome. 
Stan Gibilisco 
Editor-in-Chief 
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A 1. Symbol for GAIN. 2. Symbol for AREA. 3. Sym- 
bol for AMPERE (SI unit for current). 

A— Symbol for negative terminal of filament-voltage 
source in a vacuum-tube circuit. 

A+ Symbol for positive terminal of filament-voltage 
source in a vacuum-tube circuit. 

a 1. Abbreviation of ATTO- (prefix). 2. Abbreviation 
of AREA. 3. Abbreviation of ACCELERATION. 
4. Abbreviation of ANODE. 5. Obsolete abbrevia- 
tion of cgs prefix AB-. 

aA 1. Abbreviation of attoampere. 2. Obsolete for 
ABAMPERE. 

AAAS Abbreviation for American Association for the 
Advancement of Science. 

AAC Abbreviation of automatic aperture control 
(NASA). 

AAS Abbreviation of advanced antenna system 
(NASA). 

AASR Abbreviation of airport and airways surveil- 
lance radar. 

AB Abbreviation of acquisition beacon (NASA). 

A-B In sound and acoustics, the direct comparison 

of two sources of sound by alternately turning on 

one and the other. 

1. Prefix that transforms the name of a practi- 
cal electrical unit to that of the equivalent electro- 
magnetic cgs unit (e.g., ABAMPERE, ABOHM, 

ABVOLT). See individual entries of such cgs 

units. 2. Abbreviation for ABSOLUTE. 
abac A graphic device for the solution of electronics 
problems. Also see ALIGNMENT CHART. 
abampere The unit of current in the cgs electro- 
magnetic system. One abampere equals 10 
amperes and corresponds to 1 abcoulomb per 
second. 


ab- 


Abbe condenser 1. In microscopy, a special two- 
piece lens that has enhanced light-gathering 
power. 2. A similar focusing device in an electro- 
magnetic antenna. 

abbreviated dialing In telephone systems, special 
circuits requiring fewer-than-normal dialing op- 
erations to connect subscribers. 

abc 1. Abbreviation of AUTOMATIC BASS COM- 
PENSATION, a system for boosting the volume of 
bass sounds at low amplifier gain. 2. Abbrevi- 
ation of AUTOMATIC BIAS CONTROL. 3. Abbrevi- 
ation of AUTOMATIC BRIGHTNESS CONTROL. 
4. Abbreviation of AUTOMATIC BRIGHTNESS 
COMPENSATION. 

abcoulomb The unit of electrical quantity in the 
cgs electromagnetic system. One abcoulomb 
equals 10 coulombs and is the quantity of elec- 
tricity that flows past any point in a circuit in one 
second when the current is one abampere. 

aberration 1. Distortion from perfect shape in a 
lens or reflecting mirror or antenna dish. 2. A 
small error in the determination of the direction 
of a source of electromagnetic energy, on account 
of the motion of the source and/or the detecting 
apparatus. 3. A small displacement in the appar- 
ent positions of the stars from month to month on 
account of the earth’s orbital motion. 

ABETS Acronym for airborne beacon electronic test 
set (NASA). 

abfarad The unit of capacitance in the cgs electro- 
magnetic system. One abfarad equals 10° farads 
and is the capacitance across which a charge of 
1 abcoulomb produces a potential of 1 abvolt. 

abhenry The unit of inductance in the cgs electro- 
magnetic system. One abhenry equals 10? henry 
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and is the inductance across which a current 
that changes at the rate of 1 abampere per sec- 
ond induces a potential of 1 abvolt. 

ABL Abbreviation of Automated Biology Laboratory 
(NASA). 

abmho The obsolete unit of conductance and of 
conductivity in the cgs electromagnetic system. 
Replaced with ABSIEMENS. 

abnormal dissipation Power dissipation higher or 
lower than the customary level, usually an over- 
load. 

abnormal oscillation 1. Oscillation where none is 
desired or expected, as in an amplifier. 2. Oscilla- 
tion at two or more frequencies simultaneously 
when single-frequency operation is expected. 
3. Oscillation at an incorrect frequency. 4. Parasitic 
oscillation. 

abnormal propagation 1. The chance shifting of 
the normal path of a radio wave, as by displace- 
ments in the ionosphere, so that reception is de- 
graded. 2. Unintentional radiation of energy from 
some point other than the transmitting antenna. 
3. Propagation over a path or in a direction not 
expected. 

abnormal reflections Sharp, intense reflections at 
frequencies higher than the critical frequency of 
the ionosphere’s ionized layer. 

abnormal termination The shutdown of a running 
computer program or other process. Caused by 
the detection of an error by the associated hard- 
ware that indicates that some ongoing series of 
actions cannot be executed correctly. 

abnormal triggering The false triggering or switch- 
ing of a circuit or device, such as a flip-flop, by 
some undesirable source instead of the true trigger 
signal. Electrical noise pulses often cause abnor- 
mal triggering. 

abohm The unit of resistance and of resistivity in 
the cgs electromagnetic system. One abohm 
equals 10° ohms and is the resistance across 
which a steady current of 1 abampere produces a 
potential difference of 1 abvolt. 

abort To deliberately terminate an operation, ex- 
periment, process, or project before it has run its 
normal course. 

AB power pack 1. A portable dry-cell or wet-cell 
array containing both A and B batteries in one 
package. 2. An ac-operated unit in one package 
for supplying A and B voltages to equipment nor- 
mally operated from batteries. 

abrasion machine An instrument for determining 
the abrasive resistance of a wire or cable. 

abrasion resistance A measure of the ability of a 
wire or wire covering to resist mechanical dam- 
age. 

ABS A basic programming abbreviation for the ab- 
solute value (of a number, variable, or expres- 
sion). 

abscissa 1. The independent variable in a function. 
2. The axis (usually horizontal) on the graph of a 
function that indicates the independent variable. 


Abscissa 


abscissa 


absence-of-ground searching selector A rotary 
switch that searches for an ungrounded contact 
in a dial telephone system. 

absiemens The unit of conductance or conductiv- 
ity in the cgs electromagnetic system. One 
absiemens equals 10% siemens and is the 
conductance through which a potential of 1 ab- 
volt forces a current of 1 abampere. 

absolute 1. A temperature scale in which zero repre- 
sents the complete absence of heat. Units of mea- 
sure are same as units on Celsius and Fahrenheit 
scales. See ABSOLUTE SCALE. 2. Independent of 
any arbitrarily assigned units of measure or value. 

absolute accuracy The full-scale accuracy of a me- 
ter with respect to a primary (absolute) standard. 

absolute address In a digital computer program, 
the location of a word in memory, as opposed to 
location of the word in the program. 

absolute code A computer code in which the exact 
address is given for storing or locating the refer- 
ence operand. 

absolute coding In computer practice, coding that 
uses absolute addresses. 

absolute constant A mathematical constant that 
has the same value wherever it is used. 

absolute delay The time elapsing between the 
transmission of two synchronized signals from 
the same station or from different stations, as in 
radio, radar, or loran. By extension, the time in- 
terval between two such signals from any source, 
as from a generator. 

absolute digital position transducer A digital po- 
sition transducer whose output signal indicates 
absolute position. (See ENCODER.) 

absolute efficiency The ratio X,/X,, where X, is 
the output of a given device, and X, is the output 
of an ideal device of the same kind under the 
same operating conditions. 

absolute encoder system A system that permits 
the encoding of any function (linear, nonlinear, 
continuous, step, and so on) and supplies a non- 
ambiguous output. 

absolute error The difference indicated by the ap- 
proximate value of a quantity minus the actual 


5059F-pA 1-55 


4/9/01 4:41 PM Page 3 


value. This difference is positive when the ap- 
proximate value is higher than the exact value, 
and it is negative when the approximate value is 
lower than the exact value. Compare RELATIVE 
ERROR. 

absolute gain Antenna gain for a given orientation 
when the reference antenna is isolated in space 
and has no main axis of propagation. 

absolute humidity The mass of water vapor per 
unit volume of air. Compare RELATIVE HUMID- 
ITY. 

absolute instruction A computer instruction that 
states explicitly and causes the execution of a 
specific operation. 

absolute magnitude For a complex number quan- 
tity, the vector sum of the real and imaginary 
components (i.e., the square root of the sum of 
the squares of those components). Also see AB- 
SOLUTE VALUE and IMPEDANCE. 

absolute maximum rating The highest value a 
quantity can have before malfunction or damage 
occurs. 

absolute maximum supply voltage The highest 
supply voltage that can be applied to a circuit 
without permanently altering its characteristics. 

absolute measurement of current Measurement 
of a current directly in terms of defining quan- 
tities. 1. TANGENT GALVANOMETER method: 
Current is proportional to the tangent of the an- 
gle of deflection of the needle of this instrument. 
Deflection depends on torque, resulting from the 
magnetic field produced by current in the gal- 
vanometer coil acting against the horizontal 
component of the earth’s magnetic field. 
2. ELECTRODYNAMOMETER method: With this 
2-coil instrument, current is determined from 
the observed deflection, the torque of the sus- 
pension fiber of the movable coil, and the coil di- 
mensions. 

absolute measurement of voltage Measurement 
of a voltage directly in terms of defining quan- 
tities. 1. CALORIMETRIC method: A current- 
carrying coil immersed in water raises the 
temperature of the water. The difference of 
potential that forces the current through the coil 
then is determined in terms of the equivalent heat 
energy. 2. Disk-electrometer method: In this 
setup, a metal disk attached to one end of a 
balance beam is attracted by a stationary disk 
mounted below it, the voltage being applied to the 
two disks. The other end of the beam carries a 
pan into which accurate weights are placed. At 
balance, the voltage is determined in terms of the 
weight required to restore balance, the upper-disk 
area, and the disk separation. 

absolute minimum resistance The resistance be- 
tween the wiper and the nearer terminal of a po- 
tentiometer, when the wiper is as close to that 
terminal as physically possible. All potentiome- 
ters have two such specifications, one for each 
end terminal. 


absolute error + absolute tolerance 3 


Fulcrum 


to voltage 
Stationary - 


disk Insulating 
post 


Scale 


absolute measurement of voltage, 2 


absolute Peltier coefficient The product of the 
absolute Seebeck coefficient and absolute tem- 
perature of a material. 

absolute pitch A tone in a standard scale, deter- 
mined according to the rate of vibration, indepen- 
dent of other tones in the range of pitch. 

absolute pressure Pressure (force per unit area) of 
a gas or liquid determined with respect to that of 
a vacuum (taken as zero). 

absolute-pressure transducer A transducer actu- 
ated by pressure from the outputs of two different 
pressure sources, and whose own output is pro- 
portional to the difference between the two ap- 
plied pressures. 

absolute scale 1. A scale in which the zero value 
indicates the lowest physically possible value that 
a parameter can attain. 2. A standard scale 
for measurement of a quantity. 3. A universally 
agreed-upon scale for the determination of a vari- 
able quantity. 4. The Kelvin temperature scale. 
5. The Rankine temperature scale. 

absolute Seebeck coefficient The quotient, as an 
integral from absolute zero to the given tempera- 
ture, of the Thomson coefficient of a material di- 
vided by its absolute temperature. 

absolute spectral response The frequency output 
or response of a device in absolute power units 
(such as milliwatts) as opposed to relative units 
(such as decibels). 

absolute system of units A system of units in 
which the fundamental (ABSOLUTE) units are 
those expressing length (I), mass (m), charge (q), 
and time (t). All other physical units, including 
practical ones, are then derived from these abso- 
lute units. 

absolute temperature Temperature measured on 
either the Kelvin or Rankine scales, where zero 
represents the total absence of heat energy. 

absolute temperature scale 1. The Kelvin temper- 
ature scale, in which the divisions are equal in 
size to 1° Celsius, and the zero point is absolute 
zero, the coldest possible temperature, approxi- 
mately -273.16° Celsius. 2. The Rankine temper- 
ature scale, in which the divisions are equal in 
size to 1° Fahrenheit, and the zero point is abso- 
lute zero or approximately -459.7° Fahrenheit. 

absolute tolerance The value of a component as it 
deviates from the specified or nominal value. It is 
usually expressed as a percentage of the specified 
value. 
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absolute units Fundamental physical units (see 
ABSOLUTE SYSTEM OF UNITS) from which all 
others are derived. See, for example, AMPERE, 
OHM, VOLT, and WATT. 

absolute value The magnitude of a quantity with- 
out regard to sign or direction. The absolute value 
of a is written lal. The absolute value of a posi- 
tive number is the number itself; thus, 1101 
equals 10. The absolute value of a negative num- 
ber is the number with its sign changed: |-10| 
equals 10. 

absolute-value circuit A circuit that produces a 
unipolar signal in response to a bipolar input and 
in proportion to the absolute value of the magni- 
tude of the input. 

absolute-value computer A computer in which 
data is processed in its absolute form; i.e., every 
variable maintains its full value. (Compare to 
INCREMENTAL COMPUTER.) 

absolute-value device In computer practice, a de- 
vice that delivers a constant-polarity output 
signal equal in amplitude to that of the input 
signal. Thus, the output signal always has the 
same sign. 

absolute zero The temperature -273.16°C 
(—459.7°F and O Kelvin). The coldest possible 
temperature, representing the complete absence 
of heat energy. 

absorbed wave A radio wave that dissipates in the 
ionosphere as a result of molecular agitation. 
This effect is most pronounced at low and 
medium frequencies. 

absorptance The amount of radiant energy ab- 
sorbed in a material; equal to 1 minus the trans- 
mittance. 

absorption The taking up of one material or me- 
dium by another into itself, as by sucking or 
soaking up. Also, the retention of one medium (or 
a part of it) by another medium, through which 
the first one attempts to pass. See, for example, 
ABSORBED WAVE, ABSORPTION COEFFI- 
CIENT, DIELECTRIC ABSORPTION. Compare 
ADSORPTION. 

absorption band See ABSORPTION SPECTRUM. 

absorption circuit A circuit that absorbs energy 
from another circuit or from a signal source—es- 
pecially a resonant circuit, such as a wavemeter 
or wavetrap. 

absorption current In a capacitor, the current re- 
sulting from absorption of energy by the dielectric 
material. 

absorption dynamometer A power-measuring in- 
strument in which a brake absorbs energy from a 
revolving shaft or wheel. 

absorption fading Fading of a radio wave, result- 
ing from (usually) slow changes in the absorption 
of the wave in the line of propagation. 

absorption frequency meter See WAVEMETER. 

absorption line See ABSORPTION SPECTRUM. 

absorption loss 1. Transmission loss caused by 
dissipation of electrical energy, or conversion of it 


into heat or other forms of energy. 2. Loss of all or 
part of a skywave because of absorption by the 
ionosphere. Also called ionospheric absorption or 
atmospheric absorption. 

absorption marker A small blip introduced onto 
an oscilloscope trace to indicate a frequency 
point. It is so called because it is produced by the 
action of a frequency-calibrated tuned trap, simi- 
lar to an absorption wavemeter. 

absorption modulation Amplitude modulation ofa 
transmitter or oscillator by means of an audio- 
frequency-actuated absorber circuit. In its simplest 
form, the modulator consists of a few turns of wire 
coupled to the transmitter tank coil and con- 
nected to a carbon microphone. The arrangement 
absorbs energy from the transmitter at a varying 
rate as the microphone changes its resistance in 
accordance with the sound waves it receives. 


e E Carbon 


microphone 


Final tank of 
transmitter 


absorption modulation 


absorption spectrum For electromagnetic waves, a 
plot of absorption coefficient (of the medium of 
propagation) versus frequency. Also called EMIS- 
SION SPECTRUM. 

absorption trap See WAVETRAP. 

absorption wavemeter A resonant-frequency indi- 
cating instrument that is inductively coupled to 
the device under test. 
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absorptivity In audio and microwave technologies, 
a measure of the energy absorbed by a given vol- 
ume of material. 

A-B test Comparison of two sounds by reproduc- 
ing them in alternating succession. 
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abvolt The unit of potential difference in the cgs 
electromagnetic system. One abvolt equals 108 V 
and is the difference of potential between any two 
points when 1 erg of work is required to move 1 
abcoulomb of electricity between them. 

abwatt The unit of power in the cgs electromagnetic 
system. One abwatt equals 10°’ W and is the 
power corresponding to 1 erg of work per second. 

ac 1. Abbreviation of ALTERNATING CURRENT. 
2. Abbreviation of ATTITUDE CONTROL. 3. Ab- 
breviation of AERODYNAMIC CENTER. 4. A suf- 
fix meaning AUTOMATIC CALCULATOR or 
AUTOMATIC COMPUTER. 

a/c 1. Abbreviation of AIRCRAFT. 2. Abbreviation 
of AIR CONDITIONING. 

Ac Symbol for ACTINIUM. 

ACA Abbreviation of automatic circuit analyzer. 

ac base current Symbol, Isaac) The ac component of 
base current in a bipolar transistor. 

ac base resistance Symbol, Rsa.. The dynamic 
base resistance in a bipolar transistor. 

ac base voltage Symbol, Vkac) The ac component 
of base voltage in a bipolar transistor. It is the ac 
input signal voltage in a common-emitter ampli- 
fier or emitter-follower amplifier. 

ac bias Ina tape recorder, the high-frequency cur- 
rent that passes through the recording head to 
linearize operation. 

ace 1. Abbreviation of AUTOMATIC CHROMI- 
NANCE CONTROL. 2. Abbreviation of AUTO- 
MATIC COLOR COMPENSATION. 3. Abbreviation 
of ACCELERATION. 

ac cathode current Symbol, Ika. The ac compo- 
nent of cathode current in an electron tube. 

ac cathode resistance Symbol, Rxya.). The dynamic 
cathode resistance in an electron tube. Rko 
equals dVx/dIx for a constant value of Vg. 

ac cathode voltage Symbol, Vkiac. The ac compo- 
nent of cathode voltage in an electron tube. It is 
the ac output signal voltage in cathode-follower 
and grounded-grid amplifiers. 

accelerated life test A test program that simu- 
lates the effects of time on devices or apparatus, 
by artificially speeding up the aging process. 

accelerated service test A service or bench test in 
which equipment or a circuit is subjected to an 
extreme condition in an attempt to simulate the 
effects of average use over a long time. 

accelerating conductor or relay A conductor or 
relay that prompts the operation of a succeeding 
device in a starting mode according to established 
conditions. 

accelerating electrode In a cathode-ray tube or 
klystron, the electrode to which the accelerating 
voltage is applied. 

accelerating time The elapsed time that starts 
when voltage is applied to a motor, and ends 
when the motor shaft reaches maximum speed. 

accelerating voltage A positive high voltage applied 
to the accelerating electrode of a cathode-ray tube 
to increase the velocity of electrons in the beam. 
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acceleration at stall The angular acceleration of a 
servomotor at stall, determined from the stall 
torque and the moment of inertia of the motor's 
rotor. 

acceleration derivative Acceleration (a) expressed 
as the second derivative of distance (s) with re- 
spect to time (t): a equals d?s/dt?. 

acceleration potential See ACCELERATING 
VOLTAGE. 

acceleration switch A switch that operates auto- 
matically when the acceleration of a body to 
which it is attached exceeds a predetermined rate 
in a given direction. 

acceleration time The time required by a com- 
puter to take in or deliver information after inter- 
preting instructions. Compare ACCESS TIME. 

acceleration torque During the accelerating pe- 
riod of a motor, the difference between the torque 
demanded and the torque actually produced by 
the motor. 

acceleration voltage The potential between accel- 
erating elements in a vacuum tube, the value of 
which determines average electron velocity. 

accelerometer A transducer whose output voltage 
is proportional to the acceleration of the moving 
body to which it is attached. 

accentuation The emphasis of a desired band of 
frequencies, usually in the audio-frequency spec- 
trum. 
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6 accentuator + accuracy rating 


accentuator A circuit or device, such as a filter, 
tone control, or equalizer, used to emphasize a 
band of frequencies, usually in the audio- 
frequency spectrum. Also see ACCENTUATION. 

acceptable-environmental-range test A test to 
disclose the environmental conditions that equip- 
ment can endure while maintaining at least the 
minimum desired reliability. 

acceptable quality level Abbreviation, AQL. A per- 
centage that represents an acceptable average of 
defective components allowable for a process, or 
the lowest quality that a supplier is permitted to 
regularly present for acceptance. 

acceptance sampling plan A probabilistic method 
of sampling a quantity of units from a lot, and de- 
termining from the sample whether to accept the 
lot, reject the lot, or perform another sampling. 

acceptance test A test performed on incoming 
equipment or on submitted samples to determine 
if they meet tester’s or supplier’s specifications. 

acceptor 1. Any device or circuit, such as a series- 
resonant circuit, that provides relatively easy 
transmission of a signal, in effect accepting the 
signal. 2. A hole-rich impurity added to a semi- 
conductor to make the latter p-type. It is so called 
because its holes can accept electrons. Compare 
DONOR. 

acceptor circuit See ACCEPTOR, 1. 

acceptor impurity See ACCEPTOR, 2. 

access 1. To gain entrance to something, such as 
the interior of the cabinet of a high-fidelity ampli- 
fier. 2. In a computer, the action of going to a spe- 
cific memory location for the purpose of data 
retrieval. 3. A port or opening into a piece of 
equipment, placed there to make the equipment 
easy to maintain and repair. 

access arm A mechanical device that positions the 
read/write mechanism in a computer storage unit. 

access control register A register that is part ofa 
computer protection system that prevents inter- 
ference between different software modules. 

access method A method of transferring informa- 
tion or data from main storage to an input/out- 
put unit. 

access right The access status given to computer 
system users that indicates the method of access 
permitted (e.g., read a file only or write to a file). 

access time The time required by a computer to 
begin delivering information after the memory or 
storage has been interrogated. 

accidental error An unintentional error commit- 
ted by a person making measurements and 
recording data. 

accidental triggering The undesired chance- 
operation of a flip-flop or other switching circuit 
caused by a noise pulse or other extraneous sig- 
nal. 

ac collector current Symbol, Ica. The ac compo- 
nent of collector current in a bipolar transistor. 

ac collector resistance Symbol, Rca. The dy- 
namic collector resistance of a bipolar transistor. 


Roa equals dV¿/dI¿ for a constant value of base 
current Ip (in a common-emitter circuit) or emit- 
ter current Ip (in a common-base circuit). 

ac collector voltage Symbol, Vegas). The ac compo- 
nent of collector voltage in a bipolar transistor. 
The ac output signal voltage in a common-emitter 
or common-base amplifier. 

accompanying audio channel The RF signal that 
supplies television sound. Also called Cochannnel 
sound frequency. 

ac component In a complex wave (i.e., one con- 
taining both ac and dc), the alternating, fluctu- 
ating, or pulsating part of the combination. 
Compare DC COMPONENT. 

accordion A printed-circuit connector contact with 
a Z-shaped spring that allows high deflection 
with low fatigue. 

ac-coupled flip-flop A flip-flop that is operated by 
the rise or fall of a clock pulse. 

ac coupling Transformer coupling or capacitive 
coupling, which transmit ac, but not dc. Compare 
DIRECT COUPLING. 


Capacitive 


F9 


Inductive 


ac coupling 


accumulator 1. In a digital computer, a circuit or 
register device that receives numbers, totals 
them, and stores them. 2. Storage battery. 

accuracy 1. Precision in the measurement of 
quantities and in the statement of physical char- 
acteristics. 2. Degree of precision. Usually ex- 
pressed, in terms of error, as a percentage of the 
specified value (e.g., 10 V plus or minus 1%), as a 
percentage of a range (e.g., 2% of full scale), or as 
parts (e.g., 100 parts per million). 

accuracy rating The maximum error in an instru- 
ment, given as a percentage of the full-scale 
value. 
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accw Abbreviation of ALTERNATING-CURRENT 
CONTINUOUS WAVE. 

ac/de Abbreviation of ALTERNATING CURRENT/ 
DIRECT CURRENT. Pertains to equipment that 
will operate from either ac utility power or a dc 
power source. A notebook computer is a good ex- 
ample. 

ac directional overcurrent relay A relay that 
works on a specific value of alternating overcur- 
rent that is rectified for a desired polarity. 

ac drain current Symbol, Ipap. The ac component 
of drain current in a field-effect transistor. 

ac drain resistance Symbol, Rpap. The dynamic 
drain resistance in a field-effect transistor; Rpjag 
equals dVp/dIp for a constant value of gate volt- 
age Vo. 

ac drain voltage Symbol, Vpja.. The ac component 
of drain voltage in a field-effect transistor. The ac 
output signal voltage in a common-source FET 
amplifier. 

acdump The removal of all ac power from a system 
or component. 

ac emitter current Symbol, Iza ). The ac compo- 
nent of emitter current in a bipolar transistor. 

ac emitter resistance Symbol, Rrra). The dynamic 
emitter resistance of a bipolar transistor; Rkac) 
equals dV;/dlIz for a constant value of base cur- 
rent Ip (in an emitter-follower circuit) or collector 
voltage Vcc (in a common-base circuit). 

ac emitter voltage Symbol, Via . The ac compo- 
nent of emitter voltage in a bipolar transistor. The 
ac input signal voltage in a common-base ampli- 
fier; the ac output signal voltage in an emitter- 
follower amplifier. 

ac equipment An apparatus designed for opera- 
tion from an ac power source only. Compare DC 
EQUIPMENT and AC/DC. 

ac erasing In tape recording, the technique of us- 
ing an alternating magnetic field to erase material 
already recorded on the tape. 

ac erasing head Also called ac erase head. In tape 
and wire recording, a head that carries alternat- 
ing current to erase material already recorded on 
the tape or wire. Also see AC ERASING. 

acetate Cellulose acetate, a tough thermoplastic 
material that is an acetic acid ester of cellulose. It 
is used as a dielectric and in the manufacture of 
photographic films. 

acetate base 1. The cellulose acetate film that 
served as the base for the magnetic oxide coating 
in early recording tape. Most such tapes today 
are of polyester base. 2. The cellulose acetate 
substrate onto which certain photosensitive ma- 
terials are deposited for lithographic reproduc- 
tion. Also see ACETATE and ANCHORAGE. 

acetate tape Recording tape consisting of a mag- 
netic oxide coating on a cellulose acetate film. 
Also see ACETATE BASE. 

ac gate voltage Symbol, Vga). The ac component 
of gate voltage in a field-effect transistor. The ac 
input signal voltage. 
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ac generator 1. A rotating electromagnetic ma- 
chine that produces alternating current (e.g., a 
dynamo or alternator). 2. An oscillator or com- 
bination of an oscillator and an output ampli- 
fier. 

ac grid voltage Symbol, Vga . The ac component 
of control grid voltage in an electron tube. The ac 
input signal voltage in a common-cathode ampli- 
fier or cathode follower. 

Achannel The left channel of a two-channel stereo 
system. 

achieved reliability A statement of reliability based 
on the performance of mass-produced parts or 
systems under similar environmental conditions. 
Also called OPERATIONAL RELIABILITY. 

achromatic 1. Without color. In a TV image, the 
tones from black through gray to white. The term 
occasionally refers to black-and-white television, 
although MONOCHROMATIC is more often used 
in this sense. 

achromatic locus Also called achromatic region. 
An area on a chromaticity diagram that contains 
all points, representing acceptable reference 
white standards. 

achromatic scale A musical scale without acci- 
dentals. 

ACIA Abbreviation of asynchronous communica- 
tions interface adapter. 

acicular Pertaining to the shape of magnetic parti- 
cles on recording tape. Under magnification, 
these particles look like thin rods. 

acid A substance that dissociates in water solution 
and forms hydrogen (H) ions (e.g., sulfuric acid). 
Compare BASE, 2. 

acid depolarizer Also called acidic depolarizer. 
An acid, in addition to the electrolyte, used in 
some primary cells to slow the process of polar- 
ization. 

ac line A power line that delivers alternating cur- 
rent only. 

ac line filter A filter designed to remove extrane- 
ous signals or electrical noise from an ac power 
line, while causing virtually no reduction of the 
power-line voltage or power. 

ac line voltage The voltage commonly delivered 
by the commercial power line to consumers. In 
the United States, the two standards are 117 V 
and 234 V (~ about 5 percent). The lower voltage 
is used by most appliances; the higher voltage is 
intended for appliances and equipment that 
draws high power, such as electric ovens, cook- 
ing ranges, clothes dryers, and amateur-radio 
amplifiers. In Europe, 220 V is the common 
standard. 

aclinic line Also called magnetic equator. An imag- 
inary line drawn on a map of the world or of an 
area that connects points of zero inclination (dip) 
of the needle of a magnetic compass. 

ACM Abbreviation for Association for Computing 
Machinery. 

ac magnetic bias See AC BIAS. 
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8 ac meter + acoustic feedback 


ac meter A meter that is intended to work only on 
alternating current or voltage. Such meters in- 
clude iron-vane and rectifier types. 


ac meter 


ac noise 1. Electromagnetic interference originat- 
ing in the ac power lines. 2. Electrical noise of a 
rapidly alternating or pulsating nature. 

ac noise immunity In computer practice, the abil- 
ity of a logic circuit to maintain its state, despite 
excitation by ac noise. 

acous Abbreviation for ACOUSTIC. 

acoustic Pertaining to audible sound distur- 
bances, usually in air (versus audio-frequency 
currents or voltages). 

acoustic absorption The assimilation of energy 
from sound waves passing through or reflected by 
a given medium. 

acoustic absorption loss That portion of sound 
energy lost (as by dissipation in the form of heat) 
because of ACOUSTIC ABSORPTION. 

acoustic absorptivity The ratio of sound energy 
absorbed by a material to sound energy striking 
the surface of the material. 

acoustic attenuation constant The real-number 
component of the complex acoustical propagation 
constant, expressed in nepers per unit distance. 

acoustic burglar alarm An alarm that receives the 
noise made by an intruder. The alarm device re- 
sponds to the impulses from concealed micro- 
phones. 

acoustic capacitance The acoustic equivalent of 
electrical capacitance. 

acoustic clarifier Ina loudspeaker system, a set of 
cones attached to the baffle that vibrate to absorb 
and suppress sound energy during loud bursts. 

acoustic communication Communications by 
means of sound waves. This can be through the 
atmosphere, or it can be through solids or liq- 
uids, such as a taut wire, a body of water, or the 
earth. 

acoustic compliance COMPLIANCE in acoustic 
transducers, especially loudspeakers. It is equiv- 
alent to electrical capacitive reactance. 

acoustic consonance An effect that occurs when 
two objects are near each other but not in physical 
contact, and both have identical or harmonically 
related resonant frequencies. An example is shown 
by two tuning forks with identical fundamental fre- 


quencies. If one fork is struck and then brought 
near the other, the second fork will begin vibrating. 
If the second fork has a fundamental frequency 
that is a harmonic of the frequency of the first fork, 
the second fork will vibrate at its own resonant 
frequency. See HARMONIC, RESONANCE. 

acoustic coupling Data transfer via a sound link 
between a telephone and a pickup/reproducer. 
Was once common in computer terminals and 
facsimile machines. This scheme has been largely 
replaced by hard wiring and optical coupling. 

acoustic damping The deadening or reduction of 
the vibration of a body to eliminate (or cause to 
die out quickly) sound waves arising from it. 

acoustic delay line Any equivalent of a special 
transmission line that introduces a useful time 
delay between input and output signals. In one 
form, it consists of a crystal block or bar with an 
input transducer at one end and an output trans- 
ducer at the other. An electrical input signal in 
the first transducer sets up sound waves that 
travel through the interior of the crystal; the 
piezoelectric reaction of the crystal to sound vi- 
brations sets up an output voltage in the second 
transducer. The delay is caused by the time re- 
quired for the acoustic energy to travel the length 
of the crystal bar. 


Input transducer 
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acoustic depth finder A direct-reading device for 
determining the depth of a body of water, or for 
locating underwater objects via sonic or ultra- 
sonic waves transmitted downward and reflected 
back to the instrument. 

acoustic dispersion Variation of the velocity of 
sound waves, depending on their frequency. 

acoustic elasticity 1. In a loudspeaker enclosure, 
the compressibility of air behind the vibrating 
cone of the speaker. 2. In general, the compress- 
ibility of any medium through which sound 
passes. 

acoustic electric transducer A transducer, such 
as a microphone or hydrophone, that converts 
sound energy into electrical energy. Compare 
ELECTRICAL/ACOUSTIC TRANSDUCER. Also 
see ACOUSTIC TRANSDUCER. 

acoustic feedback A usually undesirable effect 
that occurs when sound waves from a loud- 
speaker (or other reproducer) reach a microphone 
(or other input transducer) in the same system. 
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This can cause an amplifier to oscillate, with a re- 
sultant rumbling, howling, or whistling. 

acoustic filter Any sound-absorbing or transmit- 
ting arrangement, or combination of the two, that 
transmits sound waves of desired frequency while 
attenuating or eliminating others. 

acoustic frequency response The sound- 
frequency range as a function of sound intensity. 
A means of describing the performance of an 
acoustic device. 

acoustic generator A device that produces sound 
waves of a desired frequency and/or intensity. 
Examples are electrical devices (headphones or 
loudspeakers operated from a suitable oscillator, 
buzzer, bell, or flame) and mechanical devices 
(tuning forks, bells, string, or whistles). 

acoustic grating A set of bars or slits that are par- 
allel to one another and arranged a fixed distance 
apart so that an interference pattern forms as 
sound passes through. Used to determine the 
wavelength of acoustic waves. 

acoustic homing system 1. A system that uses a 
sound signal for guidance purposes. 2. A guid- 
ance method in which a missile homes in on 
noise generated by a target. 

acoustic horn A tapered tube (round or rectangu- 
lar, but generally funnel-shaped) that directs 
sound and, to some extent, amplifies it. So called 
to distinguish it from a microwave horn. 

acoustic howl See ACOUSTIC FEEDBACK. 

acoustician 1. A person skilled in acoustics (an 
acoustics technician). 2. An AUDIOLOGIST. 

acoustic impedance Unit, ACOUSTIC OHM. The 
acoustic equivalent of electrical impedance. Like 
the latter, acoustic impedance is the total opposi- 
tion encountered by acoustic force. Also like elec- 
trical impedance, acoustic impedance has 
resistive and reactive components: ACOUSTIC 
RESISTANCE and ACOUSTIC REACTANCE. 

acoustic inductance Also called inertance. The 
acoustic equivalent of electrical inductance. 

acoustic inertance See ACOUSTIC INDUCTANCE. 

acoustic inhibition See AUDITORY INHIBITION. 

acoustic intensity See SOUND INTENSITY. 

acoustic interferometer An instrument that eval- 
uates the frequency and velocity of sound waves 
in a liquid or gas, in terms of a standing wave set 
up by a transducer and reflector as the frequency 
or transducer-to-reflector distance varies. 

acoustic labyrinth A loudspeaker enclosure 
whose internal partitions form a maze-like path 
or “tube” lined with sound-absorbing material. 
The tube effectively runs from the back of the 
speaker down to where it terminates in a MOUTH 
or PORT that opens at the front of the enclosure. 
The labyrinth provides an extremely efficient re- 
production system because of its excellent acous- 
tic impedance-matching capability. 

acoustic lens A system of barriers that refracts 
sound waves the way that an optical lens does 
with light waves. 


acoustic feedback + acoustic radiator 9 


Lam Absorbent walls 


Mouth 


acoustic labyrinth 


acoustic line Baffles or other such structures 
within a speaker that act as the mechanical equiv- 
alent of an electrical transmission line to enhance 
the reproduction of very low bass frequencies. 

acoustic load A device that serves simultaneously 
as the output load of an amplifier and as a trans- 
ducer of electrical energy into acoustic energy 
(e.g., headphones or a loudspeaker). 

acoustic memory In a computer, a volatile mem- 
ory element employing an acoustic delay line, of- 
ten incorporating quartz or mercury as the 
transmission and delay element. 

acoustic mirage A type of sound distortion in 
which the listener experiences the illusion of two 
sound sources when there is only one. The phe- 
nomenon is caused by the effect of a large tem- 
perature gradient in the air or water through 
which the sound passes. 

acoustic mode Crystal-lattice vibration without 
producing an oscillating dipole. 

acoustic noise Interferential (usually disagreeable) 
sounds carried by the air (or other propagation 
medium) to the ear or to an acoustic transducer. 
This is in contrast to electrical noise, which con- 
sists of extraneous current or voltage impulses 
and is inaudible until converted into sound. 

acoustic ohm The unit of acoustic resistance, re- 
actance, or impedance. One acoustic ohm equals 
the volume velocity of 1 cm/s produced by a 
sound pressure of 1 microbar (0.1 Pa). Also called 
acoustical ohm. 

acoustic phase constant The imaginary-number 
component of the complex acoustic propagation 
constant expressed in radians per second or radi- 
ans per unit distance. 

acoustic phase inverter A bass reflex loudspeaker 
enclosure. 

acoustic pressure 1. The acoustic equivalent of 
electromotive force, expressed in dynes per 
Square centimeter; also called acoustical pres- 
sure. 2. Sound pressure level. 

acoustic propagation The transmission of sound 
waves, or subaudible or ultrasonic waves, as a 
disturbance in a medium, rather than as an elec- 
tric current or electromagnetic field. 

acoustic radiator A device that emits sound 
waves. Examples are the cone of a loudspeaker, 
the diaphragm of a headphone, and the vibrating 
reed of a buzzer. 
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10 acoustic radiometer + ac plate resistance 


acoustic radiometer An instrument for measuring 
the intensity of a sound wave (see SOUND IN- 
TENSITY) in terms of the unidirectional steady- 
state pressure exerted at a boundary as a result 
of absorption or reflection of the wave. 

acoustic reactance Unit, ACOUSTIC OHM. The 
imaginary-number component of ACOUSTIC 
IMPEDANCE. It can take the form of ACOUSTIC 
CAPACITANCE or ACOUSTIC INDUCTANCE. 

acoustic reflectivity The ratio F./F;, where F, is 
the rate of flow of sound energy reflected from a 
surface and F; is the rate of flow of sound energy 
incident to the surface. 

acoustic refraction The deflection of sound waves 
being transferred obliquely between media that 
transmit sound at different speeds. 

acoustic regeneration See ACOUSTIC FEEDBACK. 

acoustic resistance Unit, ACOUSTIC OHM. The 
real-number component of ACOUSTIC IMPE- 
DANCE. The opposing force that causes acoustic 
energy to be dissipated in the form of heat. It is 
attributed to molecular friction in the medium 
through which sound passes. See ACOUSTIC 
OHM. 

acoustic resonance In an enclosed chamber with 
walls that reflect sound waves, resonance that oc- 
curs at certain wavelengths because the echoes 
combine in and out of phase. Speaker enclosures 
almost always have resonance at certain frequen- 
cies. This effect can be used to an advantage when 
it is necessary to get good bass (low-frequency) 
response from a relatively small speaker. 

acoustic resonator 1. A chamber, such as a box, 
cylinder, or pipe, in which an air column resonates 
at a particular frequency. 2. A piezoelectric, mag- 
netostrictive, or electrostrictive body that vibrates 
at a resonant audio frequency that is governed by 
the mechanical dimensions of the body when an 
audio voltage at that frequency is applied. 
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acoustics 1. The physics of sound. The study and 
applications of acoustic phenomena. 2. The qual- 
ities of an enclosure or sound chamber (room, 
auditorium, or box) that describe how sound 
waves behave in it. 


acoustic scattering The spreading of a sound 
wave in many directions as a result of diffraction, 
reflection, or refraction. 

acoustic suspension A loudspeaker design that 
allows exceptional low-frequency reproduction 
for a fairly small physical size. An airtight enclo- 
sure is used to increase the tension on the 
speaker cone. 

acoustic system 1. A coordinated array of acous- 
tic components (e.g., acoustic filters, resonators, 
etc.) that responds to sound energy in a predeter- 
mined manner. 2. An audio-frequency system in 
which sound energy is converted into electrical 
energy, processed, and then reconverted into 
sound energy for a clearly defined purpose. 

acoustic telegraph A telegraph that gives audible 
signals, as opposed to visual signals or printed 
messages. 

acoustic transducer 1. Any device, such as head- 
phones or a loudspeaker, for converting audio- 
frequency electrical signals into sound waves. 2. 
Any device, such as a microphone, for converting 
sound waves into alternating, pulsating, or fluc- 
tuating currents. 

acoustic transmission The direct transmission of 
sound energy without the intermediary of electric 
currents. 

acoustic transmission system A set of compo- 
nents designed to generate acoustic waves. 

acoustic transmissivity Also called acoustic 
transmitivity. The ratio e,/e,, where e; is the 
sound energy transmitted by a medium, and e, is 
the incident sound energy reaching the surface of 
the medium. Acoustic transmissivity is propor- 
tional to the angle of incidence. 

acoustic treatment Application of sound-absorb- 
ing materials to the interior of an enclosure or 
room to control reverberation. 

acoustic wave The traveling vibration, consisting 
of molecular motion, via which sound is trans- 
mitted through a gas, liquid or solid. Usually 
refers to sound waves in air. 

acoustic wave filter See ACOUSTIC FILTER. 

acoustoelectric effect The generation of a voltage 
across the faces of a crystal by sound waves trav- 
eling longitudinally through the crystal. 

acoustoelectronics A branch of electronics con- 
cerned with the interaction of sound energy and 
electrical energy in devices, such as surface-wave 
filters and amplifiers. In such devices, electrically 
induced acoustic waves travel along the surface 
of a piezoelectric chip and generate electrical en- 
ergy. Also called praetersonics and microwave 
acoustics. 

ac plate current Symbol, Ipan. The ac component 
of plate current in a vacuum tube. 

ac plate resistance Symbol, Rpa. The dynamic 
plate resistance of an electron tube. Rpa equals 
dEp/dIp, where Epis the plate voltage and Ipis the 
plate current, for a constant value for grid volt- 
age Ec. 
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ac plate voltage Symbol, Epa . The ac component 
of plate voltage in an electron tube. The ac out- 
put-signal voltage in a common-cathode ampli- 
fier. 

ac power Symbol, Pa. Unit, watt (W). The power 
acting in an ac circuit, Pac equals El cos q, where 
E is in volts, I in amperes, and q is the phase an- 
gle. Compare DC POWER. Also see POWER. 

ac power supply A power unit that supplies ac 
only (e.g., ac generator, vibrator-transformer, os- 
cillator, or inverter). Compare DC POWER 
SUPPLY. 

acquisition 1. The gathering of data from trans- 
ducers or a computer. 2. Locating the path of an 
orbiting body for purposes of collecting teleme- 
tered data. 3. Orienting an antenna for optimum 
pickup of telemetered data. 

acquisition and tracking radar An airborne or 
ground radar, which locks in on a strong signal 
and tracks the body that reflects (or transmits) 
the signal. 

acquisition radar A radar that spots an oncoming 
target and supplies position data regarding the 
target to a fire-control or missile-guidance radar, 
which then tracks the target. 

acr 1. Abbreviation of AUDIO CASSETTE RE- 
CORDER. 2. Abbreviation of AUDIO CASSETTE 
RECORDING SYSTEM. 

ac reclosing relay The controlling component in 
an alternating-current circuit breaker. It causes 
the breaker to reset after a specified period of 
time. 

ac relay A relay designed to operate on alternating 
current without chattering or vibrating. 

ac resistance Pure resistance in an ac circuit. Un- 
like reactance and impedance, which are also 
forms of opposition to the flow of current, ac re- 
sistance introduces no phase shift. 

acronym A word formed from letters or syllables 
taken from other applicable words of a multiword 
term. Acronyms are convenient for naming new 
devices and processes in electronics. Usually, a 
term is considered an acronym only when it is 
spelled in all-capital letters; once the term is ac- 
cepted and popularized, it is written as a conven- 
tional word and is no longer thought of as an 
acronym. For example, LASER was once an 
acronym for light amplification by the stimulated 
emission of radiation. By the popularization pro- 
cess, the acronym became a conventional word 
from which other terms (such as the verb “lase”) 
were derived. 

acrylic resin A synthetic resin used as a dielectric 
and in electronic encapsulations. It is made from 
acrylic acid or one of its derivatives. 

ACS Abbreviation of automatic control system. 

ac source current Symbol, Isia. The ac component 
of source current in a field-effect transistor. 

ac source resistance Symbol, Roa). The dynamic 
source resistance in a field-effect transistor; Raíac) 
equals dV;/dIs for a constant value of Vg. 
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ac source voltage Symbol, Vsja . The ac compo- 
nent of source voltage in a field-effect transistor. 
The ac output-signal voltage in a source-follower 
(grounded-drain) FET amplifier. 

acss Abbreviation of analog computer subsystem. 

ac time overcurrent relay A device with a certain 
time characteristic, which breaks a circuit when 
the current exceeds a certain level. 

actinic rays Short-wavelength light rays in the vi- 
olet and ultraviolet portion of the spectrum that 
give conspicuous photochemical action. 

actinism The property whereby radiant energy 
(such as visible and ultraviolet light, X-rays, etc.) 
causes chemical reactions. 

actinium Symbol, Ac. A radioactive metallic ele- 
ment. Atomic number, 89. Atomic weight, 227. 

actinodielectric Exhibiting a temporary rise in 
electrical conductivity during exposure to light. 

actinoelectric effect The property whereby cer- 
tain materials (such as selenium, cadmium sul- 
fide, germanium, and silicon) change their 
electrical resistance or generate a voltage on ex- 
posure to light. Also see ACTINODIELECTRIC. 

actinometer An instrument for measuring the di- 
rect heating power of the sun’s rays or the actinic 
power of a light source. 

action current A small transient current that 
flows in a nerve in the human body as a result of 
stimulation. 

activate To start an operation, usually by applying 
an appropriate enabling signal. 

activation 1. Supplying electrolyte to a battery cell 
to prepare the cell for operation. 2. Causing the 
acceleration of a chemical reaction. 

activation time In the activation of a battery cell 
(see ACTIVATION, 1), the interval between addi- 
tion of the electrolyte and attainment of full cell 
voltage. 

activator A substance added to an accelerator (see 
ACCELERATOR, 3) to speed the action of the ac- 
celerator. 

active Pertaining to a circuit or device that re- 
quires a power supply for its operation. This dif- 
fers from a passive circuit or device, which 
operates with no external source of power. 

active antenna An antenna that uses a small 
whip, loop, or ferrite loopstick with a high-gain 
amplifier for receiving at very-low, low, medium, 
and high radio frequencies (approximately 9 kHz 
to 30 MHz). 

active area The forward-current-carrying portion 
of the rectifying junction of a metallic rectifier. 

active arm See ACTIVE LEG. 

active balance In telephone repeater operation, the 
sum of return currents at a terminal network bal- 
anced against the local circuit or drop resistance. 

active chord mechanism Abbreviation, ACM. In 
robots, an electromechanical gripper capable of 
conforming to irregular objects. It has a structure 
similar to the human spine, with numerous 
small, rigid links connected by hinges. 
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active communications satellite A satellite con- 
taining receivers (which pick up beamed electro- 
magnetic signals from a ground point and amplify 
them) and transmitters (which send signals back 
to the surface of the earth). Also called active 
comsat. Compare PASSIVE COMMUNICATIONS 
SATELLITE. 

active component 1. A device capable of some dy- 
namic function (such as amplification, oscilla- 
tion, or signal control) that usually requires a 
power supply for its operation. Examples include 
bipolar transistors, field-effect transistors, and 
integrated circuits. Compare PASSIVE COMPO- 
NENT. 2. In an ac circuit, a quantity that con- 
tains no reactance so that the current is in phase 
with the voltage. 

active component of current See ACTIVE CUR- 
RENT. 

active computer A computer in an installation or 
network that is processing data. 

active comsat See ACTIVE COMMUNICATIONS 
SATELLITE. 

active control system A device or circuit that 
compensates for irregularities in the operating 
environment. 

active current [Inan ac circuit, the current compo- 
nent that is in phase with the voltage. This is in 
contrast to reactive current, which is not in phase 
with the voltage, and is “inactive,” with respect to 
power in the circuit. The active current is equal to 
the average power divided by the effective voltage. 

active decoder An automatic ground-station de- 
vice that gives the number or letter designation of 
a received radio beacon reply code. 

active device 1. An electronic component, such as a 
transistor that needs a power supply, and/or that 
is capable of amplifying. 2. Broadly, any device (in- 
cluding electromechanical relays) that can switch 
(or amplify) by application of low-level signals. 

active electric network A network containing one 
or more active devices or components, usually 
amplifiers or generators, in addition to passive 
devices or components. 

active element The driven or RF-excited element 
in a multielement antenna or antenna array. 


Gain 


Boom 


Active 
element 
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active file A computer file in use (i.e., one that is 
being updated or referred to). 

active filter A bandpass, bandstop, highpass or 
lowpass filter, consisting of resistors, capacitors, 
and operational amplifiers, arranged to pass a de- 
sired frequency response. Commonly used at au- 
dio frequencies. 

active infrared detection Detection of infrared 
rays reflected from a target to which they were 
beamed. 

active jamming Transmission or retransmission 
of signals for the purpose of disrupting communi- 
cations. 

active junction A pn junction in a semiconductor 
device that has been created by a diffusion pro- 
cess. 

active leg An element within a transducer that 
changes one or more of its electrical characteris- 
tics in response to the input signal of the trans- 
ducer. Also called active arm. 

active lines In a U.S. television picture, the lines 
(approximately 488) that make up the picture. 
The remaining 37 of the 525 available lines are 
blanked and are called INACTIVE LINES. 

active material 1. In a storage cell, the chemical 
material in the plates that provides the electrical 
action of the cell, as distinguished from the sup- 
porting material of the plates themselves. 2. A ra- 
dioactive substance. 3. The phosphor coating of a 
cathode-ray tube screen. 4. The material used to 
coat an electron-tube cathode. 

active mixer A signal mixer using one or more ac- 
tive components, such as transistors or in- 
tegrated circuits. An active circuit provides 
amplification, input-output isolation, and high 
input impedance, in addition to the mixing ac- 
tion. Compare PASSIVE MIXER. 

active modulator A modulator using one or more 
active components, such as transistors or inte- 
grated circuits. An active circuit provides gain, 
input-output isolation, and high input impe- 
dance, in addition to modulation. Compare PAS- 
SIVE MODULATOR. 

active network See ACTIVE ELECTRIC NET- 
WORK. 

active pressure The electromotive pressure that 
produces a current in an ac circuit. 

active pull-up An arrangement using a transistor 
as a pull-up resistor replacement in an integrated 
circuit, providing low output impedance and low 
power consumption. 

active RC network 1. A resistance-capacitance 
(RC) circuit that contains active components 
(transistors or integrated circuits), as well as pas- 
sive components (capacitors and resistors). 2. An 
RC network in which some or all of the resistors 
and capacitors are simulated by the action of ac- 
tive components. 

active repair time The time during which mainte- 
nance is done on a system and the system is out 
of operation. 


5059F-pA 1-55 


4/9/01 4:41 PM 


Page 13 


Output 


Input 


active RC network 


active satellite See ACTIVE COMMUNICATIONS 
SATELLITE. 

active sensor In an electronic security system, a 
transducer that generates an electromagnetic 
field or acoustic-wave field, and detects changes 
in the field resulting from the presence or move- 
ment of objects in the vicinity. 

active substrate In an integrated circuit, a sub- 
strate consisting of single-crystal semiconductor 
material into which the components are formed; 
it acts as some or all of the components. This is in 
contrast to a substrate consisting of a dielectric, 
where the components are deposited on the sur- 
face. 

active system A radio and/or radar system that 
requires transmitting equipment to be carried in 
a vehicle. 

active tracking system A system in which a 
transponder or responder on board a vehicle re- 
transmits information to tracking equipment 
(e.g., azusa, secor). 

active transducer 1. A transducer that contains 
an active device, such as a transistor or inte- 
grated circuit, for immediate amplification of the 
sensed quantity. 2. A transducer that is itself an 
active device. 

active wire In the armature of a generator, a wire 
experiencing induction and, therefore, is deliver- 
ing voltage. 

activity 1. Intensity of, as well as readiness for, os- 
cillation in a piezoelectric crystal. 2. Radioactive 
intensity. 3. Intensity of thermal agitation. 4. 
Thermionic emission of electrons. 

activity ratio The ratio of active to inactive records 
in a computer file. 

ac transducer A transducer that either requires an 
ac supply voltage or delivers an ac output sig- 
nal—even when operated from a de supply. 

ac transmission The use of an alternating voltage 
to transfer power from one point to another, usu- 
ally from generators to a distribution center, and 
generally over a considerable distance. 

actual ground The ground as “seen” by an an- 
tenna. The actual ground surface is not necessar- 
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ily in the same physical location as the true 
ground surface (i.e., the earth itself). An actual 
ground can be an artificial ground plane, such as 
that provided in some antenna structures. Actual 
ground can also be modified by nearby rooftops, 
buildings, guy wiring, and utility wiring. 

actual height The highest altitude where radio 
wave refraction actually occurs. 

actual power Also called active or AVERAGE 
POWER. Symbol, Pag. In a resistive circuit under 
sine-wave conditions, average power is the prod- 
uct of the rms voltage and the rms current. It is 
also equal to half the product of the maximum 
current and maximum voltage. 

actuating device A device or component that oper- 
ates electrical contacts to affect signal transmis- 
sion. 

actuating system 1. An automatic or manually 
operated system that starts, modifies, or stops an 
operation. 2. A system that supplies energy for 
ACTUATION. 

actuating time Also called actuation time. The 
time interval between generation of a control sig- 
nal, or the mechanical operation of a control de- 
vice, and the resulting ACTUATION. 

actuation 1. The starting, modification, or termi- 
nation of an operation or process. 2. Activation of 
a mechanical or electromechanical switching de- 
vice. 

actuator An electromechanical device that uses 
electromagnetism to produce a longitudinal or ro- 
tary thrust for mechanical work. It is often the 
end (load) device of a servosystem. 

ACU Abbreviation of automatic calling unit. 

ac voltage A voltage, the average value of which is 
zero, that periodically changes its polarity. In one 
cycle, an ac voltage starts at zero, rises to a max- 
imum positive value, returns to zero, rises to a 
maximum negative value, and finally returns to 
zero. The number of such cycles per second is 
termed the ac frequency. 

ac voltmeter See AC METER. 

acyclic machine Also called ACYCLIC GENERA- 
TOR. A dc generator in which voltage induced in 
the active wires of the armature is always of the 
same polarity. 

A/D Abbreviation for ANALOG-TO-DIGITAL. See 
ANALOG-TO-DIGITAL CONVERSION. 

Ada A microcomputer language designed primarily 
for use in multi-computer systems, where each 
small computer communicates with the others, 
providing some of the advantages of a larger com- 
puter. 

Adam A communications code word sometimes 
used for phonetic verbalizing of the letter A. More 
commonly, ALPHA is used. 

adapter 1.A fitting used to change either the ter- 
minal scheme or the size of a jack, plug, or socket 
to that of another. 2. A fitting used to provide a 
transition from one type or style of conductor to 
another (e.g., waveguide to coaxial line). 3. An 
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adapter 


auxiliary system or unit used to extend the oper- 
ation of another system (e.g., a citizens-band 
adapter for a broadcast receiver). 

adaptive communication A method of communi- 
cation that adjusts itself according to the particu- 
lar requirements of a given time. 

adaptive suspension vehicle Abbreviation, ASV. 
A specialized robot that moves on mechanical 
legs, rather than on wheels. It generally has six 
legs and resembles an insect. It is designed to 
move over extremely irregular or rocky terrain, 
and to carry a human passenger. 

adaptivity The ability of a system to respond to its 
environment by changing its performance char- 
acteristics. 

ade Abbreviation of ANALOG-TO-DIGITAL CON- 
VERTER. 

Adcock antenna A directional antenna system 
consisting of two vertical antennas, spaced in 
such a way that the whole array behaves like a 
loop antenna. Its members are connected and po- 
sitioned so that it discriminates against horizon- 
tally polarized waves, and delivers output that is 
proportional to the vector difference of signal volt- 
ages induced in the two vertical arms. 


Adcock antenna 


Adcock direction finder A radio direction-finding 
system based on the directivity of the ADCOCK 
ANTENNA. 

Adcock radio range A radio range system with 
four ADCOCK ANTENNAS situated at the corners 
of a square, and a fifth antenna at the center of 
the square. 

add-and-subtract relay A stepping relay that can 
be switched either uprange (add) or downrange 
(subtract). 


addend In a calculation, any number to be added 
to another. Compare AUGEND. 

addend register In a digital computer, the register 
that stores the addend. 

adder 1. In a digital computer, the device or circuit 
that performs binary addition. A HALF ADDER is 
a two-input circuit that can produce a sum out- 
put and a carry output, but it cannot accommo- 
date a carry signal from another adder. A FULL 
ADDER can accommodate a carry input, as well 
as two binary signals to be added. Also see ANA- 
LOG ADDER. 2. A circuit in a color TV receiver 
that amplifies the receiver primary matrix signal. 

additive 1. The character or characters added to a 
code to encipher it. 2. In a calculation, an item 
that is to be added. 3. An ingredient, usually in a 
small quantity, added to another material to im- 
prove the latter in quality or performance. 

additive color A color formed by combining the 
rays from two or three primary-colored lights 
onto a single neutral surface. For example, by 
projecting a red and a green beam onto a neutral 
screen, a yellow additive color results. 

additive primaries Primary colors that form other 
colors in a mixing of light (see ADDITIVE COLOR), 
but are not themselves formed by mixing other 
additive primaries. For example, red, green, and 
blue are the additive primaries used in color tele- 
vision. Through appropriate mixing, these colors 
can be used to generate an unlimited variety of 
other colors. Compare SUBTRACTIVE PRI- 
MARIES, which form the color spectrum by mix- 
ing pigments rather than lights. In additive 
systems, each superimposed primary color in- 
creases the total light output from the reflecting 
(viewing) surface; in subtractive systems, each su- 
perimposed primary decreases the total reflectiv- 
ity. Thus, equal combination of additive primaries 
produces gray or white, and equal combination of 
subtractive primaries produces gray or black. 

addition record An extra data store created in a 
computer during processing. 

address 1. In computer operations, a usually nu- 
merical expression designating the location of 
material within the memory or the destination of 
such material. 2. The accurately stated location 
of information within a computer; a data point 
within a grid, matrix, or table; a station within a 
network. 3. In computer operations, to select the 
location of stored information. 

address comparator A device that ensures that 
the address being read is correct. 

address computation In digital computer opera- 
tions, the technique of producing or modifying 
only the address part of an instruction. 

address field In a computer, the part of the in- 
struction that gives the address of a bit of data (or 
a word) in the memory. 

address generation The programmed generation 
of numbers or symbols used to retrieve records 
from a randomly stored direct-access file. 
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address indirect An address that specifies a stor- 
age location that contains another address. 

address memory The memory sections in a digital 
computer that contain each individual register. 

address modification In computer operations, 
altering only the address portion of an instruc- 
tion; if the command or instruction routine is 
then repeated, the computer will go to the new 
address. 

address part Ina digital computer instruction, the 
part of an expression that specifies the location. 
Also called ADDRESS FIELD. 

address register Ina computer, a register in which 
an address is stored. 

add/subtract time In a computer, the time re- 
quired to perform addition or subtraction, ex- 
cluding the time required to get the quantities 
from storage and to enter the sum or difference 
into storage. 

add time In computer operations, the time re- 
quired to perform addition, excluding the time re- 
quired to get the quantities from storage and to 
enter the sum into storage. 

a/d converter A device that changes an analog 
quantity into a digital signal. See ANALOG-TO- 
DIGITAL CONVERSION. 

ADF Abbreviation of AUTOMATIC DIRECTION 
FINDER. 

ADI Abbreviation of ALTERNATE DIGIT INVER- 
SION. 

adiabatic damping In an accelerator (see ACCEL- 
ERATOR, 1), reduction of beam size as beam en- 
ergy is increased. 

adiabatic demagnetization A technique using a 
magnetic field to keep a substance at a low tem- 
perature, sometimes within a fraction of a degree 
of absolute zero. 

adjacency A character-recognition condition in 
which the spacing reference lines of two charac- 
ters printed consecutively in line are closer than 
specified. 

adjacent- and alternate-channel selectivity The 
selectivity of a receiver or radio-frequency (RF) 
amplifier, with respect to adjacent-channel and 
alternate-channel signals. That is, the extent to 
which a desired signal is passed, and nearby un- 
wanted signals are rejected. 

adjacent audio channel See ADJACENT SOUND 
CHANNEL. 

adjacent channel The channel (frequency band) 
immediately above or below the channel of in- 
terest. 

adjacent-channel attenuation The reciprocal of 
the selectivity ratio of a radio receiver. The selec- 
tivity ratio is the ratio of the sensitivity of a re- 
ceiver (tuned to a given channel) to its sensitivity 
in an adjacent channel or on a specified number 
of channels removed from the original. 

adjacent-channel interference In television or 
radio reception, the interference from stations 
on adjacent channels. A common form arises 
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adjacent-channel attenuation 


from the picture signal in the next higher chan- 
nel and the sound signal in the next lower 
channel. 

adjacent-channel selectivity The extent to which 
a receiver or tuned circuit can receive on one 
channel and reject signals from the nearest outly- 
ing channels. 

adjacent sound channel In television, the radio- 
frequency (RF) channel containing the sound 
modulation of the next lower channel. 

adjacent video carrier In television, the radio- 
frequency (RF) carrier containing the picture 
modulation of the next higher channel. 

adjustable component Any circuit component 
whose main electrical value can be varied at will 
(e.g., a variable capacitor, inductor, resistor, or 
load). 

adjustable instrument 1. An instrument whose 
sensitivity, range, or response can be varied at 
will (e.g., multirange meter or wideband genera- 
tor). 2. An instrument that requires adjustment 
or manipulation to measure a quantity (e.g., 
bridge, potentiometer, or attenuator). 

adjustable motor tuning An arrangement that al- 
lows the motor tuning of a receiver to be confined 
to a portion of the frequency spectrum. 

adjustable resistor A wirewound resistor in which 
the resistance wire is partially exposed to allow 
varying the component’s value. 

adjustable voltage divider A wirewound resistor 
with terminals that slide on exposed resistance 
wire to produce various voltage values. 

adjusted circuit A circuit in which leads that are 
normally connected to a circuit breaker are 
shunted so that current can be measured under 
short-circuit conditions without breaker trip- 
ping. 

adjusted decibels Noise level (in decibels) above a 
reference noise level (designated arbitrarily as 
zero decibels) measured at any point in a system 
with a noise meter that has previously been ad- 
justed for zero (at reference), according to specifi- 
cations. 
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admittance Symbol, Y. Unit, siemens (formerly 
mho). The property denoting the comparative 
ease with which an alternating current flows 
through a circuit or device. Admittance is the re- 
ciprocal of impedance (Z): Y = 1/Z. 

adp 1. Abbreviation of AMMONIUM DIHYDROGEN 
PHOSPHATE, a piezoelectric compound used for 
sonar crystals. 2. Abbreviation of AUTOMATIC 
DATA PROCESSING. 

adsorption Adhesion of a thin layer of molecules of 
one substance to the surface of another without 
absorption. An example is adsorption of water to 
the surface of a dielectric. This term is often con- 
fused with ABSORPTION because the spellings of 
the two words are almost identical. Compare AB- 
SORPTION. 

adu Abbreviation of automatic dialing unit. 

advanced-class license An amateur-radio license 
conveying all operating privileges, except for a few 
small bands that are allocated to extra-class li- 
censees. The second-highest class of amateur li- 
cense. 

advance information Data published prior to the 
actual production or availability of a manufac- 
tured component, circuit, or system. Advance in- 
formation is often only an approximate reflection 
of the expected characteristics of a device. 

advance wire A resistance wire used in thermo- 
couples and precision applications. It is an alloy of 
copper and nickel, which has high resistivity and 
a negligible temperature coefficient of resistance. 

aeolight A glow lamp using a cold cathode and a 
mixture of inert gases. Because its illumination 
can be regulated with an applied signal voltage, it 
is sometimes used as a modulation indicator for 
motion-picture sound recording. 

aerial See ANTENNA. 

aerial cable A wire or cable run through the air, us- 
ing support structures, such as towers or poles. 

aerodiscone antenna A miniature discone an- 
tenna designed for use on aircraft. 

aerodynamics The science dealing with forces ex- 
erted by air and other gases in motion—especially 
upon bodies (such as aircraft) moving through 
these gases. 

aerogram See RADIOGRAM. 

aeromagnetic Pertaining to terrestrial magnetism, 
as surveyed from a flying aircraft. 

aeronautical advisory station A civil defense and 
advisory communications station in service for 
the use of private aircraft stations. 

aeronautical broadcasting service The special 
service that broadcasts information regarding air 
navigation and meteorological data pertinent to 
aircraft operation. 

aeronautical broadcast station A station of the 
aeronautical broadcasting service. 

aeronautical fixed service A fixed radio service 
that transmits information regarding air naviga- 
tion and flight safety. 


aeronautical fixed service station A station that 
operates in the aeronautical fixed service. 

aeronautical ground station A land station that 
provides communication between aircraft and 
ground stations. 

aeronautical marker-beacon signal A distinctive 
signal that designates a small area above a beacon 
transmitting station for aircraft navigation. 

aeronautical marker-beacon station A land sta- 
tion that transmits an aeronautical marker- 
beacon signal. 

aeronautical mobile service A radio service con- 
sisting of communications between aircraft, and 
between aircraft and ground stations. 

aeronautical radio-beacon station An aeronauti- 
cal radio-navigation land station that transmits 
signals used by aircraft and other vehicles to de- 
termine their position. 

aeronautical radionavigation services Services 
provided by stations transmitting signals used in 
the navigation of aircraft. 

aeronautical radio service A service that encom- 
passes aircraft-to-aircraft, aircraft-to-ground, 
and ground-to-aircraft communications impor- 
tant to the operation of aircraft. 

aeronautical station A station on land, and occa- 
sionally aboard ship, operating in the aeronauti- 
cal mobile service. 

Aeronautical Telecommunication Agency The 
agency that administers the operation of stations 
in the aeronautical radio service. 

aeronautical telecommunications Collectively, 
all of the electronic and nonelectronic communi- 
cations used in the aeronautical service. 

aeronautical utility land station A ground sta- 
tion in an airport control tower that provides 
communications having to do with the control of 
aircraft and other vehicles on the ground. 

aeronautical utility mobile station At an airport, 
a mobile station that communicates with aero- 
nautical utility land stations and with aircraft 
and other vehicles on the ground. 

aerophare See RADIO BEACON. 

aerospace 1. The region encompassing the earth’s 
atmosphere and extraterrestrial space. 2. Per- 
taining to transport and travel in the earth’s at- 
mosphere and in outer space. This includes 
aircraft, orbiting space vessels, and interplane- 
tary spacecraft. 

AES Abbreviation for Audio Engineering Society. 

AEW Abbreviation of airborne (or aircraft) early 
warning. 

aF Abbreviation of ATTOFARAD. 

AF Abbreviation of AUDIO FREQUENCY. 

AFC 1. Abbreviation of AUTOMATIC FREQUENCY 
CONTROL. 2. Abbreviation of AUDIO-FRE- 
QUENCY CHOKE. 

affirmative In voice communications, a word often 
used for “yes”—especially when interference is 
present or signals are weak. 
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AFIPS Acronym for American Federation of Infor- 
mation Processing Societies. 

afpc Abbreviation of automatic frequency /phase 
control. 

AFSK Abbreviation of AUDIO-FREQUENCY-SHIFT 
KEYING. 

afterglow The tendency of the phosphor of a cath- 
ode-ray-tube screen to glow for a certain time af- 
ter the cathode-ray beam has passed. Also see 
PERSISTENCE. 

afterpulse An extraneous pulse in a multiplier 
phototube (photomultiplier), induced by a pre- 
ceding pulse. 

AF transformer See AUDIO-FREQUENCY TRANS- 
FORMER. 

a/g Abbreviation of AIR-TO-GROUND. 


AGC Abbreviation of AUTOMATIC GAIN CONTROL. 
AGE Abbreviation of AEROSPACE GROUND 
EQUIPMENT. 


agent An active force, condition, mechanism, or 
substance that produces or sustains an effect. 
Thus, a sudden voltage rise is a triggering agent 
in certain bistable circuits; arsenic is a doping 
agent in semiconductor processing; the slow cool- 
ing of a heated metal to improve ductility is an 
ANNEALING AGENT. 

aging 1. An initial run of a component or circuit 
over a certain period of time shortly after manu- 
facture to stabilize its characteristics and per- 
formance. 2. The changing of electrical 
characteristics or of chemical properties over a 
protracted period of time. 

agonic line An imaginary line connecting points on 
the earth’s surface at which a magnetic needle 
shows zero declination (i.e., points to true geo- 
graphic north). 

AGREE Acronym for Advisory Group on Reliability 
of Electronics Equipment. 

Ah Abbreviation of AMPERE-HOUR. Depending on 
the standard used, the abbreviation can be amp- 
hr, a-h, a-hr, or A-h. 

aH Abbreviation of ATTOHENRY. 

aided tracking In radar and fire control, a system 
in which manual correction of target tracking er- 
ror automatically corrects the rate of movement 
of the tracking mechanism. 

AIEE Abbreviation for American Institute of Electri- 
cal Engineers, now consolidated with the IRE, 
forming the IEEE. 

AIP Abbreviation for American Institute of Physics. 

air The mixture of gases that constitutes the 
earth's atmosphere and figures prominently in 
the manufacture and operation of numerous 
electronic devices. By volume, air contains about 
21 percent oxygen, 78 percent nitrogen, and 
lesser amounts of argon, carbon dioxide, helium, 
hydrogen, krypton, neon, and xenon. It also con- 
tains varying amounts of water vapor, and in 
smoggy areas, carbon monoxide and the oxides of 
sulfur and nitrogen. 
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airborne intercept radar A type of short-range 
radar used aboard fighter and interceptor aircraft 
for tracking their targets. 

airborne long-range input Equipment aboard air- 
craft, for the purpose of facilitating the use of 
long-range missiles. 

airborne noise See ACOUSTIC NOISE. 

airborne radar platform Surveillance and alti- 
tude-finding radar used aboard aircraft. 

air capacitor A capacitor in which air is the dielec- 
tric between two sets of conductive plates. Also 
called air-dielectric capacitor. 

aircarrier aircraft station On an aircraft, a radio 
station that is involved in carrying people for hire 
or in transporting cargo. 

air cell A primary electrochemical cell in which the 
positive electrode is depolarized by reduced oxy- 
gen in the air. 

air cleaner See DUST PRECIPITATOR. 

air column The open space inside an acoustic 
chamber, pipe, or horn. 

air-cooled component A component, such as a 
power transistor, that is cooled by circulating air, 
compared with one cooled by a circulating liquid, 
such as water or oil. 

air-cooled transistor A transistor (particularly a 
power transistor) from which the heat of opera- 
tion is drawn away, through radiation and con- 
vection, into the surrounding air. The transistor 
is usually mounted on a heatsink or fitted with 
fins. 

air-cooled tube An electron tube from which heat 
is drawn away, mainly via convection, into the 
surrounding air. A device called a chimney can be 
placed around the tube, through which air is 
blown by a fan. Cool air enters through the bot- 
tom of the assembly, and hot air escapes from the 
top. 

air-core inductor A coil of wire wound around a 
hollow cylindrical form or in a loop, designed to 
introduce inductive reactance into a circuit or 
system. In practice, the maximum attainable in- 
ductance is approximately 1 mH. This type of in- 
ductor is used in some wireless transmitters, 
receivers, and antenna networks. The component 
can be designed for high current-carrying capac- 
ity by using heavy-gauge wire and a large winding 
radius. The magnetic lines of flux extend consid- 
erably beyond the interior of the coil, especially 
along the winding axis. This increases the likeli- 
hood of mutual inductance between the coil and 
surrounding electrical components, devices, or 
circuits. 

air-core transformer A transformer without a fer- 
romagnetic core, so called because air is the only 
material at the center of (and immediately sur- 
rounding) the transformer coils. 

aircraft bonding The practice of solidly connect- 
ing, for electrical purposes, the metal parts of an 
aircraft, including the engine. 
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aircraft flutter Rapid, repetitive fading and inten- 
sifying of a received radio or television signal, re- 
sulting from reflections of the signal by passing 
aircraft. 

aircraft station A nonautomatic radio communi- 
cations station installed on an aircraft. 

air-dielectric coax A special type of COAXIAL CA- 
BLE designed to have minimum loss. The space 
between inner and outer conductors is mostly 
empty (i.e., air-filled). Some such cables are 
sealed and filled with an inert gas. The inner con- 
ductor is held away from the inner wall of the 
outer conductor by beads, washers, or a spiral- 
wound filament of high-grade dielectric material, 
such as polyethylene. 


Spacer 


Outer conductor 


Inner conductor 


air-dielectric coax 


air environment Pertaining to communications 
equipment aboard aircraft. 

airflow The path or movement of air in, through, or 
around an electronic device or piece of equip- 
ment—especially pertaining to an AIR-COOLED 
COMPONENT. 

air gap 1. A narrow space between two parts of a 
magnetic circuit (e.g., the gap in the core of a fil- 
ter choke). Often, this gap is filled with a non- 
magnetic material, such as plastic, for 
mechanical support. 2. The space between two or 
more magnetically coupled or electrostatically 
coupled components. 3. A device that gets its 
name from the narrow gap between two small 
metal balls, needle points, or blunt rod tips 
therein. When an applied voltage is sufficiently 
high, a spark discharges across the gap. 

air/ground control radio station A station for 
aeronautical telecommunications related to the 
operation and control of local aircraft. 

air-insulated line 1. An open-wire feeder or trans- 
mission line. Typically, the line consists of two 
parallel wires held apart by separators (bars or 
rods of high-grade dielectric material) situated at 
wide intervals. 2. AIR-DIELECTRIC COAX. 

air-moving device A mechanical device, such as a 
specially designed fan or blower, used to facilitate 
air cooling of electronic components. 


Wires 


Spacers 


tet 
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airport beacon A radio or light beacon that marks 
the location of an airport. 

airport control station A station that provides 
communications between an airport control 
tower and aircraft in the vicinity. 

airport surveillance radar An air-traffic-control 
radar that scans the airspace within about 60 
miles (approximately 100 kilometers) of an air- 
port, and displays in the control tower the loca- 
tion of all aircraft below a certain altitude and all 
obstructions in the vicinity. 

air-position indicator An airborne computer sys- 
tem that, using airspeed, aircraft heading, and 
elapsed time, furnishes a continuous indication 
of the position of the aircraft. The indication is 


affected by high-altitude winds. Compare 
GROUND-POSITION INDICATOR. 
air-to-air communication Radio transmission 


from one aircraft to another in flight. Com- 
pare AIR-TO-GROUND COMMUNICATION and 
GROUND-TO-AIR COMMUNICATION. 

air-to-ground communication Radio transmis- 
sion from an aircraft in flight to a station located 
on the ground. Compare AIR-TO-AIR COMMUNI- 
CATION and GROUND-TO-AIR COMMUNICA- 
TION. 

air-to-ground radio frequency The carrier fre- 
quency, or band of such frequencies, allocated for 
transmissions from an aircraft to a ground sta- 
tion. 

airwaves 1. Radio waves. The term is slang, but is 
widely used. It probably came from the public’s 


5059F-pA 1-55 


4/9/01 4:41 PM Page 19 


mistaken notion that radio signals are propa- 
gated by the air. 2. Skywaves. 

Al Symbol for ALUMINUM. 

alabamine See ASTATINE. 

alacratized switch A mercury switch in which the 
tendency of the mercury to stick to the parts has 
been reduced. 

alarm 1. An electronic security system. 2. A silent 
and/or audible alert signal transmitted by an 
electronic security system when an intrusion oc- 
curs. 3. A silent and/or audible signal that in- 
forms personnel of the occurrence of an 
equipment malfunction. 

alarm circuit A circuit that alerts personnel to a 
system malfunction, a detected condition, or an 
intruder. 

alarm condition 1. An intrusion or equipment 
malfunction that triggers an alarm circuit. 2. The 
operation of an alarm circuit that occurs in re- 
sponse to an intrusion or equipment malfunc- 
tion. 

alarm hold A device that keeps an alarm sounding 
once it has been actuated. 

alarm output The signal sent from an alarm cir- 
cuit to a siren, buzzer, computer, or other exter- 
nal device to alert personnel to an ALARM 
CONDITION. 

alarm relay A relay that is actuated by an alarm 
device. 

A-law A form of companding law frequently used in 
European electronics (the mu-law is more often 
used in North America). A nonlinear transfer 
characteristic in companding circuits. It can be 
continuous, or can be a piecewise linear approxi- 
mation of a continuous function. 

A-law companded Companding by means of an 8- 
bit binary code following the A-LAW, a specific 
companding function. 

albedo For an unpolished surface, the ratio of re- 
flected light to incident light. It can vary from 0.0 
to 1.0, or from O to 100 percent. 

albedograph An instrument for measuring the 
albedo of planets. 

ALC Abbreviation of AUTOMATIC LEVEL CON- 
TROL. 

alerting device An audible alarm that includes a 
self-contained solid-state audio oscillator. Pow- 
ered from the ac line or a battery, the device pro- 
duces a raucous noise when actuated. 

Alexanderson antenna A very-low-frequency 
(VLF) and low-frequency (LF) vertically polarized 
antenna, designed to minimize ground losses in 
structures of manageable height. It usually con- 
sists of several wires, each quarter-wave reso- 
nant with a loading coil, and all connected 
together at the apex of a tower. The antenna is 
fed between the ground and the base of one of 
the wires. 

Alford antenna A loop antenna, in a square config- 
uration, with the corners bent toward the center 
to lower the impedance at the current nodes. 
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algebraic adder In computer operations, an adder 
that provides the algebraic sum, rather than the 
arithmetic sum, of the entered quantities. 

algebraic operation A form of electronic calculator 
operation, in which the keystrokes proceed in an 
intuitive sequence, following the way in which the 
calculation is written down. Compare REVERSE 
POLISH NOTATION. 

algebraic sum The sum of two or more quantities 
with consideration of their signs. Compare 
ARITHMETIC SUM. 

algorithm A step-by-step procedure for solving a 
problem, (e.g., the procedure for finding the 
square root of a number). It can be expressed in a 
line-by-line instruction set or as a flowchart. 

algorithmic language A computer language used 
to describe a numeral or algebraic process. 

alias A label that is an alternate term for items of 
the same type; a label and several aliases can 
identify the same data element in a computer 
program. 

aliasing 1. In analog-to-digital (A/D) conversion, a 
false output signal that results from a sampling 
rate that is too slow. Ideally, the sampling rate is at 
least twice the highest input signal frequency. 2. 
Sawtooth-like irregularities, also called jaggies, 
which are sometimes introduced into a bit-mapped 
computer image when it is changed in size. 

aliasing noise A form of signal distortion caused 
by a signal with an excessive bandwidth. 
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align 1. To adjust (i.e., to preset) the circuits of an 
electronic system, such as a receiver, transmit- 
ter, or test instrument, for predetermined re- 
sponse. 2. To arrange elements in a certain 
precise orientation and spacing, relative to each 
other, as in a Yagi antenna. 3. To orient antennas 
so that they are in line of sight, with respect to 
each other. 

alignment The process of ensuring that equip- 
ment, components, or systems are adjusted, both 
physically and electronically, for the most effi- 
cient possible performance. 

alignment chart A line chart for the simple solu- 
tion of electronic problems. It is so called because 
its use involves aligning numerical values on var- 
ious scales, the lines intersecting at the solution 
on another scale. Also called nomograph. 

alignment pin A pin or protruding key, usually in 
the base of a removable or plug-in component, to 
ensure that the latter will be inserted correctly 
into a circuit. Often, the pin mates with a keyway, 
notch, or slot. 

alignment tool A specialized screwdriver or 
wrench (usually nonmagnetic) used to adjust 
padder or trimmer capacitors or inductor cores. 

alive See LIVE. 

alkali See BASE, 2. 

alkali metals Metals whose hydroxides are bases 
(alkalis). The group includes cesium, francium, 
lithium, potassium, rubidium, and sodium. 

alkaline battery 1. A battery composed of alkaline 
cells and characterized by a relatively flat dis- 
charge curve under load. 

alkaline cell A common non-rechargeable electro- 
chemical cell that employs granular zinc for 
the negative electrode, potassium hydroxide as 
the electrolyte, and a device called a polarizer as 
the positive electrode. Produces approximately 
1.5 volts under no-load conditions. The geometry 
of construction is similar to that of the zinc- 
carbon cell, but it can deliver current effectively 
at lower temperatures. Cells of this type have 
shelf lives longer than zinc-carbon cells; they also 
have greater energy-storage capacity per unit 
volume, but they are more expensive than zinc- 
carbon cells. They are used in calculators, tran- 
sistor radios, and cassette tape and compact-disc 
players. Compare ZINC-CARBON CELL. 

alkaline-earth metals The elemental metals bar- 
ium, calcium, strontium, and sometimes beryl- 
lium, magnesium, and radium, some of which are 
used in vacuum tubes. 

alkaline earths Substances that are oxides of the 
alkaline-earth metals. Some of these materials 
are used in vacuum tubes. 

all-diffused A type of INTEGRATED CIRCUIT in 
which both active and passive elements have 
been fabricated by diffusion and related pro- 
cesses. 

Allen screw A screw fitted with a six-sided (hexag- 
onal) hole. 


Allen wrench A tool used to tighten or loosen an 
Allen screw. It is a hexagonal rod and is available 
in various sizes. 


© 


Allen screw and wrench 


alligator clip A spring-loaded clip with jagged 
teeth, designed to be used for temporary electri- 
cal connections. 

allocate 1. To assign (especially through legisla- 
tion) operating frequencies or other facilities or 
conditions needed for scientific or technical activ- 
ity; see, for example, ALLOCATION OF FRE- 
QUENCIES. 2. In computer practice, to assign 
locations in the memory or registers for routines 
and subroutines. 

allocated channel A frequency channel assigned 
to an individual or group. 

allocated-use circuit 1. A circuit in which one or 
more channels have been authorized for the ex- 
clusive use of one or more services. 2. A commu- 
nications link assigned to users needing it. 

allocation of frequencies See RADIO SPECTRUM. 

allocator A telephone system distributor associ- 
ated with the finder control group relay assembly. 
It reserves an inactive line-finder for another call. 

allophone A variation in the sound of a phoneme, 
depending on what comes before and/or after the 
phoneme in the course of speech. Important in 
speech recognition and synthesis. There are 128 
different phoneme variations in the English lan- 
guage. See PHONEME. 

alloter relay A telephone system line-finder relay 
that reserves an inactive line-finder for the next 
incoming call from the line. 

allotropic Pertaining to a substance existing in 
two forms. 

alloy A metal that is a mixture of several other met- 
als (e.g., brass from copper and zinc), or of a 
metal and a nonmetal. 

alloy deposition In semiconductor manufacture, 
depositing an alloy on a substrate. 

alloy-diffused transistor A transistor in which the 
base is diffused and the emitter is alloyed. The 
collector is provided by the semiconductor sub- 
strate into which alloying and diffusion are 
affected. Compare ALLOY TRANSISTOR and 
DIFFUSE TRANSISTOR. 

alloy diode A junction-type semiconductor diode 
in which a suitable substance (such as p-type) is 
alloyed into a chip of the opposite type (such as 
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n-type) to form the junction. Also called alloy- 
junction diode. 

alloy junction In a semiconductor device, a posi- 
tive/negative (pn) junction formed by alloying a 
suitable material (such as indium) with the semi- 
conductor (silicon or germanium). 

alloy transistor A transistor whose junctions are 
created by alloying. Also see ALLOY JUNCTION. 


» Collector 


Base contact 


Emitter 
alloy transistor 


all-pass filter Also called all-pass network. A filter 
that (ideally) introduces a desired phase shift or 
time delay, but has zero attenuation at all fre- 
quencies. 

all-relay central office In telephone service, an 
automatic central-office switchboard that uses 
relay circuits to make line interconnections. 

all-wave Pertaining to a wide operating-frequency 
range. Few systems are literally all-wave. For ex- 
ample, a so-called “all-wave radio receiver” might 
cover 500 kHz to 30 MHz only. 

all-wave antenna An antenna that can be operated 
over a wide frequency range with reasonable effi- 
ciency and preferably without needing readjust- 
ment. Examples are the DISCONE ANTENNA and 
the LOG-PERIODIC ANTENNA. 

all-wave generator A signal generator that will 
supply output over a wide range of frequencies. 

all-wave receiver A radio receiver that can be 
tuned over a very wide range of frequencies, such 
as 10 kHz to 70 MHz. 

allyl plastics Plastics, sometimes used as dielectrics 
or for other purposes in electronics, based on 
resins made by polymerization of monomers (such 
as diallyl phthalate) that contain allyl groups. 

alnico Coined from the words aluminum, nickel, 
and cobalt. An alloy used in strong permanent 
magnets, it contains the constituents noted plus 
(sometimes) copper or titanium. 

alpha 1. Symbol, a. The current gain of a common- 
base-connected bipolar transistor. It is the ratio of 
the differential of collector current to the differen- 
tial of emitter current; a = dI¢/dIg. For a junction 
transistor, alpha is always less than unity, but 
very close to it. 2. In voice communications, the 
phonetic representation of the letter A. 

alphabet The set of all characters in a natural lan- 
guage. 

alphabetic coding In computer practice, an abbre- 
viation system for coding information to be fed 
into the computer. The coding contains letters, 
words, and numbers. 


alphabetic-numeric Also called alphabetical- 
numerical and alphanumeric. In computer opera- 
tions, pertaining to letters of the alphabet and 
special characters, and to numerical digits. 

alpha cutoff frequency Also called alpha cutoff. In 
a bipolar transistor circuit, the frequency at 
which the alpha (current gain) becomes 0.707 
(70.7 percent) of its value at 1 kHz. A bipolar 
transistor can have considerable gain at its alpha 
cutoff. This specification denotes how rapidly a 
transistor loses gain as the frequency increases, 
an important consideration in the design of radio- 
frequency (RF) amplifiers. See ALPHA. Compare 
GAIN BANDWIDTH PRODUCT. 

alpha decay The decay of a substance in which the 
nuclei of the atoms emit alpha particles, resulting 
in a change of the atomic number and atomic 
weight of the substance over a period of time. 

alphanumeric See ALPHABETIC-NUMERIC. 

alphanumeric code In computer operations or in 
communications, a code composed of, or using, 
both letters and numbers. 

alphanumeric readout A type of digital readout 
that displays both letters and numerals. 

alpha particle A nuclear particle bearing a positive 
charge. Consisting of two protons and two neu- 
trons, it is given off by certain radioactive sub- 
stances. Compare BETA RAYS and GAMMA RAYS. 

alpha system An alphabetic code-signaling sys- 
tem. 

alphatron An ionizing device in which the radia- 
tion source is an emitter of alpha particles. 

alteration An inclusive-OR operation. 

alternate channel In communications, a channel 
situated two channels higher or lower than a 
given channel. Compare ADJACENT CHANNEL. 

alternate-channel interference Interference 
caused by a transmitter operating in the chan- 
nel beyond an adjacent channel. Compare 
ADJACENT-CHANNEL INTERFERENCE. 

alternate digit inversion In multiplex equipment, 
a method of switching the binary signals to the 
opposite state, in accordance with A-law com- 
panding. 

alternate frequency A frequency allocated as an 
alternative to a main assigned frequency and 
used under certain specified conditions. 

alternate-mark inversion signal A signal that 
conveys bits in which the successive signals are 
of opposite polarity (positive, then negative, then 
positive, etc.). They are equal in absolute value 
amplitude. 

alternate mode The technique of displaying sev- 
eral signals on an oscilloscope screen by rapidly 
switching the signals in sequence at the end of 
each sweep. 

alternate routing A secondary, or backup, com- 
munications path, used when primary (normal) 
routing is impossible. 

alternating-charge characteristic In a nonlinear 
capacitor, the relationship between the instanta- 
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neous charge and the instantaneous value of an 
alternating voltage. 

alternating current Abbreviation, ac. A current that 
periodically reverses its direction of flow. In one cy- 
cle, an alternation starts at zero, rises to a maxi- 
mum positive level, returns to zero, rises to a 
maximum negative level, and again returns to zero. 
The number of such cycles completed per second is 
termed the ac frequency. Also see CURRENT. 

alternating-current continuous wave An ampli- 
tude-modulated signal resulting from the opera- 
tion of an oscillator or RF amplifier with raw ac 
voltage. 

alternating current/direct current See AC/DC. 

alternating-current erasing head See AC ERAS- 
ING HEAD. 

alternating-current pulse A short-duration ac 
wave. 

alternating-current transmission 1. The propa- 
gation of alternating currents along a length of 
conductor—especially for power-transfer pur- 
poses. 2. A means of picture transmission in 
which a given signal strength produces a con- 
stant value of brightness for a very short time. 

alternating voltage Also called alternating-current 
voltage. See AC VOLTAGE. 

alternation In ac practice, a half cycle. In a complete 
cycle, there are two alternations, one in the positive 
direction and one in the negative direction. 


Positive alternation 


Time 


/ 
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alternative denial A NOT-AND operation. 

alternator Any mechanically driven machine for 
generating ac power. Sometimes specifically one 
having a permanent-magnet rotor, such as a 
magneto. 

altimeter station An airborne transmitter whose 
signals are used to determine the altitude of air- 
craft. 

altitude 1. The vertical distance of an object above 
sea level. 2. The vertical distance of an object 


above the earth’s surface. 3. The angle, measured 
in degrees, with respect to the horizon, at which a 
highly directional antenna is pointed. 

altitude delay In a plan-position-indicating type of 
radar, the sync delay introduced between trans- 
mission of the pulse and start of the trace on the 
indicator screen to eliminate the altitude circle in 
the display. 

ALU Abbreviation of ARITHMETIC AND LOGIC 
UNIT. 

alumel An alloy used in the construction of one 
type of THERMOCOUPLE. It is composed of 
nickel (three parts) and aluminum (one part). 

alumina An aluminum-oxide ceramic used in elec- 
tron tube insulators and as a substrate in the 
fabrication of thin-film circuits. 

aluminum Symbol, Al. An elemental metal. Atomic 
number, 13. Atomic weight, 26.98. Aluminum is 
widely used in electronics, familiar instances be- 
ing chassis, wire, shields, semiconductor doping, 
and electrolytic-capacitor plates. 

aluminum antimonide Formula, AlSb. A crystalline 
compound useful as a semiconductor dopant. 

aluminized screen A television  picture-tube 
screen with a thin layer of aluminum deposited 
on its back to brighten the image and reduce ion- 
spot formation. 

Am Symbol for AMERICIUM. 

A/m Abbreviation of ampere per meter: the SI unit 
of magnetic field strength. 

AM 1. Abbreviation of amplitude modulator. 2. Ab- 
breviation of AMPLITUDE MODULATION. 

amalgam An alloy of a metal and mercury. Loosely, 
any combination of metals. 

amateur 1. A nonprofessional, usually noncom- 
mercial devotee of any technology (i.e., a hobby- 
ist). 2. A licensed radio operator legally 
authorized to operate a station in the AMATEUR 
SERVICE. 

amateur band Any band of radio frequencies as- 
signed for noncommercial use by licensed radio 
amateurs (see AMATEUR, 2). In the United 
States, numerous such bands are above 1.8 MHz 
(160 meters). Also see AMATEUR SERVICE and 
AMATEUR STATION. 

amateur call letters Call letters assigned by a gov- 
ernment licensing authority—especially to ama- 
teur stations. Call-letter combinations consist of 
a letter prefix denoting the country in which the 
station is situated, plus a number designating 
the location within the country, and two or more 
letters identifying the particular station. For ex- 
ample: W6ABC: W (or K) = United States, 6 = Cal- 
ifornia, and ABC = identification of individual 
licensee (issued alphabetically, except under spe- 
cial circumstances). 

amateur callsign See AMATEUR CALL LETTERS. 

amateur extra-class license The highest class of 
amateur-radio operator license in the United 
States. It conveys all operating privileges. 
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amateur radio 1. A general term, referring to the 
practice of operation, experimentation, and other 
work in and related to the amateur service. 2. The 
hardware that comprises an amateur radio sta- 
tion. 3. A radio receiver, transmitter, or transceiver 
that is specifically designed for operation in the 
amateur bands. 

amateur radio operator Also called radio ham or 
ham radio operator. An individual licensed to 
transmit radio signals in the amateur service. 

amateur service A two-way radio service, existing 
purely for hobby purposes (i.e., without pecu- 
niary interest). 

amateur station A radio station licensed in the 
AMATEUR SERVICE. 

amauroscope An electronic aid to the blind, in 
which photocells in a pair of goggles receive light 
images. Electric pulses proportional to the light 
are impressed upon the visual receptors of the 
brain through electrodes in contact with nerves 
above each eye. 

amber A yellow or brown fossil resin that is histor- 
ically important in electronics. It is the first mate- 
rial reported to be capable of electrification by 
rubbing (Thales, 600 BC). Also, the words elec- 
tricity, electron, and electronics are derived from 
the Greek name for amber, elektron. 

ambience The acoustic characteristic of a room, in 
terms of the total amount of sound reaching a lis- 
tener from all directions. 

ambient An adjective meaning “surrounding.” Often 
used as a noun in place of the adjective-noun com- 
bination (thus, “10 degrees above ambient,” in- 
stead of “10 degrees above ambient temperature’). 

ambient humidity The amount of moisture in the 
air at the time of measurement or operations in 
which dampness must be accounted for. 

ambient level The amplitude of all interference 
(acoustic noise, electrical noise, illumination, 
etc.) emitted from sources other than that of a 
signal of interest. 

ambient light Also called ambient illumination. 
Room light or outdoor light incident to a location 
at the time of measurement or operations. 

ambient-light filter In a television receiver, a filter 
mounted in front of a picture-tube screen to min- 
imize the amount of ambient light reaching the 
screen. 

ambient noise 1. In electrical measurements and 
operation, background electrical noise. 2. In 
acoustical measurements and operations, audi- 
ble background noise. 

ambient pressure Surrounding atmospheric pres- 
sure. 

ambient temperature The temperature surround- 
ing apparatus and equipment (e.g., room temper- 
ature). 

ambient-temperature range 1. The range over 
which ambient temperature varies at a given lo- 
cation. 2. The range of ambient temperature that 
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will cause no malfunction of, or damage to, a cir- 
cuit or device. 

ambiguity 1. Any unclear, illogical, or incorrect in- 
dication or result. 2. The seeking of a false null by 
a servo. 3. In digital computer operations, an er- 
ror resulting from improper design of logic. 

ambiguous count In digital counters, a clearly in- 
correct count. See ACCIDENTAL TRIGGERING. 

ambisonic reproduction A close approximation of 
the actual directional characteristics of a sound in 
a given environment. The reproduced sound al- 
most exactly duplicates the sound in the actual 
environment in which it was recorded. 

American Morse code (Samuel F. B. Morse, 1791- 
1872). Also called Railroad Morse. A telegraph 
code, at one time used on wire telegraph lines in 
the United States. It differs from the Continental 
code, also called the International Morse Code, 
which is used in radiotelegraphy. Compare CON- 
TINENTAL CODE. 

American National Standards Institute Ac- 
ronym, ANSI. An industrial group in the United 
States that encourages companies to manufac- 
ture devices and equipment in accordance with 
certain standards. The objective is to minimize 
hardware incompatibility problems. 

American Radio Relay League A worldwide orga- 
nization of amateur radio operators, headquar- 
tered in Newington, Connecticut. The official 
publications are the monthly magazines, QST 
and QEX. They also publish numerous books and 
other educational materials. 

American Standards Association Abbreviation, 
ASA. At one time, the name of the national associ- 
ation in the U.S. devoted to the formation and dis- 
semination of voluntary standards of dimensions, 
performance, terminology, etc. See ANSI. 

American wire gauge Abbreviation, AWG. Also 
called Brown and Sharpe gauge or B & S gauge. 
The standard American method of designating 
wire sizes. Wire is listed according to gauge num- 
ber from 0000 (460 mils diameter) to 40 (3.145 
mils diameter). 

americium Symbol, Am. A radioactive elemental 
metal first produced artificially in the 1940s. 
Atomic number, 95. Atomic weight, 243. 

AM/FM receiver A radio set that can receive either 
amplitude-modulated or frequency-modulated 
signals. Usually, a band switch incorporates the 
demodulation-selection circuitry so that as the 
frequency range is changed, the appropriate de- 
tector is accessed. 

AM/FM transmitter A radio transmitter whose 
output signal can be frequency- or amplitude- 
modulated by a panel selector switch. 

AM/FM tuner A compact radio receiver unit that 
can handle either amplitude- or frequency- 
modulated signals, and delivers low-amplitude 
output to a high-fidelity audio power amplifier. 
Compare AM TUNER and FM TUNER. 
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Character Symbol Character Symbol 
A = U Z 
B — V = 
C W AA 
D - X = 
E Y 
F = Z 
G ae 1 ae 
H 2 = 
I 3 EA 
J E 4 _ 
K to 5 ae aa 
L — E AAA 
M ae 7 == 
N = 8 2. 
O 9 e 
Pe OA 0 2 
Q is period esr 
R comma bh te 
S question EA 
T — mark 


American Morse Code 


American Wire Gauge (AWG) Diameters 


AWG Millimeters Inches AWG Millimeters Inches 
1 7.35 0.289 21 0.723 0.0285 
2 6.54 0.257 22 0.644 0.0254 
3 5.83 0.230 23 0.573 0.0226 
4 5.19 0.204 24 0.511 0.0201 
5 4.62 0.182 25 0.455 0.0179 
6 4.12 0.163 26 0.405 0.0159 
7 3.67 0.144 27 0.361 0.0142 
8 3.26 0.128 28 0.321 0.0126 
9 2.91 0.115 29 0.286 0.0113 

10 2.59 0.102 30 0.255 0.0100 

11 2.31 0.0909 31 0.227 0.00894 

12 2.05 0.0807 32 0.202 0.00795 

13 1.83 0.0720 33 0.180 0.00709 

14 1.63 0.0642 34 0.160 0.00630 

15 1.45 0.0571 35 0.143 0.00563 

16 1.29 0.0508 36 0.127 0.00500 

17 1.15 0.0453 37 0.113 0.00445 

18 1.02 0.0402 38 0.101 0.00398 

19 0.912 0.0359 39 0.090 0.00354 

20 0.812 0.0320 40 0.080 0.00315 


AMI See ALTERNATE-MARK INVERSION SIGNAL. 

A-minus Also, A-. The negative terminal of an A 
battery, or pertaining to the part of a circuit con- 
nected to that terminal. 

ammeter An instrument used to measure the 
amount of current (in amperes) flowing in a circuit. 

ammeter shunt A resistor connected in parallel with 
an ammeter to increase its current range. Also see 
AYRTON-MATHER GALVANOMETER SHUNT. 


ammeter-voltmeter method The determination of 
resistance or power values from the measure- 
ment of voltage (E) and current (I). For resistance, 
R = E/T, for power, P = EI. 

ammonium chloride Formula, NH,Cl. The elec- 
trolyte in the carbon-zinc type of primary cell. 
Also called SAL AMMONIAC. 

AMNL Abbreviation of AMPLITUDE-MODULATION 
NOISE LEVEL. 

amortisseur winding 1. A winding that acts 
against pulsation of the magnetic field in an elec- 
tric motor. 2. A winding that acts to prevent os- 
cillation in a synchronous motor. 

amorphous substance A noncrystalline material. 

amp 1. Slang for AMPERE. 2. Slang for AMPLIFIER— 
especially in audio high-fidelity applications. 

ampacity Current-carrying capacity expressed in 
amperes. 

amperage The strength of an electric current (i.e., 
the number of amperes). 

ampere (Andre Marie Ampere, 1775-1836). Abbrevi- 
ations, A (preferred), a, amp. The SI base unit of 
current intensity (1). The ampere is the constant 
current that, if maintained in two straight parallel 
conductors of infinite length and of negligible cir- 
cular cross section and placed 1 meter apart in a 
vacuum, would produce between the conductors a 
force of 2 x 107 newton per meter. One ampere 
flows through a 1-ohm resistance when a potential 
of 1 volt is applied; thus I = E/R. Also see MI- 
CROAMPERE, MILLIAMPERE, NANOAMPERE, 
and PICOAMPERE. 

ampere balance A device consisting of two con- 
ductors in which the force between them (caused 
by current) is balanced against the gravitational 
force exerted on an object in the gravitational 
field of the earth. Used for the precise determina- 
tion of current of large dimension, or of the size of 
the ampere. 

ampere-hour Abbreviations: Ah, amp-hr. The 
quantity of electricity that passes through a cir- 
cuit in one hour when the rate of flow is one am- 
pere. Also see BATTERY CAPACITY. 

ampere-hour meter An instrument for measuring 
ampere-hours. It contains a small motor driven by 
the current being measured and which moves a 
point on an ampere-hour scale. The motor speed is 
proportional to the current. The position of the 
pointer is proportional to current and elapsed time. 

Ampere’s law Current flowing in a wire generates 
a magnetic flux that encircles the wire in the 
clockwise direction when the current is moving 
away from the observer. 

ampere-turn Symbol, NI. A unit of magnetomotive 
force equal to 1 ampere flowing in a single-turn 
coil. The ampere-turns value for any coil is ob- 
tained by multiplying the current (in amperes) by 
the number of turns in the coil. 

Amperian whirl The stream of electrons in a 
single-turn, current-conducting wire loop acting 
as an elementary electromagnet. 
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amp-hr One style of abbreviating AMPERE-HOUR. 
Also, Ah. 

amplidyne A dynamo-like rotating dc machine 
that can act as a power amplifier because the re- 
sponse of the output voltage to changes in field 
excitation is quite rapid. Used in servo systems. 
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p 8 
winding 


Load 


Control field 
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amplidyne 


amplification 1. The process of increasing the 
magnitude of a signal. This entails an input sig- 
nal controlling a local power supply to produce a 
larger output signal. Depending on the kind of in- 
put and output signals, amplification can be cat- 
egorized as CURRENT, VOLTAGE, POWER, or 
some combination of these. 2. The qualitative sig- 
nal increase resulting from the process in 1. 3. 
The quantitative signal increase (resulting from 
the process in 1), expressed as a factor (Such as 
100) or in terms of decibels (dB). See AMPLIFICA- 
TION FACTOR and DECIBEL. 

amplification factor 1. The ratio of the output 
voltage, current, or power to the input voltage, 
current, or power of an AMPLIFIER circuit. For 
voltage or current, this ratio has meaning only 
when the input and output impedances are iden- 
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tical. 2. The number of decibels by which an AM- 
PLIFIER circuit increases the amplitude of a sig- 
nal. For voltage or current, this figure has 
meaning only when the input and output 
impedances are identical. See DECIBEL. 3. The 
ALPHA or BETA of a bipolar transistor. 4. In 
the operation of an electron tube, the ratio of 
the derivative (instantaneous rate of change) of 
the plate voltage to the derivative of the grid volt- 
age, for zero change in plate current. 

amplified ALC Abbreviation, AALC. An automatic- 
level-control (ALC) system that uses the amplifi- 
cation of the fed-back control signal. It is used in 
RF power amplifiers, particularly single-sideband 
(SSB) linear amplifiers, to prevent overmodula- 
tion and nonlinearity. 

amplified back bias A declining voltage developed 
across a fast-time-constant circuit in an amplifier 
stage and fed back into a preceding stage. 

amplifier Any device that increases the magni- 
tude of an applied signal. It receives an input 
signal and delivers a larger output signal that, in 
addition to its increased amplitude, is a replica 
of the input signal. Also see CURRENT AMPLI- 
FIER, POWER AMPLIFIER, and VOLTAGE AM- 
PLIFIER. 

amplifier diode Any semiconductor that can pro- 
vide amplification in a suitable circuit or mi- 
crowave system. See DIODE AMPLIFIER. 

amplifier distortion A change in the waveform ofa 
signal, arising within an amplifier that is oper- 
ated in compliance with specified conditions. 

amplifier input 1. The terminals and section of an 
amplifier that receive the signal to be amplified. 
2. The signal to be amplified. 

amplifier noise Collectively, all extraneous signals 
present in the output of an amplifier when no 
working signal is applied to the amplifier input 
terminals. 

amplifier nonlinearity A condition in which the 
amplifier output signal does not exhibit a linear 
relationship to the corresponding input signal. 
Some amplifiers are designed to operate in a lin- 
ear manner at all times, but many amplifier types 
need not function in this manner to be effective. 
Also see AMPLIFIER DISTORTION and LINEAR 
AMPLIFIER. 

amplifier output 1. The terminals and section of 
an amplifier that deliver the amplified signal for 
external use. 2. The amplified signal. 

amplifier power The power level of the output sig- 
nal delivered by an amplifier (also called OUTPUT 
POWER), or the extent to which the amplifier in- 
creases the power of the input signal (also called 
POWER AMPLIFICATION). 

amplifier response The performance of an ampli- 
fier throughout a specified frequency band. Fac- 
tors usually included are gain, distortion, 
amplitude versus frequency, and power output. 

amplify To perform the functions of amplification 
(see AMPLIFICATION, 1). 
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amplifying delay line A delay line that causes am- 
plification of signals in a circuit intended for 
pulse compression. 

amplistat A self-saturating magnetic amplifier. 

amplitron A backward-wave amplifier used in mi- 
crowave circuits. 

amplitude The extent to which an alternating or 
pulsating current or voltage swings, positively 
and negatively, from zero or from a mean value. 

amplitude-controlled rectifier A thyratron- or 
thyristor-based rectifier circuit. 

amplitude density distribution A mathematical 
function giving the probability that, at a given in- 
stant in time, a fluctuating voltage has a certain 
value. 

amplitude distortion In an amplifier or network, 
the condition in which the output-signal ampli- 
tude exhibits a nonlinear relationship to the in- 
put-signal amplitude. 

amplitude error 1. The error in measuring the am- 
plitude of a signal, normally expressed as a per- 
centage of signal amplitude or as a percentage of 
full scale. 2. The frequency at which the output 
amplitude of a signal is in error by 1% with am- 
plitude at 10% of full scale. 

amplitude factor For an ac wave, the ratio of the 
peak value to the rms value. The amplitude factor 
of a sine wave is equal to the square root of 2 = 
1.4142136. 

amplitude fading In the propagation of electro- 
magnetic waves, a condition in which the ampli- 
tudes of all components of the signal (i.e., carrier 
and sidebands) increase and decrease uniformly. 
Compare SELECTIVE FADING. 

amplitude/frequency response Performance of 
an amplifier throughout a specified range, as ex- 
hibited by a plot of output-signal amplitude ver- 
sus frequency for a constant-amplitude input 
signal. 

amplitude gate A transducer that transmits only 
those portions of an input wave that lie within 
two close-spaced amplitude boundaries; also 
called slicer. 

amplitude limiter A circuit, usually with auto- 
matic gain control (AGC), that keeps an amplifier 
output signal from exceeding a certain level, de- 
spite large variations in input-signal amplitude. A 
dc-biased diode performs passive limiting action 
via clipping. 

amplitude-modulated generator A signal genera- 
tor whose output is amplitude modulated. Usu- 
ally, this instrument is an RF generator that is 
modulated at an audio frequency. 

amplitude-modulated transmitter A radio- 
frequency transmitter whose carrier is varied in 
amplitude, according to the rate of change of 
some data-containing signal (such as voice, mu- 
sic, facsimile, television pictures, control signals, 
or instrument readings). 

amplitude modulation Abbreviation, AM. A 
method of conveying intelligence in wireless com- 


munications and broadcasting. The modulating- 
signal energy appears at sideband frequencies 
above and below, and very close to, the carrier 
frequency. These sideband signals carry all the 
information. The extent of modulation is ex- 
pressed as a percentage, from O, which represents 
an unmodulated carrier, to 100, which repre- 
sents full modulation. In a signal modulated 100 
percent, one-third of the power is used to convey 
the data; the other two-thirds is consumed by the 
carrier. This form of modulation is essentially 
outmoded, although it is still used in the stan- 
dard broadcast band from 535 to 1605 kHz. See 
FREQUENCY MODULATION, PHASE MODU- 
LATION, SINGLE SIDEBAND. 
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amplitude-modulation noise Spurious amplitude 
modulation of a carrier wave by extraneous sig- 
nals and random impulses, rather than by the in- 
tended data-containing signal. 

amplitude noise In radar, amplitude fluctuations 
of an echo returned by a target. This noise limits 
the precision of the system. 

amplitude of noise The level of random noise in a 
system. The amplitude of noise is measured in 
the same way that signal amplitude is measured. 

amplitude range The maximum-to-minimum am- 
plitude variation of a signal. It can be expressed 
as a direct numerical ratio or in decibels. 

amplitude response The maximum output obtain- 
able at various frequencies over the range of an 
instrument operating under rated conditions. 

amplitude selection The selection of a signal, ac- 
cording to its correspondence to a predetermined 
amplitude or amplitude range. 
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amplitude separator In a television receiver, a cir- 
cuit that separates the control pulses from the 
composite video signal. 

amplitude suppression ratio The ratio of an un- 
desired output of a frequency-modulated (FM) re- 
ceiver to the desired output, when the test signal 
is amplitude modulated and frequency modu- 
lated simultaneously. 

amplitude-versus-frequency distortion Distortion 
resulting from varying gain or attenuation of an 
amplifier or network, with respect to signal fre- 
quency. 

AMTOR A form of amateur-radio data communica- 
tions, in which the accuracy of a group of charac- 
ters in a message is checked periodically by the 
receiving station. If an error appears likely, then 
the receiving station sends an instruction to the 
transmitting station to retransmit that particular 
group of characters. Characters are sent in 
bunches with pauses for possible inquiries from 
the receiving station. 

AM tuner A compact radio receiver unit that han- 
dles amplitude-modulated signals and delivers 
low-amplitude audio output to a high-fidelity am- 
plifier. Compare AM/FM TUNER and FM TUNER. 

amu Abbreviation of atomic mass unit. 

amusement robot An electromechanical robot, of- 
ten computer-controlled, that is intended for use 
as a toy. 

AN- A prefix designator used by American military 
services to indicate commonality. 

anacoustic Pertaining to the lack of sound or ab- 
sence of reverberation or transmission of sonic 
waves. 

analog 1. A quantity that corresponds, point for 
point or value for value, to an otherwise unrelated 
quantity. Thus, voltage is the analog of water 
pressure, and current is the analog of water flow. 
2. Varying over a continuous range and, there- 
fore, capable of attaining an infinite number of 
values or levels. Compare DIGITAL. 

analog adder An analog circuit or device that re- 
ceives two or more inputs and delivers an output 
equal to their sum. 

analog adder/subtracter An analog circuit or de- 
vice that receives two or more inputs and delivers 
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an output equal to their sum or difference (in any 
combination), as desired. 

analog channel In an ANALOG COMPUTER, an in- 
formation channel in which the extreme limits of 
data magnitude are fixed, and the data can have 
any value between the limits. 

analog communications Any form of communica- 
tions in which a carrier, generally an electromag- 
netic wave or high-frequency current, is varied in 
a continuous and controlled way by a data- 
containing signal. See ANALOG, 2. 

analog computer A computer in which input and 
output quantities are represented as points on 
continuous (or small-increment) scales. To repre- 
sent these quantities, the computer uses voltages 
or resistances that are proportional to the num- 
bers to be worked on. When the quantities are 
nonelectrical (such as pressure or velocity), they 
are made analogous by proportional voltages or 
resistances. 

analog data 1. Data represented in a quantita- 
tively analogous way. Examples are the deflection 
of a movable-coil meter, the positioning of a slider 
on a slide rule, and the setting of a variable resis- 
tor to represent the value of a nonelectrical quan- 
tity. Also see ANALOG. 2. Data displayed along a 
smooth scale of continuous values (as by a 
movable-coil meter), rather than in discrete steps 
(as by a digital meter). 

analog differentiator An analog circuit or device 
whose output waveform is the derivative of the 
input-signal waveform, with respect to time. 
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analog divider An analog circuit or device that re- 
ceives two inputs and delivers an output equal to 
their quotient. 

analog electronics Electronic techniques and 
equipment that is based on uniformly changing 
signals, such as sine waves, and often having 
continuous-scale indicators, such as D’Arsonval 
meters. Compare DIGITAL ELECTRONICS. 

analog information Approximate numerical infor- 
mation, as opposed to digital information, which 
is assumed to be exact. 

analog integrator An analog circuit or device 
whose output waveform is the integral of the in- 
put signal waveform, with respect to time. 
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analog inverting adder An analog adder that de- 
livers a sum with the opposite sign to that of the 
input quantities. 

analog meter An indicating instrument that uses 
a movable-coil arrangement or the equivalent, 
causing a rotating pointer to indicate a particular 
value on a graduated printed scale. Compare 
DIGITAL METER. 
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analog multiplexer 1. A multiplexer used with 
analog signals (see MULTIPLEXER). 2. An analog 
time-sharing circuit. 

analog multiplier An analog circuit or device that 
receives two or more inputs and delivers an out- 
put equal to their product. 

analog network A circuit that permits mathemati- 
cal relationships to be shown directly by electric 
or electronic means. 

analogous pole In a PYROELECTRIC MATERIAL, 
the end or face having the positive electric charge. 

analog output An output quantity that varies 
smoothly over a continuous range of values, 
rather than in discrete steps. 

analog record Also called analog recording. A 
record or recording method in which some prop- 
erty of the recorded material, such as displace- 
ment or magnetization, varies over a continuous 
range that is relative to time and/or physical po- 
sition. 

analog recorder Any recorder, such as a recording 
oscillograph, potentiometric recorder, electroen- 
cephalograph, electrocardiograph, or lie detector, 


that produces an analog record. The counterpart 
is a digital recorder, which produces a readout in 
discrete numbers (printed or visually displayed). 

analog representation Representation of informa- 
tion within a smooth, continuous range, rather 
than as separate (discrete) steps or points. 

analog signal A signal that attains an infinite 
number of different amplitude levels, as opposed 
to one that can attain only a finite number of lev- 
els as a function of time. 

analog subtracter An analog circuit or device that 
receives two inputs and delivers an output equal 
to their difference. 

analog summer See ANALOG ADDER. 

analog switch A switching device that will only 
pass signals that are faithful analogs of trans- 
ducer parameters. 

analog-to-digital conversion 1. A process in 
which an analog signal (such as a voice wave- 
form) is changed into a digital or binary signal 
that conveys the same information. This process 
is commonly used in digital computers to encode 
sounds and images. It is also used in communi- 
cations systems to improve efficiency, minimize 
the necessary bandwidth, and optimize the sig- 
nal-to-noise ratio. 2. A process in which continu- 
ous mechanical motion is encoded into a digital 
or binary electronic signal. 

analog-to-digital converter Any circuit or device 
that performs ANALOG-TO-DIGITAL CONVER- 
SION. 

analysis 1. The rigorous determination of the con- 
stants and modes of operation for electronic 
equipment. Compare SYNTHESIS. 2. A branch of 
mathematics dealing with point sets, relations, 
and functions. 

analytical engine A primitive mechanical calculat- 
ing machine, invented in 1833 by Charles Bab- 
bage. 

analyzer 1. Any instrument that permits analysis 
through close measurements and tests (e.g., dis- 
tortion analyzer, WAVE ANALYZER, or gas ana- 
lyzer). 2. A computer program used for debugging 
purposes; it analyzes other programs and sum- 
marizes references to storage locations. 3. An 
analysis interface to an oscilloscope. 

anastigmatic yoke Also called full-focus yoke. Ina 
television (TV) receiver, a deflection yoke with a 
cosine winding for better focus at the edges of the 
picture. 

anchorage In plastic recording tape, the adhesion 
of the magnetic oxide coating to the surface of the 
tape. 

ancillary equipment Equipment that does not di- 
rectly enter into the operation of a central system. 
Examples are input/output components of a com- 
puter and test instruments attached to a system. 

AND circuit In digital systems and other switching 
circuits, a logic gate whose output is high (logic 1) 
only when all input signals are high. Otherwise 
the output is low (logic 0). Compare OR CIRCUIT. 
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Anderson bridge An ac bridge circuit with six 
impedances, permitting the value of an unknown 
inductance to be determined in terms of a stan- 
dard capacitance. 
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AND gate 1. AND circuit. 2. In a TV receiver, an 
AND circuit that holds the keyed-AGC signal off 
until a positive horizontal flyback pulse and a 
horizontal sync pulse appear simultaneously at 
the input. 

android A sophisticated robot built in humanoid 
form. Usually, it propels itself by rolling on 
wheels or on a track drive. A rotatable head con- 
tains position sensors, a machine vision system, 
and/or a machine hearing system. Mechanical 
arms are equipped with end effectors to perform 
various tasks. The most advanced androids have 
self-contained computer control systems. 

anechoic Pertaining to the absence of echoes. Ex- 
amples: ANECHOIC CHAMBER, anechoic enclo- 
sure, or anechoic room. 
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anechoic chamber An enclosure that does not re- 
flect sound waves that approach its walls. Such a 
chamber is used to test certain audio devices. 

anemograph An electromechanical device that 
produces a recording of wind speed versus time. 
Generally, it consists of an ANEMOMETER con- 
nected to a PEN-AND-INK RECORDER via a suit- 
able electronic interface. 

anemometer An instrument that measures or 
indicates wind speed, or speed and direction (ve- 
locity). 

angel 1. An extraneous image, usually of short du- 
ration, on a cathode-ray-tube (CRT) display. The 
term applies particularly to anomalies in a radar 
image caused by low-atmospheric reflection, 
birds, or other mobile objects. 2. Air-deployed 
metallic debris, also known as chaff, designed to 
create radar echoes as a decoy or diversion tactic. 

angle jamming A radar jamming technique in 
which the return echo is jammed with a signal 
containing improper azimuth or elevation angle 
components. 

angle modulation Variation of the angle of a sine- 
wave carrier in response to the modulating 
source, as in FREQUENCY MODULATION and 
PHASE MODULATION. 

angle noise In radar reception, the interference re- 
sulting from variations in the angle at which an 
echo arrives from the target. 

angle of arrival The angle which the line of propa- 
gation of an incoming radio wave makes with the 
surface of the earth. Compare ANGLE OF DE- 
PARTURE. 

angle of azimuth The horizontal angle between 
the viewer and object or target, usually measured 
clockwise from north. 

angle of beam The angle enclosing most of the 
transmitted energy in the radiation from a direc- 
tional antenna. It is usually measured between 
the half-power points in the main lobe of the di- 
rectional pattern. This angle can be measured in 
the horizontal (azimuth) plane or in the vertical 
(elevation) plane. 
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angle of conduction 1. Also called angle of flow. 
The number of degrees of an excitation-signal cy- 
cle during which output (drain, collector or plate) 
current flows in an amplifier circuit. 2. The num- 
ber of degrees of any sine wave at which conduc- 
tion of a device (e.g., a diode) begins. 

angle of convergence 1. In any graphical repre- 
sentation, the angle formed by any two lines or 
plots that come together at a point. 2. The angle 
formed by the light paths of two photocells fo- 
cused on the same object. 

angle of declination The angle between the hori- 
zon and a descending line. Compare ANGLE OF 
ELEVATION. 

angle of deflection In a cathode-ray tube, the an- 
gle between the electron beam at rest and a new 
position resulting from deflection. 

angle of departure The angle, relative to the 
horizon, made by the line of propagation of a 
transmitted radio wave. Compare ANGLE OF 
ARRIVAL. 
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angle of depression See ANGLE OF DECLINA- 
TION. 

angle of divergence In a cathode-ray tube, the an- 
gle formed by the spreading of an undeflected 
electron beam as it extends from the gun to the 
screen. 

angle of elevation The angle that an ascending 
line subtends, with respect to the horizon. Com- 
pare ANGLE OF DECLINATION. 

angle of flow See ANGLE OF CONDUCTION. 

angle ofincidence The angle, measured relative to 
the perpendicular (orthogonal) to a surface or 
boundary, subtended by an approaching ray. 
Compare ANGLE OF REFLECTION and ANGLE 
OF REFRACTION. 

angle of lag The phase difference (in degrees or ra- 
dians) whereby one component follows another in 
time, both components being of the same fre- 
quency. Compare ANGLE OF LEAD. Also see 
PHASE ANGLE. 

angle of lead The phase difference (in degrees or 
radians) whereby one component precedes an- 
other in time, both components being of the same 


frequency. Compare ANGLE OF LAG. Also see 
PHASE ANGLE. 

angle of radiation 1. The angle, measured with re- 
spect to the horizon, at which the principal lobe of 
an electromagnetic wave leaves a transmitting 
antenna. 2. The angle, measured relative to the 
horizon, of a receiving or transmitting antenna's 
optimum sensitivity. 

angle of reflection The angle, measured relative to 
the perpendicular (orthogonal) to a surface, sub- 
tended by a ray leaving the surface after having 
been reflected from it. Compare ANGLE OF INCI- 
DENCE. 

angle of refraction The angle, measured relative 
to the perpendicular (orthogonal) to a boundary 
between two different media, subtended by a ray 
leaving the boundary after having been refracted 
thereat. Compare ANGLE OF INCIDENCE. 

angle tracking noise Noise in a servo system that 
results in a tracking error. 

angstrom (Anders J. Angstrom, 1814-1874). A 
unit of length used to describe certain extremely 
short waves and microscopic dimensions; 1 
angstrom equals 10+ microns (107*% meters). 

angular deviation loss The ratio of microphone or 
loudspeaker response on the principal axis of re- 
sponse to the response at a designated angle from 
that axis. Expressed in decibels. 

angular difference See PHASE ANGLE. 

angular displacement In an ac circuit, the separa- 
tion, in degrees, between two waves. See PHASE 
ANGLE. 

angular frequency The frequency of an ac signal, 
expressed in radians per second (rad /sec) and ap- 
proximately equal to 6.28f, where f is the fre- 
quency in Hertz. 

angular length Length, as along the horizontal 
axis of an ac wave or along the standing-wave 
pattern on an antenna, expressed as the product 
of radians and wavelength. 

angular-mode keys On a calculator or computer, 
the DEG, RAD, and GRAD keys for expressing or 
converting angles in DEGREES, RADIANS, and 
GRADS, respectively. 

angular phase difference For two sinusoidal 
waves, the phase difference, expressed in degrees 
or radians. 

angular rate In navigation, the rate of bearing 
change, expressed in degrees or radians. 

angular resolution The ability of a radar to distin- 
guish between two targets by angular measure- 
ment. 

angus pen recorder An instrument that makes a 
permanent record of the time whenever a channel 
is used. 

anharmonic oscillator An oscillating device in 
which the force toward the balance point is not 
linear, with respect to displacement. 

anhysteresis The magnetization of a material by a 
unidirectional field containing an alternating field 
component of gradually decreasing amplitude. 
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anhysteretic state The condition of a substance 
after it has been subjected to a strong magnetic 
field, the intensity of which alternates in direction 
and diminishes gradually to zero. 

animism A belief or philosophy, held especially in 
Eastern civilizations, such as Japan, that all 
things contain an essence of life. This theory ren- 
ders irrelevant the question of whether or not ma- 
chines, such as computers and robots can be 
“alive.” 

anion A negative ion. Also see ION. 

anisotropic Pertaining to the tendency of some 
materials to display different magnetic and other 
physical properties along different axes. 

ANL Abbreviation of AUTOMATIC NOISE LIMITER. 

anneal To heat a metal to a predetermined temper- 
ature and let it cool slowly. The operation pre- 
vents brittleness and often stabilizes electrical 
characteristics. 

annealed laminations Core laminations for trans- 
formers or choke coils that have been annealed. 

annealed shield A magnetic shield for cathode-ray 
tubes, that has been processed by annealing. 

annealed wire Soft-drawn wire that has been sub- 
jected to annealing. 

annotations 1. Marking on copies of original engi- 
neering-installation documents to show changes 
made during the installation. 2. Any set of com- 
ments or notes accompanying a program, an 
equipment or system, or a process. 

annular 1. Pertaining to the region between two 
concentric circles that lie in the same plane; ring- 
shaped. 2. Pertaining to two or more concentric 
circles that lie in a common plane. 

annular conductor A number of wires stranded in 
three concentric layers of alternating twists 
around a hemp core. 

annular transistor A mesa transistor in which the 
base and collector take the form of concentric 
rings around a central emitter. 

annulling network A subcircuit that shunts a fil- 
ter to cancel reactive impedance at the extreme 
ends of the pass band of the filter. 

annunciation relay A relay that indicates whether 
or not a circuit is carrying current. 

annunciator A device that produces loud sound 
and/or conspicuous light to attract attention 
(e.g., the electronic siren in an automotive secu- 
rity system). 

anode 1. The positive electrode of a vacuum tube 
or solid-state device (i.e., the electrode toward 
which electrons move during current flow). 2. In 
an electrochemical cell, the electrode that loses 
electrons by oxidation. This is usually the nega- 
tive electrode. 

anode balancing coil Mutually coupled windings 
used to maintain equal currents in parallel an- 
odes operating from a common transformer ter- 
minal. 

anode current Current flowing in the anode circuit 
of a device. 
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anode efficiency Also called plate efficiency. In a 
power amplifier using an electron tube, the ratio 
P,/P;, where P, is the output power in watts and P; 
is the dc anode power input in volt-amperes. 

anode power input Symbol, Pafinpuy. The product of 
anode current and anode voltage. 

anode power supply The ac or positive dc power 
supply unit that delivers current and voltage to 
the anode of a device. 

anode saturation The point beyond which a fur- 
ther increase in anode voltage does not produce 
an increase in anode current. 


+ 


Xx Anode 


saturation 


Anode current 


0 Anode voltage 


anode saturation 


anode strap In a multicavity magnetron, a metal 
strap connecting the anodes. 

anode terminal 1. In a diode, the terminal to 
which a positive de voltage must be applied for 
forward bias. Compare CATHODE TERMINAL. 2. 
In a diode, the terminal at which a negative de 
voltage appears when the device is used as an ac 
rectifier. Compare CATHODE TERMINAL. 3. The 
terminal that is connected internally to the an- 
odic element of any device. 

anode voltage Symbol, E, or Va. The difference in po- 
tential between the anode and cathode of a device. 

anodic Pertaining to the anode of a device, or to 
anode-like effects. 

anodizing An electrolytic process in which a pro- 
tective oxide film is deposited on the surface of a 
metallic body acting temporarily as the anode of 
the electrolytic cell. 

anomalous dispersion Dispersion of electromag- 
netic radiation that is characterized by a decrease 
in refractive index with increase in frequency. 

anomalous propagation 1. The low-attenuation 
propagation of UHF or microwave signals through 
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atmospheric layers. 2. Unusual, bizarre, or unex- 
plainable electromagnetic-wave propagation (e.g., 
apparent F-layer ionospheric effects in the FM 
broadcast band). 3. Rapid fluctuation of a sonar 
echo because of variations in propagation. 

anoxemia toximeter An electronic instrument for 
measuring or alerting against the onset of anox- 
emia (deficiency of oxygen in the blood)—espe- 
cially in airplane pilots. 

AN radio range A navigational facility entailing four 
zones of equal signal strength. When the aircraft 
deviates from course, an aural Morse-code signal, 
A (DIT DAH) or N (DAH DIT) is heard; but when the 
aircraft is on course, a continuous tone is heard. 

ANSI Acronym for American National Standards In- 
stitute. 

AN signal The signal provided by an AN radio range 
to apprise aircraft pilots of course deviation. 

answerback The automatic response of a terminal 
station to a remote-control signal. 

answer cord In a telephone system, the cord used 
for answering subscribers’ calls and incoming 
trunk calls. 

answering machine A device that automatically 
answers a telephone and records an audio mes- 
sage from the caller. 

answer lamp A telephone switchboard lamp that 
lights when an answer cord is plugged into a line 
jack; it switches off when the telephone answers 
and lights when the call is completed. 

ant Abbreviation of ANTENNA. 

antenna In a communications system, a special- 
ized transducer that converts incoming electro- 
magnetic fields into alternating electric currents 
having the same frequencies (receiving antenna), 
or converts an alternating current at a specific 
frequency into an outgoing electromagnetic field 
at the same frequency (transmitting antenna). An 
antenna can be a simple wire or rod, or a compli- 
cated structure. Thousands of geometries and 
specifications are possible. The optimum antenna 
type for a given situation depends on the commu- 
nications frequency, the distance to be covered, 
and various other factors. 

antenna ammeter An RF ammeter, usually of the 
thermocouple type, employed to measure current 
flowing to a transmitting antenna. 


Final tank of 
transmitter 
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antenna amplifier 1. A radio-frequency amplifier, 
often installed at the antenna, used to boost sig- 
nals before they reach a receiver (also called an 
RF preamplifier). 2. Occasionally, the first RF am- 
plifier stage of a receiver, also known as the front 
end. 

antenna array See ARRAY. 

antenna bandwidth The frequency range through- 
out which an antenna will operate at a specified 
efficiency without needing alteration or adjust- 
ment. 

antenna beamwidth A measure of the extent to 
which a directional antenna focuses a transmit- 
ted electromagnetic field, or focuses its response 
to incoming electromagnetic fields. Expressed as 
the angle in degrees between opposite half-power 
points in the main lobe of the directional pattern. 
Usually determined in the horizontal plane, but 
occasionally in the vertical plane. 

antenna coil The primary coil of the input RF 
transformer of a receiver, or the secondary coil of 
the output RF transformer of a transmitter. 


Input stage 
in receiver 


Antenna 
coll 


antenna coil 


antenna coincidence The condition in which two 
directional antennas are pointed directly toward 
each other. 

antenna-conducted interference Extraneous sig- 
nals generated in a transmitter or receiver and 
presented to the antenna, from which they are ra- 
diated. 

antenna core A ferrite rod or slab around which a 
coil of wire is wound to act as a self-contained an- 
tenna, usually in a miniature receiver. 

antenna coupler A device consisting of an induc- 
tor, RF transformer, or a combination of induc- 
tor(s) and capacitor(s), used to match the 
impedance of an antenna to that of a transmitter 
or receiver. Also known as a transmatch or an- 
tenna tuner. 

antenna coupling Inductive and/or capacitive 
coupling used to optimize the transfer of energy 
from an antenna to a receiver, or from a trans- 
mitter to an antenna. 

antenna current 1. Radio-frequency current flow- 
ing from a transmitter into an antenna. 2. Radio- 
frequency current flowing from a receiving 
antenna into a receiver. 
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antenna detector A circuit that warns aircraft 
personnel that they are being observed by radar. 
It picks up the radar pulses and actuates a warn- 
ing light or other device. 

antenna diplexer A coupling device that permits 
several transmitters to share one antenna with- 
out troublesome interaction. Compare ANTENNA 
DUPLEXER. 

antenna directivity The directional characteris- 
tics of a transmitting or receiving antenna, usu- 
ally expressed qualitatively (e.g., omnidirectional, 
bidirectional, or unidirectional). A more precise 
expression is ANTENNA BEAMWIDTH. 

antenna director In a directional antenna, a PAR- 
ASITIC ELEMENT situated in front of the radiator 
and separated from it by an appropriate fraction 
of a wavelength. Its function is to intensify radia- 
tion in the direction of transmission. Compare 
ANTENNA RADIATOR and ANTENNA REFLEC- 
TOR. 

antenna duplexer A circuit or device permitting 
one antenna to be shared by two transmitters 
without undesirable interaction. 

antenna effect The tendency of wires or metallic 
bodies to act as antennas (i.e., to radiate or re- 
ceive radio waves). 

antenna efficiency The ratio of radio-frequency 
energy supplied to a wireless transmitting an- 
tenna, to the energy radiated into space. Electri- 
cally, the radiation resistance of the antenna (Rp) 
appears in series with loss resistance (R,). The ef- 
ficiency Eff of the antenna can be determined by 
the following formula: 

Eff = Rr/(Rr + Ry) 
As a percentage, 
Eff% = 100 (Re / (Re + R;) 

The efficiency is always less than 1 (100 percent) 
because, in practice, the loss resistance can 
never be reduced to zero. 

antenna factor A factor (in decibels) added to an 
RF voltmeter reading to find the true open-circuit 
voltage induced in an antenna. 

antenna field The electromagnetic field immedi- 
ately surrounding an antenna. 

antennafier Low-profile antenna /amplifier device, 
sometimes used with portable communications 
systems. Also called an active antenna. 

antenna front-to-back ratio For a directional an- 
tenna, the ratio of field strength in front of the an- 
tenna (i.e., directly forward in the line of 
maximum directivity) to field strength in back of 
the antenna (i.e., 180 degrees from the front), as 
measured at a fixed distance from the radiator. It 
is usually specified in decibels. 

antenna gain Fora given antenna, the ratio of sig- 
nal strength (received or transmitted) to that ob- 
tained with a comparison antenna, such as a 
simple dipole. Generally specified in decibels. 

antenna ground system The earth, counterpoise, 
guy wires, radials, and/or various conducting ob- 
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jects in the vicinity of an antenna which, taken 
together, form the radio-frequency (RF) ground 
system against which the antenna operates. 
Some antennas require an extensive ground sys- 
tem to function efficiently; others need no ground 
system. 

antenna/ground system An arrangement em- 
bodying both an antenna and a low-resistance 
connection to the earth, as opposed to an an- 
tenna system that involves no connection to 
earth. 

antenna height 1. The height of an antenna above 
the surface of the earth immediately beneath the 
driven element(s). 2. The height of an antenna 
above the effective radio-frequency (RF) ground 
immediately beneath the driven element(s). 3. 
The height of an antenna above average terrain, 
determined against the mean altitude of a num- 
ber of points on the earth's surface that lie within 
a certain radius of the antenna structure. Also 
called height above average terrain (HAAT). 

antenna impedance The complex-number im- 
pedance that an antenna presents to a transmis- 
sion line. It can vary over a tremendous range, 
and depends on the antenna type, antenna size, 
antenna height, operating frequency, and various 
other factors. 

antenna-induced potential Also called antenna- 
induced microvolts. The voltage across the open- 
circuited terminals of an antenna. 

antenna lens Also called lens antenna. A radiator 
designed to focus microwave energy in much the 
same manner that an optical lens focuses light 
rays. Lens antennas are made from dielectric ma- 
terials and/or metals. 

antenna loading 1. The insertion of inductance in 
antenna elements to lower the resonant fre- 
quency of the system without necessarily making 
the system physically larger or the elements 
longer. 2. The insertion of capacitance in antenna 
elements to raise the resonant frequency of the 
system without necessarily making the system 
physically smaller or the elements shorter. 

antenna lobe A well-defined region in the radiation 
pattern of an antenna in which radiation is most 
intense, or in which reception is strongest. Also 
see ANTENNA PATTERN. 

antenna matching The technique of establishing a 
satisfactory relationship between the antenna 
impedance and the transmission-line or trans- 
mitter-output impedance, for maximum transfer 
of power into the antenna. Also, the matching 
of antenna impedance to receiver-input im- 
pedance, for delivery of maximum energy to the 
receiver. 

antennamitter An antenna/oscillator combina- 
tion that serves as a low-power transmitter. 

antenna pattern A polar plot of antenna perfor- 
mance that shows field strength versus angle of 
azimuth, with the antenna at the center. It is 
usually specified in the horizontal plane. 
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antenna polarization The orientation of electric 
lines of flux, with respect to the surface of the 
earth, for which an antenna is most efficient. A 
vertical antenna radiates and receives vertically 
polarized waves. A horizontal antenna radiates 
and receives horizontally polarized waves broad- 
side to itself, and vertically polarized waves at 
high elevation angles off its ends. In other direc- 
tions, the polarization is slanted at various an- 
gles. 

antenna power Symbol, Pant. The RF power devel- 
oped in an antenna by a transmitter; Pan: equals 
I?R, where I is the antenna current and R is the 
antenna resistance at point I is measured. 

antenna power gain The ratio of the maximum ef- 
fective radiated power (ERP) from a wireless 
transmitting antenna to the ERP from a reference 
antenna, expressed in decibels (dB). If the ERP 
from an antenna under test is Pr watts and the 
ERP from the reference antenna is Pr watts, then 
the gain Gap is: 


Gap = 10 logio (Pr/Py) 


Power gain is always measured in the direction in 
which the test antenna performs the best. The 
reference antenna, usually a dipole, is chosen 
with a gain assumed to be unity, or O dB. Gain 
relative to a dipole is expressed in dBd (decibels 
relative to a dipole). Alternatively, the reference 
antenna can be an isotropic radiator, in which 
case the gain is expressed in dBi (decibels relative 
to an isotropic radiator). Gain figures in dBd and 
dBi differ by a constant amount as follows: 


Gabi = 2.15 + Gaga 


antenna preamplifier A highly sensitive amplifier 
used to enhance the gain of a receiver. It is usu- 
ally used at the very high frequencies and above. 

antenna radiation The propagation of radio waves 
by a transmitting antenna. 

antenna radiator The element of an antenna that 
receives RF energy from the transmitter and radi- 
ates waves into space. Also known as the driven 
element. Compare ANTENNA DIRECTOR and AN- 
TENNA REFLECTOR. 


antenna range 1. The frequency band, communi- 
cation distance characteristically covered, or 
other continuum of values that specify the oper- 
ating limits of an antenna. 2. The region immedi- 
ately surrounding an antenna in which tests and 
measurements usually are made. Sometimes 
called ANTENNA FIELD. 

antenna reflector Ina directional antenna, a PAR- 
ASITIC ELEMENT situated behind the radiator 
and separated from the latter by an appropriate 
fraction of a wavelength. Its function is to inten- 
sify radiation in the direction of transmission. 
Compare ANTENNA DIRECTOR and ANTENNA 
RADIATOR. 

antenna relay Ina radio station, a low-loss, heavy- 
duty relay that enables the antenna to be 
switched between transmitter and receiver. 

antenna resistance The resistive component of 
ANTENNA IMPEDANCE. 

antenna resonant frequency The frequency, or 
narrow band of frequencies, at which an an- 
tenna’s impedance appears resistive. 

antenna stage 1. The first RF amplifier stage of a 
receiver. 2. Occasionally, the final RF amplifier of 
a transmitter. 

antenna switch In a radio station, a low-loss, 
heavy-duty switch that enables the antenna to be 


connected to transmitter, receiver, or safety 
ground. 
To To 
transmitter receiver 


antenna switch 
(single-pole, double-throw) 


antenna system Collectively, an antenna and all of 
the auxiliary electrical and mechanical devices 
needed for its efficient operation, including cou- 
plers, tuners, transmission lines, supports, insu- 
lators, and rotator. 

antenna terminals 1. The points at which a trans- 
mission line is attached to an antenna. 2. The sig- 
nal input terminals of a receiver. 3. The signal 
output terminals of a transmitter. 

antennaverter An antenna and converter com- 
bined into a single circuit, intended for connec- 
tion to the antenna terminals of a receiver to 
allow operation on frequencies outside the band 
for which the receiver has been designed. 

antenna wire 1. The radiator element of a wire- 
type antenna. 2. A strong solid or stranded wire 
(e.g., hard-drawn copper, copper-clad steel, or 
phosphor-bronze) used for antennas. 

anthropomorphism The perception, by people, of 
machines as having human qualities. This can 
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lead to emotional attachment to hardware, such 
as computers and robots. The more sophisticated 
the apparatus, in general, the more powerful this 
perception can become. 

antialiasing filter A low-pass or bandpass filter 
that limits the bandwidth of an input signal to 
prevent aliasing and its effects. See ALIASING, 1. 

anticapacitance switch A switch whose members 
are thin blades and stiff wires widely separated to 
minimize capacitance between them. 

anticathode The target electrode of an X-ray tube. 

Anticipatory Sciences A group of futurists, people 
who attempt to predict the course of technology. 
Some futurists believe that progress will continue 
until, for example, homes become fully automated 
and artificial intelligence reaches a level compara- 
ble to human intelligence. Other futurists believe 
that such things are highly improbable. 

anticlutter circuit A supplementary circuit in a 
radar receiver that minimizes the effect of extra- 
neous reflections that would obscure the image of 
the target. 

anticlutter gain control In a radar receiver, a cir- 
cuit that automatically raises the gain of the re- 
ceiver slowly to maximum after each transmitter 
pulse to reduce the effect of clutter-producing 
echoes. 

anticoincidence Noncoincidental occurrence of 
two or more signals. Compare COINCIDENCE. 

anticoincidence circuit In computers and control 
systems, a circuit that delivers an output signal 
only when two or more input signals are not re- 
ceived simultaneously. Compare COINCIDENCE 
CIRCUIT. Also see NAND CIRCUIT. 

anticoincidence operation An exclusive-OR oper- 
ation. 

anticollision radar A vehicular radar system that 
is used to minimize the probability of a collision 
with another vehicle, whether or not that other 
vehicle has a similar system. 

antiferroelectric 1. Pertaining to the property 
wherein the polarization curve of certain crys- 
talline materials shows two regions of symmetry. 
2. A material that exhibits the aforementioned 
property. 

antiferromagnetic Pertaining to the behavior of 
materials in which, at low temperatures, the 
magnetic moments of adjacent atoms point in op- 
posite directions. 

antihunt The condition in which hunting is coun- 
teracted, usually by removing overcorrection in 
automatic control or compensation systems. 

antihunt circuit 1. A circuit that minimizes or 
eliminates hunting. Also see ANTIHUNT. 2. Ina 
television (TV) receiver, a circuit that stabilizes an 
automatic frequency control (afc) system. 

antijamming Pertaining to communications sys- 
tems that are resistant to, or that counteract, the 
effects of jamming. 

antilogarithm Abbreviated, antilog or log. The 
number corresponding to a given logarithm. For 
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example, log 10,000 = log 10* = 4, and thus an- 
tilog 4 = 10* = 10,000. 

antilogous pole In a PYROELECTRIC MATERIAL, 
the end that becomes negatively charged as the 
temperature rises. 

antimagnetic Pertaining to materials having ex- 
tremely low RETENTIVITY. 

antimatter Pertaining to particles that are the 
counterparts of conventional particles (i.e., 
positrons instead of electrons, antineutrons in- 
stead of neutrons, and antiprotons instead of 
protons). When a particle meets its antiparticle, 
the two annihilate, releasing energy. Also see AN- 
TIPARTICLE. 

antimicrophonic See NONMICROPHONIC. 

antimony Symbol, Sb. A metalloidal element. 
Atomic number, 51. Atomic weight, 121.76. Often 
used as n-type dopant in semiconductor manu- 
facture. 

antineutrino The antiparticle of the NEUTRINO, 
emitted as a result of radioactive decay. 

antineutron An uncharged particle with a mass 
equal to that of the neutron, but with a magnetic 
moment in the direction opposite that of the neu- 
tron. 

antinode A point of maximum amplitude in a 
standing wave. 


Antinode 
RF 
transmission 
line 


Node 
antinode 


antinoise carrier-operated circuit A circuit that 
cuts off the audio output of a receiver while the 
station transmitter is in use. This can be accom- 
plished in the automatic-gain-control (AGC) cir- 
cuit of the receiver, or in the speaker or audio 
line. The circuit is actuated by energy from the 
transmitted signal. 

antinoise microphone Any microphone that dis- 
criminates against acoustic noise (e.g., a lip mi- 
crophone or throat microphone). 

antinucleon A particle with the mass of a nucleon, 
but with the opposite electrical charge and direc- 
tion of magnetic moment. Compare NUCLEON. 

antioxidant A material, such as a lacquer coat or 
an inactive oxide layer, that prevents or slows ox- 
idation of a material exposed to air. 

antiparticle A subatomic particle opposite in char- 
acter to conventional particles, such as electrons, 
neutrons, protons. Antiparticles constitute 
antimatter. Also see ANTINEUTRINO, ANTI- 
NEUTRON, ANTINUCLEON, ANTIPROTON, and 
POSITRON. 
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antiphase The property of being in phase opposi- 
tion (180 degrees out of phase). 

antipincushioning magnets In some television 
(TV) receivers, a pair of corrective magnets in the 
deflection assembly on the picture tube that elim- 
inate pincushion distortion (disfigurement of the 
raster so that it resembles a pincushion—a rect- 
angle with its sides bowed in). 

antiproton A subatomic particle with a mass equal 
to that of the proton, but with opposite electrical 
charge. 

antiquark An ANTIPARTICLE of a QUARK. 

antirad substance A material that protects against 
damage caused by atomic radiation. 

antiresonance 1. Parallel resonance. 2. The con- 
dition of being detuned from a resonant fre- 
quency. 

antiresonant circuit See PARALLEL-RESONANT 
CIRCUIT. 

antiresonant frequency 1. The resonant fre- 
quency of a parallel-resonant circuit. 2. In a 
piezoelectric crystal, the frequency at which 
impedance is maximum (as in a parallel-resonant 
circuit). 

antisidetone Pertaining to the elimination in tele- 
phone circuits of interference between the micro- 
phone and earphone of the same telephone. 

antistickoff voltage The low voltage applied to the 
coarse synchro control transformer rotor winding 
in a dual-speed servo system to eliminate am- 
biguous behavior in the system. 

antitransmit/receive switch Abbreviated ATR. In 
a radar installation, an automatic device to pre- 
vent interaction between transmitter and re- 
ceiver. 

antivirus program A computer program or utility 
designed to detect and eliminate viruses and Tro- 
jan horses in a computer system. 

antivoice-operated transmission Radio commu- 
nications that use a voice-activated circuit as a 
transmitter interlock during reception on the 
companion receiver. 

ape 1. Abbreviation of automatic picture control. 2. 
Abbreviation of AUTOMATIC PHASE CONTROL. 

aperiodic Characterized by a lack of predictable 
repetitive behavior. For example, the sferics or 
“static” electromagnetic interference caused by 
lightning. 

aperiodic current The unidirectional current that 
follows an electromagnetic disturbance in an LCR 
circuit, in which R is equal to or higher than the 
critical circuit resistance. 

aperiodic damping Damping of such a high degree 
that the damped system, after disturbance, 
comes to rest without oscillation or hunting. 

aperiodic discharge A discharge in which current 
flowing in an LCR circuit is unidirectional, rather 
than oscillatory. For this condition, 1/LC is less 
than or equal to R?/4L?. 

aperiodic function A nonrepetitive function (e.g., 
a hyperbolic trigonometric function). 


aperture 1. The larger, normally open end of a 
horn antenna or horn loudspeaker. 2. An opening 
in an opaque disk or mask that passes a prede- 
termined amount of light or other radiant energy. 
3. The portion of a directional antenna through 
which most of the radiated energy passes. 

aperture angle For an antenna or telescope or mi- 
croscope, the half angle formed by the radius of 
the detecting instrument, as viewed from the 
source. 
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aperture antenna An antenna whose beamwidth 
depends on the size of a horn, reflector, or lens. 

aperture compensation In a television (TV) cam- 
era, the minimizing of APERTURE DISTORTION 
by widening the video-amplifier passband. 

aperture distortion In a television (TV) camera 
tube, a form of distortion that occurs when the 
scanning beam covers several mosaic elements 
simultaneously. This condition, caused by exces- 
sive beam thickness, results in poor image reso- 
lution. 

aperture mask In a three-gun color picture tube, a 
thin, perforated sheet mounted behind the view- 
ing screen to ensure that a particular color phos- 
phor will be excited only by the beam for that 
color. Also called shadow mask. 

aperture synthesis In telescopes, a method of ob- 
taining high resolution using several small anten- 
nas separated by great distances. The small 
antennas are moved around to simulate the re- 
solving power of a much larger antenna that 
would, in practice, be impossible or impractical to 
construct. 

aphelion 1. The point at which a solar-orbiting 
satellite attains its highest altitude. It occurs 
once for every complete orbit. At this point, the 
satellite travels slower than at any other point in 
the orbit. 2. The altitude, measured from the 
sun’s surface or the sun’s center, of a solar- 
orbiting satellite at its most distant point. 

APL Abbreviation for A Programming Language. A 
high-level computer language designed for ease of 
use, and characterized by the requirement for a 
special character set. 

apl 1. Abbreviation of average picture level. 2. Ab- 
breviation of automatic phase lock. 

Aplus Also, A+. The positive terminal of an A bat- 
tery. Also, pertaining to the part of a circuit con- 
nected to that terminal. 
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apogee 1. The point at which an earth-orbiting 
satellite attains its highest altitude. It occurs 
once for every complete orbit. At this point, the 
satellite travels slower than at any other point in 
the orbit. 2. The altitude, measured from the 
earth's surface or the earth's center, of an earth- 
orbiting satellite at its most distant point. 

A power supply A term sometimes used to denote 
the unit that supplies energy to a vacuum-tube 
filament. Compare B POWER SUPPLY. 

apparent bearing In radio-direction finding, the 
uncorrected direction from which a signal ap- 
pears to arrive. 

apparent power In an ac circuit, the power value 
obtained by multiplying the current by voltage (P 
equals IE), with no consideration of the effects of 
phase angle. Compare TRUE POWER. 

apparent power loss The loss in an ammeter or 
voltmeter, caused by the imperfection of the in- 
strument. At full scale, the ammeter has a certain 
voltage across its terminals; the apparent power 
loss is the current multiplied by this voltage. A 
voltmeter carries a small current; the apparent 
power loss is the product of the current and the 
indicated voltage. 

appearance potential The potential through 
which an electron must move to produce a cer- 
tain ion from the atom with which it is associated. 

applause meter An instrument consisting essen- 
tially of a microphone, audio amplifier, and indi- 
cating meter (reading directly in sound level). It is 
so Called because of its familiar use in measuring 
audience response, as indicated by loudness of 
applause. 


+6V 
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Applegate diagram For a velocity-modulated tube, 
a plot of the positions of electron bunches in the 
drift space versus time. 

Appleton layer Collectively, the Fl and F2 layers 
of the ionosphere, at a height between 150 and 
400 kilometers above the surface of the earth. 

apple tube A color picture tube, used in television, 
with the red, blue, and green phosphor in vertical 
strips. 
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appliance Electrical equipment in general. This 
might include any home-operated device. 

application A task or job for which an electronic 
device or system is used. It especially pertains to 
personal-computer software that has practical 
usefulness. 

application factor A factor involved in determin- 
ing the failure rate of a circuit or system affected 
by unusual operating conditions. 

application schematic diagram A diagram of pic- 
torial symbols and lines that illustrate the inter- 
relationship of functional circuit blocks in a 
specific program mode. 

applicators 1. In dielectric heating, the electrodes 
between which the dielectric body is placed and 
the electrostatic field developed. 2. In medical 
electronics, the electrodes applied to a patient 
undergoing diathermy or ultrasonic therapy. 

applied voltage The voltage presented to a circuit 
point or system input, as opposed to the voltage 
drop resulting from current flow through an ele- 
ment. 

applique circuit A circuit for adapting equipment 
to a specialized job. 

approach-control radar A radar installation serv- 
ing a ground-controlled approach (GCA) system. 

approximate data 1. Data obtained through phys- 
ical measurements. Such data can never be ex- 
act; all measurements are subject to error. 2. 
Loosely estimated data or imprecise calculations. 

AQL Abbreviation of ACCEPTABLE QUALITY 
LEVEL. A statistically defined quality level, de- 
fined in terms of percent defective, accepted on 
an average of 95 percent of the time. 

Aquadag A tradename for a material that consists 
of a slurry of fine particles of graphite. Aquadag 
forms a conductive coating on the inside and out- 
side walls of some cathode-ray tubes. 

aqua pura Pure water; in most instances, distilled 
water. Formula, H2O. Pure water is a nonconduc- 
tor with a dielectric constant of about 81. 

Ar Symbol for ARGON. 

arbitrary function fitter A circuit or device, such 
as a potentiometer, curve changer, or analog 
computer element, providing an output current 
or voltage that is some preselected function of the 
input current or voltage. 

arc 1. A luminous sustained discharge between 
two electrodes. Because it is sustained, rather 
than intermittent, an arc is distinguished from a 
spark discharge, the latter being a series of dis- 
charges (sparks)—even when it appears continu- 
ous. 2. In graphical presentations, a section of 
curved line, as of a circle. 

arc angle The angle in degrees traced out by a cir- 
cular arc if the center point of the circle is con- 
sidered to be the vertex of an angle formed by 
two rays intersecting the arc at designated 
points. 

arc cosecant Abbreviated arc csc or csc!. 1. The 
inverse of the cosecant function. 2. The angle, in 
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radians or degrees, corresponding to a given 
cosecant. 

arc cosine Abbreviated arc cos or cos*. 1. The in- 
verse of the cosine function. 2. The angle, in radi- 
ans or degrees, corresponding to a given cosine. 

arc cotangent Abbreviated arc cot or cot!. 1. The 
inverse of the cotangent function. 2. The angle, in 
radians or degrees, corresponding to a given 
cotangent. 

arc failure 1. Damage to, and/or failure of, insula- 
tion or a dielectric as a result of ARCOVER. 2. 
Failure of make-and-break contacts through 
damage caused by arcover. 

arc function An inverse trigonometric function. See 
ARC COSECANT, ARC COSINE, ARC COTAN- 
GENT, ARC SECANT, ARC SINE, and ARC TAN- 
GENT. 

arc furnace A high-temperature electric furnace in 
which heat is produced by one or more electrical 
arcs. 

architecture The functional design elements of a 
computer—especially the components of the cen- 
tral processing unit (CPU) and the manner in 
which these elements interact. 

archived file A computer file stored on some 
backup medium, such as magnetic tape, disk- 
ette, or CD-ROM (compact disk, read-only mem- 
ory), rather than being held on the hard disk. 
Such a file will be apart from the operating sys- 
tem’s catalog of current files, but can be reconsti- 
tuted as needed. 

archives A complete, periodically updated set of 
ARCHIVED FILES. 

arcing See ARCOVER. 

arcing contacts Make-and-break contacts be- 
tween which an arc occurs when they are sepa- 
rated. 

arcing ring A metal ring placed around an insula- 
tor in a high-voltage electrical system. This keeps 
an arc from charring or breaking the insulator. 

arcing time The elapsed time between the break- 
ing of contacts and the end of the arc between the 
contacts. 

arc lamp An electric lamp in which a brilliant arc 
jumps between the tips of two rods (originally car- 
bon). 


Electrode 


Gap with are 


“Ma 
TP 
Electrode 
arc lamp 


arc length The length along a given arc, usually a 
part of the circumference of a circle. If the circle 
has circumference C and the arc measures x de- 
grees, then the arc length is Cx/360 units. 

arc minute See MINUTE. 

arc oscillation Oscillations that can occur when 
opening relay contacts arc. 

arcover The occurrence of an electrical ARC be- 
tween electrodes, contacts, or capacitive plates. 

arcover voltage The voltage at which disruptive 
discharge occurs, typically accompanied by an 
arc. 

arc resistance The ability of a material, usually a 
dielectric, to resist damage from arcing. This 
property is commonly expressed as the length of 
time between the start of the arc and the estab- 
lishment of a conductive path through the mate- 
rial. 

arc secant Abbreviated arc sec or sec. 1. The in- 
verse of the secant function. 2. The angle, in ra- 
dians or degrees, that corresponds to a given 
secant. 

arc second See SECOND. 

arc sensor A device for detecting visible arcs and 
excessive reflected power in microwave systems. 

arc sine Abbreviated arc sin or sin™!. 1. The inverse 
of the sine function. 2. The angle, in radians or 
degrees, that corresponds to a given sine. 

arc suppression Extinguishing an arc discharge. 
Disruptive arcs in electronic circuits are sup- 
pressed by means of auxiliary diodes or resistor- 
capacitor networks. 

arc-suppressor diode A semiconductor diode used 
to prevent arcing between make-and-break con- 
tacts. 

arc tangent Abbreviated arc tan or tan’. 1. The 
inverse of the tangent function. 2. The angle, in 
radians or degrees, corresponding to a given tan- 
gent. 

arcthrough The puncturing of a material by an 
arc. 

area code In the United States, a three-digit 
number that indicates the location, according to 
specified assigned districts, of a telephone sub- 
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scriber. When making a long-distance call, the 
area code of the desired station must be given in 
addition to the seven-digit telephone number. 

area protection Coverage of a defined region, in 
terms of area or volume, by an alarm system. 

area redistribution A scheme to determine the ef- 
fective duration of an irregularly shaped pulse. A 
rectangle is constructed whose height is equal to 
the peak height of the pulse, as displayed on an 
oscilloscope. The rectangle width is adjusted un- 
til the area of the rectangle is the same as the 
area under the curve representing the pulse. The 
width of the rectangle then represents the effec- 
tive duration of the pulse. 

area search The scanning of a large group of com- 
puter records for those of a major category or 
class. 

area sensor A transducer, used with an alarm sys- 
tem, that protects a defined region or volume, 
such as an office or bedroom. 

Argand diagram Named after Jean Robert Argand, 
(1768-1822) of Geneva, for his work on the 
graphical representation of complex numbers. A 
graphical illustration of a complex number in the 
form A + jB, where the real-number (A) axis is 
perpendicular to the imaginary-number (jB) axis. 
The value j is the square root of -1, the unit imag- 
inary number. The axes are perpendicular, usu- 
ally with the A axis horizontal. The length of the 
line from the point (0,0) to the point (A,jB) is the 
amplitude of the vector X = A + jB. The direction 
is specified as the angle, in degrees or radians, of 
the vector measured counterclockwise from the A 
axis. 
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argon Symbol, Ar. An inert gaseous element. 
Atomic number, 18. Atomic weight, 39.94. Argon, 
present in small amounts in the earth's atmo- 
sphere, is used in various specialized devices, 
such as lasers. 

argon laser A laser whose tube is filled with argon 
gas. It generates coherent light at specific wave- 
lengths that are characteristic of elemental ar- 
gon. 

argument 1. The direction angle of a polar vector. 
2. An independent variable whose value deter- 
mines the value of a function. 

arithmetic address An address obtained by per- 
forming an arithmetic operation on another ad- 
dress. 

arithmetic and logic unit Abbreviation, ALU. The 
part of a digital computer containing the circuits 
that perform calculations and logic operations; 
distinguished from mass storage, input/output, 
and peripheral units. 

arithmetic circuit Also called arithmetic element. 
In a digital computer, a circuit that is involved in 
the execution of calculations. Included are 
adders, storage registers, accumulators, sub- 
tracters, and multipliers. 

arithmetic mean The average of a group of quan- 
tities, obtained by dividing their sum by the num- 
ber of quantities. 

arithmetic operation In digital computer prac- 
tice, a numerical process performed: addition, 
subtraction, multiplication, division, compari- 
son. 

arithmetic progression A mathematical series in 
which each term following the first is obtained by 
adding a constant quantity to the preceding one. 
For example, S= 1, 2, 3, 4, ...n. Compare GEO- 
METRIC PROGRESSION. 

arithmetic shift In a digital computer, the multi- 
plication or division of a quantity by a power of 
the base used in the notation. 

arithmetic sum The sum of two or more quantities 
disregarding their signs. Compare ALGEBRAIC 
SUM. 

arithmetic symmetry A filter response that is ex- 
actly symmetrical about the center frequency 
when the frequency scale is linear. 
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arm 1. Any of the distinct branches of a circuit or 
network. Also called leg. 2. A movable element in a 
device, usually containing a contact for switching. 

armature 1. The rotating member of a motor. 2. 
The rotating member of some types of electro-me- 
chanical generator. 3. The movable member of a 
relay, bell, buzzer, or gong. 4. The movable mem- 
ber of an actuator. 5. The soft-iron keeper placed 
across the poles of a permanent magnet to con- 
serve power. 

armature coil A coil of insulated wire wound ona 
ferromagnetic core to provide the electromagnetic 
properties of an armature. In a motor or genera- 
tor, the armature coil is distinguished from the 
FIELD COIL. 

armature core The ferromagnetic core upon which 
the armature coil of a motor or generator is 
wound. 

armature gap 1. In a motor or generator, the space 
between an armature core and the pole of a field 
magnet. 2. In a relay, the space between the ar- 
mature and the relay-coil core. 

armature hesitation A momentary delay in the 
movement of a relay. 

armature-hesitation contact chatter Undesired 
(usually rapid, repetitive) making and breaking of 
relay contacts. Generally caused by armature 
hesitation. 

armature-impact contact chatter Undesired 
(usually rapid, repetitive) making and breaking of 
relay contacts, caused by contact bounce when 
the armature strikes the relay core (closure) or 
backstop (opening). 

armature relay A relay that uses an electromagnet 
to pull a lever toward or away from a set of fixed 
contacts. 

armature travel The distance traveled by an arma- 
ture during relay operation. 

armor A protective metal cable covering. 

Armstrong FM system (Edwin H. Armstrong, 
1890-1954). A phase-shift method of frequency 
modulation. See PHASE MODULATION. 

armature voltage control A means of controlling 
motor speed by changing the applied armature 
winding voltage. 

armchair copy An amateur radio term for recep- 
tion of exceptionally clear signals. 

arming the oscilloscope sweep Enabling an oscil- 
loscope to trigger on the next pulse by closing a 
switch. 

Armstrong oscillator (Edwin H. Armstrong, 
1890-1954). An oscillator circuit that uses in- 
ductive feedback between the output and input. 
Either the output coil or the input coil can be 
tuned to set the oscillator frequency. The amount 
of positive feedback is controlled by varying the 
coupling between the coils. 

Armstrong superheterodyne circuit See SUPER- 
HETERODYNE CIRCUIT. 

Armstrong superregenerative circuit See SU- 
PERREGENERATIVE CIRCUIT. 
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ARPA Acronym for Advanced Research Projects 
Agency, a subsidiary of the U.S. Department of 
Defense. 

array 1. A directive antenna that consists of an as- 
sembly of properly dimensioned and spaced ele- 
ments, such as radiators, directors, and 
reflectors. 2. A coordinated group or matrix of 
components, such as diodes, resistors, memory 
cells, etc., often enclosed in one capsule. 3. Sub- 
scripted variables representing data arranged so 
that a program can examine the array and extract 
data relevant to a particular subscript. 

array device A group of similar or identical compo- 
nents that are connected together in a certain 
fashion, to perform a specific task. 

arrester 1. A device used to protect an installation 
from lightning. It consists of a varistor or an air 
gap connected between an antenna or power line 
and an earth ground. The device passes little or 
no current under ordinary conditions, but passes 
heavy current to ground during a lightning 
stroke. Also called LIGHTNING ARRESTER. 2. A 
self-restoring protective device used to reduce 
voltage surges on power lines. 

ARRL Abbreviation for American Radio Relay 
League. 

arrowhead A wideband, log-periodic antenna with 
linear polarization. 

ARS Abbreviation of Amateur Radio Service. 

arsenic Symbol, As. A metalloidal element. Atomic 
number, 33. Atomic weight, 74.91. Arsenic is fa- 
miliar as an n-type dopant in semiconductor pro- 
cessing. 
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ARSR Abbreviation of air route surveillance radar. 

articulation A measure of the effectiveness of voice 
communications, expressed as the percentage of 
speech units understood by the listener when the 
effect of context is negligible. 

artificial antenna See DUMMY ANTENNA. 

artificial ear A microphone-type sensor, equiva- 
lent to the human ear, used to measure sound 
pressures. 

artificial echo 1. In radar practice, the reflections 
of a transmitted pulse returned by an artificial 
target. 2. A signal from a pulsed radio-frequency 
(RF) generator, delayed to simulate an echo. 

artificial ground The effective ground provided by 
the radials or disk of a ground-plane antenna, as 
opposed to actual ground (the earth itself). Com- 
pare TRUE GROUND. 

artificial horizon In aircraft instrumentation, a 
device that displays lines showing the position of 
the aircraft in flight, with reference to the hori- 
zon. 

artificial intelligence Abbreviation, AI. 1. A spe- 
cialized field of computer science overlapping 
with electronics, biology, physiology, and other 
sciences, concerning attempts to develop ad- 
vanced computer systems that can emulate the 
processes of the human mind. 2. The ability of a 
computer to learn from its mistakes, refine its 
own processes, and perhaps ultimately reason in 
a humanlike manner. 

artificial ionization An artificial reflecting layer 
that is created in the atmosphere to provide a 
skip condition. 

artificial language A language that is not com- 
monly used, but has been devised for efficiency in 
a particular situation—especially in a computer 
system. 

artificial life 1. The ultimate endpoint of ARTIFI- 
CIAL INTELLIGENCE, wherein machines acquire 
qualities, such as wisdom and the capability to 
feel emotions. The state of the art is currently 
nowhere near this point. 2. A hypothetical ma- 
chine or set of machines with lifelike qualities, in- 
cluding human-level intelligence, wisdom, and 
emotion. 

artificial stimulus An electronic method of robot 
guidance and navigation using radar, sonar, vi- 
sion systems, edge detection, and/or beacons. 

artificial transmission line A network of capaci- 
tors and inductors with characteristics similar to 
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those of the more bulky transmission line it re- 
places in tests and measurements. It also serves 
as a time-delay or phase-shift device and as a 
pulse-forming network. 

artificial voice A device used to test and calibrate 
noise-canceling microphones, consisting essen- 
tially of a small loudspeaker that has a baffle 
whose acoustical properties simulate those of the 
human head. 

artos stripper A machine that cuts and strips wire 
for the fabrication of multiconductor cables. 

artwork 1. In the manufacture of printed circuits, 
the scaled drawings from which the mask or etch 
pattern is obtained photographically. 2. Collec- 
tively, the illustrations depicting an electronic cir- 
cuit, device, or system. 

As Symbol for ARSENIC. 

ASA Abbreviation of AMERICAN STANDARDS AS- 
SOCIATION. 

asbestos A nonflammable fibrous material consist- 
ing of calcium and magnesium silicates that is 
used for high-temperature insulation. 

A-scan A radar-screen presentation in which the 
horizontal time axis displays distance or range, 
and the vertical axis displays the amplitude of 
signal pulse and echo pulses. 

ascending node For a satellite orbiting the earth or 
another planet, any point at which the ground- 
track crosses the equator as it moves from the 
southern hemisphere into the northern hemi- 
sphere. This node generally changes for each 
succeeding orbit, because the earth or planet ro- 
tates underneath the orbit of the satellite. Com- 
pare DESCENDING NODE. 

ascending pass For a specific point on the earth’s 
surface, the time during which an artificial com- 
munications satellite is accessible when its lati- 
tude is moving northward. The duration of 
accessibility depends on the altitude of the satel- 
lite, and on how close its groundtrack comes to 
the earth-based point. Compare DESCENDING 
PASS. 

ASCII Acronym (pronounced “ask-ee”) for Ameri- 
can Standard Code for Information Interchange. 

ASI Abbreviation for American Standards Institute. 

A-scope A radar system that displays an A-SCAN. 

Askarel A synthetic, nonflammable liquid dielec- 
tric. 

aspect ratio The width-to-height ratio of a video 
image, generally three units high by four units 
wide. 

asperities On the surface of an electrode, tiny 
points at which the electric field is intensified and 
from which discharge is highly probable. 

ASR 1. Abbreviation of AIRBORNE (or AIRPORT) 
surveillance radar. 2. Abbreviation of AUTO- 
MATIC SEND/ RECEIVE. 

ASRA Acronym for automatic stereophonic record- 
ing amplifier. 

assemble 1. To gather subprograms into a com- 
plete digital computer program. 2. To translate a 
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Symbols for ASCII teleprinter code 


First Last three signals 
four 
signals 000 001 010 O11 100 101 110 11] 
0000 NUL DLE SPC 0 P / p 
0001 SOH DCI ! 1 A Q a q 
0010 STX DC2 " 2 B R b r 
0011 ETX DC3 # 3 C S c S 
0100 EOT DC4 $ 4 D T d t 
0101 ENQ NAK % 3 E U e u 
0110 ACK SYN & 6 F V f v 
0111 BEL ETB ' i) G W g W 
1000 BS CAN ( 8 H X h X 
1001 HT EM ) 9 I Y i y 
1010 LF SUB * J Lo j Z 
1011 VT ESC + ; K [ k { 
1100 FF FS f < L / l / 
1101 CR GS - = -M ] m } 
1110 SO RS > N n ~ 
1111 SI US 2? O - o DEL 
ACK: acknowledge FF: form feed 
BEL: bell FS: file separator 
BS: back space GS: group separator 
CAN: cancel HT: horizontal tab 
CR: carriage return LF: line feed 
DCI: device control no. 1 NAK: do not acknowledge 
DC2: device control no. 2 NUL: null 
DC3: device control no. 3 RS: record separator 
DC4: device control no. 4 SI: shift in 
DEL: delete SO: shift out 
DLE: data link escape SOH: start of heading 
ENQ: enquiry SPC: space 
EM: end of medium STX: start of text 
EOT: end of transmission SUB: substitute 
ESC: escape SYN: synchronous idle 
ETB: end of transmission US: unit separator 
block VT: vertical tab 
ETX: end of text 


symbolic program language into a machine (bi- 
nary) language program by substituting opera- 
tion codes and addresses. 

assembly 1. A finished unit that can be either a 
practical working model or a dummy, a proto- 
type, or a final model; an integrated aggregation 
of subunits. 2. A low-level computer source-code 
language that uses crude mnemonics that are 
easier to remember than the machine-language 
equivalents. 

assembly language A source code that uses 
mnemonic instructions. (See ASSEMBLY, 2.) 


assembly program The program that operates on 
a symbolic-language program to produce a ma- 
chine language program in the process of assem- 
bly. Also called assembler. 

assembly robot A form of industrial robot that puts 
hardware together. Such a robot is generally a 
component of an automated integrated manufac- 
turing system (AIMS). The robot can do repetitive 
work at high speed and precision for long periods 
of time. 

assign To reserve part of a computing system for a 
specific purpose, normally for the duration of a 
program run. 

assigned frequency The radio carrier frequency or 
band of frequencies designated for a transmitting 
station by a licensing authority. Also see RADIO 
SPECTRUM. 

associative memory Computer memory in which 
locations are identified by content, rather than by 
specific address. 

assumed decimal point A decimal point that does 
not occupy an actual computer storage space, 
but is used by the computer to align values for 
calculation; the decimal point is assumed to be at 
the right unless otherwise specified. 

astable Having two temporary states; BISTABLE. 

astable circuit A circuit that has two unstable 
states, and whose operation is characterized by 
alternation between those states at a frequency 
determined by the circuit constants. 

astable multivibrator A free-running multivibra- 
tor. The common circuit uses two bipolar or field- 
effect transistors, their inputs and outputs being 
cross coupled. Conduction switches alternately 
between the two. 

astatic 1. Without fixed position or direction. 2. In 
a state of neutral equilibrium. 

astatic galvanometer A galvanometer with a mov- 
able element consisting of two identical magne- 
tized needles mounted nonparallel on the same 
suspension. Each needle is surrounded by a coil. 
The coils are wound in opposite directions, and 
are connected in series to the current source. A 
large permanent magnet provides the field 
against which the needle assembly rotates. The 
instrument functions independently of the geo- 
magnetic field. 

astatine Symbol, At. A radioactive elemental halo- 
gen produced from radioactive decay. Atomic 
number, 85. Atomic weight, 210. Formerly called 
alabamine. 
A station One of the two stations in the transmit- 
ting system of LORAN (long-range navigation). 
astigmatism A focusing fault in a cathode-ray 
tube (CRT), in which electrons in different axial 
planes focus at different points. 

ASTM Abbreviation for American Society for Testing 
and Materials. 

astrionics The design, production, and application 
of electronic devices and systems for use in space 
vehicles and space navigation. 
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astronomical unit Abbreviation, AU. A unit of dis- 
tance equal to 1.496 x 108 kilometers (9.296 x 107 
miles). Approximately equal to the mean distance 
between the earth and the sun. 

A supply See A POWER SUPPLY. 

asymmetrical cell A photocell exhibiting ASYM- 
METRICAL CONDUCTIVITY. 

asymmetrical communications 1. Two-way com- 
munications in which the volume of transmitted 
data is much greater in one direction than in the 
other. 2. Two-way communications in which the 
speed of transmitted data is much greater in one 
direction than in the other. Compare SYMMET- 
RICAL COMMUNICATIONS. 

asymmetrical conductivity A condition in which 
a device conducts well in one direction, but poorly 
in the other direction. A rectifier diode is a com- 
mon example of a component that exhibits this 
effect. 

asymmetrical distortion In a binary system, 
lengthening or shortening of one of the states, by 
comparison to the theoretical or ideal duration. 

asymmetrical FET A FIELD-EFFECT TRANSIS- 
TOR in which the source and drain cannot be in- 
terchanged without degrading performance. 

asymmetrical multivibrator An unbalanced mul- 
tivibrator (i.e., one in which the circuit halves are 
not identical). If the time constants of the halves 
are different, the output pulses will be short and 
widely separated. 

asymmetrical sideband See VESTIGIAL SIDE- 
BAND. 

asymmetrical sideband transmission See VESTI- 
GIAL SIDEBAND TRANSMISSION. 

asymmetrical wave A wave whose upper (positive 
half-cycle) and lower (negative half-cycle) por- 
tions have different amplitudes or shapes. Also 
called asymmetric wave. 

asymmetry control An adjustment in a device in- 
tended for measuring the pH (acidity/alkalinity). 
This corrects the inaccuracies that results from 
the differences between the electrodes. 

asymptote In analytical geometry, a fixed straight 
line or ray L with a special relationship to a 
curve or part of a curve K that recedes to infin- 
ity. As the distance from the origin (0,0) in- 
creases without limit, the separation between K 
and L approaches zero, but K and L never actu- 
ally meet. 

asymptotic breakdown voltage A voltage that will 
cause dielectric breakdown if applied continu- 
ously for a sufficiently long time. 

asymptotic expression An expression having a 
very small error in terms of percentage. 

asynchronous 1. Not synchronous, i.e., nonrecur- 
rent (as in out-of-phase waves). 2. A mode of 
computer operation in which the completion of 
one operation starts another. 

asynchronous device A device not regulated by 
the system in which it is used, as far as its oper- 
ating frequency or rate is concerned. 
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asynchronous input In digital circuitry, any flip- 
flop input at which a pulse can affect the output 
independently of the clock. 

asychronous motor An ac motor whose speed is 
not proportional to the supply frequency. 

asynchronous transmission Data transmission 
in which each character or symbol begins with a 
start signal and ends with a stop signal. This 
eliminates the need for the data to be sent at a 
uniform speed. 

asynchronous vibrator In a vibrator-type portable 
power supply, a vibrator that only makes and 
breaks the primary circuit of the step-up trans- 
former. This is in contrast to the synchronous vi- 
brator, which also makes and breaks the 
secondary circuit in synchronism with the pri- 
mary. Also called NONSYNCHRONOUS VIBRA- 
TOR. 

AT A quartz crystal cut wherein the angle between 
the x-axis and the crystal face is 35 degrees. 

At Symbol for astatine. 

AT-cut crystal A piezoelectric crystal cut at a 35- 
degree angle, with respect to the optical axis of 
the quartz. The frequency of such a crystal does 
not appreciably change with variations in tem- 
perature. 

atmosphere 1. The gas surrounding a planet, par- 
ticularly the air sheathing the earth. 2. Abbrevia- 
tion, atm. A unit of pressure equal to 1.013 x 10€ 
dynes per square centimeter (about 14.7 pounds 
per square inch). 

atmospheric absorption 1. The conversion of 
electromagnetic energy into heat, with resulting 
loss, as the energy passes through the earth’s at- 
mosphere. The extent of this effect depends on 
the wavelength. 2. See ABSORPTION LOSS, 2. 

atmospheric absorption noise Noise, principally 
above 1 GHz, resulting from atmospheric absorp- 
tion (see ABSORPTION LOSS, 2). 
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atmospheric bending The refraction or reflection 
of electromagnetic waves by the troposphere or 
ionosphere. See ATMOSPHERIC REFLECTION. 

atmospheric duct A tropospheric stratum, often 
associated with temperature inversions, lake ef- 
fects, or weather fronts, through which electro- 
magnetic energy at ultra-high and microwave 
frequencies is efficiently propagated for long dis- 
tances. 


Warm air 


Cool air 


(Duct) 


Warm air 


atmospheric duct 


atmospheric electricity Static electricity present 
in the atmosphere, which evidences itself in dis- 
turbance of radio communications and in dis- 
plays of lightning. 

atmospheric noise Receiver noise resulting from 
ATMOSPHERIC ELECTRICITY. Also called sferics 
or Static. 

atmospheric pressure Abbreviation, atm press. 1. 
The pressure exerted by the earth's atmosphere, 
as indicated by a barometer at sea level; normally 
between 29 and 31 inches of mercury. 2. A pres- 
sure of 1.013 x 10° dynes per square centimeter. 
see ATMOSPHERE, 2. 

atmospheric radio wave See SKYWAVE. 

atmospheric radio window The band of frequen- 
cies (approximately 10 MHz to 10 GHz), including 
radio waves that can penetrate the earth’s tropo- 
sphere and ionosphere. 

atmospheric reflection The return of a radio wave 
to earth, resulting from reflection by an ionized 
portion of the atmosphere. 
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atmospheric refraction 1. Downward bending of 
radio waves as a result of variations in the dielec- 
tric constant of the troposphere. 2. Downward 
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bending of radio waves in the ionosphere, result- 
ing in long-range propagation at high frequencies. 

atmospheric scatter 1. The scattering of very-high 
frequency (VHF) and ultra-high frequency (UHF) 
radio waves by the lower atmosphere. 2. Commu- 
nication via scattering of VHF and UHF radio 
waves in the lower atmosphere. 

atmospherics See ATMOSPHERIC NOISE. 

atom 1. The smallest material particle that dis- 
plays the unique characteristics and properties of 
an element. Atoms consist of a dense, positively 
charged central nucleus, around which less-mas- 
sive, negatively charged electrons “swarm” at def- 
inite levels called shells. Also see BOHR ATOM 
and RUTHERFORD ATOM. 2. In a computer- 
compiling operation, an operator or operand. 

atomechanics The physics of electron movement. 

atomic battery A battery in which atomic energy is 
converted into electrical energy. 

atomic charge The electrification (i.e., the electron 
charge) exhibited by an ion. 

atomic clock Also called atomic time standard. A 
highly accurate electronic clock, driven by the 
characteristic oscillations of certain atoms. 

atomic energy Energy released by the FUSION or 
FISSION of atomic nuclei. Also see ATOMIC 
POWER. 

atomic fission See FISSION. 

atomic frequency The natural vibration frequency 
of an atom. 

atomic fusion See FUSION. 

atomic pile See REACTOR, 2. 

atomic mass unit Abbreviated amu. A unit that 
expresses the relative mass of an elemental iso- 
tope. One amu is equal to 112 of the atomic mass 
of carbon 12 (C12). A neutron has a mass of 
roughly one amu. 

atomic migration The transfer or “wandering” of a 
valence electron between or among atoms in a 
single molecule. 

atomic number The number of protons in the nu- 
cleus of an atom. Also, the number of electrons if 
the atom is electrically neutral. For example, the 
atomic number for copper is 29, indicating 29 
protons in the nucleus. An electrically neutral 
atom of copper has 29 electrons. The atomic 
number uniquely identifies an element. 

atomic radiation The emission of radiant energy 
by radioactive substances. 
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atomic reactor See REACTOR, 2. 

atomic theory The scientific theory that all matter is 
composed ultimately of atoms, which are the small- 
est particles retaining the identity of an element. 
Atoms combine to form molecules, the smallest 
particles that retain the identity of a compound. 
Atoms themselves contain minute subatomic parti- 
cles, some of which carry electric charges. See 
BOHR ATOM and RUTHERFORD ATOM. 

atomic time 1. A means of time determination 
that makes use of the resonant vibrations of cer- 
tain substances, such as cesium. 2. Synchro- 
nized astronomical time, as determined by an 
ATOMIC CLOCK. 

atomic unit of energy Ina hydrogen atom, the po- 
tential energy of the electron in the lowest-energy 
shell, as averaged over a certain length of time. 
The shell represents the mean energy of the elec- 
tron. 

atomic weight 1. The mass of a particular atom in 
ATOMIC MASS UNITS (amu). 2. A number char- 
acterizing the average mass of individual atoms 
for a specific isotope of an element. Thus, carbon 
12 (C12) has an atomic weight of 12, oxygen 16 
(O16) has an atomic weight of approximately 16, 
and uranium 238 (U238) has an atomic weight of 
about 238. 

atomistics The science of the atom and atomic en- 
ergy. Also called atomics. 

attack 1. The rise of a pulse from zero to maximum 
amplitude. 2. The time required for a pulse to rise 
from zero to maximum amplitude. 3. The initial- 
ization of a circuit voltage or current for a certain 
purpose, such as an automatic gain control. 4. 
The rise of a musical note from zero to full volume. 


Amplitude 
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attack time The time required for an applied sig- 
nal that suddenly increases in amplitude to reach 
63.2 percent of its final, stable value. 

attemperator An automatic temperature-control- 
ling device; a thermostat. 

attention display A computer-generated chart or 
graph, displayed as an alert signal concerning a 
particular situation. 


attenuate To reduce in amplitude. 

attenuation A reduction of signal amplitude. 

attenuation characteristic Also called attenua- 
tion constant. 1. In an amplifier, network, or com- 
ponent, the decrease in signal amplitude as a 
function of frequency, usually expressed in deci- 
bels per octave. 2. In a transmission line, the de- 
crease in signal amplitude per unit length. 
Usually expressed in decibels per 100 feet, deci- 
bels per mile, or decibels per kilometer. 

attenuation constant See ATTENUATION 
CHARACTERISTIC. 

attenuation distortion A type of distortion char- 
acterized by variation of attenuation with fre- 
quency within a given frequency range. 

attenuation equalizer An equalizer that stabilizes 
the transfer impedance between two ports at all 
frequencies within a specified frequency band. 

attenuation-frequency distortion Distortion 
characterized by the attenuation of the frequency 
components in a complex waveform. Frequency- 
sensitive RC networks (such as a Wien bridge) ex- 
hibit this type of distortion when they attenuate a 
fundamental and each harmonic unequally. 

attenuation network A combination of compo- 
nents (R, C, or L singly or in any necessary 
combination) that provide constant signal 
attenuation with negligible phase shift through- 
out a frequency band. 

attenuation ratio The ratio indicating a relative 
current, voltage, power or energy decrease. For 
example, for voltage, Einput/Eoutpu = 6/2 = 3:1 = 3. 

attenuator A device for reducing signal amplitude 
in precise, predetermined steps, or smoothly over 
a continuous range. A network of resistors, ca- 
pacitors, or both. The simplest attenuator con- 
sists of one or more noninductive resistors. 


Input Output 
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attitude The position of an aircraft or space vehicle 
relative to a (usually terrestrial) reference point, 
often determined with electronic instruments. 

atto- Abbreviated, a. A prefix meaning 107!8 or 
multiplication by 1078. 

attofarad Abbreviation, aF. An extremely small 
unit of low capacitance; 1 aF equals 107**? F. 

attracted-disk electrometer A device to measure 
potential difference consisting of two parallel 
metal disks—one of which is connected to a ten- 
sion spring. The force between the disks indicates 
the magnitude of the electric field. 
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attraction The drawing together or pulling toward, 
as in the attraction between electric charges or 
magnetic poles. Dissimilar charges and poles at- 
tract each other (electric plus to minus, magnetic 
north to south). Compare REPULSION. 

ATV Abbreviation of amateur television, used in the 
Amateur Radio Service. 

AU Abbreviation of ASTRONOMICAL UNIT. 

Au Symbol for GOLD. 

audibility The quality of being detectable by the 
human ear. In a healthy listener, the threshold of 
audibility is extremely low; at the threshold, the 
pressure of a sound wave varies from normal by 
approximately 104 pascal. The frequency range 
of human audibility extends roughly from 20 Hz 
to 20 kHz. 


Sound Audibility (dB) 
Threshold of hearing 0 
Whisper 10-20 
Electric fan at 10 feet 30-40 
Running water at 10 feet 40-60 
Speech at 5 feet 60-70 
Vacuum cleaner at 10 feet 70-80 
Passing train at 50 feet 80-90 
Jet at 1000 feet altitude 90-100 
Rock band on stage 110-120 
Air hammer at 5 feet 130-140 


audibility table 


audibility curve A graph (such as the Fletcher- 
Munson curve) that depicts the range of human 
hearing in terms of frequency versus the sound 
pressure at the threshold of AUDIBILITY. 

audible Detectable by the human ear. 

audible alarm device An ANNUNCIATOR that 
produces an easily identifiable sound in re- 
sponse to an ALARM CONDITION in a security 
system. 

audible frequency See AUDIO FREQUENCY. 

audible tone A vibration of air molecules that can 
be detected by the human ear, and with periodic 
properties, such as a sine-wave vibration. 

audio 1. Pertaining to the spectrum of frequencies 
corresponding to the human hearing range 
(about 20 Hz to 20 kHz), or to equipment or per- 
formance associated with that spectrum. 2. Any 
disturbance, such as a current or compression 
wave, falling within the range of about 20 Hz to 
20 kHz. 3. AUDIO FREQUENCY. 

audio amplifier See AUDIO-FREQUENCY AMPLI- 
FIER. 

audio band The range (band) of audio frequencies. 

audio channel 1. The portion of a complex signal 
or waveform used to convey audio information ex- 
clusively. 2. The audio-frequency section of a 
transmitter or receiver (as opposed to the radio- 


frequency section). 3. A radio channel of fixed fre- 
quency that is reserved for voice communica- 
tions. 

audio clipping Brute-force limiting of the ampli- 
tude of an audio signal, usually accomplished us- 
ing semiconductor diodes to prevent the positive 
and negative peak amplitudes from exceeding a 
certain level. 
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audio component The audio-frequency portion of 
any wave or signal. 

audio converter A circuit in which a received ra- 
dio-frequency (RF) signal is heterodyned with a 
local RF oscillator signal to produce an audio- 
frequency (AF) beat-note output. The beat note is 
then amplified by an AF amplifier. It is used es- 
pecially by amateur radio operators in the recep- 
tion of continuous-wave (CW) radiotelegraphy, 
radioteletype, and packet radio at high frequen- 
cies. 

audio frequency A frequency lying within the au- 
dible spectrum. Abbreviated AF. See AUDIO- 
FREQUENCY SPECTRUM. 

audio-frequency amplifier An amplifier that oper- 
ates in part or all of the frequency range 20 Hz to 
20 kHz. High-fidelity amplifiers function over a 
somewhat wider range (e.g., 10 Hz to 50 kHz). 

audio-frequency choke An inductor (usually hav- 
ing a ferromagnetic core) that blocks audio-fre- 
quency current, but passes direct current. 

audio-frequency feedback 1. Electrical FEED- 
BACK (positive and/or negative) that affects audio- 
frequency circuits. 2. ACOUSTIC FEEDBACK. 

audio-frequency filter A filter of any type that op- 
erates on any part of the frequency range 20 Hz to 
20 kHz. 
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audio-frequency meter An instrument to measure 
frequencies in the audio-frequency spectrum (ap- 
proximately 20 Hz to 20 kHz). Three types are 
commonly used: 

e Analog Gives direct indications of frequency on 
the scale of a D’Arsonval meter; the usual range 
is 20 Hz to 100 kHz. 


e Digital Gives direct indications of frequency by 
means of readout lamps; the usual range is 1 Hz 
to 15 MHz. This instrument is useful also as a 
radio-frequency meter. 

e Bridge Consists of a frequency-sensitive bridge, 
such as a Wien bridge, with a null-indicating 
meter. The operator balances the bridge and 
reads the unknown frequency from the dial of 
the balance control. 
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audio-frequency noise Any electrical noise signal 
causing interference within the audio-frequency 
spectrum. 

audio-frequency oscillator See AUDIO OSCILLA- 
TOR. 

audio-frequency peak limiter Any circuit or de- 
vice, such as a biased diode, that performs the 
function of audio limiting. 

audio-frequency-shift keying Abbreviation, AFSK. 
Frequency-shift keying that is done at audio 
frequencies (below approximately 20 kHz) rather 
than at radio frequencies. There are two audio 
sine-wave signals, one for logic 1 (high or mark) 
pulses and the other for the logic O (low or space) 
pulses. This scheme is commonly used with 
telephone modems where the signal bandwidth is 
severely limited by circuit characteristics. At 
typical data speeds in twisted-pair telephone 
lines (usually 28.8 or 57.6 kbps), signals of this 
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type sound like a hiss or roar. 
FREQUENCY-SHIFT KEYING. 

audio-frequency-shift modulator A modulator for 
audio-frequency-shift keying of a signal. 

audio-frequency spectrum The band of frequen- 
cies extending from roughly 20 Hz to 20 kHz. 
High-fidelity component specifications extend 
this range somewhat in both directions (e.g., from 
10 Hz to 50 kHz). 

audio-frequency transformer Abbreviation, AF 
transformer. A device used for the purpose of 
matching impedances at frequencies within the 
range of human hearing (up to approximately 20 
kHz). This ensures the most efficient possible 
transfer of power between stages of audio ampli- 
fication, between an amplifier and a speaker or 
headset, or between a microphone and an audio 
preamplifier. These transformers are available 
with various power ratings and impedance- 
matching ratios. Some devices are tailored to 
have a certain attenuation-versus-frequency re- 
sponse. At audio frequencies, transformers are 
physically similar to the alternating-current 
transformers used in power supplies. They are 
wound on laminated or powdered-iron cores. 
Compare RADIO-FREQUENCY TRANSFORMER. 

audio-frequency transistor A transistor that is 
usually used only at audio frequencies. 

audiogram A graph used to rate hearing, used by 
audiologists and audiometrists. 

audio image In a direct-conversion receiver, a re- 
sponse to a signal on one side of (above or below) 
the local-oscillator (LO) frequency, when the op- 
erator is listening to a signal on the other side of 
the LO frequency. These responses are reduced 
or eliminated in single-signal receivers. 

audio-level meter An ac meter for monitoring sig- 
nal amplitude in an audio-frequency system. It 
can indicate in volts, decibels, volume units (VU), 
or arbitrary units, and is often permanently con- 
nected in the circuit. 

audio limiter A limiter or clipper operated in the 
audio-frequency (AF) channel of a receiver or 
transmitter to hold the output-signal amplitude 
constant, or to minimize the effect of noise peaks. 

audiologist A person skilled in testing hearing (i.e., 
in using audiometers and other electronic instru- 
ments) and evaluating their indications for the 
fitting of hearing aids. 

audiometer An instrument used for hearing tests, 
which consists of a specialized audio-frequency 
(AF) amplifier with calibrated attenuators, output 
meter, and signal source. 

audiometrist A person skilled in the use of au- 
diometers and other electronic instruments that 
measure sound and human hearing, and who 
deals with attendant health and behavior prob- 
lems. Compare ACOUSTICIAN and AUDIOLOGIST. 

audio mixer An amplifier circuit for blending two 
or more audio-frequency (AF) signals, such as 
those delivered by microphones or receivers. 


Compare 
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audio oscillator 1. An oscillator that delivers an 
output signal in the frequency range 20 Hz to 20 
kHz. 2. An audio-frequency (AF) signal generator. 
Some instruments of this type operate above and 
below the limits of the common audio-frequency 
spectrum (e.g., 1 Hz to 1 MHz). 

audio output The output of an audio-frequency 
oscillator or amplifier. It can be measured in 
terms of peak or rms volts, amperes, or watts. 

audiophile A sound-reproduction hobbyist. 

audio power Alternating-current power at frequen- 
cies roughly between 20 Hz and 20 kHz. When 
used in connection with transmitters and other 
modulated radio-frequency (RF) equipment, the 
term refers to modulator power output. 

audio response unit A device that links digitized 
responses, held in computer storage, to a tele- 
phone set or line to answer incoming calls and in- 
quiries. 

audio signal generator See AUDIO OSCILLA- 
TOR, 2. 

audio spectrum The range of sine-wave frequen- 
cies detectable by the human ear when they oc- 
cur as acoustic vibrations. This range is about 20 
Hz to 20 kHz. 

audio squelch A squelch circuit that operates only 
on the audio channel of a receiver. 

audio system 1. The portion of any electronic as- 
sembly that is used to process sound. 2. Special 
computer equipment capable of storing and pro- 
cessing digitized audio-frequency (AF) data. 

audiotape Magnetic tape for the recording and re- 
production of data in the audio-frequency (AF) 
range. 

audio taper In potentiometers, a semilogarithmic 
variation of resistance versus rotation. Used in 
volume and tone controls for audio circuits. At 
midposition (the halfway point), the counter- 
clockwise portion of the device has about 110 the 
resistance of the clockwise portion. A listener will 
hear sound at half-volume because of the loga- 
rithmic nature of the human audibility curve. 

audio-visual Pertaining to a combination of sound 
and sight (e.g., television and sound motion pic- 
tures). 

auditory backward inhibition A subjective phe- 
nomenon, in which a sound is erased from the 
memory of a listener by a second sound arriving 
about 60 milliseconds later. 

auditory inhibition The tendency of sound waves 
to be partially or totally canceled by the 
ears/mind of a listener, depending on the waves’ 
intensity, relative phase, and/or direction of im- 
pact. 

auditory mirage See ACOUSTIC MIRAGE. 

audit trail A history of the processes relating to a 
record, transaction, or file in a computer system. 
Created during the routine processing of data, 
the trail is stored as a file. The audit trail allows 
auditing of the system or the subsequent recre- 
ation of files. 


augend Ina calculation, the number to which an- 
other is to be added. Compare ADDEND. 

augend register In a digital computer, the register 
that stores the augend. Compare ADDEND REG- 
ISTER. 

aural Pertaining to sound actually heard, as op- 
posed to sound that exists only as audio- 
frequency currents or waves. 

aurora A phenomenon sometimes called the north- 
ern lights or southern lights, as seen in the night 
sky. In the Northern Hemisphere, it is known as 
Aurora Borealis; in the Southern Hemisphere, it 
is called Aurora Australis. It generally occurs a 
few hours after a solar flare, when charged parti- 
cles, emitted from the sun, arrive at the earth, 
and are accelerated in the vicinity of the the geo- 
magnetic poles. 

auroral absorption Radio wave absorption by an 
aurora. 

auroral flutter Rapid fading of a signal at high or 
very high frequencies, so-called because it often 
imparts a fluttering quality to the signal that is 
caused by phase distortion and Doppler shift 
when the waves are reflected from the aurora. 

auroral interference 1. Interference to high- 
frequency radio propagation and also occasion- 
ally to medium-frequency and low-frequency 
propagation, caused by the activity of the aurora. 
2. Auroral flutter on a signal. 

auroral opening A condition in which radio com- 
munication becomes possible via AURORAL 
PROPAGATION. It can occur when communica- 
tion between two points is normally impossible at 
a certain frequency. Auroral openings allow long- 
distance communication well into the very-high- 
frequency (VHF) spectrum. 

auroral propagation Reflection of radio signals 
from aurora that occur during geomagnetic 
storms. Theoretically, auroral propagation is pos- 
sible when the aurora are active, between any two 
points on the earth’s surface from which the same 
part of the aurora lie on a line of sight. This type 
of propagation seldom occurs when one end of the 
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circuit is at a latitude less than 35 degrees north 
or south of the equator. Auroral propagation can 
take place at frequencies well above 30 MHz. It is 
characterized by deep, rapid fading and random 
phase modulation of reflected signals. 

auroral reflection The return of electromagnetic 
waves that have been beamed toward an aurora. 
Most often observed between 15 MHz and 150 
MHz. 

authorized access switch A device that disables a 
security system in a defined region or volume so 
that authorized personnel can enter without trig- 
gering an alarm condition. 

authorized channel The carrier frequency or band 
assigned to a transmitting station by a licensing 
authority. Also see RADIO SPECTRUM. 

autoalarm A device that is actuated from a re- 
ceived signal to alert a radio or computer network 
operator to the existence of a message. 

autobaud 1. In digital communications, a function 
that allows the equipment to adjust itself to the 
speed of the terminal. 2. Any digital communica- 
tions equipment capable of automatically adjust- 
ing to the speed of the terminal. 

autocondensation The application of radio- 
frequency (RF) energy to the human body for 
medical purposes. The living organs serve as an 
impedance or load, across which the RF is ap- 
plied. 

autoconduction The application of radio- 
frequency (RF) currents into the body, by placing 
the living organ inside a coil and supplying the 
coil with RF. Used for medical purposes. 

autocorrelation function A measure of the simi- 
larity between delayed and undelayed versions of 
a signal, expressed as a delay function. 

autodyne reception Radio reception of cw signals 
by means of an oscillating detector. This is in 
contrast to heterodyne reception, in which a local 
oscillator (LO) generates an audio beat note with 
the cw signal in a separate detector. 

autoionization A two-phase process of atomic ion- 
ization. The atom is excited beyond its ionization 
potential, and then it is allowed to deionize, caus- 
ing the emission of an electron. The result is a 
positively charged atom (positive ion). 

automated communications The transfer of data 
without the use of operating personnel; generally 
done with computers connected to communica- 
tions equipment. 

automated guided vehicle Abbreviation, AGV. A 
robot cart that runs without a driver. It uses an 
electric engine and is guided by the magnetic field 
produced by a current-carrying wire embedded in 
the floor or pavement. Alternatively, the robot can 
run on a track. 

automated home A residence in which many, or 
most, of the routine chores are done by comput- 
ers and/or robots. Examples of such tasks are 
dishwashing, doing the laundry, mowing the 
lawn, blowing snow, and vacuuming the floors. 


automated integrated manufacturing system 
Acronym, AIMS. An assembly line or factory that 
uses robots, often controlled by one or more com- 
puters, to perform specific tasks that result in the 
production of various hardware items. 

automatic Self-regulating, independent of human 
intervention. Some periodic adjustment might be 
needed. 

automatic base bias A method of obtaining base 
bias in a bipolar transistor, where a resistor 
develops a voltage drop because of the current 
flowing through it. The resistor is usually placed 
in the emitter circuit, raising the emitter above 
ground potential. 

automatic bass compensation Also called bass 
boost. In audio high-fidelity systems, a resistor- 
capacitor (RC) network that increases the relative 
amplitude of the bass at low volume levels. This 
compensates for the ear’s inefficiency at low fre- 
quencies. The function can be automatically ac- 
tuated by the setting of the volume control, or it 
can be switched manually on and off. 

automatic bias In an amplifier, dc base/gate/ 
grid bias obtained from the voltage drop produced 
by collector/drain/plate current flowing through 
a resistor common to the input and output. This 
resistor is usually shunted by a capacitor and 
placed in the emitter/source/cathode circuit. 


automatic bias 


automatic brightness control A circuit that uses 
the same principles used in AUTOMATIC GAIN 
CONTROL (AGC) to hold steady the average 
brightness of a television (TV) picture. 

automatic carriage Typewriters, automatic key 
punches, and other devices that can control au- 
tomatically the spacing and feeding of paper, 
cards, and forms. 

automatic check 1. In a digital computer, the au- 
tomatic inspection of operation and performance 
by a self-contained subsystem. 2. The circuit or 
device for performing this inspection. 

automatic chrominance control In a color televi- 
sion (TV) receiver, a subcircuit that controls the 
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gain of the chrominance bandpass amplifier by 
automatically adjusting its bias. 

automatic circuit breaker Any device that opens 
a circuit automatically when the flow of current 
becomes excessive. The breaker generally resets 
automatically after a specified length of time, or 
after power has been temporarily removed from 
the circuit. 

automatic coding The use of a computer to deter- 
mine the steps for solving a problem, before the 
actual program for the problem is written. This 
can help software engineers develop long and/or 
complex computer programs. 

automatic contrast control A circuit that auto- 
matically adjusts the gain of the video IF and RF 
stages of a television (TV) receiver to preserve 
good picture contrast. 

automatic controller In servo systems, any of sev- 
eral circuits or devices that samples a variable 
signal, compares it with a standard (reference) 
signal, and delivers a control or correction signal 
to an actuator. 

automatic crossover 1. Current limiting in a 
power supply. 2. A device that switches a circuit 
from one operating mode to another automati- 
cally when conditions change in a predetermined 
manner. 

automatic current limiter A circuit or device for 
holding the output current of a power supply to a 
safe value during overload. 

automatic current regulator A circuit or device 
that holds the output current of a generator or 
power supply to a predetermined value, in spite of 
wide variations in load resistance. 

automatic cutout A device that shuts down a cir- 
cuit or system when the safe limits of operation 
are exceeded. A circuit breaker is an example of 
such a device, as is a thermostat in a power am- 
plifier. 

automatic data processing Abbreviation, ADP. 
The use of computers and accessories for calcula- 
tions and tabulations using data gathered auto- 
matically by the system. 

automatic degausser A system for automatically 
demagnetizing the picture tube in a color televi- 
sion (TV) receiver. 

automatic dialing unit Abbreviated, ADU. A de- 
vice that automatically generates dialing digits. 
Many telephone sets have these devices, some of 
which can be programmed for several different 
telephone numbers, including country codes and 
area codes. 

automatic dictionary A computer system compo- 
nent that substitutes codes for words and 
phrases in information retrieval systems. In lan- 
guage-translating systems, it provides word- 
for-word substitutions. 

automatic direction finder Abbreviated ADF. A 
specialized receiver /antenna combination for au- 
tomatically showing the direction from which a 
signal arrives. 


automatic error correction A technique of cor- 
recting transmission errors using error-detecting 
and error-correcting codes and, usually, auto- 
matic retransmission. 

automatic exchange A transmission exchange in 
which interterminal communications are accom- 
plished without operators. 

automatic focusing A method of focusing a pic- 
ture tube automatically, in which a resistor con- 
nects the focusing anode to the cathode; thus, no 
external focusing voltage is necessary. 

automatic frequency control Abbreviation, AFC. 
A system that keeps a circuit automatically tuned 
to a desired signal frequency. A detector (such as 
a discriminator) operated from the tuned circuit 
delivers a de output voltage only when the circuit 
is operating above or below the signal frequency; 
otherwise, it has zero de output. The de output, 
when present, alters the capacitance of a varactor 
in the tuned circuit to retune the stage to the de- 
sired frequency. 
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automatic gain control Abbreviated AGC. A sys- 
tem that holds the output of a receiver or ampli- 
fier substantially constant despite input-signal 
amplitude fluctuations. A rectifier samples the ac 
signal output and delivers a dc signal propor- 
tional to that output. The dc signal is filtered, and 
the smoothed-out voltage is applied in correct po- 
larity as bias to one or more preceding stages to 
reduce their gain. The stronger the signal enter- 
ing the system, the greater the reduction in gain. 
As a result, weak signals are amplified much 
more than strong ones. Various forms of this 
scheme are used in many types of amplifiers and 
communications systems. 

automatic gate bias A method of obtaining gate 
bias in a FET, where a resistor develops a volt- 
age drop because of the current flowing through 
it. The resistor is usually placed in the source 
circuit, raising the source above ground poten- 
tial. 

automatic height control In a television (TV) re- 
ceiver, a system that automatically maintains the 
height of the picture, despite signal-amplitude 
fluctuations, power-line voltage changes, and 
gain variations. 

automatic intercept A telephone answering ma- 
chine. It allows messages to be recorded when the 
subscriber is not able to answer the telephone. 


5059F-pA 1-55 


4/9/01 4:41 PM Page 51 


p 


automatic interrupt + automatic secure voice communications 51 


Video 
detector 
diode 


AGC line to 
IF amp grids 


automatic gain control 
(used in typical TV receiver) 


+ 


automatic gate bias 


automatic interrupt A program interruption 
caused by hardware or software acting in re- 
sponse to some event independent of the pro- 
gram. 

automatic level compensation See AUTOMATIC 
GAIN CONTROL. 

automatic level control Abbreviation, ALC. 1. A 
circuit that adjusts the input gain of a magnetic- 
tape recording device to compensate for changes 
in the loudness of the sound reaching the micro- 
phone. 2. A form of AUTOMATIC GAIN CONTROL 
used in single-sideband (SSB) radio transmitters 
to maintain linearity while increasing the level of 
the average power relative to the peak power. 

automatic line feed In the digital transmission of 
printed matter, the automatic insertion of a line 
feed (LF) character immediately following every 
carriage return (CR) character. 

automatic modulation control Abbreviation, 
AMC. In a frequency-modulated (FM) radio trans- 
mitter, a form of AUTOMATIC GAIN CONTROL 
that regulates the gain of the audio amplifiers to 
compensate for fluctuating audio input ampli- 
tude. This prevents overdeviation while optimiz- 
ing signal intelligibility. 

automatic noise limiter Abbreviation, ANL. Any 
of several circuits for clipping noise peaks ex- 
ceeding a predetermined maximum received- 
signal amplitude. 


automatic phase control In a color television (TV) 
receiver, a circuit that synchronizes the burst sig- 
nal with the 3.58-MHz color oscillator. 

automatic pilot An electronic device, often com- 
puter-controlled, that automatically keeps a ship, 
airplane, or space vehicle on course. 

automatic polarity In an electronic metering de- 
vice, a means of automatically switching the in- 
put polarity of the instrument when the input 
signal polarity is shifted. Also called bipolar oper- 
ation. 

automatic programming See AUTOMATIC COD- 
ING. 

automatic protective device A circuit or device 
(such as a fuse, circuit breaker, limiter, or regu- 
lator) that protects another circuit or device by 
automatically removing, reducing, or increasing 
the current or voltage during overload or under- 
load. 

automatic radio compass See 
DIRECTION FINDER. 

automatic ranging Ina metering device, the auto- 
matic adjustment or optimization of the full-scale 
range to compensate for large changes in the in- 
put parameter. 

automatic regulation 1. Voltage regulation. In a 
power supply, the automatic holding of the output 
voltage to a constant value, despite variations in 
the input voltage or load resistance. 2. Current reg- 
ulation. In a power supply, the automatic holding 
of the output current to a constant value, despite 
variations in the input voltage or load resistance. 

automatic relay The relaying of messages auto- 
matically from one station to another via interme- 
diate points, without the need for human 
operators. 

automatic repeater station A station that re- 
ceives signals and simultaneously retransmits 
them, usually on a different frequency. 

automatic reset 1. The self-actuated restoration 
of a circuit or device to a given state (e.g., the 
state of rest). 2. A circuit or device that restores 
another circuit or device to a given state. 

automatic scanning 1. The automatic (usually 
repetitive) tuning or adjustment of a circuit or 
system throughout a given frequency range. Ina 
radio receiver, the system can be programmed to 
pause or stop at occupied channels, passing over 
vacant ones; or it can be programmed to pause or 
stop at vacant channels, passing over occupied 
ones. 2. The repetitive sweep of a cathode-ray- 
tube (CRT) electron beam. 

automatic scanning receiver Also called 
PANORAMIC RECEIVER. A radio receiver that is 
automatically tuned (usually repetitively) over a 
frequency band. Such a receiver either homes in 
on a signal when one is found, or displays on a 
cathode-ray-tube (CRT) screen the distribution of 
signals in the band. 

automatic secure voice communications A wide- 
band and narrowband voice-digitizing application 
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to a security network that provides encoded voice 
communications. 

automatic send/receive set A teletypewriter or 
terminal that is capable of receiving and trans- 
mitting. 

automatic sensitivity control 1. A self-actuating 
circuit using principles similar to those used in 
AUTOMATIC GAIN CONTROL. It varies the sensi- 
tivity of the radio-frequency (RF) and intermedi- 
ate-frequency (IF) sections of a receiver in inverse 
proportion to the strength of a received signal. 2. 
In a bridge null detector, a circuit similar to the 
one described in 1, which operates ahead of the 
detector, varying the sensitivity of the latter auto- 
matically. 

automatic sequencing The ability of a digital com- 
puter to perform successive operations without 
additional instructions from the operator. 

automatic short-circuiter A device that automat- 
ically short-circuits the commutator bias in some 
single-phase commutator motors. 

automatic short-circuit protection A circuit that 
allows the output of a power supply to be short- 
circuited without damage to the components 
in the supply. It usually consists of a current- 
limiting device. 

automatic shutoff A switching arrangement that 
automatically shuts off a device or circuit under 
certain specified conditions. 

automatic switch center A telephone-switching 
network that routes calls to their destinations 
without the need for a human operator. 

automatic target control For a vidicon television 
camera tube, a circuit that automatically adjusts 
the target voltage in proportion to brightness of 
the scene. 

automatic telegraph reception Telegraph recep- 
tion providing a direct printout of the received in- 
formation, without intervention by an operator. 

automatic telegraph transmission Telegraph 
transmission originating from tapes, disks, or other 
records, rather than from a hand-operated key. 

automatic telegraphy Communications that uti- 
lize automatic telegraph transmission and recep- 
tion. 

automatic time switch A time-dependent circuit 
or device that opens or closes another circuit at 
the end of a predetermined time interval. 

automatic tracking A method of keeping a radar 
beam automatically fixed on a target. 

automatic trip A circuit breaker that automati- 
cally opens a circuit. 

automatic tuning A process whereby a circuit 
tunes itself to a predetermined frequency upon 
receiving a command signal. 

automatic voltage regulator A circuit that keeps 
the output of a power supply constant, despite 
the load resistance or input voltage to the supply. 

automatic volume control Abbreviated AVC. The 
use of AUTOMATIC GAIN CONTROL in an audio 
amplifier system. 


P 


automatic secure voice communications + auxiliary contacts 


automatic zero In an electronic meter, a means of 
automatically setting the indicator to zero in the 
absence of an input signal. 

automation 1. The control of machines or pro- 
cesses by self-correcting electronic systems. See 
ROBOT. 2. The use of robots and/or computers, 
rather than human beings, to perform repetitive 
tasks. 3. The use of robots and/or computers to 
assist human beings in industrial, office, govern- 
mental, and educational work. 

automaton A simple robot that performs a task or 
set of tasks without artificial intelligence (AD. 
These machines have existed for decades. Com- 
pare ANDROID. 

automonitor In digital computer operations, to re- 
quire the machine to supply a record of its infor- 
mation-handling operations. Also, the program 
for such instructions. 

automotive battery A set of four or eight 
rechargeable lead-acid cells connected in series 
and housed in a common enclosure. The elec- 
trolyte is a free-flowing liquid acid. Provides ap- 
proximately 6 volts (four cells) or 12 volts (eight 
cells) under no-load conditions when fully 
charged. The high mass results in large energy- 
storage capacity. These batteries must be han- 
dled with care and always kept in an upright 
position to prevent spillage of the acid. See 
LEAD-ACID BATTERY, LEAD-ACID CELL. 

autonomous robot A self-contained robot with an 
independent computerized control system. It 
moves under its own power, usually by rolling on 
wheels or a track drive. Compare INSECT ROBOT. 

autopatch A remotely controllable device that in- 
terconnects a radio-communications system into 
a telephone network. 

autopilot A self-correcting control and guidance 
device for the automatic management of an air- 
craft or missile. 

autoranging See AUTOMATIC RANGING. 

autosyn A device or system that operates on the 
principle of the synchronous ac motor, in which 
the position of the rotor in one motor (the trans- 
mitter) is assumed by the rotor in a distant motor 
(the receiver) to which the first is connected. 

auto tracking A method of controlling the output 
voltages of many different power supplies simul- 
taneously. 

autotransducter A type of magnetic amplifier 
whose power windings serve also as control wind- 
ings. 

autotransformer A single-winding transformer in 
which the primary coil is a fraction of the entire 
winding for voltage step-up, or the secondary coil 
is a fraction of the entire winding for voltage step- 
down. 

auxiliary circuit A circuit that is supplementary to 
the main system. 

auxiliary contacts In switches and relays, con- 
tacts that are supplementary to the main con- 
tacts and are usually actuated with them. 


5059F-pA 1-55 


4/9/01 4:41 PM Page 53 


1000 V In 


autotransformer 


auxiliary equipment 1. Also known as peripher- 
als. An apparatus not directly governed by the 
central processing unit of a digital computer, 
such as a printer or personal robot. 2. Peripheral 
equipment in any system. 3. Backup equipment. 

auxiliary memory In a digital computer, a unit 
that is supplementary to the main memory, 
which it augments. 

auxiliary receiver Also called standby receiver. In 
a radio communications system, a receiver that is 
available for use if the main receiver fails. 

auxiliary relay 1. A standby relay. 2. A relay 
whose operation supports that of another relay. 
3. A relay that is actuated by the operation of an- 
other relay. 

auxiliary switch 1. A standby switch. 2. A switch 
wired in series or parallel with another switch. 3. 
A switch that is operated by another switch. 


Main Aux. 
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auxiliary transmitter Also called standby trans- 
mitter. In a radio communications system, a 
transmitter that is available for use if the main 
transmitter fails. 

a/v Abbreviation of AUDIO-VISUAL. 

aV Abbreviation of attovolt. 

availability The proportion of time during which 
an apparatus is operating correctly. It is usually 
given as a percentage. 

available conversion gain The ratio of the input 
power to the output power of a transducer or con- 
verter. It is generally given in decibels. 
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available gain The ratio P,/P; where P; is the avail- 
able power at the input of a circuit and P, is the 
available power at the output. 

available line The percentage of the length of a fac- 
simile scanning line that is usable for picture sig- 
nals. 

available power The mean square of the open- 
circuit terminal voltage of a linear source divided 
by four, times the resistive component of the 
source impedance. The available power is the 
maximum power delivered to a load impedance, 
equal to the conjugate of the internal impedance 
of the power source. 

available power gain Ina power transistor, the ra- 
tio of available transistor output power to the 
power available from the generator. It depends on 
the generator resistance, but not on the transis- 
tor load resistance. 

available signal-to-noise ratio The ratio P,/P,, 
where P, is the available signal power at a given 
point in a system and P, is the available random- 
noise power at that point. 

available time 1. The time during which a com- 
puter is available and ready for immediate use. 2. 
The amount of time a computer is available to an 
individual. 

avalanche The phenomenon in semiconductors 
operated at high reverse bias voltage, whereby 
carriers acquire sufficient energy to produce new 
electron-hole pairs as they collide with atoms. 
The action causes the reverse current to increase 
sharply. 

avalanche breakdown In a semiconductor P-N 
junction, a condition that occurs when the re- 
verse bias voltage exceeds a certain value. If the 
electric field in the vicinity of the junction be- 
comes strong enough, charge carriers are dis- 
lodged from the atoms and the carriers (electrons 
and holes) flow freely across the P-N junction in 
the opposite direction from normal. The mini- 
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mum reverse-bias voltage required to cause this 
phenomenon varies among different kinds of 
diodes. Some diodes are manufactured to have 
precise avalanche voltages. See ZENER DIODE. 

avalanche conduction In a semiconductor junc- 
tion, the enhanced reverse-bias conduction 
caused by a condition of AVALANCHE. 

avalanche current The high current that flows 
through a semiconductor junction when 
AVALANCHE occurs. 

avalanche diode See ZENER DIODE. 

avalanche impedance The reduced impedance of 
a diode during avalanche. 

avalanche noise Electrical noise generated in a 
junction diode operated at the point at which 
avalanche just begins. 

avalanche transistor A transistor that operates at 
a high value of reverse-bias voltage, causing the 
pn junction between the emitter and base to con- 
duct because of avalanche breakdown. 

avalanche voltage In a semiconductor P-N junc- 
tion, the minimum applied reverse-bias voltage 
that produces AVALANCHE BREAKDOWN. 

AVC Abbreviation of automatic volume control. 

avdp Abbreviation for Avoirdupois, a weight- 
measurement scheme that is used in English- 
speaking countries and is based on the pound. 

average absolute pulse amplitude The average 
(disregarding algebraic sign) of the absolute am- 
plitudes of a pulse, taken over the duration of the 
pulse. 

average brightness The average brilliance of a 
television (TV) picture, cathode-ray-tube (CRT) 
computer display, or oscilloscope image. 

average calculating operation The operating time 
considered typical for a computer calculation 
(i.e., one that is longer than an addition and 
shorter than a multiplication); it is frequently 
taken as the average of nine additions and one 
multiplication. 

average current Abbreviation, Iag. The average 
value of alternating current flowing in a circuit. 
Taking polarity into account, this value is zero for 
a pure sine wave. For other waveforms, it can 
vary. When polarity is not considered, the sine- 
wave value of Iag is equal to 0.637 times Ipk, the 
peak value of current; Igug = 0.637 Ipk- 

average life See MEAN LIFE. 

average noise figure The ratio of the total noise 
output from a circuit to the thermal noise output 
at 290 degrees Kelvin. It is usually expressed in 
decibels, with the noise taken at all frequencies. 

average power The average value of power in an ac 
circuit. In a resistive circuit, it is the square of the 
effective (rms) current times the resistance; Payg = 
(Ims)2R (for sine waves). 

average pulse amplitude Also called effective 
pulse amplitude. The value obtained by integrat- 
ing the pulse amplitude, with respect to time, 
from the start of the pulse to its end, then divid- 
ing this integral by the pulse duration. 
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average rectified current Abbreviation, lag. The 
average value of rectifier output current before fil- 
tering. For a full-wave rectifier with a sine wave 
input and a resistive load, Iag is equal to the max- 
imum current Im multiplied by 0.637. 

average rectified voltage Abbreviation, Eag. The 
average value of rectifier output voltage before fil- 
tering. For a full-wave rectifier with a sine-wave 
input and a resistive load, Eag is maximum volt- 
age E,, multiplied by 0.637. 

average value 1. The arithmetic mean of two or more 
quantities. 2. The geometric mean of two or 
more quantities. 3. The harmonic mean of two 
or more quantities. 4. In ac operation, the aver- 
age current, voltage, or power. 

average voltage Abbreviation, Eag. The average 
value of ac voltage in a circuit. Taking polarity into 
account, this value is zero for a pure sine wave. 
For other waveforms, it can vary. When polarity is 
not considered, the sine-wave value of Eag is equal 
to 0.637 times Ex. the peak value of voltage. 

avg Abbreviation of average. 

aviation channels Frequency channels assigned 
to the AVIATION SERVICES. 

Aviation services The radio-communication ser- 
vices used by aeronautical-mobile and radio nav- 
igation personnel. 

avigation Acronym for aviation navigation. Aircraft 
navigation by means of electronic equipment. 

avionics Acronym for aviation electronics. The de- 
sign, production, and application of electronic de- 
vices and systems for use in aviation, navigation, 
and astronautics. 

Avogadro’s constant (Amedeo Avogadro, 1776- 
1856.) Symbol, NA. The number of molecules in a 
kilogram-molecular weight of any substance; NA 
equals 6.025 x 107° (kg-mole)"!. 

A voltage The filament voltage in a vacuum-tube 
circuit. 

aW Abbreviation of attowatt. 

AWG Abbreviation of AMERICAN WIRE GAUGE. 

AX.25 A signal format used in some digital com- 
munications systems, notably amateur packet ra- 
dio. 
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axial leads The centrally located leads emanating 
from the ends of cylindrical components, such as 
resistors and diodes. 

axial ratio The ratio of the minor to major axes ofa 
waveguide’s polarization ellipse. 

axis 1. A coordinate in a graphical presentation or 
display (e.g., horizontal and vertical axes in a 
rectangular coordinate system). 2. The real or 
imaginary straight line around which a body ro- 
tates, or the line that passes through the center 
of a symmetrical arrangement (line of symmetry). 

axis of abscissas The horizontal axis (x-axis) of a 
rectangular-coordinate graph or screen. Compare 
AXIS OF ORDINATES. 

axis of imaginaries The vertical axis of the com- 
plex plane in which rectangular vectors lie. Com- 
pare AXIS OF REALS. 

axis of ordinates The vertical (y-axis) of a rectan- 
gular-coordinate graph or screen. Compare AXIS 
OF ABSCISSAS. 

axis of reals The horizontal axis of the complex 
plane in which rectangular vectors lie. Compare 
AXIS OF IMAGINARIES. 

Ayrton-Mather galvanometer shunt A step- 
adjustable universal shunt resistor for varying 
the sensitivity of a galvanometer. It has the virtue 
of keeping the galvanometer critically damped. 
The shunt is also useful in multirange 
milliammeters, microammeters, and ammeters. 
The sensitive meter movement is never without a 
shunting resistor during range switching. 
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Ayrton-Perry winding A noninductive winding 
comprising two inductors conducting current in 
opposite directions; the opposing flow cancels the 
magnetic field. 
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azel display A plan-position display that incor- 
porates two different radar traces on a single 
cathode-ray tube (CRT), one giving bearing, the 
other elevation. 

azimuth Also called compass direction. Angular 
measurement in the horizontal plane, clockwise 
from north. It is important in radio and television 
communications, navigation, direction finding, 
land surveying, and radar. 
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azimuth alignment In a tape recorder, the align- 
ment of record and playback head gaps so that 
their centerlines are parallel. 

azimuth blanking In a radar system, blacking-out 
of the image as the antenna sweeps across a 
specified range of azimuth angles. Effectively 
eliminates nuisance echoes from stationary, per- 
manent objects (such as tall buildings or commu- 
nications towers). 

azimuth resolution In a radar system, the mini- 
mum azimuth separation of two targets whose 
range (distance from the station) are equal that is 
required for the system to show two echoes, rather 
than one. It is generally measured in degrees. 

azusa An electronic tracking system, in which a 
single station provides slant range and two direc- 
tion cosines for a distant airborne object. This ac- 
curately defines the coordinates of the distant 
object in three-dimensional space. 
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B 1. Symbol for SUSCEPTANCE. 2. Symbol for 
FLUX DENSITY. 3. Abbreviation of BATTERY. 4. 
Symbol for BORON. 5. Symbol for base of tran- 
sistor (see BASE, 1). 6. Abbreviation of BASS. 7. 

Abbreviation of BEL. 8. Anode voltage or main op- 

erating voltage in any circuit (when used with 

sign). Also see B VOLTAGE. 

1. Symbol for SUSCEPTANCE. 2. Symbol for 

base of transistor (see BASE, 1). 3. Abbreviation 

of BASS. 4. Symbol for BARN. 

B&S See AMERICAN WIRE GAUGE. 

B5-cut crystal A piezoelectric plate cut from a 
quartz crystal in such a way that the face of the 
plate is at an angle, with respect to the z-axis of 
the crystal. This type of crystal has good fre- 
quency stability under conditions of changing 
temperature. 

BA Abbreviation of BATTERY. Also see B and BAT. 

Ba Symbol for BARIUM. 

babbit A relatively soft, tin-base alloy of various 
compositions. One composition contains 7.4% 
antimony, 3.7% copper, and 88.9% tin. 

babble Interference caused by crosstalk from a 
number of channels. 

babble signal A jamming signal containing babble 
components. See BABBLE and JAMMING. 

BABS Abbreviation of BLIND-APPROACH BEACON 
SYSTEM. 

baby monitor A short-range radio transmitter and 
receiver that can be used to listen at a distance to 
the sounds in an infant’s room. The transmitter 
contains a sensitive microphone, a whip antenna, 
and a power supply. The unit can be placed on a 
table or desk, or even on the floor near the baby’s 
crib. The receiver is similar to a handheld 
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“walkie-talkie.” It is battery-powered and can be 
carried around. It has an inductively loaded, short 
“rubber duckie” antenna similar to the antennas 
on cordless telephone sets. The receiver can pick 
up signals from the transmitter at distances of up 
to about 200 feet. The radio-frequency signals 
pass easily through walls, ceilings, and floors. 
back bias 1. A feedback signal (negative or posi- 
tive). 2. Reverse bias (also see BIAS). 3. A reverse 
bias voltage, obtained from a voltage divider con- 
nected between a voltage source and ground. 
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backbone A form of transmission line with capaci- 
tive connections between the generator and the 
load. 

back conduction Conduction of current in the re- 
verse direction, as across a semiconductor junc- 
tion that is reverse-biased. 

back contact A contact that closes a circuit when a 
relay, switch, or jack is in its normal rest position. 

back current Symbol, I. The normally small cur- 
rent flowing through a reverse-biased pn semicon- 
ductor junction. Also called reverse current and 
inverse current. Compare FORWARD CURRENT. 

back diode A semiconductor diode that is normally 
back-biased (reverse-biased). 

back echo An echo resulting from the rear lobe of 
an antenna radiation pattern. 

back emf See BACK VOLTAGE. 

Back-Goudsmit effect See ZEEMAN EFFECT. 

background 1. The context or supporting area of a 
picture (e.g., the background of a television pic- 
ture). 2. Background noise. 

background control In a color television receiver, 
a potentiometer used to set the dc level of the 
color signal at one input of the three-gun picture 
tube. 

background count Residual response of a ra- 
dioactivity counter in an environment as free as 
practicable of radioactivity. This background is 
caused largely by cosmic rays and inherent ra- 
dioactivity of surrounding buildings and other 
bodies. 

background job A low-priority, relatively long- 
running computer program that can be inter- 
rupted so that a higher-priority program can be 
run. 

background noise Electrical noise inherent to a 
particular circuit, system, or device that remains 
when no other signal is present. 

background processing In a computer, the run- 
ning of programs having low priority. 

background radiation Nuclear radiation from ma- 
terials in the environment. Also see BACK- 
GROUND COUNT. 

background response The response of a radiation 
detector to background radiation. 

backing store In a computer, a device that stores 
large amounts of information. In most small com- 
puters, this is done via MAGNETIC DISK and/or 
MAGNETIC TAPE. A backing store can also be an 
optical storage medium, such as CD-ROM (com- 
pact disk, read-only memory). 

backlash 1. Slack or lag in action of moving parts. 
Example: delay between initial application of a 
force (such as that required to turn a knob) and 
movement of a part or device (e.g., a potentiome- 
ter or variable capacitor). 2. On a mechanical 
analog tuning dial, an arc within which slack or 
lag is discernible. 

backloaded horn A loudspeaker enclosure in 
which the front of the speaker cone feeds sound 
directly into the listening area, and the rear of the 
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cone feeds sound into the same area through a 
folded horn. 

backloading Ina cascaded series of amplifiers, the 
tendency of loading effects to be passed to earlier 
stages. A change in the output impedance of a fi- 
nal amplifier circuit, for example, could also re- 
sult in a change in the output impedance of the 
driver circuit, and perhaps even in a change in 
the output impedance of the predriver. 

back lobe In the pattern of a directional antenna, 
the lobe directly opposite the major lobe, repre- 
senting the radiation or response in or from a di- 
rection 180 degrees from that in which the gain is 
greatest. 


back lobe 


backplate A flat electrode in a television (TV) cam- 
era tube that receives the stored-charge image via 
capacitive coupling. 

back porch In a television (TV) horizontal sync 
pulse, the time interval between the end of the 
rise of the blanking pedestal and the beginning of 
the rise of the sync pulse. That portion of the flat 
top of the blanking pedestal behind the sync 
pulse. Compare FRONT PORCH. 

back-porch effect In transistor operation, the con- 
tinuation of collector-current flow for a short time 
after the input signal has fallen to zero. 

back-porch tilt The departure of the top edge of a 
back porch from true horizontal. 

back pressure sensor A device that detects and 
measures the torque that a motor is applying, 
and produces a signal whose amplitude is pro- 
portional to the torque. This signal can be used 
for various purposes. In a robotic device, for ex- 
ample, the sensor output can be fed back to the 
motor control to limit the applied force. 

back resistance Symbol, R,. The resistance of a re- 
verse-biased pn semiconductor junction. Also 
called REVERSE RESISTANCE. 
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back scatter Scattering of a wave back toward a 
radio transmitter from points beyond the skip 
zone. This phenomenon is caused by ionospheric 
reflection. Compare FORWARD SCATTER. 

backstop A contact or barrier (such as a screw or 
post) that serves to limit the BACKSWING of the 
armature of a relay. 

backswing 1. The tendency of a pulse to overshoot, 
or reverse direction after completion. Backswing 
is measured in terms of the overshoot amplitude 
as a percentage of the maximum amplitude of the 
pulse. 2. The extent to which a relay armature 
moves back from a contact when the relay con- 
tacts are open. 

back-to-back connection The connection of 
diodes or rectifiers in reverse parallel (i.e., the an- 
ode of one to the cathode of the other) across a 
signal line to pass both half cycles of ac in certain 
control circuits. 

back-to-back sawtooth A symmetrical sawtooth 
wave in which the rise slope is equal to the fall 
slope. Also called triangular wave and pyramidal 
wave. 

backup 1. An element, such as a circuit compo- 
nent, that is used to replace a main component, 
in case of main-component failure. 2. Any pro- 
cess or scheme that serves to maintain opera- 
tion of a system in case of main-component 
failure. 3. A battery that maintains volatile 
memory data stored in one or more integrated 
circuits. 4. A computer file, or set of files, stored 
in a nonvolatile medium, such as diskettes or 
magnetic tape, to prevent catastrophic data loss 
in the event of hard-disk failure. 5. A battery or 
alternative power source that keeps an alarm 
system operational in the event of a utility power 
failure. 

backup battery 1. In a computer or microcom- 
puter-controlled electronic device, a source of 
voltage to preserve volatile memory data if the 
power is removed. 2. A battery used for powering 
a system in the event that the main power source 
should fail. 
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backup facility In an electrical or communications 
system, a facility that is intended for use when 
the primary, or main, facility is not operational. 

back voltage 1. Voltage induced in an inductor by 
the flow of current through the inductor, so called 
because its polarity is opposite to that of the ap- 
plied voltage. Also called counter emf. 2. A voltage 
used to obtain bucking action (e.g., the voltage 
used to zero the meter in an electronic voltmeter 
circuit). 3. Reverse voltage applied to a semicon- 
ductor junction. 

backwall In a pot core, the plate or disk that con- 
nects the sleeve and center post to close the mag- 
netic circuit. 

backward diode A semiconductor diode manufac- 
tured in such a way that its high-current flow oc- 
curs when the junction is reverse biased. Such a 
diode is also a negative-resistance device. 

backward-wave oscillator Abbreviation, BWO. A 
microwave oscillator tube similar to the traveling- 
wave tube. Like the traveling-wave tube, the BWO 
contains a helical transmission line. In the elec- 
tron beam, electron bunching results from inter- 
action between the beam and the electromagnetic 
field, and reflection occurs at the collector. The 
wave moves backward from collector to cathode, 
and oscillation is sustained because the back- 
ward wave is in phase with the input. Output is 
taken from the cathode end of the helix. 
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back wave The oscillator signal present in an am- 
plifier-keyed, continuous-wave (CW), Morse-code 
transmitter. Normally, this signal is at the same 
frequency as the transmitter output, but is not 
sufficiently strong to be radiated over the air. 

back-wave radiation The condition wherein a back 
wave is strong enough to be heard on a continu- 
ous-wave (CW) keyed signal at the receiving sta- 
tion. This results from ineffective amplifier keying. 

baffle A board on which a loudspeaker is mounted 
to separate acoustic radiation from the back of 
the cone from radiation emanating from the front. 
The baffle improves bass response by increasing 
the wavelength (lowering the frequency) at which 
phase cancellation occurs. 

baffle plate 1. See BAFFLE. 2. A metal plate 
mounted in a waveguide to reduce the cross- 
sectional area. 

bail A wire loop or chain that holds one member of 
a two-member assembly to prevent loss (e.g., the 
short chain holding the dust cap of a jack). 
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Bakelite The trade name for a specialized plastic 
dielectric material. Its chemical composition is 
phenol-formaldehyde resin. 

baker An obsolete phonetic alphabet code word for 
letter B. BRAVO is commonly used instead. 

baking-out In the process of evacuating a system, 
the procedure of heating the system to a high 
temperature to drive out gases occluded in the 
glass and metal parts. 

balance 1. See BRIDGE. 2. To null a bridge or sim- 
ilar circuit. 3. To equalize loads, voltages, or sig- 
nals between two circuits or components. 4. Ina 
high-fidelity stereo sound system, a control or set 
of controls that adjusts the relative loudness of 
the left and right channels. 5. Alignment of a bal- 
anced modulator for minimum carrier output am- 
plitude. 6. A condition in which two branches of a 
circuit have identical impedances, relative to 
ground. 

balance coil 1. A type of autotransformer that en- 
ables a three-wire ac circuit to be supplied from a 
two-wire line. A series of taps around the center of 
the winding enables the circuit to be compensated 
for unequal loads. 2. See BALANCING COIL. 

balance control A variable component, such as a 
potentiometer or variable capacitor, that is used 
to balance bridges, null circuits, or loudspeakers. 

balanced Having identical impedances, with re- 
spect to ground. 

balanced amplifier Any amplifier with two 
branches that have identical impedances, with 
respect to ground. Usually, the two branches are 
in phase opposition (180 degrees out of phase). 

balanced antenna An antenna system where two 
halves are exact replicas of each other, geometri- 
cally and electrically. Such an antenna normally 
must either be fed with a balanced transmission 
line or with a coaxial cable and balun. 

balanced antenna system A balanced antenna, fed 
with a balanced transmission line, that has cur- 
rents of equal magnitude in each side. An example 
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is a half-wave dipole at uniform height above elec- 
trical ground, fed at the center with parallel-wire 
line. It is important that the transmission line 
runs away from the antenna at a right angle for at 
least 4 wavelength, preferably 4% wavelength or 
more, to prevent line imbalance caused by cur- 
rents induced from the radiated field. 

balanced bridge Any four-leg bridge circuit in 
which all legs are identical in all electrical re- 
spects. 

balanced circuit 1. A circuit that has its electrical 
midpoint grounded, as opposed to the single- 
ended circuit, which has one side grounded. 2. A 
bridge circuit in the condition of null. 

balanced converter See BALUN. 

balanced currents Currents with the same value. 
In the two conductors of a balanced transmis- 
sion line, these currents are equal in amplitude 
and opposite in phase at every point along the 
line. 

balanced delta A set of coils or generators in a 
three-phase system, connected so that the cur- 
rents in any two coils differ in phase by 120 de- 
grees. 

balanced detector A symmetrical demodulator, 
such as a full-wave diode detector or a discrimi- 
nator. 

balanced electronic voltmeter An electronic volt- 
meter circuit in which two matched transistors 
are connected in a four-arm bridge arrangement. 
The drift in one half of the circuit opposes that in 
the other half; the resulting drift of the zero point 
is virtually eliminated. 

balanced filter A filter consisting of two identical 
sections, one in each branch of a balanced sys- 
tem, such as a parallel-wire transmission line. 

balanced input An input circuit whose electrical 
midpoint is grounded. Compare SINGLE-ENDED 
INPUT. 

balanced input transformer An input transformer 
in which the center tap of the primary winding is 
grounded. 

balanced line A pair of parallel wires that pos- 
sesses a uniform characteristic impedance. The 
two conductors are of the same material and have 
identical diameters. The distance between them 
is constant. In a balanced two-wire line, the cur- 
rents in the two conductors are of equal ampli- 
tude and opposite phase. 

balanced lines In high-fidelity audio systems, a 
cable that consists of two parallel conductors 
surrounded by a single braid. The parallel wires 
carry the audio-frequency (AF) signals, and the 
braid is grounded for shielding. 

balanced loop antenna A loop antenna with a 
grounded electrical midpoint, determined by the 
junction of two identical series-connected capaci- 
tors shunting the loop. 

balanced low-pass filter A low-pass filter used in 
a balanced system or balanced transmission 
line. 
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balanced method A system of instrumentation in 
which a zero-center scale is used. The reading 
can be either side of the zero reading. 

balanced modulator A symmetrical modulator cir- 
cuit using bipolar transistors, field-effect transis- 
tors, an integrated circuit, or diodes as principal 
components, that delivers an output signal con- 
taining the sidebands, but not the carrier. It is 
commonly used to generate a double-sideband 
(DSB) signal that can be filtered to obtain a 
single-sideband (SSB) signal. 

balanced multivibrator A switching oscillator cir- 
cuit in which the two halves are identical in con- 
figuration, and as nearly identical as practicable 
in performance. 

balanced network Any network intended to be 
used with a balanced system or balanced trans- 
mission line. It is characterized by a pair of ter- 
minals, each of which shows the same impedance 
with respect to ground. 

balanced oscillator A PUSH-PULL OSCILLATOR. 

balanced output Output balanced against ground 
(e.g., where the electrical midpoint of the output 
circuit is grounded). 

balanced output transformer 1. A push-pull out- 
put transformer with a center-tapped primary 
winding. 2. An output transformer with a 
grounded center tap on its secondary winding. 
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balanced output transformer, 2. 


balanced probe A probe, such as one for an elect- 
ronic voltmeter or oscilloscope, that has a bal- 
anced input and (usually) a single-ended output. 

balanced-tee trap A wavetrap constructed in a T 
configuration, with a resonant section in each 
conductor of a balanced transmission line. 

balanced telephone line A telephone transmis- 
sion line that has two sides, similar to a balanced 
radio-frequency transmission line. Either side 
has the same impedance, with respect to ground. 

balanced termination A load device (or the prac- 
tice of using such a device) in which the sections 
provide identical termination for each of the sec- 
tions or conductors of a balanced system, such 
as a balanced line. 
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balanced-to-unbalanced transformer See BALUN. 

balanced transmission line See BALANCED LINE. 

balanced varactor tuning A two-varactor, back- 
to-back circuit for adjusting the value of a ca- 
pacitor using an applied de voltage. This 
arrangement has an advantage over a single- 
varactor (unbalanced) circuit, because high- 
tuned-circuit Q is maintained and harmonic 
generation is reduced. 

balanced voltages In any symmetrical system, 
such as a balanced line or push-pull circuit, two 
or more input or output voltages that are ad- 
justed to have the same amplitude and (usually) 
opposite phase. 

balanced-wire circuit A circuit or conductor sys- 
tem with identical halves that are symmetrical, 
with respect to ground and to other conductors. 

balancing circuit See BUCKING CIRCUIT. 

balancing coil In a receiver, a center-tapped an- 
tenna coil that is balanced to ground to eliminate 
MARCONI EFFECT. 

ballast 1.A component that is used to stabilize the 
current flow through, or operation of, a circuit, 
stage, or device. 2. An iron-core choke connected 
in series with one of the electrodes in a fluores- 
cent or other gas-discharge lamp. 

ballast resistor 1. A nonlinear inductive power re- 
sistor whose voltage-current (EI) characteristic is 
such that current through the resistor is inde- 
pendent of voltage over a useful range. This fea- 
ture enables the ballast resistor to act as an 
automatic voltage regulator when it is simply 
connected in series with a power supply and load. 
2. A small (usually high-resistance) resistor oper- 
ated in series with a glow lamp, such as a neon 
lamp, to prevent overload. 

ballast transformer A misnomer often used in 
place of BALLAST, 2. 

ballistic galvanometer An undamped galva- 
nometer that is used particularly to observe elec- 
tric charges by noting the single throw resulting 
from the momentary flow of current through the 
galvanometer coil. 

ballistics The electronics-supported science con- 
cerned with the motion of projectiles and similar 
bodies in air or space. 

balloon antenna A vertical antenna consisting of a 
wire or wires held aloft by a captive balloon. Occa- 
sionally, used by radio amateurs and shortwave 
listeners at low and medium frequencies. A poten- 
tially dangerous antenna because of large static- 
electric buildup, a tendency to attract lightning, 
the possibility of its breaking loose, and the risk of 
accidental contact with high-voltage power lines. 

balop Contraction of BALOPTICON. 

balopticon An opaque-picture projecting system in 
which the picture is viewed by a television (TV) 
camera, such as a vidicon, and displayed by a 
picture tube. Also called balop. 

balun A specialized impedance-matching radio- 
frequency (RF) transformer. Itis a wdeband device, 
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usually providing a 1:1 or 1:4 impedance ratio 
and available in several different forms. It is so 
called because it has an unbalanced input suit- 
able for coaxial transmission lines, and a bal- 
anced output suitable for dipole, Yagi, and quad 
antennas. 

banana jack The female half of a two-part quick- 
connector combination. Splicing of a circuit is 
completed by inserting a BANANA PLUG into this 
jack. 

banana plug The male half of a two-part quick- 
connector combination, with sides usually com- 
posed of flat springs that ensure contact with the 
female BANANA JACK into which it is inserted. 
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band 1. A continuous range of radio or television 
communications frequencies or wavelengths, 
usually designated by the lowest and highest fre- 
quencies, or the approximate wavelength (e.g., 
the 20-meter amateur radio band). 2. A set of dis- 
crete radio or television frequency channels 
within a specified range (e.g., the standard AM 
broadcast band). 3. A range of wavelengths for in- 
frared, visible, ultraviolet, X-ray, or gamma-ray 
energy. 4. A range of energy levels. 5. A colored 
stripe on a resistor or capacitor that forms part of 
the code that indicates component value and tol- 
erance. 

band center 1. In a given radio or television com- 
munications band, the arithmetic mean of the 
lowest and highest frequencies. 2. In a given 
band, the geometric mean of the longest and 
shortest wavelengths. 

band-elimination filter See BAND-REJECTION 
FILTER. 

band gap In any atom, the difference in electron en- 
ergy between the conduction and valence bands. 

bandpass 1. The frequency limits between which a 
BANDPASS FILTER or BANDPASS AMPLIFIER 
transmits ac energy with negligible loss. 2. The 
ability to allow passage of signals at a given fre- 
quency or band of frequencies while blocking 
other signals. Compare BANDSTOP. 

bandpass amplifier An amplifier that is tuned to 
pass only those frequencies between preset limits. 

bandpass coupling A coupling circuit with a flat- 
topped frequency response so that a band of fre- 
quencies, rather than a single frequency, is 
coupled into a succeeding circuit. Also see BAND- 
PASS, 1. 

bandpass filter Any resonant circuit, or combina- 
tion of resonant circuits, designed to discriminate 
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against all frequencies except a specific frequency 
fo, or a band of frequencies between two limiting 
frequencies fọ and fi. In a parallel inductance- 
capacitance (LC) circuit, the device exhibits high 
impedance at the desired frequency or frequen- 
cies and a low impedance at unwanted frequen- 
cies. In a series configuration, the filter has a low 
impedance at the desired frequency or frequen- 
cies and a high impedance at unwanted freque- 
ncies. Compare BAND-REJECTION FILTER, 
HIGH-PASS FILTER, LOW-PASS FILTER. 

bandpass flatness The degree to which a bandpass 
device’s attenuation-versus-frequency curve is a 
straight line with zero slope within the passband. 

band pressure level The net acoustic pressure of a 
sound source within a specified frequency range 
(band). 

band-rejection filter Also called a band-stop filter. 
Any resonant circuit, or combination of resonant 
circuits designed to discriminate against a spe- 
cific frequency fo, or a band of frequencies be- 
tween two limiting frequencies fo and fi. In a 
parallel inductance-capacitance (LC) circuit, the 
device exhibits high impedance at the desired fre- 
quencies, and a low impedance at the unwanted 
frequency or range of frequencies. In a series con- 
figuration, the filter has a low impedance at the 
desired frequencies and a high impedance at the 
unwanted frequency or range of frequencies. 
Compare BANDPASS FILTER, HIGH-PASS FIL- 
TER, LOW-PASS FILTER, NOTCH FILTER. 

band selector Any switch or relay that facilitates 
switching the frequency of a radio transmitter, re- 
ceiver, or transceiver among various bands. 

bandset capacitor In some older communications 
receivers, a variable capacitor is used to preset 
the tuning range in each band to correspond to 
graduations on the tuning dial. This capacitor is 
a trimmer or padder operated in conjunction with 
the main tuning capacitor. 

bandspreading In some older communications re- 
ceivers, the process of widening the tuning range 
within a given frequency band to cover the entire 
dial. Otherwise, the band would occupy only a 
portion of the dial, and tuning would be difficult. 
It is usually accomplished with a BANDSPREAD 
TUNING CONTROL whose range is preset via the 
main tuning control and/or a BANDSET CAPAC- 
ITOR. 

bandspread tuning control An analog adjustment 
in some older communications receivers that al- 
lows continuous tuning over a desired band of 
frequencies. This control is separate from the 
main tuning control. 

bandstop 1. The frequency limits between which a 
BAND-REJECTION FILTER blocks, or greatly 
attenuates, ac energy. 2. The ability to suppress 
or block signals of a given frequency or band 
of frequencies, while allowing signals of other 
frequencies to pass with little or no attenuation. 
Compare BANDPASS. 
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bandstop filter See BAND-REJECTION FILTER. 

band suppression 1. The property of blocking, or 
greatly attenuating, signals within a specific fre- 
quency band. 2. The frequency limits between 
which a device or circuit rejects or blocks ac en- 
ergy, while passing energy at other frequencies 
with negligible loss. 

band-suppression filter 
FILTER. 

bandswitch A low-reactance selector switch (usually 
rotary) that facilitates changing the tuning range of 
a radio receiver, transmitter or transceiver from 
one band of frequencies to another. 

bandswitching In a receiver, transmitter, or test 
instrument, the process of switching self- 
contained tuned circuits to change from one fre- 
quency spectrum to another within the range of 
the device’s intended operation. 

bandwidth 1. For a communications or data sig- 
nal, a measure of the amount of spectrum space 
the signal occupies. Usually, it is given as the dif- 
ference between the frequencies at which the sig- 
nal amplitude is nominally 3 dB down with 
respect to the amplitude at the center frequency. 
These frequencies represent the half-power 
points of the amplitude-versus-frequency func- 
tion. In general, the bandwidth increases as the 
data rate (in bits per second, baud, or words per 
minute) increases. 2. Also called NECESSARY 
BANDWIDTH. The minimum amount of spectrum 
Space normally required for effective transmis- 
sion and reception of a communications or data 
signal. 3. See BANDPASS, 1. 

bank A collection of usually similar components 
used in conjunction with each other, usually ina 
parallel configuration. Some examples are resis- 
tor bank, lamp bank, and transformer bank. 

banked transformers Parallel-operated trans- 
formers. 

bankwound coil A coil wound in such a way that 
most of its turns are not side by side, thus reduc- 
ing the inherent distributed capacitance. 

bar 1. Abbreviation, b. The cgs unit of pressure, in 
which 1 b = 10° pascals per square centimeter. 2. 
A horizontal or vertical line produced on a televi- 
sion (TV) screen by a bar generator and used to 
check linearity. 3. A thick plate of piezoelectric 
crystal. 4. A solid metal conductor, usually unin- 
sulated, of any cross section. 5. A silicon ingot 
from which semiconductor devices can be fabri- 
cated. 

BAR Abbreviation of BUFFER ADDRESS REGIS- 
TER. 

bar code A printed pattern that contains data that 
can be recovered by laser scanning. It is com- 
monly used for the pricing and identification of 
store merchandise. It can also be used by an as- 
sembly or maintenance robot as an aid to identi- 
fying tools. 

bar-code reader A laser scanning device that re- 
covers the data from a tag that contains a BAR 


See BAND-REJECTION 


ÓN 


CODE. The laser beam moves across the tag. The 
beam is reflected from the white regions between 
the lines, but is absorbed by the dark lines them- 
selves. This produces modulation of the reflected 
beam by the data contained in the tag. 

bare conductor A conductor with no insulating cov- 
ering, a common example being bare copper wire. 

bar generator A special type of radio-frequency 
signal generator that produces horizontal or ver- 
tical bars on the screen of a television receiver. It 
is used in adjustment of horizontal and vertical 
linearity. 

bar graph A graphical presentation of data, in 
which numerical values are represented by hori- 
zontal bars of width that correspond to the val- 
ues. This type of graph is nonstandard in the 
sense that the ordinate is horizontal, whereas it is 
usually vertical. Compare COLUMNAR GRAPH. 

bar-graph meter See BAR METER. 

barium Symbol, Ba. An elemental metal of the al- 
kaline-earth group. Atomic number, 56. Atomic 
weight, 137.36. It is present in some compounds 
used as dielectrics (e.g., barium titanate). 

barium-strontium oxides The combined oxides of 
barium and strontium used as coatings of 
vacuum-tube cathodes to increase electron emis- 
sion at relatively low temperatures. 

barium strontium titanate A compound of bar- 
ium, strontium, oxygen, and titanium that is 
used as a ceramic dielectric material. It exhibits 
ferroelectric properties and is characterized by a 
high dielectric constant. 

barium titanate Formula, BaTiO». A ceramic used 
as the dielectric in ceramic capacitors. It exhibits 
high dielectric constant and some degree of ferro- 
electricity. 

Barkhausen effect The occurrence of minute 
jumps in the magnetization of a ferromagnetic 
substance as the magnetic force is increased or 
decreased over a continuous range. 

Barkhausen interference Interference that results 
from oscillation because of the BARK-HAUSEN 
EFFECT. 

bar magnet A relatively long permanent magnet in 
the shape of a bar with a rectangular or square 
cross section. 

bar meter A digital meter that displays a quan- 
tity, such as signal strength, incrementally, us- 
ing a set of LEDs or LCDs arranged in a straight 
line. Its main advantage is that it has no moving 
parts, yet (unlike direct-readout digital meters) 
gives the viewer some impression of the way a 
rapidly fluctuating quantity changes. Its chief 
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disadvantage is that it does not provide a precise 
indication. 

barn Symbol, b. A non-SI unit of nuclear cross sec- 
tion equal to 100 square femtometers or 107?* 
square centimeters. This unit is approved as 
compatible with SI (International System of 
Units). 

Barnett effect The development of a small amount 
of magnetization in a long iron cylinder that is ro- 
tated rapidly about its longitudinal axis. 

barograph A recording barometer, using either a 
drum recorder (pen recorder) or a computer to 
store the data as a function of atmospheric pres- 
sure versus time. 

barometer An instrument for measuring atmo- 
spheric pressure. 

barometer effect A relation that appears to exist 
between the intensity of cosmic rays and the at- 
mospheric pressure. It is an inverse relation; that 
is, increasing pressure seems to correlate with re- 
duced intensity of cosmic rays. It is said to be ap- 
proximately to 1 or 2% per centimeter of mercury. 

barometric pressure The atmospheric pressure, 
usually given in inches of mercury. The average 
barometric pressure at the surface of the earth is 
just under 30 inches of mercury. 

bar pattern A series of spaced lines or bars (hori- 
zontal, vertical, or both) produced on a television 
picture screen by means of a BAR GENERATOR. 
It is useful in adjusting horizontal and vertical 
linearity of the picture. 

barrage array An antenna array in which a string 
of collinear elements are vertically stacked. The 
end quarter wavelength of each string is bent in 
to meet the end quarter wavelength of the oppo- 
site radiator to improve balance. 

barrage jamming The jamming of many frequen- 
cies, or an entire band, at the same time. 

barrell distortion Television picture distortion 
consisting of horizontal and vertical bulging. 

barrier 1. The carrier-free space-charge region in a 
semiconductor pn junction. 2. An insulating par- 
tition placed between two conductors or termi- 
nals to lengthen the dielectric path. 

barrier balance The state of near equilibrium in a 
semiconductor pn junction (after initial junction 
forming), entailing a balance of majority and mi- 
nority charge carrier currents. 

barrier capacitance’ 1. The capacitance in a bipolar 
transistor between the emitter and collector. It 
varies with changes in applied voltage, and also 
with the junction temperature. 2. The capacitance 
across any pn junction that is reverse-biased. 

barrier height The difference in voltage between 
opposite sides of a barrier in a semiconductor 
material. 

barrier layer See BARRIER, 1. 

barrier-layer cell A photovoltaic cell, such as the 
copper oxide or selenium type, in which photons 
striking the barrier layer produce the potential 
difference. 
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barrier potential The apparent internal dc poten- 
tial across the barrier (see BARRIER, 1) in a pn 
junction. 

barrier strip A terminal strip having a barrier (see 
BARRIER, 2) between each pair of terminals. 
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barrier voltage The voltage required for the initia- 
tion of current flow through a pn junction. 

Bartlett force See EXCHANGE FORCE. 

baryon A subatomic particle made up of three 
quarks. 

base 1. In a bipolar transistor, the intermediate re- 
gion between the emitter and collector, which 
usually serves as the input or controlling element 
of transistor operation. 2. A substance that dis- 
sociates in water solution and forms hydroxyl 
(OH) ions. For example, sodium hydroxide. 3. The 
constant figure upon which logarithms are com- 
puted (10 for common logs, 2.71828 for natural 
logs). 4. The radix of a number system (e.g., base 
10 for the decimal system, base 8 for the octal 
system, base 16 for the hexadecimal system, and 
base 2 for the binary system). 5. A fixed non- 
portable radio communications installation. 

base address The number in a computer address 
that serves as the reference for subsequent ad- 
dress numbers. 

baseband The frequency band of the modulating 
signal in a communications, broadcast, or data 
transmitter. For voice communications, this is 
generally the range of voice frequencies necessary 
for intelligible transmission. For high-fidelity mu- 
sic broadcasting, it is approximately the range of 
human hearing. For fast-scan television, it 
ranges up to several megahertz. It can be re- 
stricted or expanded, depending on the nature of 
the transmitted signal. See BASEBAND FRE- 
QUENCY RESPONSE. 

baseband frequency response 1. The amplitude- 
versus-frequency characteristic of the audio- 
frequency (AF) or composite video section of a 
transmitter that defines the BASEBAND, or range 
of modulating frequencies. 2. The range of fre- 
quencies over which a radio transmitter can be 
modulated to convey information. For single side- 
band (SSB), it is approximately 300 Hz to 3 kHz; 
for high-fidelity, frequency-modulated (FM) music 
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transmission, it is about 10 Hz to 20 kHz or 30 
kHz; for fast-scan television, it consists of fre- 
quencies up to several megahertz. This range is 
determined by bandpass and/or lowpass filters 
in the AF or composite video section of the trans- 
mitter. 

base bias The steady dc voltage applied to the base 
electrode of a transistor to determine the operat- 
ing point along the transistor characteristic 
curve. 

base-bulk resistance The resistance of the semi- 
conductor material in the base layer of a bipolar 
transistor. 

base-charging capacitance In the common- 
emitter connection of a bipolar transistor, the in- 
ternal capacitance of the base-emitter junction. 

base current Symbol, Ip. Current flowing through 
the base electrode of a bipolar transistor. Also see 
AC BASE CURRENT and DC BASE CURRENT. 

base electrode See BASE, 1. Also called base ele- 
ment. 

base element 1. Base electrode. 2. One of the ba- 
sic metals, such as iron or tin, that are not gen- 
erally considered precious (as opposed to 
NOBLE). 

base-e logarithm See NAPIERIAN LOGARITHM. 

base film The plastic substrate of a magnetic 
recording tape. 

base frequency 1. The frequency of the principal, 
or strongest, component in a complex signal or 
waveform; also called basic frequency. 2. The fre- 
quency of operation of a base-station transmitter 
when the receiver is tuned to a second channel. 

base-input circuit A common-collector circuit, 
common-emitter circuit, or emitter follower. 

base insulator A stout dielectric insulator, used to 
support a heavy conducting element and keep the 
conductor isolated from other possible conduc- 
tors or conductive paths. 

base line In visual alignment procedures involving 
an oscilloscope and radio-frequency (RF) sweep 
generator, a zero-voltage reference line developed 
by the generator as a horizontal trace on the os- 
cilloscope screen. 

baseline stabilizer A clamping circuit that holds 
the reference voltage of a waveform to a predeter- 
mined value. Also called DC RESTORER. 

base-loaded antenna A usually vertical antenna or 
radiating element, the electrical length of which is 
adjusted by means of a loading coil or tuned cir- 
cuit in series with, and positioned at the bottom 
of, the antenna or radiator. 

base material In printed circuits, the dielectric 
material used as a substrate for the metal pat- 
tern. Also called base medium. 

base notation The numbering or radix system 
used in any application (as octal, decimal, binary, 
or hexadecimal). 

base number See BASE, 4. 

base pin One of the straight prong-like terminals 
on an electrical or electronic component; it is 
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used to provide support for the device and to al- 
low a physical connection between the socket ter- 
minal, into which it fits, and one of the internal 
electrodes of the device. 

base plate The chassis plate upon which compo- 
nents are mounted before wiring. 

base potential See BASE VOLTAGE. 

base region See BASE, 1. 

base resistance Symbol, Rs. Resistance associated 
with the base electrode of a bipolar transistor. 
Also see AC BASE RESISTANCE and DC BASE 
RESISTANCE. 

base resistor The external resistor connected to 
the base of a bipolar transistor. In the common- 
emitter circuit, the base resistor is analogous to 
the gate resistor of a field-effect transistor (FET) 
circuit. 

base spreading resistance Symbol, rps. In a bi- 
polar transistor, the bulk-material resistance of 
the base region between the collector junction 
and emitter junction. 

base station The head station or fixed home sta- 
tion in a communication network. 

base-10 logarithm Abbreviation, log). A logarithm 
based on the decimal number 10. If logio (%9 = y, 
then 10Y = x. Base-10 logarithms are commonly 
used in engineering. Compare NAPIERIAN LOGA- 
RITHM. 

base voltage Symbol, Vs. The voltage at the base 
electrode of a bipolar transistor. Also see AC 
BASE VOLTAGE and DC BASE VOLTAGE. 

BASIC Acronym for BEGINNER’S ALL-PURPOSE 
SYMBOLIC INSTRUCTION CODE, a relatively 
primitive, but versatile and easy-to-learn com- 
puter language developed at Dartmouth College. 
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basic frequency 1. The FUNDAMENTAL FRE- 
QUENCY of a signal, as opposed to one of its har- 
monics. 2. See BASE FREQUENCY, 1. 

basic protection Devices and procedures essential 
to minimize the risk of damage to electronic 
equipment, and/or injury or death to its opera- 
tors, as a result of lightning. Hardware provisions 
include a substantial earth ground, heavy-gauge 
grounding wire, lightning arrestors for antennas, 
and transient suppressors for power connections. 
The safest procedure is to disconnect and ground 
all antennas, and unplug all equipment from util- 
ity outlets, during electrical storms and/or when 
the apparatus is not in use. Radio communi- 
cations equipment with outdoor antennas, in 
particular, should not be operated during 
thunderstorms. 

basket The structure that supports the cone in an 
acoustic loudspeaker. 

basket-weave coil A type of single-layer inductor 
in which adjacent turns do not parallel each 
other around the circumference, but zigzag oppo- 
sitely as a strand does in the woven pattern of a 
basket. This reduces distributed capacitance. 

bass Low audio frequencies (AF) corresponding to 
low-frequency musical notes or sounds. 

bass boost 1. The special emphasis given to low 
audio frequencies (the bass notes) by selective 
circuits in audio systems. 2. The technique of in- 
creasing the loudness of the bass, relative to the 
higher audio frequencies, to render a more faith- 
ful reproduction of sound at low volume levels. 

bass compensation See BASS BOOST, 2. 

bass control 1. A manually variable potentiometer 
for adjusting bass boost of an amplifier or sound 
system. 2. The arrangement of components that 
are required to achieve amplitude variation of 
bass in an audio signal. 

bass port In a loudspeaker, a hole in the cabinet 
that enhances the low-frequency (bass) sound 
output. Used in high-fidelity audio systems. 

bass-reflex enclosure A loudspeaker cabinet with 
a critically dimensioned duct or port that allows 
back waves to be radiated in phase with front 
waves, thus averting unwanted acoustic phase 
cancellation. 

bass-reflex loudspeaker A loudspeaker mounted 
in a bass reflex enclosure. Also see ACOUSTICAL 
PHASE INVERTER. 

bass-resonant frequency The low frequency at 
which a loudspeaker or its enclosure displays 
resonant vibration. 

bass roll-off 1. The attenuation of the low-fre- 
quency (bass) component in a high-fidelity audio 
signal. 2. A control that allows adjustable attenu- 
ation of the low-frequency component in a high- 
fidelity audio signal. 

bass suppression In speech transmission, the re- 
moval of all frequencies below about 300 Hz, on 
the assumption that those frequencies contribute 
little to intelligibility. This suppression permits 
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the speech level to be increased without overmod- 
ulating a transmitter. It also allows smaller audio 
transformers to be used because transformer 
core size must increase as the frequency it passes 
decreases. 

bassy In audio and high-fidelity applications, a 
sound in which the low-frequency components, 
below about 500 Hz, are overly predominant. 

BAT Abbreviation of BATTERY. 

batch fabrication process The manufacture of de- 
vices in a single batch from materials of uniform 
grade. Particularly, the manufacture of a large 
number of semiconductor devices from one batch 
of semiconductor material by means of carefully 
controlled, identical processes. 

batch processing In digital-computer operations, 
the processing of quantities of similar informa- 
tion during a single run. 

bat-handle switch A toggle switch, the lever of 
which is relatively long and thick, and is shaped 
like a baseball bat. 


bat-handle switch 


bathtub capacitor A (usually oil-filled) capacitor 
housed in a metal can that looks like a miniature 
bathtub. 

bathyconductorgraph An instrument that is used 
to measure the electrical conductivity of seawa- 
ter. 

bathythermograph An instrument that plots a 
graph of temperature versus depth in a body of 
water, such as a lake or an ocean. 

batten Supporting bars or braces that hold a loud- 
speaker in place within its cabinet, and/or that 
hold the cabinet panels in place. 

battery Abbreviations, B, BA. BAT. A device con- 
sisting of two or more interconnected electro- 
chemical or photovoltaic cells that generate dc 
electricity. The cells can be connected in series to 
supply a desired voltage, in parallel to supply a 
desired current-delivering capability, or in series- 
parallel to obtain a desired voltage and current- 
delivering capability. Also see CELL, EDISON 
BATTERY, LEAD-ACID BATTERY, PHOTO- 
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VOLTAIC CELL, PRIMARY BATTERY, and STOR- 
AGE BATTERY. 

battery acid 1. A chemical acid, such as sulfuric 
acid, used as the electrolyte of a battery. 2. Collo- 
quially, any cell or battery electrolyte, whether 
acid, base, or salt. 

battery capacity The current-supplying capability 
of a battery, usually expressed in ampere-hours 
(Ah). 

battery cell See CELL, 1. 

battery charger 1. A specialized dc power supply, 
usually embodying a stepdown transformer, rec- 
tifier, and filter. It is used to charge a storage bat- 
tery from an ac power line. 2. A motor-generator 
combination used to charge a storage battery 
from an ac power line. 3. A combination of solar 
cells, generators, or other voltaic transducers, 
that are used to charge a storage battery with dc 
obtained from a nonelectrical energy source. 

battery clip 1. A heavy-duty metallic clamp that is 
used for quick, temporary connection to a large 
cell terminal, such as that of a lead-acid storage 
battery. 2. A small connector of the snap-fastener 
type, used for quick connection to a small power 
source, such as a transistor-radio battery. 

battery eliminator A specialized de power supply, 
usually embodying a transformer, rectifier, and 
filter, that permits battery-powered equipment to 
be operated from an ac power line. 

battery holder 1. A case or container of any kind 
for holding a cell or battery. 2. A shelf for holding 
a cell or battery. 3. A small, metal bracket-type 
device for holding a cell or battery between two 
contacts. 

battery life 1. The ampere-hour or watt-hour ca- 
pacity of a battery. 2. The number of times that a 
rechargeable electrochemical battery can be cy- 
cled before it becomes unusable. 3. The nominal 
length of time (e.g., hours, days, or weeks) that an 
electrochemical battery will function effectively in 
a given application before it must be discarded or 
recharged. 

battery memory See MEMORY DRAIN. 

battery receiver A usually portable radio or televi- 
sion receiver operated from self-contained batter- 
ies. 

battery substitute See BATTERY ELIMINATOR. 

bat wing Ona television (TV) or frequency-modula- 
tion (FM) broadcast receiving antenna, a metallic 
element with a shape that resembles that of a 
bat’s wing. 

baud A unit of communications processing speed 
in telegraphy and digital data communications 
systems. Often confused with bits per second 
(bps). Baud refers to the number of times per sec- 
ond that a signal changes state. The speed in bps 
is generally higher than the speed in baud, some- 
times by a factor of several times. Compare BITS 
PER SECOND. 

Baudot code A machine communications code 
that uses five parallel binary digits of equal 
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length, the interpretation of which depends on 
the history of the previous transmission or an ad- 
ditional case bit. 

baud rate 1. A colloquial expression for data speed 
in BAUD. 2. Colloquial, and technically inaccu- 
rate, expression for data speed in BITS PER SEC- 
OND. 

Baume (Antione Baume, 1728-1804). Abbreviation, 
Be. Pertaining to the Baume scales for hydrome- 
ters. The two such scales are for liquids heavier 
than water and for liquids lighter than water. 

bay One of several sections of a directional an- 
tenna array. 

bayonet base The insertable portion of a plug-in 
component (e.g., a lamp) that has a projecting pin 
that fits into a slot or keyway in the shell of the 
socket into which the component is inserted. 

bayonet socket A socket with a suitably slotted 
shell for receiving the bayonet base of a plug-in 
component. 

bazooka A linear BALUN, in which a quarter wave- 
length of metal sleeving surrounds a coaxial 
feeder, and is shorted to the outer conductor of 
the feeder to form a shorted quarter-wave section. 

bb Abbreviation of BLACKBODY. 

BBC Abbreviation of British Broadcasting Corpora- 
tion. 

BBM Abbreviation of BREAK BEFORE MAKE. 

b-box The index register of a computer. 

BC Abbreviation of BROADCAST. 

BCD Abbreviation of BINARY-CODED DECIMAL. 

BCFSK Abbreviation of BINARY CODE FRE- 
QUENCY-SHIFT KEYING. 

B channel One of the channels of a two-channel 
stereophonic system. Compare A CHANNEL. 

BCI Abbreviation of BROADCAST INTERFERENCE. 

BCL Amateur radio abbreviation of BROADCAST 
LISTENER. 

BCN Abbreviation of BEACON. 

BCO Abbreviation of BINARY-CODED OCTAL. 

BCST Abbreviation of BROADCAST. 

BDC Abbreviation of BINARY DECIMAL COUNTER. 

B display A radar display in which the target is 
represented by a bright spot on a rectangular- 
coordinate screen. Compare A DISPLAY and J 
DISPLAY. 

Be Symbol for BERYLLIUM. 

Be Abbreviation of BAUME. 

beacon 1. A beam of radio waves, or a radio signal, 
that is used for navigation and/or direction find- 
ing. 2. A transmitter that radiates a beam of radio 
waves, or a radio signal, as an aid in navigation 
and/or direction finding. 3. A signal transmitted 
continuously on a specific frequency, to help ra- 
dio operators ascertain propagation conditions. 
4. A station or transmitter that generates and ra- 
diates a signal to help radio operators determine 
propagation conditions. 5. In robotics, a device or 
system that aids in navigation. For example, tri- 
corner reflectors can be positioned in strategic 
locations, and a mobile robot equipped with a 
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scanning infrared laser. The robot controller de- 
termines the distance to any given reflector by 
measuring the time required for the laser beam to 
return. In this way, two mirrors can allow the 
robot to locate its position in two dimensions; 
three mirrors can facilitate position determina- 
tion in three-dimensional space. 

beacon direction finder A direction finder using a 
signal received from a beacon station. 

beacon receiver A receiver that is specially 
adapted for the reception of beacon signals (see 
BEACON, 1 and 3). 

beacon station 1. A station broadcasting beacon 
signals (see BEACON, 1 and 3) for direction find- 
ing, navigation, and/or determination of radio- 
wave propagation conditions. 2. Sometimes, a 
radar transmitting station. 

beacon transmitter A transmitter specially 
adapted for the transmission of beacon signals 
(see BEACON, 1 and 3). 

bead 1. A small ferromagnetic ring that is used as 
a passive decoupling choke by slipping it over the 
input power leads of a circuit or stage, or around 
a coaxial transmission line. 2. A magnetic mem- 
ory element in a ferrite-core matrix. 

beaded coax A low-loss, coaxial transmission line, 
in which the inner conductor is separated from 
the outer conductor by means of spaced dielectric 
beads. 

beaded support A plastic or dielectric bead that is 
used to support the inner conductor of an air- 
insulated transmission line of coaxial construction. 

bead thermistor A thermistor consisting essentially 
of a small bead of temperature-sensitive resistance 
material into which two leads are inserted. 

beam 1. The more-or-less narrow pattern of radia- 
tion from a directional antenna. 2. A directional 
antenna—especially a YAGI ANTENNA. 3. The 
stream or cloud of electrons emitted by the cath- 
ode in an electron tube—especially a BEAM 
POWER TUBE. 

beam alignment 1. The lining-up of a directional 
transmitting antenna with a directional receiving 
antenna for maximum signal transfer. 2. In a 
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television (TV) camera tube, the lining-up of the 
electron beam so that it is perpendicular to the 
target. 3. In a cathode-ray tube, the positioning of 
the electron rays so that they converge properly 
on the screen, regardless of the deflection path. 

beam angle In the radiation from an antenna, the 
direction of most intense radiation, the side limits 
of which are determined by the points at which 
the field strength drops to half the value in the 
principal direction. 

beam antenna 1. A multielement directional an- 
tenna, consisting of a half-wave driven dipole and 
one or more parasitic elements. See YAGI AN- 
TENNA. 2. Any directional antenna used for 
transmitting and receiving radio-frequency (RF) 
signals. 

beam bender 1. In a television (TV) picture tube, 
the ion-trap magnet. 2. Deflection-plate correc- 
tion device or circuit. 

beam bending Deflection of an electron beam by 
electric or magnetic fields. 

beam blanking See BLANK, 2. 

beam convergence The meeting, at a shadow- 
mask opening, of the three electron beams in a 
three-color television picture tube. See BEAM 
ALIGNMENT, 3. 

beam coupling A method of producing an alternat- 
ing current between two electrodes by passing a 
density-modulated beam of electrons between the 
electrodes. This, in effect, demodulates the elec- 
tron beam, recovering the information. 

beam crossover Either of the half-power points 
in the beam of a directional antenna, usually in 
the horizontal plane. The reference point is con- 
sidered to be the direction of maximum radia- 
tion. 

beam current The current represented by the flow 
of electrons in the beam of a cathode-ray tube. 

beam cutoff In an oscilloscope or television picture 
tube, the complete interruption of the electron 
beam, usually as a result of highly negative con- 
trol-grid bias. 

beam deflector A deflection plate in an oscillo- 
scope tube. 

beam efficiency In a cathode-ray tube, the ratio of 
the number of electrons generated by the gun to 
the number reaching the screen. The efficiency is 
high in electromagnetic-deflection tubes and 
lower in electrostatic-deflection tubes. 

beam lead In an integrated circuit, a relatively 
thick and strong lead that is deposited in contact 
with portions of the thin-film circuit. It provides 
stouter connections than continuations of the 
thin film would provide. 

beam-lead isolation In an integrated circuit, re- 
duction of distributed capacitance and other in- 
teraction through use of beam leads. 

beam modulation See INTENSITY MODULATION. 

beam parametric amplifier A PARAMETRIC AM- 
PLIFIER in which the variable-reactance compo- 
nent is supplied by a modulated electron beam. 
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beam-positioning magnet In a three-gun color 
television picture tube, a permanent magnet that 
is used to position one of the electron beams cor- 
rectly, with respect to the other two. 

beam power tube A tetrode or pentode vacuum 
tube, in which special deflector plates concentrate 
the electrons into beams in their passage from 
cathode to plate. The beam action greatly increases 
plate current at a given plate voltage. It is used in 
some radio-frequency (RF) power amplifiers. 

beam-rider control system A missile-guidance 
system in which a control station sends a radio 
beam to a missile. The beam is moved in such a 
way that as the missile stays within the beam, it 
hits the target. 

beam-rider guidance 1. An aircraft landing guid- 
ance system, in which the aircraft follows a radio 
beam in its glide path. 2. The circuitry in a guided 
missile using a beam-rider control system. 

beam splitter A device used to divide a light beam 
(as by a transparent mirror) into two compo- 
nents, one transmitted and the other reflected; 
hence, a BEAM-SPLITTING MIRROR. 

beam splitting In radar, a method of calculating 
the mean azimuth of a target from the azimuth at 
which the target is first revealed by one scan, and 
the azimuth at which the target information 
ceases. 

beam-splitting mirror In an oscilloscope-camera 
system, a tilted, transparent mirror that allows 
rays to pass horizontally from the oscilloscope 
screen to the camera and to be reflected vertically 
to the viewer’s eye. 

beamwidth of antenna The angular width of the 
main lobe of the pattern of radiation from a di- 
rectional antenna. Generally, it is measured be- 
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tween the half-power points in the horizontal 
plane. Occasionally, it is measured in the verti- 
cal plane. 

bearing The direction of an object or point ex- 
pressed in degrees within a 360° horizontal clock- 
wise boundary, with the center of the circle 
serving as the observation point. 

bearing resolution In radar operations, the mini- 
mum horizontal separation of two targets, in de- 
grees, that permits the individual targets to be 
displayed as two echoes, rather than one. 

beat Any one of the series of pulsations constitut- 
ing a beat note, which results from heterodyning 
one signal against another. 

beat frequency Either of two frequencies fc; and 
fc2 resulting from the mixing of two signals of dif- 
ferent frequencies f4 and fg. Frequency fc, is the 
sum of the two input frequencies; fo, = fa + fe. 
Frequency fcz is the difference; fcz = fa — fg when 
fais the higher of the two input frequencies. 

beat-frequency oscillator Abbreviation, BFO. An 
oscillator used to set up audible beat frequen- 
cies with an incoming received signal and in- 
stalled in the intermediate-frequency (IF) stages 
of a superheterodyne communications receiver. 
For single-sideband (SSB) reception, the BFO is 
set at the frequency of the received suppressed 
carrier. In continuous-wave (CW) Morse code re- 
ception, the BFO is set at a frequency that dif- 
fers from that of the incoming signal by about 
400 to 1000 Hz. The resulting tone has an audio 
frequency equal to the difference between the 
BFO frequency and the received signal carrier 
frequency. For reception of frequency-shift- 
keyed (FSK) signals, the BFO is set to such a fre- 
quency that the resulting audio beat notes are 
appropriate for the mark and space inputs of a 
terminal unit or modem. 
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beating 1. Also called heterodyning. The combina- 
tion of signals of different frequencies resulting in 
sum and difference frequencies. 2. The fluttering 
noise heard when two audio tones, very close in 
frequency and very similar in amplitude, are 
emitted at the same time. 

beat marker In the visual (oscilloscopic) alignment 
of a tuned circuit, a marker pip that results from 
the beat note between the sweep-generator signal 
and the signal from a marker oscillator. 
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beat note The sum or difference frequency that re- 
sults from the heterodyning of two signals or, un- 
der some conditions, of more than two signals. 

beat-note reception 1. Reception in which a ra- 
dio-frequency carrier is made audible by hetero- 
dyning it with a beat-frequency oscillator (BFO) to 
produce an audible beat note. 2. Superhetero- 
dyne reception (see SUPERHETERODYNE CIR- 
CUIT). 

beat tone A beat note in which the frequency is 
within the range of hearing. 

beaver tail A flat or elongated radar beam, wide in 
the azimuth plane. Primarily used to determine 
the altitude of a target. The beam is moved up 
and down to find the target elevation. 

Becquerel effect A phenomenon in which a volt- 
age is produced when radiant energy, such as in- 
frared, visible light, ultraviolet, or X-rays, falls on 
one electrode in an electrolytic cell. 

bedspring A directional antenna consisting of a 
broadside array with a flat reflector and one or 
more helical driven elements. 

beep A test or control signal, usually of single tone 
and short duration. 

beeper 1. A pocket- or hand-carried transceiver— 
especially one for maintaining two-way contact 
with personnel who are away from their base. 2. 
An acoustic transducer that produces a beep in 
response to an input signal. 

beetle A urea formaldehyde plastic used as a di- 
electric material and as a container material. 

bel Abbreviation, B. The basic logarithmic unit 
(named for Alexander Graham Bell) for express- 
ing gain or loss ratios. One bel is equivalent to a 
power gain of 10. Also see DECIBEL. 

bell An electric alarm device consisting of a metal- 
lic gong that emits a ringing sound when it is 
struck by an electrically vibrated clapper. 

Bellini-Tosi direction finder A direction finder in 
which the sensing element consists of two trian- 
gular vertical antennas crossed at right angles, 
the antennas being open at the top and accord- 
ingly not acting as conventional coil antennas. 

bell-shaped curve A statistical curve (so called 
from its characteristic shape) that exhibits a nor- 
mal distribution of data. Typically, the curve de- 
scribes the distribution of errors of measurement 
around the real value. 

bell transformer A (usually inexpensive) stepdown 
transformer that operates an electric bell or simi- 
lar alarm or signaling device from the ac power 
line. 

bell wire Insulated 18-gauge (AWG) solid copper 
wire, so called because of its principal early use 
in the wiring of electric-bell circuits. 

belt generator Also known as a Van de Graaff gen- 
erator. A very-high-voltage electrostatic genera- 
tor, a principal part of which is a fast-traveling 
endless belt of dielectric material. At the lower 
end, charges of one sign are sprayed on the belt 
at 10 to 100 kV dc and are carried to the inside of 
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a hollow metal sphere at the upper end, where 
they are removed and spread to the surface of the 
sphere, which they raise to a potential up to sev- 
eral million volts. 

benchmark A test standard to measure product 
performance. 

benchmark routine A routine designed to evaluate 
computer software and/or hardware, producing a 
good indication of how well the software or hard- 
ware will perform in real-life situations. In par- 
ticular, tests instructions per second and 
throughput, thereby producing an indication of 
the overall computer power in applications, such 
as word processing, database, spreadsheet, 
graphics, animation, and mathematical calcula- 
tions. 

bench test An extensive checkout of a piece of 
equipment in the test laboratory—either to find 
an intermittent problem, or to check for reliabil- 
ity. 

bend An angular shift in the lengthwise direction of 
a waveguide. 

bending effect 1. The downward refraction of a 
radio wave by the ionosphere. 2. The low- 
atmosphere turning of a radio wave downward by 
temperature discontinuity and atmospheric in- 
versions. 

Benito A continuous-wave method of measuring 
the distance of an aircraft from the ground, in- 
volving the transmission of an audio-modulated 
signal from ground and the retransmission back 
to ground by the aircraft. The phase shift between 
the two signals is proportional to the distance to 
the aircraft. 

bent antenna An antenna that has its driven ele- 
ment bent, usually near the ends and at right an- 
gles, to conserve space. 

bent gun A television picture tube neck arrange- 
ment having an electron gun that is slanted to di- 
rect the undesired ion beam toward a positive 
electrode, but which allows the electron beam to 
pass to the screen. This prevents the ion beam 
from “burning” a permanent spot on the phoso- 
por of the screen. 

BeO Formula for beryllium oxide. Also see BERYL- 
LIA. 
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berkelium Symbol, Bk. A radioactive elemental 
metal produced artificially. Atomic number, 97. 
Atomic weight, 247. 

beryllia Formula, Be0. Beryllium oxide, used in 
various forms as an insulator and structural ele- 
ment (as in resistor cores). 

beryllium Symbol, Be. An elemental metal. Atomic 
number, 4. Atomic weight, 9.01218. Beryllium is 
present in various dielectrics and alloys used in 
electronic components. 

Bessel functions Sophisticated mathematical 
functions for dealing with periodic electronic phe- 
nomena in which the waveform often displays 
decrement. Also called cylindrical functions. 

beta Symbol, B. The current gain of a common- 
emitter bipolar transistor stage. It is the ratio of 
the induced change of collector current to the ap- 
plied change of base current: B = dIC/dIB. 

beta circuit The output-input feedback circuit in 
an amplifier. 

beta cutoff frequency The frequency at which the 
current amplification of a bipolar transistor falls 
to 70.7% of its low-frequency value. 

beta particles Minute radioactive subatomic bits 
identical to the electron or positron, and emitted 
by some radioactive materials. Also see BETA 
RAYS. 

beta rays Rays emitted by the nuclei of radioactive 
substances, consisting of a stream of beta parti- 
cles (i.e., electrons or positrons) that move at ve- 
locities up to 299.8 million meters per second. 
Compare ALPHA PARTICLE and GAMMA RAYS. 

beta-to-alpha conversion For a bipolar transistor, 
the conversion of current amplification expressed 
as beta (B) to current amplification expressed as 
alpha (a): a = B/(B + 1). 

betatron A particle accelerator in which injected 
electrons are given extreme velocity by being pro- 
pelled in circular paths in a doughnut-shaped 
glass container. The term comes from the fact 
that high-speed electrons constitute BETA PAR- 
TICLES. 

beta videocassette recorder The earliest scheme 
for videocassette recording, developed by Sony 
corporation in the 1970s. Compare VHS video- 
cassette recorder. 

beta zinc silicate phosphor Formula, (ZnO + 
Si02):Mn. A phosphorescent substance used to 
coat the screen of a cathode-ray tube. The fluo- 
rescence is green-yellow. 

BeV Abbreviation of billion electronvolts. Also see 
ELECTRONVOLT, GEV, MEV, and MILLION 
ELECTRONVOLTS. This abbreviation has been 
supplanted by the SI (International System of 
Units) abbreviation GeV, for GIGAELECTRON- 
VOLTS. 

bevatron An accelerator (see ACCELERATOR, 1) 
similar to the synchrotron, which accelerates 
particles to levels greater than 10 GeV. 

Beverage antenna (Harold H. Beverage.) A nonres- 
onant, directional long-wire antenna, erected a 
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few feet above ground and run in a straight line 
for one to several wavelengths. It is generally 
used for reception at low and medium frequen- 
cies, the best response is to vertically polarized 
signals arriving from one or both directions in 
line with the wire. It can be left unterminated for 
bidirectional response, or it can be terminated at 
its far end by a noninductive resistor of about 600 
ohms for a unidirectional response. 

beyond-the-horizon propagation See FORWARD 
SCATTER. 

bezel A faceplate for an electronic instrument, 
usually having a fitted rim and cutouts for knobs, 
switches, jacks, etc. 

BFO Abbreviation of BEAT-FREQUENCY OSCIL- 
LATOR. 

BG Abbreviation of BIRMINGHAM WIRE GAUGE. 
Also abbreviated BWG. 

B-H curve A plot showing the Band H properties of 
a magnetic material. Magnetizing force H is plot- 
ted along the horizontal axis, and flux density B 
is plotted along the vertical axis. 

B-H loop See BOX-SHAPED LOOP. 

B-H meter Any instrument for displaying or evalu- 
ating the hysteresis loop of a magnetic material. 

bhp Abbreviation of brake horsepower. 

Bi Symbol for BISMUTH. 

bias 1. Any parameter of which the value is set toa 
predetermined level to establish a threshold or 
operating point. Although it is common to think 
of bias currents and bias voltages, other parame- 
ters (e.g., capacitance, resistance, illumination, 
magnetic intensity, etc.) can serve as biases. 2. In 
a high-fidelity audio system, a circuit in a tape 
recorder/player that optimizes performance for a 
particular type of recording tape. 

bias current A steady, constant current that pre- 
sets the operating threshold or operating point 
of a circuit or device, such as a transistor, 
diode, or magnetic amplifier. Compare BIAS 
VOLTAGE. 

bias current drift The ratio of a change in input 
bias current to a change in ambient temperature, 
generally expressed in nanoamperes per degree 
Celsius. 

bias distortion Distortion caused by operation ofa 
tube or transistor with incorrect bias so that the 
response of the device is nonlinear. 

biased diode A diode having a dc voltage applied in 
either forward or reverse polarity. Current flows 
readily through the forward-biased diode; the re- 
verse-biased diode appears as an open circuit. 
The biased diode is the basis of clippers, limiters, 
slicers, and similar circuits. 

biased off In a circuit or device, the state of cutoff 
caused by application of a control-electrode bias. 
Examples include collector-current cutoff (when 
the dc base bias of a bipolar transistor reaches a 
critical value), and drain-current cutoff (when the 
dc gate bias reaches a critical value in a field- 
effect transistor). 


de 


5059F-pB 56-92 


4/9/01 4:45 PM Page 71 


> 
a 


Forward 
bias 


biased diodes 


biased search A scheme that a mobile robot can 
use to find its way to a destination or target, by 
deliberately searching off to the side and then 
homing in as the approach progresses. It is so 
called because the general nature of the initial er- 
ror (bias) is known, although its exact extent need 
not be known. 

bias oscillator In a magnetic recorder, an oscilla- 
tor operated at a frequency in the 40-kHz to 100- 
kHz range to erase prerecorded material and bias 
the system magnetically for linear recording. 

bias resistor A usually fixed resistor, such as the 
source resistor in a field-effect-transistor (FET) cir- 
cuit or the emitter resistor in a bipolar-transistor 
circuit, across which a desired bias voltage is de- 
veloped by current flowing through the resistor. 

bias set A control, such as a potentiometer or vari- 
able autotransformer, that facilitates manual ad- 
justment of the dc bias of a circuit. 

bias stabilization 1. The maintenance of a con- 
stant bias voltage, despite variations in load 
impedance or line voltage. It is usually accom- 
plished by means of automatic voltage regulation. 
2. The stabilization of transistor dc bias voltage 
by means of resistance networks or through the 
use of barretters, diodes, or thermistors. 

bias supply 1. Batteries that provide bias voltage 
or current for bipolar or field-effect transistors. 2. 
A line-operated unit for supplying de bias and 
consisting of a transformer, rectifier, and high- 
grade filter. 

bias voltage A steady voltage that presets the op- 
erating threshold or operating point of a circuit or 
device, such as a transistor. Compare BIAS CUR- 
RENT. 

bias windings The dc control windings of a sat- 
urable reactor or magnetic amplifier. 

biconical antenna A form of broadband antenna, 
consisting of two conical sections joined at the 
apexes. The cones are at least ⁄ wavelength in di- 
agonal height. The vertex angles of the cones can 
vary, although the apex angle is usually the same 
in each cone. The vertex angle affects the feed- 
point impedance. Such an antenna radiates, and 
responds optimally to, signals with polarization 
parallel to the axis of the cones. 

biconical horn antenna A double-horn micro- 
wave antenna that radiates along relatively sharp 
front and back beams. 
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bidecal base The 20-pin base of a cathode-ray 
tube. Also see DIHEPTAL, DUODECAL, and 
MAGNAL. 

bidirectional Radiating or receiving (usually 
equally) from opposite directions (e.g., front-and- 
back radiation from an antenna or loudspeaker, 
or front-and-back pickup with an antenna or mi- 
crophone). 

bidirectional antenna An antenna with a direc- 
tional pattern that consists of maximum lobes 
180 degrees apart. 

bidirectional bus In computers, a data path over 
which both input and output signals are routed. 

bidirectional bus driver In a microcomputer, a 
signal-driving device that permits direct connec- 
tion of a buffer-to-buffer arrangement on one end 
(the interface to I/O, memories, etc.) and data in- 
puts and outputs on the other. This device per- 
mits bidirectional signals to pass and provides 
drive capability in both directions. 

bidirectional counter A counter that can count 
consecutively up from a given number or down 
from that number. Also called UP-DOWN 
COUNTER. 

bidirectional current A current that flows in both 
directions. Utility alternating current (ac) is a 
common example. 

bidirectional loudspeaker A loudspeaker that de- 
livers sound waves to the front and rear. 

bidirectional microphone A microphone that 
picks up sound waves equally well from the front 
and rear. 

bidirectional transistor A symmetrical transistor 
(i.e., one in which the two main current-carrying 
electrodes can be interchanged without influenc- 
ing device performance). Some field-effect tran- 
sistors (FETs) are of this type; the drain and the 
source can be interchanged. 

bifilar electrometer An electrometer in which the 
sensitive element consists of two long platinized- 
quartz fibers. When an electric potential is ap- 
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plied, the fibers separate by a distance propor- 
tional to the voltage. 

bifilar resistor A wirewound resistor with two op- 
positely wound filaments. The nature of the wind- 
ing tends to cancel the inductance, making the 
device useful at a much higher frequency than an 
ordinary wirewound resistor. 

bifilar transformer A transformer in which unity 
coupling is approached by interwinding the pri- 
mary and secondary coils (i.e., the primary and 
secondary turns are wound side by side and in 
the same direction). 

bifilar winding 1.A method of winding a coil (such 
as a resistor coil) in the shape of a coiled hairpin 
so that the magnetic field is self-canceling and 
the inductance is minimized. 2. A method of 
winding transformers to minimize leakage reac- 
tance. 


bifilar winding 


bifurcated contact A forked contact whose parts 
act as two contacts in parallel for increased relia- 
bility. 

bilateral amplifier An amplifier that transmits or 
receives in either direction equally well (i.e., the 
input and output can be exchanged at will). 

bilateral antenna A bidirectional antenna, such as 
a loop antenna or a half-wave dipole. 

bilateral element A circuit element or component 
(as a capacitor, resistor, or inductor) that trans- 
mits energy equally well in either direction. Com- 
pare UNILATERAL ELEMENTS. 

bilateral network A network, usually passive and 
either balanced or unbalanced, that has BILAT- 
ERAL SYMMETRY. Thus, the input and output 
terminals can be exchanged without affecting the 
performance of the network in any way. 

bilateral symmetry 1. Exhibiting symmetry, with 
respect to a vertical line or plane. 2. For a net- 
work, having the property that if the input and 
output are reversed, the circuit behavior remains 
precisely the same. See BILATERAL NETWORK. 
3. For an amplitude-versus-frequency response 
curve, having the property that the right-hand 
and left-hand halves are mirror images of each 
other. 

billboard antenna A phased group of dipole anten- 
nas that lie in one plane. A reflector might be 
used behind the entire array. 

bilobe pattern An antenna radiation pattern con- 
sisting of two major lobes in a given plane, usu- 
ally the horizontal plane. Often the lobes exist in 
opposite directions relative to each other, as in a 
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half-wave dipole. But they can be at varying an- 
gles, as in a long-wire antenna. 

bimetal A union of two dissimilar metals—espe- 
cially those having a different temperature coeffi- 
cient of expansion. The two are usually welded 
together over their entire surface. 

bimetallic element A strip or disk of bimetal. 
When the element is heated, it bends in the di- 
rection of the metal that has the lower tempera- 
ture coefficient of expansion; when cooled, it 
unbends. Usually, an electrical contact is made 
at one extreme or the other so that the element 
can serve as a thermostat. 

bimetallic switch A temperature-sensitive switch 
based on a bimetallic element. 

bimetallic thermometer A thermometer based on 
a bimetallic element that is mechanically coupled 
(as through a lever and gear system) to a pointer 
that moves over a temperature scale. 

bimetallic thermostat A thermostat in which a 
bimetallic element closes or opens a pair of 
switch contacts. 

bimorphous cell A piezoelectric transducer that 
consists of two crystal plates, such as Rochelle 
salt, bound intimately face to face. In a crystal 
microphone, vibration of the transducer results 
in a voltage output; in a crystal headphone, an ac 
signal voltage impressed on the transducer 
causes vibratory mechanical motion. 
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BiMOS A combination of bipolar and MOSFET 
transistors in an integrated circuit. Thus, a typi- 
cal BiMOS device can have MOSFET input for 
high impedance and bipolar output for low 
impedance. 

binant electrometer An electrometer in which a 
thin platinum vane (“the needle”) is suspended 
within two halves of a metal pillbox-shaped con- 
tainer. The halves or binants are biased with a de 
voltage of 1 to 12 V, and the unknown voltage is 
applied to the vane. It is also called DUANT 
ELECTROMETER and HOFFMAN ELECTROME- 
TER. 

binary 1. Pertaining to the base-2 number system. 
Thus, binary arithmetic uses two digits: O and 1. 
2. Pertaining to two-element chemical com- 
pounds. 

binary arithmetic Mathematical operations per- 
formed using only the digits O and 1. 

binary cell In a computer memory, an element 
that can display either of two stable states. 

binary chain A cascade of binary elements, such 
as flip-flops, each unit of which affects the stable 
state of the succeeding unit in sequence. 

binary channel Any channel whose use is limited 
to two symbols. 

binary code A system of numbers representing 
quantities by combinations of 1 and O; a binary- 
number system. 

binary-coded decimal notation In digital com- 
puter operations, a system of notation in which 
each digit of a decimal number is represented by 
its binary equivalent. Thus, the decimal number 
327 in BCD notation becomes 0011 0010 0111. 
(By contrast, in pure binary notation, 327 is 
101000111.) 

binary-coded octal notation A method of num- 
bering in which each base-8 digit is represented 
by a binary number from 000 to 111. 

binary-controlled gate circuit A gate circuit con- 
trolled by a binary stage. An example is a gating 
transistor that receives its on/off pulses from a 
flip-flop. 

binary counter A counter circuit consisting of a 
cascade of bistable stages. Each stage is a scale- 
of-two counter because its output is on for every 
second input pulse. At any instant, the total bi- 
nary count in a multistage counter thus is shown 
by the on and off states of the various stages in 
sequence. 

binary decoder A device or stage that accepts bi- 
nary signals on its input lines, and provides a 
usually exclusive output (representing a decimal 
digit, for example). 

binary digit See BIT. 

binary number system The base-two system of 
notation. This system uses only two symbols, O 
and 1, and accordingly is easily applied to two- 
position switches, relays, and flip-flops. 

binary preset switch Ina binary counter or binary 
control circuit, a selector switch that allows the 
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circuit to be preset to deliver an output pulse only 
after a predetermined number of input pulses. 

binary relay See BISTABLE RELAY. 

binary scaler In its simplest form, a single two- 
stage device, such as a flip-flop, which functions 
as a divide-by-two counter, because one output 
pulse results from every two input pulses. 
Higher-order scaling is obtained by cascading 
stages. 

binary search A system of search entailing the 
successive division of a set of items into two parts 
and the rejection of one of the two until all items 
of the sought-for kind are isolated. 
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binary search 
binary signal Any signal that can attain either of 
two states. Such a signal is always a digital sig- 
nal. 
binary-to-decimal conversion 1. The automatic 
conversion of a number represented by a series of 
binary pulses into the corresponding decimal 
number, which then is displayed by a readout de- 
vice. 2. The arithmetic operation of converting a 
binary number into a decimal number; this can 
be done by noting the powers of 2 represented by 
the various binary digits in a number, and then 
adding the decimal values of these powers. 
binary word A binary numeral that has a particu- 
lar meaning, agreed upon by convention. For ex- 
ample, the letters A through Z can be represented 
by binary numbers 00001 through 11010; a word 
can be represented by several blocks of five digits. 
binaural Literally, two-eared. In sound recording 
and reproduction, the transcription of a broad 
sound source using two microphones spaced at 


approximately the distance between the ears on a 
human head, and played back using headphones 
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to re-create the stereo effect. The technique 
evolved into multichannel stereophonic repro- 
duction. 

binaural machine hearing Also called stereo ma- 
chine hearing. The ability of a machine, such as a 
robot, to sense the direction and distance to a 
source of sound, using two acoustic transducers 
and a computer to process their output signals. 
The machine determines the location of the 
sound source by comparing the relative ampli- 
tude and phase of the signals from the two trans- 
ducers. It functions according to the same 
principle as human hearing, in which a person 
can determine the general direction and distance 
to a sound source by subconsciously comparing 
the relative amplitude and phase of the sounds 
arriving at the left and right ears. 

binaural sound The equivalent of a listener hear- 
ing a concert through a pair of earholes; it takes 
earphones to reproduce the signal. If speakers 
are substituted for the earphones, the listener 
hears monophonically, as if standing back sev- 
eral feet from the earholes. 

binder A material (such as lacquer) that acts as a 
holder and cohesive medium for the particles of 
another material. It is used in carbon resistors, 
ceramic dielectric bodies, powder cores, and re- 
sistive and metallic paints. 

binding energy A property of the nucleus of an 
atom. The binding energy of a nucleus is equal to 
the difference between the nuclear weight and the 
sum of the weights of the lighter particles making 
up the nucleus. The nucleus is stable when the 
binding energy is high. 

binding force Any one of the electrostatic forces 
that bind crystals together. 

binding post A screw-type terminal of various 
styles, often having a hole into which a wire or tip 
can be inserted and gripped. It is used for tempo- 
rary indoor connections only. 
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binistor A semiconductor switching device that ex- 
hibits two stable states and also negative resis- 
tance. 

binocular machine vision Also called stereoscopic 
machine vision. The ability of a machine vision 
system to provide depth and perspective data. 
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Uses two optical sensors spaced a fixed distance 
apart. The left sensor sees a slightly different im- 
age than the right sensor. These two images are 
combined and processed by a computer, allowing 
the machine (such as a mobile robot) to deter- 
mine the distances to various objects in its envi- 
ronment. Functions on the same principle as 
stereoscopic human vision. 

bin picking In robotics, the selection of a particu- 
lar object from a container (bin) in which there 
are many objects. Can be done using object 
recognition, bar coding, or passive transponders. 
It requires a sensor, operating in conjunction 
with a computer that processes the sensed data 
and controls the movements of the robot. 

binomial An algebraic expression containing two 
terms joined by a plus or minus sign. Examples: 
a? + b?, 3x? - 6x. 

binomial theorem The theorem, proven by Isaac 
Newton, permits a binomial to be raised to any 
desired power without performing the multiplica- 
tions. In electronics, power series are convenient 
for expressing such expressions. 

biochemical cell A fuel-cell energy source in 
which electricity is generated chemically through 
the oxidation of biological substances. Also called 
biochemical fuel cell. 

biochip 1. A natural, living organism with a physi- 
cal structure that in some way resembles that of 
an electronic integrated circuit (IC). 2. A theoreti- 
cal possibility, according to some scientists, but 
not yet a practical reality: An IC manufactured by 
a laboratory process that mimics the way in 
which nature builds living organisms. A form of 
artificial life, harnessed for electronic and/or 
computing applications. 

bioelectricity 1. Electric currents in living tissues, 
generated by the organism and not applied by ex- 
ternal means. 2. The science or study of such 
currents. 

bioelectrogenesis The study and application of 
electricity generated by living animals, including 
humans, in the powering and control of electronic 
devices. 

bioelectronics Electronics in relation to the life 
sciences—especially the electronic instrumenta- 
tion of biological experiments. 

bioengineering 1. The engineering of equipment, 
such as electron microscopes, electroencephalo- 
graphs, centrifuges, irradiators, etc., for study 
and experimentation in the life sciences. 2. The 
engineering of equipment, such as pacemakers, 
hearing aids, X-ray apparatus, shock-therapy 
units, etc., for aid or support-of-life processes. 

biofeedback A technique in which changes in skin 
temperature and resistance are detected and dis- 
played by an electronic device. 

biofeedback monitor A system that provides an 
indication of skin temperature and resistance to 
a user. Because skin temperature and resistance 
are affected by emotions, such as fear, nervous- 
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ness, anger, etc., these monitors might be of 
value to people who wish to gain improved control 
of their emotions, and thus perhaps minimize the 
physiological effects of stress. 

biological robot Believed by some researchers to 
be possible, but not yet a practical reality: A living 
organism created by biological cloning, whose 
brain has been programmed exactly as a com- 
puter is programmed. 

biological shield An absorbent shield that blocks 
or attenuates ionizing radiation to protect per- 
sonnel working near radioactive materials. 

bioluminescence’ 1. The emission of light by a liv- 
ing organism. 2. The light itself so produced by 
living organisms. 

biomechanism An electromechanical device that 
simulates the workings of some part of a living 
being’s body. Examples are electromechanical 
hands, arms, and legs. Such a device is often dif- 
ficult to distinguish from its biological counter- 
part when obscured by clothing. 

biomechatronics A contraction of the words biol- 
ogy, mechanics and electronics. Research, devel- 
opment and manufacturing that encompasses 
aspects of all three fields. This is especially im- 
portant in robotics. 

biometrics Mathematics, and in particular, statis- 
tics and probability, applied to biology. 

biometric security system An advanced intru- 
sion-prevention system that measures biological 
characteristics of the people who are authorized 
to enter a property. Such a machine can employ 
vision systems, object recognition, and/or pat- 
tern recognition to check a person’s face. The ma- 
chine might use speech recognition to identify 
people by the waveforms of their voices. It might 
record a hand print, a fingerprint, or an iris print, 
or a combination of all these things. A powerful 
computer analyzes the data obtained by the sen- 
sors and determines whether the person is au- 
thorized to enter the premises. 

bionics The study, design, and application of mi- 
croelectronic systems that simulate the functions 
of living organisms. 

biotelemetry The use of telemetry to collect data 
from living organisms or to direct their move- 
ment. 

biotelescanner An instrument that monitors body 
functions via radio, from a great distance. 

Biot/Savart law A principle of electromagnetism 
that expresses the intensity of magnetic field Hin 
the vicinity of a long, straight wire carrying a 
steady current I. The basic formula is H = 2I/r, 
where H is in oersteds, I is in amperes, and r is 
the distance in centimeters from the wire. 

bip Abbreviation of binary image processor. 

biphase half-wave rectifier An alternative term 
for FULL-WAVE RECTIFIER; also, each leg of a 
two-diode full-wave rectifier. 

BIPM Abbreviation of International Bureau of 
Weights and Measures. 


bipolar The condition of possessing two pole sets. In 
a conventional (non-FET) transistor, one pole set 
exists between the base and collector, and another 
pole set exists between the base and emitter. 

bipolar driving unit A magnetic headphone or 
loudspeaker in which both poles (north and 
south) of a magnet actuate a diaphragm or lever. 

bipolar operation See AUTOMATIC POLARITY. 

bipolar transistor A two-junction transistor whose 
construction takes the form of a pnp or an npn 
“sandwich.” Such devices are current-operated, 
compared with field-effect transistors, which are 
voltage-operated. The bipolar transistor (of which 
the familiar npn and pnp types are examples) 
uses both electron and hole conduction. 

biquinary code A variety of binary-coded-decimal 
notation in which seven bits are used to repre- 
sent each decimal digit. A number is written in 
two groups of bits: a two-bit group followed by a 
five-bit group. The positional values are 5 and O 
for the two-bit group, and 4, 3, 2, 1, and O for the 
five-bit group. 

biquinary decade A decade counter that consists 
of a binary stage, followed by a quinary stage. 

bird 1. Slang for orbiting SATELLITE. 2. Slang for 
guided missile. 

birdie 1. A spurious beat note in a superhetero- 
dyne receiver. So called because of the character- 
istic chirping sound it makes as the operator 
tunes by the frequency on which it occurs. 2. A 
parasitic oscillation in a radio transmitter, also 
called a spurious emission or spur. 

Birmingham wire gauge Abbreviation, BWG. Also 
called Stubs gauge. A method of designating the 
various sizes of solid wire. BWG diameters are 
somewhat larger than corresponding AMERICAN 
WIRE GAUGE diameters for a given wire-size 
designator. 


Birmingham Wire Gauge (BWG) Diameters 


BWG Millimeters Inches 
1 7.62 0.300 
2 7.21 0.284 
3 6.58 0.259 
4 6.05 0.238 
5 5.59 0.220 
6 5.16 0.203 
7 4.57 0.180 
8 4.19 0.165 
9 3.76 0.148 

10 3.40 0.134 
11 3.05 0.120 
12 2.71 0.109 
13 2.41 0.095 
14 2.11 0.083 
15 1.83 0.072 
16 1.65 0.064 
17 1.47 0.058 
18 1.25 0.049 
19 1.07 0.042 
20 0.889 0.035 
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bismuth Symbol, Bi. A metallic element. Atomic 
number, 83. Atomic weight, 209. 

bismuth flux meter A flux meter in which the sen- 
sor contains a length of bismuth wire, which acts 
as a magnetoresistor. 

bismuth thermocouple A thermocouple that uses 
the junction between bismuth and antimony 
wires. Used in thermocouple-type meters. 

bistable Having two stable states. 

bistable device Any device, such as a flip-flop, the 
operation of which exhibits two stable states and 
which can be switched at will from one state to 
the other. 

bistable multivibrator A multivibrator, the opera- 
tion of which exhibits two stable states. More 
commonly known as a FLIP-FLOP. These circuits 
are abundant in digital electronic equipment. 


Compare ASTABLE | MULTIVIBRATOR and 
MONOSTABLE MULTIVIBRATOR. 
Reset 

Q 
Set Q 


bistable multivibrator 


bistable relay A relay that has two stable states: 
open and closed. Successive actuating pulses 
open and close the relay, two consecutive pulses 
being required to return the relay to a given state. 
Also called binary relay, relay flip-flop, and elec- 
tromechanical flip-flop. 

bistatic radar A radar set in which the transmit- 
ting and receiving antennas are separate. 

bistate Having two states. Example: the perfor- 
mance of a FLIP-FLOP. 

bit An acronym formed from the words binary digit. 
The smallest or elementary unit of data in digital 
electronics. Represented either by logic O (low) or 
logic 1 (high). These states can be represented by 
any dichotomy, such as off/on, false/true, mi- 
nus/plus, dark/bright, red/green, etc. 

BIT Abbreviation of built-in test. 

bit density The number of digital bits per unit area 
or volume, as the number of bits per square cen- 
timeter of magnetic tape. 

BITE Abbreviation of built-in test equipment. 

bit rate The speed in BITS PER SECOND (bps) at 
which digital data bits are transmitted or handled. 

bit-slice processor A microprocessor whose word 
or byte capacity is achieved through the use of in- 
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terrelated smaller capacity processors (e.g., a 16- 
bit unit derived from eight 2-bit “slices”). 

bits per second Abbreviation, bps. An expression 
of digital data speed. Commonly used in com- 
puter communications. This unit is often con- 
fused with, and improperly called, the baud. 
There is generally a difference between the speed 
of a signal in baud, and the speed of the same sig- 
nal in bps. Compare BAUD. 

bitter pattern A pattern produced in a suspension 
of ferromagnetic powder in the presence of an im- 
perfection in a magnet. The pattern appears as an 
irregularity that is easy to see. 

Bjerknes’ equation An expression for the total 
(primary plus secondary) decrement of a tuned 
circuit, based on measurements of the tank cur- 
rent at the resonant frequency and at a frequency 
near resonance. 

BK 1. Radiotelegraph signal for BREAK. 2. Abbre- 
viation of BREAK-IN. 

Bk Symbol for BERKELIUM. 

black-and-white Also called monochrome and 
gray-scale. Any system of image reproduction, 
transmission, or reception in which the image is 
composed of opaque elements (black) and white 
or bright areas, as in noncolor television recep- 
tion. 

black area An area in which there is only an en- 
crypted signal. 

blackboard system A method via which comput- 
ers can recognize, and to some extent determine 
the meaning of, spoken words and visual images. 
Incorporates machine vision and/or machine 
hearing in conjunction with artificial intelligence 
(AI). Incoming voices and/or images are digitized 
and entered into a large-capacity random-access 
memory (RAM). The data is evaluated by sophisti- 
cated software to determine the most logical or 
probable interpretations of the sounds and im- 
ages. 

blackbody An ideal surface or object, that com- 
pletely absorbs energy of any wavelength that 
strikes it. Such an object is a theoretically perfect 
radiator of energy at all wavelengths. 

blackbody radiation Electromagnetic radiation 
from a heated ideal BLACKBODY. This radiation 
is conceived as covering the entire ELECTRO- 
MAGNETIC FREQUENCY SPECTRUM. It can be 
expressed graphically as a characteristic curve 
with a peak at a wavelength that depends on the 
absolute temperature of the object. As the abso- 
lute temperature increases, the peak occurs at 
progressively shorter wavelengths (higher fre- 
quencies). This enables radio astronomers to get 
a reasonably good idea of the temperatures of dis- 
tant celestial objects, such as planets. 

black box 1. Any “box” or “block” that can be in- 
cluded in an analysis or synthesis based upon 
the BLACK-BOX CONCEPT. 2. Any functional 
unit (such as a module) whose operating charac- 
teristics are known, and that can be inserted into 
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a system in development or maintenance opera- 
tions. 3. Any subcircuit or stage that can be spec- 
ified in total as required in a system, in terms of 
its known or prescribed performance, but whose 
internal structure need not be known. 

black-box concept A technique for development of 
equivalent circuits and of considering their oper- 
ation. The “box” has a pair of input terminals and 
a pair of output terminals; one input terminal is 
often common to one output terminal. The con- 
tents of the box need not be known, but from the 
input and output current and voltage relation- 
ships, its nature can be determined. Moreover, 
from the available input signal and desired out- 
put signal, the internal circuit of the box can be 
specified. Integrated circuits (ICs) are often 
treated as black boxes by engineers designing 
complex electronic equipment. 

black compression Attenuation of the level of dark 
areas in a television picture. 

blacker than black The video-signal amplitude re- 
gion above the level that just darkens the screen. 
Signal information (such as control pulses) in 
this region are therefore not seen. 

black light 1. Ultraviolet radiation—especially 
when used to cause visible fluorescence in cer- 
tain materials. 2. A lamp that produces a princi- 
pal portion of its radiation in the ultraviolet 
region, causing visible fluorescence of certain 
substances. Such lamps are used in some scien- 
tific experiments, and also for creating special ef- 
fects at presentations or parties. It is hazardous 
to look directly at the output of such a lamp with 
unprotected eyes. 

blackout 1. A complete interruption of ac utility 
power to numerous customers at the same time. 
2. A complete cessation of ionospheric radio-wave 
propagation, such as might be caused by a solar 
flare. 3. Complete blanking of the screen of an os- 
cilloscope or picture tube. 

black reference In a television signal, the blanking 
level of pulses, beyond which the sync pulse is in 
the blacker-than-black region. 

black reference level In a television signal, the 
voltage threshold of the BLACK REFERENCE 
(i.e., its level above zero volts). 

black transmission A system of picture or facsim- 
ile transmission in which the maximum copy 
darkness corresponds to the greatest amplitude 
(in an amplitude-modulated transmitter) or the 
lowest instantaneous frequency (in a frequency- 
modulated transmitter), Compare WHITE 
TRANSMISSION. 

blank 1. A piezoelectric plate cut from a quartz 
crystal, but not yet finished to operate at a de- 
sired frequency. 2. To obscure or interrupt a sig- 
nal or electron beam (usually momentarily), as in 
z-axis blanking in an oscilloscope. 3. A silicon 
wafer cut from a large slab, containing dopants 
only. 4. A magnetic diskette or tape on which 
nothing is recorded. 5. An optical diskette on 
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which nothing is recorded. 6. A location (such as 
a symbol or space) that is used to verify proper 
data character grouping and values. 

blanketing A form of radio interference accompa- 
nied by severe degradation of reception, virtually 
unaffected by tuning, over a wide range of fre- 
quencies. An example is ac line noise caused by 
an arcing power transformer or electrical appli- 
ance in the vicinity of a receiving antenna. It 
tends to occur most often at low, medium, and 
high frequencies. 

blanking Obscuring or momentary elimination of a 
signal (see BLANK, 2). 

blanking interval The short period during which 
the electron beam of a cathode-ray tube is cut off 
so that the beam can return to its start position 
without creating a trace on the screen. 

blanking level The discrete, predetermined level 
(usually a threshold voltage) at which BLANKING 
occurs. 

blanking pedestal In the horizontal pulse of a tele- 
vision signal, the lower portion between zero volts 
and the blanking level. 

blanking pulse A pulse that produces momentary 
blanking (see BLANK, 2). 

blanking time The time interval during which the 
electron beam of a cathode-ray tube is inter- 
rupted by a blanking signal. 

blank tape 1. Magnetic tape that has never been 
subjected to the recording process and that is 
substantially free from noise. 2. Magnetic tape 
from which all preexisting information has been 
erased. 

blasting 1. Severe overloading of a sound system, 
usually caused by setting the volume control at 
or near maximum and then applying a significant 
input signal to the amplifier. Accompanied by dis- 
tortion, in its worst form, it can cause damage to 
speakers and/or headsets. 2. In a communica- 
tions receiver, the result of a strong signal coming 
in unexpectedly when the automatic gain control 
(AGC) has been switched off, and the audio- 
frequency (AF) and radio-frequency (RF) gain con- 
trols are set high for reception of weak signals. 

bleeder A resistor or group of resistors, used per- 
manently to drain current from charged capaci- 
tors. It establishes the predetermined initial load 
level for a power supply or signal source, and it 
serves as a Safety device in high-voltage power 
supplies. 

bleeder current The current normally flowing 
through a bleeder. 

bleeder divider A network of resistors, series- 
strung across the output of a power supply or its 
regulator. As a load resistor, the bleeder improves 
regulation and protects against no-load voltage 
surges. The resistor junctions allow various volt- 
ages to be drawn from the supply. 

bleeder power Power dissipated as heat in a 
bleeder. 

bleeder resistor See BLEEDER. 
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bleeder temperature The operating temperature 
in a bleeder. It is generally high because of power 
dissipation in the form of heat. 

bleeding whites A flowing of the white areas of a 
television picture into the black areas; an over- 
load condition. 

blemish See BURN. 

blind flight The flying of aircraft entirely by means 
of instruments and electronic communications. 

blind landing Landing of an aircraft entirely by 
means of instruments and electronic commnica- 
tions. 

blind zone 1. In radar operations, an area that gives 
no echoes. 2. Skip zone (see ZONE OF SILENCE). 

blip 1. The pulse-like figure on a radar scan, indi- 
cating the transmission or reflection (see A-SCAN 
and J-SCAN). Also called PIP. 2. In visual align- 
ment of a tuned circuit using a sweep generator 
and marker generator, the pulse or dot produced 
on the response curve by the marker signal. 3. A 
short, momentary signal pulse, such as a single 
Morse dot. 

BLIP Abbreviation for background-limited infrared 
photoconductor. 

blip-scan ratio The number of radar scans neces- 
sary to show a visible blip, or echo, on a radar 
screen. 
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Bloch functions Solutions of the Schrodinger 
wave equation for a single electron surrounded 
by an electric field. The field varies periodically 
with distance from the source. 

Bloch wall The transition layer between adjacent 
ferromagnetic domains (see DOMAIN). 

block 1. A group of data words or digits. 2. A group 
of memory storage spaces. 3. A circuit that oper- 
ates as an identifiable unit. 4. The symbol for a 
circuit, stage, unit, or device in a BLOCK DIA- 
GRAM. 

block diagram A simplified diagram of an elec- 
tronic system, in which circuits, stages, units, or 
devices are shown as two-dimensional boxes with 
the internal wiring and detail circuitry omitted. 
This makes it possible to clearly show the inter- 
connection among circuits, stages, units or de- 
vices. It also provides a concise rendition of the 
overall functional concept of the system. 


block diagram 
(of a radio transmitter) 


Control 
circuits 


blocked impedance The input impedance of a 
transducer, whose output load is a theoretically 
infinite impedance. 

blockette In a computer, the subdivision of a char- 
acter block that is handled as a unit during data 
transfer. 

blocking action Obstruction of circuit action, usu- 
ally abrupt, through internal action or by the 
application of an external signal. Thus, the 
operation of an amplifier can be blocked (output 
reduced to zero) by an input signal or by exces- 
sive feedback, either of which overloads the 
input. 

blocking capacitor A capacitor inserted into a cir- 
cuit to prevent the passage of direct current while 
easily passing alternating current. 

blocking choke Any inductor, such as a choke 
coil, that is used to prevent the flow of an alter- 
nating current while allowing direct current to 
pass with little resistance. 

blocking interference Radio interference from sig- 
nals strong enough to reduce the receiver output 
through blocking action. 
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blocking oscillator An oscillator that turns itself 
off after one or more cycles. It does this as a re- 
sult of an accumulation of negative charge on its 
input electrode (base of a bipolar transistor or 
gate of a field-effect transistor). The action is 
repetitive. In the self-pulsing type of blocking os- 
cillator, a series of pulses consisting of trains of 
sine waves with intervening spaces is generated. 
In the single-swing type of blocking oscillator, the 
output consists of a series of single cycles with 
long intervals between them. 

blocking oscillator synchronization 1. In the 
BLOCKING OSCILLATOR used in the vertical de- 
flection circuit of a television receiver, the oscilla- 
tor is synchronized with vertical sync pulses 
arriving in the video signal. 2. Synchronization of 
the repetition rate of any blocking oscillator with 
a suitable external control signal. 

blocking system In a telephone system, a method 
of dealing with the condition of having more sub- 
scribers than connection paths. Allocation is 
made on a demand basis. If all channels are in 
use, it is impossible to make new calls. This pre- 
vents excessive degradation of the quality of ex- 
isting connections. 

block length The number of characters, bits, or 
words that compose a defined unit word or char- 
acter group. 

block transfer The conveyance of a word or char- 
acter grouping in a computer register to another 
register or a peripheral device. 

blooming On a cathode-ray-tube (CRT) screen, an 
enlargement of the electron-beam spot, caused by 
poor focusing. This results in poor image 
resolution. 

blooper 1. A radio receiver that is in oscillation, 
and is transmitting a signal that causes interfer- 
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ence. 2. A parasitic oscillation in a radio trans- 
mitter. 3. In broadcasting, a statement in which a 
radio or television announcer makes an embar- 
rassing error or breach of etiquette. 

blow The opening of a fuse or circuit breaker as a 
result of excessive current. 

blower A fan used to remove heat from electronic 
circuits. These are often used in tube-type radio- 
frequency (RF) power amplifiers, where much 
heat is generated, and in computers to cool the 
microprocessor and surrounding components. 

blowout 1. An alternate term for BURNOUT. 2. The 
forceful opening of a circuit breaker. 3. The extin- 
guishing of an arc. 

blowout coil An electromagnet that provides a field 
to extinguish an arc. 

blowout magnet A permanent magnet that pro- 
vides a field to extinguish an arc. 

blst Abbreviation of ballast. 

blue-beam magnet In a color television picture- 
tube assembly using three electron guns, a small 
permanent magnet to adjust the static conver- 
gence of the beam for blue phosphor dots. 

blue box An accessory device (sometimes unlaw- 
fully used) that generates tones that switch a tele- 
phone circuit in the placing of calls. 

blue glow 1. In a neon lamp, a bluish light that 
results from high-voltage arcing. 2. The normal 
color of the gas discharge in an argon glow 
lamp. 3. The bluish glow between anode and 
cathode of a gassy vacuum tube. 4. The normal 
color of the discharge that fills a mercury-vapor 
tube. 

blue gun The electron in a three-gun color picture 
tube, the beam from which strikes the blue phos- 
phor dots. 

blueprint 1. A type of contact-print reproduction 
in which a sheet of sensitized paper is exposed to 
an image on a translucent or transparent film, 
under strong light, and is then developed and 
fixed. Although this process is still used to repro- 
duce electronic illustrations and typescripts, it 
has been superseded largely by other (dry) pro- 
cesses. 2. Loosely, any plan or design for the de- 
velopment of a system. 

blue restorer In a three-gun color television cir- 
cuit, the dc restorer in the blue channel. 

blue ribbon program A computer program that 
has been hand-prepared and debugged com- 
pletely before its first computer run. 

blue video voltage The signal voltage presented to 
the grid of the blue gun of a three-gun color pic- 
ture tube. 

blurring 1. BLOOMING. 2. A defocusing of a televi- 
sion picture or oscilloscope trace. 3. An obscur- 
ing of a signal by echoes or trailing (e.g., the slow 
decrement of a Morse code signal element). 

B-minus Also called B-negative. The negative ter- 
minal of a B-power supply. 

BNC Abbreviation of bayonet Neill-Concelman. A 
type of coaxial connector that can be quickly con- 
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nected and disconnected. It is commonly used 
with test equipment. 
B-negative Alternative expression for B-MINUS. 


BNL Abbreviation of Brookhaven National 
Laboratory. 

BO Abbreviation of beat oscillator. Also abbreviated 
BFO. 


board 1. A panel containing patch jacks. 2. A 
printed circuit. 

boat A type of crucible in which a semiconductor 
material is melted and sometimes processed. The 
material of which the boat is made (e.g., graphite) 
does not react with or contaminate the semicon- 
ductor material. 

bobbin 1. A usually nonmetallic spool on which a 
coil is wound. 2. The form onto which the voice 
coil of a loudspeaker is wound. 

Bode plot A pair of curves plotted to the same fre- 
quency axis, one showing the gain of a network or 
amplifier and the other showing its phase shift. 
Phase and amplitude of active and passive net- 
works can be exhibited. Also called Bode curve 
and Bode diagram. 

body-antenna effect The tendency of the human 
body to act as a receiving antenna when a finger 
is touched to the antenna input terminal of a re- 
ceiver or when a hand (or the whole body) is 
brought close enough to the circuit to provide ca- 
pacitive coupling. 

body capacitance Capacitance between the body 
of the operator (as one plate of an equivalent ca- 
pacitor) and a piece of electronic equipment (as 
the other plate). This phantom capacitance is of- 
ten the cause of detuning and of the injection of 
interfering signals and noise because the body 
acts as a pickup antenna. 

body electrode 1. An electrode attached to the 
human body (or to the body of a laboratory ani- 
mal) to conduct body-generated currents to an 
instrument, as in cardiography, electroenceph- 
alography, and myography. 2. An electrode at- 
tached to the human body (or to the body of a 
laboratory animal) to conduct currents into the 
body, as in shock therapy and skin-resistance 
measurement. 

body leakage Leakage of current through the bulk 
or body of a dielectric material, as opposed to 
SURFACE LEAKAGE. 

body temperature In a thermistor, a rating that 
represents the temperature measured on the 
surface of the device. It is any combination of 
ambient temperature, power dissipation, and 
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operation of the internal heater element (if the 
thermistor has one). 

bof Abbreviation of barium oxide ferrite. 

boffle A loudspeaker enclosure consisting of 
stretched screens that are sound absorbing and 
elastic. 

bogie Also called bogey. 1. The exact value of a 
specified characteristic. Thus, if resistance is 
given as 1 kQ +0.5%, the bogie value is 1 kQ. 2. 
The average value (i.e., the ARITHMETIC MEAN). 
3. A false or unidentified echo on a radar screen. 

Bohr atom The concept of the nature of the atom, 
proposed by Niels Bohr in 1913 partly to explain 
why the electrons in the Rutherford atom do not 
fly off into space or fall into the nucleus. The Bohr 
theory places the electrons in permissible orbits 
where they cannot radiate energy (see BOHR RA- 
DIUS). They can radiate or absorb energy, how- 
ever, if they go to a lower orbit or to a higher orbit, 
respectively. Compare RUTHERFORD ATOM. 

bohrium Symbol, Bh. Also called unnilseptium 
(Uns). Atomic number, 107. The most common 
isotope has atomic weight 262. Classified as a 
transition metal. It is human-made and is not 
known to occur in nature. 

Bohr radius Symbol, aj. A physical constant 
whose value is approximately 5.291772 x 1071"! 
meter. 

boiling point Abbreviation, bp. The temperature at 
which a liquid vaporizes. The boiling point of wa- 
ter in air at a pressure of one atmosphere is 
100°C or 212°F. 

bolometer Any device that is essentially a small, 
nonrectifying, temperature-sensitive resistor that 
can be used for heat sensing, radio-frequency 
power measurement, curve changing, demodula- 
tion, circuit protection, etc. Included in this cate- 
gory are the BARRETTER, the THERMISTOR, and 
the wire-type FUSE. 

bolometer bridge A dc bridge in which a bolometer 
is one of the four arms. The bridge is balanced 
first with the bolometer cold. The bolometer then 
is excited with a radio-frequency (RF) current, 
whereupon the resultant heating changes the 
bolometer resistance. The bridge is rebalanced for 
the new resistance. The RF power driving the 
bolometer is determined according to a predeter- 
mined function of bridge settings versus RF input 
power. 

Boltzmann constant Symbol, k. A figure that en- 
ters into the calculation of thermionic emission 
and of thermal noise factor. It represents the tem- 
perature equivalent of work function, in electron 
volts per Kelvin (eV/K) or joules per Kelvin (J/K). 
The values are approximately: 

k = 8.617 x 10° eV/K = 1.38 x 10°73 J/K 

Boltzmann’s principle A description of the statis- 
tical distribution of large numbers of tiny parti- 


cles under the influence of a force, such as an 
electric or magnetic field. When the system is in 
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statistical equilibrium, the number of particles in 
any portion of the field is given by: 


Ne = Nosh 


where E is the potential energy of a particle in the 
observed area, No is the number of particles per 
unit volume in a part of the field where E is zero, 
k is the BOLTZMANN CONSTANT, T is the abso- 
lute temperature of the system of particles, and e 
is approximately equal to 2.718. 

bombardment The usually forceful striking of a 
target with rays or a stream of particles. 

bond 1. An area in which two or more items are se- 
curely and intimately joined. 2. The attractive 
force that holds an atomic or subatomic particle 
or particle group together. 

bonded-barrier transistor A bipolar transistor in 
which the connection at the base region is al- 
loyed. 

bonded negative-resistance diode A diode that 
displays a negative-resistance characteristic over 
part of its current curve. This results from 
avalanche breakdown. 

bond energy In a molecule, the energy necessary 
to break an atomic bond. 

bonding 1. The formation of bonds between adja- 
cent atoms in a crystalline material, such as a 
semiconductor. See specifically COVALENT 
BINDING FORCES, IONIC BINDING FORCES, 
and METALLIC BINDING FORCES. 2. The secure 
fastening together of conducting surfaces, as by 
soldering or brazing, to produce a high-conduc- 
tance, leak-free continuum. 

bond strength The minimum stress required to 
separate a material from another to which it is 
bonded. 

bone-conduction transducer A device used in 
place of the earphone in a hearing aid to convey 
sound energy to the bone structure of the head. 

Bongard problem A method of evaluating how well 
a machine vision system can differentiate among 
patterns. Similarities and differences are noted 
between objects in two sets of boxes. It was devel- 
oped for object-recognition systems, mainly for 
use in intelligent robots. 

book capacitor A variable capacitor in which the 
metal plates are bonded along one edge and sep- 
arated from each other by means of mica sheets. 
The capacitance is varied by opening and closing 
the assembly book fashion. It is used as a padder 
or trimmer. 

Boolean algebra A system of symbolic logic. State- 
ments are represented as symbols, usually vari- 
ables such as x, y, and z. The logical AND opera- 
tion is represented by multiplication; the logical 
inclusive OR operation is represented by addi- 
tion; the logical NOT operation is represented by 
a minus sign or a line over the element symbol. 
The system has rules, definitions and axioms via 
which theorems can be derived. Used by engi- 
neers in the design of digital electronic circuits. 
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Boolean truth table 
AND NOT OR 
x xy x x+y 
0 0 0 1 0 
0 1 0 1 1 
1 0 0 0 1 
1 1 1 0 1 


Boolean function In mathematical logic, a func- 
tion that makes use of BOOLEAN ALGEBRA. 


Boolean theoreams 


x+ y= y + x (commutativity of addition) 
xy = yx (commutativity of multiplication) 
x+xy=x 

xy +y=xt+y 
x+y+z=(x+y)+z=x+(y+z) 
(associativity of addition) 


1. x+ 0 = x (additive identity) 
2. xl =x (multiplicative idenity) 
3. x+1l=1 
4. x0=0 
5. x+x=x 
6. AER 
7. (x) =x (double negation) 
8. x+x =l 
9. xx=0 

10. 

11. 

12. 

13. 

14. 


15. xyz = (xy)z = x(yz) (associativity of multiplication) 
16. x(y +z) = xy + xz (distributivity) 
17. (x +w) (+z) = xy + xz + wy + wz (distributivity) 


boom 1. A horizontal support for a microphone, 
enabling the microphone to be suspended over a 
sound source, but out of the sight of a camera. 
2. A horizontal support for a small antenna that is 
undergoing tests or sampling the field of another 
antenna. 3. The supporting element in a Yagi, 
quad, or log-periodic antenna. It establishes the 
center of gravity and directional axis of the radi- 
ation pattern. The driven element(s) and para- 
sitic element(s) are attached, usually at right 
angles. 

boost capacitor In the damper circuit of a televi- 
sion receiver, the capacitor that is used to boost 
the B-plus voltage. Also called booster capacitor. 

boost charge A high-current, short-interval charge 
used to revitalize a storage battery quickly. Also 
called booster charge. 

booster 1. Any device used to increase the ampli- 
tude of a signal (e.g., as an amplifier or preampli- 
fier) or of an energy source (e.g., to boost the 
output of a power supply). 2. A radio-frequency 
preamplifier used ahead of a television receiver. 
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booster battery 1. A battery used to forward bias a 
diode detector into a favorable region of its con- 
duction curve, or to bias a bolometer into the 
square-law region of its response. 2. A battery 
supplying power to a booster. 

booster gain The amplification (usually in terms of 
voltage gain) provided by a booster (see especially 
BOOSTER, 2). 

boot 1. The powering-up routine in a digital com- 
puter, in which the machine executes a series of 
programs to get itself ready for use. 2. The 
resetting of a computer, by pressing certain key- 
board keys (e.g., CTRL-ALT-DEL), pressing a re- 
set button, or by powering-down, waiting about 
two minutes, and then powering-up again. 3. To 
install a computer diskette and instruct the com- 
puter to execute one or more programs on the 
diskette. 4. A usually flexible protective nipple or 
jacket pulled over a cable or connector, so called 
from its resemblance to a foot boot. 

boot loader A form of computer program that op- 
erates on the BOOTSTRAP ROUTINE. 

bootstrap A technique for making a device or pro- 
cess achieve a condition through its own actions; 
see BOOTSTRAP CIRCUIT, for example. 

bootstrap circuit A specialized form of follower 
circuit that presents very high input impedance. 
Its chief feature is the return of the control-ele- 
ment resistor to a tap on the source or emitter re- 
sistor. The technique takes its name from the 
figurative notion that such a circuit “lifts its input 
impedance by its own bootstraps.” 


Cl 


Signal input 


bootstrap circuit 
(with junction-type field-effect transistor) 


bootstrap routine 1. Also called bootstrap pro- 
gram. In a digital computer, and especially in a 
personal computer, the routine that the machine 
follows when first powered-up. See BOOT, 1. 
2. In a digital computer, a routine in which the first 
few instructions put in storage are later used to 
complete the routine, as supplemented by some 
operator instruction. 3. A portion of a computer 
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program that is used to establish an alternate 
version of the program. 

borax-aluminum cell An electrolytic cell that con- 
sists essentially of an aluminum electrode and a 
lead electrode in a saturated solution of sodium 
tetraborate (borax). After electroforming, such a 
cell can be used either as a rectifier or as an elec- 
trolytic capacitor. 

boric acid Formula, H3BO3. A compound used var- 
iously in electronics—especially as the electrolyte 
in electrolytic capacitors. 

bornite Formula, CusFeS,. A natural mineral that 
is a sulfide of copper and iron. Its crystalline 
structure made it important in early semiconduc- 
tor diodes (crystal detectors). 

boron Symbol, B. A metalloidal element. Atomic 
number, 5. Atomic weight, 10.82. It is used as a 
dopant in semiconductor processing. 

bot 1. Abbreviation for beginning of tape. 2. Abbre- 
viation of bottom. 

bottoming Excessive movement of the cone of a 
loudspeaker or the diaphragm of a headphone so 
that the magnet or supporting structure is struck 
by the moving-coil piston assembly. It produces a 
clapping sound, particularly on bass (low- 
frequency) audio peaks. 

bounce 1. The springback or vibration of the ar- 
mature of a relay on closure. 2. An abnormal, 
abrupt change in the brightness of the image ina 
television receiver or cathode-ray-tube (CRT) 
computer monitor. 

boundary 1. In a polycrystalline substance, the 
area of contact between adjacent crystals. 2. The 
area of meeting of two regions (such as n and p) 
in a semiconductor. 

boundary defect A condition in which a piezoelec- 
tric crystal has two regions, intersecting in a 
plane, with different polarizations. 

boundary effect In audio systems, a pheno-menon 
in which the proximity of an acoustic transducer 
to a flat surface enhances the pickup and/or 
transmission of sound. Occurs because of reflec- 
tion of acoustic waves from the surface. 

bound charge The portion of the electric charge on 
a conductor that does not escape to ground when 
the conductor is grounded. This occurs because 
of induction from neighboring charge carriers. 
Compare FREE CHARGE. 

bound electron An electron held tightly in its orbit 
within an atom so that it is not ordinarily free to 
drift between atoms and contribute to electric 
current flow. 

bow-tie antenna A center-fed antenna in which 
the two horizontal halves of the radiator are tri- 
angular plates that resemble a bow tie. A flat re- 
flector consisting of closely spaced horizontal 
wires is mounted behind the triangles. 

bow-tie test An oscilloscope-display checkout of a 
single-sideband (SSB) signal, in which the ap- 
pearance of the display indicates the signal qual- 
ity. The transmitter output signal is fed to the 
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vertical deflection plates of the oscilloscope. The 
exciter audio output is fed to the horizontal sweep 
input of the scope. 

boxcars Long pulses with short separating spaces 
between them. 

box-shaped loop The characteristic square-loop 
hysteresis curve (B-H loop) that result when a 
sine wave of current is used to magnetize a sam- 
ple of magnetic material. In this plot, which cov- 
ers all four quadrants, the horizontal axis (H) 
displays magnetizing force, and the vertical axis 
(B) displays magnetization. Also see HYSTERE- 
SIS. 

Boys radiomicrometer A detector for radiant en- 
ergy. The device consists of a thermocouple and a 
galvanometer. When energy falls on the thermo- 
couple, a voltage is produced, and this is mea- 
sured by the galvanometer. 

bp 1. Abbreviation of BOILING POINT. 2. Abbrevia- 
tion of BANDPASS. 

bpi Abbreviation of bits per inch. 

B-plus Also called b-positive. 1. Symbol, B+. The 
positive dc voltage required for certain electrodes 
of vacuum tubes, transistors, etc. 2. The positive 
terminal of a B power supply. 

B positive See B-PLUS. 

B power supply A name used sometimes for the 
unit that supplies high-voltage dc energy to a 
vacuum tube plate or screen circuit. 

bps Abbreviation of BITS PER SECOND. 

Br Symbol for BROMINE. 

bracketing A troubleshooting routine character- 
ized by isolating progressively smaller areas ina 
circuit or chain of stages until the defective sub- 
circuit or stage is located. 

Bradley detector A locked-oscillator circuit that 
was once used as an FM detector. 

braid 1. A woven network of fine metal wires used 
for grounding purposes. It is usually made of fine 
copper conductors. The increased surface-area- 
to-volume ratio improves the conductivity, at ra- 
dio frequencies, over a single conductor that has 
the same cross-sectional area. Braid can be 
tinned (saturated with solder) to retard corrosion. 
2. It is also called a shield. The outer conductor in 
prefabricated coaxial cable. 

braided wire A length of braid. Used for grounding 
or shielding purposes. 

brain waves Alternating or pulsating voltages that 
are caused by electrical activity in the brain of an 
animal or human being. The voltages can be 
picked up by electrodes attached to the scalp, 
and amplified to be viewed on a cathode-ray-tube 
(CRT) screen, heard by headphones or speakers, 
or traced by an electroencephalograph. 

branch 1. Any one of the separate paths of a 
circuit. With respect to the layout of its compo- 
nents, a branch can be series, parallel, series- 
parallel, parallel-series, or any combination of 
these. It is also called a LEG. 2. See BRANCH 
CIRCUIT. 
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branch circuit In electrical wiring, a group of out- 
lets served through a single cutout from a source 
of power-line ac voltage. The source can be a dis- 
tribution center, subdistribution center, main, or 
submain. Interior lighting circuits are usually 
branch circuits because many lights are con- 
nected to one circuit controlled by a single fuse or 
circuit breaker. 
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branch current Current flowing through a branch 
of a circuit, whose magnitude, with respect to the 
total current of the circuit depends on the nature 
of the branch. 

branched In molecular polymers, the condition of 
side chains being attached to the main chain. 

branched windings Forked windings of a poly- 
phase transformer. 

branching In robotics and artificial intelligence 
(AD, a set of routines or programs containing 
points at which a computer must select from 
among two or more alternatives. Such routines 
are used in critical processes, such as the manu- 
facture of precision equipment. 

branch point See JUNCTION POINT. 

branch voltage The voltage, or voltage drop, 
across a branch of a circuit. 

brass 1. An alloy of copper and zinc that is widely 
used in electronics. Compared to annealed cop- 
per, this metal has four times the resistivity (or 4 
the conductivity), half the temperature coeffi- 
cient, more than twice the tensile strength, and a 
lower melting point (900°C). 2. A colloquialism for 
an old-fashioned, straight telegraph key. 

brass pounder 1. Colloquialism for telegraph oper- 
ator or radiotelegraph operator. 2. A radio ama- 
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teur who handles large amounts of message traf- 
fic, particularly via Morse code. 3. A radio ama- 
teur proficient in Morse code operation. 

Braun electroscope An electroscope consisting es- 
sentially of a fixed metal vane to which a movable 
needle is fastened at a pivot. The repulsion be- 
tween the two, when an electric charge is applied, 
causes the needle to move over a calibrated scale. 

bravo Phonetic representation of the letter B. 

brazing The joining of two metal (usually iron or 
steel) parts together with a suitable melted cop- 
per-alloy metal. Compare SOLDERING. 

breadboard 1. A perforated board, a chassis, or 
any basic framework on which electronic compo- 
nents can be mounted and quickly wired for the 
preliminary test of a circuit. It is so called be- 
cause the first such foundation units of this sort 
actually were wooden breadboards. 2. Any pre- 
production electronic prototype circuit. 3. To set 
up a circuit on a breadboard. 

breadboard model 1. The preliminary model of an 
electronic device, often built on a breadboard (see 
BREADBOARD, 1). 2. Loosely, any prototype. 

break 1. An open circuit. 2. To open a circuit. 3. In 
communications, a word indicating a desire to 
transmit on a wavelength already occupied by ra- 
dio traffic. 4. See BREAK-IN, 1. 

break-before-make contacts Contacts, especially 
in a rotary selector switch, that open one circuit 
before closing the next one. 

breakdown 1. Failure of a circuit or device, caused 
mainly by excessive voltage, current, or power. A 
sudden high current, however, does not always 
indicate failure. 2. AVALANCHE BREAKDOWN. 
3. The separation of an electronics problem or 
project into its constituent parts for an easier 
solution. 

breakdown diode See ZENER DIODE. 

breakdown region The region, in a pn junction, in 
which avalanche breakdown occurs. 

breakdown strength See DIELECTRIC STRENGTH. 

breakdown voltage 1. The voltage at which cur- 
rent suddenly passes in destructive amounts 
through a dielectric. 2. The voltage at which a gas 
suddenly ionizes, as in a gas tube. 3. The voltage 
at which the reverse current of a semiconductor 
junction suddenly rises to a high value (non- 
destructive if the current is limited). See 
AVALANCHE BREAKDOWN. 

break-in 1. A technique of radio communication in 
which one station interrupts a transmission from 
another station, rather than waiting until the end 
of the latter's transmission. 2. Also called full 
break-in. In a radio communications transceiver 
or transmitter/receiver combination, extremely 
rapid transmit/receive switching, approaching 
full duplex communications. Every pause in 
transmission, even of only a few milliseconds, 
creates a “receive window” allowing reception 
between spoken words or Morse code elements. 
3. BURN-IN. 
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breaking current The momentary current that 
flows when the contacts of a switch or relay are 
broken. 

break-in keying A system of radiotelegraph keying 
in which the receiver is in operation whenever the 
key is open. See BREAK-IN, 2. 

break-in operation In radiotelegraph or single- 
sideband (SSB) communications, the practice of 
interrupting at any time to “talk back” to the 
other transmitting station. This operation is 
made possible by high-speed transmit/receive 
switching. See BREAK-IN, 2. 

break-in relay An electromechanical or solid-state 
relay that enables break-in operation. Largely 
supplanted by solid-state switching devices. 

breakover point In a silicon-controlled rectifier, 
the source-voltage value at which the load cur- 
rent is suddenly triggered to its steep climb. Also 
called TRIGGERING POINT. 

breakover voltage In a silicon-controlled rectifier 
with open gate circuit, the anode voltage at which 
anode current is initiated. 

breakpoint A point in a computer program when, 
for the purpose of obtaining information for the 
program's analysis, the sequence of operations is 
interrupted by an operator or a monitor program. 

breakpoint frequencies The upper- and lower- 
frequency points at which the gain-versus- 
frequency response of an amplifier or network 
departs from flatness. 

breakpoint instruction An instruction that stops 
a computer. 

breakthrough 1. A new discovery, insight, or solu- 
tion to a problem that results in an advancement 
in the state of the art. 2. See PUNCHTHROUGH. 
3. See BREAKDOWN, 1. 4. See AVALANCHE 
BREAKDOWN. 

break time The time taken for a relay to drop out 
completely or a switch to open. Compare MAKE 
TIME. 

breathing Slow, rhythmic pulsations of a quantity, 
such as current, voltage, brightness, beat note, 
etc. 

breezeway In a sync pulse in NTSC color televi- 
sion, the part of the back porch between the trail- 
ing edge of the pulse and the color burst. 

B-register An index register in a computer for stor- 
ing words that are used to change an instruction 
before it is executed by the program. 

Bremsstrahlung radiation The radiation emitted 
by a charged particle whose speed is altered when 
it passes through the electric field in the vicinity 
of an atomic nucleus. 

brevity code A code not intended to conceal infor- 
mation, but to shorten the number of characters 
in a message or data file. The Q SIGNALS are an 
example of a brevity code used in communica- 
tions. In computer data transfer and communica- 
tions, brevity codes allow compression, speeding 
up the transfer rate and reducing the storage 
space for a given amount of data. 
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Brewster angle From BREWSTER'S LAW, the po- 
larizing angle at which the reflected and refracted 
rays of incident light are perpendicular to each 
other. 

Brewster's law (Sir David Brewster, 1781-1868). 
For any dielectric reflector, the relationship in 
which the refractive index is equal to the tangent 
of the polarizing angle. 

bridge 1. A network, usually consisting of four 
branches, connected so that an input signal can 
be applied between two opposite points and the 
output taken between the other two opposite 
points. When the component values are in a cer- 
tain ratio, the voltage between the output points 
is zero, and the bridge is said to be balanced or 
set to null. 2. A circuit such as that described in 
(1) used for electrical measurements. 3. An audio 
or servo amplification system in which the load is 
driven from two outputs having opposite polarity, 
neither of which are at ground potential. 4. A 
communications path between or among two or 
more networks. This allows the subscribers in 
any network to obtain data from, or send data to, 
any other network, in effect creating a network of 
networks. 

bridge balance control A potentiometer, variable 
capacitor, or variable inductor that is used to ad- 
just a bridge circuit to balance. 

bridge-connected amplifier 1. A dc amplifier 
stage in which the transistors and resistors are 
connected in a four-arm bridge circuit, with re- 
spect to dc. When the bridge is initially balanced, 
all de is eliminated in the output load. The input 
signal unbalances the bridge, which results in an 
amplified output signal in the load. 2. An ampli- 
fier pair having opposing outputs across which a 
load can be bridged to obtain twice the power out- 
put of either amplifier alone. 

bridged differentiator See HALL NETWORK. 

bridge detector The output-indicating device 
(e.g., meter, oscilloscope, or headphones) that 
indicates whether a bridge is balanced or un- 
balanced. Also called null detector or null indi- 
cator. 

bridged integrator A null network that consists of 
a two-stage resistance-capacitance (RC) integra- 
tor circuit bridged by a capacitor. This network 
produces a shallow null at a single frequency de- 
termined by the R and C values in the integrator. 
Compare HALL NETWORK. 

bridged-tee attenuator An attenuator consisting 
of a tee section, between the input and output of 
which is bridged a single-series arm. 

bridged-tee circuit Any circuit (of resistors, ca- 
pacitors, inductors, or a combination of these) 
that consists of a tee section, bridged by a single- 
series section, from input to output. 

bridged-tee null network A bridged-tee circuit of 
resistance (R) and capacitance (C), proportioned 
so that at some setting of the R and C values, the 
output of the circuit is zero. 
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bridged-tee oscillator A low-distortion oscillator 
circuit whose frequency is determined by a 
bridged-tee null network inserted into the nega- 
tive-feedback path of the circuit. 

bridge feedback A combination of current feed- 
back and voltage feedback around an amplifier 
circuit. It is so called because, in the feedback cir- 
cuit, the resistors and the output resistance of 
the amplifier form a four-arm bridge. 

bridge generator The power source (e.g., a battery 
or oscillator) that supplies the signal to a BRIDGE 
used for electrical measurements. 

bridge indicator See BRIDGE DETECTOR. 

bridge oscillator See BRIDGE GENERATOR. 

bridge rectifier A full-wave rectifier circuit in 
which four rectifying diodes are connected in a 
bridge configuration. Each half-cycle of ac input 
is rectified by a pair of diodes in opposite quarters 
of the bridge and in series with each other. The 
bridge does not require a transformer with a 
center-tapped secondary, as does the FULL- 
WAVE, CENTER-TAP RECTIFIER circuit. 

bridge source See BRIDGE GENERATOR. 

bridge-type meter A frequency-sensitive bridge 
(such as the Wien bridge) that can be used to 
measure audio frequency. Because the bridge 
can be balanced at only one frequency at a time, 
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its adjustable arm can be calibrated to read the 
frequency directly. 

bridge-type impedance meter An impedance- 
measuring circuit in which unknown impedance 
Zis connected in series with a calibrated variable 
resistor R. An ac voltage is applied to the series 
circuit. The separate voltage drops across the re- 
sistor and impedance are measured successively 
as the value of Ris varied. When the two voltage 
drops are identical, Z equals R, and the 
impedance can be read from a calibrated dial on 
the variable-resistor control. 

bridge-type oscillator A resistance-capacitance 
(RC) tuned oscillator in which a Wien bridge is 
used as the frequency-determining circuit in the 
feedback loop. 

bridge-type power meter 1. See BOLOMETER 
BRIDGE. 2. A four-arm bridge specially designed 
to operate at radio frequencies. At null, the 
impedance of the unknown is read directly from 
the balancing dial or calculated from bridge con- 
stants. This instrument is used to measure the 
impedance of circuit components, antennas, and 
transmission lines. 

bridge-type SWR meter A four-arm bridge that is 
specially designed to operate at radio frequencies. 
At null, the standing-wave ratio (SWR) is calcu- 
lated from the bridge resistance values or read 
from a direct-reading scale on the null-indicating 
meter. 

bridging amplifier An amplifier whose input im- 
pedance is so high that it can be considered infi- 
nite for practical purposes. Thus, the amplifier 
can be connected across a load or line without 
significantly affecting the operation of the system. 

bridging coupler A voltage-dependent resistor that 
permits an occasionally used device (such as a bell) 
to be connected permanently across a regularly 
used device (such as a telephone) without continu- 
ously short-circuiting the latter. Thus, the bridging 
coupler ordinarily has very high resistance; but 
when the line voltage is momentarily raised, the re- 
sistance lowers and the occasionally used device is 
actuated (e.g., the bell rings). 

bridging gain The gain of a bridging amplifier ex- 
pressed as the ratio (in decibels) of the power de- 
veloped in the amplifier load to the power in the 
load to which the input terminals of the amplifier 
are connected. 

bridging loss The loss that results from the shunt- 
ing of a speaker, microphone, earphone, or other 
transducer by a resistor, capacitor, or inductor. 
Generally, the loss is expressed as a power ratio 
in decibels. 

Briggsian logarithm (Henry Briggs, 1556-1631). A 
base-10 logarithm, generally known as a 
COMMON LOGARITHM. Compare NAPIERIAN 
LOGARITHM. 

brightness SI unit, candela per square meter 
(cd/m?); cgs unit, lambert (L). The quantity of 


light, per unit area, emitted or reflected perpen- 
dicular to a light-emitting surface. 

brightness control 1. In a computer monitor, tele- 
vision receiver, or oscilloscope, a potentiometer 
that varies the negative bias voltage on the con- 
trol grid of the cathode-ray tube (CRT). The 
brightness of the image is inversely proportional 
to this negative bias voltage. 2. The control of the 
brightness of an illuminated area. 

brilliance See BRIGHTNESS. 

brilliance control 1. The BRIGHTNESS CONTROL 
in a television receiver or computer monitor. 2. 
The brightness control in a cathode-ray oscillo- 
scope. 3. A control for adjusting the level of the 
tweeter output in a speaker system. 

British Standard wire gauge Abbreviation, NBS 
SWG. A classification of wire sizes sometimes 
used in England, Australia, and New Zealand. 
The higher the number, the thinner the wire. The 
designator does not take into account any coat- 
ings on the wire, such as enamel, rubber, or plas- 
tic insulation. In the United States, the American 
wire gauge is more often used. See AMERICAN 
WIRE GAUGE. 


British Standard Wire Gauge (NBS SWG) Diameters 


NBS SWG Millimeters Inches 
1 7.62 0.300 
2 7.01 0.276 
3 6.40 0.252 
4 5.89 0.232 
5 5.38 0.212 
6 4.88 0.192 
7 4.47 0.176 
8 4.06 0.160 
9 3.66 0.144 

10 3.25 0.128 
11 2.95 0.116 
12 2.64 0.104 
13 2.34 0.092 
14 2.03 0.080 
15 1.83 0.072 
16 1.63 0.064 
17 1.42 0.056 
18 1,22 0.048 
19 1.02 0.040 

20 0.91 0.036 

21 0.81 0.032 

22 0.71 0.028 

23 0.61 0.024 

24 0.56 0.022 

25 0.51 0.020 

26 0.46 0.018 

27 0.42 0.0164 

28 0.38 0.0148 

29 0.345 0.0136 

30 0.315 0.0124 

31 0.295 0.0116 

32 0.274 0.0108 
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NBS SWG Millimeters Inches 
33 0.254 0.0100 
34 0.234 0.0092 
35 0.213 0.0084 
36 0.193 0.0076 
37 0.173 0.0068 
38 0.152 0.0060 
39 0.132 0.0052 
40 0.122 0.0048 
British thermal unit Abbreviation, Btu. The 


amount of heat required to raise the temperature of 
a pound of water by one degree Fahrenheit, in an 
ambient environment of slightly greater than 39°F. 

broadband Also called wideband. Possessing a 
characteristic wide bandwidth or range of operat- 
ing frequencies. This term can be applied at audio 
frequencies (AF) or radio frequencies (RF), and is 
frequently used to describe the performance of 
oscillators, amplifiers, antennas, and various 
types of networks. The term can also be applied to 
describe the nature of electromagnetic emissions 
or noise. Examples are given in the following sev- 
eral definitions. Compare NARROWBAND. 

broadband amplifier An amplifier that has very 
wide frequency response, such as 10 Hz to 10 
MHz. Examples are an instrument amplifier and 
a video amplifier. 

broadband antenna An antenna that operates sat- 
isfactorily over a comparatively wide band of fre- 
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quencies without requiring retuning at individual 
frequencies. Examples are the log-periodic and 
discone antennas. 

broadband electrical noise Electrical noise that is 
present over a wide frequency spectrum (e.g., 3 
kHz to 30 MHZ). 

broadband I-F An intermediate-frequency (IF) am- 
plifier or amplifier chain. The wide frequency re- 
sponse is important when an increased bandpass 
is preferred to high selectivity, as in high-fidelity 
radio tuners. 

broadband interference Interference, other than 
noise, that is present over a wide band of fre- 
quencies. An example is over-the-horizon short- 
wave radar, recognizable by its characteristic 
“woodpecker” sound in communications receivers 
at high frequencies. 

broadband Klystron A Klystron oscillator with a 
broadbanded tuned circuit. 

broadband tuning Receiver tuning characterized 
by a selectivity curve having a pronounced flat 
top or broad nose that passes a wide band of fre- 
quencies. Also called broadband response. 

broadcast 1. A radio-frequency transmission of an 
intelligence-bearing signal that is directed to nu- 
merous unspecified receiving stations. 2. The 
transmission or dissemination of signals to a 
large, unspecified number of receiving stations. 

broadcast band Any band of frequencies allocated 
for broadcasting (see BROADCAST SERVICE, 1), 
but particularly the U.S. standard amplitude- 
modulation (AM) and frequency-modulation (FM) 
radio broadcast bands at 535 to 1605 kHz (AM) 
and 88 to 108 MHz (FM). 

broadcasting The dissemination of signals for re- 
ception by the general public, not for communi- 
cations purposes. 

broadcast interference Abbreviation, BCI. Inter- 
ference to normal reception by broadcast re- 
ceivers, usually arising from signals emitted by 
other stations. 

broadcast receiver A receiver intended primarily 
to pick up standard broadcast stations. Also see 
BROADCAST BAND. 

broadcast service 1. Any radio transmitting ser- 
vice (including television) that exists for the pur- 
pose of sending out electromagnetic signals for 
general reception, rather than addressing them to 
specific receiving stations. 2. The service provided 
by a station operating in the broadcast band. 

broadcast station Any station in the broadcast 
service, but especially one assigned to operate in 
the standard U.S. broadcast bands. Also called 
broadcasting station. 

broadcast transmitter A radio transmitter de- 
signed specifically for, and operated in, the 
broadcast service. 

broad response Slow deflection of an indicator, 
such as a meter, over a relatively wide range of 
values of the input quantity. 
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broadside In a perpendicular direction; for exam- 
ple, broadside radiation from an antenna. 

broadside antenna See BROADSIDE ARRAY. 

broadside array Also called broadside antenna. A 
phased group of antennas arranged so maximum 
radiation occurs in directions perpendicular to 
the plane containing the driven elements. This re- 
quires that all of the antennas be fed in phase. 
The elements can be half-wave dipoles or full- 
wave, center-fed conductors. Full-wave elements 
have a slight gain over half-wave elements. At 
high frequencies, this type of array is usually 
constructed from two driven antennas. At very- 
high and ultra-high frequencies there can be sev- 
eral driven antennas. The antennas can each 
consist of a single element, or they can be Yagis, 
loops, or other systems with individual directive 
properties. In general, the larger the number of 
elements in the entire array, the greater the gain 
and directivity. 
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broad tuning Tuning that is characterized by 
pronounced signal width, often resulting in 
adjacent-channel interference. A common cause 
of such impaired selectivity is low Q in the tuned 
circuit(s). 

Broca galvanometer A device consisting of an 
astatic magnetic arrangement, with a coil enclos- 
ing central consequent poles. The device is char- 
acterized by fast response and high sensitivity. 

bromine Symbol, Br. A nonmetallic element of the 
halogen family. Atomic number, 35. Atomic 
weight, 79.90. 

bronze An alloy of copper and tin that has various 
uses in electronics. Also see PHOSPHOR BRONZE. 

Brown and Sharpe gauge See AMERICAN WIRE 
GAUGE. 

Brownian movement (Robert Brown, 1773-1858). 
Random movement of microscopic particles— 
especially in solutions. It occurs because of colli- 
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sions of molecules with the particles. Einstein 
showed, in his early work, a connection between 
this movement and the Boltzmann constant. 

brownout A deliberate lowering of line voltage by a 
power company to reduce load demands. Minor 
events of this type often pass unnoticed by the 
average consumer. More pronounced events pro- 
duce observable effects, such as shrinkage of 
television and cathode-ray-tube (CRT) computer- 
display images. 

Bruce antenna A vertical collinear array that con- 
sists of several resonant sections connected by 
short, rigid, parallel-conductor stubs. The cur- 
rents in the radiating sections are in phase. Max- 
imum radiation and response occur broadside to 
the antenna (omnidirectional in the horizontal 
plane). Polarization is vertical. The antenna 
produces gain at low radiation and response 
angles, and is commonly used in repeater instal- 
lations and fixed communications stations at 
very-high frequencies (VHF) and ultra-high fre- 
quencies (UHP). 

brush A usually metal or carbon strip, blade, or 
block, that slides in contact with another part, as 
in a motor commutator. 

brush discharge Also called Saint Elmo's fire. A 
cloud of repelled ions around the tip of a pointed 
conductor charged to a high voltage. It often pro- 
duces a visible glow in the air. 

brush holder The housing for a brush in a motor, 
generator, rheostat, slip-ring junction in a rotat- 
ing data-transmission system, etc. 

brute force 1. The transmission of a signal of ex- 
cessive or unnecessary power. 2. An inefficient 
approach to a problem, which might solve the 
problem, but requires far more energy, effort, or 
computer memory/storage space than the mini- 
mum needed to accomplish the same result. 

brute-force filter A pi-type lowpass dc power 
supply filter, so called because of the extremely 
large inductances and capacitances that are 
generally used. 

brute supply An unregulated power supply. 

B-scope A cathode-ray tube (CRT), used in radar, 
that presents a B DISPLAY. 

B service A teletype communication system oper- 
ated by the Federal Aviation Administration 
(FAA). 

B-supply The dc power supply that provides anode 
operating voltages, such as plate and screen volt- 
ages in a vacuum-tube radio-frequency (RF) 
power amplifier. 

BT-cut crystal A piezoelectric plate cut from a 
quartz crystal at an angle of rotation (relative to 
the x-axis) of -49°. It has a zero temperature coef- 
ficient of frequency at approximately 25°C. Also 
see CRYSTAL AXES and CRYSTAL CUTS. 

Btu Abbreviation of BRITISH THERMAL UNIT. 

BuAer Abbreviation of Bureau of Aeronautics. 

bubble memory In digital-computer practice, a 
special type of static magnetic memory. The mag- 
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netic material is divided into regions that are 
magnetized in different directions. So called be- 
cause the flux lines of the tiny magnetized regions 
are Shaped somewhat like, and move around af- 
ter the fashion of, bubbles on the surface of a 
glass of soda. 

bubble shift register A shift register that uses a 
magnetic bubble (see BUBBLE MEMORY) that 
can be moved sequentially from electrode to elec- 
trode on a wafer. 

bubbling See MOTORBOATING. 

bucket A computer memory or a designated loca- 
tion in such a memory. 

bucking The process of counteracting one quan- 
tity, such as a current or voltage, via series or 
parallel application of a similar quantity that has 
opposite polarity (180 degrees out of phase). 

bucking circuit 1. A circuit used to obtain buck- 
ing action. The simplest form is a battery and po- 
tentiometer that supply a variable voltage of 
polarity opposite to that of the voltage to be 
bucked. A more sophisticated form is an ac trans- 
former, the secondary of which is connected in 
series and out of phase with the ac utility line. 2. 
The zero-set circuit in an electronic voltmeter. 

bucking coil A coil placed and positioned so that 
its magnetic field partially or completely cancels 
the field of another coil. Troublesome hum fields 
sometimes are neutralized with such a coil. 

bucking voltage See BACK VOLTAGE, 2. 

buckling The warping of storage-battery plates, usu- 
ally resulting from excessive charge or discharge. 

buckshot In an amplitude-modulated (AM) or sin- 
gle-sideband (SSB) radio transmission, broad- 
band signal splatter caused by excessive modula- 
tion, or detuned multiplier circuits. 

buffer 1. An amplifier used principally to match 
two dissimilar impedance points and isolate one 
stage from a succeeding one in a cascaded sys- 
tem, and thus to prevent undesirable interaction 
between the two. 2. In a digital computer, a stor- 
age site used temporarily during data transfers to 
compensate for differences in data flow rates. 3. 
In digital-computer operations, a follower stage 
that is used to drive a number of gates without 
overloading the preceding stage. 
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buffer amplifier See BUFFER, 1. 

buffer capacitor A high-voltage fixed capacitor 
that is placed across a transformer secondary to 
suppress voltage spikes and sharp waveforms— 
especially when the input is a square wave. 

buffer circuit 1. In a data system that uses a key- 
board, an electronic circuit that allows the opera- 
tor to type ahead of the data output. 2. See 
BUFFER, 1, 2 and 3. 

buffered output An output (power, signal, etc.) 
that is delivered from the generating device 
through an isolating stage, such as a buffer am- 
plifier. This arrangement protects the device from 
variations in the external load. Compare UN- 
BUFFERED OUTPUT. 

buffer storage 1. A buffer that is used to interface 
between data systems with different rates of 
transmission. 2. See BUFFER, 2. 

bug 1. Slang for WIRETAP, 1. 2. Slang for circuit 
fault, 1. 3. A semiautomatic key that some ra- 
diotelegraph operators use to send Morse code. 

bug key See BUG, 3. 

building-block technique The process of assem- 
bling electronic equipment by quickly connecting 
together already completed stages (in the form of 
boxes or blocks) and supplying power and signals 
to the setup. Also called modular technique and 
modular construction. 

building-out circuit A short section of transmis- 
sion line shunting another line; it is used for 
impedance matching. Also called building-out 
section. 

buildup 1. The process whereby the voltage of a ro- 
tating generator starts at a point that is deter- 
mined by the residual magnetism of the machine, 
and gradually increases to a voltage representing 
the point at which the resistance line crosses the 
magnetization curve. 2. The (usually gradual) ac- 
cumulation of a quantity (e.g., the buildup of 
charge in a capacitor). 

bulb A globe-like container having any of a number 
of characteristic shapes from spherical to tubular 
and usually evacuated, for enclosing the ele- 
ments of an electron device, such as a vacuum 
tube, gas tube, photocell, or lamp. 

bulge 1. A nonlinear attenuation-versus-frequency 
curve in a transmission line. 2. A localized non- 
linearity in a function. 

bulk The body or mass of a semiconductor speci- 
men, as opposed to junctions within the speci- 
men. Current flows through a junction, but it can 
also flow, more or less, through the mass of semi- 
conductor wafer into which the junction has been 
formed. 

bulk effect An effect, such as current, resistance, 
or resistivity, observed in the overall body of a 
sample of material, as opposed to a region within 
the material or on its surface. Thus, a silicon 
diode can display junction resistance (i.e., resis- 
tance offered by a junction processed in a wafer of 
silicon), as well as bulk resistance (i.e., the effec- 
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tive resistance of all paths around the junction, 
through the mass of the wafer). Compare SUR- 
FACE EFFECT. 

bulk-erased tape Recording tape whose signal 
content has been removed via a bulk eraser. 

bulk-erase noise 1. The residual magnetic im- 
pulses that remain on a magnetic tape after it has 
been bulk-erased. 2. Noise generated by bulk- 
erased tape when the latter passes through deen- 
ergized record or erase heads in a tape machine. 

bulk eraser A type of power-line-frequency de- 
gausser that erases an entire reel of magnetic 
tape without requiring that the tape be unreeled 
and passed continuously under an erase head. 
This saves considerable time, but often leaves 
some BULK-ERASE NOISE on the tape. Also 
called BULK DEGAUSSER. 

bulletin board In personal computing or amateur 
packet communications, a system that allows 
subscribers to leave messages for each other for 
access via a modem or terminal node controller. 

bulletin station A station intended for the trans- 
mission of bulletins of interest to certain parties, 
such as military personnel or amateur radio op- 
erators. An example is W1AW in Newington, Con- 
necticut, an amateur radio station that transmits 
bulletins and code practice. 

buncher Ina Klystron, a cavity resonator that con- 
tains two grids mounted parallel to the electron 
stream. The electrostatic field of the grids alter- 
nately accelerates and retards the electrons, ve- 
locity-modulating the stream into bunches. 

buncher grids In a Klystron, the closely spaced 
grids that velocity-modulate the electron beam 
into successive bunches. 

buncher resonator In a velocity-modulated tube, 
such as a Klystron, the input cavity resonator. 

buncher voltage The radio-frequency (RF) grid-to- 
grid voltage in the buncher resonator of a 
Klystron. 

bunching The production of electron bunches in a 
velocity-modulated tube, such as a Klystron. Also 
see BUNCHER. 

bunch stranding A technique for combining sev- 
eral thin wires into a single thick wire. Often used 
in guy wires and electrical conductors to improve 
tensile strength and flexibility. At radio frequen- 
cies, bunch stranding also improves electrical 
conductivity by increasing the ratio of surface 
area to cross-sectional area. This minimizes 
losses caused by skin effect. 

Bunet’s formula A formula for calculating the in- 
ductance of a multilayer air-core coil that has a 
diameter less than three times the length: 


L = a?N?/(9a + 101 + 8.4c + 3.2cl/ a) 


where N is the number of turns, a is the average 
coil radius, cis the winding thickness, and lis the 
length of the coil. 

Bunsen cell A cell consisting of a zinc rod in a sul- 
furic acid solution contained in a porous pot, 
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Bunet's formula 


which is in a nitric acid solution. The zinc rod 
serves as the negative pole; the positive pole is a 
piece of hard carbon. The cell produces about 1.9 
volts and delivers relatively high current. 

burden See VOLTAGE BURDEN. 

burn 1. A blemish on the screen of a cathode-ray 
tube (CRT), caused by destruction of the phos- 
phor there. This results from prolonged focusing 
of an intense electron beam in one spot. 2. A 
blemish on the screen of a television picture tube, 
usually resulting from ions that reach the screen 
when the ion trap is not working correctly. 

burn-in A long, thorough, carefully controlled pre- 
liminary test of a component, device, or system, 
to stabilize its electrical characteristics after 
manufacture and to ensure that it will function 
according to rated specifications. An important 
test for equipment whose reliability must be 
guaranteed, such as an emergency commun- 
ications transceiver. 

burnout 1. Failure of a conductor or component 
caused by overheating from excess current or 
voltage. 2. The open-circuiting of a fuse. 3. Elec- 
trical failure of any type. 

burst 1. The abrupt ionization of the gas in an ion- 
ization chamber by cosmic rays. 2. An abrupt in- 
crease in the amplitude of a signal. Also, the type 
of signal that results from burst action. 3. See 
COLOR BURST. 

burst amplifier In a color-television receiver, the 
amplifier that separates the burst pulse from the 
video signals and amplifies the former. See 
COLOR BURST. 

burst gate timing In a color-television receiver, 
the timing of the gating pulse with the input sig- 
nal of the burst amplifier. 

burst generator A signal generator delivering a 
burst output (see BURST, 2) for testing various 
types of equipment. Its output is intermediate 
between sine waves and square waves, and is 
convenient for rapidly appraising the perfor- 
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mance of such devices as amplifiers, filters, elec- 
tronic switches, transducers, and loudspeakers. 

burst transmission A short transmission at high 
speed. This method of transmission saves time, 
but increases the necessary bandwidth of a sig- 
nal by the same factor as the ratio of the high 
speed to the original speed. 

bus 1. A main conductor in a circuit. A bus can be 
high in the sense that its potential is above or 
below ground, or it can be low or at ground refer- 
ence. 2. In computer operations, a common 
group of paths over which input and output sig- 
nals are routed. 

bus driver A buffering device designed to increase 
the driving capability of a microprocessor, which 
itself might be capable of driving no more than a 
single load. 

business machine Any piece of electronic or elec- 
tromechanical equipment used mainly, or entirely, 
for business purposes. Examples are photocopiers, 
facsimile (fax) machines, printers, and computers. 

busing The parallel interconnection of circuits. 

busy test A check conducted to find out whether or 
not a certain telephone subscriber line is in use. 

busy tone Also called busy signal. An intermittent 
tone that indicates that the subscriber line being 
called is in use. 

Butler oscillator An oscillator that consists of a 
two-stage amplifier with a quartz crystal in the 
positive-feedback path from output to input. 

butterfly capacitor A plate-type variable capacitor 
that has two stator sections and a single rotor 
section common to the two stators. External con- 
nections are made to the stators only. Thus, no 
wiping contact is required to the rotor, and the 
troubles associated with such a contact are 
avoided. The butterfly capacitor is actually two 
variable capacitors in series. The unit is so called 
from the shape of its rotor. 


Stator 1 


Rotor 


Stator 2 


butterfly capacitor 


butterfly circuit A combination of a butterfly ca- 
pacitor and a ring, of which the stator plates of 
the capacitor are an integral part. The resulting 
structure is a compact variable-frequency tuned 
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circuit. The ring supplies the inductance, and the 
butterfly supplies the capacitance. It is also 
called butterfly tank and butterfly resonator. 

Butterworth filter A high-pass, low-pass, band- 
pass or band-rejection filter, characterized by a 
flat passband (absence of passband ripple) and 
high attenuation at frequencies far removed from 
the passband. 

Butterworth function A mathematical function 
that is used in the design of a BUTTERWORTH 
FILTER. 

button 1. Usually, a small switch that is actuated 
by finger pressure. It is also called pushbutton 
and pushbutton switch. Sometimes, the term is 
applied only to the insulated knob or pin which is 
pushed to operate the switch. 2. A tiny lump of 
impurity material, placed on the surface of a 
semiconductor wafer for alloying with the wafer 
to form a junction. See ALLOY JUNCTION. 3. The 
carbon element(s) in a BUTTON MICROPHONE. 

button capacitor A button-shaped ceramic or sil- 
vered-mica fixed capacitor. Because of its disk 
shape and mode of terminal connection, it offers 
very low internal inductance. 

button microphone A microphone in which a but- 
ton-shaped carbon element is attached to a di- 
aphragm, which is set into vibration by sound 
waves. This motion causes the button resistance 
to vary, modulating a direct current that passes 
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through the button. A single-button microphone 
has only one button, whereas a double-button 
microphone has two—one mounted on each side 
of the center of the diaphragm. 

buzz 1. A low-pitched rough sound with high- 
frequency components, usually the result of electri- 
cal interference from nonsinusoidal voltages 
generated by neighboring equipment or devices. 
2. The waveform associated with such a sound. 
3. Fastening two conducting surfaces by a KEL- 
LIE BOND. 

buzzer A nonringing device used principally to 
generate sound other than that achievable with 
sine waves. In an electromechanical vibrating- 
reed buzzer, the reed acts as an armature, which 
is mounted close to the core of an electromagnet. 
At quiescence, the reed rests against a station- 
ary contact. When voltage is applied to the elec- 
tromagnet, the reed is attracted to the core, 
moving away from the contact; but this breaks 
the circuit, the magnetism ceases, and the reed 
springs back to the contact. The action is re- 
peated continuously at a frequency that depends 
on the reed dimensions and its distance from the 
core. 
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BV Abbreviation of BREAKDOWN VOLTAGE. 

B voltage The dc voltage required by certain elec- 
trodes of vacuum tubes and transistors. It espe- 
cially pertains to voltages required by the plate 
and screen of a vacuum tube, as opposed to the 
filament voltage and control-grid voltage. 

bw 1. Abbreviation of bandwidth. 2. Abbreviation 
of black-and-white. 

BWA Abbreviation of backward-wave amplifier. 

BWG Abbreviation of BIRMINGHAM WIRE GAUGE. 
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BWO Abbreviation of BACKWARD-WAVE OSCIL- 
LATOR. 

BX Symbol and abbreviation for armored and insu- 
lated flexible electrical cable. 

bypass A route (either intended or accidental) 
through which current easily flows around a 
component or circuit instead of through it. 

bypass capacitor A capacitor that is used to con- 
duct an alternating current around a component 
or group of components. Often the ac is removed 
from an ac/dc signal, the dc being free to pass 
through the bypassed component. 


+12 V 


bypass capacitor 


B-Y signal In a color television receiver, the color- 
difference signal which, when combined with a 
luminance (Y) signal, forms a blue primary signal 
for the three-gun picture tube. 

byte In digital-computer and data-communica- 
tions operations, a unit of data consisting of eight 
contiguous bits. In packet communications, the 
term octet is often used. 
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C 1. Abbreviation of CAPACITANCE. 2. Symbol for 
COLLECTOR of a transistor. 3. Symbol for CAR- 
BON. 4. Abbreviation of CELSIUS. 5. Symbol for 
COULOMB. 6. Abbreviation of CALORIE. 

c 1. Abbreviation of CENTI. 2. Abbreviation of 
CENTS. 3. Symbol for CAPACITANCE. 4. Symbol 
for SPEED OF LIGHT in a vacuum. 

Ca Symbol for CALCIUM. 

cabinet An enclosure for a piece of apparatus. It 
might or might not incorporate electromagnetic 
shielding. 

cable 1. A usually flexible (but sometimes rigid) 
medium, via which electrical power or signals are 
transferred. Although the term is occasionally ap- 
plied to a single conductor, especially when it is a 
braid or weave of a number of wires, cable usually 
means a bundle of separate, insulated wires or 
strands of fiberoptic material. 2. CABLEGRAM. 

cable address A code word that specifies the recip- 
ient of a CABLEGRAM. 

cable assembly A special-purpose cable with con- 
nectors. 

cable attenuation Reduction of signal intensity 
along a cable, usually expressed in decibels per 
foot, hundred feet, mile, etc. 

cable capacitance Capacitance between conduc- 
tors in a cable or between conductors and the 
outer sheath of a cable. 2. Sometimes, capaci- 
tance between a cable and earth. 

cable clamp A support device for cable runs in 
equipment and systems. 

cable communications Telegraphy or telegraphy 
via a (usually undersea) cable. 

cable connector A connector, such as a coaxial fit- 
ting, that joins cable circuits or connects a cable 
to a device. 


cabled wiring Insulated leads connecting circuit 
points; they are tied together with lacing cord or 
with spaced fasteners. 

cablegram A (usually printed) message transmit- 
ted or received via undersea cable. Compare 
RADIOGRAM and TELEGRAM. 

cable loss See CABLE ATTENUATION. 

cable run The path taken by a cable. 

cable splice 1. An electrical attachment between 
two sections of cable that has identical or simi- 
lar construction, with or without the use of con- 
nectors. 2. To electrically attach two sections of 
cable that have identical or similar construction, 
with or without the use of connectors. 

cable tie A short piece of wire or plastic that holds 
wires or cables in a bundle. 

cable TV See COMMUNITY-ANTENNA TELEVI- 
SION. 

cache memory A short-term, high-speed, high- 
capacity computer memory. Similar to a scratch- 
pad or read-write memory. 

CAD Acronym for computer-aided design. 

CAD/CAM Acronym for computer-aided design and 
manufacturing. 

cadmium Symbol, Cd. A metallic element. Atomic 
number, 48. Atomic weight, 112.41. Many elec- 
tronic structures are cadmium plated for protec- 
tion. 

cadmium borate phosphor Formula, (CdO + 
B203): Mn. A substance used as a phosphor coat- 
ing on the screen of cathode-ray tubes. The char- 
acteristic fluorescence is green-orange. 

cadmium cell Also called Weston standard cell. 
An electrochemical standard cell used as a refer- 
ence voltage source. Produces 1.0186 volt at 
20°C. 
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cadmium plating The process of coating a conduc- 
tor or component with cadmium to increase its 
resistance to corrosion. 

cadmium selenide photocell A photoconduc- 
tive cell in which cadmium selenide is the light- 
sensitive material. 

cadmium silicate phosphor Formula, (CdO + 
SiO2). A substance used as a phosphor coating on 
the screen of cathode-ray tubes; the characteris- 
tic fluorescence is orange-yellow. 

cadmium standard cell See STANDARD CELL. 

cadmium sulfide photocell A  photoconduc- 
tive cell in which cadmium sulfide is the light- 
sensitive material. 

cadmium tungstate phosphor Formula, CdO + 
WOs. A substance used as a phosphor coating on 
the screen of cathode-ray tubes; the characteris- 
tic fluorescence is light blue. 

cage A completely shielded enclosure, such as a 
screen room, which is covered with a grounded 
fine-mesh conductive screen on all sides. 

cage antenna An antenna, usually center-fed and 
balanced, that consists of multiple parallel con- 
ductors arranged in a cylindrical cage config- 
uration. The cage results in a much broader 
bandwidth than is the case with an antenna 
made up of a single conductor. Cage antennas 
are typically used at frequencies between about 
10 and 200 MHz. 
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CAI Abbreviation for computer-assisted instruction. 

CAL An acronym for conversional algebraic lan- 
guage, a general-purpose problem-oriented com- 
puter programming language used in time-sharing 
systems. 

calcium Symbol, Ca. A metallic element of the 
alkaline-earth group. Atomic number, 20. Atomic 
weight, 40.08. 

calcium phosphate phosphor Formula, Cas;(PO,)o. 
A substance used as a phosphor coating on the 
screen of long-persistence cathode-ray tubes; the 
characteristic fluorescence is white, as is the 
phosphorescence. 

calcium silicate phosphor Formula, (CaO + 
SiO2): Mn. A substance used as a phosphor coat- 
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ing on the screen of cathode-ray tubes; the char- 
acteristic fluorescence ranges from green to 
orange. 

calcium tungstate phosphor Formula, CaWO,. A 
substance used as a phosphor coating on the 
screen of short-persistence cathode-ray tubes; 
the characteristic fluorescence is blue, as is the 
phosphorescence. 

calculate To perform the steps of an intricate 
mathematical operation. Compare COMPUTE. 

calculating punch A data-processing peripheral 
that reads punched cards, makes calculations, 
and punches new data into those cards or new 
cards. 

calculator A machine that performs mathematical 
operations, especially arithmetic. Typically, the 
device is a small box with buttons and a minia- 
ture numeric display. Used only in mathematical 
applications. In contrast, a COMPUTER can be 
used for a much wider variety of jobs, such as 
word processing, graphics, and data-base. Many 
personal computers have calculator programs; 
the “buttons” are actuated by pointing and click- 
ing with a mouse. 

calculus 1. The symbology and rules comprising a 
system of logic, such as BOOLEAN ALGEBRA. 2. 
A branch of mathematical analysis concerned 
with rates of change and accumulation. See DIF- 
FERENTIAL CALCULUS and INTEGRAL CALCU- 
LUS. 

calendar age The age of a piece of equipment, mea- 
sured since the date of manufacture. Specified in 
years, months, and days. The actual manufac- 
ture date might alternatively be given. 

calendar time The time available in a working pe- 
riod [i.e., a 40-hour work week represents a cal- 
endar time of 120 hours (five days times 24 hours 
per day)]. 

calibrate To compare and bring into agreement 
with a standard. 

calibrated measurement 1. A measurement made 
with an instrument that has been calibrated with 
a standard reference source. 2. A measurement 
that is corrected for instrument error. 

calibrated meter An analog or digital meter that 
has been adjusted to agree as closely as possible 
with a reference source. 

calibrated scale 1. A scale whose graduations 
have been carefully checked for accuracy (i.e., 
they correspond to the true values of the quantity 
that they represent). The scale is graduated to 
read directly in units of the quantity, such as mil- 
liamperes, kilohertz, volts, etc. 2. A scale with 
fixed, plain numeric graduations (e.g., O to 100) 
that do not directly indicate the magnitude of a 
quantity, but that can be converted to various 
quantities via graphs, nomographs, tables, or 
charts. See CALIBRATION CURVE. 

calibrated sweep In an oscilloscope, a sweep cir- 
cuit calibrated to indicate sweep frequency or 
time at all control settings. 
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calibrated triggered sweep In an oscilloscope, a 
triggered sweep circuit calibrated in terms of 
sweep time or frequency. 

calibration 1. Determining the accuracy with 
which an instrument indicates a quantity. 2. De- 
termining the degree to which the response of a 
circuit or device corresponds to desired perfor- 
mance. 3. Marking a scale to show actual values 
of a quantity in the form of a direct readout. For 
example, the scale of an analog meter might be 
calibrated in milliamperes (mA) from O to 50 in in- 
crements of 1 mA. 

calibration accuracy 1. A quantitative expression 
of the agreement between the value of a quantity, 
as indicated by an instrument, and the true 
value. Usually expressed as the maximum per- 
centage of the true value by which the indicated 
value can be expected to deviate in either direc- 
tion (e.g., +0.5 percent). 2. The precision of a di- 
rect-reading meter in terms of its full-scale 
deflection (e.g., +2.0 percent of full scale). 

calibration curve A graph showing the relation be- 
tween the actual values of a quantity and the set- 
ting or indication of an instrument or component. 
Usually plotted in rectangular coordinates. 
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calibration marker A pip or blip, superimposed on 
a pattern displayed on a cathode-ray-tube (CRT) 
screen, to identify a point closely as to frequency, 
voltage, distance, or some similar term. 

calibrator A device used to perform a calibration 
(e.g., a signal generator). 

calibrator crystal A highly accurate and stable 
quartz crystal, used in an oscillator as a fre- 
quency standard. An example is the 100-kHz 
crystal oscillator and harmonic generator used in 
some communications receivers. 

californium Symbol, Cf. A radioactive element pro- 
duced artificially. Atomic number, 98. Atomic 
weight, 251. 

call 1. In communications, a transmission by a 
station for the purpose of either alerting a partic- 
ular receiving station for which there is a mes- 
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sage, or alerting all receiving stations to prepare 
them for a general broadcast message. 2. In a 
computer program, a branch to a closed subrou- 
tine; also, to branch to such a subroutine. 

call direction code Abbreviation, CDC. In tele- 
graph networks, a special code that, when trans- 
mitted to a terminal, causes the teleprinter to be 
automatically switched on. 

calling sequence 1. Computer program instruc- 
tions needed to establish the conditions for a call 
(see CALL, 2). 2. Subroutine instructions provid- 
ing a link to the main program. 

call instruction A computer program instruction 
that makes a program controller branch to a sub- 
routine; it also locates and identifies the parame- 
ters needed for the subroutine’s execution. Also 
known as subroutine call. 

call letters Letters and/or numbers assigned to, 
and used to identify, licensed radio stations. 

calorie Abbreviation, cal or C. The amount of heat 
energy, at a pressure of 1 atmosphere, that will 
raise the temperature of 1 gram of water by 1 de- 
gree Celsius. 

calorimeter An instrument for measuring heat en- 
ergy. By adaptation, a calorimeter can be used to 
measure radio-frequency (RF) power—especially 
at microwave frequencies (see CALORIMETRIC 
POWER METER). 

calorimeter system See CALORIMETRIC POWER 
METER. 

calorimetric power meter A specialized form of 
wattmeter, in which the power to be measured is 
dissipated in an oil or water bath that has a 
known and fixed mass. The wattage is deter- 
mined indirectly, by measuring the extent to 
which the temperature of the liquid increases in a 
certain amount of time. 

CAM 1. Abbreviation of computer-aided manufac- 
turing. 2. Abbreviation of content-addressed 
memory. 

cambric Finely woven cotton or linen used for in- 
sulation. One type of spaghetti (conductor insula- 
tion), for example, is varnished cambric tubing. 

camera cable A multiwire cable that conducts the 
video signal from a television camera to control 
equipment. 

camera chain In television, the camera and the 
equipment immediately associated with it, ex- 
cluding the transmitter and its peripherals. 

camera signal The output signal delivered by a 
television camera. 

camera tube Any video pickup tube, such as an 
iconoscope or orthicon, that converts light re- 
flected by a scene into a corresponding television 
signal. 

Campbell bridge A circuit that is used for compar- 
ing mutual inductance with capacitance. 

camp-on In a telephone system, a method of en- 
gaging a line that is busy until it becomes avail- 
able for use. 

CAN Abbreviation of CANCEL CHARACTER. 
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can 1. A metal enclosure or container roughly re- 
sembling a tin can (though not necessarily cylin- 
drical), used for shielding or potting components. 
2. Colloquial expression for HEADPHONE. 

Canada balsam A transparent cement derived 
from the turpentine distilled from balsam fir 
resin. It is useful in optical technology and in cer- 
tain areas of electro-optics. 

Canadian Standards Association The Canadian 
equivalent of the National Bureau of Standards in 
the United States. An agency that publishes 
agreed-on standards for industries. 

cancel character 1. IGNORE CHARACTER. 2. A 
control character indicating that the associated 
data is erroneous. 

cancellation The elimination of one quantity by 
another, as when a voltage is reduced to zero by 
another voltage of equal magnitude and opposite 
sign. 

candela Symbol, cd. The SI unit of luminous inten- 
sity; 1 cd represents 160 of the radiating power of 
one square centimeter of a perfect radiator at the 
temperature of freezing platinum. 

candle Abbreviation, c. Also called international 
candle. A unit of light intensity that is the value of 
emission by the flame of a sperm-whale-oil candle 
burning at the rate of 7.776 grams per hour. 

candle power Abbreviation, cp. Luminous inten- 
sity in international candles: the luminous in- 
tensity resulting from the burning of a 
sperm-whale-oil candle at 7.776 grams per hour. 

candoluminescence White light produced without 
extreme heat. 

cannibalization The deliberate use of parts from 
operational equipment to temporarily repair or 
maintain other equipment. It is a last-resort, 
emergency measure. 

cap 1. Abbreviation of CAPACITANCE. 2. Abbrevia- 
tion of CAPACITOR. 

capacimeter See CAPACITANCE METER. 

capacitance Symbol, C. Unit, farad. The property 
exhibited by two conductors separated by a di- 
electric, whereby an electric charge becomes 
stored between the conductors. Capacitance is 
thought of as analogous to mechanical elasticity. 
Also see FARAD. 

capacitance bridge A four-arm ac bridge for gaug- 
ing capacitance against a standard capacitor. In 
its simplest form, it has a standard capacitor in 
one arm and resistors in the other three. 

capacitance coupling The transfer of ac energy 
between two circuits or devices by a capacitor or 
capacitance effect. Also see COUPLING. 

capacitance diode See VARACTOR. 

capacitance divider An alternating-current volt- 
age divider that uses capacitors, rather than re- 
sistors. It is used in certain oscillators, such as 
the Colpitts type. 

capacitance filter A filter consisting of only a 
high-capacitance capacitor. Because the capaci- 
tor cannot discharge instantaneously, it tends to 
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maintain its voltage and smooth out the ripples in 
the voltage applied to it. 

capacitance-inductance bridge A combination ac 
bridge that can be used for either capacitance or 
inductance measurement. Both capacitance and 
inductance can be measured in terms of a stan- 
dard capacitance; however, some of these bridges 
use standard inductors in the inductance- 
measuring mode. 

capacitance meter A direct-reading meter for 
measuring capacitance. In most available types, a 
stable ac voltage is applied to the meter circuit, to 
which an unknown capacitor is connected in se- 
ries; meter deflection is roughly proportional to 
the reactance of the capacitor. Also called MI- 
CROFARAD METER. 

capacitance ratio In a variable capacitor, the ratio 
of maximum to minimum capacitance. 

capacitance relay A relay circuit that operates 
from a small change in its own capacitance. It 
consists of an RF oscillator whose tank capaci- 
tance is very low. When a finger is brought near 
the circuit's short pickup antenna, the attendant 
increase in capacitance detunes the oscillator, 
activating the relay. Also called PROXIMITY RE- 
LAY and PROXIMITY SWITCH. 

capacitance-resistance bridge A combination ac 
bridge that can be used for either capacitance or 
resistance measurement. The unknown resis- 
tance is measured against a standard resistor; 
the unknown capacitance against a standard ca- 


pacitor. 

capacitance sensor See CAPACITANCE TRANS- 
DUCER. 

capacitive amplifier See DIELECTRIC AMPLI- 
FIER. 


capacitive attenuator An ac attenuator whose el- 
ements are capacitors in any desired combination 
of fixed and/or variable units. The desired atten- 
uation is afforded by the capacitance ratio. 

capacitive coupling A means of coupling between 
circuits that uses a series capacitor for direct- 
current blocking. The signal passes through the 
capacitor, but the blocking effect allows different 
bias voltages to be applied to the two stages. 
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capacitive diaphragm A metal plate deliberately 
placed in a waveguide to introduce capacitive reac- 
tance and, thereby, cancel an inductive reactance. 

capacitive-discharge ignition An electronic igni- 
tion system for automotive engines. Provides 
nearly constant high voltage, regardless of engine 
speed. A dc-to-dc step-up converter charges a 
large capacitor (typically to 300 volts) when the 
distributor breaker points are closed; when they 
are open, the capacitor discharges through the 
ignition coil, thereby generating an ignition pulse 
of several thousand volts. 

capacitive division Reduction of an ac voltage by 
a capacitive voltage divider. 

capacitive feedback Feeding energy back from the 
output to the input of an amplifier or oscillator 
through a capacitor. 

capacitive-input filter A smoothing filter for ac 
power supplies, in which the element closest to 
the rectifier is a capacitor, regardless of the com- 
ponents or circuits placed subsequently. 

capacitive load A load consisting of a capacitor or 
a predominantly capacitive circuit. 

capacitive loading In an antenna, the addition of 
capacitance in series with the element(s). This 
raises the resonant frequency for a radiator hav- 
ing a given physical length. It can also serve to in- 
crease the physical length required for a radiator 
having a specified resonant frequency. Compare 
INDUCTIVE LOADING. 

capacitive post A protrusion inside a waveguide 
for the purpose of introducing capacitive reac- 
tance to cancel an inductive reactance. 

capacitive potentiometer See CAPACITIVE VOL- 
TAGE DIVIDER. 

capacitive pressure sensor A pressure sensor 
that uses a radio-frequency oscillator and a pair 
of metal plates separated by dielectric foam. The 
circuit is designed so a change in the capacitance 
between the plates causes the oscillator fre- 
quency to change. This change is sensed. A signal 
is sent to an analog-to-digital converter (ADC) 
and then to a microcomputer that calculates the 
extent of the pressure. 
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capacitive proximity sensor A transducer used in 
mobile robots that detects the presence of certain 
kinds of objects. It consists of an oscillator whose 
frequency is determined by an inductance- 
capacitance (LC) circuit to which a metal plate 
is connected. When a conducting or partially con- 
ducting object comes near the plate, the mutual 
capacitance changes the oscillator frequency. 
This change is detected and sent to the robot 
controller. 
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capacitive reactance Symbol, Xc. Unit, ohm. The 
reactance exhibited by an ideal capacitor, con- 
sidered as a negative pure-imaginary quantity; 
Xc = -j/(6.28fC), where f is the frequency in 
hertz, C is the capacitance in farads, and j is the 
unit imaginary number (the square root of —1). 
Alternatively, f can be specified in megahertz 
and C in microfarads. In a pure capacitive reac- 
tance, current leads voltage by 90 degrees. Also 
see CAPACITANCE, CAPACITOR, and REAC- 
TANCE. 

capacitive speaker See ELECTROSTATIC SPEAKER. 

capacitive transducer A transducer consisting es- 
sentially of a refined variable capacitor whose 
value is varied by a quantity under test, such as 
pressure, temperature, liquid level, etc. 

capacitive tuning Variable-capacitor tuning of a 
circuit. 

capacitive voltage divider A capacitive attenuator 
usually consisting of two series-connected capac- 
itors whose values are such that an applied ac 
voltage is divided across them in the desired ra- 
tio. 

capacitive welding An electronic welding system 
in which energy stored in a capacitor is dis- 
charged through the joint to be welded. This de- 
velops the heat necessary for the operation. 

capacitive window A pair of capacitive dia- 
phragms used in a waveguide to introduce capac- 
itive reactance. 
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capacitor A passive electronic-circuit component 
consisting of, in basic form, two metal electrodes 
or plates separated by a dielectric (insulator). 

capacitor amplifier See DIELECTRIC AMPLIFIER. 

capacitor antenna See CONDENSER ANTENNA. 

capacitor bank A network of capacitors connected 
in combination, yielding a desired characteristic. 

capacitor braking The connection of a capacitor to 
the winding of a motor after the removal of power, 
to speed up the process of braking. 

capacitor color code See COLOR CODE. 

capacitor decade See DECADE CAPACITOR. 

capacitor-discharge ignition CAPACITIVE- 
DISCHARGE IGNITION. 

capacitor filter Ina direct-current power supply, a 
filter consisting simply of a capacitor connected 
in parallel with the rectifier output. 
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capacitor-input filter A filter whose input compo- 
nent is a capacitor. The capacitor-input power- 
supply filter is distinguished by its relatively high 
dc output voltage, but somewhat poorer voltage 
regulation, compared with the CHOKE-INPUT 
FILTER. 

capacitor leakage Direct current flowing through 
the dielectric of a capacitor. In a good nonelec- 
trolytic capacitor, this current is normally less 
than 1 microampere. In an electrolytic capacitor, 
it can be up to several milliamperes, depending 
on the capacitance and the applied voltage. 


capacitor loudspeaker See ELECTROSTATIC 
SPEAKER. 

capacitor microphone See CONDENSER MICRO- 
PHONE. 


capacitor motor An ac motor that uses a capaci- 
tor in series with an auxiliary field winding for 
starting purposes. Initially out-of-phase current 
in the auxiliary field (starting winding) causes a 
rotating field that turns the rotor. When the rotor 
reaches a safe speed, a centrifugal switch dis- 
connects the capacitor and auxiliary field, and 
the motor continues running as an induction 
motor. 

capacitor series resistance The ohmic loss in 
a capacitor. It results partly from conductor 
losses, and partly from losses in the dielectric 
material. 

capacitor substitution box An enclosed assort- 
ment of selected-value capacitors arranged to be 
switched one at a time to a pair of terminals. In 
troubleshooting and circuit development, any of 
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several useful fixed capacitance values can be 
thus obtained. 

capacitor voltage 1. The voltage at the terminals 
of a capacitor. 2. The maximum voltage rating of 
a capacitor. 

capacitor voltmeter See ELECTROSTATIC VOLT- 
METER. 

capacity 1. A measure of a cell's or battery's ability 
to supply current during a given period. 2. CA- 
PACITANCE. 3. The number of bits or bytes a 
computer storage device can hold. 4. The limits of 
numbers that a register can process. 

capacity lag In an automatic control system, a de- 
lay caused by the storing of energy by the compo- 
nents. For example, in a heating system, capacity 
lag results from the time taken to heat the air or 
fluid after the thermostat turns on the heat. 

capillary electrometer A sensitive voltage indica- 
tor, consisting of a column of mercury in a 
transparent capillary tube, in which is sus- 
pended a small drop of acid. When a voltage is 
applied to both ends of the mercury column, the 
acid drop moves toward the low-potential end of 
the column over a distance proportional to the 
voltage. 

capstan The driven spindle or shaft of a magnetic 
tape recorder or transport. 

capture area The effective ability of a radio antenna 
to pick up electromagnetic signals. The larger the 
capture area, the greater the antenna gain. 

capture effect 1. In frequency-modulation (FM) 
radio receivers, the effect of domination by the 
stronger of two signals, or by the strongest of sev- 
eral signals, on the same frequency. 2. In an 
automatic-frequency-control system, the tendency 
of the receiver to move toward the strongest of 
several signals near a given frequency. 3. In gen- 
eral, the tendency of one effect to totally predom- 
inate over other effects of lesser amplitude. 

capture ratio A measure of frequency-modulation 
(FM) tuner selectivity: The amplitude difference, 
in decibels, between unwanted signals and the 
one being tuned in. 

carbon Symbol, C. A nonmetallic element. Atomic 
number, 6. Atomic weight, 12.011. Carbon, be- 
sides being an invaluable material in electronics, 
is an important constituent of organic com- 
pounds. 

carbon arc The arc between two electrified pencils 
of carbon or, as in an arc converter, between a 
carbon pencil and a metal electrode. 

carbon brush A contact made of carbon or some 
mixture of carbon and another material, used in 
motors, generators, variable auto-transformers, 
rheostats, and potentiometers. 

carbon-button amplifier An  audio-frequency 
amplifier having as the active component an 
earphone whose diaphragm is attached to a car- 
bon microphone button. The input signal ap- 
plied to the earphone makes its diaphragm 
vibrate. The vibrating button modulates a local 
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direct current. Amplification results from the 
large ratio of modulated local current to input- 
signal current. 

carbon-composition resistor A non-inductive re- 
sistor made from a mixture of finely powdered 
carbon with a non-conductive substance, usually 
phenolic. The resulting clay-like material is 
pressed into a cylindrical shape, and wire leads 
are inserted in the ends. The resistance depends 
on the ratio of carbon to the non-conducting ma- 
terial, and on the physical distance between the 
wire leads. This type of resistor is useful from di- 
rect current to ultra-high radio frequencies. Com- 
pare FILM RESISTOR, WIREWOUND RESISTOR. 

carbon/disk rheostat A rheostat consisting of a 
stack of carbon disks or washers, arranged so 
that a controllable pressure can be exerted on the 
stack. As a knob is turned, a screw increases or 
decreases the pressure, varying the total resis- 
tance of the stack. 

carbon-film resistor A stable resistor whose resis- 
tance element is a film of carbon, vacuum- 
deposited on a substrate, such as a ceramic. 

carbonization The application of a coat of carbon 
onto an electrode, either by electroplating or by 
any other means. 

carbon microphone A microphone that includes 
one or two carbon buttons. See BUTTON MICRO- 
PHONE. 

carbon-paper recorder A recorder in which a 
signal-actuated stylus writes, by impression only, 
through a sheet of carbon paper onto a plain 
sheet underneath. This eliminates the need for an 
ink-carrying stylus. 

carbon-pile regulator A voltage regulator in 
which a stack of carbon disks or washers is in 
series with the shunt field. The pile resistance 
and field current depend on pressure applied to 
the pile by a wafer spring acting through a mov- 
able iron armature. Voltage drops increase the 
pressure and voltage rises decrease the pres- 
sure, thus regulating the generator with which 
it is associated. 
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carbon-pile rheostat See CARBON-DISK RHEO- 
STAT. 

carbon recording 1. A record made with a 
CARBON-PAPER RECORDER. 2. The use of a car- 
bon-paper recorder in data acquisition, facsimile, 
communications, and similar applications. 

carbon resistor A resistor made from carbon, 
graphite, or some composition that contains car- 
bon. 

carbon/silicon-carbide thermocouple A thermo- 
couple that is a junction between carbon and sil- 
icon carbide. 

carbon transfer recording A method of facsimile 
reception in which the image is reproduced by 
carbon particles sprayed on the paper, a process 
controlled by the received signal. 

carbon-zinc cell See ZINC-CARBON CELL. 

Carborundum Formula, SiC. Trade name for a 
synthetic silicon carbide used as a semiconduc- 
tor, refractory, or abrasive. Also see SILICON 
CARBIDE. 

Carborundum crystal Trade name for a character- 
istically superhard crystal of silicon carbide. 

Carborundum varistor A voltage-dependent resis- 
tor made from Carborundum. 

carcinotron A special kind of oscillator tube used 
at ultra-high and microwave frequencies. 

card 1. A usually thin, rectangular board contain- 
ing a PRINTED CIRCUIT, often equipped with an 
edge connector that makes it easy to install, re- 
move, or replace. Common in electronic and com- 
puter equipment having modular construction. 2. 
The usually flat, thin insulating strip on which a 
resistor element is wound. 

cardiac monitor An electronic device that displays 
or records electrical impulses from the heart for 
medical observation or diagnosis. 

cardiac pacemaker An electrical cardiac stimula- 
tor that causes the heart to beat at certain inter- 
vals. Used when the patient has heart disease 
that prevents the heart from regulating itself. 

cardiac stimulator An electronic device (some- 
times implanted in the subject) that supplies 
electric pulses to stimulate heart action. Also 
called DEFIBRILLATOR and PACEMAKER. 

card image In memory storage, the data contained 
on a Single card. 

cardiogram ELECTROCARDIOGRAM. 

cardiograph ELECTROCARDIOGRAPH. 

cardioid diagram A polar response curve in the 
shape of a cardioid pattern. 

cardioid microphone A microphone with a (roughly) 
heart-shaped sound-field pickup pattern. 

cardioid pattern A radiation/response pattern 
with one sharp null in the direction opposite the 
single main lobe. The lobe is extremely broad. In 
two dimensions, the curve is shaped somewhat 
like a “Valentine” heart. 

cardiotachometer A device that 
pulse rate. 

cardistimulator See CARDIAC STIMULATOR. 
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Carey-Foster bridge A special version of the slide- 
wire bridge that is useful for measuring an un- 
known resistance, whose value is close to that of 
a standard resistance. 


RI 
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Carey-Foster bridge 


Carey-Foster mutual inductance bridge An ac 
bridge that permits the measurement of mutual 
inductance in terms of a standard capacitor. 


Carey-Foster mutual inductance bridge 


carnauba wax A wax obtained from the Brazilian 
wax palm. Used as an electrical insulator, and as 
the dielectric in some electrets. 

Carnot theorem In thermodynamics, the proposi- 
tion that in a reversible cycle, all available energy 
is converted into mechanical work. Also called 
Carnot's principle. 

carrier 1. See CARRIER WAVE. 2. See CHARGE 
CARRIER. 

carrier amplifier See DIELECTRIC AMPLIFIER. 

carrier beating 1. The mixing of two radio- 
frequency carriers that are separated by a small 
amount of frequency, resulting in an audible tone 
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in a receiver. 2. A heterodyne in a facsimile or 
television signal, resulting in a pattern of cross 
hatches in the received image. 

carrier choke A radio-frequency (RF) choke, in- 
serted in a line to block a carrier component. 

carrier chrominance signal For conveying color 
television information, sidebands of a modulated 
chrominance subcarrier. 

carrier color signal For conveying color informa- 
tion in color television transmission, the side- 
bands of a modulated chrominance subcarrier 
(plus the unsuppressed chrominance subcarrier) 
added to the monochrome signal. 

carrier concentration In a semiconductor material, 
the number of charge carriers per unit volume. 

carrier control 1. The modification, adjustment, 
or switching of a carrier wave. 2. Adjustment of a 
circuit or device by means of a carrier wave. 

carrier current The current component of a carrier 
wave, or the amplitude of that current. Compare 
CARRIER POWER and CARRIER VOLTAGE. 

carrier-current communication See WIRED 
WIRELESS. 

carrier-current control 1. Control of the current 
component in a carrier wave. 2. Remote control 
by means of wired wireless. 

carrier-current receiver See WIRED-RADIO RE- 
CEIVER. 

carrier-current relay A radio-frequency (RF) relay 
circuit, operated over a wire line by means of a 
transmitter. 

carrier-current transmitter See WIRED-RADIO 
TRANSMITTER. 

carrier deviation See CARRIER SWING. 

carrier dispersion In a semiconductor, the spread- 
ing out of electrons and holes that leave the emit- 
ter simultaneously, but arrive at the collector at 
various times after following different paths. 

carrier frequency The center frequency of a CAR- 
RIER WAVE. 

carrier-frequency pulse A pulse that contains 
radio-frequency oscillation. 

carrier-frequency range The band of carrier fre- 
quencies over which a transmitter or signal gen- 
erator can operate. 

carrier injection The apparent emission (injection) 
of electrons or holes into a semiconductor when a 
voltage is applied to the junction. 

carrier leak 1. A point at which carrier-wave en- 
ergy escapes a circuit or enclosure. 2. The resid- 
ual carrier voltage present in the output of a 
carrier-suppressing circuit. 

carrier level The amplitude of an unmodulated 
carrier wave. 

carrier lifetime In a semiconductor, the interval 
before an injected current carrier (see CARRIER 
INJECTION) recombines with an opposite carrier 
and ceases to be mobile. 

carrier line In carrier-current systems (see WIRED 
WIRELESS), the line or cable conducting the 
carrier-wave energy. 
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carrier mobility Symbol, u. In a semiconductor 
material, the average drift velocity of electrons 
and holes per unit electrostatic field. 

carrier noise Modulation of a carrier when there is 
no input from the modulator itself; unwanted 
modulation. 

carrier noise level The noise signal amplitude that 
results from unintentional fluctuations of an un- 
modulated carrier. 

carrier-on-light transmission A form of transmis- 
sion in which many different signals are sent si- 
multaneously by modulating a beam of light at 
multiple frequencies. 

carrier-on-microwave transmission A form of 
transmission in which many different signals are 
sent simultaneously by modulating a microwave 
signal at multiple lower frequencies. 

carrier-on-wire transmission A form of transmis- 
sion in which many different signals are sent at 
the same time over a wire, by using radio- 
frequency carriers. Also called CARRIER-CURRENT 
COMMUNICATIONS or WIRED RADIO. 

carrier oscillator In a single-sideband receiver, 
the radio-frequency (RF) oscillator that supplies 
the missing CARRIER WAVE. 

carrier power The actual power represented by a 
radio-frequency (RF) carrier applied to an an- 
tenna, measured by either the direct or indirect 
method. The direct method involves determina- 
tion of power according to the formula P = PR, 
where I is antenna current and R is antenna re- 
sistance at the point of current measurement. 
The indirect method involves determination of 
power according to the formula P = EIF, where E 
and I are antenna voltage and current, and Fis a 
factor less than 1.0, whose value depends on the 
type of modulation used. 

carrier power-output rating The power delivered 
by an unmodulated transmitter or generator to 
the normal load or its equivalent. 

carrier shift In an amplitude-modulated transmit- 
ter or generator, the undesired change of average 
carrier voltage during modulation. 

carrier-shift indicator An instrument for detect- 
ing carrier shift. It usually contains only a 
pickup coil, semiconductor diode, and dc mil- 
liammeter in series. Meter deflection is steady 
until carrier shift is detected; then, the needle 
fluctuates. 

carrier signaling In wire telephony, the use of 
carrier-wave signals to operate such functions as 
dialing, ringing, busy signal, etc. 

carrier storage Ina semiconductor device, the ten- 
dency of mobile carriers to stay near a junction 
for a short time after the junction voltage has 
been removed or reversed in polarity. 

carrier suppression The elimination of the carrier 
in an amplitude-modulated signal so that only 
the sideband energy remains. 

carrier swing In frequency-modulated or phase- 
modulated transmission, the total deviation (low- 
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est to highest instantaneous frequency) of the 
carrier wave. 

carrier system The transmission of many signals 
over one circuit, accomplished by modulating 
various different carriers at different frequencies. 
Different signals can use different modulation 
methods. 

carrier telegraphy 1. Continuous-wave telegraphy 
by WIRED WIRELESS. 2. Wired-wireless telegra- 
phy in which a radio-frequency carrier is modu- 
lated by an audio-frequency keying wave. 

carrier telephony Telephone communication by 
WIRED WIRELESS. 

carrier terminal 1. At each end of a carrier-current 
line or cable, the equipment for generating, modi- 
fying, or utilizing the carrier energy. 2. In a bal- 
anced modulator, the point of carrier insertion. 

carrier-to-noise ratio The ratio of carrier ampli- 
tude to noise-voltage amplitude. 

carrier transmission Transport of information by 
a carrier, as by an amplitude-modulated radio 
wave that carries the low-frequency information 
as the AF modulation envelope and delivers it to 
the demodulator at the receiving station. 

carrier-type dc amplifier A high-frequency ac am- 
plifier, ahead of which is operated a generator 
and transducer. A dc voltage applied to the trans- 
ducer modulates the carrier supplied by the gen- 
erator; the amplifier boosts the modulated wave, 
and the resultant output is rectified at a level 
higher than that of the dc input signal. 

carrier voltage The voltage component of a carrier 
wave; also, the amplitude of this component. Com- 
pare CARRIER CURRENT and CARRIER POWER. 

carrier wave A sine wave that is modulated to 
convey information in wireless and cable com- 
munications systems. The lowest frequency nor- 
mally used for wireless signal transmission is 9 
kHz, corresponding to a wavelength of approxi- 
mately 33 km. The highest frequency is less well 
defined; some systems make use of visible light 
waves, whose wavelengths are as short as ap- 
proximately 4 x 10°’ m. For modulation to work 
effectively, the carrier must have a frequency at 
least 10 times the highest frequency of the mod- 
ulating signal. 

carry 1. In adding a column of figures, the digit 
added to the column at the left when the sum ex- 
ceeds one less than the radix value. 2. In digital 
computers and counters, a pulse that corre- 
sponds to the arithmetic operation in which a fig- 
ure is carried to the next column in addition. 

carrying capacity The ability of a conductor, such 
as copper wire, to carry current safely (expressed 
in maximum amperes). 

carry-complete signal In an arithmetic computa- 
tion by a computer, an adder-produced signal in- 
dicating that the pertinent carries have been 
generated. 

carry system A communications system in which 
several carries occupy one circuit. 
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carry time The time taken for a digital computer or 
counter to perform a carry operation (See CARRY, 
2). 

Cartesian coordinate geometry Also called rect- 
angular coordinate geometry. In robotic systems, a 
movement scheme in two or three dimensions. 
The position of the robot arm is determined by lin- 
ear coordinates, relative to an origin point. These 
coordinates are specified along linear axes—each 
of which is perpendicular to the others at the ori- 
gin. See CARTESIAN COORDINATES, CARTE- 
SIAN PLANE, and CARTESIAN THREE-SPACE. 

Cartesian coordinates Also called rectangular co- 
ordinates. A mathematical system that uniquely 
defines the position of a point on a plane, in space, 
or in general, in an n-dimensional hyperspace 
when nis a whole number greater than 3. There 
are n axes for n dimensions, each axis intersects 
all the others at a single point, called the origin. 
The axes are mutually perpendicular at this origin. 
The axes are scaled in units with the origin having 
coordinate values that are all equal to zero (usu- 
ally). Positive values go along the axes in one di- 
rection; negative numbers go in the opposite 
direction for each axis. Usually, the axes are grad- 
uated in equal-sized units. The system gets its 
name from the mathematician Rene Descartes. 

Cartesian plane A linear, two-dimensional coordi- 
nate plane commonly used for graphing equa- 
tions in one variable. 

Cartesian three-space A linear, three-dimensional 
graph-coordinate system used for rendering 
equations in one or two variables. 
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Cartesian three-space graph A three-dimensional 
graph that shows an equation in one or two vari- 
ables. Three-space graphs are often displayed 
more clearly by means of computer graphics, in 
which the entire display can be rotated to show 
the characteristics of the surface resulting from a 
given equation or function. 

Cartesian n-space The coordinate space defined 
by a Cartesian system of n coordinates, where n 
is a whole number of 2 or greater. 

cartridge 1. The replaceable transducer assembly 
of a microphone. 2. A magnetic-tape magazine. 
Also see TAPE CARTRIDGE. 3. A removable com- 
puter mass-storage medium, containing a tape, 
magnetic diskette, or optical diskette. 4. An insu- 
lating tube housing a fuse, semiconductor com- 
ponent, resistor, capacitor, or other part. 

cartridge fuse A fuse consisting of a fusible wire 
enclosed in a cartridge, having a ferrule at each 
end for plug-in connection. 

cascadable Capable of, or designed for, being con- 
nected in cascade with other similar or identical 
components. 

cascade 1. Components or stages connected and 
operated in sequence, as in a three-stage ampli- 
fier. The components or stages are often but not 
necessarily identical. 2. To form a cascade. 

cascade control 1. In an automatic control sys- 
tem, a controller whose setting is varied by the 
output of another controller. 2. An automatic 
control system in which the control units are con- 
nected in stages, so that one unit must operate 
before the next one can function. 

cascaded amplifier A multistage amplifier in which 
the stages are forward-coupled in succession. 
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cascaded carry In digital computer practice, a sys- 
tem of performing the carry operation (see 
CARRY) in which the n + 1 place receives a carry 
pulse only when the nth place has received carry 
information to generate the pulse. 

cascade thermoelectric device A thermoelectric 
component or circuit that consists of several cas- 
caded sensors (see CASCADE, 1). 

cascade voltage doubler A voltage-doubler circuit 
(see VOLTAGE DOUBLER) consisting of two 
diode-capacitor combinations in cascade. Unlike 
the conventional voltage-doubler circuit with two 
capacitors in the output, the cascade voltage dou- 
bler has one in the input and one in the output. 

cascode A high-gain, low-noise,  high-input- 
impedance amplifier circuit, consisting of a 
grounded-emitter or grounded-source input stage 
coupled directly to a grounded-base or grounded- 
gate output stage. 


cascode 
(field-effect transistor 
arrangement) 


case temperature The temperature at a desig- 
nated point on the outside surface of a compo- 
nent’s case or housing. 

Cassegrain antenna A dish antenna that uses 
CASSEGRAIN FEED. 


Main dish Semisphere 


focus reflector 


Feed 
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Cassegrain feed A dish-antenna feed system in 
which the feed point is located at the center of the 
dish itself. For transmission, the radio-frequency 
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energy emerges from a waveguide and is directed to 
a small convex reflector at the focal point of the 
dish. The small reflector directs the signal back to 
the dish, spreading the energy out to cover the en- 
tire surface of the dish. The dish reflects the energy 
again and collimates it in the desired direction of 
propagation. For reception, the process is reversed; 
the dish focuses the energy on the small reflector, 
which propagates it back to the feed point. 

cassette 1. A holder (magazine) of reels of mag- 
netic tape that is itself a mechanical subas- 
sembly, which can be easily inserted into and 
removed from a tape deck. 2. A lightweight holder 
of photographic film or X-ray plates (before, dur- 
ing, and after exposure). 

castor oil A viscous insulating oil extracted from 
castor beans. Highly refined castor oil is used as 
an impregnant in some oil-filled capacitors. Di- 
electric constant, 4.3 to 4.7. Dielectric strength, 
380 V /mil. 

CAT Abbreviation of COMPUTERIZED AXIAL TO- 
MOGRAPHY. 

catalysis The process whereby an agent, called a 
catalyst, enhances a chemical reaction without 
entering into the reaction. Catalysts are used in 
electronics, for example, to promote the setting of 
resins in potting and encapsulating operations. 

catalytic agent A substance that accomplishes 
catalysis. 

cataphoresis As caused by the influence of an 
electrostatic field, the migration toward the cath- 
ode of particles suspended in a liquid. 

catastrophic failure 1. Sudden, unexpected fail- 
ure of a component or circuit. 2. Failure that can 
result in the breakdown of an entire system. Also 
called catastrophic breakdown. 

catcher Ina Klystron, the second reentrant cavity. 
(See KLYSTRON.) 

catcher diode A diode that is connected to regulate 
the voltage at the output of a power supply. The 
cathode is connected to a source of reference volt- 
age. If the anode, connected to the source to be 
regulated, becomes more positive than the cath- 
ode, the diode conducts and prevents the regu- 
lated voltage from rising more than 0.3 volt above 
the reference voltage (for germanium diodes) or 0.6 
volt above the reference voltage (for silicon diodes). 

catcher grids In a Klystron, the grids through 
which the bunched electrons pass on their way 
from the buncher to the collector. Catcher grids 
absorb energy from the bunched electrons and 
present it to the collector circuit. 

category In a computer system, a group of mag- 
netic disk volumes containing information related 
by a common application. 

category storage A computer-file storage section 
that contains a number of categories and used by 
an operating system. 

catenation See CONCATENATION. 

cathode 1. The negative electrode of a device (i.e., 
the electrode from which electrons move when a 
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current passes through the device). 2. In an elec- 
trochemical cell, the electrode that gains elec- 
trons. This is generally the positive electrode. 3. 
In a vacuum tube, the electron-emitting electrode 
(filament or indirectly heated cathode sleeve). 

cathode current Symbol kk. The current flowing in 
the cathode circuit of a tube. Cathode current is 
the total of grid, plate, screen, and suppressor cur- 
rents, and can have an ac and a dc component. 

cathode dark current The electron emission from 
the photocathode of a camera tube when there is 
no illumination. 

cathode element In a vacuum tube, an indirectly 
heated emitter of electrons. Also see CATHODE, 2. 

cathode emission 1. The giving up of electrons by 
the cathode element of a device, such as a vac- 
uum tube. Electrons can be emitted by either hot 
or cold cathodes, depending on the tube. 2. Col- 
lectively, electrons released by a cathode. 

cathode heating time The time required for the 
temperature of a tube cathode to increase from 
cold to its maximum specified operating tempera- 
ture after the cathode current has been initiated. 
Also called cathode warmup time. 

cathode luminous sensitivity For a photomulti- 
plier tube, the cathode's sensitivity to light. This 
sensitivity figure is the ratio of photocathode cur- 
rent to incident light flux. 

cathode-ray oscillograph An instrument that pro- 
vides a permanent record, by photographic or 
other means, of the image on the screen of a 
cathode-ray tube. 

cathode-ray oscilloscope See OSCILLOSCOPE. 

cathode rays Invisible rays emanating from the 
cathode element of an evacuated tube operated 
with a high voltage between the anode and cath- 
ode. Cathode rays (electrons) cause certain sub- 
stances, PHOSPHORS, to glow upon striking them. 

cathode-ray scanning tube Any tube in which an 
electron beam is deflected horizontally and verti- 
cally to scan an area. These include oscilloscope 
tubes, some computer monitors, radar displays, 
and television camera tubes. 

cathode-ray tube 1. An evacuated tube containing 
an anode and cathode that generates cathode 
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rays when operated at high voltage. 2. An oscillo- 
scope tube. 3. A picture tube. 

cathode terminal 1. In a diode (semiconductor or 
tube), the terminal to which a negative dc voltage 
must be applied for forward-biasing the diode. 
Compare ANODE TERMINAL. 2. In a diode, the 
terminal at which a positive dc voltage appears 
when the diode acts as an ac rectifier. Compare 
ANODE TERMINAL. 3. The terminal connected 
internally to the cathode element of device. 4. In 
a vacuum tube, an indirectly heated electron 
emitter. 

cathode voltage Symbol, Ex. The voltage between 
ground (or B-minus) and the cathode of a tube; it 
can have both ac and dc components. 

cathodic protection A method of preventing cor- 
rosive galvanic action in underground metal 
pipes or the submerged hulls of ships. The part to 
be protected is used as the cathode of a circuit 
through which a direct current is passed in the 
direction opposite to that which caused the corro- 
sion, thus counteracting it. 

cathodofluorescence Fluorescence resulting from 
a material's exposure to cathode rays. 

cathodoluminescence In a vacuum chamber in 
which a metal target is bombarded with high- 
velocity electrons (cathode rays), the emission of 
radiation of a wavelength characteristic of the 
metal. 

cation A positive ion. Also see ION. 

CAT scanner The X-ray apparatus for COMPUT- 
ERIZED AXIAL TOMOGRAPHY. 

CATV Abbreviation of COMMUNITY-ANTENNA 
TELEVISION (usually cable television). 

caustic soda electrolyte Symbol, NaOH. Sodium 
hydroxide solution, as used in some secondary 
cells and experimental devices. 

cavitation The local formation of cavities in a fluid 
used in ultrasonic cleaning because of the reduc- 
tion in pressure at those points. 

cavitation noise In an ultrasonic cleaner, the 
noise resulting from the collapse of bubbles pro- 
duced by cavitation. 

cavity A metallic chamber (can) in which energy is 
allowed to reflect, sometimes resulting in reso- 
nance. 

cavity filter A microwave (usually band rejection) 
filter consisting of a resonant cavity and associ- 
ated coupling devices. 

cavity frequency meter See CAVITY WAVEME- 
TER. 

cavity impedance The impedance across a cavity 
at a particular frequency. At resonance, the cav- 
ity impedance is purely resistive. 

cavity laser A laser that employs a resonant cavity 
filled with gas, such as helium/neon or argon, 
and a pair of reflectors. Resonance occurs be- 
tween the reflectors, one of which is totally reflec- 
tive and the other of which is approximately 95 
percent reflective. Output is from the partially re- 
flective end of the device. 
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cavity magnetron A magnetron whose anode is a 
series of resonant cavities. 

cavity oscillator An oscillator with a cavity-tuned 
circuit. 

cavity radiation Energy radiated from a tiny hole 
in an otherwise sealed chamber. The radiation 
occurs at all electromagnetic wavelengths; the 
greater the temperature within the chamber, the 
greater the frequency at which the radiation has 
its maximum amplitude. 

cavity resonance The phenomenon whereby a 
hollow cavity resonates; specifically, resonance in 
small metal cavities at microwave frequencies. 

cavity resonator See RESONANT CAVITY. 

cavity wavemeter An absorption wavemeter whose 
adjustable element is a tunable resonant cavity 
into which radio-frequency (RF) energy is injected 
through a waveguide or coaxial cable. Such an in- 
strument is useful at microwave frequencies. 

CB Abbreviation of CITIZENS BAND. 

Cb Symbol for COLUMBIUM. 

Cs Symbol for BASE CAPACITANCE of a transistor. 

C band The band of radio frequencies between 3.9 
and 6.2 GHz. 

Cc Symbol for collector capacitance of a transistor. 

cc 1. Alternative abbreviation of cubic centimeter. 
The International Organization for Standardi- 
zation recommends cm. 2. Abbreviation of 
COTTON-COVERED. 

CCA Abbreviation of CURRENT-CONTROLLED 
AMPLIFIER. 

CCD Abbreviation of CHARGE-COUPLED DEVICE. 

CCIS Abbreviation of COMMON-CHANNEL INTER- 
FACE SIGNALING. 

CCIR Abbreviation of Comite Consultatif Interna- 
tional des Radiocommunications (International Ra- 
dio Consultative Committee). 
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CCIT Abbreviation of Comite Consultatif Interna- 
tional Telegrafique (International Telegraph Con- 
sultative Committee). 

CCITT Abbreviation of Comite Consultatif Interna- 
tional Telegrafique et Telephonique (International 
Telegraph and Telephone Consultative Committee). 

CCS 1. Abbreviation of CONTINUOUS COMMER- 
CIAL SERVICE. 2. Abbreviation of common- 
channel signaling. 

CCTV Abbreviation of CLOSED-CIRCUIT TELEVI- 
SION. 

CCTV monitor A video monitor that receives a sig- 
nal from a CCTV transmitter. 

CCTV signal The picture signal in a CCTV system. 
It can be either a modulated radio-frequency sig- 
nal or a composite video signal. 

ccw Abbreviation of COUNTERCLOCKWISE. 

CD Abbreviation of COMPACT DISK. 

Cd Symbol for CADMIUM. 

cd Abbreviation of CANDELA. 

CD-4 A method of obtaining quadraphonic repro- 
duction on a phonograph disk using modulated 
carriers with frequencies above the human hear- 
ing range. 

CDI Abbreviation of CAPACITOR-DISCHARGE IG- 
NITION. 

C display A radar display showing the target asa 
dot whose coordinates represent the bearing (hor- 
izontal) and angle of elevation (vertical). Compare 
A DISPLAY, J DISPLAY, and K DISPLAY. 

cd/m? Candelas per square meter, the SI unit of 
luminance. 

CD-ROM Abbreviation of COMPACT-DISK READ- 
ONLY MEMORY. 

Ce Symbol for CERIUM. 

Ce Symbol for EMITTER CAPACITANCE of a tran- 
sistor. 

ceiling 1. The maximum possible power output 
from a transmitter. 2. The maximum possible 
current or voltage that a circuit can deliver. 3. In 
aviation, the level of the cloud base. 

ceilometer An instrument for measuring ceiling 
(cloud height). 

cel In animated graphics, an individual image or 
frame. 

cell 1. A single (basic) unit for producing dc elec- 
tricity by electrochemical or photovoltaic action, 
as in a battery or a solar panel. Also see PRIMARY 
CELL, STANDARD CELL, STORAGE CELL. 2. An 
addressable, one-word-capacity storage element 
in a computer memory. 3. The geographic region 
covered by a specified repeater in a cellular com- 
munications network. See CELLULAR COMMU- 
NICATIONS. 4. An electrostatic charge dipole in 
the atmosphere, usually occurring in or near 
thunderstorms. 5. A thunderstorm. 

cell constant The surface area of the electrodes in 
a cell divided by the distance between them. The 
basic linear units must be the same: for example, 
square centimeters for surface area and centime- 
ters for distance. 
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cell counter A bioelectronic instrument used to 
count blood cells and other minute particles. 

cell reversal A condition that can occur in some 
rechargeable electrochemical cells and batteries, 
such as nickel-cadmium batteries. It most often 
results from neglecting to recharge the cell or bat- 
tery when it has become fully discharged. 

cell-type enclosure A room designed to prevent 
the entrance or escape of radio-frequency (RF) 
electromagnetic fields, characterized by double- 
walled copper-mesh shielding. 

cellular coil A coil having a crisscross (usually 
multilayer) winding. Examples: lattice-wound 
coil, honeycomb coil, basket-weave coil. 

cellular communications A radio, telephone, or 
television communications network that makes 
use of numerous fixed repeaters. Subscribers use 
mobile or portable transceivers that are always 
within range of at least one repeater. The most 
common form is known as cellular telephone or 
cellular mobile radio telephone. 

celluloid A thermoplastic dielectric material that is 
a blend of cellulose nitrate and camphor. Dielec- 
tric constant, 4 to 7. Dielectric strength, 250 to 
780 V/mil. 

cellulose acetate A plastic dielectric material used 
as a substrate for magnetic tapes, photographic 
film, and similar applications. Dielectric con- 
stant, 6 to 8. Dielectric strength, 300 V to 1 
kV/mil. Also see ACETATE. 

cellulose acetate base See ACETATE BASE. 

cellulose acetate butyrate A thermoplastic dielec- 
tric material that is an acetic and butyric acid es- 
ter of cellulose. 

cellulose acetate tape See ACETATE TAPE. 

cellulose nitrate The nitric acid ester of cellulose, 
a plastic insulating material. 

cellulose propionate A thermoplastic molding ma- 
terial that is a propionic acid ester of cellulose. 

Celsius scale A temperature scale in which O de- 
grees is the freezing point of water, and 100 de- 
grees the boiling point of water. Also called 
CENTIGRADE SCALE. Compare ABSOLUTE 
SCALE, and FAHRENHEIT SCALE. 

cent An audio-frequency interval of 0.01 (1100) of 
a half step. A half step is the frequency differ- 
ence between two immediately adjacent keys on 
a piano. 

center channel In high-fidelity stereo, a phantom 
sound source that appears to exist midway be- 
tween the left and right speakers or earpieces. 
The effect is caused by identical, or nearly identi- 
cal, signals in the left and right channels. 

center-fed antenna An antenna in which the feed- 
ers are connected to the center of the radiator. 

center feed 1. Attaching a feeder or transmission 
line to the center of the radiator of an antenna. 2. 
Connection of signal-input terminals to the cen- 
ter of a coil. 3. Descriptive of paper tape whose 
feed holes are aligned with character hole cen- 
ters. Compare ADVANCE FEED TAPE. 
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center frequency 1. The frequency, in a communi- 
cations receiver, that is midway between the 
lower and upper 3-dB-down amplitude points. 
2. The average frequency of a modulated carrier. 
3. The carrier frequency of a modulated signal, 
whether or not the carrier is suppressed. 
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centering control In an oscilloscope circuit, a po- 
tentiometer used to position the image on the 
screen (particularly in the center). Separate con- 
trols are provided for horizontal and vertical cen- 
tering. 

center loading In an inductively loaded antenna, 
placement of the loading coil(s) at or near a point 
or points midway between the feed point and the 
end(s) of the radiating element. 

center of beam 1. In a directional antenna system, 
the direction, denoted by a straight ray, where 
the signal strength or response is the greatest. 2. 
In a beam of visible light, the geometric center of 
the spot produced when the beam strikes a sur- 
face perpendicular to the beam. 3. In a beam of 
visible light, the axis within the beam where the 
intensity is greatest. 

center of channel The frequency that is midway 
between the lowest and highest frequency compo- 
nents of a communications channel. 

center of radiation The point from which the en- 
ergy radiated by an object appears to arrive. 

center tap A connection made to the centermost 
turn of a coil or to the center-value point of a re- 
sistor, filament, or capacitor pair. 

center-tapped coil See CENTER-TAPPED WIND- 
ING. 

center-tapped filament A tube or lamp filament 
that has a tap at its center. 
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center-tapped inductor An inductor that has a 
tap at half the total number of turns (the physical 
center of the winding). 

center-tapped potentiometer A potentiometer 
that has a tap at half the total resistance of the 
resistance element. 

center-tapped resistor A fixed resistor that has a 
tap at half the total resistance. 

center-tapped transformer A transformer that 
has one or more center-tapped windings. 

center-tapped winding A winding that has a tap 
at half the total number of turns (the physical 
center of the winding). 


center-tapped winding 


center tracking frequency In three-frequency 
alignment (tracking) of a circuit, the frequency 
between the upper and lower frequency limits 
(alignment or tracking points of the circuit). 

center-zero meter A meter that has its zero point 
at the center of the scale (e.g., a dc galvanometer). 

centi- Abbreviation, c. Prefix meaning hun- 
dredth(s) (107). 

centigrade scale See CELSIUS SCALE. 

centimeter Abbreviation, cm. A unit of length 
equal to 10° meter, or 0.3937 inch. 

centimeter-gram-second system Abbreviation, 
cgs. A system of units, now seldom used, in 
which the centimeter is the fundamental unit of 
length, the gram is the fundamental unit of 
mass, and the mean solar second is the funda- 
mental unit of time. Electrical units in the cgs 
system fall into two categories: electrostatic and 
electromagnetic. The names of cgs electrostatic 
units have the prefix stat- (e.g., STATAMPERE, 
STATVOLT, etc.). Cgs electromagnetic units 
have the prefix ab- (e.g., ABAMPERE, ABVOLT, 
etc.). 

centimetric waves See MICROWAVES. 

centipoise A cgs measure of the dynamic viscosity 
of liquids. Equal to 10? poise. 

central office In telephone systems, a switching 
network at which numerous circuits or sub- 
scriber lines converge. 

central processing unit Abbreviation, CPU. In a dig- 
ital computer, the section containing the arithmetic 
and logic unit (ALU), control circuits, and internal 
memory circuits. Also called central processor. 

Central Radio Propagation Laboratory A gov- 
ernment laboratory that studies radio propaga- 
tion and collects, correlates, and analyzes data 
for predicting propagation conditions. The orga- 
nization also studies methods of measuring 
propagation. 
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centrifugation potential An electric potential that 
occurs in a colloidal solution when the solution is 
centrifuged. 

centrifugal switch A switch actuated by rotational 
motion (e.g., the automatic disconnection switch 
in a capacitor motor). 

centripetal force The force that draws the mass of 
a rotating body toward the axis of rotation. 

ceramal See CERMET. 

ceramet seal See CERAMIC-TO-METAL SEAL. 

ceramic-based microcircuit A tiny circuit printed 
or deposited on a ceramic substrate. 

ceramic capacitor A component made with sheets 
of metal stacked alternately with wafers of ce- 
ramic. This material, like mica, has low loss, and 
therefore allows for high efficiency. For low val- 
ues of capacitance, only one layer of ceramic is 
needed, and two metal plates can be glued to a 
disk of porcelain, one on each side. Alternatively, 
a tube or cylinder of ceramic can be employed, 
and metal ink applied to the inside and outside of 
the tube. These capacitors have values ranging 
from a few picofarads to about 0.5 uF. Their volt- 
age ratings are comparable to those of paper ca- 
pacitors. Compare ELECTROLYTIC CAPACITOR, 
MICA CAPACITOR, PAPER CAPACITOR, PLAS- 
TIC-FILM CAPACITOR, TANTALUM CAPACITOR. 

ceramic dielectric 1. A ceramic used as a dielec- 
tric in capacitors. Examples: barium titanate, 
barium strontium titanate, and titanium dioxide. 
Ceramic dielectrics provide high dielectric con- 
stant. 2. A ceramic used as an insulator. Exam- 
ples: isolantite, porcelain, and steatite. 

ceramic filter A resonant filter similar to a crystal 
filter, but using a piezoelectric ceramic material. 

ceramic magnet A permanent magnet made of a 
magnetic ceramic material, such as mixtures of 
barium oxide and iron oxide. 

ceramic microphone A microphone that uses a 
CERAMIC PIEZOELEMENT to convert sound 
waves into electrical impulses. 

ceramic piezoelement A component that uses a 
piezoelectric ceramic material. Examples: ceramic 
filter, ceramic microphone, ceramic phono pickup, 
ceramic transducer, and electrostrictive trans- 
ducer. Also called PIEZOELECTRIC CERAMIC. 

ceramic resistor A carborundum resistor whose 
value is voltage-dependent. It usually displays a 
negative temperature coefficient of resistance 
(but a positive coefficient is available) and a neg- 
ative voltage coefficient of resistance. 

ceramics 1. Clay-based materials used as di- 
electrics and insulators in electronics. Examples: 
barium titanate, titanium dioxide, porcelain, 
isolantite, and steatite. 2. The science and art of 
using and developing ceramics. 

ceramic-to-metal seal A bond in which ceramic 
and metal bodies are joined, for example, the 
bonding of a metal lead to a ceramic disk, 
through which it passes to provide a leak-proof 
seal. Also called ceramet seal. 
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ceramic transducer A transducer that uses a CE- 
RAMIC PIEZOELEMENT to translate such pa- 
rameters as pressure and vibration into electrical 
pulses. 

ceramic tube A high-temperature vacuum tube 
that uses a ceramic material, instead of glass, as 
the envelope; the tube offers low losses at high 
frequencies. 

Cerenkov radiation Light emanating from a trans- 
parent material that is traversed by charged par- 
ticles, whose speed is higher than the speed of 
light through the material. 
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Cerenkov rebatron device An apparatus for gen- 
erating radio-frequency energy by passing an 
electron beam through a piece of dielectric having 
a small aperture. 

ceresin wax A yellow or white wax obtained by re- 
fining ozocerite. Used as an insulant and sealant 
against moisture. Dielectric constant, 2.5 to 2.6. 

cerium Symbol, Ce. A metallic element of the rare- 
earth group. Atomic number, 58. Atomic weight, 
140.13. 

cerium metals A group of metals belonging to 
the rare-earth group: cerium, lanthanum, 
neodymium, praseodymium, promethium, and 
samarium. 

cermet An alloy of a ceramic, such as titanium 
carbide, and nickel, a metal. A thin film of cermet 
is used as a resistive element in some microcir- 
cuits. Cermet is an acronym for ceramic metal. 

certified tape A magnetic recording tape that has 
been thoroughly checked and found to have no 
flaws. 

cesium Symbol, Cs. A metallic element of the al- 
kali-metal group. Atomic number, 55. Atomic 
weight, 132.91. The oscillations of this element's 
atoms have been used as atomic time standards. 
The element is used in some phototubes as the 
light-sensitive material, and in some arc lamps. 

cesium-vapor lamp A low-voltage arc lamp used 
as an infrared source. 
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Cf Symbol for CALIFORNIUM. 

cgs Abbreviation of CENTIMETER-GRAM-SECOND. 

chad The punched-out particle(s) constituting re- 
fuse from paper-tape punching. 

chadded tape Punched paper tape in which the 
chad is left partially attached to the tape's 
punched holes. 

chadless tape Punched paper tape without CHAD. 

chafe 1. An area that has been abraded by rubbing 
or scraping. 2. To produce a chafe. 

chaff Strips of metal foil used to create radar inter- 
ference or ambiguity in locating a target by multi- 
ple reflections of the beam. Also called MIRROR. 

chain broadcasting Simultaneous transmissions 
from a number of broadcast transmitters con- 
nected together in a network by wire line, coaxial 
cable, or microwave link. 

chain calculation As performed by a calculator, a 
calculation that can be entered as it would nor- 
mally be written (i.e., without the need for re- 
grouping operands). 

chain printer In the readout channel of a digital 
computer, a high-speed printer carrying printer’s 
type on a revolving chain. 

chain radar system A number of radar stations 
along a missile-flight path that are connected in a 
communications or control network. 

chain reaction A reaction (as in nuclear fission) 
that is self-sustaining or self-repeating. Unless 
controlled from outside, such a reaction runs to 
destruction. 

chain switch A switch that is actuated by pulling a 
light metal chain. Successive pulls turn the 
switch alternatively on and off. 
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change dump In computer operation (especially in 
debugging), the display of the names of locations 
that have changed following a specific event. 

change file See TRANSACTION FILE. 

change of control In a sequence of computer 
records being processed, a logical break that ini- 
tiates a predetermined action, after which pro- 
cessing continues. 

changer Ina high-fidelity disk player, a device that 
allows several disks to be played, one after the 
other, without the need for manually exchanging 
the disks. 

change record A computer record that changes in- 
formation in a related master record. Also called 
transaction record. 
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change tape See TRANSACTION TAPE. 

channel 1. A frequency (or band of frequencies) as- 
signed to a radio or television station. 2. See KEY- 
WAY. 3. A subcircuit in a large system [e.g., the 
radio-frequency (RF) channel of a receiver, the 
vertical-amplifier channel of an oscilloscope, or the 
modulator channel of a radio transmitter]. 4. The 
end-to-end electrical path through the semicon- 
ductor body in a field-effect transistor. 5. One of 
the independent audio circuits in a stereo sound 
system (e.g., the left channel or the right channel). 

channel analyzer A (usually multiband) continu- 
ously tunable instrument, similar to a tuned ra- 
dio receiver, used in troubleshooting radio 
communications circuits by substituting a per- 
fect channel for one that is out of order. 

channel balance The state in which the apparent 
amplitude of two or more channels is identical. 

channel bank Ina transmission system, the termi- 
nal equipment used for the purpose of multiplex- 
ing the individual channels. 

channel capacity The fullest extent to which a 
channel can accommodate the information (fre- 
quencies, bits, words, etc.) to be passed through it. 

channel designator A name, number, or abbrevia- 
tion given to a channel in a communications sys- 
tem. 

channel effect The possible current flow through a 
high impedance between the collector and emitter 
in a bipolar transistor. 

channel frequency The CENTER FREQUENCY of 
a communications channel. 

channeling Multiplex transmission in which sepa- 
rate carriers within a sufficiently wide frequency 
band are used for simultaneous transmission. 

channelizing The subdivision of a relatively wide 
frequency band into a number of separate sub- 
bands. 

channel reliability 1. The proportion of time, usu- 
ally expressed as a percentage, that a communica- 
tions channel is useful for its intended purpose. 
2. The relative ease with which communications 
can be carried out over a particular channel. 

channel reversal In stereo reproduction, inter- 
changing the left and right channels. 

channel-reversing switch In a stereo system, a 
switch that allows channel reversal without the 
need for reorienting speaker cables or connectors. 

channel sampling rate The rate at which individ- 
ual channels are sampled. For example, in the 
electronic switching of an oscilloscope, the num- 
ber of times per second each input-signal chan- 
nel is switched to the instrument. 

channel selector A switch or relay used to put any 
of a series of channels into functional status in a 
system. 

channel separation 1. The spacing between com- 
munications channels, expressed in kilohertz. 2. 
In stereo reproduction, the degree to which the 
information on one channel is separate from the 
other; usually expressed in decibels. 
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channel slot On a carrier modulated by numerous 
signals, the position or frequency of a specific 
modulating signal. 

channel shift The interchange of communications 
channels (e.g., the shift from a calling frequency 
to a working frequency). 

channel strip A fixed-channel amplifier for a tele- 
vision receiver. 

channel time slot In a frame of transmitted infor- 
mation, such as a television picture, a time inter- 
val designated to a channel for the transmission 
of a character signal or other information. 

channel-to-channel connection A device, such as 
a Channel adapter, used to transfer data rapidly 
between any two channels of two digital comput- 
ers, at the data speed of the slower channel. 

channel-utilization index An indication of the ex- 
tent to which channel capacity is used. For a 
given channel, the index is the ratio of informa- 
tion rate to channel capacity, each expressed in 
units per second. 

channel wave An acoustic wave that travels 
within a region or layer of a substance because of 
a physical difference between that layer and the 
surrounding material. An example of a channel 
wave is the propagation of sound over a still lake. 

channel width In a frequency channel, the differ- 
ence f2 — fi, where fi is the lower-frequency limit 
and fz is the upper-frequency limit of the channel. 

chapter A self-contained computer program section. 

character 1. One of the symbols in a code. 2. In 
computer operations, a digit, letter, or symbol 
used alone or in some combination to express in- 
formation, data, or instructions. 

character code In a communications or computer 
system, the combination of elements (e.g., bits) 
representing characters. 

character crowding A reduction of the time inter- 
val between successive characters—especially 
those read from tape. 

character density The number of characters that 
can be stored in a given length or surface area of 
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a medium. On a magnetic tape, it might be spec- 
ified in characters per millimeter; on a magnetic 
disk, it might be specified in characters per 
square millimeter. 

character emitter A coded-pulse generator in a 
digital computer. 

character generator A device that converts coded 
information into readable alphanumeric charac- 
ters. 

characteristic 1. A quantity that characterizes 
(typifies) the operation of a device or circuit. Ex- 
amples are emitter current, output power, and 
frequency deviation. 2. In floating point notation, 
the exponent. 

characteristic curve A curve showing the relation- 
ship between an independent variable and a de- 
pendent variable, with respect to the parameter(s) 
for a device or circuit. Example: the collector volt- 
age-collector current characteristic curve of a 
transistor. 

characteristic distortion 1. In a digital signal, 
pulse distortion caused by the effects of the pre- 
vious pulse or pulses. 2. Distortion in the charac- 
teristic curve of a component or device. 

characteristic frequency The frequency peculiar 
to a given channel, service, or response. 

characteristic impedance Symbol, Z. 1. Theo- 
retically, the impedance that would be simulated 
by a given two-conductor or coaxial line of uni- 
form construction, if that line were of infinite 
length. This value is determined by the materials 
used for the two conductors, the dielectric used 
to insulate the two conductors, the diameters of 
the conductors, and the spacing between them. 
2. In practice, for a transmission line or wave- 
guide terminated with a load that produces no 
standing waves on the line, the ratio of radio-fre- 
quency (RF) voltage to RF current. This ratio is 
the same at all points along the length of a per- 
fectly matched line, and depends on the physical 
construction of the line. Coaxial lines typically 
have Z between 50 and 100 ohms. Twinlead is 
available with 75-ohm and 300-ohm Z values. 
Open-wire line has Z between 300 and 600 
ohms, depending on the spacing between the 
conductors, and also on the type of dielectric (in- 
sulating material) employed to keep the spacing 
constant between the conductors. 3. Experimen- 
tally, the value of impedance that, if it terminates 
a transmission line or waveguide, results in no 
reflected power from the load end of line. This is 
always a pure resistance; that is, it contains no 
reactance. 

characteristic overflow In floating-point arith- 
metic, the condition that occurs when a charac- 
teristic exceeds the upper limit specified by a 
program or computer. 

characteristic spread The range of values over 
which a characteristic extends. For example, if an 
amplifier’s output ranges from 15 W to 25 W, its 
characteristic spread is 10 W. 
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characteristic underflow In floating-point arith- 
metic, the condition that occurs when a charac- 
teristic exceeds the lower limit specified by a 
program or computer. 

character modifier In address modification, a 
constant (compare VARIABLE) that refers to a 
specific character's location in memory. 

character-oriented A computer in which charac- 
ter locations, rather than words, can be ad- 
dressed. 

character printer A computer output device that 
prints matter in the manner of a conventional 
typewriter. 

character reader Also called an optical scanner. In 
a digital computer, an input device that can read 
printing and script directly. 

character recognition The reading of a written or 
printed character by a computer, including its 
identification and encoding. 

character sensing The detection of characters by 
a computer input device. This can be done gal- 
vanically, electrostatically, magnetically, or opti- 
cally. 

character set The set of characters in a complete 
language, or in a communications system. 

character signal The set of elements or bits repre- 
senting a character in a digital transmission sys- 
tem. The signal can also represent the quantizing 
value of a sample. 

characters per minute An expression of the speed 
of transmission of a digital signal. The number of 
characters (on average) transmitted in a period of 
one minute. In Morse code (CW) transmission, 
this is generally taken as the number of times the 
word paris plus the subsequent space, multiplied 
by six (five letters and one space following), can 
be sent in one minute. 

characters per second An expression of the speed 
of transmission of a digital signal. The number of 
characters (on average) transmitted in a period of 
one second. 

character string A one-dimensional character ar- 
ray [i.e., a list of characters that, when printed or 
displayed, would appear in a row or column, but 
not both (as in a matrix)]. 

character subset A classification of characters 
within a set. 

Charactron A cathode-ray readout tube that dis- 
plays letters, numbers, and symbols on its 
screen. More commonly called a monitor. 

charcoal tube In a system for producing a high 
vacuum, a trap containing activated charcoal, 
which is heated to dull red, then cooled by liquid 
air to absorb gases. 

charge 1. A quantity of electricity associated with a 
space, particle, or body. 2. To electrify a space, 
particle, or body (i.e., to give an electric charge). 
3. To store electricity, as in a storage battery or 
capacitor. Compare DISCHARGE. 

charge carrier 1.An ELECTRON whose movement 
constitutes a flow of electric current. 2. An elec- 
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tron deficiency (HOLE) whose movement consti- 
tutes a flow of electric current. 3. Any particle, 
such as a charged atom (ION), PROTON, ALPHA 
PARTICLE, or BETA PARTICLE, whose movement 
constitutes a flow of electric current. 

charge-coupled device Abbreviation, CCD. A 
form of analog-to-digital converter that generates 
a digital signal output representing an analog 
image input. The transfer of stored charges pro- 
vides the method of operation. Used in machine 
vision systems and in numerous scientific appli- 
cations. 

charge density The degree of charge or current- 
carrier concentration in a region. 

charged particle 1. See CHARGE CARRIER. 2. See 
ION. 

charged voltage 1. The voltage across a fully 
charged capacitor. 2. The terminal voltage of a 
fully charged storage cell. 

charge holding See CHARGE RETENTION. 

charge of electron The negative electric charge 
carried by a single electron. Approximately equal 
to 1.602 x 1071? coulombs. 

charger 1. See BATTERY CHARGER. 2. Any device 
or circuit that charges a capacitor. 

charge retention 1. The holding of an electric 
charge by a cell or battery when no current is be- 
ing drawn from it. 2. A measure of the ability of a 
cell or battery to maintain an electric charge 
when no current is drawn from it. Often specified 
in terms of shelf life. 3. The holding of a charge by 
a Capacitor. 

charge-storage tube A cathode-ray tube that holds 
a display of information on its screen until the op- 
erator removes it by pressing an erase button. 

charge-to-mass The ratio of the electric charge to 
the mass of a subatomic particle. 

charge-to-mass ratio of electron The ratio of the 
charge (e) of the electron to the mass (m,) of the 
electron, in coulombs per kilogram (C/kg). For an 
electron at rest, e/m, is approximately equal to 
1.602 x 10719 C divided by 9.11 x 103! kg = 1.76 
x 101! C/kg. 

charge transfer 1. The switching of an electric 
charge from one capacitor to another. 2. The cap- 
ture of an electron by a positive ion from a neutral 
atom of the same kind, resulting in the ion be- 
coming a neutral atom, and the previously neu- 
tral atom becoming a positive ion. 

charge transfer device A semiconductor in which 
an electric charge is moved from location to loca- 
tion. Applications include delay lines, video signal 
processing, and signal storage. 

charging 1. The process of storing electrical energy 
in a capacitor. 2. The process of storing electro- 
chemical energy in a storage cell or battery. 

charging current 1. The current flowing into a ca- 
pacitor. 2. The current flowing into a previously 
discharged storage cell. 

charging rate 1. The rate at which charging cur- 
rent flows into a storage cell or battery, expressed 
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in amperes or milliamperes. For most cells and 
batteries, the rate is greatest initially, when the 
cell or battery is depleted or nearly depleted; the 
rate decreases as the cell or battery becomes 
charged. 2. The instantaneous rate at which 
charging current flows into a capacitor or capaci- 
tance-resistance circuit, expressed in amperes, 
milliamperes, or microamperes. 

charged voltage 1. The voltage across a fully 
charged capacitor. 2. The terminal voltage of a 
fully charged storage cell. 

Charlie Phonetic alphabet code word for the letter C. 

chassis A (usually metal) foundation on which 
components are mounted and wired. 

chassis ground A ground connection made to the 
metal chassis on which the components of a cir- 
cuit are mounted. When several ground connec- 
tions are made to a single point on the chassis, a 
COMMON GROUND results. 

chatter 1. A rapidly repetitive signal, caused by in- 
terruption or variation of a current (usually inter- 
ference). 2. Extraneous vibration, as of the 
armature in a relay. 

chatter time The interval between the instant that 
contacts close (for example, in a relay) and the in- 
stant at which chatter ends. 

cheater cord An extension cord used to conduct 
power to a piece of equipment (especially a televi- 
sion receiver) by temporarily bypassing the safety 
switch or interlock. Use of such a cord presents a 
potentially fatal shock hazard to personnel using, 
or working on, the equipment. 

Chebyshev filter Also spelled Tschebyscheff or 
Tschebysheff. A form of inductance-capacitance 
(LC) lowpass, highpass, bandpass, or band- 
rejection filter, characterized by an attenuation- 
versus-frequency curve with ripple in the 
passband. 

check 1. A test generally made to verify condition, 
performance, state, or calculations; specifically, in 
computer operations, it applies to operands or re- 
sults. 2. The usually abrupt halting of an action. 

check bit A binary CHECK DIGIT. 

check character In a group of characters, one 
whose value depends on the other characters, 
which it checks when the group is stored or 
transferred. 

check digit Also called check number. In computer 
operations, a number added to a group of digits, 
forming a code that identifies entities in the sys- 
tem (including personnel) and can be used for 
verification. The check digit is the remainder 
when the number code (for example, 459) is di- 
vided by a fixed number (for example, 5); in this 
case, the check digit (the remainder of 459/5) is 
4, and the amended code number is 4594. 

check indicator An indication, made via a video 
display, that something has been shown to be in- 
valid according to a check. 

checking program Also called checking routine. 
For debugging purposes, a diagnostic computer 
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program capable of detecting errors in another 
program. 

checkout A test routine that ascertains whether or 
not a circuit or system is functioning according to 
specifications. 

checkout routine A routine used by programmers 
to debug programs. 

checkpoint A point in a digital-computer program 
at which sufficient information has been stored to 
allow restarting the computation from that point. 

checkpoint dump The process of recording details 
of a computer program run. This process might 
be necessary in the event of a system failure that 
requires reconstruction of a program or pro- 
grams. 

checkpointing The writing of a computer program 
in such a manner that, during a program run, in- 
formation is frequently dumped as insurance 
against possible loss in the event of a system fail- 
ure. 

check problem A presolved problem used to check 
the operation of a digital computer or program. 

check register In some digital computers, a regis- 
ter in which transferred information is stored so 
that it can be checked against the same informa- 
tion as it is received a second time. 

check routine A special program designed to as- 
certain if a program or computer is operating cor- 
rectly. Also see CHECK PROBLEM. 

checksum Used as part of a summation check, a 
sum derived from the digits of a number. For ex- 
ample, the checksum of 23,335 is 16. Also called 
HASH TOTAL. 

check symbol For a specific data item, a digit or 
digits obtained by performing an arithmetic 
check on the item, which it then accompanies 
through processing stages for the purpose of 
checking it. 

check total See CONTROL TOTAL. 

check word A check symbol in the form of a word 
added to, and containing data from, a block of 
records. 

chelate Pertaining to cyclic molecular structure in 
which several atoms in a ring hold a central 
metallic ion in a COORDINATION COMPLEX. 

chemical deposition The coating of a surface with 
a substance resulting from chemical reduction of 
a solution. In mirror making, for example, 
formaldehyde reduces a solution of silver nitrate, 
and deposits metallic silver on the surface of pol- 
ished glass. Also see CHEMICALLY DEPOSITED 
PRINTED CIRCUIT and CHEMICAL REDUCTION. 

chemical detector See ELECTROLYTIC DETEC- 
TOR. 

chemical effect An alteration in the chemical 
makeup of a substance or solution, resulting 
from the passage of an electric current through it. 
Examples include electrolysis, electroplating, and 
the reduction of ores. 

chemical energy Energy that is stored in the 
chemical bonds of a material or solution. An ex- 


ÓN 
Aly 


ample is the stored energy in terms of watt hours 
in an electrolytic cell. 

chemical load An arrangement of a chemical ma- 
terial or device for the passage of electricity 
through it. Examples: electroplater, electrolytic 
cell for the production of hydrogen gas, and stor- 
age battery. 

chemically deposited printed circuit A printed 
circuit in which the pattern of metal lines and ar- 
eas are chemically deposited on a substrate. 

chemically pure Abbreviation, CP. Free from im- 
purities. 

chemical rectifier See ELECTROLYTIC CELL. 

chemical reduction The process of making a 
chemical compound (usually in solution) into a 
metal, by removing the nonmetallic component 
from the compound. For example, when copper 
oxide is heated in the presence of hydrogen (a re- 
ducting agent), the oxygen (the nonmetallic com- 
ponent) is driven out, and copper (along with 
some water) remains. 

chemical resistor See ELECTROLYTIC RESIS- 
TOR. 

chemical 
SWITCH. 

CHIL Abbreviation for current-hogging injection 
logic. A form of bipolar digital logic technology. 

chip 1. An INTEGRATED CIRCUIT. 2. A small slab, 
wafer, or die of dielectric or semiconductor mate- 
rial, on which a subminiature component or cir- 
cuit is formed or deposited. 

chip capacitor A subminiature capacitor formed 
on a chip. 

chip resistor A subminiature resistor formed on a 
chip. 

chip tray A chad receptacle located at a card or pa- 
per tape punching site. 

Chireix-Mesny antenna A high-frequency (HF) 
beam antenna, in which each dipole section con- 
stitutes one side of a diamond. Cophased hori- 
zontal and vertical components of current flow in 
each of the diagonals, and radiation is broadside 
to the plane of the driven element. 


switch See ELECTROCHEMICAL 
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chirp A rapid change in the frequency of a contin- 
uous-wave Morse-code signal. The chirp usually 
occurs at the beginning of each dot or dash, and 
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can go up or down in frequency. Chirp occurs be- 
cause of a change in the output impedance of an 
oscillator as it is keyed. Modern code transmitters 
do not exhibit significant chirp. 

chirp modulation A form of modulation in which 
the frequency of a signal is deliberately changed 
in a systematic way. Used in some radar systems. 

chirp radar A radar system that uses CHIRP MOD- 
ULATION. 

Chladni's plates Conducting plates that are used 
to evaluate the nature of a vibration in a solid ma- 
terial. The plates are clamped to the material, and 
sand is sprinkled on the surface. This produces 
patterns that indicate the nature of the vibra- 
tions. 

chlorinated diphenyl A synthetic organic sub- 
stance used as an impregnant in some oil-filled 
capacitors. 

chlorinated naphthalene See HALOWAX. 

chlorine Symbol, Cl. A gaseous element of the 
halogen family. Atomic number, 17. Atomic 
weight, 35.453. 

choke 1. To restrict or curtail passage of a particu- 
lar current or frequency by means of a discrete 
component, such as a choke coil. 2. See CHOKE 
COIL. 

choke air gap A fractional-inch opening in the iron 
core of a filter choke, usually filled with wood or 
plastic. The gap prevents saturation of the core 
when the choke coil carries maximum rated di- 
rect current. 

choke coil 1. A large-value inductor that provides 
a high impedance to alternating current (ac), 
while offering virtually no opposition to direct 
current (dc). 2. In radio-frequency (RF) applica- 
tions, an inductor that provides a high 
impedance to RF signals while showing low 
impedance for audio-frequency (AF) signals and 
direct currents (dc). 

choke-coupled modulation An amplitude- 
modulation (AM) scheme, in which the modulator 
is coupled to the radio-frequency (RF) amplifier 
through a shared iron-core choke coil. 

choke flange At the end of a waveguide, a flange in 
which a groove forms a CHOKE JOINT. 

choke-input filter A filter whose input component 
is an inductor (choke). The choke-input power- 
supply filter is distinguished by its superior 
voltage regulation, compared with the 
CAPACITOR-INPUT FILTER. 

choke joint A joint connecting two waveguide sec- 
tions and permitting efficient energy transfer 
without requiring electrical contact with the in- 
side wall of the waveguide. 

chopped dc See INTERRUPTED DC. 

chopped mode In a single-gun cathode-ray-tube 
(CRT) oscilloscope, a technique for sequentially 
displaying several signals that are not referenced 
to the oscilloscope sweep. 

chopped signal An ac or dc signal that is periodi- 
cally interrupted, as by means of a CHOPPER. 
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chopper A device or circuit that interrupts a direct 
current (dc) at some predetermined rate. Ideally, 
such a device is characterized by distinct on and 
off operation. 

chopper amplifier A circuit that amplifies the out- 
put of a CHOPPER. Used in conjunction with a 
CHOPPER CONVERTER in dc amplification. 

chopper converter A device that interrupts a di- 
rect current (dc), and changes it to a pulsating, 
rectangular-wave current or voltage that can be 
handled by a stable ac amplifier and rectified to 
supply amplified dc. 

chopper power supply Also called power inverter. 
A circuit that delivers high-voltage ac from a dc 
source. The input is typically 12 volts dc, and the 
output is usually 117 volts rms ac. These devices 
facilitate the use of small appliances such as 
computers, television sets, and communications 
radios in portable and mobile environments. The 
output of a low-cost power inverter is generally 
not a good sine wave. More sophisticated invert- 
ers produce good sine waves and have a fre- 
quency close to 60 Hz. 
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chopper stabilization 1. Stabilization of direct- 
current (dc) amplification by using a CHOPPER 
CONVERTER ahead of a stable ac amplifier, and 
rectifying the amplifier output. 2. In a regulated 
power supply, use of a CHOPPER AMPLIFIER at 
the control-circuit input to improve regulation. 

chopper-stabilized amplifier See CHOPPER AMP- 
LIFIER and CHOPPER STABILIZATION, 1. 

chopper transistor A transistor that provides 
rapid and repeated on/off switching of direct cur- 
rent (dc), in the manner of an electromechanical 
interrupter. See CHOPPER. 

chopping frequency The frequency at which a 
chopper interrupts a signal. 

chord 1. A harmonious mixture of musical tones of 
various frequencies. 2. A straight line that joins 
two points on a curve (such as an arc of a circle). 
3. The width of an airfoil. 

chord organ An electronic organ that will sound a 
musical chord when a key is pressed (see 
CHORD, 1). 

choreographer program A computer program 
similar to one originally written by Charles Lecht 
of Lecht Sciences, Inc. The computer operator 
gives commands that cause a human form, por- 
trayed on the display screen, to make various 
movements. Used in animated computer graph- 
ics. 

chorus Signals at very low radio frequencies 
(VLF), natural in origin, that sweep upward in 
frequency. Believed to result from lightning- 
generated electromagnetic fields that circulate in 
the magnetosphere (earth’s magnetic field). The 
term is derived from the sound the signals make 
in high-gain audio-frequency (AF) amplifiers con- 
nected directly to VLF receiving antennas. 

Christiansen antenna A radio-telescope antenna 
for obtaining high resolution. Two straight arrays 
are placed at an angle, intersecting approxi- 
mately at their centers. The resulting interference 
pattern has extremely narrow lobes. 

Christmas tree A tree-like pattern on the screen of 
a television receiver, caused by loss of horizontal 
synchronization. 

chroma The quality of a color: hue and saturation. 

chroma circuit In color television, one of several 
circuits whose ultimate purpose is to produce a 
color component on the screen. 

chroma-clear raster In color television reception, 
the clear raster resulting from a white video sig- 
nal, or from operation of the chroma circuits of 
the receiver (as if they were receiving a white 
transmission). Also called white raster. 

chroma control In a color television receiver, a 
rheostat or potentiometer that permits adjust- 
ment of color saturation through variation of the 
chrominance-signal amplitude before demodula- 
tion. 

chromatic fidelity See COLOR FIDELITY. 

chromaticity 1. The state of being chromatic (see 
CHROMA). 2. A quantitative assessment of a 


color in terms of dominant or complementary 
wavelength and purity. 

chromaticity coordinate For a color sample, the 
ratio of any one of the three tristimulus values 
(primary colors) to the sum of the three. 

chromaticity diagram A rectangular-coordinate 
graph in which one of the three CHROMATICITY 
COORDINATES of a three-color system is plotted 
against another coordinate. 

chromaticity flicker Flicker caused entirely by 
chromaticity fluctuation (see CHROMATICITY, 2). 

chromel A nickel-chromium alloy with some iron 
content, used in thermocouples. 

chromel-alumel junction A thermocouple that 
uses wires of the alloys chromel and alumel. 

chromel-constantan thermocouple A thermo- 
couple consisting of a junction between wires or 
strips of chromel and constantan. Typical output 
is 6.3 mV at 100°C. 

chrome plating The process of coating a metal 
with chromium. Generally protects against corro- 
sion. 

chrome recording tape Also called chrome tape or 
chromium tape. Tape that is manufactured from 
the compound chromium dioxide. Noted for its 
ability to faithfully record and reproduce music. 

chrominance In color television, the difference be- 
tween a reproduced color and a standard refer- 
ence color of the same luminous intensity. 

chrominance amplifier In a color television cir- 
cuit, the amplifier separating the chrominance 
signal from the total video signal. 

chrominance cancellation On a black-and-white 
picture tube screen, cancellation of the fluctua- 
tions in brightness caused by a chrominance sig- 
nal. 

chrominance-carrier reference In color televi- 
sion, a continuous signal at the frequency of the 
chrominance subcarrier; it is in fixed phase 
with the color burst and provides modulation 
or demodulation phase reference for carrier- 
chrominance signals. 

chrominance channel In color television, a circuit 
devoted exclusively to the color function, as op- 
posed to audio and general control channels. 

chrominance component In the NTSC color tele- 
vision systems, either of the components (I-signal 
or Q-signal) of the complete chrominance signal. 

chrominance demodulator In a color television 
receiver, a demodulator that extracts video- 
frequency chrominance components from the 
chrominance signal, and a sine wave from the 
chrominance subcarrier oscillator. 

chrominance gain control A rheostat or poten- 
tiometer in the red, green, and blue matrix chan- 
nels of a color television receiver, used to adjust 
the primary-signal amplitudes. 

chrominance modulator In a color television 
transmitter, a device that generates the chromi- 
nance signal from the I and Q components and 
the chrominance subcarrier. 
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chrominance primary One of the transmission 
primaries (red, green, and blue) upon which the 
chrominance of a color depends. 

chrominance signal The signal component in 
color television that represents the hues and sat- 
uration levels of the colors in the picture. 

chrominance subcarrier In color television, the 
3579.545-kHz signal that serves as a carrier for 
the I- and Q-signals. 

chrominance-subcarrier oscillator In a color tele- 
vision receiver, a crystal-controlled oscillator that 
generates the subcarrier signal (see CHROMI- 
NANCE SUBCARRIER). 

chrominance video signals Output signals from 
the red, green, and blue channels of a color tele- 
vision camera or receiver matrix. 

chromium Symbol, Cr. A metallic element. Atomic 
number, 24. Atomic weight, 51.996. Commonly 
used as a plating for metals to improve resistance 
to corrosion. 

chronistor An elapsed-time indicator in which 
current, flowing during a given time interval, 
electroplates an electrode. The duration of the 
interval is determined from the amount of de- 
posit. 

chronograph 1. An instrument that provides an 
accurate time base along the horizontal axis of its 
permanent record. 2. Stopwatch. 

chronometer A precision clock. Electronic chron- 
ometers often use a highly accurate and stable 
crystal oscillator, followed by a string of multivi- 
brators to reduce the crystal frequency to an au- 
dio frequency (such as 1 kHz) that drives the 
clock motor. 

chronoscope An instrument for precisely measur- 
ing small time intervals. 

CHU Call letters of the Canadian time-signal sta- 
tion whose primary frequency is 7.335 MHz. 

Ci Symbol for INPUT CAPACITANCE. 

CIE Abbreviation for International Commission on 
Illumination. 

cinching In a reel of magnetic tape, the slipping of 
tape as force is applied. 

cinematograph See KINEMATOGRAPH. 

cipher A code used for the purpose of preventing 
interception of a message by third parties. 

circ 1. Abbreviation of circuit. 2. Abbreviation of 
circular. 

circle graph Also called a pie graph. A represen- 
tational device consisting of a disk subdivided 
into various triangular areas (radiating from the 
center of the circle), which are proportional to 
represented quantities. 

circle of confusion A circular image of a point 
source of light, resulting from an aberration in an 
optical system. 

circle of declination The graduated circular scale 
of a declinometer. 

circlotron amplifier A high-powered microwave 
amplifier of the one-port, cross-field, nonlinear 
type using a magnetron. 
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circuit 1. A closed path through which current 
flows from a generator, through various compo- 
nents, and back to the generator. (An electronic 
circuit is often a combination of interconnected 
subcircuits.) 2. The wiring diagram of an elec- 
tronic device or system. 

circuit analysis The careful determination of the 
nature and behavior of a circuit and its various 
parts. It can be theoretical, practical, or both. 
Compare CIRCUIT SYNTHESIS. 

circuit analyzer See CIRCUIT TESTER. 

circuit board A panel, plate, or card on which elec- 
tronic components are mounted and intercon- 
nected to provide a functional unit. 

circuit breaker A resettable fuse-like device that is 
designed to protect a circuit against overloading. 
In a typical circuit breaker, the winding of an 
electromagnet is connected in series with the load 
circuit and with the switch contact points. Exces- 
sive current through the magnet winding causes 
the switch to be opened. 


Armature 


Load circuit 


Springs in series with coil 
(Mt 
Power supply 
circuit breaker 
circuit capacitance The total capacitance 


(lumped, distributed, and stray) present in a cir- 
cuit. 

circuit capacity 1. The ability of a circuit to han- 
dle a quantity (such as current, voltage, fre- 
quency, power, etc.) safely and efficiently. 2. The 
maximum value of some parameter at which a 
circuit can function safely and efficiently (e.g., a 
circuit capacity of 50 A). 3. The number of chan- 
nels that can be accommodated simultaneously 
by a circuit. 

circuit component 1. Any of the electronic devices 
or parts (capacitors, resistors, transistors, etc.) 
that are connected through wiring to form a cir- 
cuit. 2. An electrical quantity required for, or 
arising from, circuit operation. Examples: input 
voltage, feedback current, stray capacitance, and 
circuit noise. 

circuit diagram A drawing in which symbols and 
lines represent the components and wiring of 
an electronic circuit. Also called CIRCUIT 
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SCHEMATIC, SCHEMATIC DIAGRAM, 
WIRING DIAGRAM. 

circuit dropout A momentary interruption of cir- 
cuit operation, often caused by a break in the cir- 
cuit. 

circuit efficiency A quantitative measure of the 
effectiveness of circuit operation, customarily ex- 
pressed as the ratio of the useful output power to 
the total input power. 

circuit element See CIRCUIT COMPONENT, 1. 

circuit engineer An electronics engineer who spe- 
cializes in circuit analysis, circuit synthesis, or 
both. 

circuit fault 1. Malfunction ofa circuit. 2. An error 
in circuit wiring. 

circuit hole A perforation within the conductive 
area of a printed-circuit board, for the insertion 
and connection of a pigtail, terminal, etc., or for 
connecting the conductors on one side of the 
board with those on the other. 

circuit loading Intentionally or unintentionally 
drawing power from a circuit. 

circuit noise 1. Electrical noise generated by a cir- 
cuit in the absence of an applied signal. 2. In wire 
telephony, electrical noise as opposed to acoustic 
noise. 

circuit noise level The ratio of circuit-noise ampli- 
tude to reference-noise amplitude, expressed in 
decibels above the reference amplitude. 

circuit-noise meter A meter that measures the in- 
tensity of the noise generated within a circuit. 

circuit parameter See CIRCUIT COMPONENT, 2. 

circuit protection Automatic safeguarding of a 
circuit from damage from overload, excessive 
drive, heat, vibration, etc. Protection is afforded 
by various devices and subcircuits, ranging from 
the common fuse to sophisticated limiters and 
breakers. 

circuit reliability A quantitative indication of the 
ability of a circuit to provide dependable opera- 
tion as specified. See MEAN TIME BEFORE FAIL- 
URE and MEAN TIME BETWEEN FAILURES. 

circuitry 1. Collectively, electronic and electrical 
circuits. 2. A detailed plan of a circuit and its 
subcircuits. 3. Collectively, the components of a 
circuit. 

circuit schematic See CIRCUIT DIAGRAM. 

circuit simplification 1. In circuit analysis, the 
reduction of a complex circuit to its simplest rep- 
resentation to minimize labor and to promote 
clarity. Thus, through application of Kirchhoffs 
laws, a complicated circuit could theoretically be 
reduced to a single generator in series with a sin- 
gle impedance. 2. In circuit synthesis, the ar- 
rangement of a circuit so as to provide desired 
performance with the fewest components and 
least-complex wiring. 

circuit switching In telephony, a method of con- 
nection in which a single circuit is maintained be- 
tween two subscribers for the entire duration of 
the call. The signal path does not change. The 
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connection is maintained even during periods of 
silence (no data transmitted by either sub- 
scriber). Compare PACKET SWITCHING. 

circuit synthesis The development of a circuit un- 
der the guidance of theoretical or practical knowl- 


edge of basic electronics principles and 
component parameters. Compare CIRCUIT 
ANALYSIS. 


circuit tester An instrument for checking the per- 
formance of electronic circuits. Often consists of 
a specialized continuity tester, but occasionally it 
includes a dynamic performance tester. 

circuit tracking The alignment and/or pretuning 
of circuits for identical or optimum response. It 
applies especially to cascaded circuits, whose 
variable elements, such as tuned inductance- 
capacitance (LC) networks, must follow each 
other in step when ganged together. 

circular angle The angle described by a radius vec- 
tor as it rotates counterclockwise around a circle. 

circular antenna A half-wave horizontally polar- 
ized antenna, whose driven element is a rigid 
conductor bent into a circle with a break opposite 
the feed point. Also called halo antenna. Used pri- 
marily at very-high frequencies (VHF). 

circular electric wave An electromagnetic wave 
with circular electric lines of flux. An example is 
the field in the immediate vicinity of a CIRCULAR 
ANTENNA. 


Electric lines 
of flux 


Loop 
carrying ac 


circular electric wave 


circular functions Trigonometric functions of the 
angle described by a vector rotating counter- 
clockwise around a circle. Also see COSINE, 
COSECANT, COTANGENT, SECANT, SINE, and 
TANGENT. 

circular magnet See RING MAGNET. 

circular magnetic wave An electromagnetic wave 
in which the magnetic lines of flux are circular. 
An example is the field in the immediate vicinity 
of a straight-conductor antenna. 
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circular mil A unit of cross-sectional area equiva- 
lent to 0.785 millionths of a square inch, or the 
area of a circle having a diameter of 0.001 inch. 
Generally, the circular mil is used to specify the 
cross-sectional area of a conductor, such as wire. 

circular mil foot A unit of volume in which the 
length is 1 foot and the cross-sectional area is 1 
circular mil. 

circular polarization A form of electromagnetic- 
wave polarization in which the orientation of the 
electric flux rotates continuously and uniformly 
as the wave propagates through space. Circular 
polarization can occur in either a clockwise or 
counterclockwise sense. 

circular radian The angle enclosed by two radii of 
a unit circle and subtended by a unit arc. Equal 
to about 57.296 angular degrees. 

circular scan A radar scan in which the electron- 
beam spot describes a circle centered around the 
transmitting antenna. 

circular sweep In an oscilloscope, a sweep ob- 
tained when the horizontal and vertical sinu- 
soidal deflecting voltages have the same 
amplitude and frequency, but are out of phase by 
90 degrees (1/4 cycle). 

circular trace An oscilloscope pattern consisting 
of a circle obtained with a circular sweep of the 
electron beam. 

circular waveguide A waveguide with a circular 
cross section. 

circulating register In a digital computer, a regis- 
ter in which digits are taken from locations at one 
end and returned to those at the other end. 
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circulating tank current The alternating current 
that oscillates between the capacitor and induc- 
tor within a tank circuit. 

circulator A multi-terminal coupler in which mi- 
crowave energy is transmitted in a particular di- 
rection from one terminal to the next. 

circumvention In a security or alarm system, the 
evasion of detection. Can be done by physically 
avoiding regions of coverage, or by defeating the 
system electronically. 

cis A prefix meaning “on this side of.” For example, 
the cislunar field is the field on this side of the 
moon. 

Citizen Band Abbreviation, CB. A band of radio 
frequencies allocated for two-way communication 
between private citizens (apart from amateur and 
commercial services). 

Citizens Radio Service Two-way radio communi- 
cation in a CITIZEN BAND. In the United States, 
the FCC licenses users of this service without re- 
quiring them to take an examination. 

C/kg Abbreviation of coulombs per kilogram, the 
unit for electron charge-to-mass ratio. 

C/kmol Abbreviation of coulombs per kilomole, the 
unit for the Faraday constant. 

ckt Abbreviation of CIRCUIT. 

Cl Symbol for CHLORINE. 

cl Abbreviation of CENTILITER. 

cladding The bonding of one metal to another to 
minimize or prevent corrosion. A common exam- 
ple is copper-clad steel wire, ideal for use in 
radio-frequency antenna systems. The copper 
provides excellent conduction, and the steel pro- 
vides high tensile strength with a minimum of 
wire stretching. 

clamper A device that restricts a wave to a prede- 
termined dc level. Also called DC RESTORER. 

clamping 1. Fixing the operation of a device ata 
definite dc level. Also see CLAMPER. 2. In televi- 
sion, establishing a fixed level for the picture sig- 
nal at the start of each scanning line. 

clamping circuit See CLAMPER. 

clamping diode A diode used to fix the voltage 
level of a signal at a particular reference point. 

clapper In a bell, the ball or hammer that strikes 
the bell; in an electric bell, it is affixed to the vi- 
brating armature. 

Clapp-Gouriet oscillator A Colpitts oscillator in 
which a capacitor is connected in series with the 
inductor. The circuit offers high frequency stabil- 
ity in the presence of input and output capaci- 
tance variations. 

Clapp oscillator A series-tuned hybrid Colpitts os- 
cillator, having a tuning capacitor in series with 
the inductor, rather than in parallel with the in- 
ductor. The circuit allows the use of a smaller 
tuning capacitor, resulting in improved stability. 

Clark cell See ZINC STANDARD CELL. 

class-A amplifier An amplifier whose bias is set at 
approximately the midpoint of the characteristic 
curve. Output electrode current flows during the 
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complete ac driving-voltage cycle. The input sig- 
nal never drives the device into the nonlinear por- 
tion of the characteristic curve. 

class-AB amplifier Either a CLASS-AB;, AMPLI- 
FIER or a CLASS-AB> AMPLIFIER. 

class-AB, amplifier An amplifier whose bias is ad- 
justed to a level between that of a class-A ampli- 
fier and that of a class-AB, amplifier. Output 
electrode current flows during the entire ac driv- 
ing-voltage cycle. The input signal drives the 
device into the nonlinear portion of the 
characteristic curve during part of the cycle. 

class-AB, amplifier An amplifier whose bias is ad- 
justed to a level between that of a class-AB; am- 
plifier and that of a class-B amplifier. Output 
electrode current flows during more than 50 per- 
cent, but less than 100 percent, of the input sig- 
nal cycle. 

class-AB modulator A modulator whose output 
stage is a class-AB, or class-AB amplifier. 

class-A modulator A circuit for obtaining ampli- 
tude-modulated signals; essentially a class-A am- 
plifier with two inputs, one for the carrier and the 
other for the modulating signal. 

class-A operation The operation of a transistor, 
field-effect transistor, or vacuum tube, in which 
the collector, drain, or plate current flows during 
the entire signal cycle. 

class-B amplifier An amplifier whose bias is ad- 
justed to operate at the cutoff point in the charac- 
teristic curve. Output current flows during 
approximately 50 percent of the input signal cycle. 
Efficiency is higher than that of a class-A amplifier. 

class-B modulator A push-pull modulator whose 
output stage is a class-B amplifier. 

class-B operation The operation of a transistor, 
field-effect transistor, or vacuum tube, in which 
the collector, drain, or plate current flows for ap- 
proximately half the signal cycle. 
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class-C amplifier An amplifier whose input-elec- 
trode bias is adjusted for operation at a point 
considerably beyond cutoff. Output current flows 
during less than half of the input signal cycle. 
Such an amplifier requires comparatively high 
driving power, but is capable of excellent effi- 
ciency. Commonly used in continuous-wave 
(CW), amplitude-modulated (AM), and frequency- 
modulated (FM) radio transmitters. 

class-C operation The operation of a transistor, 
field-effect transistor, or vacuum tube, in which 
the collector, drain, or plate current flows for sig- 
nificantly less than half the signal cycle. 

class-D telephone A telephone restricted to use by 
emergency services, such as fire departments 
and guard alarm installations. 

classical electron radius Abbreviated r. The 
quantity expressed as e*/(m,c?), where e is the 
electron’s charge in electrostatic units, Me is its 
rest mass, and c is the speed of light. The value 
re is equal to approximately 2.82 x 10713 cm or 
2.82 x 10 m. 

clean room A room for the assembly or testing of 
critical electronic equipment. The term is derived 
from the extraordinary steps taken to remove 
dust and other contaminating agents. The per- 
sonnel wear carefully cleaned garments (or dis- 
posable clothing), gloves, caps, and masks; in 
some situations, they are required to walk be- 
tween ceiling and floor ducts of a vacuum system 
upon entering the room. 

cleanup process In the process of electron tube 
evacuation, a technique used to remove residual 
and occluded gases from the vacuum apparatus 
and from the device being evacuated. 

clear 1. In computer operations, to restore a 
switching element (e.g., a flip-flop) or a memory 
element to its standard (e.g., zero) state. 2. In 
computer practice, an asynchronous input. 

clearance The distance between two live terminals, 
or between one live terminal and ground. 

clear band In optical character recognition, the 
part of a document that must remain unprinted. 

clear channel 1. A channel in the standard ampli- 
tude-modulation (AM) broadcast band that is des- 
ignated to only one station within the area covered 
by the signal from that station. 2. In television 
broadcasting, a channel for which there are no re- 
strictions on the nature of the programming. 

clear memory A function in a calculator or small 
computer that erases the contents of the mem- 
ory. 

clear raster The raster on the screen of a television 
picture tube in the absence of a signal, noise, or 
faulty beam deflection. 

cleavage In a crystalline substance, the quality of 
splitting along definite planes. Also, a fragment 
resulting from such a cleft. 

click filter See KEY-CLICK FILTER. 

click method An emergency technique for render- 
ing an electric current audibly detectable, by 
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making and breaking the circuit carrying the cur- 
rent to a headset or earphone. A single click re- 
sults from each make and each break. Also see 
TIKKER. 

click suppressor See KEY-CLICK FILTER. 

climate chamber A test chamber that provides ac- 
curately controlled temperature, humidity, and/or 
barometric pressure, for evaluating the perfor- 
mance of electronic components and circuits. Also 
called ENVIRONMENTAL TEST CHAMBER. 

climatometer An instrument incorporating a hy- 
grometer and bimetallic thermometer, whose dial 
pointers intersect to indicate comfort zones (best 
temperature-to-humidity ratio). 

clinometer An electromechanical device that mea- 
sures the steepness of a slope. When the device is 
level (horizontal), the output voltage is zero. If the 
device is tipped in one direction, a negative volt- 
age is produced; if it is tipped in the other direc- 
tion, a positive voltage is produced. The output 
voltage is proportional to the angle at which the 
device is tipped. Used in mobile robots. 

clip A pinch-type connector whose jaws are nor- 
mally held closed by a spring. 


EL 


clip 


clipped-noise modulation Modulation of a jam- 
ming signal through clipping action to increase 
the sideband energy and resulting interference. 

clipper A circuit whose output voltage is fixed at a 
value for all input voltages higher than a prede- 
termined value. Clippers can flat-top the positive, 
negative, or both positive and negative peaks of 
an input voltage. 

clipper amplifier An amplifier operated so that the 
positive, negative, or both positive and negative 
peaks are clipped in the output signal. The clip- 
ping action results from feeding a regular sym- 
metric waveform into an amplifier so that on 
negative excursion extremes, the stage is cut off; 
on positive excursion extremes, the amplifier is 
driven into saturation. 

clipper limiter A device that delivers an output sig- 
nal whose amplitude range corresponds to input- 
signal voltages between two predetermined limits. 
It can be used as a noise limiter with an element or 
elements that clip all pulses whose amplitudes are 
greater than the signal being processed. 

clipping 1. Leveling off (flat-topping) a signal peak 
at a predetermined level. Also see CLIPPER. 2. In 
audio practice, the loss of syllables or words be- 
cause of cutoff periods in the operation of the cir- 
cuit (usually caused by overdriving a stage). 

clock Ina digital computer or controller, the device 
or circuit that supplies timing pulses to pace the 
operation of the system. 


clocked flip-flops A master-slave arrangement of 
direct-coupled flip-flops. Information entered into 
the master unit when the input-trigger pulse am- 
plitude is high is transferred to the slave unit 
when the amplitude is low. 

clock frequency In a digital computer or control, 
the reciprocal of the period of a single cycle, ex- 
pressed in terms of the number of cycles occur- 
ring in one second of time (hertz, kilohertz, or 
megahertz). 

clock generator A test-signal generator that sup- 
plies a chain of pulses identical to those supplied 
by the clock of a digital computer. 

clock module A complete plug-in or wire-in digital 
unit whose readout indicates time of day or 
elapsed time. Connected to a suitable power sup- 
ply, it serves as either a clock or timer. 

clock pulse A time-base pulse supplied by the 
clock of a digital computer, expressed as a period 
whose reciprocal is frequency. 

clock rate See CLOCK FREQUENCY. 

clock track On a magnetic tape or disk for data 
storage, a track containing read or write control 
(clock) pulses. 

clockwise Abbreviation, cw. Rotation in a right- 
hand direction around a circle, starting at the 
top. Compare COUNTERCLOCKWISE. 

clockwise-polarized wave An elliptically polarized 
electromagnetic wave whose electric-intensity 
vector rotates clockwise, as observed from the 
point of propagation. Compare COUNTER- 
CLOCKWISE-POLARIZED WAVE. 

clone A machine manufactured by a relatively un- 
known company that performs all the same func- 
tions, in basically the same way, as another 
machine manufactured by a well-known, major 
corporation. The term is used especially in refer- 
ence to computers and computer peripherals. Ifa 
device is compatible with a certain computer, 
then clones of that device are generally compati- 
ble with that computer. Also, the device is likely 
to be compatible with all clones of the computer. 

close coupling Also called tight coupling. In a 
transformer, the placement of the primary and 
secondary coils as close together as possible for 
maximum energy transfer. Compare LOOSE 
COUPLING. 

closed capacitance The value of a variable capaci- 
tor whose rotor plates are completely meshed with 
the stator plates. Compare OPEN CAPACITANCE. 

closed circuit A continuous unbroken circuit (i.e., 
one in which current can flow without interrup- 
tion). Compare OPEN CIRCUIT. 

closed-circuit cell A primary cell, such as the 
early gravity cell, designed for heavy and polar- 
ization-free service. 

closed-circuit communication Communication 
between units only within a defined, hard-wired 
system, not extending to other units or systems. 

closed-circuit security system An electronic se- 
curity or alarm system, consisting of subsystems 
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interconnected so that a disturbance anywhere in 
the circuit will result in an alarm signal pinpoint- 
ing the location of the disturbance. 

closed-circuit signaling Signaling accomplished 
by raising or lowering the level of a signaling cur- 
rent flowing continuously in a circuit. 

closed-circuit television Abbreviation, CCTV. A 
usually in-plant television system, in which a 
transmitter feeds one or more receivers through a 
cable. 

closed core A magnetic core generally constructed 
in an “O” or “D” configuration to confine the mag- 
netic path to the core material. Compare OPEN 
CORE. 

closed-core choke A choke coil wound on a 
CLOSED CORE. Also called CLOSED-CORE IN- 
DUCTOR. 


closed-core choke 


closed-core transformer A transformer wound on 
a CLOSED CORE. 


Laminated core 


Primary Secondary 


closed-core transformer 


closed loop 1. The feedback path in a self-regulat- 
ing control system. An oscillator, for example, is a 
closed-loop amplifier. 2. A loop within a program 
that would continue indefinitely, except for an ex- 
ternal exit command. 

closed-loop bandwidth The frequency at which 
the gain of a closed-loop circuit (see CLOSED 
LOOP, 1) drops 3 decibels from the direct-current 
or midband value. 

closed-loop control system A control system in 
which self regulation is obtained by means of a 
feedback path (see CLOSED LOOP). An example 
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is a voltage regulator, in which a rise in output 
voltage is fed back to the input. This changes the 
input voltage and reduces the output voltage to 
its correct value. Compare OPEN-LOOP CON- 
TROL SYSTEM. 

closed-loop input impedance The input imped- 
ance of an amplifier that has feedback. 

closed-loop output impedance The output im- 
pedance of an amplifier that has feedback. 

closed-loop voltage gain The voltage gain of an 
amplifier that has feedback. 

closed magnetic circuit A magnetic circuit in 
which the flux is uninterrupted, as in a ferromag- 
netic core, which has no air gap. Also see 
CLOSED CORE. 

closed subroutine In a digital computer program, 
a subroutine that can be accessed and left by 
branch instructions, such as GOSUB and RE- 
TURN in the high-level language BASIC. 

close-spaced array A beam antenna in which the 
elements (radiator, director, and reflector) are 
spaced less than a quarter-wavelength apart. 

close-talk microphone A microphone that must 
be placed close to the mouth. Such a microphone 
is less susceptible to background noises than an 
ordinary microphone, and is useful in environ- 
ments where the ambient noise level is high. 

closing rating A specification for closure condi- 
tions in a relay, including duty cycle and contact 
life (total guaranteed closures before contact 
failure). 

closure 1. The act of closing or being closed (e.g., 
switch closure or relay closure). 2. Circuit com- 
pletion (i.e., the elimination of all discontinuities). 

cloud The mass of electrons constituting the space 
charge in a vacuum tube. 

cloverleaf antenna An omnidirectional transmit- 
ting antenna in which numerous horizontal, 
four-element radiators (stacked vertically, a quar- 
ter-wavelength apart) are arranged in the shape 
of a four-leaf clover. 

C/L ratio See LC RATIO. 

clutter Extraneous echoes that interfere with the 
image on a radar display. 

clutter gating In radar operations, a switching 
process that causes the normal video to be dis- 
played in regions free of clutter, and the video in- 
dicating target movement to be displayed only in 
cluttered areas. 

Cm Symbol for CURIUM. 

cm Abbreviation of CENTIMETER. 

c.m. Abbreviation of CIRCULAR MIL. 

cm? Abbreviation of square centimeter. 

em? Abbreviation of cubic centimeter. 

Cmax Abbreviation of maximum capacitance. 

C meter See CAPACITANCE METER. 

Chin Abbreviation of minimum capacitance. 

CML Abbreviation of CURRENT-MODE LOGIC. 

CMOS Abbreviation of COMPLEMENTARY METAL- 
OXIDE SEMICONDUCTOR. 

CMR See COMMON-MODE REJECTION. 
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CMRR See COMMON-MODE REJECTION RATIO. 

CMV See COMMON-MODE VOLTAGE. 

C network A circuit with three impedances con- 
nected in series, the free leads being connected to 
a pair of terminals and the two internal junctions, 
to another pair of terminals. 

Co Symbol for COBALT. 

C, Symbol for OUTPUT CAPACITANCE. 

coalesce In computer operations, to create one file 
from several. 

coarse adjustment Adjustment of a quantity in 
large increments. Compare FINE ADJUSTMENT. 

coarse-chrominance primary See Q SIGNAL. 

coastal bending A change in the horizontal direc- 
tion of a line-of-sight radio wave when it crosses a 
coastline. 

coast station In the Maritime Mobile Radio Ser- 
vice, a land station that communicates with ship- 
board stations. 

coating 1. The application of a substance to an- 
other substance by means of electroplating, elec- 
trophoresis, or similar process, for the purpose of 
protecting the material, isolating it from the envi- 
ronment, or improving the conductivity of an 
electrical connection to some other object. 2. The 
magnetic material on a recording tape. 3. Ina 
computer system, the magnetic material on a 
magnetic diskette or hard disk. 

coating thickness On magnetic tape or magnetic 
disks, the depth of the magnetic coating applied 
to the base. 

coax Abbreviation of COAXIAL CABLE or COAXIAL 
LINE. 

coaxial antenna A half-wave vertical antenna that 
is center-fed by coaxial cable. The cable runs up- 
ward through a 14-wave section of tubing that 
composes the lower half of the antenna. The 
outer conductor of the cable is connected to this 
tubing through a shorting disk at the top. The in- 
ner conductor of the cable is connected to a 1⁄4- 
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wave vertical radiator that is insulated from, and 
that extends upward from the top of, the lower 
section. 

coaxial cable An unbalanced cable consisting of 
two concentric conductors: an inner wire and an 
outer, braided sleeve. The inner and outer con- 
ductors are separated by a dielectric, usually 
solid or foamed polyethylene. The outer conduc- 
tor is generally grounded while the inner conduc- 
tor carries the signals. This cable is used in 
community-antenna television (CATV) networks, 
and as a transmission line connecting antennas 
to radio transmitters, receivers, and transceivers 
at low, medium, high, and very-high frequencies. 
It is also used in some high-fidelity sound sys- 
tems—especially to connect microphones, com- 
pact-disc players, tape players, tuners, and 
speakers to audio amplifiers. 


A 


coaxial cable 
(From left to right: insulating jacket, 
woven outer conductor, low-loss insulating 
sleeve, inner conductor.) 


Characteristics of 
prefabricated coaxial transmission lines. 


Characteristic 
impedance, Velocity Outside  Picofarads 
Type (ohms) factor dia. (in.) per foot 
RG-8/U 52 0.66 0.41 29.5 
RG-9/U 51 0.66 0.42 30.0 
RG-11/U 75 0.66 0.41 20.6 
RG-17/U 52 0.66 0.87 29.5 
RG-58/U 54 0.66 0.20 28.5 
RG-59/U 73 0.66 0.24 21.0 
RG-174/U 50 0.66 0.10 30.8 
hard line 50 0.81 0.50 25.0 
(‘/-inch) 75 0.81 0.50 16.7 
hard line 50 0.81 0.75 25.0 
(?/4-inch) 75 0.81 0.75 16.7 


coaxial capacitor 1. A somewhat uncommon, but 
highly effective, capacitor that uses two telescop- 
ing sections of tubing. It works because there is a 
certain effective surface area between the inner 
and the outer tubing sections. A sleeve of plastic 
dielectric is placed between the sections of tub- 
ing. This allows the capacitance to be adjusted by 
sliding the inner section in or out of the outer sec- 
tion. Coaxial capacitors are especially useful in 
antenna systems for tuning and/or impedance 
matching. Their values are generally from a few 
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picofarads up to about 100 pF. 2. A short length 
of coaxial cable that is used as a capacitor rather 
than a transmission line because of the inherent 
capacitance between its center conductor and 
braid. See COAXIAL CABLE. 

coaxial cavity A cavity consisting of a cylindrical 
metal chamber housing a central rod. The cavity 
can be tuned to resonance by means of a piston. 

coaxial connector A device used to splice coaxial 
line or to connect a coaxial line to a transmitter, 
receiver, or other piece of apparatus. 


Female 


coaxial connector 


coaxial diode A semiconductor diode housed in a 
cylindrical metal shell acting as one contact, and 
provided with a recessed, concentrically mounted 
end pin, which serves as the other contact. 

coaxial driver See COAXIAL SPEAKER. 

coaxial filter 1. filter that uses a coaxial cable as 
a tuned circuit. 2. A filter designed to be used in 
a coaxial transmission line. 

coaxial jack A female receptacle or connector, 
whose concentric terminals have the same spac- 
ing as a male coaxial-cable connector designed to 
fit it. 

coaxial line A signal transmission line consisting 
of COAXIAL CABLE. 

coaxial-line frequency meter A microwave ab- 
sorption wavemeter (See WAVEMETER) with in- 
put and output receptacles for insertion into a 
coaxial line. 

coaxial-line oscillator See CONCENTRIC-LINE 
OSCILLATOR. 

coaxial loudspeaker See COAXIAL SPEAKER. 

coaxial plug A male connector whose concentric 
terminals have the same spacing as a female 
coaxial cable connector designed to fit it. 

coaxial receptacle A coaxial connector, such as a 
coaxial jack or plug. Receptacles are installed in 
equipment, whereas plugs are usually attached 
to the end of coaxial cables. 

coaxial relay A relay designed to connect and dis- 
connect, or to interchange, coaxial cables in a 
transmission line without disturbing the charac- 
teristic impedance of the line. 

coaxial speaker Also called coaxial driver and coax- 
ial loudspeaker. A large low-frequency speaker 
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and a small high-frequency speaker mounted 
concentrically, the smaller within the larger. 
When used with a crossover network, this ar- 
rangement provides fairly good wide-range audio- 
frequency response, and saves physical space, 
compared with the use of separate speakers. 

coaxial stub 1. A length of coaxial cable acting as 
a branch to another coaxial cable. Commonly 
used for impedance matching. 2. A length of 
coaxial cable, usually cut to 1/4 or 1/2 wave- 
length, and connected across a coaxial transmis- 
sion line to act as a WAVETRAP. Commonly used 
to reject strong interfering signals. 

coaxial switch A switch designed to connect and 
disconnect, or to interchange, coaxial cables in a 
transmission line without disturbing the charac- 
teristic impedance of the line. 

coaxial tank A tank circuit consisting of a rod 
within a cylinder. The tank is usually tuned by a 
small variable capacitor connected between the 
rod and cylinder at one end of the combination. 
Generally used at ultra-high frequencies (UHF). 

coaxial-tank oscillator A stable, self-excited oscil- 
lator that uses a COAXIAL TANK. Also see 
CONCENTRIC-LINE OSCILLATOR. 

coaxial transistor A transistor in which a semi- 
conductor wafer is mounted centrally in a metal 
cylinder (the base connection) and is contacted 
on opposite faces by the emitter and collector 
whiskers, which are axially mounted. 

coaxial transmission line A transmission line 
that is a COAXIAL CABLE. 

coaxial wavemeter A type of absorption waveme- 
ter in which the tunable element is a section of 
coaxial line (i.e., a metal cylinder surrounding a 
metal rod). An internal short-circuiting disk is 
moved along the cylinder to connect its inner wall 
to selected points along the rod's length, thereby 
varying the resonant frequency. The instrument 
is useful at microwave frequencies. 

cobalt Symbol, Co. A metallic element. Atomic 
number, 27. Atomic weight, 58.94. 

cochannel interference Interference between sim- 
ilar signals transmitted on the same channel. 

Cockcroft-Walton accelerator A proton accelera- 
tor in which nuclei of hydrogen atoms are given 
high velocity through a straight tube by a high de 
voltage. 

codan Any of several muting (SQUELCH) systems. 
In particular, a squelch circuit that suppresses 
noise in a sensitive receiver equipped with auto- 
matic gain control (AGC). The receiver is quiet 
until a carrier of predetermined strength is re- 
ceived. The name is an acronym for carrier- 
operated device antinoise. 

codan lamp A lamp that alerts a radio operator 
that a signal of satisfactory strength is being re- 
ceived. Also see CODAN. 

code 1. A set of symbols for communications (e.g., 
the Morse code of radiotelegraphy and wire teleg- 
raphy in which dots and dashes correspond to 
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letters, numbers, and marks of punctuation). 2. 
In a computer program, symbolically represented 
instructions. 3. ENCODE. 

codec In encoding and decoding equipment, a 
coder/decoder, usually in a single package and 
operating at 8 kHz for an input signal with a 
passband of 3100 Hz (300 to 3400 Hz). 

code character 1. The representation of character 
in a particular code form. 2. A sequence of dots 
and dashes in the Morse code. 

code conversion The translation of a coded signal 
from one form of code to another. 

coded decimal digit A number expressed in bi- 
nary form (computer code), that is, in terms of ze- 
ros and ones only. 

code-directing characters Characters added to a 
message to indicate how and where it is going. 

coded program See PROGRAM. 

coded signal 1. A wire- or radiotelegraph signal in 
which secrecy is achieved by using letters in ci- 
pher groups, instead of straight language. 2. 
SCRAMBLED SIGNAL. 

coded stop See PROGRAMMED HALT. 

code elements The smallest identifiable parts that 
compose a digital code. For example, in computer 
code, the elements are ones and zeroes (high and 
low logic states); in Morse code, they are dots and 
dashes. 

code holes Ina punched card or tape, holes repre- 
senting data. 

code line A written computer program instruction. 

code machine Any one of several devices for 
recording or reproducing code signals. 

code position The part of a data medium (e.g., 
card row) reserved for data. 

code-practice oscillator A simple keyed audio os- 
cillator intended for practicing Morse code. 

coder 1. In computer operations, a person who 
prepares instructions from flow charts and proce- 
dures devised by a programmer. 2. A device that 
delivers coded signals. 

code receiver A radiotelegraph receiver. 

code ringing A method of ringing a telephone sub- 
scriber in a predetermined manner to convey a 
certain message. 

code segment The instruction part of computer 
storage associated with a process. Compare 
DATA SEGMENT and DUMP SEGMENT. 

code set The collection of codes representing all of 
the characters in a language. 

code speed See KEYING SPEED. 

code transmitter 1. A radiotelegraph transmitter. 
2. A tape-operated keyer for wire telegraphy or ra- 
diotelegraphy. 

code word See PHONETIC ALPHABET CODE 
WORD. 

coding 1. Performing the service of a CODER. 2. 
Writing instructions for a digital computer; a part 
of programming. 

coding check A pencil-and-paper verification of a 
routine’s validity. 
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coding sheet A form on which program instruc- 
tions are written prior to input. 

codiphase radar A radar system that uses beam 
forming, signal processing, and a phased-array 
antenna. 

codistor A voltage-regulating semiconductor de- 
vice. 

coefficient 1. A factor in an indicated product. 
Thus, in 4y, 4 is the coefficient of y. 2. A param- 
eter that indicates a specific characteristic of 
some component or device (e.g., COEFFICIENT 
OF COUPLING or COEFFICIENT OF REFLEC- 
TION). 

coefficient of coupling Symbol k. The ratio of MU- 
TUAL INDUCTANCE between two inductors to 
the maximum possible (theoretical) value of mu- 
tual inductance. This ratio is always greater than 
or equal to O (no coupling between inductors), 
and less than or equal to 1 (perfect coupling be- 
tween inductors). 

coefficient of current detection See CURRENT- 
DETECTION COEFFICIENT. 

coefficient of reflection A measure of the amount 
of electromagnetic field reflected in a transmis- 
sion line from the load feed point. The coefficient 
of reflection is equal to the square root of the re- 
flected power divided by the forward power. 

coercive force The demagnetizing force required 
to remove residual magnetism from a material. 

coercivity See COERCIVE FORCE. 

cogging Nonuniform rotation of a motor armature. 
The velocity increases as an armature coil enters 
the magnetic field and decreases as it leaves the 
field. 

coherence In electromagnetic radiation, a condi- 
tion in which all the wavefronts are in phase. This 
results in high energy concentration, and makes 
possible the long-distance transmission of in- 
frared, visible light, and ultraviolet, because the 
rays are almost perfectly parallel. It also makes 
possible the extreme radiation intensity charac- 
teristic of some LASER devices. 


Same frequency 
same phase 


Amplitude 


coherence 
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coherent bundle A bundle of optical fibers, such 
that the individual fibers are in the same relative 
positions at either end of the bundle. 

coherent carrier A carrier that agrees in frequency 
and phase with a reference signal. 

coherent electroluminescent device See LASER 
DIODE. 

coherent light Visible light in which the phase re- 
lationship between successive waves is such that 
the beam consists of parallel rays that provide a 
high concentration of energy. Also see LASER. 

coherent-light radar See COLIDAR. 

coherent oscillator In a radar system, an oscilla- 
tor that provides a COHERENT REFERENCE. 

coherent-pulse operation Pulse operation charac- 
terized by a fixed phase relationship between 
pulses. 

coherent radiation Radiation characterized by 
COHERENCE. 

coherent reference A stable reference frequency 
with which other signals are phase locked for co- 
herence. 

coherent transponder A transponder in which the 
frequency and phase of the input and output sig- 
nals have a fixed relationship. 

coil A long conductor or group of conductors wound 
into a tight helical package, often in several layers 
on a cylindrical form. This takes advantage of the 
resulting concentration of magnetic flux, maximiz- 
ing the inductance that can be obtained in a com- 
ponent of limited physical size. Further increases 
in inductance can be realized by the use of ferro- 
magnetic core materials. See also INDUCTOR. 

coil antenna See LOOP ANTENNA. 

coil checker An alternating-current (ac) meter or 
simple bridge for checking inductors. Such in- 
struments usually only indicate inductance val- 
ues, but some list readings of resistance or 
approximate inductor Q factor. 

coil dissipation The power wasted in a coil as 
heat. Generally, this dissipation or loss is propor- 
tional to the resistance of the coil, and to the 
square of the current passing through the coil. 

coil form The insulating support around which an 
air-core coil is wound. 

coil loading The insertion of one or more inductors 
into a transmission line or antenna element, for 
the purpose of impedance matching, alteration of 
the resonant frequency, or both. 

coil magnification factor The Q factor of an in- 
ductor. Generally given by the ratio X,/R,, where 
X, is the inductive reactance of the coil in ohms, 
and Ri is the resistance of the coil in ohms. 

coil neutralization See INDUCTIVE NEUTRALIZA- 
TION. 

coil resistance The resistance of a coil (inductor), 
as distinct from its reactance. It is almost entirely 
the result of ohmic loss in the wire from which 
the coil is manufactured. 

coilshield A metal can designed to provide efficient 
electrostatic and electromagnetic shielding of a 
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coil, preventing unwanted inductive coupling to 
other components. 

coincidence The simultaneous occurrence of two 
or more signals. Compare ANTICOINCIDENCE. 

coincidence amplifier An amplifier that delivers 
an output signal only when two or more input sig- 
nals occur simultaneously. 

coincidence circuit See AND CIRCUIT. 

coincidence counter A circuit or device, such asa 
gate, that delivers an output pulse only when two 
or more input pulses occur simultaneously; the 
output pulses go to a device that counts them. 

coincidence detector See AND CIRCUIT. 

coincidence gate See AND GATE. 

coincident-current selection Selection of a mag- 
netic core (in a core memory or similar device) by 
applying two or more currents simultaneously. 

coin shooting Searching for coins and similar 
small, buried metallic objects using a METAL LO- 
CATOR. 

coke A porous material obtained from the de- 
structive distillation of coal. It is valued for the 
production of carbon components for electron- 
ics, such as dry-cell electrodes and motor 
brushes. 

cold 1. Pertaining to an electrical circuit, compo- 
nent, or terminal that is at ground potential. 2. A 
term denoting a bad solder joint. 3. Pertaining to 
an unheated electrode or element. See COLD 
CATHODE. 

cold alignment The alignment of a tracking sys- 
tem (especially of its tuned circuits) when the sys- 
tem is not in operation, as when transistor power 
is off. Also called QUIET ALIGNMENT. 

cold cathode 1. In an electron tube, a cathode that 
emits electrons without being heated. 2. A cath- 
ode electrode operated at a temperature below 
ambient temperature. 

cold chamber An enclosure in which electronic 
equipment can be tested at selected, precise low 
temperatures. Compare OVEN. 

cold flow The (usually gradual) change in the di- 
mensions of a material, such as plastic in a 
molded part. 

cold junction Ina thermocouple system, an auxil- 
iary thermocouple connected in series with the 
hot thermocouple, and immersed in ice or oper- 
ated at ambient temperature. 

cold light Light produced without significant heat, 
as from the ionization of a gas by a high voltage 
(as in neon bulbs and fluorescent lamps), or by 
electroluminescence, bioluminescence, cathodo- 
luminescence, or a similar phenomenon. 

cold pressure welding Welding sometimes used in 
the fabrication of electronic equipment, in which 
the metal parts to be joined are pressed together 
tightly to the point of deformation, whereupon 
they become welded. 

cold resistance The resistance of an unheated 
electronic component. Compare HOT RESIS- 
TANCE. 
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cold rolling A method of manufacturing an induc- 
tor core so that the magnetic grains are all ar- 
ranged lengthwise. 

cold solder joint A solder joint in which insuffi- 
cient heat has been applied, resulting in a bad 
connection. 

cold spot 1. An area of a circuit or component 
whose temperature is ordinarily lower than that 
of the surrounding area. 2. A node of current or 
voltage. Compare HOT SPOT. 

cold weld A welded joint produced by means of 
COLD PRESSURE WELDING. 

colidar An optical radar system using unmodu- 
lated, coherent (laser-produced) light. The term is 
an acronym for coherent light detection and 
ranging. 

collate In data processing, to produce an ordered 
set from two or more similarly ordered sets (as 
punched cards). 

collator In a punched-card system, a device that 
collates (see COLLATE) punched cards. 

collector 1. In a bipolar transistor, the electrode 
toward which emitted current carriers travel. 2. 
In a Klystron, the final electrode toward which 
electrons migrate after passing through the 
buncher and catcher. 3. In an iconoscope, a 
cylindrical electrode around the circumference of 
the tube, which gathers and conducts away the 
electrons released by the mosaic. 4. The final (tar- 
get) electrode in a backward-wave or traveling- 
wave tube. 5. A computer program segment that 
collates compiled segments so that they can be 
loaded into the computer. 

collector capacitance 1. Symbol, Cc. The capaci- 
tance of the collector junction in a bipolar tran- 
sistor. 2. The capacitance of the collector 
electrode in a Klystron, iconoscope, backward- 
wave tube, or traveling-wave tube. 

collector current 1. Symbol, Ic. The current flow- 
ing in the collector circuit of a bipolar transistor. 
Also see AC COLLECTOR CURRENT and DC 
COLLECTOR CURRENT. 2. Current flowing in 
the collector circuit of a Klystron, iconoscope, 
backward-wave tube, or traveling-wave tube. 

collector-current cutoff See COLLECTOR CUT- 
OFF. 

collector cutoff In a bipolar transistor, the condi- 
tion in which the collector current is cut off (i.e., 
reduced to the residual value). Also see CUTOFF 
CURRENT. 

collector cutoff current See CUTOFF CURRENT. 

collector-diffusion isolation A method of mak- 
ing integrated circuits that contain bipolar 
transistors. Provides electrical separation of 
the transistors in a semiconductor integrated 
circuit. 

collector dissipation Symbol, Pc. In a bipolar 
transistor, the power dissipation of the collector 
electrode. The collector dc power dissipation is 
the product of collector current and collector volt- 
age: Po = Velc. 
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collector efficiency In a bipolar transistor circuit, 
the ratio of ac power output to de collector-power 
input. 

collector family For a bipolar transistor, a group 
of collector current versus collector voltage 
curves. Each is plotted for a particular value of 
base current (common-emitter circuit) or emitter 
current (common-base circuit). 
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collector family 


collector junction In a bipolar transistor, the 
junction between collector and base layers. 

collector mesh In a cathode-ray storage tube, a 
flat, fine wire screen that attracts and conducts 
away the secondary electrons knocked out of the 
storage mesh by the electron beam. 

collector multiplication In a bipolar transistor, 
an increase in the number of electrons at the col- 
lector electrode, caused by a momentary alter- 
ation of the charge density of the collector 
junction by injected carriers reaching the junc- 
tion. 

collector resistance In a bipolar transistor, the in- 
ternal resistance of the collector junction. See AC 
COLLECTOR RESISTANCE and DC COLLECTOR 
RESISTANCE. 

collector ring 1. A rotating, brush-contacted ring 
electrode connected to one end of a coil in an ac 
generator. 2. A similar ring which, with a brush, 
serves as a connection to a rotating element, as in 
a signal-gathering system. 3. The collector elec- 
trode in an iconoscope. 

collector transition capacitance The capacitance 
between the collector and base of a bipolar tran- 
sistor under normal operating conditions. This 
capacitance has a limiting effect on the operating 
frequency of a bipolar device. 

collector voltage Symbol, Vc. In a bipolar transis- 
tor, the voltage on the collector electrode. See AC 
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COLLECTOR VOLTAGE and DC COLLECTOR 
VOLTAGE. 

collimated rays Electromagnetic waves made par- 
allel or nearly parallel. This can be done by 
means of a reflector, a lens, or a laser. 

collimation 1. The process of rendering electro- 
magnetic rays parallel. 2. Adjustment of the line 
of sight of an instrument, such as a level or tran- 
sit. 

collimation equipment Optical-alignment equip- 
ment. 

collimator A device for producing parallel rays of 
light or other radiation. In electronics, the most 
common example is a dish antenna. 

collinear antenna A broadside directional antenna 
consisting of two or more half-wave radiators; 
the current is kept in phase in each section by 
quarter-wave stubs between each radiating sec- 
tion. The radiators are stacked end to end horizon- 
tally or vertically. Also called FRANKLIN ANTENNA. 

Collins coupler A single-section, pi-filter circuit, 
used to match a radio transmitter to a wide range 
of antenna impedances. Also called pi coupler and 
Collins network. 

collodion A viscous solution of pyroxylin and a 
solvent (such as acetone, alcohol, or ether) some- 
times used as a binding agent for coils and other 
components. 

cologarithm Abbreviation, colog. The logarithm of 
the reciprocal of a number; colog x = log (1/x) = 
log x"! = -log x. 

color A perceived characteristic, and a direct func- 
tion, of visible-light wavelength. Seen by the hu- 
man eye as a spectrum of hues, ranging from red 
at the longest visible wavelengths, through or- 
ange, yellow, green, blue, indigo, and finally violet 
at the shortest visible wavelengths. See HUE. 

coloration In audio applications, a blending of 
sounds as a result of mixing among components 
at different frequencies. Sometimes this is done 
deliberately; in other instances, it is undesirable. 

color balance In a color television receiver, adjust- 
ment of the beam intensities of the individual 
guns of a three-gun picture tube. Compensates 
for the difference in light emissivity of the red, 
green, and blue phosphors on the tube screen. 

color bar-dot generator A radio-frequency (RF) 
signal generator that produces a bar or dot pat- 
tern on the screen of a color television picture 
tube. Used for testing and alignment. 

color-bar pattern A color television test pattern of 
vertical bars—each of a different color. 

color breakup A transient separation of a color 
television picture into its red, green, and blue 
components, as a result of a sudden disturbance 
of viewing conditions (blinking of eyes, moving of 
head, intermittent blocking of screen, etc.). 

color burst As a phase reference for the 3.579545- 
MHz oscillator in a color television receiver, ap- 
proximately nine cycles of the chrominance 
subcarrier added to the back porch of the hori- 
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zontal blanking pedestal in the composite color 
signal. 

color carrier See CHROMINANCE SUBCARRIER. 

colorcast A color television broadcast. 

color code 1. A system that uses colored stripes or 
dots to mark the nominal values and other char- 
acteristics on capacitors, resistors, and other 
components. 2. A code that represents the vari- 
ous frequencies being used by radio-control mod- 
elers in competition, and used on flags attached 
to transmitters, for example, as a safeguard 
against jamming. 

color coder See COLOR ENCODER. 

color contamination In a color television system, 
faulty color reproduction resulting from incom- 
plete separation of the red, green, and blue chan- 
nels. 

color-coordinate transformation In a color televi- 
sion system, the computation (performed electri- 
cally in the system) of the tristimulus (primary) 
values with reference to one set of primaries, from 
the same colors derived from another set of pri- 
maries. 

color depth An expression for the extent to which 
an image can accurately render color. Generally 
expressed in bits or in number of colors. Some 
systems can reproduce millions of different colors. 

color-difference signal Designated B-Y, G-Y, and 
R-Y. The signal resulting from reducing the am- 
plitude of a color signal by an amount equal to 
the luminance-signal amplitude. Also see B-Y 
SIGNAL, G-Y SIGNAL, and R-Y SIGNAL. 

color dot 1. A phosphor spot on the screen of a 
color television picture tube. 2. One of the spots 
stamped on a capacitor, indicating the capaci- 
tance, voltage, and tolerance (see COLOR CODE, 
1). 3. A spot stamped on a resistor, indicating the 
number of zeros to be added to the value indi- 
cated by the color bands. 

color edging In a color television picture, an aber- 
ration consisting of false color at the boundaries 
between areas of different color. 

color encoder In a color television transmitter, the 
circuit or channel in which the camera signals 
and the chrominance subcarrier are combined 
into the color-picture signal. 

color equation A mathematical means of deter- 
mining the resultant color obtained by adding 
primary colors in various proportions. 

color fidelity The faithfulness with which a color 
television system, lens, or film reproduces the 
colors of a scene. 

color filter A transparent plate or film that trans- 
mits light of a desired color, and eliminates or at- 
tenuates all other colors. 

color flicker In a color television system, image in- 
stability that occurs when the luminance and 
chromaticity both fluctuate. 

color fringing In a color television picture, false 
color around objects, sometimes causing them to 
appear separated into different colors. 
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color generator A special radio-frequency (RF) sig- 
nal generator to adjust or troubleshoot a color 
television receiver. The color signals it delivers 
are identical to those produced by a broadcast 
station. 

color graphics Computer graphics displayed in 
color on a cathode-ray tube (CRT) or liquid- 
crystal display (LCD). 

colorimeter A device used to quantitatively mea- 
sure the color intensity of a sample relative to a 
standard. 

colorimetric A characteristic of visible light, repre- 
senting the wavelength concentration. Refers to 
the perceived color of a light beam. 

colorimetry The science and art of color measure- 
ment. 

color killer In a color television receiver, a circuit 
that, in the absence of a color signal, delivers a 
negative bias to cut off the bandpass amplifier. 

color match In photometry, the condition in which 
color agreement exists between the halves of an 
area. Also see COLOR MATCHING. 

color matching The art of selecting colors that are 
identical in hue, saturation, and brilliance. This 
can be done with the unaided eye or with the help 
of an instrument. 

color media Substances that transmit essentially 
one color of visible light while blocking other col- 
ors. 

color meter A photoelectric instrument for mea- 
suring color values, and comparing and matching 
colors. 

color mixture An additive combination of two or 
more colors. Thus, red + yellow = orange, blue + 
red = violet, red + blue + green = white, etc. 

color oscillator The oscillator in a color television 
receiver that coordinates the color response. This 
oscillator is operated at 3.579545 MHz, to within 
plus or minus 10 Hz. 

color palette Ina color video image, the total num- 
ber of possible colors that can be displayed. 

color phase In color television, the phase differ- 
ence between an I or Q chrominance primary sig- 
nal and the chrominance carrier reference. 

color-phase diagram In color television, a quad- 
rant diagram showing (for each of the three pri- 
mary and complementary colors) the difference in 
phase between the color-burst signal and the 
chrominance signal, as well as the peak ampli- 
tude of the chrominance signal. Also shown are 
the peak amplitude and polarity of both in-phase 
and quadrature components required for the 
chrominance signals. For color TV receiver ad- 
justment, the color-phase diagram is displayed, 
in effect, by a VECTORSCOPE when a suitable 
signal from a color generator is applied to the re- 
ceiver. 

color picture signal 1. In color television and/or 
computer graphics, an electrical signal contain- 
ing components corresponding to the hue, satu- 
ration, and brilliance of a fixed or changing visual 
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image. 2. In color television, the combination of 
chrominance and luminance signals minus 
blanking and sync signals. 

color picture tube A specialized type of cathode- 
ray tube (CRT), used in color television receivers 
and computer displays. Three different images 
are produced: one in red, one in blue, and one in 
green. The three monochrome images are com- 
bined to form a complete color image. 

color primaries 1. Also called additive primaries or 
primary colors. In color television, the hues red 
(R), green (G), and blue (B). When these colors are 
mixed in various ratios, any visual color can re- 
sult. 2. Also called subtractive primaries or pri- 
mary pigments. In color printing, the hues 
magenta (M), cyan (C), and yellow (Y). These 
roughly correspond to red (R), blue (B) and yellow 
(Y). Sometimes black (K) is also included. When 
these pigments are mixed in various ratios, any 
visual pigment can result. 

color purity The ratio of wanted to unwanted com- 
ponents in a color. In a pure color, there are no 
components other than those required to produce 
the color. Color, in this context, includes white, 
black, and all shades of gray. 

color-purity magnet A permanent magnet on the 
neck of a color television picture tube, used to 
help ensure color purity by maintaining proper 
displacement of the electron beam. 

color registration In color television reception, the 
precise superimposition of red, green, and blue so 
that the composite is free from COLOR EDGING. 

color rendering index A mathematical expression 
defining the effect of the color of a light source on 
an object. For example, in red light, a blue object 
appears nearly black. 

color sampling rate The number of times per sec- 
ond that each primary color is sampled in a color 
television receiver. 

color saturation A measure of the purity of a hue. 
The extent to which a hue is without a white com- 
ponent; 100% saturation indicates a complete 
absence of white. 

color sensing In machine vision systems, the abil- 
ity to distinguish between light of different wave- 
lengths. Usually done with red, green and blue 
color filters and three separate cameras. 

color sensitivity 1. The degree of which a photo- 
sensitive device, such as a photocell or camera 
tube, responds to various colors of light. 2. The 
degree to which photographic film responds to 
various colors of light. 

color signal See COLOR PICTURE SIGNAL. 

color spectrum The band of electromagnetic en- 
ergy containing visible light; it extends from red 
(at the longest wavelengths) to violet (at the short- 
est). Commonly measured in nanometers (nm), 
where 1 nm = 10° m. Also expressed in 
Angstroms, where 1 Angstrom = 107° m = 0.1 
nm. In order of decreasing wavelength, the colors 
are red at 750 to 700 nm (7500 to 7000 
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Angstroms), orange, yellow, green, blue, indigo, 
and violet at 410 to 390 nm (4100 to 3900 
Angstroms). 

color subcarrier A modulated monochrome signal 
whose sidebands convey color information. 

color-sync signal See COLOR BURST. 

color system Also called RGB color model. A means 
of representing a color in terms of mathematical 
coordinates. This can be done in three dimen- 
sions because there are three COLOR PRI- 
MARIES. Each color primary is represented by an 
axis. Any COMPOSITE COLOR can be repre- 
sented by a unique vector. The relative amount of 
each color primary is given by the length of the 
composite-color vector components along each 
axis. 

color television Television in which the picture 
approximates natural color. It operates on the ba- 
sis of mixing three primary colors (red, blue, and 
green) of phosphors on the picture tube screen. 

color television receiver A television receiver de- 
signed to reproduce color pictures. 

color television signal The signal transmitted by 
a color television transmitter, containing all of the 
information needed to reproduce a complete, full- 
color, moving image. 

color transmission The television transmission of 
a picture in color. 

color triad On the screen of a color picture tube, 
one of the color cells, each of which contains one 
of the three phosphor dots: red, green, and blue. 

color triangle A triangle that can be inscribed on a 
chromaticity diagram to reveal the chromaticity 
range resulting from adding the three color pri- 
maries. 

color TV signal The complete signal (video, color, 
and sync components) required for transmitting a 
picture in color. 

color weather radar A computer-enhanced radar 
rendition of weather patterns, usually showing 
various intensities of precipitation as different 
colors. Commonly, areas of precipitation show up 
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as violet, blue, green, yellow, orange, and red, in 
order of increasing intensity. 

Colpitts oscillator A radio-frequency (RF) oscilla- 
tor that uses a single, untapped inductor. A com- 
bination of two fixed capacitors in series is 
connected in parallel with the inductor. The feed- 
back is controlled by the ratio of capacitances. A 
permeability-tuned coil or a roller inductor can be 
used to obtain variable-frequency operation. Sta- 
bility is enhanced when the output of the oscilla- 
tor is taken from the emitter or source portion of 
the circuit. To prevent the output signal from be- 
ing short-circuited to ground, an RF choke is con- 
nected in series with the emitter or source. 
Compare HARTLEY OSCILLATOR. 


Colpitts oscillator 


columbium Symbol, Cb. The former name of the 
metallic element niobium. Atomic number, 41. 
Atomic weight, 92.9064. 

column See CARD COLUMN. 

columnar graph A graphical presentation of data, 
in which the ordinates are represented by vertical 
columns whose height depends on the value. 
Commonly used in presentation graphics, but less 
common in analytical graphics. 

column binary Binary number representation on 
punched cards, wherein consecutive digits corre- 
spond to consecutive column punching positions. 

column speaker An acoustic speaker with a long 
cabinet, so that a large column of air is used for 
resonating or reinforcing purposes. This type of 
speaker radiates over a wide azimuth angle, while 
providing a narrow beam in the elevation plane. 

column split Ona punched card machine, the de- 
vice for reading, as two separate characters or 
codes, two parts of a single column. 

COM 1. Abbreviation for communications port. 
2. Abbreviation for computer output on microfilm. 

coma An aberration that causes the beam spot on 
the screen of a cathode-ray tube to resemble a 
comet. 

coma lobes An aberration in the radiation or re- 
sponse pattern of a dish antenna that occurs 
when the radiating element is not exactly at the 
focal point of the reflector. When the directional 
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pattern is altered by moving the driven element, 
rather than turning the entire antenna, these 
lobes appear. 

comb amplifier An arrangement of several sharply 
tuned bandpass amplifiers whose inputs are con- 
nected in parallel and whose outputs are sepa- 
rate; the amplifiers separate various frequencies 
from a multifrequency input signal. The name is 
derived from the comb-like appearance of the re- 
sponse pattern of various output peaks displayed 
along a frequency-base axis. 

comb filter A selective device that passes several 
narrow bands of frequencies within a larger band, 
while rejecting frequencies in between the narrow 
bands. So called because its frequency-response 
curve resembles the teeth of a comb when ob- 
served on a spectrum analyzer. Also see COMB 
AMPLIFIER. 


Amplitude 


Frequency 


comb filter response 


comb generator 1. A signal generator that pro- 
vides outputs at evenly spaced frequencies. So 
called because, on a spectrum analyzer, its out- 
put looks like the teeth of a comb. 2. A transmit- 
ter with many spurious signals at its output. 

combination 1. A functional, usually stationary, 
installation consisting of two or more pieces of 
equipment. Examples: transmitter/receiver com- 
bination, motor/generator combination, and 
tuner/amplifier combination. 2. In mathematics, 
a selection of several factors from a group, with- 
out regard to order. Thus, from the group ABC, 
the three possible combinations are AB, AC, and 
BC. Compare PERMUTATION. 

combinational circuit Two or more basic logic cir- 
cuits, combined in such a way that the output 
state depends entirely on the input states. 

combination bridge A bridge that affords two or 
more classes of measurement, usually select- 
able by means of a function switch. Examples: 
capacitance-inductance bridge, and capacitance- 
resistance bridge. 

combination cable A cable that has conductors 
grouped in pairs, threes, quads, or similar ar- 
rangements. 

combination feedback See CURRENT-VOLTAGE 
FEEDBACK. 

combination microphone Two or more micro- 
phones combined into one unit. 
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combination speaker Two or more loudspeakers 
combined into one (e.g., a COAXIAL SPEAKER). 

combination tone An acoustic tone resulting from 
the combination of two other acoustic tones. If 
the original tones have frequencies fi and fa 
(where fi is higher than fə), then the first-order 
combination frequencies are fi + f and fi- fo. 
Higher-order combination tones can result from 
mixing among the original tones and the first- 
order combination tones. 

combinatorial logic A form of digital logic, in 
which the output states depend on the input 
states, but on no other factor. 

combined head See READ-WRITE HEAD. 

combined reactance The net reactance (X) in a 
circuit, obtained by vectorially adding the induc- 
tive reactance (X,) and the capacitive reactance 
(Xo. 

combiner A circuit or device for mixing various sig- 
nals to form a new signal. Also see MIXER. 

combiner circuit In a color television camera, the 
circuit that combines the chroma and luminance 
with the sync. 

comeback A spurious response in a bandpass or 
band-rejection filter, at a frequency well above or 
below the passband or stopband. 

command 1. In computer operations, the group of 
selected pulses or other signals that cause the 
computer to execute a step in its program. 2. In- 
struction. 

command chain Part of a computer operation car- 
ried out independently as a series of input/ 
output instructions. 

command control In automation, electronic con- 
trol, and computer operations, the performance 
of functions in response to a transmitted signal. 

command destruct signal A signal for instigating 
the destruction of a missile in flight. 

command guidance system A system in which a 
guided missile and its target are both tracked by 
radar. 

command language A computer language made 
up of command operators. 

command link In a command guidance system, 
the section that transmits missile-steering com- 
mands. 

command network A radio communications net- 
work in which the chain of command is rigor- 
ously defined and followed. 

command reference The current or voltage to 
which a feedback signal is referenced in a control 
system or servomechanism. 

comment A statement written into a computer 
program for a documentation, rather than imple- 
mentation (e.g., to describe the purpose of a step 
or subroutine). 

comment field A record or file in which instruc- 
tions or explanations are given. 

commercial data processing A commercial 
(rather than industrial, scientific, or personal) ap- 
plication of data processing. 
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commercial-level security See LEVEL-2 SECU- 
RITY. 

commercial killer A usually remote-controlled, 
electronic relay for disabling a radio or television 
receiver during advertisements. 

commercial language A computer programming 
language for commercial applications (payroll, for 
example). 

common 1. Grounded. 2. Pertaining to a connec- 
tion shared by several different points in a circuit 
or system. 3. See COMMON GROUND. 

common area A computer storage area usable by 
several programs or segments within a program. 

common-base circuit A bipolar transistor circuit 
in which the transistor base is the common (or 
grounded) electrode. Also called grounded-base 
circuit. 

common battery 1. A battery shared by two or 
more different circuits or pieces of equipment. 2. 
In wire telephony, a central office battery that 
supplies the entire system. 

common-battery office In wire telephony, a cen- 
tral office that provides a common battery. 

common business-oriented language See COBOL. 

common-capacitor coupling The process of cou- 
pling one tuned circuit to another by means of a 
capacitor that is common to both circuits. 
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common-carrier fixed station A fixed radio sta- 
tion that provides public service. 

common-cathode circuit A tube circuit in which 
the cathode is the common (or grounded) elec- 
trode. Also called grounded-cathode circuit. 

common-channel interference Radio interference 
resulting from two stations transmitting on the 
same channel. It is characterized principally by 
beat-note (heterodyne whistle) generation, and 
suppression or capture of the weaker signal by 
the stronger one. 

common-collector circuit A bipolar-transistor 
circuit in which the collector is the common (or 
grounded) electrode. Also called grounded-collec- 
tor circuit and EMITTER FOLLOWER. 

common communications carrier A communica- 
tions company authorized by the licensing agency 
to furnish public communications. 

common-component coupling See COMMON- 
CAPACITOR COUPLING, COMMON-INDUCTOR 
COUPLING, and COMMON-RESISTOR COU- 
PLING. 
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common-drain circuit A field-effect transistor cir- 
cuit in which the drain terminal is the common 
(or grounded) electrode. Also called grounded- 
drain circuit and SOURCE FOLLOWER. 

common-emitter circuit A bipolar transistor cir- 
cuit in which the emitter is the common (or 
grounded) electrode. Also called grounded-emitter 
circuit. 

common-gate circuit A field-effect transistor cir- 
cuit in which the gate is the common (or grounded) 
electrode. Also called grounded-gate circuit. 

common-grid circuit A tube circuit in which the 
control grid is the common (or grounded) elec- 
trode. Also called grounded-grid circuit. 

common ground A single ground-point connection 
shared by several portions of a circuit. 

common impedance A single impedance shared 
by parts of a circuit. Because currents from the 
various parts flow through this impedance simul- 
taneously, coupling (desired or undesired) can 
occur between them. 

common-impedance coupling See COMMON- 
CAPACITOR COUPLING, COMMON-INDUCTOR 
COUPLING, and COMMON-RESISTOR COU- 
PLING. 

common-inductor coupling The process of cou- 
pling one tuned circuit to another by means of an 
inductor that is common to both circuits. 
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common language A language recognized by all 
the equipment in a data processing system. 

common logarithm Abbreviation, logio. Also 
called base-10 logarithm. A logarithm in which 
the base number is 10. Also see LOGARITHM. 

common mode Pertaining to signals or signal 
components that are identical in amplitude and 
duration. 

common-mode characteristics In an operational 
amplifier, characteristics denoting amplifier per- 
formance when a common signal is applied to in- 
verting and noninverting inputs. 

common-mode gain The voltage gain of a differen- 
tial amplifier with a common-mode input. 

common-mode impedance input The impedance 
between ground and one of the inputs of a differ- 
ential amplifier. Compare COMMON-MODE IN- 
PUT IMPEDANCE. 

common-mode input capacitance In a differen- 
tial amplifier, the internal capacitance of the 
common-mode input circuit. 
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common-mode input circuit In a differential am- 
plifier, the input circuit between ground and the 
inputs connected together. 

common-mode input impedance In a differential 
amplifier, the open-loop impedance between 
ground and the inputs connected together. Com- 
pare COMMON-MODE IMPEDANCE INPUT. 

common-mode input signal A signal applied to 
the common-mode input circuit of a differential 
amplifier (i.e., to both inputs connected together). 
Compare COMMON-MODE SIGNAL. 

common-mode input voltage In a differential am- 
plifier, the maximum voltage that can be applied 
safely between ground and the inputs connected 
together. 

common-mode interference A form of interfer- 
ence that occurs across the terminals of a 
grounded system. 

common-mode rejection The extent to which a 
differential amplifier will reject a signal pre- 
sented simultaneously to both inputs in phase, 
or of two signals identical in amplitude, fre- 
quency, and phase applied separately to the two 
inputs. Also see COMMON-MODE REJECTION 
RATIO. 

common-mode rejection ratio In a differential 
amplifier, the extent to which the amplifier can- 
cels undesired signals. It is the ratio of the differ- 
ential gain to the common-mode gain. Also see 
COMMON-MODE REJECTION. 

common-mode signal The algebraic average of 
two signals applied simultaneously to the two 
ends of a balanced circuit, such as a differential 
amplifier. Compare COMMON-MODE INPUT SIG- 
NAL. 

common-mode voltage The part of the input that 
is common to both inputs of a differential ampli- 
fier circuit. It is quantitatively defined as the 
arithmetic mean of the voltages at the inputs. 

common-mode voltage gain See COMMON- 
MODE GAIN. 

common-mode voltage range The range limited 
by the maximum nonsaturating input voltage 
that can be applied to both inputs of an opera- 
tional amplifier. 

common pool An assigned memory store, utilized 
by two or more circuits or systems. 

common-resistor coupling The process of cou- 
pling one circuit to another by means of a resistor 
that is common to both circuits. 
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common-source circuit A field-effect transistor 
circuit in which the source terminal is the 
common (or grounded) electrode. Also called 
grounded-source circuit. 

common-user channels Communication channels 
open to all licensees in a particular service. 

communication band A band of frequencies 
whose use is authorized expressly for communi- 
cations, rather than for other services (Such as 
broadcasting, education, remote control, etc.). 

communication channel 1. In radio or wire ser- 
vice, a (usually auxiliary) channel for direct ex- 
change of information between units of the 
service (e.g., a “talking circuit” between a broad- 
cast studio and the transmitter house). 2. A data 
transmission channel between two points (e.g., a 
remote terminal and a central computer system). 

communication link 1. Collectively, the equip- 
ment providing a communication channel be- 
tween two transmitters. 2. Data terminal 
equipment. 

communication protocol The specifications of a 
digital signal, including the speed in bits per sec- 
ond (bps) or bauds, the code type, the bit dura- 
tion, the mark-to-space ratio, etc. 

communications The science and art of using and 
developing electronic equipment and processes 
for the transmission and reception of informa- 
tion. 

communications common carrier An organiza- 
tion licensed to provide public communication 
services. 

communications network An organization of 
transmitting and receiving stations for the reli- 
able exchange of intelligence. Also called net. 

communications receiver A general-coverage or 
multiband radio receiver, designed primarily for 
listening to amateur, weather, or other non- 
broadcast stations. Compare BROADCAST RE- 
CEIVER. 

communications satellites Satellites in earth or- 
bit that provide propagation paths (e.g., by reflec- 
tion or retransmission) for radio waves between 
terrestrial transmitters and receivers. Also see 
ACTIVE COMMUNICATIONS SATELLITE and 
PASSIVE COMMUNICATIONS SATELLITE. 

community-antenna television Abbreviation, 
CATV. A system in which an advantageously lo- 
cated receiving station receives television signals, 
amplifies them if necessary, and distributes them 
in the community served by the system. Com- 
monly called cable TV. 

commutating capacitor 1. In a flip-flop circuit, a 
capacitor connected in parallel with the cross- 
coupling resistor to accelerate the transition from 
one stable state to the other. Also called speedup 
capacitor. 2. A capacitor connected in parallel be- 
tween silicon-controlled rectifier (SCR) stages to 
momentarily reverse the current going through 
the SCR, thereby causing the SCR to go into the 
cutoff condition. 
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commutation 1. In a direct-current (dc) generator, 
periodic reversal of the current in the armature 
coils as the coils alternately pass the north and 
south poles of the magnetic field. When the ends 
of each coil are connected to opposite bars of the 
commutator, the electrical polarity at the com- 
mutator brushes remains constant. 2. In a thyra- 
tron or silicon-controlled rectifier (SCR) circuit, 
momentarily reversing the polarity to cut the de- 
vice off. 

commutator 1. In a direct-current (dc) motor, 
generator, or rotating selector, an arrangement 
of parallel metal bars or strips on a rotating 
drum. As the drum turns, the bars contact one 
or more brushes that are in sliding contact with 
the commutator. 2. An electronic circuit that 
switches a single input sequentially to a series of 
output terminals, or switches a number of in- 
puts sequentially to a single pair of output ter- 
minals. 

commutator ripple The pulsating voltage super- 
imposed on the direct-current (dc) voltage deliv- 
ered by an unfiltered dc generator. 

compact disc Abbreviation, CD. A digital, high- 
density optical disc, used in high-fidelity stereo 
sound systems. Also used to store computer data. 
The information is encoded as tiny pits on the 
surface of the disc, and is recovered by a laser, a 
sensor and a digital-to-analog (D/A) converter. 
These disks have largely superseded magnetic 
tapes, and have rendered long-playing vinyl disks 
and turntables obsolete. See also COMPACT- 
DISK READ-ONLY MEMORY. 

compact-disk read-only memory Abbreviation, 
CD-ROM. A digital COMPACT DISC used for the 
long-term storage of computer data and/or soft- 
ware programs. Usually the same size as a high- 
fidelity stereo disk, it can hold over 600 
megabytes of data. Although data can be read 
from the disk, it cannot be overwritten. 

compander Term for compressor/expander. In the 
transmission and reception of audio-frequency 
(AF) intelligence, a system that uses an amplitude 
compressor at the transmitter and an amplitude 
expander at the receiver. The compressor reduces 
the dynamic range before transmission, and the 
expander restores it after reception. Provides im- 
proved signal-to-noise ratio under marginal com- 
munications conditions. Also increases the ratio 
of average power to peak power. See COMPAND- 
ING. 

companding A process in which a signal is com- 
pressed at the transmitting end of a circuit and 
expanded at the receiving end, yielding a signal 
like the original at the receiver output. Signals 
are more efficiently transmitted when they are 
compressed because the average power in- 
creases, relative to the peak power. This improves 
the average signal-to-noise ratio for weak signals. 
see COMPANDER. 
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companding law The mathematical function used 
for companding. It is an output-amplitude versus 
input-amplitude function for the compression at 
the transmitter, and the inverse of this function 
for the expansion at the receiver. 

companion keyboard An auxiliary keyboard con- 
nected to a regular keyboard and operated re- 
motely. 

companionship machine A computer or robot 
with sufficient machine intelligence to provide en- 
tertainment and mental stimulation for humans. 

comparator 1. An integrated circuit (IC) with two 
inputs, called A and B. The device compares the 
voltages that appear at these inputs. If the input 
voltage at Ais significantly greater than the input 
voltage at B, the output is about +5 V. If the in- 
put voltage at A is not greater than the input 
voltage at B, the output voltage is about +2 V. 
These ICs are used to actuate, or trigger, other 
devices such as relays and electronic switching 
circuits. 2. In general, any circuit that compares 
some characteristic of two input signals and pro- 
duces an output that depends on the relation- 
ship between the inputs. 3. An instrument for 
checking the condition of a component by com- 
paring it directly with an identical component of 
known quality has a scale reading in percentage 
deviation, or simply “GO/NO-GO.” Examples: ca- 
pacitor comparator, resistor comparator, coil 
comparator. 

compare In computer operations, a relational test 
performed on two quantities to determine their 
relative magnitude, including an indication of the 
test result and, sometimes, the taking of action. 
Example: the process and acton resulting from 
execution of the statement “IF A > B THEN GO TO 
LINE 250.” 

comparison 1. An expression of the relationship be- 
tween two voltages, currents, phase angles, com- 
ponent values, or other quantities in an electrical 
or electronic circuit or system. 2. An examination 
of different data bits or items, which results in a 
conclusion about some aspect of their relationship. 

comparison bridge A bridge designed especially 
for the quick comparison of components (e.g., the 
comparison of resistors with a standard resistor, 
inductors with a standard inductor, and capaci- 
tors with a standard capacitor). 

comparison measurement A measurement in 
which a quantity or component is compared with 
a known, similar quantity or component value, 
rather than having the measurement displayed 
directly by a meter. Examples: bridge measure- 
ments, potentiometric measurements, and fre- 
quency matching. 

compass 1. Any of several instruments for deter- 
mining direction on the earth's surface [e.g., mag- 
netic (mariner’s) compass and gyrocompass]. 2. A 
radio direction finder. 3. An instrument for draw- 
ing circles. 
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compatibility 1. A desirable condition in which 
devices or systems can function efficiently to- 
gether, without any modification of equipment. 2. 
In computer operations, a desirable condition in 
which different computers can run the same soft- 
ware, without any modification of hardware or 
software. 

compatible color television A color-television 
system whose transmissions can be received in 
black and white by any ordinary monochromatic 
receiver. 

compatible integrated circuit A hybrid integrated 
circuit (IC) that has an active element inside the 
integrated structure and a passive element de- 
posited on its insulated outer surface. 

compensated amplifier A wideband amplifier 
whose frequency range is extended by special 
components and circuit modifications. Also see 
COMPENSATING CAPACITOR and COMPENSAT- 
ING COIL. 

compensated diode detector A diode detector in 
which a positive dc voltage from the automatic- 
gain-control (AGC) rectifier is applied to the diode 
anode. The voltage is always proportional to the 
signal carrier. The arrangement allows the diode 
to handle a heavily modulated AM signal without 
producing excessive distortion. 

compensated-impurity resistor A resistor con- 
sisting of a diffused semiconductor material to 
which are added controlled amounts of n- or p- 
type dopants (impurities). 

compensated-loop direction finder A direction 
finder whose loop antenna is complemented by 
another antenna for polarization-error compen- 
sation. 

compensated semiconductor A doped semicon- 
ductor material in which the acceptor impurity 
cancels the effects of the donor impurity. 

compensated volume control A combination vol- 
ume-tone control that provides bass boost at low 
volume levels to compensate for the ear’s defi- 
ciency at low frequencies. 

compensating capacitor 1. A capacitor that has a 
temperature coefficient of capacitance numerically 
equal to, but having the opposite sign from, that of 
another capacitor in a tank or other circuit. When 
the capacitors are connected in parallel, a temper- 
ature-induced value change in the main capacitor 
is balanced by an equal and opposite change in 
the compensating capacitor; the net capacitance of 
the circuit does not change. This greatly reduces 
frequency drift. 2. In a video amplifier, a large ca- 
pacitance connected between ground and a tap on 
the collector or drain resistor to boost low- 
frequency response. Compare COMPENSATION 
COIL. 3. A usually low-capacitance capacitor of 
known temperature coefficient, operated in combi- 
nation with a main capacitor to reduce capaci- 
tance/temperature drift of the latter to zero or to 
some desired positive or negative value. 
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compensating diode A junction diode used to 
temperature-stabilize a transistor circuit. It is 
usually forward-biased in the base-bias network 
of the transistor. 

compensating filter 1. A selective filter used for 
the purpose of eliminating some irregularity in 
the frequency distribution of received energy. 2. A 
filter used to change the wavelength distribution 
of electromagnetic energy. 

compensating resistor 1. A low-value resistor 
of known temperature coefficient, connected in 
series with a main resistor to reduce the 
resistance/temperature drift to zero, or to some 
desired positive or negative value. 2. See TRIM- 
MER RESISTOR. 
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compensation Adjusting a quantity, manually or 
automatically, to obtain precise values, or to 
counteract undesired variations. Example: tem- 
perature compensation of electronic components. 
For illustration, see COMPENSATING CAPACI- 
TOR, 1. 

compensation coil In a video amplifier, an induc- 
tor connected in series with the collector or drain 
resistor, or in the coupling path between stages, 
or both, to boost high-frequency response. 

compensation filter See COMPENSATING CA- 
PACITOR, 2. 

compensation signal A signal recorded on a tape 
track containing computer data, to ensure that 
the tape plays back at exactly the correct speed at 
all times. 

compensation theorem An impedance (Z) in a 
network can be replaced by a generator having 
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zero internal impedance, and whose generated 
voltage equals the instantaneous potential differ- 
ence produced across Z by the current flow- 
ing through it. Compare MAXIMUM POWER 
TRANSFER THEOREM, NORTON'S THEOREM, 
RECIPROCITY THEOREM, SUPERPOSITION 
THEOREM, and THEVENIN’S THEOREM. 

compensator A device or circuit that facilitates the 
adjustment of a quantity, manually or automati- 
cally, to obtain precise values, or to counteract 
undesired variations. 

compilation time The period during which a pro- 
gram is compiled, as distinct from RUN TIME. 

compile 1. To unify computer subroutines into an 
all-encompassing program. 2. To gather infor- 
mation or data together into a single file or file 
set. 

compiler In computer operations, a program that 
changes a HIGH-LEVEL LANGUAGE, such as 
BASIC, C, C++, COBOL, or FORTRAN, into MA- 
CHINE LANGUAGE. A compiler must be written 
especially for the high-level language being used. 

compiler language Any computer language that 
serves as an interface between the operator and 
the computer. 

compiler program A program that converts com- 
piler language into machine language. 

compiling routine In digital computer operation, a 
routine permitting the computer itself to con- 
struct a program to solve a problem. 

complement 1. The difference between a number 
and the radix (modulus or base) of the number 
system. For example, the complement of 7 is 
equal to 3 (because 10 - 7 = 3) in the decimal 
(radix-10) number system. 2. Also called ones 
complement. In computer operations, a repre- 
sentation of the negative value of a binary num- 
ber. All the available digits are set to 1, and then 
the number in question is subtracted. For ex- 
ample, the complement of 101 is equal to 010 
(because 111 — 101 -— 010); the complement of 
1001 is equal to 0110 (because 1111 - 1001 = 
0110). 

complementary A Boolean operation whose result 
is the same as that of another operation, but with 
the opposite sign; thus, OR and NOR operations 
are complementary. 

complementary colors 1. In the additive color 
system, two colors that produce light gray or 
white when combined. 2. In the subtractive 
color system, two pigments that produce dark 
gray or black when combined. 3. Colors or pig- 
ments that are opposite each other on the color 
wheel. 

complementary constant-current logic A form of 
bipolar logic with high operating speed and high 
component density. 

complementary metal-oxide semiconductor 
Also sometimes called complementary metal-oxide 
silicon. Acronym, CMOS (pronounced “seamoss”). 
A digital integrated-circuit (IC) technology, in 


which logic gates are formed by n-channel/ 
p-channel pairs of metal-oxide-semiconductor 
field-effect transistors (MOSFETs) fabricated on a 
substrate. Noted for high speed and low current 
drain. 

complementary operator The logical negation 
(NOT) operation. 

complementary pushpull circuit See COMPLE- 
MENTARY-SYMMETRY CIRCUIT. 

complementary rectifier In the output circuit ofa 
magnetic amplifier, nonsaturating half-wave rec- 
tifier elements. 

complementary silicon-controlled rectifier A 
silicon-controlled rectifier that has polarity 
opposite from the usual silicon-controlled recti- 
fier. 

complementary-symmetry circuit A bipolar- 
transistor circuit that uses an npn and pnp tran- 
sistor. The transistors conduct during opposite 
half-cycles of the input signal, the result being 
that push-pull output is provided with a single- 
ended input; no phase-splitting input circuit is 
required. The complementary-symmetry circuit 
offers very low output impedance, permitting a 
loudspeaker voice coil (or other low-impedance 
load) to be operated directly without a coupling 
transformer. 


In o—j 
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complementary tracking A control system in 
which several secondary (slave) devices are con- 
trolled by a primary (master) device. 

complementary transistors A transistor pair of 
opposite polarity operated in a complementary- 
symmetry circuit or its equivalent. 

complementary wave An electromagnetic wave in 
a transmission line that occurs as a result of re- 
flection. Any impedance discontinuity will result 
in complementary waves. 
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complementer A logic circuit that provides an out- 
put pulse when there is no input pulse, and vice 
versa. Also called INVERTER and NOT CIRCUIT. 

complement number In a base-n number system, 
for a given positive integer p less than n, the posi- 
tive integer m such that m+ p = n. For example, in 
the decimal (base-10) system, the complement of 4 
is 6, the complement of 7 is 3, and the complement 
of 9 is 1. In the hexadecimal (base-16) number 
system, the complement of 4 is 12, the comple- 
ment of 7 is 9, and the complement of 9 is 7. 

complement-number handling A computer sys- 
tem in which the operations are carried out via 
the complements of the input numbers. 

complement-setting technique A process of de- 
termining the number of pulses required to com- 
plete the switching of a counter circuit when it is 
started at some state higher than full zero. The 
number of pulses required for completion is equal 
to the number that represents the starting state's 
complement. 

complete carry In digital computer operation, a 
system permitting all carries to generate carries. 

complete circuit See CONTINUOUS CIRCUIT. 

complete modulation Modulation to the maxi- 
mum extent possible while maintaining accept- 
able circuit or system operation. 

complete operation In computer operations, the 
condition in which the machine rigorously follows 
program instructions. 

complete routine A vendor-supplied computer 
program that is usable without modification. 

complex function 1. A mathematical function of a 
complex-number variable. 2. An integrated cir- 
cuit (IC) containing two or more subcircuits that 
perform an operation more complicated that of 
any one of the circuits alone. 

complex notation Notation taking into considera- 
tion both the real-number and imaginary-num- 
ber components of a quantity. Thus, impedance 
(Z) is a complex quantity that includes a resistive 
(real) component (R) and a reactive (imaginary) 
component (jX). See COMPLEX NUMBER and 
COMPLEX OPERATOR. 

complex number A number expressed in complex 
notation (e.g., a+_jb, where a and b are real num- 
bers and j is the COMPLEX OPERATOR). Can 
also be expressed as a point or a vector in an AR- 
GAND DIAGRAM. 

complex operator The unit imaginary number, 
represented as j by engineers and as i by mathe- 
maticians. This number is defined mathemati- 
cally as the positive square root of -1. 

complex parallel permeability An expression of 
the permeability of an inductor core under actual 
operating conditions, assuming zero loss in the 
conductors of the coil winding. A parallel combi- 
nation of reactance and resistance. 

complex periodic wave A periodic wave composed 
of a sine-wave fundamental and certain harmon- 
ics in specific proportions. 
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complex permeability An expression of inductor- 
core permeability, obtained from the mathemati- 
cal ratio of the magnitudes of the vectors 
representing the induction and electromagnetic 
field strength within the core. 

complex plane A Cartesian coordinate system 
with real numbers on the horizontal axis and 
imaginary numbers on the vertical axis. Used for 
vectorial representation of complex numbers. See 
ARGAND DIAGRAM. 

complex quantity A quantity containing both real 
and imaginary components. Example: Im- 
pedance (Z) is a complex combination of resis- 
tance R (a real component) and reactance jX (an 
imaginary component): Z = R + jX. 

complex radar target A radar target that is large 
enough in theory to be detected by radar, but, be- 
cause ofits geometry, cannot be detected. This ef- 
fect is the result of phase combinations of signal 
components reflected from various surfaces on 
the target. 

complex series permeability An expression of 
complex permeability of an inductor core under 
actual operating conditions, assuming zero loss 
in the conductors of the coil winding. A series 
combination of reactance and resistance. 

complex steady-state vibration Periodic vibration 
with more than one sine-wave component. 

complex tone An audio tone made up of more 
than one sine-wave component. 

complex variable A variable having real and imag- 
inary parts. 

complex waveform The shape of a COMPLEX 
PERIODIC WAVE. It is the resultant of the indi- 
vidual sine-wave components (i.e., of the funda- 
mental and the harmonics). 

complex-wave generator A signal generator 
whose output signal is any of several selectable 
waveforms and frequencies (or repetition rates). 
Also see FUNCTION GENERATOR. 

compliance 1. The ease with which a material can 
be flexed or bent, an important characteristic of 
transducers (such as loudspeakers). Expressed 
in cm/dyne, compliance is the reciprocal of stiff- 
ness, and is the acoustical or mechanical equiva- 
lent of capacitance. 2. A measure of the output 
impedance of a switched-current signal source. 
Generally given as maximum current for a certain 
change in the voltage. 

compliance range The voltage range required to 
maintain a constant current throughout a load- 
resistance range. 

compliance voltage The range over which the out- 
put voltage of a constant-current power supply 
must swing in order to maintain a steady current 
in a varying load. 

compliance-voltage range The output voltage 
range of a constant-current power supply. 

component 1. A device or part used in a circuit to 
obtain some desired electrical action [e.g., a resis- 
tor (passive component) or an integrated circuit 
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(active component)]. Also see ACTIVE COMPO- 
NENT and PASSIVE COMPONENT. 2. An at- 
tribute inherent in a device, circuit, or 
performance (e.g., the REACTIVE COMPONENT 
of an inductor). 3. A specified quantity or term 
(e.g., the WATTLESS COMPONENT of ac power). 
4. A piece of equipment in a high-fidelity sound 
system. 

component density The number of components 
(see COMPONENT, 1) in an electronic assembly of 
a given physical volume. 

component failure rate 1. The percentage of 
components, out of a specified group, that can 
be expected to fail within a specified length of 
time. 2. The frequency with which a given com- 
ponent, in a certain application, can be expected 
to fail. 

component layout The mechanical arrangement 
of components (see COMPONENT, 1) in an elec- 
tronic assembly. 

component stress The electrical or mechanical 
strain to which a component is subjected. In gen- 
eral, the greater the stress, the higher the compo- 
nent failure rate. 

composite cable A cable containing other cables of 
different types. 

composite circuit A circuit handling telegraphy 
and telephony simultaneously without causing 
mutual interference. 

composite color A color that is not one of the 
COLOR PRIMARIES, but instead, consists of a 
combination of the three color primaries. 

composite color signal The complete color televi- 
sion signal, including all picture, color, and con- 
trol components. 

composite conductor A set of wires connected in 
parallel. The wires are often, but not necessarily, 
of identical size and constitution. 

composite current A current having both alter- 
nating-current (ac) and direct-current (dc) com- 
ponents; an alternating current superimposed on 
a direct current. Also called fluctuating current. 

composite curve A curve or pair of curves showing 
two modes of operation, as of biased and unbi- 
ased conditions. 

composite filter A filter consisting of more than 
one section. The sections might be, but often are 
not, identical. 

composite video signal The television picture sig- 
nal containing picture information and sync 
pulses. 

composite-video-signal distortion Distortion of 
the composite video signal as evidenced by over- 
shooting, ringing, and sync-pulse shortening. 

composite voltage A voltage having both alternat- 
ing-current (ac) and direct-current (dc) compo- 
nents; an ac voltage superimposed on a dc 
voltage. Also called fluctuating voltage. 

composite wave filter Two or more wave filters 
(not necessarily of the same type) operated in cas- 
cade. 
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composition resistor A resistor made from a mix- 
ture of materials, usually finely powdered carbon 
and a binder. 

compound A substance in which the atoms of two 
or more elements have united chemically to form 
a molecule. For example, an atom of cadmium 
(Cd) and one of sulfur (S) combine to form a 
molecule of cadmium sulfide (CdS). 

compound connection A direct connection of two 
transistors, the amplified output of the first being 
further amplified by the second. The connection 
provides extremely high current gain. Also called 
DARLINGTON PAIR. 

compound generator A generator that has both 
series and shunt fields. Also called compound- 
wound generator. 

compound horn A horn reflector used for trans- 
mission of microwave energy. The faces of the 
horn approach four geometric plane surfaces as 
the distance from the center increases. 

compound modulation A system of successive 
modulation, the modulated wave from one step 
becoming the modulating wave in the next. Also 
called multiple modulation. 


compound modulation 


compound motor An electric motor having both 
series and shunt fields. Also called compound- 
wound motor. 

compound transistor Two or more transistors di- 
rectly coupled in the same envelope for increased 
amplification. Also see COMPOUND CONNEC- 
TION. 


compound-wound generator See COMPOUND 
GENERATOR. 

compound-wound motor See COMPOUND MO- 
TOR. 


compress 1. In communications, to reduce or min- 
imize the bandwidth of a signal. 2. In communi- 
cations, the processing of a signal to increase 
low-level components and thereby raise the aver- 
age power level relative to the peak power level. 3. 
In computer operations, to reduce or minimize 
the number of bits in a digital signal or file, while 
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still retaining all the essential information. Com- 
pare EXPAND. 

compressed-air capacitor A high voltage air- 
dielectric capacitor enclosed in a case in which 
the air pressure is held at several atmospheres. 
The device exploits the dielectric strength of com- 
pressed air, which is higher than that of air at 
normal pressure. 

compressed-air speaker A speaker that uses an 
airtight chamber to enhance the acoustic repro- 
duction at certain frequencies. 

compression 1. In communications, the reduction 
or minimization of signal bandwidth. 2. In com- 
munications, the processing of a signal to in- 
crease low-level components and thereby raise 
the average power level relative to the peak power 
level. Usually, a logarithmic function. 3. In com- 
puter operations, the reduction or minimization 
of the number of bits in a digital signal or file, 
while still retaining all the essential information. 
Compare EXPANSION. 

compression ratio In a system using COMPRES- 
SION, the ratio A¡/4>, where A; is the gain (or 
transmission) at a reference-signal level and Ag is 
the gain (or transmission) at a specified higher 
signal level. 

compression wave A wave disturbance that trav- 
els via longitudinal motion of particles in a 
medium. Sound waves through air are the most 
common example. 


Instantaneous signal amplitude 
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compressor A circuit or device that limits the am- 
plitude of its output signal to a predetermined 
value, despite wide variations in input signal am- 
plitude. 

compressor driver unit A loudspeaker that works 
into an air space connected by a throat to a horn, 
rather than by driving a diaphragm. 
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Compton diffusion An effect that occurs when a 
photon and electron collide. Some of the energy 
from the photon is transferred to the electron. On 
a large scale, such collisions result in diffusion of 
electromagnetic waves. 

Compton effect The increase in wavelength (de- 
crease in frequency) of X-rays scattered by the 
electrons of lighter atoms bombarded with the 
X-rays. 

Compton shift See COMPTON EFFECT. 

compute To perform a mathematical operation by 
means of a relatively simple process. Thus, a dig- 
ital computer solves intricate problems using 
simple arithmetic steps. Compare CALCULATE. 

computer A device or machine for performing 
mathematical operations on data, and producing 
the results as information or control signals. 
There are numerous types, the most common be- 
ing the digital computer. 

computer-aided design Abbreviation, CAD. The 
use of computers in conceiving, developing, and 
perfecting new products. 

computer-aided manufacturing Abbreviation, 
CAM. The use of automated manufacturing sys- 
tems, such as assembly lines, that are partially or 
totally controlled by computers. 

computer antibody Also called vaccine. A small 
subprogram designed to eliminate viruses from 
computer systems. 

computer-assisted instruction Abbreviation, CAI. 
The use of computers as teaching and training 
aids. 

computer code See MACHINE LANGUAGE. 

computer consciousness The degree to which a 
machine can be considered aware of its own exis- 
tence. Until recently, this idea was considered 
ridiculous. But as microprocessor power contin- 
ues to grow, some researchers now consider it 
worth thinking about. 

computer-controlled catalytic converter A mi- 
croprocessor-controlled system for automatically 
supervising gaseous emissions exhausted by a 
motor vehicle. An oxygen sensor monitors the ex- 
haust stream, and the associated electronic sys- 
tem adjusts the air-to-fuel ratio of the carburetor 
to reduce smog-producing pollutants in the ex- 
haust. 

computer diode A semiconductor diode having 
low capacitance and fast RECOVERY TIME, thus 
suiting it to rapid switching in computer circuits 
and to very-high-frequency applications. 

computer engineer A person skilled in the theory 
and application of computers, related equipment, 
and associated mathematics. 

computer file See FILE. 

computer game See VIDEO GAME. 

computer graphics 1. The use of computers to 
assist in drawing and drafting, and in the pro- 
cessing of video images such as photographs. 
2. Broadly, any computer-generated or computer- 
processed image. 
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computer instruction See INSTRUCTION. 

computer interfacing apparatus The equipment 
used to connect a computer to other systems, 
and to peripherals. 

computerized axial tomography Abbreviation, 
CAT. A multiple X-ray system that enables the 
observer to obtain cross-sectional images of the 
internal organs of the body. 

computer map A blueprint, used in conjunction 
with machine vision, sonar, radar or beacons, 
that a mobile robot can use as a navigational aid. 
One or more such blueprints are stored in the 
robot controller's main memory. 

computer music 1. Music that is composed by a 
computer. 2. See MUSICAL INSTRUMENT DIGI- 
TAL INTERFACE. 

computer program See PROGRAM. 

computer programmer A person skilled in devis- 
ing and/or writing the routines that a digital 
computer uses to solve problems or process data. 

computer storage tube A cathode-ray tube in 
which the electron beam scans and stores infor- 
mation in thousands of memory cells on a target. 
A cell “remembers” by acquiring and holding an 
electrostatic charge when it is struck by the beam 
from the writing gun. Information taken is read 
out of a cell by a second beam from the reading 
gun. 

computer system A central processor and its as- 
sociated online and offline peripherals, such as a 
monitor, modem, printer, optical scanner, mag- 
netic disk drives, CD-ROM drive, and tape 
backup. 

computer technician A professional skilled in 
building, repairing, and maintaining computers, 
and who, occasionally, designs them. Usually 
works under the supervision of a computer engi- 
neer. 

computer terminal 1. A teleprinter or video dis- 
play unit and keyboard, used by human opera- 
tor(s) of a computer. 2. An interface between a 
computer and its human operator(s). 

computer/TV interface A device or circuit for de- 
livering the output of a digital computer to a stan- 
dard television receiver so that the latter can 
serve as a GRAPHIC TERMINAL. 

computer virus A deliberately created and dissem- 
inated subprogram or piece of programming code, 
that electronically spreads through computer 
systems and hinders operation. Usually diverts 
the computer(s) from intended functions; some- 
times causes a catastrophic malfunction. Often 
exists undetected, being transferred from one 
computer to another by means of diskettes or 
software. 

computer word See WORD. 

computing amplifier See OPERATIONAL AMPLI- 
FIER. 

computing machine See COMPUTER. 

concatenation 1. A method of speed control for a 
3-phase motor in which two induction motors are 


operated with their shafts coupled together. The 
stator of the first motor is connected to the 3- 
phase supply, and the slip rings of this motor are 
connected to the field of the second motor. The 
slip rings of the second motor are connected to 
the three ganged sections of a Y-rheostat used for 
adjusting the speed. 2. Arrangement of a set into 
a series. 

concentrated-arc lamp A brilliant low-voltage 
lamp, containing nonvaporizing electrodes in an 
inert-gas atmosphere. An arc across the elec- 
trodes creates the light source. 

concentrated winding A coil winding that has a 
large number of turns in a small space. 

concentration cell An electrolytic cell in which 
two electrodes are immersed in solutions of the 
same compound but having different combina- 
tions. The voltage is usually very small, 0.1 volt or 
less. 

concentration gradient Between points in a semi- 
conductor, the difference in electron or hole con- 
centration. 

concentric cable See COAXIAL CABLE. 

concentric capacitor A fixed or variable capacitor 
whose plates are concentric cylinders. Also called 
concentric-plate capacitor. 

concentric jack See COAXIAL JACK. 

concentric line See COAXIAL LINE. 

concentric-line oscillator A stable, self-excited 
oscillator whose frequency-determining tank con- 
sists principally of a section of concentric (coax- 
ial) line. Used primarily at ultra-high frequencies 
(UHF). 

concentric plug See COAXIAL PLUG. 

concentric receptacle See COAXIAL RECEPTA- 
CLE. 

concentric tank See COAXIAL TANK. 

concentric-wound coil A combination of two or 
more coils wound on top of, and insulated from, 
each other. 

conceptual modeling A technique for solving 
problems by devising a mathematical model 
based on the results of an experiment; experi- 
ments performed on the model are used to verify 
its validity. 

concurrent conversion In computer operations, 
running conversion and conventional programs 
together. Also see CONVERSION PROGRAM. 

concurrent processing See MULTIPROGRAM- 
MING. 

condenser 1. An obsolete term for CAPACITOR. 2. 
A mirror or lens for concentrating light (on an ob- 
ject, for example). 3. Something that condenses a 
gas or vapor. 4. See CONDENSER MICRO- 
PHONE. 

condenser antenna A two-wire horizontal antenna 
system in which the radiator is a wire situated 
above a counterpoise. 

condenser microphone Also called capacitor mi- 
crophone. A microphone in which a tightly 
stretched metal diaphragm forms one plate of an 
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air capacitor, and a closely situated metal plug 
forms the other plate. A dc bias voltage is applied 
to the arrangement. Impinging sound waves 
cause the diaphragm to vibrate, varying the ca- 
pacitance and causing the output current to fluc- 
tuate accordingly. 

condensing routine In computer operations, a 
program that compresses data. See COMPRES- 
SION, 3. 

condensite A plastic insulating material whose 
base is phenol formaldehyde resin. 

conditional Pertaining to a quantity or phe- 
nomenon that depends on some external factor, 
and is therefore subject to change. 

conditional branch A point in a computer pro- 
gram where a relational test is performed, and 
the statement line in which the test is made is left 
so that an out-of-sequence instruction can be im- 
plemented. Such a branch might be made, for ex- 
ample, following a statement, such as “IF Z = Y 
THEN GO TO LINE 380.” 

conditional branch instruction The instruction 
in a computer program that causes a CONDI- 
TIONAL BRANCH. 

conditional implication operation A Boolean op- 
eration in which the result of operand values X 
and Y are such that the output is high only if in- 
put X is high and input Y is low. Also called inclu- 
sion or if-then operation. 

conditional jump See CONDITIONAL BRANCH. 

conditional stop instruction In a computer pro- 
gram, an instruction that can cause a halt in the 
run, as dictated by some specified condition. 

conditional transfer See CONDITIONAL BRANCH. 

condition code A set of constraints for a computer 
program; sets limits on what can be done with the 
computer under certain circumstances. 

conditioning 1. The process of making equipment 
compatible for use with other equipment. Gener- 
ally involves some design or installation changes. 
2. Interfacing. 

Condor A continuous-wave navigational system 
that produces a cathode-ray-tube display for au- 
tomatically determining the bearing and distance 
from a ground station. 

conductance Symbol, G. Unit, siemens. The ability 
of a circuit, conductor, or device to conduct elec- 
tricity. Conductance in siemens is the reciprocal 
of resistance: G = 1/R, where R is the resistance 
in ohms. 
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conducted heat Heat transferred by conduction 
through a material substance, as opposed to con- 
vection and radiation. A heatsink conducts dissi- 
pated energy away from a transistor, whereupon 
convection and radiation allow heat to escape 
from the sink. 
conduction 1. The propagation of energy through 
a medium, depending on the medium for its 
travel. 2. The transfer of electrons through a wire. 
3. The transfer of holes through a P-type semi- 
conductor material. 4. Heat transfer through a 
material object (see CONDUCTED HEAT). 
conduction angle See ANGLE OF CONDUCTION. 
conduction band In the arrangement of energy 
levels within an atom, the band in which a free 
electron can exist; it is above the valence band in 
which electrons are bound to the atom. In a 
metallic atom, conduction and valence bands 
overlap; but in semiconductors and insulators, 
they are separated by an energy gap. 
conduction current 1. The electromagnetic-field 
flow that occurs in the direction of propagation. A 
measure of the ease with which the field is prop- 
agated. 2. Current in a wire or other conductor. 
conduction-current modulation In a microwave 
tube, cyclic variations in the conduction current; 
also, the method of producing such modulation. 
conduction electron See FREE ELECTRON. 
conduction error In a temperature-acutated 
transducer, error caused by conduction of heat 
between the sensor and the mounting. 
conduction field An energy field that exists in the 
vicinity of an electric current. 
conductive coating A conducting layer applied to 
the glass envelope of a cathode-ray tube, such as 
an oscilloscope tube or picture tube. 
conductive coupling See DIRECT COUPLING. 
conductive material See CONDUCTOR. 
conductive pattern The pattern of conductive 
lines and areas in a printed circuit. 
conductivity Unit, S/m (siemens per meter). An 
expression of conductance per unit length of a 
material; the reciprocal of resistivity. 
conductivity meter A device for measuring elec- 
trical conductivity. Generally, such a device is 
calibrated in siemens. 
conductivity modulation In a semiconductor, the 
variation in conductivity that results from a vari- 
ation of charge-carrier density. 
conductivity-modulation transistor A transistor 
in which the bulk resistivity of the semiconductor 
material is modulated by minority carriers. 
conductor 1. A material that allows charge carri- 
ers (usually electrons) to move with ease among 
atoms. Examples are metals, electrolytes, and 
ionized gases. Substances vary widely in their 
suitability as conductors; the conductivity of 
commercial copper, for example, is almost twice 
that of aluminum. Compare INSULATOR. 2. An 
individual conducting wire in a cable, insulated 
or uninsulated. 
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conduit A hollow tube, made of plastic or metal, 
through which wires, cables, and other transmis- 
sion media are fed. 

cone The conical diaphragm of a (usually dynamic) 
loudspeaker. 

cone antenna An antenna in which the radiator is 
a sheet-metal cone or a conical arrangement of 
rods or wires. 

Conelrad An early amplitude-modulation (AM) 
broadcast protocol, intended for use in the event 
of a nuclear war. Now replaced by the EMER- 
GENCY BROADCAST SYSTEM. 

cone marker A UHF marker beacon whose conical 
energy lobe radiates vertically from a radio-range 
beacon station. Aircraft in flight use such mark- 
ers to accurately locate the beacon station. 

cone of protection The zone surrounding a light- 
ning rod, in which the chances of a lightning 
strike are greatly reduced. The cone has an apex 
angle of 45°, relative to the rod. Objects entirely 
within this cone are unlikely to be struck (al- 
though it is still possible). 
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cone of silence A small zero-signal zone directly 
over a low-frequency radio-range beacon. The 
zone is the product of the combined directive 
properties of the beacon transmitting antenna 
and the antenna on an aircraft. 

cone speaker A loudspeaker having a sound- 
producing cone (diaphragm) made of specially 
treated paper or other material, as opposed to a 
loudspeaker having a flat diaphragm. 

confetti On a color TV screen, color spots caused 
by chrominance-amplifier noise. 

confidence The probability that a predicted result 
will occur. 

confidence factor Confidence, expressed either as 
a fraction (between O and 1) or as a percentage. 

confidence interval The range over which a pa- 
rameter can vary so that a given confidence factor 
is maintained. 
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confidence level See CONFIDENCE FACTOR. 

confidence limitations The maximum and mini- 
mum points of a confidence interval. Outside the 
confidence-limitation points, the confidence fac- 
tor drops below the required minimum. 

configuration 1. The characteristic arrangement 
of components in an electronic assembly, or of 
the equipment symbols in the corresponding cir- 
cuit diagram. 2. Computer system. 

configuration state In a computer system, an ex- 
pression of the availability status of a device fora 
given application. A configured-in device is avail- 
able; a configured-out device is available, but is 
restricted to certain users; a configured-off device 
is unavailable. 

configuration table Within a computer’s operating 
system, a table that provides the configuration 
state for various system units. 

configured-in See CONFIGURATION STATE. 

configured-off See CONFIGURATION STATE. 

configured-out See CONFIGURATION STATE. 

conformance The degree to which a quantity or 
variable corresponds to a standard or to expecta- 
tions. 

conformance error The extent (usually expressed 
as a percentage) to which conformance is lacking. 

conical antenna See CONE ANTENNA. 

conical horn A horn (antenna, loudspeaker, or 
sound pickup) having the general shape of a 
cone: the cross-sectional area varies directly as 
the square of the horn’s axial length. 

conical monopole antenna An unbalanced broad- 
band antenna that derives its name from its 
shape. It is usually constructed from wire and 
must be operated against a good radio-frequency 
(RF) ground. 
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conical scanning In radar transmission, a method 
of scanning in which the beam describes a cone, 
at the apex of which is the antenna. 

conic sections The geometric plane figures that 
result from the intersection of a cone with a 
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plane. These figures are the circle, the ellipse, the 
parabola, and the hyperbola. 

conjugate Fora given complex number A + jB, the 
quantity A — jB. When complex conjugates are 
multiplied together, the result is A? + B?. 

conjugate branches In a network, two branches of 
such a nature that a signal in one has no effect on 
the other. 

conjugate bridge A bridge in which the detector 
and generator occupy positions opposite to those 
in a conventional bridge of the same general type. 

conjugate impedance For a given complex im- 
pedance, R + jX, where R is the resistive compo- 
nent and jX is the reactive component, the 
impedance: R- jX. The resistance is identical; the 
reactance is of equal magnitude, but opposite 
sign (capacitive as opposed to inductive, or vice 
versa). 

conjunction The logical AND operation. 

connect To provide an electrical path between two 
points. 

connection The point at which two conductors are 
physically joined. 

connective An operation symbol written between 
operands. 

connector 1. A device that provides electrical con- 
nection. 2. A fixture (either male or female) at- 
tached to a cable or chassis for quickly making 
and breaking one or more circuits. 3. A symbol 
that connects points on a flowchart. 

conoscope A device that uses focused polarized 
light to examine crystals (as in checking the opti- 
cal axis of a quartz crystal). 

consequent poles The poles of an equivalent sin- 
gle magnet that is formed when two magnets are 
aligned with their two identical poles together. 
Thus, when the two north poles are placed to- 
gether, the consequent poles are a south pole at 
each end and a north pole at the center. 

conservation of energy 1. The preservation of 
the potential for work by a given quantity of en- 
ergy—even when it undergoes a change in form 
within a system. 2. The law of conservation of 
energy, which states that energy can be neither 
created nor destroyed, but only changed in 
form. 

console 1. The main station or position for the 
control of electronic and/or computer equipment. 
2. The equipment at a fixed location. 3. An equip- 
ment-containing cabinet that stands on the floor. 
4. Equipment permitting communication with a 
computer. Also called dumb terminal. 

consonance 1. Harmony between audio tones. 2. 
Acoustical or electrical resonance between bodies 
or circuits that are not physically connected. 

constant 1. A quantity whose value remains 
fixed, such as the speed of light in a vacuum. 
Compare VARIABLE. 2. The value of a compo- 
nent specified for use in a particular electronic 
circuit. 3. An electronic component, particularly 
a capacitance or inductance. 4. In a computer 
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program, data items that remain unchanged for 
each run. 

constant-amplitude recording In sound record- 
ing, the technique of holding the maximum am- 
plitude of the signal steady as the frequency 
changes. 

constantan An alloy of copper and nickel used in 
some thermocouples and standard resistors. 

constantan-platinum thermocouple A thermo- 
couple that uses the junction between constan- 
tan and platinum wires, which is contained in 
thermocouple-type meters. 

constant area As allocated by a computer pro- 
gram, an area of memory that holds constants. 

constant bandwidth In a broadband tuned cir- 
cuit, bandwidth that does not change with fre- 
quency. 

constant current A current that undergoes no 
change in value as it flows through a changing re- 
sistance. Compare CONSTANT VOLTAGE. 

constant-current characteristic A condition in 
which the current through a circuit remains con- 
stant—even if the voltage across the circuit in- 
creases or decreases. 

constant-current curve A graph in which the de- 
pendent variable is an electric current that levels 
off at, or approaches, a specific maximum. An ex- 
ample is the collector-current versus collector- 
voltage curve for a bipolar transistor. 
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constant-current drive Driving power obtained 
from a constant-current source. 

constant-current modulation See 
COUPLED MODULATION. 

constant-current power supply See CONSTANT- 
CURRENT SOURCE. 

constant-current sink See CURRENT SINK. 

constant-current source A power supply whose 
current remains steady during variations in 
load resistance. Also called constant-current 
supply and current-regulated supply. Compare 
CONSTANT-VOLTAGE SOURCE. 
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constant-current supply See CONSTANT- 
CURRENT SOURCE. 

constant-current transformer A transformer sup- 
plied from a constant-voltage source that auto- 
matically delivers a constant current to a varying 
secondary load. 

constant-k filter Also called a Zobel filter. A filter 
section in which Z,Z equals I at all frequencies, 
where Z is the impedance of the series element 
and Z is the impedance of the shunt element. 

constant-power dissipation line A line connect- 
ing points on a family of current-voltage charac- 
teristic curves, the points corresponding to the 
maximum power that can safely be dissipated by 
the device to which the curves apply. 

constant-resistance network A circuit of resistors 
that, when terminated in a resistance load, pre- 
sents a constant resistance to a driving source 
under various conditions of operation. 

constant-speed motor 1. Also called a shunt mo- 
tor. A motor whose speed varies little, or not at all, 
with variations in the armature current. 2. A mo- 
tor that runs at an unvarying speed through the 
action of associated automatic electronic control 
circuitry. 

constant voltage A voltage that does not change 
as the load resistance varies. Compare CON- 
STANT CURRENT. 

constant-voltage, constant-current supply A 
combination current-regulated and voltage- 
regulated power supply; delivers constant cur- 
rent to low load resistances and constant voltage 
to high load resistances. 

constant-voltage drive Driving power obtained 
from a CONSTANT-VOLTAGE SOURCE. 

constant-voltage source A power supply whose 
output voltage remains steady during variations 
in load current. Also called constant-voltage sup- 
ply and voltage-regulated supply. 

constant-voltage transformer A special trans- 
former used to reduce variations in power-line 
voltage. A capacitor in the device causes a winding 
to resonate at the line frequency (e.g., 60 Hz). This 
tends to maintain a more constant current than 
would be the case in an ordinary transformer. 

construct A source (user's) computer program 
statement that, when implemented, produces a 
predetermined effect. 

consumer reliability risk 1. The chance a con- 
sumer takes when buying a component or piece 
of equipment that has not been subjected to 
quality-assurance/quality-control (QA/QC) test- 
ing. 2. An expression of the failure rate for a con- 
sumer item. 

contact 1. A conducting body (such as a button, 
disk, or blade) that serves to close an electric cir- 
cuit when pressed against another conductor. 
Example: switch contact and spring contact. 2. 
The state of being touched together, as when two 
conductors are brought into contact to close a 
circuit. 
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contact arc The arc that initially occurs when 
current-carrying contacts are separated. 

contact area 1. The face of an electrical contact. 
2. The common area shared by two conductors in 
mutual contact. 

contact bounce The springing apart or vibration of 
contacts upon making or breaking. 

contact chatter The abnormal vibration of mating 
contacts, caused by contact bounce or by an ex- 
traneous alternating current. 

contact-closure input The input circuit of a de- 
vice, such as a control-system amplifier, that is 
actuated by the closing of switching contacts. 
Compare CONTACT-OPEN INPUT. 

contact combination The set of contacts on a 
switch or electronic relay. 

contact detector A rectifier or demodulator, com- 
posed of two dissimilar materials in contact with 
each other. Semiconductor diodes are of this gen- 
eral type. Some contact-detector action can be 
obtained with two dissimilar fine wires (such as 
copper and iron) by touching their tips lightly to- 
gether. 

contact EMF Short for contact electromotive force; 
also called contact potential. A low direct-current 
(dc) voltage that is sometimes generated by the 
contact of two dissimilar materials. 

contact follow The tendency of relay contacts to 
follow the actuating signals. 

contact force 1. The force with which relay con- 
tacts close with a given amount of coil current. 2. 
The force with which a pair of relay contacts are 
held together when current flows through the 
coil. 3. In a mercury-wetted relay, the force ex- 
erted by the mercury on the contacts as the relay 
closes. 

contact gap The distance between contacts when 
they are open. 

contact load 1. The power dissipated by a load 
that is connected to a power supply through a 
closed set of contacts. 2. The current passing 
through a set of closed contacts. 

contact microphone A microphone placed in di- 
rect contact with a vibrating surface for pickup. 
Actuated by the vibration of a solid, rather than 
by the movement of air molecules. 

contact miss 1. The improper alignment of con- 
tacts in a switch or relay. 2. The condition of re- 
lay contacts not lining up properly. 

contact modulator An electromechanical CHOP- 
PER. 

contact-open input The input circuit of a device, 
such as a control-system amplifier, that is actu- 
ated by the opening of switching contacts. Com- 
pare CONTACT-CLOSURE INPUT. 

contactor A switch used for frequent opening or 
closing of a circuit. An example is a relay contac- 
tor used for keying a transmitter. 

contactor noise 1. Electrical noise that is the 
product of make-and-break contact action or 
fluctuations in conduction when the contacts are 
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closed. 2. Sounds coming directly from contacts 
that are opening and closing. 

contact potential The small direct-current (dc) 
voltage that results from the bombardment of an 
electrode by electrons, when the electrode has no 
external voltage applied to it. 

contact pressure The pressure that holds con- 
tacts together. 

contact protector A component (such as a diode, 
capacitor, resistor, or combination of these) that 
serves to suppress contact arcing. 

contact rating The maximum current, voltage, 
and/or power specified for a given set of contacts. 

contact rectifier A rectifier consisting of two dis- 
similar materials in direct contact. Examples: 
copper and copper oxide, magnesium and copper 
sulfide, selenium and aluminum, and germa- 
nium and indium. 

contact resistance The resistance of the closed 
contacts of switches, relays, and other similar de- 
vices. Normally, this is a very small resistance. 

contact separation See CONTACT GAP. 

contact strip See TERMINAL STRIP. 

contact switch An electromechanical switch that 
uses contacts to make and break a circuit, as 
compared with an electronic switch that uses 
semiconductor devices. 

contact travel The distance over which a relay or 
switch contact must move to close a circuit. 
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contact wetting The use of mercury (a conducting 
liquid) to improve the action of a relay contact or 
contacts. 

contact wipe A sliding motion between closed con- 
tacts. Helps to establish a good connection and to 
keep the contact surfaces clean. 

container file See CONTROLLING FILE. 

contaminated material 1. A semiconductor mate- 
rial containing some undesired substance. 2. A 
material unintentionally made radioactive. 

contamination 1. The presence of an impurity in a 
substance. 2. The addition of a radioactive mate- 
rial to a substance. 3. In a coaxial cable, the ten- 
dency for the jacket material to bleed through the 
outer braid into the dielectric, resulting in in- 
creased loss. 

content-addressed storage In a computer, mem- 
ory- or data-storage locations identified by con- 
tent (see CONTENTS), instead of by address. Also 
called associative storage. 

contention The result of interference among more 
than one transmitting station on the same com- 
munications channel. 

contents 1. The data in a computer random- 
access memory (RAM). 2. The data in a specific 
storage location, such as on a hard disk, diskette, 
or CD-ROM. 

context 1. The environment in which a word is 
used in a natural language (such as English, 
Spanish, or Russian). Important in speech 
recognition and speech synthesis. 2. The envi- 
ronment in which a string of characters, com- 
posing a data unit or word, is used in a 
computer program. 

Continental code A version of the Morse code 
used internationally in radiotelegraphy. Also 
called International Morse code and general ser- 
vice code. Compare AMERICAN MORSE CODE. 

continuity A condition of being uninterrupted— 
especially pertaining to current flowing in an 
electrical or electronic circuit. 

continuity test A test of the completeness of an 
electrical path. Ideally, the only concern is 
whether the circuit is open or closed, but some- 
times circuit resistance is also of interest. 

continuity tester A device (such as an ohmmeter, 
battery and buzzer, and battery and lamp) with 
which a continuity test can be made. 

continuity writer The person who prepares copy 
for a radio or television broadcaster. 

continuous carrier A medium (such as a radio- 
frequency wave) that will convey information (as 
when the carrier is modulated) with no disruption 
of the medium itself. 

continuous circuit An uninterrupted circuit. 

Continuous Commercial Service Abbreviation, 
CCS. A category in which safe operating parame- 
ters are listed for electronic components and 
communications equipment operated over long, 
uninterrupted periods. Compare INTERMITTENT 
COMMERCIAL AND AMATEUR SERVICE. 
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continuous duty The requirement of a device to 
sustain a 100-percent duty cycle for a prolonged 
period of time. 

continuous-duty rating A maximum current, volt- 
age, or power rating for equipment operated for 
extended periods at a 100-percent duty cycle. 

continuous load A load that requires a continuous 
feed for a prolonged period of time. 

continuous memory See NONVOLATILE MEM- 
ORY. 

continuous-path motion In robotics, machine 
movement that occurs in a smooth fashion, 
rather than in discrete steps. Allows precise posi- 
tioning of a mechanical arm or gripper. 

continuous power The maximum sine-wave power 
that an amplifier can deliver for 30 seconds. 

continuous recorder An instrument that provides 
an uninterrupted recording. 

continuous recording A record made on a contin- 
uous sheet or tape, instead of on separate sheets 
or tapes. An example is a continuous-playing 
tape used for repeated public announcements. 

continuous spectrum 1. The range of all electro- 
magnetic frequencies between a specified lower 
limit fi and a specified upper limit f. 2. A range 
of electromagnetic frequencies that exhibits simi- 
lar behavior between its lower and upper limits. 

continuous stationery Also called fanfold paper. 
The pack of paper a line printer uses. It consists 
of sheets connected by perforated or tear-off 
edges, folded in accordion fashion. It usually has 
tear-off perforated strips along either side to facil- 
itate feed through the printer mechanism. 
continuous variable A variable that can attain any 
value within a specific range of values. An exam- 
ple is a frequency within the 75- to 80-meter am- 
ateur radio band, from 3.5 to 4.0 MHz. 
continuous wave Abbreviation, CW. 1. A periodic 
wave, such as a radio-frequency (RF) carrier, that 
is not interrupted at any point between its normal 
start and termination, and that is unmodulated. 
2. An RF carrier that is interrupted digitally with 
a keying device according to some code (such as 
Morse), for the purpose of conveying information. 
continuous-wave laser See CW LASER. 
continuous-wave radar See CW RADAR. 

contour A control on an audio reproduction sys- 
tem that increases the base and treble ampli- 
tudes at low levels to compensate for the ear's 
natural losses in these ranges. Alternatively, this 
control can attenuate signals in the 3-kHz region, 
where the human ear is most sensitive. 

contours of equal loudness See AUDIBILITY 
CURVES. 

CONTRAN A computer language that requires no 
compiler, or translating, interface between the 
operator and the machine. The programming is 
done in a language similar to machine language. 

contrast 1. In a video image, the degree to which 
adjacent areas of a picture are differentiated. In- 
sufficient contrast makes for a “flat” picture; ex- 
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cessive contrast, a “hard” picture. 2. In optical 
character recognition, the degree to which a char- 
acter is distinguishable from its background. 

contrast control A potentiometer for adjusting the 
gain of the video in a television receiver or cath- 
ode-ray-tube (CRT) computer display and, ac- 
cordingly, the image contrast. 

contrast range In an image or pattern, the bright- 
ness range from the lightest to the darkest parts. 

contrast ratio In a video image, the ratio of maxi- 
mum to minimum luminance. 

control 1. An adjustable component, such as a 
rheostat, potentiometer, variable capacitor, or 
variable inductor, that allows some quantity to be 
varied at will. 2. A test or experiment conducted 
simultaneously with another similar test con- 
ducted under conditions lacking the factor under 
consideration. Thus, if 100 resistors coated with 
a special varnish are tested at 120°F, 100 identi- 
cal unvarnished resistors could be tested (as a 
control) under the same conditions; in this way, 
the effect of the varnish would be ascertainable. 
3. As a computer function, understanding and 
implementing instructions or carrying out tasks, 
according to specific conditions. 

control ampere-turns The ampere-turns of the 
control winding in a magnetic amplifier. 

control block A storage block for control informa- 
tion in a computer. 

control bus In a digital computer, the electrical 
conductors linking the central-processing-unit 
(CPU) control register to the memory circuits. 

control card A card that provides control informa- 
tion for a computer. 

control character A character (bit group) used to 
start the control of a peripheral. 

control characteristic A representation (such as a 
collector-current versus collector-voltage curve) 
depicting the extent to which the value of one 
quantity affects or controls the value of another. 

control circuit 1. A circuit in which one signal or 
process is made to control another signal or pro- 


contrast + controlling file 145 


cess. 2. In a digital computer, a circuit that han- 
dles and interprets instructions and commands, 
particularly in the arithmetic and logic unit 
(ALU). 

control computer A computer that receives sig- 
nals concerning the parameters in some process, 
and responds with signals that control those pa- 
rameters. 

control counter See CONTROL REGISTER. 

control data 1. In a computer record having a key, 
information used to put the records in some se- 
quence. 2. Information affecting a routine's selec- 
tion or modification. 

control electrode An electrode to which an input 
signal can be applied to control an output signal. 
Common examples are the base of a bipolar tran- 
sistor, the gate of a field-effect transistor, and the 
inputs of a logic gate. 

control field 1. In direct-current generators of the 
amplifying type, an auxiliary field winding used 
for feedback and regulation, in contrast to the 
self-excited field winding (which is the conven- 
tional field winding of the generator). 2. A com- 
puter record field containing control data. 

control flux In an amplidyne, magnetic flux gener- 
ated by current flowing through the control wind- 
ing. 

control grid See GRID, 1. 

control-grid bias The negative dc voltage applied 
between ground and the control grid of a vacuum 
tube to establish the operating point. 

control language Within the operating system ofa 
computer, the command set that the operator or 
programmer uses to control the running of a pro- 
gram or the operation of peripherals. Also called 
job control language or system control language. 

control language interpreter See CONTROL LAN- 
GUAGE and INTERPRETER. 

controlled avalanche diode Also called avalanche 
diode or Zener diode. A diode that has a well- 
defined avalanche voltage. Used primarily for 
voltage regulation in power supplies. 

controlled-carrier modulation See QUIESCENT 
CARRIER OPERATION. 

controlled-carrier transmission See QUIESCENT 
CARRIER OPERATION. 

controlled rectifier A rectifier whose de output 
can be varied by adjusting the voltage or phase of 
a signal applied to the control element. See 
SILICON-CONTROLLED RECTIFIER. 

controller 1. The control signal of an electronic 
control (or servo), system. 2. A device, such as a 
specialized variable resistor, used to adjust cur- 
rent or voltage. 3. A computer that oversees and 
controls the operation of a robot or fleet of robots. 

controller function The control of the movements 
of a servo system. 

controlling file A computer storage area encom- 
passing several complete magnetic disk cylin- 
ders; its size can be changed to accommodate a 
number of files. 
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control loop See CONTROL TAPE. 

control mark See TAPE MARK. 

control panel 1. An accessible surface on which are 
mounted switches, buttons, potentiometers, me- 
ters, digital indicators, monitoring devices, and 
other apparatus essential to regulating and super- 
vising an electronic system. 2. The console that a 
computer operator or programmer uses to com- 
municate with the central processing unit (CPU). 

control plate The metallic plate or disk that serves 
as the antenna of a CAPACITANCE RELAY or 
TOUCHPLATE RELAY. 

control program A program that arranges com- 
puter-operation programs in a certain order. Puts 
information in the computer memory for later 
use. 

control rectifier A semiconductor diode device, 
used for the purpose of switching large currents. 
A small control signal can provide switching of 
high-power devices. 

control register In a computer, the register that 
stores the address of the next instruction in the 
program being run. 

control sequence The order in which instructions 
are executed in a digital computer. 

control stack In a computer system, a unit of 
hardware having storage locations and used to 
perform arithmetic, assist in allocating memory 
to programs, and to control internal processes. 

control statement Ina programming language, an 
instruction that causes some action to be taken, 
as specified by a condition; it is also applicable to 
source program statements that affect the com- 
piler's operation without modifying the machine 
code. 

control tape Punched paper or plastic tape in the 
form of a closed loop and used to control printing 
devices. Also called control loop. 

control total For a file or record group, a total de- 
rived during an operation; it is used to verify that 
all the records have been processed similarly. 

control transfer The situation in which the control 
unit of a digital computer leaves the main se- 
quence of instructions and takes its next instruc- 
tion from an out-of-sequence address. 

control transfer instruction See BRANCH IN- 
STRUCTION. 

control- voltage winding In a servomotor, the 
winding that receives a varying voltage of a phase 
different from that applied to the fixed-voltage 
windings. 

control winding In a magnetic amplifier, the wind- 
ing that conducts the control-signal current. 

control word A word (a bit group) stored in a com- 
puter memory and used for a control function. 

convection The flow of a gas or liquid that results in 
the transfer of heat from one location to another. 

convection cooling The removal of excess heat 
from a component, such as a power vacuum tube 
or transistor, via upward movement of surround- 
ing air that has been heated by the component. 
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convection current 1. The motion of current car- 
riers or a charge across the surface of a conduc- 
tor or dielectric. 2. Air currents rising above a 
heat source or heated body. 

convective discharge The continuous high- 
voltage current discharge across a spark gap. 

convectron A device that indicates the angle, with 
respect to the vertical, based on convection cool- 
ing of a straight wire. The temperature difference 
is greatest when the angle is O degrees (the wire is 
vertical); the temperature difference decreases as 
the angle increases, reaching a minimum at 90 
degrees (when the wire is horizontal). 

convenience outlet 1. In North America, a wall 
outlet providing a nominal 117 volts alternating 
current (ac) at 60 Hz for common household ap- 
pliances. 2. An outlet in a laboratory that pro- 
vides power for a certain application. 

conventional current The notion that current 
flows from the positive pole to the negative pole in 
an electric circuit. This representation is used 
most often by physicists. Electron flow is opposite 
to conventional current flow; positively charged 
particles, such as holes, move in the same direc- 
tion as the conventional current. 

convergence 1. The eventual meeting of values or 
bodies at some point (sometimes at infinity, as in 
certain mathematical series). 2. The intersection 
point of the beams from separate electron guns in 
a cathode-ray tube (CRT). 

convergence coil One of a pair of coils used ina 
color television receiver to produce dynamic beam 
convergence (see CONVERGENCE, 2). 

convergence control In a color television receiver, 
a potentiometer in the high-voltage circuit for con- 
vergence adjustment (see CONVERGENCE, 2). 

convergence electrode An electrode that provides 
an electrostatic field for converging electron 
beams. Compare CONVERGENCE MAGNET. 

convergence frequency The frequency of the last 
member of a spectrum series. 

convergence magnet An assembly that provides a 
magnetic field to converge electron beams. Com- 
pare CONVERGENCE ELECTRODE. 
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convergence phase control In a three-gun color 
picture tube, a variable resistor or variable induc- 
tor used to adjust the phase of the dynamic con- 
vergence voltage. 

convergence plane 1. In a color picture tube, the 
plane in which the red, green, and blue beams all 
focus. 2. In a cathode-ray tube, the plane in 
which the electron beam reaches its sharpest fo- 
cus. 

convergent series A mathematical series that ap- 
proaches a specific, finite numerical value as the 
number of terms increases. Thus, the series 0.3 + 
0.03 + 0.003 +... approaches a limiting value of 
13. Compare DIVERGENT SERIES and INFINITE 
SERIES. 

converging lens A lens having a real focus for par- 
allel rays; generally a convex lens. 

conversational compiler In computer operations, 
a compiler that, using the CONVERSATIONAL 
MODE of operation, shows the programmer 
whether or not each statement entered into the 
computer is valid, and whether or not to proceed 
with the next instruction. 

conversational mode High-level computer opera- 
tion or programming, in which the computer 
gives responses to the operator’s input. 

conversion 1. The deliberate mixing of radio- 
frequency (RF) signals to produce signals at the 
sum and/or difference frequencies. 2. The pro- 
cess of changing direct current (dc) to alternating 
current (ac). 3. The process of changing low-volt- 
age dc to high-voltage dc. 4. The changing of a 
computer file to another format and, possibly, 
transferring it to a different storage medium (e.g., 
from tape to internal memory). 5. The processing 
of a program or file written for one computer or 
application into a form suitable for another com- 
puter or application. 

conversion efficiency In a converter (see CON- 
VERTER, 1), the ratio of output-signal ampli- 
tude to input-signal amplitude. For example, in 
a superheterodyne converter, a large intermedi- 
ate-frequency (IF) output for a low radio- 
frequency (RF) input indicates high conversion 
efficiency. 

conversion equipment In a computer system, an 
offline device for transferring data from one 
medium to another [e.g., a disk-to-tape converter 
(tape drive)]. Also called CONVERTER. 

conversion exciter An exciter for transmitters, in 
which an output signal of a desired frequency is 
obtained by beating the output of a variable- 
frequency self-excited oscillator with the output 
of a fixed-frequency oscillator (Such as a crystal 
oscillator). 

conversion gain Amplification as a byproduct of 
conversion. See CONVERSION EFFICIENCY. 

conversion loss Conversion gain of less than 1. 

conversion program In computer operations, a 
program for data conversion (see CONVERSION, 
4 and 5). 
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conversion rate Also called sampling rate. The 
number of samples per second taken by an 
ANALOG-TO-DIGITAL CONVERTER. 

conversion time In digital computer operation, 
the time required for the machine to read out all 
the digits in a coded word. 

conversion transconductance See CONVERSION 
EFFICIENCY. 

convert 1. To perform frequency conversion (see 
CONVERSION, 1). 2. To perform voltage conver- 
sion (see CONVERSION, 2 and 3). 3. In computer 
operations, to change information from one num- 
ber base to another. 4. To perform data conver- 
sion (see CONVERSION, 4 and 5). 

converter 1. A heterodyne mixer in which two in- 
put signals of different frequency are mixed to 
yield a third (output) signal of yet a different fre- 
quency. 2. A machine for converting direct cur- 
rent (dc) to alternating current (ac) (e.g., a 
chopper converter). 3. A transistor circuit for con- 
verting a low-voltage dc to higher-voltage dc. 4. 
Conversion equipment. 5. A circuit or device that 
changes analog data to digital data or vice versa. 

converter amplifier See CHOPPER AMPLIFIER. 

converter stage A circuit used principally to mix 
two signals (such as a received signal and local- 
oscillator signal in a superheterodyne receiver), 
and deliver the resultant signal. 

convexo-concave Pertaining to a lens having a 
convex face of greater curvature than its concave 
face. 

coolant A liquid (often water or oil) used to remove 
heat from an electronic component. 

Coolidge X-ray tube An X-ray tube containing a 
heated filament (with focusing shield) and a 
slanting tungsten target embedded in a heavy 
copper anode. 

cooling Maintenance of the operating temperature 
of an electronic component or system at a safe 
level. Common devices for cooling are heatsinks, 
circulating or forced air, and circulating liquid. 

coordinate bond A covalent bond that consists of 
a pair of electrons supplied by only one of the 
atoms joined by the bond. 

Coordinated Universal Time Abbreviation, UTC. 
Astronomical time at the Greenwich meridian 
(zero degrees longitude). The UTC day begins at 
OOOO hours and ends at 2400 hours. Based on 
the mean, or average, synodic (sun-based) rota- 
tional period of the earth. The earth is slightly be- 
hind UTC near June 1, and is slightly ahead near 
October 1. 

coordinate digitizer A device or circuit that en- 
codes a coordinate graph into digital signals for 
storage or transmission. 

coordinate of chromaticity See CHROMATICITY 
COORDINATE. 

coordinates A set of axes with points that can be 
uniquely defined or located on a line, in a plane, 
or in space. See CARTESIAN COORDINATES and 
POLAR COORDINATES. 
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coordinate system A mathematical means of 
uniquely defining or locating a point on a line, in 
a plane, or in space. The most common coordi- 
nates are CARTESIAN COORDINATES (also 
called rectangular coordinates), consisting of 
numbered lines intersecting at right angles. 


coordinate system 
(Cartesian) 


coordination complex An ion or compound hav- 
ing a central (usually metallic) ion combined by 
coordinate bonds with a definite number of sur- 
rounding groups, ions, or molecules. 

coplanar array A set of antennas that lie in the 
same plane, and are fed by a common transmis- 
sion line. 

copper Symbol, Cu. A metallic element. Atomic 
number, 29. Atomic weight, 63.546. An excellent 
conductor of electricity and heat, commonly used 
in the manufacture of wires and cables. 

copper-clad wire Iron or steel wire plated with 
copper. 

copper-constantan thermocouple A thermocou- 
ple consisting of a junction between wires or 
strips of copper and constantan. Typical output 
is 4.24 mV at 100°C. 

copper loss Power (I?R) loss in copper wires, ca- 
bles, and/or coils. 

copper-oxide diode A small diode in which the 
semiconductor material is copper oxide. Such 
diodes, widely used before the ready availability 
of selenium and silicon, are still occasionally 
found in meter-rectifier service. 

copper-oxide modulator An amplitude modulator 
whose action is derived from the nonlinear con- 
duction characteristic of copper-oxide diodes. 

copper-oxide photocell A photoelectric cell in 
which the light-sensitive material is copper oxide. 

copper-oxide rectifier A rectifier in which the 
semiconductor material is copper oxide. Recti- 
fiers of this type are suitable for low-voltage ser- 
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vice; they were widely used before the advent of 
germanium, silicon, and selenium rectifiers. 

copper pyrites See CHALCOPYRITE. 

copper-sulfide rectifier A rectifier in which the 
unilateral junction is between copper-sulfide and 
magnesium elements. Like the copper-oxide rec- 
tifier, the copper-sulfide unit was once widely 
used in low-voltage applications. 

copy 1. Also called hard copy. Printed or written 
text. 2. In communications, a qualitative expres- 
sion of the extent to which received data is intel- 
ligible (e.g., a radio operator's signal report, “You 
are solid (perfect) copy.”). 3. To duplicate data in 
a storage system, the original being in another 
system, or in a different location in the same 
system. 4. An exact duplicate of data in any 
form. 

copying telegraph A descriptive term for a facsim- 
ile system. 

Corbino disk A variable resistor consisting of a 
semiconductor disk capable of exhibiting the 
CORBINO EFFECT. The disk is inserted into an 
adjustable magnetic field, which serves as the 
control medium. 

Corbino effect A phenomenon similar to the HALL 
EFFECT, in which a current flows around a disk 
carrying a radial current when the disk is in- 
serted into a magnetic field whose lines of flux are 
perpendicular to the disk. Compare HALL EF- 
FECT. 
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cord 1. A length of flexible, insulated cable, usually 
having two or three conductors. 2. Tough, insu- 
lating string (e.g., dial cord or lacing cord). 

cordless 1. Descriptive of a plug without a flexible 
cord. 2. Pertaining to radio-frequency (RF) or in- 
frared short-range links for communications and 
control (e.g., a cordless telephone set). 

cordless keyboard A computer keyboard that em- 
ploys an infrared (IR), very-high frequency (VHP), 
or ultra-high-frequency (UHF) transmitter and re- 
ceiver. Commonly used with so-called Web TV 
systems and in presentations using a display pro- 
jection system. Operates according to the same 
electronic scheme as a CORDLESS MOUSE. 

cordless modem See WIRELESS MODEM, 3. 
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cordless mouse A_hand-controlled computer 
mouse that employs an infrared (IR), a very-high 
frequency (VHF), or an ultra-high-frequency 
(UHF) transmitter and receiver. The transmitter 
is inside the device, and the receiver is contained 
either inside the computer main unit, or in a 
small box attached to the computer main unit by 
a cord. The box can be placed somewhere out of 
the way; for example, at the back of the desk. 
Then the mouse can be moved around freely. This 
link is effective at distances of up to 20 or 30 feet. 

cordwood A type of construction in which elec- 
tronic components are sandwiched perpendicu- 
larly between layers of components. So called 
because it looks somewhat like stacked cord- 
wood. 

cordwood module A module containing discrete 
components mounted perpendicularly between 
two parallel printed circuits. 

core 1. The body or form on which a coil or trans- 
former is wound. Can be made of ferromagnetic 
or dielectric material. The properties depend on 
the application. 2. CORE MEMORY. 

core dump Dumping core memory content to an 
output peripheral. Also see DUMP. 

coreless induction heater An induction heater in 
which the body to be heated receives energy di- 
rectly from the field of the energizing coil (there is 
no intervening core). Compare CORE-TYPE IN- 
DUCTION HEATER. 

core loss Loss of energy in a magnetic core, caused 
by eddy currents and hysteresis in the core mate- 
rial. 

core memory An older memory technology, con- 
sisting of a series of small ringshaped magnetic 
cores, into or out of which data can be written or 
read by changing the magnetization of the cores. 

core plane A usually flat assembly of special mag- 
netic cores, through which pass associated 
current-conducting wires to provide a CORE 
MEMORY. 

core saturation The condition in which a core of 
magnetic material accommodates the maximum 
number of magnetic lines characteristic of that 
material. Increasing the magnetizing force pro- 
duces no additional magnetization. 

core shift register A shift register that uses spe- 
cial magnetic cores as bistable components. See 
CORE MEMORY. 

core storage A high-speed magnetic core storage 
unit. Also see CORE MEMORY and CORE PLANE. 

core transformer A transformer whose coils are 
wound around a ferromagnetic core. 

core wrapping The placing of an insulating layer 
over an inductor or transformer core. This mini- 
mizes the chances of short-circuiting between the 
windings and the core material. 

core-type induction heater An induction heater 
in which the body to be heated is magnetically 
linked, by a core, to the energizing coil. Compare 
CORELESS INDUCTION HEATER. 
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corner 1. An abrupt turn in the axis of a wave- 
guide. 2. The line, and the region in the vicinity 
thereof, at which two intersecting plane surfaces 
meet (e.g., the reflector screen of a CORNER- 
REFLECTION ANTENNA). The plane surfaces are 
usually perpendicular to each other. 3. The point, 
and the region in the vicinity thereof, at which 
three intersecting plane surfaces meet. Generally, 
the plane surfaces are mutually perpendicular. 4. 
The passband frequency limit(s) of a bandpass, 
band-rejection, high-pass, or low-pass filter. 5. A 
sharp bend in the attenuation-versus-frequency 
curve of a bandpass, band-rejection, high-pass, 
or low-pass filter, depicting the limit(s) of the 
passband. 

corner diffraction 1. The bending of sound waves 
around a corner. 2. The bending of radio- 
frequency (RF) energy around an object, when the 
wavelength is great, compared with the size of the 
object. 

corner effect A rounding off of the frequency re- 
sponse of a filter at the corner(s) [i-e., at the 
limit(s) of the passband]. 

corner frequency See CORNER, 4. 

corner reflection The reflection of a beam of light 
(or of microwave energy or other short-wave- 
length energy) from a corner reflector, so the 
beam leaves the reflector in exactly the opposite 
direction from which it approaches. See CORNER 
REFLECTOR, 2. 

corner-reflection antenna A directional antenna 
consisting of a dipole radiator situated at the 
apex formed by two nonparallel, flat reflecting 
sheets or a single folded sheet. See CORNER RE- 
FLECTOR, 1. 
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corner reflector 1. An antenna with a half-wave 
driven element and a reflector made of wire mesh, 
screen, or sheet metal that resembles an open 
folder. The flare angle of the reflecting element is 
about 90 degrees. The antenna is used at ultra- 
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corner reflector, 2 


high and microwave frequencies for television re- 
ception and satellite communications. Some- 
times several half-wave dipoles are fed in phase 
and arranged along a common line with a single, 
elongated reflector. 2. Also called tricorner reflec- 
tor. A set of three flat metal surfaces or screens, 
attached together in a manner identical to the 
way two walls meet the floor or ceiling in a room. 
Such a device, if it is at least several wavelengths 
across, returns electromagnetic energy in exactly 
the same direction from which it arrives. Devices 
of this type are used as radar dummy targets and 
in optical and infrared (IR) wireless ranging 
systems. 

corona A luminous discharge in the space sur- 
rounding a high-voltage conductor; caused by 
ionization of the air. The discharge constitutes a 
loss of energy. 

corona effect The production of a luminous dis- 
charge, especially at the end of a pointed termi- 
nal, when the voltage gradient reaches a critical 
value. 

corona failure A form of high-voltage failure, re- 
sulting from the erosion of an object (such as an 
electrical insulator) by corona. 

corona loss Loss caused by energy dissipation 
through a corona. It occurs as a result of the 
emission of electrons from the surface of electri- 
cal conductors at high potentials, and depends 
on the curvature of the conductor surface, with 
most emission occurring from sharp points and 
the least from surfaces with a large radius of cur- 
vature. It is often accompanied by a blue glow 
and a crackling or hissing sound. 

corona resistance The length of time that an insu- 
lating material can withstand a specified level of 
field-intensified ionization before completely 
breaking down. 

corona shield A shield surrounding a high-voltage 
point to prevent corona by redistributing the elec- 
tric flux. 

corona starting voltage The minimum voltage be- 
tween two electrodes, or on a single electrode in 
free space, at which corona occurs. 

corona voltmeter A voltmeter used to measure the 
peak value of a voltage in terms of corona dis- 
charge. It consists of a metal tube in which a cen- 
tral wire is mounted, the parts being connected to 
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the voltage source. The air density in the tube is 
varied until corona occurs. 

corpuscle A tiny particle. It was the name given to 
the ELECTRON by some early experimenters and 
theorists. 

correction 1. The addition of a factor that provides 
greater accuracy in a measurement. 2. A change 
in the calibration of an instrument to increase the 
accuracy. 

correction factor A percentage, or numerical fac- 
tor, added to or subtracted from a reading to pro- 
vide a greater degree of accuracy. Often used with 
instruments known to be inaccurate by a certain 
amount. 

corrective feedback Feedback that is used to cor- 
rect (bring to a prescribed level) a quantity consti- 
tuting the input to a system. 

corrective maintenance The repair of a circuit or 
system after it has malfunctioned or broken 
down. 

corrective network A network that improves the 
performance of the circuit into which it is in- 
serted. 

corrective stub A combination tuning-matching 
stub used in some antenna systems. It matches 
the resistive component of the antenna imped- 
ance to the characteristic impedance of a feed 
line, and also eliminates any reactance that 
might be present at the antenna feed point. 

correed relay A sealed reed relay used as a high- 
speed switching device in communications equip- 
ment. 

correlation A statistical expression or measure of 
the degree to which two sets of data are related. 
Can be given qualitatively (high-positive, low- 
positive, zero, low-negative, or high-negative) or 
quantitatively (as a number between -1 and 1). 
Does not necessarily imply causation. 

correlation detector A detector that compares a 
signal of interest with a standard signal at every 
point, delivering an output that is proportional to 
the correspondence between the two signals. 

correlation distance The smallest distance between 
two antennas that results in fading of signals un- 
der conditions of tropospheric propagation. It is 
used at very-high frequencies (VHF) and above, to 
determine the maximum range over which com- 
munications can be carried out reliably. 

correlation tracking A method of target tracking 
in which phase relationships are used to deter- 
mine positions. 

correspondence The ability of a binocular ma- 
chine vision system to tell when both of its optical 
sensors are processing an image from the same 
object; also, the ability of the system to keep both 
sensors tracking the same object. 

corrosion-resistant Pertaining to materials that 
are treated to be immune to corrosion by the ele- 
ments. Such substances are preferable for use in 
marine or tropical environments, where corrosion 
is especially severe. 
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corruption The altering of data or a code as a re- 
sult of a program error or machine fault. 

COS Abbreviation of COMPLEMENTARY-SYMME- 
TRY CIRCUTT. 

cosecant Abbreviation, csc. A trigonometric func- 
tion; csc q = c/a, where c is the hypotenuse of a 
right triangle and a is the side opposite q. The 
cosecant is the reciprocal of sine: csc q = 1/sin q. 

cosecant-squared antenna A radar antenna that 
radiates a COSECANT-SQUARED BEAM. 

cosecant-squared beam A radar beam whose in- 
tensity varies directly with the square of the cose- 
cant of the angle of elevation. 

cosech Abbreviation of HYPERBOLIC COSECANT. 
Also abbreviated as csch. 

cosh Abbreviation of HYPERBOLIC COSINE. 

cosine Abbreviation, cos. A trigonometric function; 
cos q = b/c, where bis the side adjacent to q and 
cis the hypotenuse of the right triangle. 

cosine law The brightness in any direction from a 
perfectly diffusing surface is proportional to the 
cosine of the angle between the direction vector 
and a vector perpendicular to the surface. 

cosine wave A periodic wave that follows the co- 
sine of the phase angle. It has a shape identical 
with a SINE WAVE, but differs by 90 degrees of 
phase. 

cosine yoke A magnetic-deflection yoke that has 
nonuniform windings for improved focus at the 
edges of a television picture. Also called anastig- 
matic yoke and full-focus yoke. 

cosmic noise Radio noise produced by signals 
from extraterrestrial space. 

cosmic rays Extremely penetrating rays consisting 
of streams of atomic nuclei entering the earth’s 
atmosphere from outer space. 

COS/MOSIC_ An integrated circuit (IC), such as an 
operational amplifier, utilizing metal-oxide-semi- 
conductor (MOS) field-effect transistors in a com- 
plementary-symmetry (COS) arrangement. 

cost analysis In a commercial or industrial organi- 
zation, ascertaining the expense associated with 
a service, process, or job. 

cot Abbreviation of COTANGENT. 

cotangent Abbreviation, cot. A trigonometric func- 
tion; cot q = b/a, where ais the side adjacent to q 
and b is the side opposite q (in a right triangle). 
Cotangent is the reciprocal of tangent: cot q = 
1/tan q. 

coth Abbreviation of HYPERBOLIC COTANGENT. 

Cotton-Mouton effect See KERR MAGNETO- 
OPTICAL EFFECT. 

Cottrell process Dust precipitated by high voltage. 
Dust in the air is made to flow through a 
grounded metal chamber that contains a wire 
maintained at high voltage. The dust particles be- 
come charged and adhere to the chamber walls, 
from which they are later collected. 

coul-cell A coulometer of the electrolytic-cell type. 

coulomb (Charles Augustin Coulomb, 1736- 
1806). Abbreviation, C. The unit of electrical 
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charge quantity, equal to the charge contained in 
6.24 x 101% electrons. A current of one ampere 
(1 A) represents 1 coulomb per second (C/s). 

Coulomb’s law The force between two electrically 
charged objects is directly proportional to the 
product of the charge quantities in coulombs, 
and inversely proportional to the square of the 
distance between the charge centers. This force is 
an attraction for opposite charges, and a repul- 
sion for similar charges. 

coulometer An instrument that measures electri- 
cal charge quantity in coulombs. A typical version 
keeps a cumulative count of coulombs (ampere- 
seconds) by integrating current, with respect to 
time. Also called coulombmeter. 

Coulter counter See CELL COUNTER. 

count 1. The number of pulses tallied by a count- 
ing system in a given period of time. 2. A single 
response by a radioactivity counter. 3. A record of 
the number of times an instruction or subroutine 
in a computer program is executed (by increasing 
the value of a variable by one, as stated in a FOR- 
NEXT loop, for example). 

countdown A decreasing count of time units re- 
maining before an event or operation occurs 
showing time elapsed and time remaining. 

counter 1. A circuit, such as a cascade of flip- 
flops, that tracks the number of pulses applied to 
it and usually displays the total number of 
pulses. 2. A mechanism, such as an electrome- 
chanical indicator, that tracks the number of im- 
pulses applied to it and displays the total. 3. An 
electronic switching circuit, such as a flip-flop or 
stepping circuit, that responds to sequential in- 
put pulses applied to it, giving one output pulse 
after receiving a certain number of input pulses. 

counter- Prefix meaning “opposite to” or “contrary 
to.” Examples: counter EMF, counterclockwise. 

counterclockwise Abbreviation, ccw. Pertaining to 
rotational motion in a sense opposite that of a 
typical analog clock. Movement is to the left at the 
top of the rotational circle, and to the right at the 
bottom of the circle. Compare CLOCKWISE. 

counterclockwise-polarized wave An elliptically 
polarized electromagnetic wave whose electric- 
intensity vector rotates counterclockwise as ob- 
served from the point of propagation. Compare 
CLOCKWISE-POLARIZED WAVE. 

counter efficiency The sensitivity of a radiation 
counter or scintillation counter to incident X-rays 
or gamma rays. 

counterelectromotive cell A cell used to counter- 
act a direct-current voltage. 

counter EMF See BACK VOLTAGE and KICK- 
BACK. 

counter-meter A radioactivity instrument, such as 
a Geiger counter, that indicates the number of ra- 
dioactive particles per unit time. 

counterpoise A means of obtaining a radio- 
frequency (RF) ground by using a grid of wires or 
tubing in a plane parallel to the earth’s surface or 
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to average terrain. The radius of the grid is usu- 
ally at least 0.25 wavelength, but might be 
smaller if the feed-point impedance of the an- 
tenna is very high. 

counterpoise ground system A counterpoise with 
a radius such that resonance is obtained with a 
quarter-wavelength antenna operated at a height 
of more than 0.25 wavelength above actual 
ground. Usually such a system consists of three 
or four radials measuring 0.25 wavelength each, 
and extending outward from the base of the an- 
tenna nearly parallel to the average terrain. 
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counter tube A tube, such as the Geiger-Meuller 
tube, in which a penetrating radioactive particle 
ionizes a gas and produces an output pulse. 

counter voltage See BACK VOLTAGE and KICK- 
BACK. 

counting-type frequency meter A direct-reading 
analog or digital frequency meter that indicates 
the number of pulses (or cycles) per second ap- 
plied to it. 

count-remaining technique See COMPLEMENT- 
SETTING TECHNIQUE. 

couple Two dissimilar metals in contact with each 
other or immersed in an electrolyte. 

coupled circuits Circuits between which energy is 
transferred electrostatically, electromagnetically, 
by some combination of the two, or by direct con- 
nection. 

coupled impedance The impedance that a circuit 
“sees” when it is coupled to another circuit. Thus, 
when the secondary of a transformer is termi- 
nated with an impedance, the primary “sees” a 
combination of that impedance and its own. 

coupler A device for transferring energy between 
two circuits and using capacitive coupling, direct 
coupling, inductive coupling, or some combina- 
tion of these. 

coupling 1. Also called electrostatic coupling or ca- 
pacitive coupling. The linking of two circuits or de- 
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vices by electric flux. 2. Also called magnetic cou- 
pling or inductive coupling. The linking of two cir- 
cuits or devices by magnetic flux. 3. Also called 
direct coupling. The linking of two circuits or de- 
vices by direct connection. 4. Also called resistive 
coupling. The linking of two circuits or devices 
through a resistance. 5. Also called optical cou- 
pling. The linking of two circuits or devices 
through an optoisolator. 

coupling aperture A hole in a waveguide that is 
used to transmit energy to the waveguide, or re- 
ceiving energy from outside the waveguide. 

coupling capacitor A capacitor used to conduct ac 
energy from one circuit to another. Also see CA- 
PACITIVE COUPLING. 

coupling coefficient See COEFFICIENT OF COU- 
PLING. 

coupling diode A semiconductor diode connected 
between the stages of a direct-coupled amplifier. 
When the diode is connected in the correct polar- 
ity, it acts as a high resistance between stages 
when there is no signal, and does not pass the 
high de operating voltage from one stage to the 
next. When a signal is present, the diode resis- 
tance decreases, and the signal gets through. 

coupling efficiency A measure of the effectiveness 
of a coupling system (i.e., the degree to which it 
delivers an undistorted signal of correct ampli- 
tude and phase). 

coupling loop 1. A single turn of a coupling trans- 
former. 2. A small loop inserted into a waveguide 
to introduce microwave energy. 

coupling probe A usually short, straight wire or 
pin protruding into a waveguide to electrostati- 
cally introduce microwave energy into the waveg- 
uide. It acts like a miniature whip antenna. 

coupling transformer A transformer used primar- 
ily to transfer alternating-current (ac) energy 
electromagnetically into or out of a circuit. 

covalent binding forces In a crystal, the binding 
forces resulting from the sharing of valence elec- 
trons by neighboring atoms. 

covalent bonding The binding together of the 
atoms of a material as a result of shared electrons 
or holes. 

coverage 1. The area within which a broadcast or 
communication station can be reliably heard. 2. 
The shielding effectiveness of a coaxial cable. 

coversed sine Abbreviation, covers. The trigono- 
metric functional equivalent of the versed sine of 
the complement of an angle [i.e., the difference 
between the sine of an angle and unity (1)]. Thus, 
covers q = 1 - sin q. 

CP Abbreviation of chemically pure. 

cp 1. Abbreviation of CANDLE POWER. 2. Abbrevi- 
ation of central processor. 

cps 1. Abbreviation of CYCLES PER SECOND. Cy- 
cles per second, to denote ac frequency, has been 
supplanted by HERTZ. 2. Abbreviation of charac- 
ters per second. 

CPU Abbreviation of CENTRAL PROCESSING UNIT. 
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CQ A general call signal used in radio communica- 
tion, especially by amateur stations, to invite a 
response from any station that hears it. 

Cr Symbol for CHROMIUM. 

cracked-carbon resistor A high-stability resistor 
in which the resistance material is particulate 
carbon. 

cracker A hacker with malicious intent (also see 
HACKER). Such a person attempts to gain access 
to computer systems or databases in order to 
steal something or inflict damage. Examples in- 
clude theft, erasure, or mutilation of data; fraud- 
ulent debiting of bank accounts; alteration of 
credit information; and identity theft. 

cradle guard See GUARD WIRE. 

cradlephone A telephone set in which the micro- 
phone and earphone are mounted on opposite 
ends of a handle. This handle, called the receiver, 
rests on the crossmember of a stand connected to 
a base containing the dial and ringing circuits. 
Also called French phone, French telephone, and 
handset. 

crash 1. A condition in which a computer or net- 
work server becomes inoperative because of a 
software or memory-management problem. 2. In 
a computer hard disk or diskette drive, contact of 
the read/write head with the surface of a disk or 
platter. Usually, it is the result of excessive phys- 
ical vibration or shock. 

crate A foundation unit into which modules are 
plugged to establish a circuit. 

crawl 1. See CREEPING COMPONENT. 2. The 
credits (names of staff and their contribution to 
content) superimposed and moving on a televi- 
sion picture at the end of a program. 

crazing The formation of tiny cracks in materials, 
particularly in such dielectrics as plastic and ce- 
ramic. 

creep See COLD FLOW. 

creepage Current leakage across the surface of a 
dielectric. 

creeping component A quantity, such as current, 
voltage, or frequency, that slowly changes in 
value with time. 

crest factor See AMPLITUDE FACTOR. 

crest value The maximum amplitude of a compos- 
ite current or voltage. 

crest voltmeter A peak-reading (or sometimes 
peak-responsive) voltmeter. 

crippled mode The mode of operation for a com- 
puter or other hardware in which some of the 
components are inoperable. Compare GRACE- 
FUL DEGRADATION. 

crisscross neutralization See 
NECTED NEUTRALIZATION. 

crisscross rectifier circuit A conventional bridge 
rectifier circuit configured in such a way that two 
of the diodes are connected in crisscross fashion 
between the input and output terminals. 

critical angle 1. In radio communications, an an- 
gle of departure that a transmitted electromag- 
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netic field subtends, with respect to the horizon 
at the transmitting (TX) point, below which the 
ionosphere will reliably return the signal to the 
earth, and above which the ionosphere will not 
reliably return the signal. This angle (shown by 
the double arc marked X in the drawing) depends 
on the frequency of the transmitted electromag- 
netic wave, and also on ionospheric conditions. 2. 
For an electromagnetic wave or ray approaching 
a boundary at which the index of refraction 
abruptly decreases, the minimum angle of inci- 
dence (relative to a line perpendicular to a plane 
tangent to the boundary) at which the energy is 
totally reflected. 


Ionized layer 


critical angle, 1 


critical characteristic A parameter that has a dis- 
proportionate effect on other variables. A small 
change in this characteristic can result in a large 
change in the operating conditions of a circuit or 
system. 

critical component A component or part that is 
especially important in the operation of a circuit 
or system. 

critical coupling The value of coupling at which 
maximum power transfer occurs. Increasing the 
extent of coupling beyond the critical value de- 
creases power transfer. 

critical damping The value of damping that yields 
the fastest transient response without overshoot. 

critical dimension The cross-sectional size of a 
waveguide that determines its minimum usable 
frequency. 

critical failure A component or circuit failure that 
results in shutdown of a system, or a malfunction 
that results in improper operation. 

critical field The smallest magnetic-field intensity 
in a magnetron that keeps an electron, emitted 
from the cathode, from reaching the anode. 
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critical frequency For a particular layer of the 
ionosphere, the high frequency at which a verti- 
cally propagated wave is no longer reflected back 
to the earth. 

critical inductance In a choke-input power- 
supply filter, the minimum inductance that will 
maintain a steady value of average load current. 

critical potential The potential difference required 
for an electron to excite or ionize an atom with 
which it collides. 

critical voltage The voltage at which a gas ionizes. 

critical wavelength The wavelength that corre- 
sponds to CRITICAL FREQUENCY. 

CRO Abbreviation of cathode-ray oscilloscope. 

Crookes dark space In a glow-discharge tube, the 
narrow dark space next to the cathode. Also see 
CROOKES TUBE. 

Crookes tube A glow-discharge tube containing an 
anode, cathode, and a small amount of gas under 
low pressure. 

cross antenna An antenna in which two (usually 
equal-length) horizontal radiators cross each 
other at right angles and are connected together 
to a feeder at their point of intersection. It takes 
its name from its horizontal-cross shape. 

cross assembler A program used with one com- 
puter to translate instructions for another com- 
puter. 

crossband operation 1. Communications in which 
two frequency bands are used. Station X, for ex- 
ample, might transmit on frequency fa in band A 
and receive on frequency fg in band B; station Y 
would then transmit on fg and receive on fa. 2. In 
satellite communications, the use of two fre- 
quency bands to facilitate full-duplex operation 
and to allow the satellite transponder to effec- 
tively function. The transponder receives signals 
from the earth within a specific frequency band, 
and converts this entire band of signals to a set of 
signals that occupies an equal amount of spec- 
trum space on another frequency band. The con- 
verted signals are then retransmitted back to 
earth. 

crossbar switch A three-dimensional array of 
switch contacts in which a magnetic selector 
chooses individual contacts, according to their 
coordinates in the matrix. 

cross bearings A method of radionavigation, in 
which directional readings are taken from a re- 
ceiving station (such as a ship or aircraft) for two 
fixed transmitting stations whose locations are 
known. Lines are drawn on a map from the trans- 
mitting stations, in directions 180 degrees oppo- 
site the bearings obtained from the receiving 
station. The intersection point of these lines is the 
location of the receiving station. 

cross beat A spurious frequency arising from 
CROSS MODULATION. 

cross-check To compare the result of a calculation 
or computer routine with the result obtained by a 
different method. 
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cross color In the chrominance channel of a color 
television receiver, crosstalk interference caused 
by monochrome signals. 

cross-connected neutralization Neutralization of 
a push-pull amplifier by feedback through two 
capacitors—each connected from the output cir- 
cuit of one transistor to the input circuit of the 
other. 

cross-coupled multivibrator A multivibrator cir- 
cuit in which feedback is provided by a coupling 
capacitor between the output of the second stage 
and the input of the first stage; the stages are 
forward-coupled by a capacitor of the same value. 

cross coupling 1. The state of being cross-coupled 
(see, for example, CROSS-COUPLED MULTIVI- 
BRATOR). 2. Undesired coupling between two cir- 
cuits. 

cross current A current that flows in the opposite 
direction from some other current. 

crossed-pointer indicator 1. Also called crossed- 
needle meter. A combination of two analog meter- 
ing instruments in one Case. Each needle has its 
own independently calibrated scale. A third scale 
corresponds to the intersection point of the nee- 
dles. Commonly used in directional wattmeters 
that simultaneously show forward power, re- 
flected power, and standing-wave ratio (SWR). 2. 
A two-pointer meter used in aircraft to show the 
position of the aircraft, relative to the glide path. 

crossed-wire thermoelement Two wires or strips 
of dissimilar metals joined or twisted at a point 
that constitutes a thermoelectric junction. In 
usual operation, a high-frequency current is 
passed through one wire, and a proportional 
direct-current (dc) voltage, generated by thermo- 
electric action, appears at the other wire. 

cross flux The magnetic flux component that is 
perpendicular to the flux produced by field mag- 
nets. 

cross-hair pattern A television test pattern con- 
sisting of a single vertical line and a single hori- 
zontal line, which form a simple cross. The 
pattern resembles the cross hairs of an optical in- 
strument. 

crosshatch generator A modulated radio- 
frequency (RF) signal generator that produces a 
crosshatch pattern on a picture-tube screen. 

crosshatch pattern A grid of horizontal and verti- 
cal lines produced on a picture-tube screen by a 
cross-hatch generator. It is used in checking hor- 
izontal and vertical linearity. 

cross modulation 1. A type of radio-frequency in- 
terference (RFI) between two strong stations that 
are close in frequency. The desired carrier is mod- 
ulated by the interfering signal. 2. The produc- 
tion of signals by rectifier junctions in pipes and 
wiring near a radio receiver. These objects pick 
up waves and deliver energy at a different fre- 
quency, which finds its way into the receiver. Also 
called external cross modulation. 3. The interac- 
tion between signals of different frequency when 
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they magnetize a core of nonlinear magnetic ma- 
terial. Also see CROSSTALK. 

cross-modulation factor An expression of the 
amount of cross modulation (or crosstalk) pre- 
sent in a particular instance. It is equal to M,/Mb, 
where M; is the modulation percentage that a 
modulated wave produces in a superimposed un- 
modulated wave, and Mə is the modulation per- 
centage of the modulated wave. 

cross-neutralized circuit See 
NECTED NEUTRALIZATION. 

crossover 1. Ina circuit diagram, a point at which 
lines representing wires intersect, but are not 
connected. 2. In a characteristic curve, point at 
which the plot crosses an axis or operating point. 
3. See CROSSOVER NETWORK. 

crossover distortion Distortion of a characteristic 
at a crossover point (see CROSSOVER, 2); for ex- 
ample, a bend in the curve where the plot of a 
waveform passes through zero. 

crossover frequency The frequency at which a 
crossover network delivers equal power to the two 
circuits it supplies. 

crossover network Following final amplification in 
a sound-reproduction system, an outboard filter 
circuit that facilitates delivery of the low and high 
audio frequency (AF) components to the correct 
speakers. 

crossover point See CROSSOVER, 2. 

crossover S-curve The S-shaped image obtained 
on an oscilloscope screen during sweep-generator 
alignment of a frequency-modulation (FM) detec- 
tor. In correct alignment, the exact center of the 
S-curve (the crossover point) coincides with the 
zero point on the screen. 

cross product Also called vector product. For vec- 
tors A and B having lengths A and B, respectively, 
and subtending an angle 0 relative to each other, 
the cross product A x B points in a direction per- 
pendicular to the plane containing both A and B. 
The length of A x B is equal to AB sin 0. 
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cross-sectional area 1. The surface area of a face 
of a conductor after cutting through it at a right 
angle. Specified in square inches, square millime- 
ters, or circular mils. 2. The total of the cross- 
sectional areas of all the wires in a stranded 
conductor. 

cross-sectional testing In quality assurance and 
quality control (QA/QC), a method of checking a 
large lot of units or components. Instead of test- 
ing every device, a fraction of the devices is 
tested. The sampling is taken uniformly from the 
group (e.g., every fifth unit). 

crosstalk Undesired transfer of signals between or 
among telephone lines, data lines, or system 
components. In computer operations, this effect 
places a practical limit on the lengths of parallel 
data cables. 

crosstalk coupling Undesired coupling between 
circuits, caused by crosstalk. 

crosstalk factor See CROSS-MODULATION FAC- 
TOR. 

crosstalk level The amplitude of crosstalk, usually 
expressed in decibels above a reference level. 

crosstalk loss Loss of energy caused by crosstalk. 

crowbar An action producing a high overload ona 
circuit protection device. 

crowfoot 1. A pattern formed by the cracking or 
crazing of solid plastics of solidified encapsulat- 
ing compounds, so called from its resemblance to 
a bird’s footprint. 2. In a gravity battery cell, the 
zinc electrode, so called from its resemblance to a 
bird’s foot. 

CRT Abbreviation of CATHODE-RAY TUBE. 

crud 1. Broadband electrical noise, originating in- 
side and/or outside a system. 2. Undesired sig- 
nals that interfere with a desired signal. 

cryogenic device A device that exhibits unique 
electrical characteristics (such as superconduc- 
tivity) at extremely low temperatures. 

cryogenic motor A motor designed for operation 
at extremely low temperatures. 

cryoelectronics The study of the behavior of elec- 
tronic devices, circuits, and systems at extremely 
low temperatures. 

cryogenics The branch of physics dealing with the 
behavior of matter at temperatures approaching 
absolute zero. Also concerned with methods of 
obtaining such temperatures in controlled envi- 
ronments. 

cryosar A semiconductor switch utilizing low- 
temperature avalanche breakdown. 

cryoscope An instrument used to determine freez- 
ing point. 

cryostat A chamber for maintaining a very low 
temperature for cryogenic operations. Also see 
CRYOGENICS. 

cryotron A switching device consisting essentially 
of a straight tantalum wire, around which a 
single-layer control coil is wound. The magnetic 
field generated by control current flowing through 
the coil causes the tantalum wire to become 
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superconductive at a temperature of approxi- 
mately 4.4 degrees K. 

cryotronics Low-temperature electronics, con- 
cerned with such phenomena as superconductiv- 
ity. The term is an acronym from cryogenics and 
electronics. Also see CRYOGENICS. 

cryptanalysis The breaking of ciphers. 

crypto- A prefix added to words, that implies en- 
coding for the purpose of changing or hiding the 
meaning of a message or signal. 

cryptography The creating and writing of ciphers. 

cryptology The art and science of creating, writ- 
ing, unscrambling, and breaking ciphers. 

crystal 1. A material distinguished by the arrange- 
ment of its atoms into a redundant pattern called 
a lattice that presents, in fragments of various 
sizes, a characteristic polyhedral shape. Common 
shapes include cubes, parallelepipeds, and 
hexagonal prisms. 2. A fragment of material as 
defined in (1). 3. A plate or bar cut from a piece of 
piezoelectric material. 

crystal amplifier 1.A semiconductor diode circuit 
using carrier storage. Transistor action and, ac- 
cordingly, pulse amplification is obtained by al- 
ternately making one electrode of the diode an 
emitter or collector. 2. Archaic term for TRANSIS- 
TOR. 

crystal audio receiver An audio radar receiver, 
consisting of a crystal detector and audio-ampli- 
fier stages. 

crystal axes The imaginary lines traversing a pie- 
zoelectric crystal, along which (or perpendicular 
to which) plates are cut for oscillators, resona- 
tors, or transducers. 

crystal calibrator A crystal oscillator used to 
generate harmonic checkpoints for frequency 
calibration. Common fundamental calibrator 
frequencies are 100 kHz and 1 MHz. 

crystal capacitor See VARACTOR. 

crystal control The control of the operating fre- 
quency of a circuit by means of a piezoelectric 
crystal. 

crystal-controlled receiver A superheterodyne 
radio receiver whose local oscillator is crystal 
controlled. 

crystal-controlled transmitter A radio transmit- 
ter whose master oscillator is crystal controlled. 

crystal counter A device for counting the fre- 
quency of subatomic particles, based on their 
ability to change the conductivity of a crystal. The 
particles can be photons, electrons, protons, neu- 
trons, or the nuclei of atoms. 

crystal current Current flowing through a crystal; 
specifically, the radio-frequency (RF) current 
flowing through a quartz plate in a crystal- 
controlled oscillator. 

crystal cuts The classification of piezoelectric 
plates according to the angle at which they were 
cut from a quartz crystal. Common cut designa- 
tions are AT, BT, CT, DT, X, Y, and Z. Various 
cuts afford such complementary factors as fre- 
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quency, temperature, and thickness. Also see 
CRYSTAL AXES. 

crystal detector A rudimentary form of semicon- 
ductor diode consisting of a mounted lump of 
mineral (the crystal) in contact with a springy 
wire (“cat’s whisker”). The point of the wire is 
moved to various points of contact on the crystal 
surface until the most-sensitive rectifying spot is 
found. 

crystal diffraction The tendency of electromag- 
netic waves to be scattered when passing through 
a crystal material. 

crystal diode Archaic term for SEMICONDUCTOR 
DIODE. Also see GALLIUM-ARSENIDE DIODE; 
GERMANIUM DIODE; JUNCTION DIODE; LASER 
DIODE; POINT-CONTACT DIODE; SELENIUM 
DIODE; SIGNAL DIODE; SILICON DIODE. 

crystal earphone An earphone in which the trans- 
ducer is a piezoelectric crystal. Electrical im- 
pulses applied to the crystal vary its shape and 
cause a vibration that is transmitted to a di- 
aphragm; this in turn produces corresponding 
sound waves. 

crystal filter See CRYSTAL RESONATOR. 

crystal headphone See CRYSTAL EARPHONE. 

crystal holder A fixture specially designed to hold 
a piezoelectric crystal; it ensures minimum dis- 
tortion of crystal dimensions and minimum resid- 
ual capacitance, inductance, and resistance. 

crystal imperfection A flaw in the lattice struc- 
ture of a crystal. 

crystal lattice The orderly, redundant pattern of 
atoms and molecules within a crystalline mate- 
rial; it is a characteristic of a given material. 

crystal-lattice filter A crystal resonator in which 
piezoelectric crystals are used to give a desired 
shape to the filter response curve. 

crystalline material A material exhibiting the 
characteristic properties of a crystal (see CRYS- 
TAL, 1). 

crystallogram An X-ray photograph or other 
record of crystal structure. 

crystallography The science dealing with crystals 
and their properties (see CRYSTAL, 1). 

crystal loudspeaker A loudspeaker whose trans- 
ducer is a piezoelectric crystal. Electrical im- 
pulses applied to the crystal vary its shape and 
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cause vibrations that are transmitted to a di- 
aphragm or cone, which produces corresponding 
sound waves. 

crystal meter A rectifier-type ac meter using a 
semiconductor diode in series with a dc mil- 
liammeter or microammeter. 

crystal microphone A microphone whose trans- 
ducer is a natural or synthetic piezoelectric 
crystal. Sound waves striking the crystal (di- 
rectly or via a diaphragm) vary its shape, mak- 
ing it produce an audio-frequency (AF) output 
voltage. 


Sound 
Crystal Waves 
Electrodes = 
Output 
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crystal mixer A mixer (converter) circuit utilizing 
the nonlinearity of a semiconductor diode to mix 
signals. 

crystal operation 1. The characteristics of a piezo- 
electric crystal in a particular circuit. 2. Crystal 
frequency control. 

crystal oscillator An oscillator whose operating 
frequency is determined by the dimensions of an 
oscillating piezoelectric quartz-crystal plate. 
Compare SELF-EXCITED OSCILLATOR. 

crystal oven A constant-temperature chamber for 
stabilizing the frequency of a quartz crystal by 
maintaining its operating temperature at a fixed 
point. 

crystal photocell A photoelectric cell in which the 
light-sensitive material is a crystalline substance, 
such as germanium, selenium, silicon, etc. 

crystal pickup A phonograph pickup whose trans- 
ducer is a natural or synthetic piezoelectric crys- 
tal. The crystal is attached (either directly or 
through a mechanical linkage) to a stylus, whose 
movement in the disk groove varies the shape of 
the crystal. The resultant vibration generates a 
corresponding audio-frequency (AF) output volt- 
age across the crystal. 

crystal probe A radio-frequency (RF) probe, whose 
rectifying element is a semiconductor diode. 
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crystal pulling 1. The extraction of a single crystal 
from a molten mass of crystalline material. Single 
crystals are used for high-quality semiconductor 
devices. Also see CZOCHRALSKI METHOD, SIN- 
GLE CRYSTAL, and SINGLE-CRYSTAL MATE- 
RIAL. 2. The use of an inductor or capacitor in a 
crystal-controlled radio-frequency (RF) oscillator 
circuit to allow adjustment of the frequency over 
a small range. 

crystal receiver See CRYSTAL SET. 

crystal rectifier 1. A semiconductor diode used 
for the purpose of rectifying alternating current 
(dc), usually in a power supply. 

crystal resistor A temperature-sensitive resistor 
made from silicon, and exhibiting a positive tem- 
perature coefficient of resistance. 

crystal resonator A highly selective resonant cir- 
cuit in which the center frequency is the resonant 
frequency of a piezoelectric quartz-crystal plate. 

crystal sensor See CRYSTAL TRANSDUCER. 

crystal set A simple radio receiver that uses a 
tuned circuit, semiconductor-diode detector, and 
earphones. 


crystal set 


crystal slab See QUARTZ BAR. 

crystal socket 1. A low-capacitance, low-loss 
socket for a piezoelectric crystal. 2. A socket for a 
semiconductor diode. 

crystal tester 1. An oscillator used to check quartz 
crystals. Most such units check only the crystal's 
ability to oscillate; more elaborate ones also check 
crystal current, frequency, temperature coeffi- 
cient, activity, filter action, etc. 2. An instrument 
for checking the electrical characteristics of semi- 
conductor diodes. 3. An instrument for checking 
the performance of piezoelectric ceramics. 
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crystal tetrode A transistor having four elements: 
emitter, collector, and two bases. 

crystal transducer A transducer using a piezo- 
electric crystal as the sensitive element. Exam- 
ples: crystal earphone, crystal loudspeaker, 
crystal microphone, and crystal pickup. 

crystal triode See TRANSISTOR. 

Cs Symbol for CESIUM. 

CS Abbreviation of COMPLEMENTARY SYMME- 

TRY. Also COS. 

1. Symbol for standard capacitance. 2. Symbol 
for source capacitance. 

csc Abbreviation of COSECANT. 

C scan See C DISPLAY. 

csch Abbreviation of HYPERBOLIC COSECANT. 

C scope A cathode-ray tube used in radar to pro- 
vide a C DISPLAY. 

CT-cut crystal A piezoelectric plate cut from a 
quartz crystal at an angle of rotation around the 
X-axis of +38°. Such a plate has a zero tempera- 
ture coefficient of frequency at 25°C. Also see 
CRYSTAL AXES and CRYSTAL CUTS. 

CTL Abbreviation of  complementary-transistor 
logic. 

Cu Symbol for COPPER. 

cube 1. A regular polyhedron with six identical 
square faces and eight vertices. At each vertex, 
three edges converge at mutual right angles. 2. 
The third power of a number; thus the cube of n 
is written n°. 

cube tap An electrical adapter, in which a set of 
male prongs and three sets of female contacts are 
on the sides of a molded cube. Allows three appli- 
ances to be used with a single electrical socket. 
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cubical antenna An antenna in which the ele- 
ments form the outline of a geometric cube or 
rectangular prism. The most common example is 
the QUAD ANTENNA. 

cubical quad antenna See QUAD ANTENNA. 

cubic equation A polynomial equation of the third 
degree. Its general form is ax? + bx? + cx+ d= 0. 
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cue A condition or signal that alerts an operator, 
circuit or system to act in a specific manner. 

cue circuit A device for transmitting cues used in 
program control. 

cueing receiver 1. A (usually miniature) radio re- 
ceiver used to pick up cues. Example: a receiver 
carried by a technician, actor, or lecturer. 2. A re- 
ceiver or other pickup circuit that receives a cu- 
ing pulse, which it uses to set another circuit. 

cu ft Abbreviation of cubic foot or cubic feet. 

cuin Abbreviation of cubic inch or cubic inches. 

cumulative error In a sum or other final value, the 
total error that has accumulated from the indi- 
vidual errors in the terms. Also called systematic 
error. 

cup core A coil core that also forms a magnetic 
shield around the coil. 

cuprous-oxide rectifier See 
RECTIFIER. 

cur Abbreviation of CURRENT. 

curie Abbreviation Ci. A unit of radioactivity; 1 
curie is the amount of radiation from (or in equi- 
librium with) 1 gram of radium. Also equivalent to 
3.7 x 10!° atomic breakdowns per second. 

Curie point 1. The temperature above which a fer- 
romagnetic material loses its magnetism or be- 
comes paramagnetic. 2. The temperature at 
which the ferroelectric properties of a substance 
disappear. 

curie temperature As a magnetized substance is 
heated, the lowest temperature at which magne- 
tization is lost. It is generally measured in degrees 
Celsius or degrees Kelvin. For iron, this tempera- 
ture is 760 degrees Celsius; for nickel, it is 356 
degrees Celsius. 

Curie's law For a paramagnetic substance, the ra- 
tio of the magnetization to the magnetizing force 
is inversely proportional to the absolute tempera- 
ture. 

Curie-Weiss law Above the Curie point, the sus- 
ceptibility of a paramagnetic material varies in- 
versely as the excess of temperature above the 
Curie point increases. This law is invalid for ap- 
plications at or below the Curie point. 

curium Symbol, Cm. A radioactive metallic ele- 
ment produced artificially. Atomic number, 96. 
Atomic weight, 247. 

current Symbol, I or i The movement of charge 
carriers, such as electrons, holes, or ions. Also 
see AMPERE. 

current amplification 1. An electronic process 
in which the instantaneous, average, or peak 
magnitude of a current is increased. 2. The ex- 
tent to which a current increases in a circuit; 
the ratio (always greater than one) of output 
current to input current, Ipui/Jin. Also called cur- 
rent gain. 

current amplifier An amplifier operated primarily 
to increase a signal current. Compare POWER 
AMPLIFIER and VOLTAGE AMPLIFIER. 

current antinode See CURRENT LOOP. 
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current attenuation 1. The reduction of current 
amplitude along a line. 2. The extent to which a 
current decreases in a line or circuit; the ratio (al- 
ways less than one) of output current to input 
current, Ipui/Tin- 

current balance An instrument for determining 
the size of the ampere. This is done by measuring 
the force between two current-carrying conduc- 
tors. 

current-balance switch A switch or relay, oper- 
ated by the existence of a difference between two 
currents. 

current-carrying capacity The maximum current 
(usually expressed in amperes) that a conductor 
or device can safely conduct. 

current coil The series coil in a nonelectronic 
wattmeter. Compare POTENTIAL COIL. 

current-controlled amplifier Abbreviation, CCA. 
An amplifier in which gain is controlled by means 
of a current applied to a control-input terminal. 

current density The current (usually expressed in 
amperes per square centimeter) passing through 
a cross-sectional area of a conductor. 

current drain 1. The current supplied to a load by 
a generator or generator-equivalent. 2. The cur- 
rent required by a device for its operation; also, 
the current taken by the device during standby 
periods. 

current echo Reflected current in a transmission 
line that is not terminated in an impedance ex- 
actly matching its characteristic impedance. 

current-fed antenna An antenna in which the 
transmission line is attached to the radiator ata 
current loop (voltage node). Compare VOLTAGE- 
FED ANTENNA. 

current feed 1. The delivery of power to a device or 
circuit at a point where current dominates. Com- 
pare VOLTAGE FEED. 2. In an antenna, feeding 
it at a current maximum. 


Current 
A a 
= ` 
Current feed 


current feedback 1. A feedback signal consisting 
of current fed from the output to the input circuit 
of an amplifier. 2. A system or circuit for obtain- 
ing current feedback. 

current-feedback pair A two-stage, direct-coupled 
transistor amplifier having direct-current shunt- 
series feedback. 

current flow Charge carriers passing through a 
solid, liquid, gas, or vacuum. Also see CURRENT 
and CURRENT DENSITY. 
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current gain See CURRENT AMPLIFICATION. 

current hogging 1. An undesirable condition that 
sometimes takes place when two or more transis- 
tors are operated in parallel. One device tends to 
do all the work, taking all the current. The result 
can be destruction of that device. 2. The tendency 
of one component in a group of identical parallel- 
connected components to dissipate most of the 
power. 

current-hogging injection logic Acronym, CHIL. 
A form of bipolar digital logic, similar to current- 
hogging logic but having the greater density char- 
acteristic of injection logic. 

current instruction register A register in which 
are held instructions ready for execution by a 
program controller. 

current lag A circuit condition in which current 
variations are delayed by up to 180 degrees of 
phase relative to voltage variations. Compare 
CURRENT LEAD. 

current lead A circuit condition in which current 
variations occur earlier than voltage variations by 
up to 180 degrees of phase. Compare CURRENT 
LAG. 

current limiting The controlling of current so that 
it does not exceed a desired value. 

current-limiting resistor A series resistor in- 
serted into a circuit to limit the current to a pre- 
scribed value. 

current loop A point on a transmission line or an- 
tenna radiator at which the current reaches a lo- 
cal maximum. Compare CURRENT NODE. 

current meter A usually direct-reading instru- 
ment, such as an ammeter, milliammeter, or mi- 
croammeter, used to measure current strength. 
Also see ELECTRONIC CURRENT METER. 

current-meter operation The operation of a volt- 
meter as a current meter by connecting it to re- 
spond to the voltage drop across a resistor that 
carries the current of interest. 

current-mode logic In computer operations, tran- 
sistor logic in which the transistors operate in the 
unsaturated mode. 

current node A point on a transmission line or an- 
tenna radiator at which the current reaches a lo- 
cal minimum. Compare CURRENT LOOP. 

current noise Electrical noise produced by current 
flowing through a resistor. 

current probe A transformer usually having a 
snap-around, one-turn coil that picks up energy 
from a conductor and couples it into an alternat- 
ing-current ammeter. 

current rating 1. A specified value of operating 
current. 2. See CURRENT-CARRYING CAPACITY. 

current-regulated supply See CONSTANT- 
CURRENT SOURCE. 

current regulation The stabilization of current at 
a predetermined level or value. 

current regulator See BARRETTER. 

current relay A relay actuated by specific values of 
pickup and dropout current. 
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current saturation In the operation of a device 
(such as a transistor, saturable reactor, or mag- 
netic amplifier), the leveling off of current at a 
value beyond which no further increase occurs— 
even though an input parameter is further in- 
creased. 

current sense amplifier An amplifier used to in- 
crease the sensitivity of, or to decrease the load- 
ing of, a current-sensing component. 

current sensing Sampling a current (e.g., when 
the voltage drop across a series resistor is used as 
a proportional indication of the current flowing 
through the resistor). 

current-sensing resistor A low-value resistor in- 
serted into a circuit primarily for current sensing. 

current sensitivity In a current meter or gal- 
vanometer, current (in amperes or fractions 
thereof) per scale division. 

current-sheet inductance Symbol, Ls. The low- 
frequency inductance of a single-layer coil, calcu- 
lated with the formula Ls = (0.10028 a?N?)/s, 
where Ls is in microhenrys, a is the coil radius in 
inches, N is the total number of turns, and s is 
the coil length in inches. 

current shunt 1. A resistor connected in parallel 
with a voltmeter to convert it into an ammeter. 2. 
A resistor connected in parallel with the input of 
a voltage amplifier to make the response of the 
amplifier proportional to input-signal current. 

current sink A circuit or device through which a 
constant current can be maintained. 

current-sinking logic A form of bipolar digital 
logic. Current flows from one stage to the input of 
the stage immediately before. 

current-squared meter An ammeter or milli- 
ammeter whose deflection is proportional to the 
square of the current. 

current-stability factor In a common-base con- 
nected bipolar transistor, the ratio diz/dIc, where 
Iz is the emitter current and Ic is the collector 
current. 

current strength The magnitude of electric cur- 
rent (see CURRENT) (i.e., the number of carriers 
flowing past a given point per unit time, ex- 
pressed in coulombs per second or in amperes). 

current transformer 1. A transformer used to in- 
crease or decrease current flow. A primary-to- 
secondary step-up turns ratio reduces the 
current; a primary-to-secondary step-down turns 
ratio increases the current. 2. A particular trans- 
former (as in 1) used to change the range of an al- 
ternating-current milliammeter or ammeter. 

current vector In a vector diagram, a line with an 
arrowhead (vector) showing the magnitude and 
phase of a current. Compare VOLTAGE VEC- 
TOR. 

current-voltage feedback In an amplifier or oscil- 
lator, the process of applying some of the output 
current and voltage to the input. This feedback 
might be in phase (positive) or out of phase (neg- 
ative), with respect to the input. 
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cursor 1. A marker that indicates the position 
where a character can be entered in a video al- 
phanumeric display. Commonly used in comput- 
ers and word processors. 2. The sweeping line on 
a radar display. 3. The movable marker on a slide 
rule. 

curve trace 1. A device that supplies a special 
variable test voltage to a component or circuit un- 
der test, at the same time supplying a sweep volt- 
age to an oscilloscope. The component’s output 
voltage is also presented to the oscilloscope. As a 
result, the response curve of the component ap- 
pears on the oscilloscope screen. 2. A device that 
produces a permanent record (photographic or 
graphic) of an electrical phenomenon. Also called 
OSCILLOGRAPH or RECORDER. 

curvilinear trace A trace made on paper with 
curved vertical lines. The lines are curved to 
match the arc through which the recording pen 
swings. 

cut-in angle In a semiconductor rectifier circuit, a 
phase angle slightly greater than zero degrees, at 
which current conduction begins. Compare CUT- 
OUT ANGLE. 

Cutler antenna A parabolic-dish antenna, in 
which the driven element consists of a wave- 
guide that has two apertures on opposite sides of 
a resonant cavity. 

Cutler feed An aircraft antenna feed system in 
which radio-frequency (RF) energy is fed to the re- 
flector by a resonant cavity at the end of a wave- 
guide. 

Cutler tone control A dual resistance-capacitance 
(RC) filter circuit of the general bridged-tee vari- 
ety. Variation of the series leg provides adjustable 
treble boost; variation of the shunt leg provides 
adjustable bass boost. 

cutoff 1. The process of reducing some operating 
parameter, such as collector current, to zero by 
adjusting the bias at the input electrode. 2. The 
point on the characteristic curve of an amplifying 
device, at which the output current drops to zero 
under no-signal conditions. 3. The lowest 
frequency at which a waveguide will efficiently 
function. 4. The frequency or frequencies corre- 
sponding to the point or points in a filter 
response, at which the attenuation is three 
decibels greater than the lowest attenuation within 
the passband. See also CUTOFF FREQUENCY. 

cutoff attenuator A variable, nondissipating at- 
tenuator consisting of a variable length of wave- 
guide used at a frequency below cutoff. 

cutoff bias In a transistor or vacuum-tube circuit, 
the value of control-electrode bias that produces 
output current cutoff. 

cutoff current Symbol, Ie. In a transistor, the 
small collector current that flows when the emit- 
ter current is zero (common-base circuit) or when 
the base current is zero (common-emitter circuit). 

cutoff frequency 1. Symbol, fe The high fre- 
quency at which the current-amplification factor 
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of a transistor drops to 70.7% of its 1-kHz value. 
2. In a filter, amplifier, or transmission line, the 
frequency point(s) at which transmission loss or 
filter rejection begins. It is generally specified as 
the half-power point(s), or the point(s) at which 
the attenuation is three decibels, relative to 
the lowest attenuation. Examples: the high- 
frequency cutoff of an amplifier and the upper 
and lower cutoff points of a bandpass filter. 

cutoff limiting Output-peak clipping that results 
from overdrive in an amplifying device. Compare 
SATURATION LIMITING. 

cutoff potential See CUTOFF BIAS. 

cutoff voltage See CUTOFF BIAS. 

cutoff wavelength 1. The wavelength correspond- 
ing to cutoff frequency. 2. For a waveguide, the 
ratio of the velocity of electromagnetic waves in 
free space (3 x 10% meters per second) to the cut- 
off frequency of the waveguide in Hz. The result is 
thus expressed in meters. 

cutout 1. A device, such as a circuit breaker, that 
automatically disconnects a circuit, usually to 
prevent overload, but occasionally to prevent un- 
derload. 2. Emergency switch. 3. Fuse. 

cut-out angle In a semiconductor rectifier circuit, 
a phase angle slightly less than 180 degrees at 
which current conduction ceases. Compare CUT- 
IN ANGLE. 

cutout base A fuse block. 

cut rate 1. The speed at which a cutter moves 
across the surface of a blank vinyl disk during the 
recording process. 2. The number of cut lines per 
inch in a vinyl disk recording. 

CW 1. Abbreviation of CONTINUOUS WAVE. 2. Ab- 
breviation of CLOCKWISE. 

CW filter In a communications receiver, a highly 
selective filter in the intermediate-frequency (IF) 
or audio-frequency (AF) stage. The bandwidth is 
typically 200 Hz to 500 Hz; some audio filters 
can be set for bandwidths as low as about 50 
Hz. 

CW laser A laser that emits energy in an uninter- 
rupted stream, rather than in pulses. 

CW monitor See KEYING MONITOR. 

CW oscillator 1. In a radio receiver, a variable- 
frequency oscillator that heterodynes a radiotele- 
graph signal in the intermediate-frequency (IF) 
amplifier chain, to make audible the continuous- 
wave dits and dahs. 2. Sometimes, an external 
variable-frequency radio-frequency (RF) oscilla- 
tor, whose output beats against the actual carrier 
of a continuous-wave radiotelegraph signal, mak- 
ing it audible as dits and dahs. 3. An unmodu- 
lated, unkeyed oscillator. 

CW radar A radar system in which radio-frequency 
(RF) energy is transmitted continuously. 

CW reference signal A sinusoidal radio- 
frequency (RF) signal, used to control the con- 
duction time of a synchronous demodulator in 
color television. 

C, Symbol for UNKNOWN CAPACITANCE. 
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cyan Blue-green, one of the three primary pigments. 

cyber- A prefix that indicates relevance to, or in- 
volvement with, computers, computer systems, 
and electronic control systems. 

cybernetics The study of control system theory in 
terms of the relationship between animal and 
machine behavior. 

Cyber Sapiens An expression for a computer or 
robot with artificial intelligence (AI) on the fore- 
front of current technology. 

cyberspace 1. Alternative expression for INFOR- 
MATION SUPERHIGHWAY. 2. Alternative expres- 
sion for VIRTUAL REALITY. 

cyborg Acronym of the words cybernetic and or- 
ganism. 1. A human being with at least one arti- 
ficial body part, such as a prosthesis (artificial 
limb). 2. A human being who is largely composed 
of robotic body parts. 

cycle 1. Abbreviation, c. One complete, 360-degree 
revolution of the current or voltage vector in an 
alternating-current (ac) wave. An ac frequency of 
1 cycle per second is 1 Hz (see HERTZ). 2. A com- 
plete sequence of operations. 

cycle counter A device that totals the number of 
cycles of a phenomenon repeated during a given 
period. 

cycle index The number of times that a particular 
cycle has been, or must be, iterated in a com- 
puter program. 

cycle index counter A variable that indicates how 
often a cycle of computer program instructions 
has been executed. In a program, for example, 
this can be accomplished by increasing, through 
instruction, the value of a location’s content every 
time a loop operation is performed. 

cycle life The total number of charge-discharge cy- 
cles a rechargeable cell or battery can tolerate be- 
fore becoming useless. 

cycle reset To change the value of a cycle count 
(making it zero or some other value). 

cycle shift See CYCLIC SHIFT. 

cycles per second Abbreviation, cps. Archaic term 
for HERTZ. 

cycle time Pertaining to an operation, the dura- 
tion of a complete cycle. 

cycle timer A timer that switches a circuit or de- 
vice on and off, according to a predetermined cy- 
cle. Also called programmed timer. 

cyclic code See GRAY CODE. 

cyclic memory In computer operations, a memory 
whose locations can only be accessed points in a 
cycle, as of a magnetic diskette. 

cyclic shift The moving of data out of one end ofa 
storage register and reentering it character-by- 
character or bit-by-bit at the other end in a closed 
loop (e.g., 87654 cyclically shifted one place to 
the right becomes 48765). 

cyclic variations Periodic changes in the features 
of the ionosphere, occurring on a daily, seasonal, 
or sunspot-related basis. These changes are fairly 
predictable. 


de 


5059F-pC-93-162 


4/9/01 4:51 PM Page 162 


162 cycling +. Czochralski method 


cycling The tendency of a parameter to oscillate 
back and forth between two different values. 

cyclogram A method of showing the relationship 
between two signals on an oscilloscope. The two 
signals must have a fixed phase relationship. 

cyclotron A type of particle accelerator. An applied 
electromagnetic field, acting together with an in- 
tense applied magnetic field, cause charged sub- 
atomic particles to travel with increasing velocity 
in a spiral path between two semicircular metal 
boxes called dees. When the particles go fast 
enough in the correct path, they are expelled and 
strike a target in their path. 


Path of 
accelerated 
particles 


Dee 1 Dee 2 
MA 
y, cathode 
Deflector Target 


cyclotron 


cyclotron frequency The angular frequency of a 
charged particle in a cyclotron. The cyclotron fre- 
quency depends on the number of times per sec- 
ond the magnetic field of the device is reversed. 

cyclotron radiation An electromagnetic field pro- 
duced by the circular movement of charged parti- 
cles in a fluctuating magnetic field. 

cylinder In computer operations, the combination 
of equal-radius tracks on the platters of a hard 
disk. 

cylinder magnet A permanent magnet in the 
shape of a cylinder. 

cylindrical capacitor See CONCENTRIC CAPACI- 
TOR. 
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cylindrical contour The most common curvature 
of the face of a magnetic tape recording head; it is 
a section of a cylinder having a constant radius of 
0.5 inch to 1 inch. 

cylindrical coordinate geometry A scheme for 
robot-arm movement. There are three coordi- 
nates, called reach, angle, and elevation. It allows 
precise positioning of a robot end effector within a 
region consisting of two concentric cylinders and 
all the volume in between. 

cylindrical coordinates A method of locating a 
point in three-space in which height, distance, 
and angle are used to uniquely define points. 


h axis 


cylindrical coordinates 


cylindrical magnet See CYLINDER MAGNET. 

cylindrical wave An electromagnetic wave whose 
field surfaces are nearly perfect cylinders. 

cylindrical waveguide A waveguide resembling a 
round pipe. 

cylindrical winding A method of coil winding in 
which the wire is formed into a helix. There might 
be only one layer, or there might be several lay- 
ers. The length of the coil is greater than the di- 
ameter. Also called a linear winding. 

Czochralski method A technique for obtaining a 
relatively large single crystal from a substance, 
such as the semiconductors germanium and sili- 
con. The method consists essentially of dipping a 
seed crystal into a molten mass of the same sub- 
stance, then slowly withdrawing it while rotating it. 
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D 1. Symbol for DEUTERIUM. 2. Symbol for ELEC- 
TRIC DISPLACEMENT. 3. Symbol for ELECTRIC 
FLUX DENSITY. 4. Symbol for DISSIPATION 
FACTOR. 5. Symbol for drain (see DRAIN, 3). 6. 
Abbreviation of DISSIPATION. 7. Symbol for de- 
terminant. 8. Symbol for DIFFUSION CONSTANT. 

d 1. Abbreviation of DECI. 2. Symbol for DIFFER- 
ENTIAL. 3. Symbol for distance. 4. Symbol for 
DENSITY. 5. Symbol for drain (see DRAIN, 3). 6. 
Abbreviation of DISSIPATION. 7. Abbreviation of 
day. 8. Abbreviation of DEGREE. 9. Abbreviation 
of diameter. 10. Abbreviation of DRIVE. 

D/A Abbreviation of DIGITAL-TO-ANALOG. See 
DIGITAL-TO-ANALOG CONVERSION. 

dA 1. Symbol for DIFFERENTIAL OF AREA. 2. 
Symbol for differential of amplification. 3. Seldom- 
used abbreviation of deciampere. 

da Abbreviation of DEKA. 

DAC Abbreviation of DIGITAL-TO-ANALOG CON- 
VERTER. 

DACI Abbreviation of direct adjacent-channel inter- 
ference. 

DAGC Abbreviation of DELAYED AUTOMATIC 
GAIN CONTROL. 

daisy chain A method of transferring a signal in a 
computer from one stage to the next. 

daisy wheel A form of printing device consisting 
of a disk having several dozen radial spokes, 
each of which has a character molded on its 
face. The disk rotates to the proper position in 
the printing process, and a hammer strikes the 
spoke to press the molding against the ribbon 
and paper. 

DAM Abbreviation of data-addressed memory. 


Damon effect The change that the susceptibility of 
ferrite undergoes under the influence of high RF 
power. 

damped galvanometer A galvanometer with a pro- 
vision for overswing limiting or oscillation preven- 
tion. 

damped loudspeaker A loudspeaker in which un- 
desirable excursions are prevented by damping in 
the associated amplifier or speaker circuit. 

damped meter 1. A meter with a provision for 
overswing limiting or oscillation prevention. 2. A 
meter that is protected during transport by a 
shorting bus between the two meter terminals. 

damped natural frequency 1. The frequency at 
which a damped system having one degree of 
freedom will oscillate after momentary applica- 
tion of a transient force. 2. In the presence of 
damping, the rate at which a sensing element os- 
cillates freely. 

damped oscillations Oscillations in which the am- 
plitude of each peak is lower than that of the pre- 
ceding one; the oscillation eventually dies out (the 
amplitude becomes zero). Compare CONTINU- 
OUS WAVE. 

damped speaker See DAMPED LOUDSPEAKER. 

damped wave A wave whose successive peaks de- 
crease in amplitude (i.e., it decays), eventually 
reaching an amplitude of zero. Compare CONTIN- 
UOUS WAVE and UNDAMPED WAVE. 

damped-wave decay See DECREMENT, 1. 

dampen To cause the amplitude of a signal to 
decay. 

damper See DAMPING DIODE. 

damper diode See DAMPING DIODE. 
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Time 


Amplitude 


damped wave 


damper winding A special short-circuited motor 
winding that opposes pulsation or rotation of the 
magnetic field. 

damping 1. See DAMPING ACTION. 2. In a loud- 
speaker, sound-absorbent material used to mini- 
mize resonant effects within the enclosure. 

damping action 1. Quenching action. 2. The pre- 
vention of overswing, dither, or flutter in a meter 
or loudspeaker (see DAMPED GALVANOMETER, 
DAMPED LOUDSPEAKER, DAMPED METER). 3. 
The prevention of oscillation or ringing in a cir- 
cuit. 4. Inhibition of the vibration of an acoustic 
transducer to prevent ringing and other un- 
wanted effects. 

damping coefficient A figure expressing the ratio 
of the damping in a system to critical damping. 

damping diode A diode used to prevent oscillation 
in an electric circuit (e.g., the diode that prevents 
ringing in the power supply of a television re- 
ceiver). Also called damper. 

damping factor 1. Symbol, a. For a coil of induc- 
tance L and RF resistance R in a damped-wave 
circuit, the value R/2L, where Lis in henrys and 
Rin ohms. 2. Abbreviation, Fy. For a torque mo- 
tor, the ratio of the stall torque to the no-load ro- 
tational speed. 

damping magnet A permanent magnet so situ- 
ated, with respect to a moving conductor, disk, or 
plate, that the resulting field opposes the move- 
ment. 

damping ratio See DAMPING COEFFICIENT. 

damping resistance 1. The value of shunt resis- 
tance required to prevent ringing in a coil. 2. The 
value of resistance required for critical damping 
of a galvanometer. 

damping resistor 1. A shunt across a coil to pre- 
vent ringing. 2. A resistor used to provide critical 
damping of a galvanometer. 

Daniell cell A nonpolarizing primary wet cell with 
zinc (negative) and copper (positive) electrodes. 
The zinc plate is in a porous cup containing a 
weak zinc-sulfate solution with a little sulfuric 
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acid; the cup is in a jar filled with a saturated cop- 
per-sulfate solution in which the copper electrode 
is immersed. Typical voltage for the cell is 1.1 V. 

daraf The unit of ELASTANCE. Elastance in darafs 
is the reciprocal of capacitance in farads. 

dark conduction The flow of dark current in a 
photoconductive or glow-discharge device. 

dark current The usually tiny current flowing 
through a darkened photoconductive cell, photo- 
transistor, or glow-discharge device. 

dark discharge The occurrence of a discharge in a 
gas, without the production of visible light. 

dark-spot signal A spurious signal generated by 
some camera tubes, arising from secondary- 
emission effects. 

dark-trace tube An oscilloscope tube on whose 
white screen a long-persistence magenta image is 
traced by the electron beam. Illuminating the 
screen with bright light intensifies the image. 

Darlington amplifier A high-gain amplifier that 
uses a COMPOUND CONNECTION of two bipolar 
transistors. 

Darlington pair See COMPOUND CONNECTION. 

D’Arsonval current A large, low-voltage, high- 
frequency current at one time thought to be 
therapeutic. 

D’Arsonval meter A electromechanical analog me- 
ter, in which a coil turns on jeweled pivots be- 
tween the poles of a strong magnet and against 
the force of spiral springs. A pointer is attached to 
the coil. The pointer moves over a calibrated scale. 

D’Arsonval movement The mechanism of a 
D’Arsonval meter. 

DART Abbreviation of data analysis recording tape. 

dart leader A flow of electrons along a path trav- 
eled by a lightning stroke, preceding a second 
stroke. The dart leader, if any, occurs a few mil- 
liseconds after the first stroke. Several strokes 
could occur, each preceded by a dart leader, 
within less than 1 second. 

dash The longer of the two characters (DOT and 
DASH) of the telegraph code. The duration of the 
dash is three times longer than that of a dot. 

dashpot A delayed-action device in which the 
movement of a piston is slowed by air or a liquid 
in a closed cylinder. 

dashpot relay A time-delay relay assembly in 
which the delay is obtained with a DASHPOT. 

DAT 1. Abbreviation of DIGITAL AUDIO TAPE. 2. 
Abbreviation of diffused-alloy transistor. 

data 1. A collection of digital bits (binary digits) 
with informational content (e.g., a computer file, 
a digital image, or a digital sound recording). 2. 
General expression for information, especially in 
encoded or written form. 

data acquisition The reception and gathering of 
data (see DATA COLLECTION and DATA SYS- 
TEM, 1). 

data-acquisition system A computer or dumb ter- 
minal used to gather data from one or more ex- 
ternal points. 
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data analysis display unit A video display periph- 
eral for online data analysis. 

data area A computer memory area that holds data 
only (i.e., one that does not contain program in- 
structions). 

data bank A data file stored in a direct-access stor- 
age device, which can be drawn from by many 
system users through remote terminals. 

database 1. A computer file containing often-used 
information (e.g., names and addresses, or elec- 
tronic part numbers). 2. A popular form of com- 
puter software that allows users to create, 
maintain, and modify information. 

data block A set of data bits, comprising an identi- 
fiable item. 

data bus A conductor or medium over which digital 
data is transmitted from one place to another 
within a computer. 

data carrier storage A medium of data storage 
outside of a computer (e.g., a magnetic disk). 

data code A set of abbreviations or codes for data 
characters or words. 

data collection The pickup of signals representing 
test data and their transmission to a computer, 
data processor, or recorder. Also see DATA SYS- 
TEM, 1. 

datacom Acronym for DATA COMMUNICATION. 

data communication The transmission and re- 
ception of data signals between or among points 
in a system. 

data communication terminal A computer pe- 
ripheral providing an input and output link to a 
central computer system, and that can be used 
offline for other functions. 

data compression 1. The process of reducing the 
size of a data file by eliminating redundancies. 2. 
The process of minimizing the length of a data 
transmission by eliminating redundancies. 3. 
The process of reducing the bandwidth of a data 
transmission. 4. The process of reducing the dy- 
namic amplitude range of a data transmission. 

data control The automatic control of incoming 
and outgoing data in a data processing system. 

data conversion The process of changing data 
from one form to another, e.g., from analog to dig- 
ital (A/D), digital to analog (D/A), parallel to se- 
rial, or serial to parallel. 

data converter 1. A circuit or device for perform- 
ing DATA CONVERSION. 2. An analog-to-digital 
(A/D) converter. 3. A digital-to-analog (D/A) con- 
verter. 4. A parallel-to-serial converter. 5. A 
serial-to-parallel converter. 

data description The description of a unit of data, 
as included in a computer source program. 

data display A device, such as a cathode-ray tube 
(CRT) or liquid-crystal display (LCD), that pre- 
sents data for visual examination. Compare 
DATA PRINTOUT. 

data element 1. A component of a data signal (e.g., 
a number, letter, symbol, or the equivalent elec- 
trical pulses). 2. A device or circuit for acquiring 
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or processing data. 3. A unit of data (e.g., a field 
in a file). 

data-flow diagram A block diagram showing the 
movement of data through a data-processing sys- 
tem. 

data format The form of data in a record or file 
(e.g., character format or numerical format). 

data gathering See DATA COLLECTION. 

data-handling capacity 1. The amount of data 
that can be stored in a memory circuit. 2. The 
amount of data that can be transmitted over a 
certain medium. 3. The rate at which data can be 
transferred under certain conditions. 

data-handling system A system that gathers, 
routes, transmits, or receives data, but does not 
necessarily process it. 

data item A logical element (character, byte, or bit) 
describing a characteristic of a record used by a 
system for which there is a specific application. 

data level Descriptive, through a programming 
language, of the relative weight of logical ele- 
ments (data items) in a computer record. Also 
called data hierarchy. 

data link The portion of a computer system that 
gathers data and, if necessary, converts it to a 
form acceptable by a computer. 

data matrix Variables and their possible values 
stored as a series of columns and rows of values 
in a computer memory. 

data name An operand specified in a computer 
source program. 

data pickup 1. A transducer that collects data sig- 
nals from a source; it converts nonelectrical data 
into corresponding electrical signals and delivers 
its output to a data processing system. 2. Data 
acquisition. 

data playback The reproduction of data signals 
stored by some method of data recording. 

data plotter See X-Y PLOTTER. 

data printout 1. A device that prints a record of 
data or the results of a computation. 2. A perma- 
nent printed record, usually of a calculation or 
computation—especially the printed output of a 
computer peripheral device. 

data processing Work performed on acquired 
data, as in solving problems, making compar- 
isons, classifying material, organizing files. Usu- 
ally done by a computer. 

data-processing equipment A digital computer 
and the peripheral equipment needed to collate, 
store, analyze, and reduce data. 

data-processing machine A computer or system 
used to collate, store, analyze, and reduce data, 
as opposed to a computer or system used primar- 
ily to solve problems or perform routine tasks. 
Also called data processor. 

data-processing system An electronic system for 
automatic data processing. It can be based on 
analog and/or digital techniques. 

data processor See DATA-PROCESSING MA- 
CHINE. 
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data receiver At a particular point in a data- 
processing system, a circuit or device for 
receiving data from a data transmitter. 

data reception Receiving data signals from some 
point within or outside a data-processing system. 

data-reception system A data receiver and its as- 
sociated equipment. 

data record A computer-processed record contain- 
ing a data unit. 

data recorder A machine for storing data acquired 
in the form of electrical signals (see DATA 
RECORDING). 

data recording 1. The preservation of data signals 
by some process, such as magnetic-disk encod- 
ing, optical-disk encoding, or tape recording, for 
future use or as a backup. 2. A record of data sig- 
nals, as on magnetic tape. 

data reduction The summarization of a mass of 
electronically gathered data. 

data-reduction system A system used to minimize 
the amount of data necessary to convey given in- 
formation. 

data representation Values and data as described 
by numerals, symbols, and letters (e.g., computer 
program instructions). 

data segment As related to a particular computer 
process, a subunit of allocated storage containing 
data only. 

data selector/multiplexer A digital circuit that 
has several or many input signals, and feeds one 
of them onto a common line. 

data set A device that connects a data processor to 
a telegraph or telephone line. 

data signal 1. A signal (Such as one of binary bit 
combinations) that can represent data as num- 
bers, letters, or symbols. 2. A signal current or 
voltage proportional to some sampled quantity, 
and that can be used to actuate indicating in- 
struments during tests or measurements. 

data statement A computer source program state- 
ment identifying a data item and specifying its 
format. 
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data storage The preservation of data, particularly 
computer files, for long periods of time in non- 
volatile form (no source of power is required to 
ensure that the data remains intact). 

data storage media Hardware that preserves data, 
particularly computer files, for long periods of 
time in nonvolatile form (no source of power is re- 
quired to ensure that the data remains intact). 
Common media include magnetic disks, mag- 
netic tape, and optical disks. 

data synchronizer A device used to synchronize 
data transmission within a computing or pro- 
cessing system. 

data system 1. An arrangement for collecting, 
recording, and routing data in the form of electri- 
cal signals. 2. An arrangement for processing 
data (i.e., for correlating, computing, routing, 
storing, etc.). 

data terminal A remote input/output device con- 
nected to a central computer. 

data throughput In a computer system, the 
amount of data per unit time (bytes, kilobytes, 
megabytes, gigabytes, or terabytes per second or 
minute) that can be transferred from one place to 
another. 

data transducer In tests and measurements, a 
transducer that converts a monitored phe- 
nomenon into electrical quantities that can be 
used for computer analysis or calculations. 

data transmission Sending data signals from a 
pickup point or processing stage to another point 
within a data-processing system; also, sending 
such signals to points outside the system. 

data-transmission system A data transmitter and 
its associated equipment. 

data transmission utilization measure The ratio 
of the useful data output of a data-transmission 
system to the total data input. 

data transmitter A circuit or device for sending 
data from point to point within or outside of a 
data-processing system. 

data unit Characters in a group that are related in 
a way that makes them a meaningful whole (e.g., 
a text word, or an object such as a circle in vector 
graphics). 

data value A measure of the amount of informa- 
tion contained in a certain number of data bits. 
The greater the ratio of the actual information to 
the number of bits, the higher the data value. 

data words In digital computer operations, words 
(bit groups) representing data, rather than pro- 
gram instructions. 

DAVC Abbreviation of DELAYED AUTOMATIC 
VOLUME CONTROL. 

David Phonetic alphabet code word for letter D. 

daylight effect The modification of transmission 
paths during the day because of ionization of the 
upper atmosphere by solar radiation. 

daylight lamp An incandescent lamp whose fila- 
ment is housed in a blue glass bulb, which ab- 
sorbs some red radiation and transmits most of 
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the green, blue, and violet. So called because the 
spectral output resembles that of typical daylight. 

daylight range The distance over which signals 
from a given transmitter are consistently received 
during the day. 

DB 1. Abbreviation of DIFFUSED BASE of a tran- 
sistor. 2. Abbreviation of DOUBLE BREAK (relay). 

dB 1. Abbreviation of DECIBEL or decibels. 2. 
Symbol for differential of susceptance. 

dBa Abbreviation of ADJUSTED DECIBELS. 

dBc Abbreviation of decibels referred to the carrier. 

DBD Abbreviation of double-base diode. 

dBd The power gain of an antenna in the direction 
of maximum radiation, compared to the radiation 
in the favored direction of a half-wave dipole in 
free space receiving the same amount of power. 
Expressed in decibels. 

dBi The power gain of an antenna in the direction 
of maximum radiation, compared to the radiation 
from a theoretical isotropic antenna in free space 
receiving the same amount of power. Expressed 
in decibels. 

dBj The level of an RF signal, in decibels, relative to 
1 millivolt. 

dBk Abbreviation of DECIBELS REFERRED TO 1 
KILOWATT. 

DBM Abbreviation of database management. 

dBm Abbreviation of DECIBELS REFERRED TO 1 
MILLIWATT. 

dBm0 Signal level in dBm, referred to a zero-trans- 
mission level. 

dBmOp Noise in dBm0, measured with set phos- 
phometric weighting. 

dB meter A usually high-impedance ac voltmeter 
with a scale reading directly in decibels. 

dBmp The level in dBm, measured with phospho- 
metric weighting. Generally equal to dBm -2.5, 
for a noise level that is flat within the communi- 
cations audio range. 

dBmr Decibels measured with respect to zero 
transmission level. 

dBmV Abbreviation of DECIBELS REFERRED TO 
1 MILLIVOLT. 

dBrap Abbreviation of DECIBELS ABOVE REFER- 
ENCE ACOUSTIC POWER (10° W). 

dBrn Abbreviation for decibels above reference 
noise. A level of O dBrn is defined as noise power 
of 10? W (1 nanowatt). 

dBrnc Noise power in dBrn for a circuit with mes- 
sage weighting c. 

dBrncO Noise in dBrnc measured with respect to 
zero transmission level. 

dBV Abbreviation of DECIBELS REFERRED TO 1 
VOLT. 

dBW Abbreviation of DECIBELS REFERRED TO 1 
WATT. 

dBx Abbreviation of DECIBELS ABOVE REFER- 
ENCE COUPLING. 

dC Symbol for differential of capacitance. 

de 1. Abbreviation of DIRECT CURRENT. 2. Abbre- 
viation of direct-coupled. 
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dc-ac converter A circuit that converts a de input 
voltage into an ac output voltage, with or without 
step-up or step-down. Also called INVERTER. 

dc alpha The current amplification factor (ALPHA) 
of a common-base transistor stage for a dc input 
(emitter) signal. Compare DC BETA. 

dc amplifier 1. A direct-coupled amplifier. 2. An 
amplifier for boosting direct-current signals. 

dc balance 1. Adjustment of a circuit or device for 
de stability or de null. 2. Adjustment of a circuit 
for de stability during gain changes. 3. A poten- 
tiometer or other variable component used to sta- 
bilize or null a de circuit. 

dc bar See DC BUS. 

dc base current Symbol, [pa .. The static direct 
current in the base element of a bipolar transis- 
tor. 

dc base resistance Symbol, Rgaop. The static de re- 
sistance of a bipolar transistor’s base element; 
Rpg = Vs/ Ip. 

dc base voltage Symbol, Vga. The static de volt- 
age at the base element of a bipolar transistor. 

dc beta The current amplification factor (BETA) of 
a common-emitter-connected transistor for a de 
input (base) signal. Compare DC ALPHA. 

de block A coaxial section that has a capacitance 
in series with the inner or outer conductor, or 
both, to block de while passing RF. Compare DC 
SHORT. 

dc bus A supply conductor carrying direct current 
only. 

dee Abbreviation of double cotton covered (wire). 

dc cathode current Symbol, Ikaop. The static direct 
current in the cathode element of an electron 
tube. 

dc cathode resistance Symbol, Rkídc). The static de 
resistance of the cathode path of an electron 
tube. 

dc cathode voltage Symbol, Vea). The static de 
voltage at the cathode of an electron tube. 

de circuit breaker A circuit breaker operated by 
direct-current overload or underload, depending 
on its design and application. 

dc collector current Symbol, Ica. The static di- 
rect current in the collector element of a bipolar 
transistor. 

dc collector resistance Symbol, Rca. The static 
dc resistance of a bipolar transistor’s collector el- 
ement; Reva) = Vo/ Ic. 

dc collector voltage Symbol, Vcao. The static de 
voltage at the collector element of a bipolar tran- 
sistor. 

dc component In a complex wave (i.e., one con- 
taining both ac and dc), the current component 
having an unchanging polarity. The dc compo- 
nent constitutes the mean (average) value around 
which the ac component alternates, pulsates, or 
fluctuates. 

dc converter A dynamoelectric machine for con- 
verting low-voltage dc into higher-voltage dc. It is 
essentially a low-voltage dc motor coupled me- 
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chanically to a higher-voltage dc generator. Com- 
pare DC INVERTER. 

dc coupling See DIRECT COUPLING. 

dc drain current Symbol, Inao. The static direct 
current in the drain element of a field-effect tran- 
sistor. 

dc drain resistance Symbol, Rpa. The static de 
resistance of an FET’s drain element; Rpao = 
Vp/ Ip. 

dc drain voltage Symbol, Vp. The static de volt- 
age at the drain element of a field-effect transis- 
tor. 

dc dump In digital computer operation, removing 
dc power from a computer, which would eradicate 
material stored in a volatile memory. 

dc emitter current Symbol, Iza. The static direct 
current in the emitter element of a bipolar tran- 
sistor. 

dc emitter resistance Symbol, Raa. The static de 
resistance of a bipolar transistor’s emitter ele- 
ment; Rag = VE/ Iz. 

dc emitter voltage Symbol, Via). The static de 
voltage at the emitter element of a bipolar tran- 
sistor. 

dc equipment Apparatus designed expressly for 
operation from a dc power supply. Compare AC 
EQUIPMENT and AC/DC. 

dc erase head In a magnetic recorder, a head sup- 
plied with a de current for the purpose of remov- 
ing data. 

dc error voltage In a television receiver, the dc 
output of the phase detector, which is used to 
control the frequency of the horizontal oscillator. 

dc gate current Symbol, laa. The very small static 
direct current in the gate element of a field-effect 
transistor. 

dc gate resistance Symbol, Raa. The very high, 
static de resistance of an FET’s gate element; 
Rad) = Va/ Ic. 

dc gate voltage Symbol, Vado. The static de volt- 
age at the gate element of a field-effect transistor. 

dc generator 1. A rotating machine (dynamo) for 
producing direct current. Also see DYNAMO- 
ELECTRIC MACHINERY. 2. Generically, a device 
that produces direct current: batteries, photo- 
cells, thermocouples, etc. 

dc generator amplifier A special type of generator 
that provides power amplification. The input sig- 
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nal energizes the field winding of a constant- 
speed machine; because the output voltage is 
proportional to field flux and armature speed, a 
high output voltage is obtained. Also see AMPLI- 
DYNE. 

dc grid bias Steady dc control-grid voltage used to 
set the operating point of an electron tube. 

dc grid current Symbol, Icaop. The static direct cur- 
rent in the control-grid element of an electron tube. 

dc grid resistance Symbol, Rafa. The static de re- 
sistance in the control-grid element of an electron 
tube; Rede) = Va/ lo. 

dc grid voltage Symbol, Vado. The static de voltage 
at the control grid of an electron tube. 

dc inserter In a television transmitter, a stage that 
adds the dc pedestal (blanking) level to the video 
signal. 

dc inverter An electrical, electronic, or mechanical 
device that converts dc to ac. Also called IN- 
VERTER. 

dcl Abbreviation of dynamic load characteristic. 

dc leakage The unintended flow of direct current. 

dc leakage current 1. The direct current that nor- 
mally passes through a correctly polarized elec- 
trolytic capacitor operated at its rated dc working 
voltage. 2. The zero-signal reverse current in a 
semiconductor pn junction. 

DCM Abbreviation of DIGITAL CAPACITANCE ME- 
TER. 

D/CMOS Combination of DMOS and CMOS ona 
monolithic chip. 

dc motor A motor that operates from direct cur- 
rent only. 

dc noise Noise heard during the playback of mag- 
netic tape that was recorded while direct current 
was in the record head. 

dc noise margin In a digital or switching circuit, 
the difference V, — V; where V, is the output- 
voltage level of a driver gate and V; is the input 
threshold voltage of a driven gate. 

dc operating point For a bipolar transistor, field- 
effect transistor, or vacuum tube, the static, zero- 
signal dc voltage and current levels. 

dc overcurrent relay A relay or relay circuit actu- 
ated by dc coil current rising above a specified 
level. Compare DC UNDERCURRENT RELAY. 

dc overvoltage relay A relay or relay circuit actu- 
ated as a result of the dc coil voltage rising above 
a specified level. Compare DC UNDERVOLTAGE 
RELAY. 

dc patch bay A patch bay in which the de circuits 
of a system are terminated. 

dc picture transmission In television, transmis- 
sion of the dc component of the video signal; this 
component corresponds to the average illumina- 
tion of the scene. 

dc plate current Symbol, Ira The static direct 
current in the plate element of an electron tube. 

dc plate resistance Symbol, Rp). The static de re- 
sistance of the internal plate-cathode path of an 
electron tube; Rpg = Vp/ Ip. 
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dc plate voltage Symbol, Vray. The static de volt- 
age at the plate electrode of an electron tube. 

dc positioning Alignment of the spot on the screen 
of an oscilloscope tube, by means of adjustable de 
voltages applied to the horizontal and vertical de- 
flecting plates. 

dc power Symbol, Pac. Unit, watt. The power in a 
de circuit; Pa. = El, where E is in volts and Iis in 
amperes. Compare AC POWER. Also see POWER. 

dc power supply A power unit that supplies direct 
current only. Examples: battery, transformer/ 
rectifier /filter circuit, de generator, and photovoltaic 
cell. Compare AC POWER SUPPLY. 

de relay A relay having a simple coil and core sys- 
tem for closure by direct current, which can be 
rectified ac. 

dc resistance Resistance offered to direct current, 
as opposed to in-phase ac resistance. 

dc resistivity The resistivity of a sample of mate- 
rial measured using a pure dc voltage under 
specified conditions (physical dimensions, tem- 
perature, etc.). 

dc restoration The reinsertion of the dc compo- 
nent into a signal from which the component has 
been extracted through a capacitor or trans- 
former. 

dc restorer A circuit that reinserts the average dc 
component of a signal after the component has 
been lost because the signal passed through a ca- 
pacitor or transformer. 

DCS Abbreviation of DORSAL COLUMN STIMULA- 
TOR. 

dc shift A shift in the DC OPERATING POINT. 

dc short A coaxial fitting providing a dc path be- 
tween the center and outer conductors, while 
permitting radio-frequency (RF) current to flow 
easily through the coaxial section. Compare DC 
BLOCK. 

dc signaling A signaling procedure that uses direct 
current as the medium (e.g., simple wire telegra- 
phy or telephony). 

dc source 1. DC GENERATOR. 2. A live circuit 
point from which one or more direct currents can 
be taken. 

de source current Symbol, Isap. The static direct 
current in the source element of a field-effect 
transistor. 

dc source resistance Symbol, Rs). The static de 
resistance of an FET’s source element. 

dc source voltage Symbol, Vga. The static de 
voltage at the source element of a field-effect 
transistor. 

DCTL Abbreviation of DIRECT-COUPLED TRAN- 
SISTOR LOGIC. 

dc-to-dc inverter See DC INVERTER. 

dc transducer 1. A transducer that depends on di- 
rect current for its operation (i.e., it has a de 
power supply whose output is modulated by the 
sensed phenomenon). 2. A transducer that con- 
verts a direct current into some other form of en- 
ergy, such as heat, pressure, or sound. 
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dc transformer A dc-to-de converter providing 
voltage step-up. The applied de is usually first 
converted to ac, which is then stepped up by a 
transformer. The higher-voltage ac is then recti- 
fied to produce a high de output voltage. 
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dc transmission 1. Sending dc power from a gen- 
erating point to a point of use. 2. In television 
transmission, the retention of the dc component 
in the video signal. 

dc tuning voltage The capacitance-varying dc 
voltage applied to a varactor in an inductance- 
capacitance (LC) tuned circuit. 

dcu Abbreviation of decimal counting unit. 

dc undercurrent relay A relay or relay circuit that 
is actuated as a result of the dc coil current drop- 
ping below a specified level. Compare DC OVER- 
CURRENT RELAY. 

dc undervoltage relay A relay or relay circuit that 
is actuated as a result of the dc voltage dropping 
below a specified level. Compare DC OVERVOLT- 
AGE RELAY. 

dev Abbreviation of DC VOLTS or DC VOLTAGE. 

dc voltage Abbreviation, dev. A voltage that does 
not change in polarity, an example being the volt- 
age delivered by a battery or dc generator. Also 
see VOLTAGE. 

dc working voltage Abbreviation, dcwv. The rated 
dc voltage at which a component can be operated 
continuously with safety and reliability. 

dc working volts Abbreviation, dcwv. The actual 
value, expressed in volts, of a DC WORKING 
VOLTAGE. 

dcwv Abbreviation of DC WORKING VOLTAGE. 

dD Symbol for differential of electric displacement. 

DDA Abbreviation of digital differential analyzer. 

DDD Abbreviation of DIRECT DISTANCE DIALING 
(telephone). 

D display See D SCOPE. 

DE Abbreviation of decision element. 

dE Symbol for differential of voltage. 

deac In frequency-modulation (FM) receivers, a de- 
vice used for deemphasis. The name is short for 
deaccentuator. 

deactuating pressure For an electrical contact, 
the pressure at which contact is made or broken 
as the pressure reaches the level of activation. 

dead 1. Unelectrified. 2. Lacking electromagnetic 
signals or fields. 3. Electrically or mechanically 
inoperative. 

dead band 1. A radio-frequency band on which no 
signals are heard. 2. A range of values for which 
an applied control quantity (e.g., current or volt- 
age) has no effect on the response of a circuit. 
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deadbeat The state wherein a moving body (such 
as the pointer of a meter or the voice coil of a 
loudspeaker) comes to rest without overswing or 
oscillation. 

deadbeat galvanometer See DEADBEAT INSTRU- 
MENT. 

deadbeat instrument A meter or recorder that is 
highly damped to ensure that overswing or oscil- 
lation does not occur. 

deadbeat meter See DEADBEAT INSTRUMENT. 

dead break An unreliable contact of a relay, 
caused by insufficient pressure. 

dead circuit A circuit that is electrically disabled. 

dead end The unused end of a tapped coil (i.e., the 
turns between the end of the coil and the last 
turn used). 

dead-end tower A supporting tower for an antenna 
or transmission line that can withstand stresses 
caused by loading or pulling. 

dead file A computer file that is not in use, but is 
being kept in a record. 

dead front panel A metal panel that, for safety and 
desensitization, is completely insulated from volt- 
age-bearing components mounted on it; it is often 
grounded. 

dead interval See DEAD TIME. 

dead line A deenergized line or conductor. 

dead period See DEAD TIME. 

dead room An anechoic room in which acoustic 
tests and studies are made. 

dead short A short circuit with extremely low (vir- 
tually no) resistance from dc into the radio- 
frequency spectrum. 

dead space See DEAD BAND. 

dead spot 1. An area in which radio waves from a 
particular station are not received. 2. On a 
vacuum-tube cathode (directly or indirectly 
heated), a spot from which no electrons are 
emitted. 

dead stretch The tendency of insulating materials 
to permanently retain their approximate dimen- 
sions after having been stretched. 

dead time 1. DOWN TIME. 2. An interval during 
which there is no response to an actuating signal. 
3. In a computer system, an interval between re- 
lated events that is allocated to prevent interfer- 
ence between the events. 

dead volume In a pressure transducer, the zero- 
stimulus volume of the pressure port cavity. 

dead zone See ZONE OF SILENCE. 

debatable time Computer time that cannot be 
placed in any other category. 

debounced switch A switch in sensitive computer 
or control systems that has circuitry for eliminat- 
ing the electrical effects of bounce (see BOUNCE, 
1). 

de Broglie waves Electromagnetic waves that are 
believed to be associated with moving particles 
(such as electrons, protons, and neutrons). 

debug 1. To eliminate errors in, and maximize the 
efficiency of, a computer program or group of pro- 
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grams. 2. To optimize the design and construc- 
tion of electronic equipment. 

debugging A process by which engineers eliminate 
the flaws in a circuit, machine, or computer pro- 
gram. 

debugging aid routine A computer program used 
to test other programs. 

debugging period The time interval following com- 
pletion of a software design, a hardware inter- 
connection, or the manufacture of a piece of 
electronic equipment, during which errors and 
imperfections are sought and corrected. 

debunching In a velocity-modulated tube, such as 
a Klystron, a beamspreading space-charge effect 
that destroys electron bunching. 

Debye length The maximum distance between an 
electron and a positive ion over which the elec- 
tron is influenced by the field of the ion. 

Debye shielding distance See DEBYE LENGTH. 

deca- A prefix that indicates multiplication by 10. 

decade 1. A frequency band whose upper limit is 10 
times the lower limit. Example: 20 Hz to 200 Hz. 2. 
A set of 10 switched or selectable components in 
which the total value is 10 times that of individual 
values. Example: a decade capacitor. Also called 
DECADE BOX. 3. A group, sometimes a unit of ac- 
cess, of 10 computer storage locations. 

decade amplifier An amplifier or preamplifier 
whose gain can be adjusted in increments of 10 
(x1, x10, x100, etc.). 

decade box A group of components that provides 
values in 10 equal steps selected by a switch or 
jacks. For compactness, the components and the 
associated hardware are enclosed in a box or can. 
See, for example, DECADE CAPACITOR. 

decade capacitor A composite capacitor whose 
value is variable in 10 equal steps. For example, 
the values might be set at 100 picofarads (pF), 
200 pF, 300 pF, etc., up to 1000 pF. Compare 
DECADE INDUCTOR and DECADE RESISTOR. 
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decade counter A counter (see COUNTER, 1, 2) in 
which the numeric display is divided into 
sections, each having a value 10 times that of the 
next and displaying a digit from zero to nine. 

decade inductor An inductor whose value is vari- 
able in 10 equal steps. Compare DECADE CA- 
PACITOR and DECADE RESISTOR. 

decade resistor A resistor whose value is variable 
in 10 equal increments. Compare DECADE CA- 
PACITOR and DECADE INDUCTOR. 

decade scaler A scale-of-10 electronic counter 
(i.e., a circuit delivering one output pulse for each 
group of 10 input pulses). 

decametric waves Waves in the 10- to 100-meter 
band (30 to 3 MHZ). 

decay 1. The decrease in the value of a quantity, 
e.g., current decay in a resistance-capacitance 
circuit. 2. The gradual, natural loss of radioactiv- 
ity by a substance. 

decay characteristics 1. The decay of a parame- 
ter; usually an exponential function. 2. The per- 
sistence time in a storage oscilloscope. 

decay curve A curve, usually logarithmic, repre- 
senting the function of quantity versus time for a 
signal decrement, the decrement of radioactivity, 
or other natural process. 

decay rate A quantitative expression for the rapid- 
ity with which a quantity decreases. Generally 
listed in decibels per second (dB/s) or decibels 
per millisecond (dB /mas). 

decay time The time required for pulse amplitude 
to fall from 90% to 10% of the peak value. Also 
called FALL TIME. 

Decca A 70- to 130-kHz CW radio navigation sys- 
tem (British). 

decelerated electron A high-speed electron that is 
abruptly decelerated upon striking a target, caus- 
ing X-rays to be emitted. 

decelerating electrode A charged electrode that 
slows the electrons in an electron beam. 

deceleration Acceleration that results in a de- 
crease in speed. 

deceleration time 1. The time taken by magnetic 
tape to stop moving after the last recording or 
playback has finished. 2. The time taken by a 
mechanical data storage medium, such as 
a hard disk, to come to rest after completion 
of a read or write operation, or on powering- 
down. 

decentralized data processing Data processing in 
which the computing equipment is distributed 
among managerial subgroups. 

deception A method of producing misleading 
echoes in enemy radar. 

deception device A radar device, or radar-associ- 
ated device, for deception. 

deci- Abbreviation, d. A prefix meaning one-tenth 
(1071). Examples: DECIBEL, DECIMETER. 

decibel Abbreviation, dB. A practical unit of rela- 
tive gain. In terms of power, the relative gain in 
decibels is equal to: 
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Gain (dB) = 10 logio(Pout/Pin), 


where Pout is the output power and Pin is the input 
power. For voltage, if the input and output 
impedances are the same, the gain in decibels is 
given by: 


Gain (dB) = 20 logio(Vour/ Vin), 


where Vout is the output voltage and Vn is the in- 
put voltage. For current, if the input and output 
impedances are the same, the gain in decibels is 
given by: 


Gain (dB) = 20 lo8 o0Uou/Tin), 


where Jo, is the output current and In is the input 
current. Losses are indicated by negative dB gain 
values. 

decibels above reference acoustic power Abbre- 
viation, dBrap. The ratio of a given acoustic 
power level to a lower reference acoustic power 
level, specified in decibels. 

decibels above reference noise Abbreviation, 
dBrn. The ratio of the noise level at a selected 
point in a circuit to a lower reference noise level, 
in decibels. 

decibels referred to 1 millivolt Abbreviation, 
dBmV. The relative voltage level of a signal when 
compared with a 1-mV signal measured at the 
same terminals. 

decibels referred to 1 milliwatt Abbreviation, 
dBm. The ratio, in decibels, of an applied power 
level to the power level of 1 mW. 

decibels referred to 1 volt Abbreviation, dBV. The 
ratio, in decibels, of a given voltage to 1 V, ex- 
pressed in decibels. 

decibels referred to 1 watt Abbreviation, dBW. 
The ratio of a given power level to the power level 
of 1 W, expressed in decibels. 

decider See DECISION ELEMENT. 

decigram A unit of mass equal to 0.1 gram. 

deciliter A unit of volume equal to 0.1 liter, or 10+ 
cubic meter. 

decilog A unit equal to 0.1 times the common log- 
arithm of a ratio. 

decimal 1. Pertaining to the base-10 number sys- 
tem (see DECIMAL NUMBER SYSTEM). 2. A 
base-10 numerical fraction, represented by fig- 
ures to the right of the radix point (decimal point), 
and arranged serially according to negative 
powers of 10. Examples: 0.12 = 1.2 x 107, 
0.00135 = 1.35 x 10°. 

decimal attenuator An attenuator circuit whose 
resistances are chosen for attenuation in deci- 
mal steps. Thus, one section provides attenua- 
tion in steps of 0.1 times the applied voltage, 
another in steps of 0.01 times the applied volt- 
age, another in steps of 0.001 times the applied 
voltage, etc. 

decimal code A method of defining numbers, in 
which each place has a value of ten times that im- 
mediately to the right. 
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decimal-coded digit 1. A numeral from O to 9. 2. 
A numeral in the DECIMAL NUMBER SYSTEM. 
3. A binary representation of a decimal value 
from O to 9. 

decimal digit A numeral from O to 9. 

decimal equivalent The decimal number equal to 
a given fraction (e.g., the decimal equivalent of 
21464 is 0.3281). 

decimal fraction See DECIMAL, 2. 

decimal notation See DECIMAL NUMBER SYS- 
TEM. 

decimal number system The familiar base-10 or 
radix-10 number system, in which the digits O 
through 9 represent values according to their po- 
sition, relative to the decimal point (also called 
the radix point). Positions to the left of the point 
represent successive positive powers of 10, and 
those to the right represent successive negative 
powers of 10. 

decimal point The radix point in a decimal num- 
ber. It serves to separate the integral part from 
the fractional part of the number. 

decimeter waves See MICROWAVES. 

decimetric waves Electromagnetic waves having 
lengths ranging from 0.1 meter to 1 meter (3000 
MHz to 300 MHz). Also known as ultrahigh fre- 
quency (UHF). 

decineper A natural-logarithmic unit equal to 0.1 
neper. 

decipher See DECODING, 3. 

decision 1. A choice based on the evaluation and 
comparison of data, and the identification of a 
specified objective. 2. In digital computer opera- 
tions, the automatic selection of the next step in 
a sequence, on the basis of data being compared 
by a relational test. 

decision box A block on a computer flowchart in- 
dicating the point at which a decision (see DECI- 
SION, 2) must be made as to which of several 
branches the program will take. 

decision elements See LOGIC CIRCUITS. 

decision instruction A computer program 
instruction to compare the values of operands 
and take an appropriate action, as per the BASIC 
instruction “IF A = B THEN GO TO (line num- 
ber).” 

decision procedure In decision theory, a series of 
calculations made to optimize the speed or effi- 
ciency of a process, or to minimize risk, failure, 
cost, etc. 

decision theory A statistical discipline concerned 
with identifying and evaluating choices and alter- 
natives, and determining the best sequence of 
steps to take in reaching an objective. 

decision tree In decision theory, a diagram show- 
ing alternative choices, so called from its resem- 
blance to a tree with branches. 

decision value A value that defines the boundary 
between two intervals in the encoding process. 

deck 1. See TAPE DECK. 2. A pack of punched 
cards in a computer file. 
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declarative macroinstruction As part of an as- 
sembly language, instructions to the compiler to 
do something or record a condition without af- 
fecting the object program. 

declarative statement A computer source pro- 
gram instruction specifying the size, format, and 
kind of data elements and variables in a program 
for a compiler. 

declination 1. The angle representing the devia- 
tion of magnetic north from true north; it is the 
angle subtended by a freely turning magnetic 
needle and the meridian. Compare INCLINATION. 
2. Celestial latitude. 
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declination, 1 


declinometer An instrument for measuring decli- 
nation. 

decode 1. To unscramble a coded message. 2. In 
digital computer operations, to deliver a specific 
output from character-coded inputs. 3. In a mul- 
tiplex system, the separation of the subcarrier 
from the main carrier. 

decoder A circuit or device for performing DECOD- 
ING. 

decoder/demultiplexer A circuit that places an 
input signal on a selected output line. 

decoder/driver An integrated circuit containing a 
decoder and driver. 

decoding 1. In computer and data-processing op- 
erations, DIGITAL-TO-ANALOG CONVERSION. 
2. The conversion to English of a message re- 
ceived in a code. 3. Translating a message from a 
secret code (i.e., deciphering a message). 4. The 
automatic conversion of a signal into the appro- 
priate switching action (as the enabling of a 
transmitter or receiver by a tone in a Selective 
calling system). 

decoding circuit A circuit intended for the pur- 
pose of translating a code into ordinary language. 

decollator An offline computer device for separat- 
ing the parts of output continuous stationery 
sets. Also see CONTINUOUS STATIONERY. 

decommutation The extraction of a signal compo- 
nent from the composite signal, resulting from 
commutation. 
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decommutator A circuit or device for performing 
decommutation, including demodulators, demul- 
tiplexers, and signal separators. 

decoupler A device that isolates two circuits so 
that a minimal amount of coupling exists be- 
tween them. 

decoupling The elimination or effective minimiza- 
tion of coupling effects, as in decoupling amplifier 
stages to prevent interaction through a common 
power-supply lead. 

decoupling capacitor 1. A capacitor that provides 
a low-impedance path to ground to prevent 
undesired stray coupling among the circuits in a 
system. 2. The capacitive member of a resistance- 
capacitance (RC) decoupling filter. 

decoupling filter A resistance-capacitance (RC) fil- 
ter, usually inserted into a common dc line in a 
multistage amplifier to prevent interstage feed- 
back coupling through the common impedance of 
the line. 

decoupling network One or more decoupling fil- 
ters. 

decoupling resistor The resistive member of a re- 
sistance-capacitance (RC) decoupling filter. 

decoy In radar, an object that provides misleading 
reflections. Also see CHAFF. 

decreasing function A function whose curve has a 
negative slope at all points in the domain. 

decrement 1. Also called logarithmic decrement. 
The rate at which a damped wave dies down. The 
decrement value is the natural (base-e) logarithm 
of the ratio of two successive peaks of the same 
polarity. 2. A quantity used to lessen the value of 
a variable. 3. To lower the value (of a register, for 
example) by a single increment. 

decremeter An instrument for measuring the de- 
crement of a radio wave. 

decremeter capacitor A variable capacitor for use 
in a decremeter. The rotor plates are shaped so 
that equal angular rotations correspond to the 
same decrement at all settings. Thus, the percent- 
age of capacitance change for a given angle of rota- 
tion is constant throughout the capacitance range. 

decryption The conversion of an encrypted signal 
from a cipher into plain text, graphics, or other 
commonly recognizable form. Also see CIPHER. 
Compare ENCRYPTION. 

decryption key An algorithm, ora set of algorithms, 
that converts an encrypted signal from a cipher 
into plain text, graphics, or other commonly rec- 
ognizable form. Each cipher has its own unique 
algorithm or set of algorithms for this purpose. 
The signal cannot be decrypted unless all the 
components of the key are present. 

dedicated Assigned exclusively to a certain pur- 
pose [e.g., a dedicated facsimile (fax) line]. 

deductive logic A form of symbolic logic used to 
demonstrate that a certain conclusion will always 
follow, given a certain set of circumstances. The 
logic of digital circuits is deductive. Compare IN- 
DUCTIVE LOGIC. 


dee In a cyclotron, one of the D-shaped chambers 
in and between which particles accelerate in a 
spiral path to high velocity. 

dee line In a cyclotron, a support for the dee, with 
which it forms a resonant circuit. 

deemphasis In frequency modulation, the intro- 
duction of a low-pass characteristic (response 
falls as modulating frequency increases) to com- 
plement the rising response of preemphasis. Also 
called postemphasis or postequalization. Com- 
pare PREEMPHASIS. 

deemphasis amplifier An amplifier used to re- 
move the high-frequency preemphasis applied to 
signals prior to broadcasting, multiplexing, tape 
recording, or telemetering. Also see DEEMPHA- 
SIS and PREEMPHASIS. 

deemphasis circuit A low-pass filter that provides 
deemphasis in an FM receiver. 

deemphasis network See DEEMPHASIS CIRCUIT. 

deenergize To take a circuit or device out of opera- 
tion (i.e., to remove its power or signal excitation). 

deep cycle Pertaining to a rechargeable cell or bat- 
tery that can operate until it is almost completely 
discharged. It generally has a high ampere-hour 
capacity. 

deep-diffused junction A pn junction made by dif- 
fusing the impurity material deep in the semicon- 
ductor wafer. Compare SHALLOW-DIFFUSED 
JUNCTION. 

deep discharge The nearly complete discharge ofa 
cell or battery; usually done prior to recharging. 

deep-space net A radar system intended for con- 
stant monitoring of spacecraft. 

defeating 1. The disabling or circumvention of an 
alarm or security system, leaving the protected 
property vulnerable to intrusion. 2. The danger- 
ous, and potentially lethal, disabling of a safety 
device in an electrical or electronic system. 

defect 1. Absence of an electron (hence, presence 
of a hole) in the lattice of a semiconductor crystal. 
2. An abnormality of design, construction, or per- 
formance of an electronic circuit or device. 3. Ina 
computer system, a hardware or software fault 
that could be the eventual cause of a failure. 4. A 
flaw in a crystalline substance. 

defect conduction In a semiconductor material, 
conduction via holes. 

deferred addressing Indirect addressing in which 
a preset counter makes several references to find 
a desired address. 

deferred entry An entry into a computer subrou- 
tine, delayed because of a delay in the exit from a 
control program. 

deferred exit An exit from a computer subroutine, 
delayed because of a particular command. 

defibrillation Use of a CARDIAC STIMULATOR to 
halt fibrillation of the heart, as caused by electric 
shock. 

defibrillator See CARDIAC STIMULATOR. 

definite-purpose component A component de- 
signed for a specific use, rather than for a wide 
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range of possible applications (e.g., a video detec- 
tor diode, as opposed to a general-purpose diode). 
Compare GENERAL-PURPOSE COMPONENT. 

definition 1. Clarity of a video image (i.e., one hav- 
ing good contrast and faithful tones). 2. Good in- 
telligibility of reproduced sounds. 

deflecting coil One of a set of external coils carry- 
ing sawtooth currents, which provide electromag- 
netic deflection of the cathode-ray beam in 
picture tubes, camera tubes, radar display tubes, 
sonar display tubes, and some oscilloscopes. Also 
called deflection coil. 

deflecting electrode An electrode, such as a de- 
flecting plate, used to alter the direction an elec- 
tron beam. Also called deflection electrode. 

deflecting plate In a cathode-ray tube, a plate that 
attracts or repels the electron beam, causing the 
spot to move horizontally or vertically on the 
screen. Also called deflection plate. 
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deflecting torque The torque required to move the 
pointer of a meter, or the pen or mirror of a 
recorder. 

deflection 1. In a cathode-ray tube, movement of 
the electron beam by electric or magnetic fields. 
2. Movement of the pointer of a meter or the pen 
or mirror of a recorder by an applied current or 
voltage. 

deflection factor Symbol, G. The reciprocal of DE- 
FLECTION SENSITIVITY. 

deflection plane In a cathode-ray tube, the plane 
perpendicular to the axis of the tube. This plane 
contains the electromagnetic and /or electrostatic 
lines of flux that result in deflection of the elec- 
tron beam. 

deflection coil See DEFLECTING COIL. 

deflection electrode See DEFLECTING ELEC- 
TRODE. 

deflection plate See DEFLECTING PLATE. 

deflection polarity In a cathode-ray tube, the po- 
larity of the voltage applied to a particular de- 
flecting plate to move the electron beam in a 
particular direction. 

deflection sensitivity Symbol, S. A quantitative 
measure of the extent to which the input voltage 
will displace the electron beam on the screen of 


an electrostatic cathode-ray tube. Expressed in 
volts per centimeter (V/cm) or volts per inch 
(V/in). 

deflection voltage The potential difference be- 
tween the deflection plates of an electrostatic 
cathode-ray tube. It is used to control the direc- 
tion of the electron beam striking the phosphor 
screen. 

deflection yoke An assembly of deflection coils in 
picture and camera tubes, and in some magneti- 
cally deflected oscilloscope tubes. The usual com- 
bination is two series-connected horizontal 
deflection coils and two series-connected vertical 
deflection coils. 

deflector 1. A beam-forming plate in a beam- 
power tube. 2. A deflection plate in a cathode-ray 
tube. 3. A deflection coil or yoke in a picture tube, 
camera tube, or magnetic-deflection oscilloscope 
tube. 4. A mechanical attachment for improving 
the angle of radiation of a loudspeaker by spread- 
ing the higher-frequency waves. 

defocusing Blurring of the image on the screen of 
a cathode-ray tube, caused by spreading of the 
electron beam. 

deformation potential The voltage generated 
when a crystal lattice is subjected to pressure. An 
example is the voltage produced by a crystal mi- 
crophone when acoustic waves strike the crystal. 

defruiting The elimination of non-synchronized 
echoes in a radar system. 

deg Abbreviation of DEGREE. 

degassing During the evacuation of a vacuum tube 
or similar device, the removal of gas, including 
that which has bonded to the glass and metal 
parts. 

degauss See DEMAGNETIZE. 

degausser 1. A circuit that performs DEGAUSS- 
ING. 2. A device for bulk erasing magnetic tape; 
also called a bulk tape eraser. 

degaussing 1. The demagnetization of an object; in 
particular, the removal of all residual magnetism. 
2. The erasure of data from a magnetic or 
magneto-optical data-storage medium. 

degaussing circuit In a color television receiver, a 
circuit including a thermistor, voltage-dependent 
resistor, and coil for automatically demagnetizing 
the picture tube when the receiver is switched on. 

degaussing coil A coil carrying an alternating cur- 
rent; the resulting magnetic field demagnetizes 
objects that have become accidentally magne- 
tized. 

degeneracy In microwave practice, the appearance 
of a single resonant frequency for two or more 
modes in a resonator. 

degenerate modes In microwave operations, a set 
of modes with the same resonant frequency or 
propagation constant. 

degenerate parametric amplifier An inverting 
parametric amplifier, in which the two signals are 
of the same frequency, which is half the pump 
frequency. 
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degenerate semiconductor A semiconductor that 
behaves like a metal over a wide range of temper- 
atures. 

degeneration In an amplifier, the technique of 
feeding a portion of the output back to the input 
out of phase with the input signal, to improve fi- 
delity at the expense of gain. Also called negative 
feedback or inverse feedback. Compare REGEN- 
ERATION. 

degenerative resistor An unbypassed emitter re- 
sistor in a common-emitter bipolar-transistor 
circuit, or an unbypassed source resistor in a 
common-source field-effect transistor circuit. 
Signal current flowing through the resistor 
produces negative feedback current (degenera- 
tion), which reduces the gain of the stage, but 
increases the linearity of the transfer character- 
istic. 
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degradation 1. Gradual deterioration in the condi- 
tion or performance of a circuit or device. 2. Ina 
computer system, compromised performance 
caused by component failure. 

degradation failure Failure occurring at the termi- 
nal point of degradation. 

degraded operation See DEGRADATION. 

degreaser See ULTRASONIC CLEANING TANK. 

degree 1. A unit of circular angular measurement 
equal to %s of the circumference of a circle. Also 
called GEOMETRIC DEGREE. 2. A unit of 
temperature measurement. See DEGREE 
ABSOLUTE, DEGREE CELSIUS, DEGREE CENTI- 
GRADE, DEGREE FAHRENHEIT, and DEGREE 
REAUMUR. 
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degree absolute Symbol, K. The unit of tempera- 
ture on the absolute scale. Also see ABSOLUTE 
SCALE. 

degree Celsius Symbol, °C. The unit of tempera- 
ture on the CELSIUS SCALE. 

degree centigrade Symbol, °C. The unit of temper- 
ature on the centigrade scale (now called CEL- 
SIUS SCALE). 

degree Fahrenheit Symbol, °F. The unit of tem- 
perature on the FAHRENHEIT SCALE. 

degree of current rectification For a rectifier, the 
ratio of the average direct output current to the 
root-mean-square (rms) alternating input cur- 
rent. 

degree of voltage rectification For a rectifier, the 
ratio of the average direct-current (dc) output 
voltage to the root-mean-square (rms) alternat- 
ing-current (ac) input voltage. 

degree Reaumur Symbol, °R. The unit of tempera- 
ture on the REAUMUR SCALE. 

degrees of freedom 1. The ways in which a point 
can move or a system can change. In three- 
dimensional space, a rigid body has six degrees of 
freedom: motion in three linear directions, and 
rotation around three linear axes extending 
through its center. 2. The ways in which a robot 
arm can move, including linear motion and rota- 
tional motion. 

degrees of rotation A measure of the extent to 
which a robot joint, or a set of robot joints, can be 
turned. Some reference axis is always used; an- 
gles are specified in degrees, relative to that axis. 

degrees-to-radians conversion The conversion of 
angles in degrees to angles in radians. To change 
degrees to radians, multiply degrees by 0.01745. 
Compare RADIANS-TO-DEGREES CONVER- 
SION. 

deion circuit breaker A circuit breaker in which 
the arc occurring when the contacts open is 
quickly extinguished by an external magnetic de- 
vice. 

deionization The conversion of an ionized sub- 
stance, such as a gas, to a neutral (non-ionized) 
state. The process changes the ions into un- 
charged atoms. 

deionization potential The voltage at which an 
ionized substance becomes deionized; for exam- 
ple, the voltage at which a glow discharge is ex- 
tinguished when the gas ions become neutral 
atoms at that voltage. Also called extinction poten- 
tial. 

deionization time The time required for an ionized 
gas to become neutral after the removal of the 
ionizing voltage. 

deionization voltage See DEIONIZATION POTEN- 
TIAL. 

deionize To restore to an electrically neutral condi- 
tion (i.e., to convert ions to neutral atoms, as in 
the deionization of the gas when the discharge in 
a glow tube is extinguished). 

deka- A prefix meaning ten(s) (e.g., DEKAMETER). 
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dekahexadecimal number system See HEXA- 
DECIMAL NUMBER SYSTEM. 

delamination The splitting apart, in layers, of an 
insulating material, such as mica or bonded plas- 
tic film. 

delay 1. The interval between the instant at which 
a signal or force is applied or removed and the in- 
stant at which a circuit or device subsequently 
responds in a specified manner. 2. The time re- 
quired for a signal to traverse a given medium, 
such as air, mercury, or quartz. 

delay action Response occurring some time after a 
stimulus has been applied or removed (e.g., the 
retarded opening of a delayed-dropout relay). 

delay circuit 1. A circuit, such as a resistance-ca- 
pacitance (RC) or resistance-inductance (RL) 
combination, that introduces a time delay. 2. See 
DELAY LINE. 

delay coincidence circuit A coincidence circuit 
(see AND CIRCUIT) triggered by two pulses, one of 
which lags behind the other. 

delay counter In a digital computer, a device that 
halts a program run long enough for an operation 
to be completed. 

delay distortion 1. Distortion resulting from vari- 
ations in the phase delay of a circuit or device at 
different points in its frequency range. 2. In a fac- 
simile (fax) signal, variations in the delay of dif- 
ferent frequency components of the signal. 

delayed AGC See DELAYED AUTOMATIC GAIN 
CONTROL. 

delayed automatic gain control An automatic 
gain control circuit that operates only when 
the signal amplitude exceeds a predetermined 
threshold level, thus providing maximum amplifi- 
cation of weaker signals. 

delayed automatic volume control See DE- 
LAYED AUTOMATIC GAIN CONTROL. 

delayed break In relay or switch operation, con- 
tacts separating some time after the switch has 
been thrown or the relay deenergized. Compare 
DELAYED MAKE. 

delayed close See DELAYED MAKE. 

delayed closure See DELAYED MAKE. 

delayed contacts Contacts that open or close ata 
predetermined instant after their activating sig- 
nal is applied or removed. 

delayed drop-in See DELAYED MAKE. 

delayed dropout See DELAYED BREAK. 

delayed loop In security applications, a circuit or 
system that registers an alarm some time after 
intrusion is first detected. The delay can usually 
be selected or preadjusted. 

delayed make In relay or switch operation, con- 
tacts closing some time after the switch has been 
thrown or the relay has been energized. Compare 
DELAYED BREAK. 

delayed open See DELAYED BREAK. 

delayed PPI Plan-position indicating radar having 
a delayed time base. 

delayed pull-in See DELAYED MAKE. 


delayed repeater A repeater that receives and 
stores information, and retransmits the informa- 
tion later, in response to a switching or interroga- 
tion signal. 

delayed repeater satellite An active communica- 
tions satellite that acts as a delayed repeater (i.e., 
it receives and records information at one time 
and retransmits it at a later time). 

delayed sweep 1. In an oscilloscope or radar, a 
sweep that starts at a selected instant after the 
signal under observation has started. 2. The 
(usually calibrated) circuit for producing a sweep, 
as defined in (1). 

delayed updating Updating a computer record or 
record set so that the record fields are left un- 
changed until all other changes attendant to the 
pertinent event are processed. 

delay equalizer A network that corrects DELAY 
DISTORTION. 

delay-frequency distortion Distortion caused by 
variation of envelope delay within a frequency 
band. 

delay line A device (not always a line) that intro- 
duces a time lag in a signal. The lag is the time re- 
quired for the signal to pass through the device, 
minus the time necessary for the signal to tra- 
verse the same distance through a wire, cable, 
optical fiber, or free space. 

delay-line memory In a digital computer, a mem- 
ory that uses a delay line, associated input- and 
output-coupling devices, and an external regen- 
erative-feedback path. Information is kept stored 
by causing it to recirculate in the line by regener- 
ation. 

delay-line register In a digital computer, a register 
that operates in the manner of a DELAY-LINE 
MEMORY and has a register length (capacity) of 
an integral number of words. 

delay-line storage See DELAY-LINE MEMORY and 
DELAY-LINE REGISTER. 

delay multivibrator See MONOSTABLE MULTIVI- 
BRATOR. 

delay-power product Unit, watt-second. The fig- 
ure of merit for an integrated circuit (IC) gate. In- 
creasing gate power reduces propagation delay. 
Also called PROPAGATION DELAY-POWER 
PRODUCT. 

delay relay A relay that opens or closes at the end 
of a predetermined time interval. 

delay switch A switch having delayed make, de- 
layed break, or both. 

delay time 1. The interval between the instant a 
voltage or current is applied and the instant a 
circuit or device operates. 2. In an output pulse, 
the interval between the instant an ideal pulse 
is applied to the input of a system and the in- 
stant the output pulse reaches 10% of its maxi- 
mum amplitude. 3. The time elapsed between 
the presentation of a pulse to the input of a de- 
lay line and the appearance of the pulse at the 
output. 
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delay timer 1. A timer that starts or stops an op- 
eration after a prescribed length of time. 2. A de- 
lay relay or switch. 

delay unit In a radar system, a circuit for delaying 
pulses. 

delete 1. To erase or blank out a signal. 2. The 
elimination from a computer file of a record or 
record group. 3. To remove a computer program 
from memory or storage. 

deletion record In the master file of a digital com- 
puter, a new record that causes existing ones to 
be deleted. 

delimiter In digital computer operations, a charac- 
ter limiting a sequence of characters of which it is 
not itself a member. 

Dellinger effect The sudden disappearance of a 
radio signal as a result of an abrupt increase in 
atmospheric ionization caused by a solar erup- 
tion. 

deliquescent material A material that absorbs 
enough moisture from the air to get wet. For ex- 
ample; calcium chloride, a deliquescent material, 
is often used to keep electronic equipment dry. 
Compare HYGROSCOPIC MATERIAL. 

delta circuit A three-phase electrical circuit with 
no common ground. 

delta connection A triangular connection of coils 
or load devices in a three-phase system, so called 
from its resemblance to the Greek letter delta. 
Compare WYE-CONNECTION. 

delta-matched antenna See WYE-MATCHED IM- 
PEDANCE ANTENNA. 

delta-matched impedance antenna See WYE- 
MATCHED IMPEDANCE ANTENNA. 

delta matching transformer In a WYE-MATCHED 
IMPEDANCE ANTENNA, the fanned-out (roughly 
delta-shaped) portion of the two-wire feeder at its 
point of connection to the radiator. It matches the 
impedance of the feeder to that of the radiator. 
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delta modulation The conversion of an analog sig- 
nal into a digital pulse train that can be decoded 
to yield the original analog signal. 

delta network See DELTA CONNECTION. 

delta pulse-code modulation In wire or radio 
communications, the conversion of an audio sig- 
nal into a digital pulse train. 
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delta quantity An increment (i.e., the difference 
between two values of a variable). 

delta rays The emission of secondary electrons as 
a result of radioactivity. 

delta-sigma modulation A method of analog-to- 
digital conversion. The output is a pulse density 
function of the input. The input can be obtained 
by low-pass filtering of the output. 

delta tune Also called receiver incremental tuning 
(RIT). In high-frequency (HF) communications 
transceivers, a control that allows the receiver 
frequency to be adjusted up to several kilohertz 
higher or lower than the transmitter frequency. 

delta waves Brain waves having a frequency less 
than 9 Hz. Also see ELECTROENCEPHALO- 
GRAPH and ELECTROENCEPHALOGRAM. 

Deluc’s pile See DRY PILE. 

dem Abbreviation of DEMODULATOR. 

demagnetization curve The portion of a magnetic 
hysteresis curve, showing reduction of demagne- 
tization. 

demagnetization effect The phenomenon in 
which uncompensated magnetic poles at the sur- 
face cause a reduction of the magnetic field inside 
a sample of a material. 

demagnetize To remove magnetism from an ob- 
ject, either temporarily or permanently. 

demagnetizer See DEGAUSSER. 

demagnetizing current The half-cycle of an alter- 
nating current (or polarity of a direct current) 
flowing through a coil wound on a permanent 
magnet (as in a headphone, permanent-magnet 
loudspeaker, or polarized relay), that reduces the 
magnetic field. 

demagnetizing force 1. A magnetic force whose 
direction reduces the residual induction of a 
magnetized material. 2. An effect that reduces the 
magnetism of a permanent magnet, such as high 
temperature or a physical blow. 

demand factor In the use of electric power, the ra- 
tio of the consumer's maximum demand to the 
actual power consumed. 

demand processing Descriptive of a system that 
processes data as it is available, without storing 
it. 

demarcation strip An interface between a termi- 
nal unit and a carrier line. 

Dember effect The appearance of a voltage be- 
tween regions in a semiconductor when one of 
the regions is illuminated. 

demodulation The process of retrieving the infor- 
mation (modulation) from a modulated carrier. In 
receivers and certain test instruments, this pro- 
cess is called DETECTION. 

demodulator 1. A circuit that recovers the infor- 
mation from a modulated analog or digital signal. 
In radio communications, such a device is 
usually called a DETECTOR. 2. In computer 
communications, a device that performs 
ANALOG-TO-DIGITAL CONVERSION of incoming 
online signals. 
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demand read (write) Inputting or outputting data 
blocks to or from a central processor, as needed 
for processing. 

demodulator probe A diode probe that removes 
the modulation envelope from an applied ampli- 
tude-modulated signal, and presents the enve- 
lope to a voltmeter or oscilloscope. 

demonstrator A device used to show and teach the 
way in which a component, circuit, or system op- 
erates. 

DeMorgan’s theorem A rule of sequential or digi- 
tal logic. It states that the negation of (A AND B), 
for any two statements A AND B, is equivalent to 
NOT A OR NOT B. Also, the negation of (A OR B) 
is equivalent, logically, to NOT A AND NOT B. 

demultiplexer A circuit or device that separates 
the components of a multiplexed signal transmit- 
ted over a channel. 

demultiplexing circuit See DEMULTIPLEXER. 

denary band A band in which the highest fre- 
quency is 10 times the lowest frequency. 

dendrite 1. The branching (tree-like) structure 
formed by some materials, such as semiconduc- 
tors, as they crystallize. 2. The branching portion 
of a nerve cell; hence, the corresponding circuit 
element in the electronic model of such a cell. 

dendritic growth 1. Dendrite (see DENDRITE, 1). 
2. The process of growing long, flat semiconduc- 
tor crystals. 

dendron See DENDRITE, 2. 

dens Abbreviation of DENSITY. 

dense binary code A binary representation sys- 
tem, in which any possible combination of char- 
acters is assigned some correspondent. 

densitometer An instrument for measuring the 
density of a body. 

density 1. Mass per unit volume of a material. 2. 
Concentration of charge carriers or of lines of 
flux. 3. The number of items per unit volume, 
area, distance, or time. 

density modulation Modulation of the density, 
with respect to time, of electrons in an electron 
beam. 
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density of electrons The concentration of elec- 
trons (i.e., the number per unit volume, area, dis- 
tance, or time). 

density packing A figure indicating the quantity of 
bits per inch or per centimeter, stored on a mag- 
netic tape. 
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dependent equations Equations that are alike 
and have an infinite number of solutions. Com- 
pare INDEPENDENT EQUATIONS and INCON- 
SISTENT EQUATIONS. 

dependent linearity Linearity (especially in its de- 
viation from an ideal slope) as a dependent vari- 
able. 

dependent variable A changing quantity whose 
value at any instant is governed by the value at 
that instant of another changing quantity (the in- 
dependent variable). Compare INDEPENDENT 
VARIABLE. 

depletion-enhancement-mode MOSFET A metal- 
oxide-semiconductor field-effect transistor (MOS- 
FET) designed for zero gate-bias voltage. An ac 
gate signal voltage drives the MOSFET alternately 
into the depletion mode (negative signal half- 
cycle) and enhancement mode (positive signal 
half-cycle). Compare DEPLETION-TYPE MOSFET 
and ENHANCEMENT-TYPE MOSFET. 

depletion field-effect transistor A field-effect 
transistor whose operation is based on the con- 
trol of depletion layer width. 

depletion layer See BARRIER, 1. 

depletion-layer capacitance See JUNCTION CA- 
PACITANCE. 

depletion-layer rectification Rectification pro- 
vided by a semiconductor junction. 

depletion-layer transistor A transistor whose ac- 
tion depends on modulation of current carriers in 
a space-charge region (depletion layer). 

depletion mode Operation characteristic of the 
DEPLETION-TYPE MOSFET. 

depletion region See BARRIER, 1. 

depletion-type MOSFET A metal-oxide-semicon- 
ductor field-effect transistor (MOSFET) in which 
the channel directly under the gate electrode is 
narrowed by a negative gate voltage (in an n- 
channel device) or by a positive gate voltage (in a 
p-channel device). 

depolarization 1. In a primary cell, the removal of 
the agents that have caused polarization. 2. The 
addition of a polarization-inhibiting substance to 
the electrolyte of a primary cell. 

depolarizer A substance that retards polarization 
in an electrochemical cell. An example is the 
manganese dioxide used in dry cells. 

depolarizing agent See DEPOLARIZER. 

deposition The application of a layer of one sub- 
stance (usually a metal) to the surface of another 
(the substrate), as in evaporation, sputtering, 
electroplating, silk-screening, etc. 

depth finder See ACOUSTIC DEPTH FINDER. 

depth indicator 1. A sounding instrument for de- 
termining the depth of a body of water. 2. On an 
ACOUSTIC DEPTH FINDER, the meter that indi- 
cates the depth of water. 

depth of cut On a phonograph disk, the depth of 
the recorded groove. 

depth of discharge Abbreviation, DOD. In a re- 
chargeable cell or battery, a measure of the extent 
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to which discharging has occurred. It is generally 
specified as a percentage. For example, if the 
DOD of a 10-ampere-hour (10-AH) battery is 80 
percent, then 8 AH have been used up, and 2 AH 
remain before recharging will be necessary. 

depth of heating In dielectric heating, the depth of 
heat penetration in the sample when both elec- 
trodes are applied to one of its faces. 

depth of modulation The degree to which a carrier 
wave is modulated. 

depth of penetration The extent to which a skin- 
effect current penetrates the surface of a conduc- 
tor. 

depth sounder See ACOUSTIC DEPTH FINDER. 

de-Q 1. To reduce the Q of a component or tuned 
circuit. 2. To inhibit laser action during an 
interval when an ion population excess is 
pumped up. 

derating To reduce an operating parameter (e.g., 
current, voltage, power) as another factor (such 
as temperature) increases, to ensure efficient, re- 
liable, and safe operation. 

derating curve A graph that shows the extent to 
which a quantity (such as allowable power dissi- 
pation) must be reduced as another quantity 
(such as temperature) increases. 

derating factor The amount by which a current, 
power, or voltage must be decreased to ensure 
safe and efficient operation of a circuit or device 
in a given environment (temperature, altitude, 
humidity, etc.). Also see DERATING and DERAT- 
ING CURVE. 

derivative 1. A mathematical expression indicat- 
ing the rate at which a function changes, with 
respect to the independent variable. See 
DERIVATIVE FUNCTION. 2. The slope of a line 
tangent to a curve at a given point. 3. The output 
signal of a DIFFERENTIATOR, relative to the 
input signal. 

derivative action In a control system, an action 
producing a corrective signal proportional to the 
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rate of change (derivative) of the controlled 
variable. 

derivative control A method of automatic control, 
actuated according to the number of errors per 
second. 

derivative function For a mathematical function 
f(x), the function f'(x) = df(x)/dx, over the domain 
of f. For any specific point xy in the domain of f, 
the value of f'(xo) is equal to the slope of a line 
tangent to fat the point (x, f(x). 

derived center channel The sum or difference of 
the left and right channels in a stereophonic sys- 
tem. 

Dershem electrometer A variation of the quadrant 
electrometer. In the Dershem instrument, the 
needle (to which a small mirror is attached) ro- 
tates within slots cut in the quadrant plates and, 
therefore, can never accidentally touch the 
plates. 

descending node For a satellite orbiting the earth 
or another planet, any point at which the ground- 
track crosses the equator as it moves from the 
northern hemisphere into the southern hemi- 
sphere. This node generally changes for each suc- 
ceeding orbit, because the earth or planet rotates 
underneath the orbit of the satellite. Compare 
ASCENDING NODE. 

descending pass Fora specific point on the earth’s 
surface, the time during which an artificial com- 
munications satellite is accessible when its lati- 
tude is moving southward. The duration of 
accessibility depends on the altitude of the satel- 
lite and on how close its groundtrack comes to 
the earth-based point. Compare ASCENDING 
PASS. 

description A data element that is part of a record 
and is used to identify it. 

desensitization 1. The process of making a circuit 
or device less responsive to small values of a 
quantity. 2. Also called desensing. In a communi- 
cations receiver, an unwanted, often intermittent 
reduction in front-end gain, caused by an ex- 
tremely strong local signal. 

desensitize 1. To reduce the sensitivity of a re- 
ceiver. 2. To reduce the gain of an amplifier. 3. To 
reduce the small-quantity response of an instru- 
ment. 

desiccant A compound, such as cobalt chloride, 
used for the purpose of keeping enclosed items 
dry. 

design 1. A unique, planned arrangement of elec- 
tronic components in a circuit, in accordance 
with good engineering practice, to achieve a de- 
sired end result. 2. A unique layout of compo- 
nents or controls, in accordance with good 
engineering practice, esthetics, and (often) er- 
gonomics. 3. Invention. 4. Plan. 5. To produce a 
design, as defined in 1, 2, 3, or 4. 

designation Within a computer record, coded in- 
formation identifying the record so that it can be 
handled accordingly. 
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design-center rating A specified parameter that, if 
not exceeded, should provide acceptable average 
performance for the greatest number of the com- 
ponents so rated. 

design compatibility The degree to which a trans- 
mitter and receiver are designed for the rejection 
of unwanted electromagnetic noise. 

design engineer An engineer who is skilled in the 
creation of new designs and in the comparative 
analysis of designs. 

design-maximum rating See MAXIMUM RATING. 

design-proof test A performance test made on a 
newly completed circuit or device to determine 
the suitability of the design. 

Desk-Fax A facsimile transceiver that can be 
placed on a desktop, used for wire or radio trans- 
mission and reception of still images. 

desk microphone A microphone equipped with a 
stand that sits on a table or desktop. It allows the 
operator to use both hands for equipment adjust- 
ment, taking notes, etc. 

desktop computer A personal computer designed 
for nonportable use, usually equipped with a 
built-in hard disk, one or more diskette drives, a 
CD-ROM drive, and a fax/modem. It generally 
uses an external cathode-ray-tube display, 
printer, and keyboard. The power supply is in- 
tended for use with 117-volt utility circuits. 

desolder To unsolder joints, usually with a special 
tool that protects delicate parts and removes 
melted solder by suction. 

destaticization A chemical process used to mini- 
mize the retention of electrostatic charges by cer- 
tain substances. 
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destination 1. The point in a system to which a 
signal of any sort is directed. 2. In communica- 
tions, a receiving station. 

destination file A computer file that receives data 
output during a specific program run. 

destination register Ina digital computer, a regis- 
ter into which data is entered. 

Destriau effect Light emission resulting from the 
action of an alternating electric field on phos- 
phors embedded in a dielectric. 

destructive addition A computer logic operation 
in which the sum of two operands appears in 
the memory location occupied by one of the 
operands. 

destructive breakdown A breakdown in which the 
effects are irreversible (e.g., permanent damage to 
a dielectric by excessive applied voltage). 

destructive interference Interference resulting 
from the addition of two waves that have the 
same frequency, but opposite phase. 

destructive read In a computer or calculator, the 
condition in which reading the answer erases the 
data (as from a location) used in the calculation. 

destructive test A test that unavoidably destroys 
the test sample. Compare NONDESTRUCTIVE 
TEST. 

DETAB A COBOL-based computer programming 
language permitting the programmer to present 
problems as decision tables. 

detail constant Pertaining to a video signal, the 
ratio Vy/V,, where Vy is the amplitude of high- 
frequency components, and V, is the amplitude of 
the low-frequency reference component. 

detected error In a computer system, an error 
that is identified, but remains uncorrected until 
final output is available. 

detection 1.See DEMODULATION. 2. The sensing 
of a change in the operating parameters of a cir- 
cuit or system. 

detection range In security applications, the ra- 
dius within which transducers or sensors can be 
expected to reliably operate. This radius varies, 
depending on the environment, the sensitivity of 
the receiving circuits and transducers, and the 
strength of the transmitted signal (if any). 

detectophone A device for eavesdropping on a 
conversation. The device can use a tape recorder 
or a tiny radio transmitter. 

detector 1. In radio communications, a device or 
circuit that extracts the information from a mod- 
ulated carrier. Also sometimes called a demodula- 
tor. 2. A device that senses a signal or condition 
and indicates its presence. 

detector balanced bias In a radar system, bias ob- 
tained from a controlling circuit and used to re- 
duce or eliminate clutter. 

detector bias Steady dc voltage applied to a detec- 
tor to set its operating point. 

detector blocking In a regenerative receiver, a 
phenomenon in which a strong signal tends to 
pull the detector oscillator into phase with itself, 
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thereby causing the detector to oscillate at the 
signal frequency. 

detector circuit A demodulator circuit (i.e., one 
used to recover the intelligence from a modulated 
carrier). 

detector probe See DEMODULATOR PROBE. 

detector pull-in See DETECTOR BLOCKING. 

detector stage In a receiver or instrument, the 
separate stage that contains the detector circuit. 
Some systems, such as a superheterodyne re- 
ceiver, have more than one detector. Also see 
FIRST DETECTOR and SECOND DETECTOR. 

detent A mechanical stop used on a rotary switch 
to hold the switch pole securely in each selected 
position. 

detune 1. To adjust a circuit to some frequency 
other than its resonant frequency. 2. To set the 
frequency of a receiver or transmitter to some 
point other than the frequency normally used. 3. 
To stagger-tune a receiver intermediate-fre- 
quency system. 

detuning Tuning to a point above or below the fre- 
quency to which a device or system is normally 
(or initially) adjusted (usually the resonant fre- 
quency of the device). 

detuning stub A device used for the purpose of 
coupling a feed line to an antenna, while choking 
off currents induced on the feed line as a result of 
the near-field radiation of the antenna. 

deupdating Producing an earlier form of a com- 
puter file by substituting older records for cur- 
rent ones. 

deuterium Symbol, D, d, H?, or 7H. Also called 
heavy hydrogen. The hydrogen isotope having a 
nucleus consisting of one proton and one neu- 
tron. 

deuterium oxide Symbol, D20. Also called heavy 
water. This compound has wide use in nuclear 
reactors. 

deuteron The nucleus of a deuterium atom. 

deuton See DEUTERON. 

deutron See DEUTERON. 

deviation 1. In a frequency-modulated (FM) radio 
signal, the instantaneous amount of carrier fre- 
quency shift away from the unmodulated fre- 
quency. It is usually expressed in kilohertz; 
directly proportional to the amplitude of the mod- 
ulating signal, up to a certain maximum that de- 
pends on the bandwidth allowed. 2. The 
maximum instantaneous carrier frequency shift 
in a FM signal. 3. The extent or amount by which 
a quantity drifts from its proper value. 

deviation distortion In a frequency-modulation 
(FM) receiver, distortion resulting chiefly from 
discriminator nonlinearity and restricted band- 
width. 

deviation ratio In a frequency-modulated (FM) 
signal, the ratio between the highest modulating 
frequency and the maximum carrier deviation. 

deviation sensitivity For a frequency-modulation 
(FM) receiver, the smallest deviation that will pro- 
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Deviation 
= +5 kHz 


Instantaneous deviation (kHz) 


deviation 


duce a specified audio output power. Expressed 
in kilohertz, or as a percentage of rated deviation 
of the receiver, measured with the receiver set for 
maximum gain. 

device 1. A simple or complex discrete electronic 
component. 2. A subsystem used as a unit, and 
regarded as a single component. 

device complexity The number of components in 
an integrated circuit. 

device independence A characteristic of a com- 
puter, that allows operation independent of the 
types of input/output devices used. 

dew point For a gas containing water vapor 
(typically air), the highest temperature at which 
the vapor condenses as the gas is cooled. The dew 
point depends on the amount of vapor in the gas. 

dew-point recorder An instrument for determin- 
ing and recording the temperature at which water 
vapor in the air condenses to a liquid. 

DF Abbreviation of DIRECTION FINDER. 

DF antenna An antenna that is mechanically ro- 
tatable or has an electrically rotatable response 
pattern for use with a direction finder. 

DF antenna system Two or more DF antennas ar- 
ranged for maximum directivity and maneuver- 
ability, together with associated feeders and 
couplers. 

D flip-flop A delayed flip-flop. The state of the in- 
put determines the state of the output during the 
following pulse, rather than during the current 
pulse. 

dg Abbreviation of decigram. 

dia Abbreviation of diameter. 

diac A two-terminal, bilateral, three-layer semicon- 
ductor device that exhibits negative resistance. 
When the applied voltage exceeds a critical value, 
the device conducts. 

diagnosis 1. Determination of the cause and loca- 
tion of a hardware malfunction. 2. In computer 
operations, determination of the cause of a sys- 
tem operation error. 
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diagnostic routine 1. An efficient sequence of di- 
agnostic tests for rapid, foolproof trouble-shoot- 
ing of electronic hardware. 2. A computer 
software package intended for debugging 
programs, or for finding the cause of a hardware 
or operating-system malfunction. Also called 
diagnostic, diagnostic program, or diagnostic 
utility. 

diagnostic test 1. A test made primarily to 
ascertain the cause of dysfunction in electronic 
equipment. Compare PERFORMANCE TEST. 2. 
To apply a diagnostic routine to hardware faults, 
or to implement one to prevent such a fault. 

diagnotor In digital computer operations, a trou- 
bleshooting routine combining both diagnosis 
and editing. 

diagram A (usually line) drawing depicting a cir- 
cuit, assembly, or organization. See, for example, 
BLOCK DIAGRAM and CIRCUIT DIAGRAM. 

dial 1. A graduated scale, arranged horizontally, 
vertically, in a circle, or over an arc. Used to show 
the distance through which a variable component 
(such as a potentiometer, variable capacitor, or 
switch) has been adjusted. A pointer can move 
over the scale, or the scale can be moved past a 
stationary pointer. 2. The graduated face of a me- 
ter. 3. In a telephone system, to press the keys or 
actuate the tones that establish contact with an- 
other subscriber. 

dial cable A flexible cable or belt conveying motion 
on the shaft of an adjustable component (such as 
a potentiometer or variable capacitor) to a dial. 

dial-calibrated attenuator A variable attenuator 
with a dial reading directly in decibels. 

dial-calibrated capacitor A variable capacitor 
with a dial reading directly in picofarads. 

dial-calibrated inductor A variable inductor with 
a dial reading directly in microhenrys. 

dial-calibrated potentiometer A potentiometer 
with a dial reading directly in output volts, 
percentage of input voltage, number of turns 
(when resistance is a linear function), or other 
quantity. 

dial-calibrated resistor A variable resistor with a 


dial reading directly in ohms, kilohms, or 
megohms. 

dial-calibrated rheostat See DIAL-CALIBRATED 
RESISTOR. 


dial cord A form of dial cable. Cord usually desig- 
nates a fabric string, whereas a cable is a flexible, 
braided wire. 

dial knob The knob used to turn a dial under a 
pointer, or to turn a pointer over a dial scale. 

dial lamp See DIAL LIGHT. 

dial light A small lamp sometimes used to illumi- 
nate a dial. Can also serve as a pilot light. 

dial lock A small mechanism used to lock a dial at 
a particular setting to prevent further turning. 

dialer See AUTOMATIC DIALING UNIT. 

dialing key In a telephone system, a dial that uses 
keys, rather than a rotary dial. 
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dial jack In a telephone system, a set of jacks that 
facilitates interconnections between dial cords 
and external lines. 

dial light A lamp or light-emitting diode placed in 
the dial mechanism of a radio receiver, transmit- 
ter, or transceiver. Allows the dial to be read in 
dim light or in darkness. 

dialog equalizer In sound transmission and re- 
cording, a high-pass filter that reduces low- 
frequency response during dialog and extreme 
closeups. 

dial pulse An interruption of the direct current in a 
telephone system when the dial contacts of the 
calling telephone open. The number of such in- 
terruptions corresponds to the digit dialed. 

dial scale The graduated portion of a dial. 

dial system 1. See DIAL TELEPHONE SYSTEM. 
2. The arrangement of dials and knobs that facil- 
itates adjustment of electronic equipment. 

dial telephone A telephone set in which a num- 
bered rotatable disk is used to produce the switch 
interruptions that cause generation of the trans- 
mitted multidigit telephone numbers. 

dial telephone system The complete automatic 
circuit, including central-office facilities, for dial 
telephone operation. 

dial tone Ina telephone system, a constant hum or 
whine heard before dialing, indicating that the 
system is operational. 

dial-up In a telephone system, the calling of one 
subscriber by another, using a dial system. 

diam Abbreviation of diameter. 

diamagnetic Pertaining to a material having mag- 
netic permeability less than unity. 

diamagnetism The state of having magnetic perme- 
ability less than unity. A material with this prop- 
erty reduces the flux density of a magnetic field, 
relative to the flux density in air or in free space. 

diamond antenna Also called rhombic antenna. 
A nonresonant wideband directional antenna 
whose horizontal wire elements are arranged in 
the shape of a diamond (rhombus). The arrange- 
ment is fed at one corner, the opposite corner be- 
ing terminated with a noninductive resistor. 

diamond lattice The orderly internal arrangement 
of atoms in a redundant pattern in crystalline 
materials, such as germanium or silicon. 
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diamond stylus A phonograph “needle” having as 
its point a small, ground diamond. 

diapason 1. Either of the two principal stops (open 
and closed) of an electronic organ that cover the 
entire range of the instrument. When one is used, 
a note played is automatically sounded in several 
octaves. 2. Tuning fork. 

diaphony See DISSONANCE. 

diaphragm A usually thin metal or dielectric disk 
used as the vibrating member in headphones, 
loudspeakers, and microphones, and as the pres- 
sure-sensitive element in some sensors and 
barometers. 

diaphragm gauge A sensitive gas pressure gauge 
using a thin metal diaphragm stretched flat. In- 
crements of pressure move the diaphragm, 
relative to a nearby electrode, varying the 
capacitance between the two. 

diathermic Pertaining to a substance that effi- 
ciently transfers heat or infrared energy. 

diathermotherapy The use of diathermy in the 
treatment of various physiological disorders. 

diathermy 1. In medicine and physical therapy, 
the production of heat in subcutaneous (below 
the skin) tissues by means of high-frequency ra- 
dio waves. 2. A radio-frequency (RF) power oscil- 
lator and associated equipment used to produce 
heat in subcutaneous tissues. 

diathermy interference Radio-frequency inter- 
ference (RFI) resulting from the operation of 
unshielded and/or unfiltered diathermy equip- 
ment. 

diathermy machine See DIATHERMY, 2. 

diatomic Having two atoms (e.g., a DIATOMIC 
MOLECULE). 

diatomic molecule A molecule (such as that of 
oxygen) composed of two atoms. Compare MON- 
ATOMIC MOLECULE. 

dibble A mathematical function in which a number 
(usually an integer) is doubled, and then one is 
added to the result. Thus, dibble n = 2n + 1. 

dibit A combination of two binary digits (bits). The 
four possible dibits are 00, 01, 10, and 11. 

dice Plural of DIE, 1, 3. 

dichotomizing search Also called binary search. 
In digital computer operations, locating an item 
in a table of items that are arranged by key values 
in serial order. The required key is compared with 
a key halfway through the table; according to this 
relational test, half of the table is accepted and 
again divided for comparison, etc. until the keys 
match and the item is found. 

dichotomy Characterized by the usually repetitive 
branching into two sets, groups, or factions. 

dichroism Also called dichromatism. 1. The pro- 
perty of a crystal showing different colors, 
depending on which axis corresponds to the line 
of sight. 2. The property of a solid taking on dif- 
ferent colors as the thickness of the transmitting 
layer changes. 3. The property of a liquid chang- 
ing color, according to solution concentration. 
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dichromate cell An electrolytic cell consisting of 
electrodes of carbon and zinc. The zinc electrode 
is immersed in a diluted solution of sulfuric acid, 
and the carbon electrode in a solution of potas- 
sium dichromate. 

dicing The cutting of a semiconductor melt, crystal 
wafer, or other material into dice (See DIE). 

dictionary A table of specifications for the size and 
format of computer file operands, and data 
names for field and file types. 

die 1. A small wafer of useful electrical material, 
such as a semiconductor or a precision resistor 
chip. 2. A casting designed to mold molten metal 
into a specific configuration until the metal hard- 
ens. 3. Any small object of roughly cubical pro- 
portions. 4. To lose power or energy completely, 
usually unintentionally. 5. In a computer pro- 
gram, to produce unpredicted and useless results 
following an initial run. 

die bonding The bonding of dice or chips to a sub- 
strate. 

die casting Making a casting by forcing molten 
metal (such as an aluminum alloy, lead, tin, or 
zinc) under high pressure into a die or mold. 

dielectric A material that is a nonconductor of 
electricity; especially, a substance that facilitates 
the storage of energy in the form of an electric 
field. Such materials are commonly used in ca- 
pacitors and transmission lines. 

dielectric absorption The ability of certain dielec- 
tric materials to retain some of their electric 
charge—even after being momentarily short- 
circuited. Capacitors with this property must be 
shorted out continuously for a certain length of 
time before the dielectric has completely dis- 
charged. 

dielectric amplifier A voltage amplifier circuit in 
which the active component is a capacitor having 
a nonlinear dielectric. A signal voltage applied to 
the capacitor varies the capacitance, thus vary- 
ing the current. The modulated current flows 
through a load resistor, developing an output- 
signal voltage higher than the input-signal voltage. 

dielectric antenna An antenna in which some or 
all of the radiating element is made of a dielectric 
material, such as polystyrene. Primarily used at 
microwave frequencies. 

dielectric breakdown Sudden, destructive con- 
duction through a dielectric when the applied 
voltage exceeds a critical value. 

dielectric breakdown voltage The voltage at 
which DIELECTRIC BREAKDOWN occurs in an 
insulating material. Varies, depending on the 
particular dielectric substance. 

dielectric capacity See DIELECTRIC CONSTANT. 

dielectric constant Symbol, k. For a dielectric ma- 
terial, the ratio of the capacitance of a two-plate 
capacitor using the dielectric material, to the ca- 
pacitance of the equivalent capacitor with dry air 
as a dielectric. Also called inductivity and specific 
inductive capacity. 
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dielectric current 1. Current flowing over the sur- 
face of a dielectric material in response to a vary- 
ing electric field. 2. Current flowing through a 
dielectric as a result of its finite insulation resis- 
tance. 

dielectric dissipation For a dielectric material in 
which an electric field exists, the ratio of the lost 
(dissipated) electrical energy to the recoverable 
electrical energy. 

dielectric dissipation factor The cotangent of the 
dielectric phase angle, also equal to the reciprocal 
of the Q factor. 

dielectric fatigue In some dielectric materials 
subjected to a constant voltage, the deterioration 
of dielectric properties with time. 

dielectric guide A waveguide made from a solid di- 
electric, such as polystyrene. 

dielectric heater A high-frequency power genera- 
tor used for DIELECTRIC HEATING. 

dielectric heating The heating and forming of a 
dielectric material, such as a plastic, by tem- 
porarily making the material the dielectric of a 
two-plate capacitor. This capacitor is connected 
to the output of a high-power radio-frequency 
(RF) generator. Losses in the dielectric cause its 
heating. Compare INDUCTION HEATING. 

dielectric hysteresis See DIELECTRIC ABSORP- 
TION. 

dielectric isolation In a monolithic integrated cir- 
cuit (IC), the isolation of circuit elements from 
each other by a dielectric film, as opposed to iso- 
lation by reverse-biased pn junctions. 

dielectric lens A molded piece of dielectric mate- 
rial used to focus microwaves. Its operation is 
analogous to that of an optical lens. 


Dielectric 
material 


Microwave 


dielectric lens 


dielectric loss For a dielectric material subjected 
to a changing electric field, the rate of transfor- 
mation of electric energy into heat. 

dielectric loss angle Ninety degrees minus the DI- 
ELECTRIC PHASE ANGLE. 

dielectric loss factor For a dielectric material, the 
product of the dielectric constant and the tangent 
of the dielectric loss angle. 

dielectric loss index See DIELECTRIC LOSS FAC- 
TOR. 
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dielectric matching plate A dielectric plate used 
in some waveguides for impedance matching. 

dielectric mirror A reflector containing a number 
of layers of dielectric material. Its action depends 
on electromagnetic energy being partially re- 
flected from the interfaces between materials 
having unequal indexes of refraction. 

dielectric phase angle For a dielectric material, 
the angular phase difference between a sinu- 
soidal voltage applied to the material and the 
component of the resultant current having the 
same period as that of the voltage. 

dielectric phase difference See DIELECTRIC 
LOSS ANGLE. 

dielectric polarization The effect characterized by 
the slight displacement of the positive charge in 
each atom of a dielectric material, with respect to 
the negative charge, under the influence of an 
electric field. 

dielectric power factor The cosine of the dielectric 
phase angle, or the sine of the dielectric loss an- 


gle. 
dielectric puncture voltage See DIELECTRIC 
BREAKDOWN VOLTAGE. 


dielectric rating The breakdown voltage, and 
sometimes the power factor, of the dielectric ma- 
terial used in a device, such as a relay, motor, or 
switch. 

dielectric ratings Electrical characteristics of a di- 
electric material: breakdown voltage, power fac- 
tor, dielectric constant, etc. 

dielectric resistance See INSULATION 
TANCE. 

dielectric rigidity See DIELECTRIC STRENGTH. 

dielectric-rod antenna A unidirectional antenna 
that uses a dielectric substance to obtain power 
gain. 

dielectric soak See DIELECTRIC ABSORPTION. 

dielectric strain The distorted internal state of a 
dielectric, caused by the influence of an electric 
field. Also called DIELECTRIC STRESS. 

dielectric strength The highest voltage a dielectric 
can withstand before DIELECTRIC BREAKDOWN 
occurs. Usually expressed in volts or kilovolts per 
mil of material thickness. 

dielectric stress The distortion of electron orbits 
in the atoms of a dielectric material subjected to 
an electric field. 

dielectric susceptibility Fora polarized dielectric, 
the ratio of polarization to electric intensity. 

dielectric tests Laboratory experiments perform- 
ed to determine the dielectric characteristics of a 
substance—especially the dielectric constant and 
the dielectric breakdown voltage. 

dielectric waveguide See DIELECTRIC GUIDE. 

dielectric wedge A wedge-shaped dielectric slug 
placed inside a waveguide for impedance match- 
ing. 

dielectric wire A small dielectric waveguide that 
acts as a wire to carry signals between points in a 
circuit. 
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Dietzhold network A four-terminal, shunt m-de- 
rived circuit used in some wideband amplifiers. 

Dietzhold peaking In some wideband amplifiers, 
frequency compensation obtained with a shunt 
m-derived network (see DIETZHOLD NETWORK). 

difference amplifier See DIFFERENTIAL AMPLI- 
FIER. 

difference channel In a stereophonic amplifier, an 
audio channel that handles the difference be- 
tween signals in the right channel and those in 
the left channel. 

difference detector A detector whose output is the 
difference between two simultaneous input sig- 
nals. 

difference frequency A signal frequency produced 
by mixing or heterodyning of signals at two other 
frequencies. If the lower input signal frequency is 
fi and the higher input signal frequency is fo, 
then the difference frequency fa is equal to fo — fi. 

difference of potential The absolute value of the 
algebraic difference of voltages at two points of 
different electrical potential. Thus, the difference 
of potential between a +5-V point and a -5-V 
point is +5 - (-5) V = 10 V. Also see POTENTIAL 
DIFFERENCE. 

difference quantity See INCREMENT. 

difference signal 1. The resultant signal obtained 
by subtracting, at every instant for at least one 
full cycle, the amplitudes of two signals. 2. The 
difference of the left- and right-channel outputs 
in a stereo system. 

differential 1. A device, consisting of a gear sys- 
tem, that adds or subtracts angular motions and 
delivers the result. 2. A gear system in which the 
motion of a shaft is transferred to two other 
shafts aligned with each other and perpendicular 
to the first shaft. 3. One of two coils arranged to 
produce opposite polarities at a point in a circuit. 
4. Pertaining to a difference between two signals 
or quantities. 

differential amplifier A circuit, usually an opera- 
tional amplifier, that amplifies the voltage dif- 
ference between two input signals. The 
instantaneous output voltage is equal to some 
constant multiple of the difference between the 
instantaneous input voltages. 

differential analyzer An analog computer that 
solves differential equations using integrators. 

differential angle For a mercury switch, the angle 
between operation and release positions. 

differential capacitor A dual variable capacitor 
with two identical stator sections, and a single ro- 
tor section that turns into one stator section and 
out of the other. The capacitance of one section 
decreases while that of the other increases. 

differential coil See DIFFERENTIAL, 3. 

differential comparator A linear integrated circuit 
(IC) that delivers an output proportional to the 
difference between two input signals. 

differential compound dc generator A com- 
pound-wound dc generator in which the magne- 
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tomotive force of the series field opposes that of 
the shunt (main) field. 

differential compound dc motor A compound- 
wound dc motor in which the magnetomotive 
force of the series field coil opposes that of the 
shunt (main) field coil. 

differential cooling Reducing temperature at dif- 
ferent points on a surface at different rates. 

differential delay The difference dmax- Amin across 
a frequency band, where dmax is the maximum 
frequency delay and dmi is the minimum fre- 
quency delay. 

differential discriminator A device that passes 
pulses, whose amplitudes are between two prede- 
termined values above or below zero. 

differential distortion In an  automatic-gain- 
control circuit, distortion from effects that cause 
shunting of the diode load resistor. 

differential flutter Fluctuations in the speed of a 
magnetic tape that are nonuniform in different 
parts of the tape. 

differential gain In a differential amplifier, the av- 
erage gain of the two sections of the amplifier. 
Compare DIFFERENTIAL UNBALANCE. 

differential gain control A circuit or device for 
setting the gain of a radio receiver in terms of an 
anticipated change in signal strength, to reduce 
the receiver output signal differential. 

differential galvanometer A galvanometer in 
which currents in two similar coils neutralize 
each other; thus, there is zero deflection when the 
currents are equal. 

differential gap The smallest range of values that 
a controlled variable must take to change a three- 
position controller’s output from on to off, or vice 
versa. 

differential heating Increase of temperature at 
different points on a surface at different rates. 

differential impedance See DIFFERENTIAL- 
INPUT IMPEDANCE. 

differential induction coil An induction coil hav- 
ing two differentially wound primary coils. 

differential input In a differential amplifier, the 
circuit between input terminals 1 and 2, as op- 
posed to the circuit between input 1 or input 2 
and ground. 
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differential-input amplifier A differential ampli- 
fier whose output is proportional to the difference 
between two input signals—each applied between 
an input terminal and common ground. 

differential-input capacitance In a differential 
amplifier, the capacitance between the input ter- 
minals. 

differential-input impedance In a differential am- 
plifier, the impedance between the input terminals. 

differential-input measurement For a differential 
amplifier, a floating measurement made between 
the input terminals. 

differential-input rating In an operational ampli- 
fier, the greatest difference signal that can be 
placed between the inputs while allowing proper 
operation. 

differential-input resistance In a differential am- 
plifier, the resistance between the input termi- 
nals. 

differential-input voltage In a differential ampli- 
fier, the signal voltage presented to the floating 
input terminals. 

differential-input voltage range In a differential 
amplifier, the range of signal voltages that can be 
applied between the differential input terminals 
without overdriving the amplifier. 

differential input-voltage rating The maximum 
differential-input voltage that can be applied 
safely to a differential amplifier. 

differential instrument A galvanometer or other 
meter in which deflection results from the differ- 
ential effect of currents flowing in opposite direc- 
tions through two identical coils. Also see 
DIFFERENTIAL GALVANOMETER. 

differential keying A system of break-in keying, in 
which the oscillator stage of a transmitter con- 
taining a keyed amplifier is disabled when the key 
is open to prevent interference with the receiver 
at the keying station, and is enabled when the 
key is closed. 

differential-mode gain In an operational ampli- 
fier, the ratio, in decibels, between the output 
voltage and the differential input voltage. 

differential-mode input In an operational ampli- 
fier in differential mode, the difference between 
the two input signal voltages. 

differential-mode signal In a balanced three- 
terminal circuit, such as the input of a differen- 
tial amplifier, a signal applied between the 
floating (ungrounded) input terminals. 

differential multiplexer An analog multiplexer 
that selects both the high and low portion of the 
input signal. 

differential nonlinearity Incremental error from 
an ideal analog output difference when the input 
is changed by a certain value. Generally ex- 
pressed as a fraction of full-scale output. 

differential permeability The derivative of normal 
induction, with respect to magnetizing force. 

differential phase In a television system tested 
with a low-level, high-frequency sine-wave signal 


(fi) superimposed on a low-frequency, sine-wave 
signal (f), the difference in phase shift of fı 
throughout the system for two specified levels of 


La. 

differential phase-shift keying Keying of a carrier 
by varying the carrier phase. 

differential pressure The difference in pressure 
between two points. 

differential-pressure transducer A transducer 
that delivers an output proportional to the differ- 
ence between two sensed actuating pressures. 

differential protective relay A differential relay 
that operates to protect equipment or personnel 
when the difference between the two actuating 
quantities reaches a prescribed level. 

differential receiver A synchro differential that re- 
ceives the electrical output of two synchro trans- 
mitters. The receiver can subtract one input 
voltage from the other. 

differential relay A relay actuated by the differ- 
ence between two currents or voltages. 

differential selsyn A selsyn in which the position 
assumed by the rotor is proportional to the sum 
of rotor and stator field values. 

differential stage See DIFFERENTIAL AMPLIFIER. 

differential synchro See DIFFERENTIAL RE- 
CEIVER and DIFFERENTIAL TRANSMITTER. 

differential transducer A dual-input, single-out- 
put sensor, such as a pressure transducer, that 
is actuated by two sensed quantities and delivers 
an output proportional to their difference. 

differential transformer A variable inductance 
transformer having a (usually cylindrical) core 
that is moved in and out to provide adjustable 
coupling between the interwound primary and 
secondary windings. This permits adjustment of 
the amplitude and phase of the transformer out- 
put voltage, with respect to the input voltage. 

differential transmitter A synchro differential 
connected to a synchro transmitter. In a synchro 
receiver supplied by this combination, the change 
in rotor position is the algebraic difference be- 
tween the transmitter-rotor position and the dif- 
ferential-rotor position. 

differential unbalance For a differential amplifier, 
the average difference in gain between the two 
amplifier sections. Compare DIFFERENTIAL 
GAIN. 

differential voltage 1. The voltage difference be- 
tween the input signals to a differential device. 2. 
The breakdown voltage minus the operating volt- 
age for a lamp. 

differential voltage gain 1. The ratio, in decibels, 
between the differential output and differential in- 
put voltages of an amplifier. 2. The instantaneous 
ratio, in decibels, between the rate of change of 
the output signal voltage and the rate of change of 
the input signal voltage in an amplifier. 

differential-wound field In a motor or generator, a 
field winding having series and shunt coils whose 
fields are opposing. 
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differentiate 1. To produce an output signal, the 
instantaneous amplitude of which is proportional 
to the instantaneous rate of change of the input 
amplitude. 2. To determine the derivative of a 
mathematical function. 

differentiating circuit See DIFFERENTIATING 
NETWORK. 

differentiating network A four-terminal resis- 
tance-capacitance (RC) network whose output 
voltage is the derivative of the input voltage, with 
respect to time. Compare INTEGRATING NET- 
WORK. 

differentiation 1. The processing of an input sig- 
nal to create an output signal whose voltage 
waveform represents the derivative, with respect 
to time, of the input voltage waveform. 2. The pro- 
cess of computing a mathematical derivative. 

differentiator 1. See DIFFERENTIATING NET- 
WORK. 2. An operational amplifier whose output 
waveform is the mathematical derivative of the 
input waveform. 
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diffracted wave A wave or ray of energy undergo- 
ing DIFFRACTION. 

diffraction 1. Interference of one part of an energy 
beam with another part when the beam is de- 
flected along two or more paths having different 
lengths. When this happens with visible light, 
dark and light bands or colored bands appear. 
This effect is responsible for the rainbow-like ap- 
pearance of light reflected from the surface of a 
compact disc. 2. The bending of electromagnetic 
waves around an object. This effect explains why 
radio signals can propagate around large ob- 
structions, such as buildings and hills. The effect 
becomes more pronounced as the wavelength in- 
creases (the frequency decreases). 3. The bending 
of acoustic waves around an object. This effect 
explains why sound propagates around large ob- 
structions, such as buildings. The effect becomes 
more pronounced as the wavelength increases 
(the frequency decreases). 

diffraction grating A transparent plate containing 
thousands of parallel lines or grooves spaced ex- 
tremely close together. Light passing through the 
slits between the lines produces a rainbow spec- 
trum as a result of DIFFRACTION. 

diffraction spectrum 1. The spectrum produced 
in visible light by a diffraction grating. 2. The dis- 
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tribution of energy at various frequencies, pro- 
duced by diffraction of electromagnetic waves. 3. 
The distribution of energy at various frequencies, 
produced by diffraction of acoustic waves. 

diffractometer An instrument for measuring the 
diffraction of radiation, such as light or X-rays. 

diffuse 1. To produce or cause DIFFUSION. 2. En- 
ergy that is diffused. 

diffused-alloy transistor See DRIFT-FIELD TRAN- 
SISTOR. 

diffused-base transistor A bipolar transistor in 
which the base region has been diffused into the 
semiconductor wafer. Also see DIFFUSED JUNC- 
TION. 

diffused device A semiconductor device in which 
the junction is produced by diffusion (see DIFFU- 
SION, 1). Examples: DIFFUSED-BASE TRANSIS- 
TOR, DIFFUSED DIODE, DIFFUSED-JUNCTION 
RECTIFIER, and DIFFUSED-MESA TRANSIS- 
TOR. 

diffused diode A semiconductor diode having a 
diffused junction. 

diffused-emitter-and-base transistor A transistor 
in which n and p materials both have been dif- 
fused into the semiconductor wafer to provide 
emitter and base junctions. Also see DIFFUSION, 
1 and DIFFUSED TRANSISTOR. 

diffused junction In a semiconductor device, a pn 
junction formed by diffusing a gas into a semi- 
conductor at a high temperature that is below the 
melting point of the semiconductor. Typically, a 
gas containing an n-type impurity is diffused into 
p-type semiconductor material. Compare ALLOY 
JUNCTION. 

diffused-junction rectifier A semiconductor recti- 
fier using a diffused junction. 

diffused-junction transistor See DIFFUSED- 
BASE TRANSISTOR, DIFFUSED-MESA TRAN- 
SISTOR, and DIFFUSED TRANSISTOR. 

diffused-layer resistor In an integrated circuit, a 
resistor produced by diffusing a suitable material 
into the substrate. 

diffused-mesa transistor A transistor whose base 
is a n-type layer diffused into a p-type wafer (the 
remaining p-type material serving as the collec- 
tor); its emitter is a small p-type area diffused 
into or alloyed with the n-layer. Unwanted dif- 
fused portions are etched away, leaving the tran- 
sistor in a mesa shape. 

diffused planar transistor A diffused transistor in 
which emitter, base, and collector electrodes are 
exposed at the face of the wafer, which has an ox- 
ide layer to forestall leakage between surface elec- 
trodes. 

diffused resistor See DIFFUSED-LAYER RESIS- 
TOR. 

diffused sound 1. Sound distributed so that its 
energy flux is the same at all points. 2. Sound 
whose source is difficult to locate or seems to 
shift, as that heard from out-of-phase stereo 
channels. 
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diffused transistor A transistor in which one or 
both electrodes are created by diffusion. See DIF- 
FUSED JUNCTION. 

diffused-junction transistor See DIFFUSED- 
BASE TRANSISTOR, DIFFUSED-MESA TRAN- 
SISTOR, and DIFFUSED TRANSISTOR. 

diffusion 1. In the fabrication of semiconductor 
devices, the slow, controlled introduction of a ma- 
terial into the semiconductor, for example, the 
high-temperature diffusion of a n-type impurity 
(from a gas containing it) into a p-type wafer to 
form a diode. 2. The random velocity and move- 
ment of current carriers in a semiconductor, re- 
sulting from a high-density gradient. 3. The 
characteristic spreading of light reflected from a 
rough surface or transmitted through a translu- 
cent material. 4. The spreading-out of sound 
waves, for example when reflected from acoustic 
baffles. 5. The migration of atoms from one sub- 
stance to another, as in the spreading of one gas 
throughout another. 
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diffusion bonding A method of joining different 
substances by diffusing atoms of one into the 
other. This technique is employed in the manu- 
facture of certain semiconductor diodes, transis- 
tors, and other devices. 

diffusion capacitance The current-dependent ca- 
pacitance of a forward-biased semiconductor 
junction. 

diffusion current Current resulting from the diffu- 
sion of carriers within a substance (see DIFFU- 
SION, 2). 

diffusion length In a semiconductor junction, the 
distance a current carrier travels to the junction 
during carrier life. 

diffusion process 1. The technique of processing 
semiconductor devices by diffusion (see DIFFU- 
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SION, 1). 2. Producing a high vacuum by means 
of diffusion (see DIFFUSION PUMP). 

diffusion pump A pump for fast, efficient creation 
of a high vacuum in electron tubes and similar 
devices. In one form, the pump, in conjunction 
with a force pump, uses mercury vapor as the 
pumped medium. Gas molecules evacuated from 
the device diffuse into a chamber, where con- 
densing mercury vapor traps and carries them 
off. 

diffusion theory The notion that, in a homoge- 
neous medium, current density is directly 
proportional to the gradient of particle flux 
density. 

diffusion transistor A transistor whose operation 
is based principally on the diffusion of current 
carriers (see DIFFUSION, 2). 

diffusor In acoustics, a device or structure deliber- 
ately installed to spread sound waves throughout 
a region. 

dig-in angle A stylus angle of 90 degrees, relative 
to the surface of a phonograph disc. Compare 
DRAG ANGLE. 

DIGIRALT Acronym for digital radar altimetry. A 
system that utilizes digital techniques to enhance 
the accuracy of an altimeter using radar. 

digit A single symbol in a numbering system (e.g., 
O through 9 in the decimal system, or O or 1 in 
the binary system), whose value depends on its 
position in a group and on the radix of the partic- 
ular system used. 

digital 1. Pertaining to components, circuits, or 
systems that use signals having an integral num- 
ber of discrete levels or values, rather than sig- 
nals, whose levels or values vary over a 
continuous range. 2. Pertaining to a numeric 
readout or display. 3. See BINARY, 1. 

digital annunciator An annunciator that gives an 
alphanumeric digital display of information, as 
well as sounding an alarm. 

digital audio tape Abbreviation, DAT. A magnetic 
tape intended for recording digitally encoded au- 
dio data. Used in some high-fidelity applications, 
and also for computer data storage. 

digital barometer An electronic barometer provid- 
ing a digital readout. 

digital capacitance meter Abbreviation DCM. A 
meter with a digital readout for measuring capac- 
itance values. 

digital cellular See PERSONAL COMMUNICA- 
TIONS SERVICE. 

digital circuit A circuit affording a dual-state 
switching operation (i.e., on or off, high or low, 
etc.). Also called binary circuit. 

digital communications Radio or wire communi- 
cations using a dual-state mechanism (on/off, 
positive/negative, or modulated/unmodulated) 
to represent information. 

digital comparator A comparator that presents 
two digital values, one for each of the quantities 
being compared. 
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digital computer A high-speed, electronic ma- 
chine for performing mathematical operations, 
file management, machine control, or other “in- 
telligent” functions, and whose basic internal 
operations (data storage, comparing, and compu- 
tation) are based on semiconductor devices as- 
suming one of two states (on or off, high or low). 
Compare ANALOG COMPUTER. 

digital data Information represented and pro- 
cessed in the form of combinations of digits (O 
and 1, in the binary system). 

digital-data cable A cable designed to conduct 
high-speed digital pulses with minimal distortion 
and loss. 

digital data-handling system A system that ac- 
cepts, sorts, modifies, classifies, or records digital 
data, displaying the final result or passing the 
data to a computer. 

digital delay circuit A device that stores digitized 
audio data, and releases it after a specified delay. 

digital device 1. A digital integrated circuit (IC). 2. 
Any circuit or system that operates by digital 
means. 

digital differential analyzer Abbreviation, DDA. A 
digital computer that can perform integration us- 
ing specialized circuitry. 

digital display A presentation of information (such 
as the answer to a problem) in the form of actual 
digits, as opposed to one in the form of, for exam- 
ple, a meter deflection. See, for example, DIGI- 
TAL-TYPE METER. 

digital divider In a computer, a device that can di- 
vide (i.e., provide a quotient and remainder using 
dividend and divisor signals). 

digital electrometer An electrometer that has a 
digital current or voltage indicator. 

digital electronics The branch of electronics con- 
cerned with components, circuits, and systems 
that use signals having an integral number of dis- 
crete levels or values, as opposed to signals 
whose levels or values vary over a continuous 
range. Compare ANALOG ELECTRONICS. 

digital frequency meter A direct-reading fre- 
quency meter using high-speed electronic switch- 
ing circuits and a digital readout. Such 
instruments read frequency from less than 1 Hz 
to many gigahertz. 

digital HIC A hybrid integrated circuit (HIC) de- 
signed for digital applications. Also see DIGITAL 
INTEGRATED CIRCUIT. 

digital IC See DIGITAL INTEGRATED CIRCUIT. 

digital incremental plotter A device that can 
draw, according to signals received from a com- 
puter, graphs depicting solutions to problems. 

digital information See DIGITAL DATA. 

digital information display See DIGITAL DIS- 
PLAY. 

digital integrated circuit An integrated circuit 
(IC) intended for binary operations, such as 
switching, gating, etc. Compare LINEAR INTE- 
GRATED CIRCUTT. 
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digital integrator A device that can perform inte- 
gration, in which increments in input variables, 
and an output variable, are represented by digital 
signals. 

digital logic A form of Boolean algebra, consisting 
of negation, conjunction, and disjunction, in 
which the binary digit 1 has the value “true” and 
O the value “false” (in positive logic) or vice versa 
(in negative logic). Digital logic is the basis by 
which all digital devices function. 

digital-logic module 1. A circuit that performs 
digital operations. 2. A logic gate. 

digital meter A meter that produces a readout in 
discrete blocks or directly as numerals. The first, 
more primitive and less precise type, is known as a 
BAR METER. The second, more sophisticated type 
can resolve to several significant digits and often 
includes a fixed or floating radix point. This 
scheme eliminates the need for personnel to inter- 
polate the reading on a scale. There is little chance 
for error on the part of the technician or engineer, 
because the readout is straightforward. Another 
advantage is the fact that there are no moving 
parts to wear out or be damaged by physical shock. 
Compare ANALOG METER. 

digital multimeter Abbreviation, DMM. A 
voltohm-milliammeter producing a digital read- 
out of measured values. 

digital multiplex 1. The combination of several or 
many digital signals into a single digital signal. 2. 
Also called digital demultiplex. The reverse pro- 
cess from that defined in 1, in which the original 
signals are obtained from the combination signal. 
3. Communication using the techniques defined 
in 1 and 2. 

digital multiplex equipment Equipment that ac- 
complishes digital multiplexing or the reverse 
process, digital demultiplexing. 

digital multiplier In a digital computer, a device 
that produces a product signal from multiplier 
and multiplicand signals. 

digital output An output signal of digital pulses 
representing a number equal or proportional to 
the value of a corresponding input signal. 

digital panel meter A numeric-readout meter whose 
relatively small size allows mounting on a panel. 

digital phase shifter A phase shifter actuated bya 
digital control signal. 

digital photometer An electronic photometer pro- 
viding a digital readout of illumination values. 

digital power meter An electronic wattmeter pro- 
viding a digital readout of measured power. 

digital readout An indicating device that displays 
a sequence of numerals that represent a mea- 
sured value. 

digital recording A system for tape-recording 
high-fidelity sound. The audio is converted from 
analog to binary digital form, and the binary dig- 
its (bits) are recorded on magnetic tape. 

digital representation The use of digital signals to 
represent information as characters or numbers. 
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digital rotary transducer A device that delivers a 
digital output signal proportional to the rotation 
of a shaft. 

Digital Satellite System Abbreviation, DSS. Trade 
name for a satellite television (TV) system devel- 
oped by RCA. The analog signal is changed into 
digital pulses at the transmitting station via 
analog-to-digital (A/D) conversion. The digital 
signal is amplified and uplinked to a geostation- 
ary satellite. The satellite has a transponder that 
receives the signal, converts it to a different fre- 
quency, and downlinks it back to the earth. The 
downlink is picked up by a portable dish that can 
be placed on a balcony or patio, on a rooftop, or 
in a window. A tuner selects the channel that the 
subscriber wants to watch. The digital signal is 
amplified. If necessary, digital signal processing 
(DSP) can be used to improve the quality of re- 
ception under marginal conditions. The digital 
signal is changed back into analog form, suitable 
for viewing on a conventional TV set, via digital- 
to-analog (D/A) conversion. 

digital signal A signal having an integral number 
of discrete levels or values, as opposed to a signal 
whose levels or values vary over a continuous 
range. 


Time 
digital signal 


digital signal processing Abbreviation, DSP. A 
method of signal enhancement that operates by 
eliminating confusion between digital states. This 
improves dynamic range and frequency response, 
reduces the number of errors, and virtually elim- 
inates noise. It is used extensively in digital com- 
munication and recording, often in conjunction 
with analog-to-digital (A/D) and digital-to-analog 
(D/A) conversion to enhance the quality of analog 
signals and recordings. 

digital sound Sound recording and reproduction 
accomplished with digital, rather than analog, 
signals. Advantages include wideband frequency 
response, superior dynamic range, and relative 
immunity to noise. 

digital speech communications A system of voice 
communications, in which the analog voice signal 
is encoded into digital pulses at the transmitter, 
and decoded at the receiver. 

digital subtractor In a computer, a device that pro- 
duces an output signal whose value is equal to the 
difference of the values of two input signals. 

digital switching Routing operations carried out 
on digital signals to establish communications 
links between specified system users. 


Signal before DSP 
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digital television 1. A television system in which 
the picture information is encoded into digital 
form at the transmitter, and decoded at the re- 
ceiver. 2. A form of television picture transmis- 
sion that functions according to picture motion, 
rather than absolute brightness. 

digital temperature indicator See 
THERMOMETER. 

digital thermometer An electronic thermometer 
that provides a digital readout of temperature. 

digital-to-analog conversion The conversion of a 
digital quantity into an analog representation, 
such as shown by a performance curve. Compare 
ANALOG-TO-DIGITAL CONVERSION. 

digital-to-analog converter A circuit or device 
that performs DIGITAL-TO-ANALOG CONVER- 
SION. 

digital transmission 1. A method of signal 
transmission in which the modulation occurs 
in defined increments, rather than over a con- 
tinuous range. 2. A message that is sent in dig- 
ital form. 

digital-type meter An indicating instrument in 
which a row of numeral indicators displays a 
value. Compare ANALOG-TYPE METER. 

digital voltmeter Abbreviation, DVM. An elec- 
tronic voltmeter having a direct numerical read- 
out, rather than an analog display. 

digital wattmeter See DIGITAL POWER METER. 

digital compression In digital computer opera- 
tion, the process of representing data with an 
economy of characters to reduce file size. 

digit current In digital computer operations, the 
current associated with writing or reading a digit 
into or out of a memory cell. 

digit delay element A logic element (gate) whose 
output signal lags the input signal by one digit 
period. 
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digit filter A device for detecting designations. See 
DESIGNATION. 

digitize 1. To express the results of an analog 
measurement in digital units. 2. To convert an 
analog signal into corresponding digital pulses. 

digitizer See ANALOG-TO-DIGITAL CONVERTER. 

digit period In a digital circuit or system, the time 
interval between the start of one digital pulse and 
the start of the next pulse. 

digit place See DIGIT POSITION. 

digit plane In a matrix-type computer memory, the 
plane within a three-dimensional array of mem- 
ory storage elements representing a DIGIT POSI- 
TION. 

digit position The ordinal position of a digit in a 
numeral, the first position being occupied by the 
least-significant digit (e.g., 7 is in the third posi- 
tion in the numeral 756). 

digit pulse A pulse that energizes magnetic core 
memory elements representing a digit position in 
several words. 

digitron A display in which all of the characters lie 
in a single, flat plane. 

digit time The duration of a digit signal in a series 
of signals. 

digit time slot In digital communications, the in- 
terval of time assigned to one bit or one digit. 

digit-transfer bus In a digital computer, a main 
line (of conductors) that transfers information 
among various registers; it does not handle con- 
trol signals. 

diheptal CRT base The 14-pin base of a cathode- 
ray tube. Also see BIDECAL, DUODECAL, and 
MAGNAL. 

DIIC Abbreviation for dielectric-isolated integrated 
circuit. Several separate integrated-circuit wafers 
are contained in a single package, and kept elec- 
trically insulated by layers of dielectric. 

dilatometer An instrument used to measure ex- 
pansion. 

dimension 1. Any measurable quantity, such as 
distance, time, temperature, humidity, etc. 2. An 
axis in the three-dimensional Cartesian coordi- 
nate system. 3. An independent variable in a 
function of one or more variables. 

dimensional analysis A mathematical procedure 
whereby an equation involving quantities with 
different units is verified as being dimensionally 
correct. The original variables are replaced with 
fundamental quantities, such as resistance (R), 
current (I), length or displacement (d), and time 
(t), applicable to electrical systems. The equation 
is dimensionally correct if it can be shown that 
the left and right sides of the equation are identi- 
cal. 

dimensional ratio In magnetism, the ratio of the 
longest diameter of an elongated ellipsoid of revo- 
lution to the shortest. 

dimensional stability Nonvariance or little vari- 
ance in the shape and size of a medium (such as 
film) during the processing of that material. 
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dimensionless quantity A quantity that is merely 
a real number. Example: logarithm, exponent, 
numerical ratio, etc. In contrast are physical 
quantities: 3 volts, 5000 hertz, 10 amperes, etc. 

diminished radix complement See COMPLE- 
MENT. 

dimmer An electronic device used for controlling 
the brightness of incandescent lamps. Using am- 
plified control, the device enables high-wattage 
lamp loads to be smoothly adjusted via a small 
rheostat or potentiometer. A photoelectric-type 
dimmer automatically controls lamps in accor- 
dance with the amount of daylight. 

dimmer curve The function of a light-dimmer volt- 
age output as a function of setting on a linear 
scale. 

DIN Abbreviation for Deutsche Industrie Norme- 
nausschuss. A German association that sets 
standards for the manufacture and performance 
of electrical and electronic equipment, as well as 
other devices. 

D indicator In radar operations, an indicator com- 
bining type B and C indicators (see B DISPLAY 
and C DISPLAY). 

Dingley induction-type landing system An air- 
craft landing system that provides lateral and 
vertical guidance; instead of radio, it uses the 
magnetic field surrounding two horizontal cables 
laid on or under either side of the runway. 

diode A two-element device containing an anode 
and a cathode, and providing unidirectional con- 
duction. The many types are used in such devices 
as rectifiers, detectors, peak clippers, mixers, 
modulators, amplifiers, oscillators, and test in- 
struments. 

diode action 1. The characteristic behavior of a 
diode (i.e., rectification and unidirectional con- 
duction). 2. Two-electrode rectification or unidi- 
rectional conductivity in any device other than a 
diode (e.g., asymmetrical conductivity between 
the collector and base of a transistor). 

diode amplifier 1. A parametric amplifier employ- 
ing a varactor. 2. An amplifier utilizing hole- 
storage effects in a semiconductor diode. 3. A 
negative-resistance amplifier using a tunnel diode. 

diode array A combination of several diodes in a 
single housing. 

diode assembly See DIODE ARRAY. 

diode bias A steady direct-current (dc) voltage ap- 
plied to a diode to establish its operating point. 

diode capacitance The capacitance existing at the 
p-n junction of a semiconductor diode when the 
junction is reverse-biased. The capacitance gen- 
erally varies, depending on the reverse-bias volt- 
age. 

diode capacitor 1. A capacitor normally operated 
with a diode. 2. A voltage-variable capacitor uti- 
lizing the junction capacitance of a semiconduc- 
tor diode (e.g., a varactor). 

diode-capacitor memory cell A high-value capac- 
itor in series with a high-back-resistance semi- 
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conductor diode. A data pulse forward-biases the 
diode and charges the capacitor, which remains 
charged, thus holding the data bit, because of the 
long time constant of the high capacitance and 
the high back resistance of the diode. 

diode characteristic The current-versus-voltage 
curve for a diode. 

diode checker An instrument for testing semicon- 
ductor diodes. There are two forms: A static 
checker, which measures forward and reverse 
current; and a dynamic checker (see DYNAMIC 
DIODE TESTER), which displays the entire diode 
response curve on an oscilloscope screen. 

diode chopper A chopper using an alternately bi- 
ased diode as the switching element. 

diode clipper A clipper using one or more diodes. 
A single biased diode will limit the positive or neg- 
ative peak of an applied alternating-current (ac) 
voltage, depending on diode polarity and bias. 
Two biased diodes with opposing polarity will clip 
both peaks. Also see LIMITER. 
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diode converter See DIODE MIXER. 

diode current The forward or reverse current flow- 
ing through a diode. 

diode current meter A direct-current (dc) mil- 
liammeter or microammeter with a semiconduc- 
tor-diode rectifier that allows the measurement of 
alternating current (ac). 

diode curve changer A diode or network of diodes 
used to make a linear current-voltage curve ac- 
quire some nonlinear shape. 

diode demodulator See DEMODULATOR PROBE 
and DIODE DETECTOR. 

diode detector A detector circuit in which a diode 
demodulates a signal. The diode, a simple device, 
provides linear response at high signal ampli- 
tudes, but affords no amplification. 

diode feedback rectifier 1. In a rectified-carrier, 
negative-feedback system for an amplitude- 
modulated (AM) transmitter, the diode that 
rectifies the modulated carrier and provides the 
audio envelope for use as negative-feedback 
voltage. This voltage is applied to the speech 
amplifier/modulator channel to reduce distortion, 
noise, and hum, at the same time providing 
automatic modulation control. 2. The diode that 
rectifies a part of the signal at the output of an 
audio amplifier and provides a proportional 
direct-current (dc) voltage for use as bias in an 
automatic-gain-control (AGC) circuit. 

diode field-strength meter A simple meter for 
measuring the intensity of a radio-frequency 


Output AF 
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(RF) electromagnetic field. It consists of a short 
whip antenna, an inductance-capacitance (LC) 
tuned circuit, a diode detector, and a direct- 
current (dc) microammeter. The deflection of the 
meter is roughly proportional to the RF signal 
voltage. 

diode gate A passive switching circuit of biased 
diodes. Also see AND CIRCUIT and OR CIRCUIT. 

diode impedance The vector sum (resultant) of the 
resistive and reactive components of a diode. In a 
semiconductor diode, the inductive component of 
reactance is almost entirely the inductance of 
leads and electrodes, whereas the capacitive com- 
ponent of reactance is the shunting capacitance 
between leads and electrodes, plus the voltage- 
variable capacitance of the pn junction. The 
resistive component is almost entirely the volt- 
age-variable resistance of the pn junction. 

diode isolation A means of insulating an inte- 
grated-circuit chip from its substrate. The chip is 
surrounded by a pn junction that is reverse- 
biased. This prevents conduction between the 
chip and the substrate. 

diode lamp See LASER DIODE. 

diode laser See LASER DIODE. 

diode light source See LASER DIODE. 

diode limiter See DIODE CLIPPER. 

diode load 1. The current drawn from a diode act- 
ing as a rectifier or demodulator. 2. The output 
(load) resistor into which a diode operates. 

diode load resistance The required value for a 
diode load resistor. 

diode load resistor A resistor usually connected to 
the output of a diode rectifier or diode detector. 

diode logic Digital circuitry, such as AND and OR 
circuits, using diodes as the principal compo- 
nents. 

diode matrix In some digital devices, a grid of 
wires, the intersections of some being intercon- 
nected through diodes, whose polarities deter- 
mine circuit operation. A series of AND circuits is 
provided by this arrangement, which acts as a 
high-speed rotary switch when it is supplied with 
input pulses. 

diode mixer A frequency converter that operates 
via the nonlinearity of semiconductor diodes. 

diode noise limiter A noise limiter circuit having 
one or more biased diodes. 

diode oscillator An oscillator based on the nega- 
tive resistance or breakdown characteristics of 
certain diodes, such as high-reverse-biased ger- 
manium diodes, tunnel diodes, Gunn diodes, and 
four-layer diodes. It is generally used at mi- 
crowave frequencies. 

diode pack A device containing more than one 
diode. An example is the full-wave bridge-rectifier 
integrated circuit. 

diode peak detector A diode detector whose load 
resistance is high at modulation frequencies; the 
voltage across the resistance is proportional to 
the peak amplitude of the modulated signal. 
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diode peak voltmeter A diode-type alternating- 
current (ac) voltmeter, in which the deflection of 
the direct-current (dc) milliammeter or microam- 
meter is proportional to the peak value of the ap- 
plied ac voltage. 

diode probe A test probe containing a diode used 
as either a rectifier or demodulator. 

diode recovery time The interval during which rel- 
atively high current continues to flow after the 
voltage across a semiconductor junction has been 
abruptly switched from forward to reverse. Recov- 
ery time is attributable to DIODE STORAGE. 

diode rectification Conversion of alternating cur- 
rent (ac) to pulsating direct current (dc) by diode 
action. 

diode rectifier 1. A diode device that converts al- 
ternating current (ac) to pulsating direct current 
(dc) in a power supply. 2. A small-signal diode de- 
vice that converts ac to dc in the automatic-gain- 
control (AGC) circuit of a superheterodyne 
receiver. Also called AGC rectifier. 

diode resistor 1. A resistor usually operated with 
a diode. 2. A voltage-variable resistor utilizing the 
(usually forward) resistance of a semiconductor 
diode. 

diode storage The charge carriers (electrons and 
holes) remaining within a pn junction for a short 
time after forward bias has been either removed 
or switched to reverse polarity. 

diode storage time See DIODE RECOVERY TIME. 

diode switch See DIODE GATE. 

diode sync separator A diode used in a television 
receiver circuit to separate and deliver the sync 
pulses from the composite video signal. 

diode temperature stabilization 1. Keeping the 
temperature of a diode at a constant level. 2. Us- 
ing the temperature-resistance characteristic of a 
forward -biased semiconductor diode to stabilize a 
circuit (such as a transistor amplifier stage) (i.e., 
to prevent variations caused by temperature 
changes). 


diode peak voltmeter + diplex reception 193 


diode tester See DIODE CHECKER. 

diode transistor 1. See UNIJUNCTION TRANSIS- 
TOR. 2. A semiconductor diode whose operation 
simulates that of a transistor by means of pulsed 
operation that alternately makes the single junc- 
tion an emitter or collector. 3. A transistor con- 
nected to operate solely as a diode. 

diode-transistor logic Abbreviation, DTL. Logic 
circuitry in which a diode is the logic element and 
a transistor acts as an inverting amplifier. 

diode-type meter A rectifier-type alternating- 
current (ac) meter consisting of a semiconductor 
diode(s) and a direct-current (dc) milliammeter or 
microammeter. The diode rectifies the ac input, 
the resulting dc deflecting the meter. 

diode varactor A conventional semiconductor 
diode or rectifier used as a makeshift varactor 
(voltage-variable capacitor). 

diode variable resistor See DIODE VARISTOR. 

diode varistor A conventional diode used as a 
makeshift varistor (voltage-variable resistor). 

diode voltage reference See ZENER VOLTAGE 
REFERENCE. 

diode voltage regulator See ZENER VOLTAGE 
REGULATOR. 

DIP Abbreviation of DUAL IN-LINE PACKAGE. 

dip 1. A distinct decrease in the value of a varying 
quantity, followed by an increase [e.g., the sud- 
den drop, followed by a rise, in collector current 
when a bipolar-transistor radio-frequency (RF) 
power amplifier is tuned through resonance]. 2. 
Also called magnetic inclination. The slanting of a 
compass needle, resulting from the orientation of 
the geomagnetic lines of flux, with respect to the 
earth’s surface. It varies, depending on magnetic 
latitude. 

dip adapter An external accessory that allows a ra- 
dio-frequency (RF) signal generator to be used as 
a DIP METER. 

dip coating 1. Applying a protective coat of insu- 
lating material to a conductor or component by 
dipping it into the liquid material, then draining 
and drying it. Compare SPRAY COATING. 2. The 
coat applied in this way. 

dip encapsulation Embedding a component or cir- 
cuit in a protective block of insulating material 
(such as a plastic) while the material is in a liquid 
state, and then allowing the material to harden in 
ambient air or in an oven. 

dip impregnation Saturating a component or ma- 
terial (such as absorbent film) with a substance 
(such as oil or wax) by dipping or vacuum forcing. 

diplexer A coupler that permits two or more trans- 
mitters to operate simultaneously into a single 
antenna. 

diplex operation 1. Simultaneous transmission or 
reception of two signals using a single antenna. 
2. Simultaneous transmission or reception of two 
signals on a single carrier. 

diplex reception The reception of signals while 
transmitting with the same antenna. 
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diplex transmission The transmission of signals 
while receiving with the same antenna. 

dip meter A tunable radio-frequency (RF) instru- 
ment that, by means of a sharp dip of an indicat- 
ing meter, indicates resonance with an external 
circuit under test. Specific names are derived 
from the active component used: grid-dip meter, 
gate-dip meter, etc. 

dip needle See INCLINOMETER. 

dipolar Also, bipolar. Possessing two poles (us- 
ually electric or magnetic). 

dipolarization See DEPOLARIZATION. 

dipole 1. A pair of electrically opposite charge 
poles separated by a specific distance. 2. A pair of 
magnetically opposite poles separated by a spe- 
cific distance. 3. See DIPOLE ANTENNA. 4. See 
FOLDED DIPOLE. 

dipole antenna Also called dipole and doublet. A 
half-wavelength radiator fed at the center with a 
two-wire or coaxial transmission line. Each “leg” 
of the antenna is one-quarter wavelength long. 
Such an antenna can be oriented horizontally or 
vertically, or at a slant. The radiating element is 
usually straight. For a straight wire radiator, 
properly insulated at the ends and placed well 
away from obstructions, the length Lp (in feet) at 
a design frequency f (in megahertz) is approxi- 
mately 


La = 467/f 
The length Lm (in meters) is close to 
Lm = 143/f 


Because of its simplicity, this antenna is popular 
among shortwave listeners and radio amateurs, 
especially at frequencies below 10 MHz. A full- 
size antenna of this type has a feed-point 
impedance of approximately 73 ohms, purely re- 
sistive. Compare FOLDED DIPOLE. 
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dipole disk feed A method of coupling radio-fre- 
quency energy to a disk-shaped antenna. The en- 
ergy is applied to a dipole located adjacent to the 
disk. 

dipole feed A method of coupling radio-frequency 
energy to an antenna by means of a half-wave 


dipole. The dipole is directly fed by the transmis- 
sion line, and the dipole radiates energy to the 
rest of the system. 

dip oscillator The oscillator that provides the sig- 
nal for a DIP METER. 

dipotassium tartrate Abbreviation, DKT. An or- 
ganic piezoelectric material. 

dipped component A discrete electronic compo- 
nent that has been given a protective coating by 
dipping into a suitable material (such as oil, var- 
nish, or wax) and draining off the surplus. 

dipper Collective term for resonance-type instru- 
ments, such as a DIP METER or DIP ADAPTER. 

dipper interrupter A cyclic switching device in 
which a contact pin is part of a revolving wheel 
partially immersed in mercury. 

dipping 1. The application of a protective coating 
or impregnant to a component by immersing it in 
a suitable material. Also see DIP COATING, DIP 
ENCAPSULATION, and DIP IMPREGNATION. 2. 
In a resonant (tuned) amplifier circuit, the ad- 
justment of the resonant circuit for minimum 
current through the amplifying device. 

dipping needle See INCLINOMETER. 

dip soldering 1. Soldering leads or terminals by 
dipping them into molten solder and then remov- 
ing excess solder. 2. Tinning printed-circuit pat- 
terns by dipping the boards into molten solder or 
placing them in contact with the surface of a sol- 
der bath. 3. Soldering leads in printed circuits by 
the methods defined in (2). 

DIP switch A switch (or group of miniature 
switches) mounted in a dual-inline package (DIP) 
for easy insertion into an integrated-circuit 
socket or printed-circuit board. 

direct-access storage device A computer memory 
in which data access time is unaffected by the 
data location. Also called random-access memory 
device. 

direct-acting recorder See GRAPHIC RECORDER. 

direct-acting recording instrument See 
GRAPHIC RECORDER. 

direct address The actual address of a computer 
storage location (i.e., the one designated by ma- 
chine code O. Also called absolute address or real 
address. 

direct capacitance The capacitance between two 
points in a circuit, as opposed to the capacitance 
between either point and other objects (including 
ground). 

direct allocation In digital computer operations, 
to specify the necessary memory locations and 
peripherals for a particular program when it is 
written. 

direct coding Computer programming in machine 
language. 

direct control Control of one machine by another, 
for example, the control of a computerized mobile 
robot by a central computer system. 

direct-conversion receiver A heterodyne receiver 
in which the incoming radio-frequency (RF) signal 
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is amplified, then mixed with the RF output of a 
tunable local oscillator, producing an audio- 
frequency (AF) beat note. The AF is amplified; 
audio filtering can be added. Although the direct- 
conversion receiver somewhat resembles the 
superheterodyne type, it has no intermediate- 
frequency (IF) chain, and does not normally 
provide single-signal reception. Also see ZERO- 
BEAT RECEPTION. 

direct-coupled amplifier An amplifier in which 
the output circuit of one stage is wired directly to 
the input circuit of the following stage (i.e., there 
is no intervening capacitor or transformer). Such 
an amplifier can handle alternating-current (ac) 
or direct-current (dc) signals, and has wide fre- 
quency response. 

direct-coupled transistor logic Abbreviation, 
DCTL. In digital computer and switching circuits, 
a logic system using only direct-coupled transis- 
tor stages. 

direct coupling Direct connection of one circuit 
point to another for signal transmission (i.e., 
without intermediate capacitors or transformers). 
Because coupling devices aren’t used, direct cou- 
pling provides transmission of direct current (dc), 
as well as alternating current (ac). 

direct current 1. Abbreviation, dc. A current that 
always flows in the same direction (i.e., the po- 
larity never reverses). The current might be con- 
stant, as from a battery or a regulated power 
supply; it might be pulsating, as from an unfil- 
tered rectifier. 2. Pertaining to current that al- 
ways flows in the same direction. 3. Descriptive 
of a voltage, resistance, or other parameter un- 
der conditions in which there is a usually con- 
stant current that always flows in the same 
direction. 

direct-current amplifier An amplifier for boosting 
direct-current (dc) signals, as opposed to dc volt- 
age signals. 
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direct-current bar See DC BAR. 
direct-current beta See DC BETA. 
direct-current block See DC BLOCK. 
direct-current bus See DC BUS. 
direct-current circuit breaker See DC CIRCUIT 
BREAKER. 
direct-current component See DC COMPONENT. 
direct-current converter See DC CONVERTER. 
direct-current coupling See DC COUPLING. 
direct-current dump See DC DUMP. 
direct-current equipment See DC EQUIPMENT. 
direct-current erase head See DC ERASE HEAD. 
direct-current generator See DC GENERATOR. 
direct-current inverter See DC INVERTER. 
direct-current leakage See DC LEAKAGE. 
direct-current motor See DC MOTOR. 
direct-current noise See DC NOISE. 
direct-current power See DC POWER. 
direct-current relay See DC RELAY. 
direct-current resistance See DC RESISTANCE. 
direct-current shift See DC SHIFT. 
direct-current short See DC SHORT. 
direct-current signaling See DC SIGNALING. 
direct-current source See DC SOURCE. 
direct-current transducer See DC TRANSDUCER. 


direct-current transformer See DC TRANS- 
FORMER. 

direct-current transmission See DC TRANSMIS- 
SION. 


direct digital control Ina digital computer, multi- 
plexing or time sharing among a number of con- 
trolled loops. 

direct display unit A cathode-ray-tube (CRT) pe- 
ripheral that displays data recalled from memory. 

direct-distance dialing A form of telephone ser- 
vice that allows dialing of long-distance numbers 
without involving a human operator. 

direct drive 1. Pertaining to electromechanical ac- 
cessories for electronic equipment. 2. The trans- 
mission of power directly from a source (such as 
a motor) to a driven device without intermediate 
gears, belts, or clutches. 

direct-drive robot A robot that uses the minimum 
possible number of gears and other drive sys- 
tems. 

direct-drive torque motor In a positioning or 
speed-control system, a servoactuator connected 
directly to the driven load. 

direct-drive tuning A tuning or adjusting mecha- 
nism in which the shaft of the variable compo- 
nent (such as a potentiometer or variable 
capacitor) is turned directly by a knob (i.e., with- 
out gearing, dial cable, or similar linkage). 

directed number A number having direction as 
well as magnitude; a vector quantity. 

direct electromotive force A direct-current (dc) 
voltage that does not fluctuate or pulsate. 

direct emf See DIRECT ELECTROMOTIVE FORCE. 

direct ground 1. A ground connection made by the 
shortest practicable route. Compare INDIRECT 
GROUND. 2. An earth ground. 
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direct induced current A transient current in- 
duced in the same direction as the induction cur- 
rent when it is interrupted. 

directing antenna See DIRECTIONAL ANTENNA. 

direct-input circuit A circuit, especially an ampli- 
fier, whose input is wired directly to the input 
electrode of the active device (i.e., without a cou- 
pling capacitor or transformer). 

direct-insert subroutine In digital computer oper- 
ations, a subroutine directly inserted into a larger 
instruction sequence. It must be rewritten at ev- 
ery point it is needed. 

direct instruction A computer program instruc- 
tion that indicates the location of an operand in 
memory. 

directional 1. Depending on direction or orienta- 
tion. 2. Having a concentration in an identifiable 
direction. 3. Pertaining to a transducer in which 
radiation, or sensitivity, is concentrated in cer- 
tain directions at the expense of radiation or sen- 
sitivity in other directions. 

directional antenna An antenna that transmits 
and receives signals more effectively in some di- 
rections than in others. Also called beam, beam 
antenna, and directive antenna. 

directional array 1. A directional antenna having 
a set of elements assembled in such a way that 
their combined action shapes the radiation into a 
unidirectional pattern. 2. A group of antennas 
spaced and phased to produce unidirectional ra- 
diation and reception patterns. 

directional beam 1. An antenna whose radiation 
or reception pattern strongly favors a specific di- 
rection. 2. The radiation or reception pattern of 
such an antenna. 

directional characteristic The precise directional 
properties of an antenna or transducer. 

directional CQ In amateur radio, a transmission 
that invites replies only from stations in a cer- 
tain direction or in a particular city, state, or 
country. 


directional coupler A microwave device that cou- 
ples an external system to waves traveling 
through the coupler in one direction. 

directional diode A high-back-resistance semi- 
conductor diode inserted into a direct-current 
(dc) signal circuit or control circuit. Permits uni- 
directional current flow. 

directional filter In carrier-current transmission, 
a filter that halves the frequency band, one half 
being for transmission in one direction, and the 
other half being for transmission in the opposite 
direction. 

directional gain Symbol, ks. The ratio of the power 
that would be radiated by a loudspeaker if the 
free-space axial sound pressure were constant 
over a sphere, to the actual radiated power. Usu- 
ally expressed in decibels. 

directional homing A scheme for locating the 
source of a radio signal. An effort is made to keep 
the bearing of the target or guiding station con- 
stant. Therefore, the search path is as direct (as 
nearly a straight line) as practicable. 

directional horn See DIRECTIVE HORN. 

directional hydrophone A hydrophone whose re- 
sponse pattern strongly favors one direction. 

directional lobe In the spatial response pattern of 
a device, such as an antenna or loudspeaker, a 
portion showing emphasized response in a given 
direction. 

directional microphone A microphone that 
strongly favors sound emanating from in front of 
it. 

directional pattern See DIRECTIVITY PATTERN. 

directional phase shifter A phase-shifting circuit 
in which the characteristics are different in one 
direction, as compared with the other direction. 

directional power relay A relay that is actuated 
when the monitored power reaches a prescribed 
level in a given direction. 

directional relay See POLARIZED RELAY. 

directional response For any form of transducer, 
a radiation or sensitivity pattern that is concen- 
trated in certain directions. 

directional separation filter See DIRECTIONAL 
FILTER. 

directional transducer A device that senses or 
emits some effect to an extent that depends on 
the direction from which the effect comes. Direc- 
tional effects are often, but not always, accom- 
panied by gain in the favored direction(s). 
Examples: directional microphone, directional 
speaker, and directional antenna. 

directional variation of radio waves Changes in 
the field strength of radio waves, depending on 
the direction. There are various causes, including 
antenna directivity, ground characteristics, iono- 
spheric factors, weather conditions, and the pres- 
ence of obstructing objects. 

directional wattmeter A device that can measure 
radio transmitter output power and can also give 
an indication of how well an antenna is matched 
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to a transmission line. Such meters fall into two 
categories. One type has a single scale, calibrated 
in watts, and sometimes also in milliwatts or kilo- 
watts (switch selectable). The meter reads either 
forward power or reflected power, depending on 
the position of a switch or rotatable internal ele- 
ment. Another type has two needles in a single 
enclosure, with a different calibrated scale for 
each needle. Both of these scales are graduated 
in watts, and sometimes also in milliwatts or kilo- 
watts. One needle/scale indicates forward power 
and the other needle/scale indicates reflected 
power. There is a third scale, calibrated for the 
point where the two needles cross. This scale in- 
dicates the standing-wave ratio (SWR). See also 
CROSSED-POINTER INDICATOR. 

direction angle In radar operations, the angle be- 
tween the center of the antenna baseline and a 
line going to the target. 

direction finder A receiver specially adapted to 
show the direction from which a signal is re- 
ceived, thus revealing the direction of the receiver 
with respect to the transmitting station, and vice 
versa. In its simplest form, it is a receiver with a 
loop antenna that is rotatable over a map or com- 
pass card. For increased accuracy, checks are 
made with signals from two transmitting sta- 
tions; the exact location of the receiver is pin- 
pointed by triangulation. 

direction finding The taking of bearings by means 
of a direction finder. 

direction of lay In a multiconductor cable, the lat- 
eral direction of winding of the topmost conduc- 
tors as they recede from the observer; called 
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left-hand lay or right-hand lay. If the cable is 
viewed from either end, left-hand lay is equivalent 
to conductors that rotate clockwise as they re- 
cede from the viewer; right-hand lay is equivalent 
to conductors that rotate counterclockwise as 
they recede from the viewer. 

direction of polarization The direction of the elec- 
trostatic field in a linearly polarized wave. 

direction of propagation The direction in which 
energy moves from a transmitter, or between 
equivalent points in a sector of space under con- 
sideration. 

direction rectifier In a control system, a rectifier 
whose direct-current (dc) output voltage has a 
magnitude and polarity dependent on the magni- 
tude and phase of an alternating-current (ac) sel- 
syn error voltage. 

direction resolution 1. The smallest difference in 
azimuth that a direction-finding device can de- 
tect. 2. The smallest angular separation between 
two targets that allows a radar set to show two 
separate echoes rather than a single echo. 

directive In a computer source program, a state- 
ment directing the compiler in translating the 
program into machine language without being 
translated itself. Also called control statement. 

directive antenna An antenna designed for best 
propagation or reception in one (often steerable) 
horizontal direction. Also called beam antenna 
and directional antenna. 

directive gain For a directional antenna, a rating 
equal to 12.566(Pr/Pt), where Pr is the radiated 
power per steradian in a given direction and Pt is 
the total radiated power. 

directive horn A microwave antenna having the 
shape of a (usually rectangular) horn. 

directivity 1. In an antenna, a directional re- 
sponse. 2. The degree to which the radiation or 
sensitivity of a transducer is concentrated in cer- 
tain directions. 3. The angle between the half- 
power points of a directive antenna in the 
azimuth plane. 4. In an antenna system, the ra- 
tio, in decibels, between the power in the favored 
direction and the power in the exact opposite di- 
rection; also called front-to-back ratio. 5. The for- 
ward power gain of an antenna, with respect to a 
dipole in free space. 6. The forward power gain of 
an antenna, with respect to an isotropic radiator 
in free space. 

directivity diagram A graph of the radiation/ 
response pattern of a beam antenna or other 
directional device, usually in a horizontal or 
vertical plane. Also see DIRECTIVITY PATTERN. 

directivity factor 1. A measure of the directivity of 
an antenna or transducer. 2. In acoustics, the ra- 
tio, in decibels, between the gain in the maximum 
direction and the gain in the minimum direction, 
for a transducer, such as a speaker or micro- 
phone. 

directivity index 1. For an acoustic-emitting 
transducer, the ratio, in decibels, of E, to Eo, 
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where E, is the average intensity over an entire 
sphere surrounding the transducer, and E, is the 
intensity on the acoustic axis. 2. For an acoustic 
pickup transducer, the ratio, in decibels, of E, to 
E>, where E; is the average response over an en- 
tire sphere surrounding the transducer, and E, is 
the response on the acoustic axis. 

directivity of antenna For a beam antenna, the 
ratio Emax/ Eavg, Where Emax is the maximum field 
intensity at a selected distance from the antenna 
and Eag is the average field intensity at the same 
distance. 

directivity of directional coupler The ratio, in 
decibels, of P, to Pa, where P; is the power at the 
forward wave-sampling terminals (measured with 
a forward wave in the transmission line) and P» is 
the power at the terminals when the wave is re- 
versed in direction. 

directivity pattern The calculated or measured ra- 
diation or response pattern (transmission or re- 
ception) of an antenna, microphone, loudspeaker, 
or similar device, with particular attention to the 
directional features of the pattern. 

directivity signal A spurious output signal result- 
ing from finite directivity in a coupler. 

direct light Light rays traveling directly from a 
source to a receptor or target without reflection. 

directly grounded Connected to earth or to the 
lowest-potential point in a circuit, without any in- 
tervening resistance or reactance. 

directly heated cathode A vacuum-tube filament. 
It is so called because, when heated, it becomes 
the cathode of the tube (i.e., the emitter of elec- 
trons). 

directly heated thermistor A thermistor whose 
temperature changes with the surrounding tem- 
perature, and also as a result of power dissipa- 
tion in the device itself. Compare INDIRECTLY 
HEATED THERMISTOR. 

directly heated thermocouple A meter thermo- 
couple heated directly by signal currents passing 
through it. Compare INDIRECTLY HEATED 
THERMOCOUPLE. 

direct measurement Immediate measurement of 
a quantity, rather than determining the value of 
the quantity through adjustments of a measuring 
device (e.g., measuring capacitance with a capac- 
itance meter, rather than with a bridge). Compare 
INDIRECT MEASUREMENT. 

direct memory access Abbreviation, DMA. The 
transfer of data from a computer memory to some 
other location, without the intervention of the 
central processing unit (CPU). 

direct numerical control In a computer or data 
system, the capability for distributing informa- 
tion among numerically controlled machines 
whenever desired. 

director In a multielement directional antenna, an 
element that is usually mounted in front of the 
radiator element, and that is phased and spaced 
to direct the radiation forward. The director func- 
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tions in conjunction with the reflector element, 
which is usually mounted behind the radiator. 

directory See DICTIONARY. 

direct pickup The broadcasting, especially in tele- 
vision, of events at the same time as they occur 
(e.g., without recording /reproduction). 

direct piezoelectricity The production of a piezo- 
electric voltage by mechanically stressing a suit- 
able crystal. 

direct playback In audio or video recording, the 
reproduction of a recording without additional 
processing (e.g., the playing of an original 
recorded tape, rather than a tape that has been 
mass produced). 

direct-point repeater A relay-operated telegraph 
repeater. The received signals actuate the relay, 
which switches the second line. 

direct-radiator loudspeaker A loudspeaker whose 
cone or diaphragm is directly coupled to the air. 

direct ray An electromagnetic ray (wave) that 
reaches a receiver without reflection or refraction, 
and without encountering obstructions. 

direct recording 1. A record produced by a 
graphic recorder. 2. The technique of producing 
such a record. 

direct-recording instrument A device, such as a 
graphic recorder, that directly produces a perma- 
nent record (such as an inked trace) of the varia- 
tions of a quantity. 

direct resistance coupling A form of coupling in 
which the output of the first amplifying device is 
connected through a resistor directly to the input 
of the second device. The resistance value can 
vary; sometimes the connection is a short circuit. 

directrix A fixed line to which a curve is referred 
(e.g., the axis of a parabola). 
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direct scanning In television, the sequential view- 
ing of parts of a scene by the camera—even 
though the entire scene is continuously illumi- 
nated. 

direct serial file organization A technique of or- 
ganizing files stored in a direct access device, in 
which a record can be chosen by number and 
amended where it is without altering other mem- 
bers of the file. 

direct sound wave A sound wave arriving directly 
from its source—especially a wave within an en- 
closure that is not affected by reflection. 

direct substitution 1. An exact component re- 
placement. 2. Installing an exact component re- 
placement. 

direct synthesizer A device for producing random, 
rapidly changing frequencies for security pur- 
poses. A reference oscillator provides a compari- 
son frequency; the output frequency is a 
rational-number multiple of this reference fre- 
quency. 

direct voltage See DC VOLTAGE. 

direct wave A wave that travels from a transmitter 
to a receiver without being reflected by the iono- 
sphere or the ground. Compare SKYWAVE. 

direct Wiedemann effect Twisting force (torque) 
in a wire carrying current in a longitudinal mag- 
netic field. Occurs because of interaction between 
the longitudinal field and the circular magnetic 
field around the wire. 

direct-wire circuit A communications or control 
line of wires connecting a transmitter (or control 
point) and a receiver (or controlled point) without 
an intermediary, such as a switchboard. 

direct-writing recorder See GRAPHIC RE- 
CORDER. 

direct-writing telegraph 1. See PRINTING TELE- 
GRAPH. 2. See TELAUTOGRAPH. 

dis- A prefix meaning “deprived of.” For the forma- 
tion of electronic terms, the prefix must be distin- 
guished from un-, meaning “not.” For example, a 
discharged body is one that was charged, but has 
been emptied of its charge. An uncharged body is 
one that ordinarily or presently is not charged. 

disable 1. To deliberately render a circuit, device, 
or system inoperative. 2. In digital computer 
operations, to defeat a software or hardware 
function. 

disc See DISK. 

disc engraving 1. Recording sound by cutting a 
groove in a record disc. 2. The groove resulting 
from such a process. 

discharge The emptying or draining of electricity 
from a source, such as a battery or capacitor. The 
term also denotes a sudden, heavy flow of cur- 
rent, as in DISRUPTIVE DISCHARGE. Compare 
CHARGE. 

discharge current 1. Current flowing out of a ca- 
pacitor. 2. Current flowing out of a cell—espe- 
cially a storage cell. Compare CHARGING 
CURRENT. 
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discharge key See DISCHARGE SWITCH. 

discharge lamp A gas-filled tube or globe in which 
light is produced by ionization of the gas between 
electrodes. Familiar examples are the neon bulb 
and fluorescent tube. 

discharge phenomena The effects associated with 
electrical discharges in gases, such as luminous 
glow. 

discharge potential See IONIZATION POTENTIAL. 

discharger 1. A short-circuiting tool for discharg- 
ing capacitors. 2. A spark gap or other device for 
automatically discharging an overcharged capac- 
itor. 

discharge rate 1. The current that can be supplied 
by an electrochemical cell or battery reliably dur- 
ing its discharging cycle. Usually expressed in 
milliamperes or amperes. 2. An expression of the 
speed with which a battery is being discharged at 
a specific point in time. It is usually specified in 
amperes or milliamperes. 

discharge switch A switch for connecting a 
charged capacitor to a resistor or other load, 
through which the capacitor discharges. In some 
circuits, when the switch is in its resting position, 
it connects the capacitor to the charging source. 

discharge voltage See IONIZATION POTENTIAL. 

discharging 1. The conversion of chemical energy 
to electrical energy by an electrochemical cell or 
battery. 2. The release of stored electrical energy 
from a capacitor, or from a network containing 
capacitors. 

discharging tongs See DISCHARGER, 1. 

discone antenna An antenna consisting of a hori- 
zontal metal or wire-mesh disk above a metal or 
wire-mesh cone. The antenna has an omnidirec- 
tional radiation pattern in the horizontal plane, 
and provides a good match to a coaxial transmis- 
sion line over a frequency range of several oc- 
taves. Commonly used at very-high frequencies 
(VHF) and ultra-high frequencies (UHF). 

disconnect 1. To separate leads or connections, 
thereby interrupting a circuit. 2. A type of con- 
nector whose halves can be pulled apart to open 
a cable or other circuit quickly. 3. To open a 
switch or relay. 

disconnector See DISCONNECT, 2 and DISCON- 
NECT SWITCH. 

disconnect signal A signal sent over a telephone 
line, ending the connection. 

disconnect switch A switch whose main function 
is to open a circuit quickly (either manually or 
automatically) in the event of an overload. 

discontinuity 1. A break in a conductor. 2. A 
point at which the impedance in a transmission 
line abruptly changes. 

discontinuous wave trains See DAMPED WAVES. 

discrete 1. Complete and self-contained, as op- 
posed to a part of something else. 2. Composed of 
individual, separate members. 

discrete capacitor Capacitance that is entirely 
self-contained, rather than being electrically dis- 
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tributed. Also called LUMPED CAPACITOR. Com- 
pare DISTRIBUTED CAPACITANCE. 

discrete circuit A circuit comprised of discrete 
components, such as resistors, capacitors, 
diodes, and transistors, not fabricated into an in- 
tegrated circuit. 

discrete component A self-contained device that 
offers one particular electrical property in lumped 
form (i.e., concentrated at one place in a circuit, 
rather than being distributed). A discrete compo- 
nent is built especially to have a specific electrical 
property, and exists independently, not in combi- 
nation with other components. Examples: disk 
capacitor, toroidal inductor, and carbon-compo- 
sition resistor. Compare DISTRIBUTED COMPO- 
NENT. 

discrete device Any component or device that op- 
erates as a self-contained unit. 

discrete element A discrete device that forms part 
of a larger system. 

discrete inductor An inductive component that is 
entirely self-contained, rather than being electri- 
cally spread out. Also called lumped inductor. 
Compare DISTRIBUTED INDUCTANCE. 

discrete information source A source of data con- 
taining a finite number of individual elements, 
rather than a continuously variable parameter. 

discrete part See DISCRETE COMPONENT. 

discrete resistor A resistive component that is en- 
tirely self-contained, rather than being electri- 
cally spread out. Also called lumped resistor. 
Compare DISTRIBUTED RESISTANCE. 

discrete sampling Sampling of individual bits or 
characters, one or more at a time. 

discrete thin-film component A discrete compo- 
nent produced by the thin-film process (e.g., thin- 
film capacitor, thin-film potentiometer, etc.). 

discretionary wiring A method of interconnecting 
the components and circuits on a semiconductor 
wafer for optimum performance. This requires a 
separate analysis and wiring pattern for every 
chip. 

discrimination 1. Sharp distinction between elec- 
trical quantities of different value. 2. The detection 
of a frequency-modulated (FM) signal (i.e., the de- 
livery of an audio signal corresponding to the fre- 
quency or phase variations in the FM carrier). 

discriminator A second detector for frequency- 
modulated (FM) signals, in which two diodes are 
operated from the center-tapped secondary of a 
special intermediate-frequency (IF) transformer. 
The circuit is balanced for zero output when the 
instantaneous received signal frequency is at the 
unmodulated carrier frequency; the circuit deliv- 
ers output when the instantaneous received 
signal frequency swings above or below the 
unmodulated carrier frequency. Also see FOS- 
TER-SEELEY DISCRIMINATOR and TRAVIS DIS- 
CRIMINATOR. 

discriminator transformer The special 
transformer in a DISCRIMINATOR. 
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discriminator tuner A device that tunes a dis- 
criminator to a selected subcarrier. 

discriminator tuning device See DISCRIMINA- 
TOR TUNER. 

dish See DISH ANTENNA. 

dish antenna A transmitting and/or receiving an- 
tenna consisting of a driven element and a large 
reflector. The reflector has the shape of a shallow, 
circular section of a paraboloid or sphere. The 
feed point is at the focus of the reflector. This an- 
tenna, noted for its high directivity and gain, is 
used mainly at ultra-high and microwave fre- 
quencies for communications and satellite televi- 
sion. Large antennas of this type are used in 
some radio telescopes. 

dish-type construction A type of panel-and-chas- 
sis construction in which the chassis is fastened 
vertically to the back of the panel. 

disintegration 1. The destructive breakdown of a 
material. 2. The stripping of a vacuum-tube cath- 
ode of its emissive coating (see DISINTEGRATION 
VOLTAGE). 3. The decay of a radioactive mate- 
rial. 

disintegration voltage The anode voltage at which 
the cathode of a gas tube begins to be stripped of 
its electron-emitting material. For safety and rea- 
sonable tube life, the anode working voltage must 
be between the ionization and disintegration val- 
ues. 

disintegrator An ultrasonic device for reducing 
crystals or particles to fine suspensions. 

disjunction The logical inclusive-OR operation. 

disk 1. A flat, circular plate (e.g., rectifier disk). 2. 
see DISKETTE. 3. See HARD DISK. 4. See COM- 
PACT DISC. 5. See CD-ROM. 6. A phonograph 
record or the equivalent unrecorded blank. 

disk capacitor A fixed (usually two-plate) capaci- 
tor consisting of a disk of dielectric material on 
whose faces are deposited metal-film plates. 


disk capacitor 
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disk coil See DISK WINDING. 

disk dynamo A rudimentary direct-current (dc) 
generator, in which a copper disk rotates between 
the poles of a permanent magnet. The outer edge 
of the disk becomes positively charged; the center 
of the disk becomes negatively charged. 

diskette A magnetic recording disk used for micro- 
computer data storage. Housed in a square, flat 
case. In personal computing, there are two sizes: 
5.25 inches square and 3.5 inches square. The 
5.25-inch version is flexible and is sometimes 
called a floppy disk. 

disk files An information-storage system in which 
data are recorded on rotating magnetic disks. 

disk generator 1. See DISK DYNAMO. 2. A disk- 
type electrostatic generator. 

disk memory A common misnomer for DISK 
STORAGE. 

Disk Operating System Abbreviation, DOS. Any of 
several command-driven operating systems com- 
monly used in IBM-compatible personal comput- 
ers. 

disk pack In disk files, a set of disks that can be 
handled as a single unit. 

disk recorder A device for recording (and usually 
also playing back) sound or other signals on 
record disks. 

disk recording 1. Recording sound or other sig- 
nals on disks. 2. A disk resulting from such a 
recording. See DISK. 

disk rectifier A semiconductor rectifier (such as 
copper-oxide, selenium, magnesium-copper- 
sulfide, or germanium type) in which the active 
material is deposited on a metal disk. 

disk resistor A resistor consisting of a resistive 
material deposited on a metal disk; or a disk of 
resistive material. In the latter, electrodes are 
plated on the faces of the disk, one or more of 
which are held between clips or screws for con- 
nections. 

disk storage In digital computer systems, an on- 
line or offline data storage scheme, in which in- 
formation is recorded on the magnetic coating of 
a rotating disk or set of disks. See DISKETTE, 
and HARD DISK. 

disk system A sound-motion-picture system using 
audio disks synchronized with the film. 

disk thermistor A thermistor having the general 
shape of a disk. 

disk-type storage See DISK STORAGE. 

disk varistor A varistor having the general shape 
of a disk. 

disk winding An armature or coil winding that is 
flat, rather than cylindrical. Also called disk coil, 
pancake coil, and spiral coil. 

dislocation A crystal region in which the arrange- 
ment of atoms does not have the perfect lattice 
structure of the crystal. 

dispersion 1. The property of a material that 
causes energy at different wavelengths to pass 
through it at different speeds. 2. The separation 
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of a wave into its various component frequencies 
(as when white light is broken up into the color 
spectrum by a prism). 3. The scattering of a mi- 
crowave beam when it strikes an obstruction. 4. 
The scattering of sound or ultrasound as it em- 
anates from an acoustic transducer. 5. A suspen- 
sion of finely divided particles within another 
substance. 

dispersive medium A medium that disperses a 
wave passing through it. 

displacement 1. A change in the position of a 
point, particle, figure, or body. 2. The vector rep- 
resenting a change in the position of a point, par- 
ticle, figure, or body. 3. Movement of a member 
through a specified distance. 

displacement current 1. An alternating current 
proportional to the rate of change of an electric 
field, and existing in addition to usual conduction 
current. 2. The current flowing into a capacitor 
immediately after application of a voltage. This 
current continues to flow, although continually 
diminishing in value, until the capacitor becomes 
fully charged. 

displacement of porches In a television signal, 
the amplitude difference between the front porch 
and back porch of a horizontal sync pulse. 

displacement of vectors Vector rotation through 
a specified number of angular degrees or radians. 

displacement transducer A transducer in which 
movement (displacement) of a rod, armature, 
core, reed, or other object converts mechanical 
energy into proportionate electrical energy. 

display 1. Visually observable presentation of in- 
formation, such as data entered into a computer, 
an answer to a problem solved by a computer, the 
value of a measured quantity, or a graph of a 
function. 2. The screen in a computer system or 
terminal that visually portrays text and graphical 
data. In laptop, notebook, and portable comput- 
ers, this is usually a liquid-crystal display (LCD); 
in desktop computers and terminals, it is usually 
a cathode-ray tube (CRT). 3. To portray informa- 
tion in a visual manner (e.g., as text, numerals, 
symbols, or graphic images). 

display blanking See DISPLAY INHIBIT. 

display console In a computer system, a periph- 
eral that is used to access and display data being 
processed or stored; often, it is a unit with a 
cathode-ray tube (CRT), keyboard, and light pen. 

display control An interface device between a cen- 
tral processor and several visual display units 
(terminals). 

display dimming See DISPLAY INHIBIT. 

display inhibit In a digital meter, the blanking or 
dimming of the display when the instrument is 
not being used. It is used to conserve battery en- 
ergy. 

display loss The ratio P,/P,, where P; is the mini- 
mum input-signal power that can be detected by 
an ideal output device at the output of a receiver, 
and Ps is the minimum input-signal power value 
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seen by an operator using an output device with 
the same receiver. Also called visibility factor. 

display mode 1. A particular method of presenting 
a display. For example, a character display on a 
video unit might consist of bright characters on a 
dark background, or dark characters on a light 
background. 2. An operating mode for a particu- 
lar device, in which a display is used. 

display module A self-contained unit with cir- 
cuitry and readouts for indicating a numerical 
count. 

display primaries Also called primary colors. In a 
color television receiver, the colors red, green, 
and blue. When mixed correctly, these three col- 
ors can produce any visible hue. 

display-storage tube A special cathode-ray tube in 
which patterns and other information can be 
stored for later viewing. The tube has two electron 
guns: a writing gun and a reading (viewing) gun. 

display unit A device that presents information for 
visual reading. Included are analog and digital 
meters, cathode-ray tubes, data printers, graphic 
recorders, etc. Also see DISPLAY CONSOLE. 

display visibility The ease with which a display 
can be read by an operator. 

display window 1. In a panoramic display, the 
width of the presented frequency band in hertz. 
2. The panel opening through which the indica- 
tion of a display unit appears. 

displayed part That portion of a number displayed 
in the readout of a calculator or computer. There 
might be digits that are not displayed, but which 
the machine might take into consideration 
when making calculations. For example, in a 
10-digit calculator display, the number 
245.789378214895 would be displayed as 
245.7893782. Depending on the calculator de- 
sign, the machine might truncate (disregard) the 
undisplayed digits (14895), or take the undis- 
played digits into account when making calcula- 
tions. 

disposable component A circuit component or 
machine part that is so inexpensive that it is 
more cost-effective to discard it than to repair it 
when it fails. 

disruptive discharge Sudden, heavy current flow 
through a dielectric material when it fails com- 
pletely under electric stress. 

dissector A transducer that samples an illumi- 
nated image point by point. 

dissector tube A camera tube using a flat photo- 
cathode, upon which the image is focused by the 
lens system. Electromagnetic deflection from 
external coils provides scanning. Electrons pass 
sequentially from the image cathode to a scan- 
ning tube at the opposite end of the camera tube. 
Also called Farnsworth dissector tube and or- 
thiconoscope. 

dissipation 1. The consumption of power, often 
without contributing to a useful end, and usually 
accompanied by the generation of heat. 2. In an 
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amplifier, the difference between the collector, 
drain, or plate input power and the usable output 
power. 

dissipation constant For a thermistor, the ratio of 
the change in power dissipation to a correspond- 
ing change in body temperature. 

dissipation factor 1. For a dielectric material, the 
tangent of the dielectric loss angle. Also called 
loss tangent. 2. Symbol, D. For an impedance 
(such as a capacitor), the ratio of resistance to re- 
actance; D = R/X. It is the reciprocal of the figure 
of merit (Q). 

dissipation line A resistive section of transmission 
line, used for dissipating power at a certain 
impedance. Two parallel lengths of resistance 
wire are terminated by a large, noninductive re- 
sistor that has a value equal to the characteristic 
impedance of the line. 

dissipator 1. A device used primarily to consume 
power (i.e., a power sink). 2. A device for remov- 
ing heat generated by a device's operation (e.g., a 
heatsink attached to a power transistor). 

dissociation The condition that characterizes elec- 
trolytes (certain acids, bases, or salts in water so- 
lution) in which the molecules of the material 
break up into positive and negative ions. 

dissonance The unpleasant effect (especially in 
music) produced by nonharmonious combina- 
tions of sounds. 

dissymmetrical network A network having un- 
equal input and output image impedances. 

dissymmetrical transducer A transducer having 
unequal input and output image impedances. 

distance-double law A theoretical rule for deter- 
mining the rate at which sound intensity de- 
creases as distance increases. Under ideal 
conditions, when the distance from a sound 
source is doubled, the sound pressure is re- 
duced to one-fourth of its original level, a reduc- 
tion of 6 decibels. This is analogous to the 
inverse-square law for visible light and other ra- 
diant energy. 
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distance mark On a radar screen, a mark indicat- 
ing the distance from the radar set to the target. 

distance measurement Also called ranging. A 
method or system that allows a robot to navigate 
in its environment. It also allows a central com- 
puter to track the locations of robots under its 
control. Can use radar, sonar, visible light, or in- 
frared. 

distance-measuring equipment In radionaviga- 
tion, a system that measures the distance of the 
interrogator to a transponder beacon in terms of 
the transmission time to and from the beacon. 

distance protection The use of a protective device 
within a specified electrical distance along a cir- 
cuit. 

distance relay In circuit protection, a relay that 
operates to remove power when a fault occurs 
within a predetermined distance along the cir- 
cuit. 

distance resolution 1. Qualitatively, the ability of 
a ranging system to differentiate between two ob- 
jects or beacons that are almost, but not quite, 
the same distance away. See RANGING. 2. 
Quantitatively, the minimum radial separation of 
objects or beacons necessary for a ranging 
system to tell them apart. 3. For two targets 
having the same azimuth bearing, the minimum 
difference in range for which a radar display 
renders them as distinct blips. 

distant control See REMOTE CONTROL. 

distorted-drive multiplier A frequency multiplier 
whose excitation signal is a peaked wave that has 
been predistorted to decrease the angle of flow in 
the device, thus increasing its efficiency. 

distorted nonsinusoidal wave A nonsinusoidal 
wave whose ideal shape (Square, rectangular, 
sawtooth, etc.) has been altered. 

distorted sine wave A wave that is approximately 
of sinusoidal shape (i.e., it is not an exact plot ofa 
sine wave because of the presence of harmonics). 

distortion 1. Deformation of a signal waveform. 2. 
The additional deformation of a signal exhibiting 
a less-than-ideal waveshape when it passes 
through a circuit. Some distortion originates 
within the signal generator itself; other forms re- 
sult from circuits and devices transmitting the 
signal. 3. Any degradation in the quality of a 
high-fidelity audio signal. 4. See TOTAL HAR- 
MONIC DISTORTION. 

distortionless 1. Having no distortion. 2. Having a 
propagation velocity that does not depend on fre- 
quency. 

distortion meter An instrument for measuring 
harmonic distortion. It consists of a highly selec- 
tive band-rejection filter (notch filter) that re- 
moves the fundamental frequency of the signal 
under test, and a sensitive voltmeter that can be 
switched between the filter input and the filter 
output. The distortion percentage is determined 
from the ratio between filter-output and filter- 
input voltages. 
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distortion tolerance The maximum amount of 
distortion that can be present in a signal without 
making it useless. This varies over wide limits. 
The maximum harmonic distortion that might be 
acceptable in a high-fidelity sound system could 
be less than 0.1% total, whereas in some applica- 
tions of ac power, 10% would be acceptable. 

distress frequency A radio frequency on which an 
emergency signal is transmitted. Ships at sea and 
aircraft over the sea use 500 kHz (by interna- 
tional agreement). In Citizen Band communica- 
tions, channel 9 has been set aside for emergency 
use. 

distress signal A signal indicating that trouble ex- 
ists at the transmitting station and imploring aid 
from the recipient. The international radiotele- 
graph distress signal is the three-letter combina- 
tion SOS; the international radiotelephone 
distress signal is the word mayday, the phonetic 
equivalent of the French m'aidez (help me). 

distributed Existing over a measurable interval, 
area, or volume; not concentrated in a single 
place or places. 

distributed amplifier A wideband, untuned am- 
plifier whose active devices are spaced (dis- 
tributed) along parallel, artificial delay lines 
consisting of coils that act in combination with 
the input and output capacitances of the active 
devices. Adding active devices to the lineup in- 
creases the gain. Commonly used as preampli- 
fiers for television receivers. 

distributed capacitance Symbol, Cy. Capacitance 
that is dispersed throughout a component or sys- 
tem, rather than being lumped in one place. An 
example is the distributed capacitance of a coil. 

distributed component An electrical property that 
is spread throughout a circuit or device, rather 
than being concentrated at one point, as in a dis- 
crete component. For example, DISTRIBUTED 
CAPACITANCE and DISTRUBUTED INDUC- 
TANCE are spread along the length of a transmis- 
sion line. Another example is the DISTRIBUTED 
RESISTANCE of a wire coil. Distributed compo- 
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nents are often unintended, but they can be use- 
ful. Compare DISCRETE COMPONENT and 
LUMPED COMPONENT. 

distributed constant See DISTRIBUTED COMPO- 
NENT. 

distributed-constant delay line A delay line 
whose capacitance and inductance are dis- 
tributed throughout the line. Compare LUMPED- 
CONSTANT DELAY LINE. 

distributed inductance Symbol, Ly. Inductance 
that is dispersed throughout a system or compo- 
nent, rather than being lumped in one place, 
such as in a coil (e.g., the inductance of an an- 
tenna or capacitor). 

distributed network 1. A network in which electri- 
cal properties (such as resistance, inductance, 
and capacitance) are distributed over a measur- 
able interval, area, or volume. 2. A network 
whose characteristics do not depend on fre- 
quency within a given range. 

distributed-parameter network A network com- 
posed of distributed components, rather than 
lumped components. 

distributed pole In a motor or generator, a pole 
having a DISTRIBUTED WINDING. 

distributed resistance Symbol, Ry. Resistance 
that is dispersed throughout a component or cir- 
cuit, rather than being lumped in one place, such 
as in a resistor. An example is the high-frequency 
resistance of an antenna system. 

distributed-shell transformer A transformer hav- 
ing two complete closed cores that are perpendic- 
ular to each other. 

distributed winding In a motor or generator, a 
winding that is placed in several slots (rather 
than in one slot) under a pole piece. 

distributing amplifier An amplifier having a single 
input and two or more outputs that are isolated 
from each other; it distributes signals to various 
points. 

distributing cable 1. In cable television, the cable 
connecting the receiver to the transmission cable. 
2. In power service, the cable running between a 
feeder and a consumer’s house. 

distribution 1. The selective delivery of a quantity 
(e.g., power distribution). 2. In statistical analy- 
sis, the number of times particular values of a 
variable appear. Also called frequency distribu- 
tion. 

distribution amplifier A low-output-impedance 
power amplifier that distributes a radio, televi- 
sion, or audio signal to a number of receivers or 
speakers. 

distribution cable See DISTRIBUTING CABLE. 

distribution center 1. The central point from 
which a signal is routed to various points of use. 
2. In electric power operations, the point at which 
generation, conversion, and control equipment is 
operated to route power to points of use. 

distribution factor Fora polyphase alternator, the 
factor by which the total voltage V; can be deter- 
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mined in terms of the coil voltage Vc and the 
number of coils n: Vr = nVc. Distribution factor 
Ka (sin(sd/2))/(s x sin(d/2)), where s is the 
number of slots per phase per pole, and d is the 
angle between adjacent slots. 

distribution function In statistical analysis, the 
function F(x) expressing the probability that F 
takes on a value equal to or less than x. 

distribution switchboard 1. A switchboard 
through which signals can be routed to or among 
various points. 2. A switchboard for routing elec- 
tric power to points of use. 

distribution transformer A step-down trans- 
former used to supply low-voltage alternating- 
current (ac) utility power to one or more 
consumers from a high-voltage line. 

distributor 1. See COMMUTATOR. 2. A switching 
device consisting of a rotating blade and a num- 
ber of contacts arranged in a circle. Accomplishes 
sequential switching of a voltage to a number of 
points in a circuit. A common example is the dis- 
tributor in the ignition system of an automotive 
engine. 

disturbance An undesired variation in, or interfer- 
ence with, an electrical or physical quantity. 

disturbed-one output In digital computers, the 
one output of a magnetic cell that has received 
only a partial write pulse train because it was last 
written into. Compare UNDISTURBED-ONE 
OUTPUT. 

disturbed-zero output In digital computers, the 
zero output of a magnetic cell that has received 
only a partial write pulse train since it was last 
read from. Compare UNDISTURBED-ZERO OUT- 
PUT. 

dither 1. Vibrate; quiver. 2. The condition of vibra- 
tion or quivering (e.g., the dither of a meter 
pointer). 3. To blend pixels in a digitized image to 
obtain various shades and colors. 

divergence 1. The tendency of a collimated beam 
of energy to spread out. 2. The extent to which a 
collimated beam of energy spreads out, generally 
measured in seconds of arc, minutes of arc, an- 
gular degrees, or angular radians. 

divergence loss Loss of transmitted sound energy, 
resulting from spreading. 

diverging lens A lens having a virtual focus for 
parallel rays; generally a concave lens. 

diversity 1. The property of consisting of two or 
more independent components or media. 2. See 
DIVERSITY RECEPTION. 3. See DIVERSITY 
TRANSMISSION. 

diversity factor 1. A measure of the degree to 
which a system exhibits unity among its con- 
stituents. 2. The sum of the requirements of each 
constituent of a system, divided by the total re- 
quirement of the system. 

diversity gain 1. Signal gain achieved by using 
two or more receiving antennas. 2. Signal gain 
achieved by using two or more transmitting an- 
tennas. 
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diversity reception Also called dual-diversity re- 
ception. A method of minimizing the effects of fad- 
ing in ionospheric communication at high 
frequencies (HF). Accomplished using two re- 
ceivers whose antennas are 5 to 10 wavelengths 
apart. Each receiver, tuned to the same signal, 
feeds a common audio amplifier. The timing of 
the fading is different at the two antennas be- 
cause of phasing effects. The composite signal, 
therefore, fades less than either of the component 
signals. Some diversity systems use three or more 
antennas and receivers to reduce the effects of 
fading even further; this is sometimes called 
multiple-diversity reception. 
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diversity transmission Also called dual-diversity 
transmission or multiple-diversity transmission. A 
scheme similar to DIVERSITY RECEPTION, ex- 
cept applied at the transmitting end of a commu- 
nication circuit. The signals from two or more 
transmitters, at identical frequencies, are fed to 
antennas spaced several wavelengths apart. 

diverter-pole generator A well-regulated direct- 
current (dc) generator, whose shunt winding is on 
the main field pole, the series winding being on a 
diverter pole whose flux opposes that of the main 
pole. 

divide-by-seven circuit A three-stage binary cir- 
cuit having feedback from stage three to stage 
one. Stage three is switched on by the fourth in- 
put pulse; at that time, the feedback pulse 
switches on stage one, simulating one input 
pulse and reducing the usual counting capacity 
from eight to seven. 

divide-by-two circuit A circuit that delivers one 
output pulse for each two successive input pulses 


(i.e., a flip-flop). 
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divided-carrier modulation Modulation obtained 
by adding two identical frequency carriers that 
are 90 degrees out of phase. 

divided circuit A parallel circuit. 

divided equipment A system of modular elec- 
tronic components interconnected with cables. A 
simple example is a radio receiver having an ex- 
ternal power supply and external loudspeaker. 

divider 1. See VOLTAGE DIVIDER. 2. See FRE- 
QUENCY DIVIDER. 3. See PULSE-COUNT DI- 
VIDER. 4. A computing circuit or device for 
performing mathematical division. 

divider probe A test probe that divides an applied 
signal voltage by some factor (such as 2, 5, or 10) 
to place it within the range of the instrument with 
which the probe is used. 

dividing network See CROSSOVER NETWORK. 

division 1. Separating a quantity into a number of 
equal parts, as indicated by the divisor. 2. Volt- 
age division (see VOLTAGE DIVIDER). 3. Fre- 
quency division (see FREQUENCY DIVIDER). 4. 
Pulse-count division (see PULSE-COUNT DI- 
VIDER). 

division of vectors 1. The quotient of two rectan- 
gular vectors determined by the principle of ratio- 
nalization in algebra (i.e., by multiplying the 
numerator and denominator of the indicated divi- 
sion by the conjugate of the denominator, simpli- 
fying, and performing the division). 2. To find the 
quotient of two polar vectors: the quotient of their 
moduli and the difference of their arguments. 

dj Abbreviation of diffused junction. 

DKT Abbreviation of dipotassium tartrate. 

D layer A layer of the ionosphere that is below the 
E layer; its altitude is approximately 60 kilome- 
ters. 

dm Abbreviation of decimeter. 

DMA Abbreviation of DIRECT MEMORY ACCESS 
and direct memory addressing. 

DME Abbreviation of DISTANCE-MEASURING 
EQUIPMENT. 

DMM Abbreviation of DIGITAL MULTIMETER. 

DMOS Abbreviation for double-diffused metal-oxide 
semiconductor, a type of field-effect transistor 
that exhibits extremely low capacitance and low 
source-drain resistance when conducting. 

DNL See DIFFERENTIAL NONLINEARITY. 
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DNS Abbreviation of Doppler navigation system. 

doctor To use unconventional (sometimes sub- 
standard) methods in fixing a circuit or device or 
in correcting a bad design. 

document 1. In digital computer operations, espe- 
cially in file maintenance, a form that provides in- 
formation pertinent to a transaction. Also see 
TRANSACTION. 2. To perform documentation (see 
DOCUMENTATION, 2). 3. A computer text file. 

documentation 1. Paperwork explaining the scope 
of programs and how they can be optimized. 2. An- 
notating a computer program at critical points dur- 
ing its writing (e.g., so that the purpose of various 
segments are understood). A measure of good pro- 
gramming, documentation becomes especially 
valuable for program modification or debugging. 

document reader An electronic device that reads 
printed cards, usually for data entry into a com- 
puter. 

dog 1. A malfunctioning circuit or device. 2. The 
cause of a circuit or device malfunction. 

doghouse An enclosure for antenna loading induc- 
tors and other resonating components, placed at 
the base of a vertical broadcasting tower. 

dog whistle See ULTRASONIC WHISTLE. 

Doherty amplifier A highly efficient linear radio- 
frequency (RF) amplifier in which a carrier tube and 
a peak tube operate jointly, both receiving ampli- 
tude-modulated RF excitation. During unmodu- 
lated intervals, the carrier tube supplies carrier 
power to the load, while the peak tube, biased to 
cutoff, idles. On positive modulation peaks, the 
peak tube supplies output power that combines 
with that of the carrier tube, the increase in power 
corresponding to the condition of full modulation of 
the carrier. On negative modulation peaks, the 
peak tube does not supply power, and the output 
of the carrier tube is reduced to zero. 

Dolby An electronic method of improving the audio 
reproduction quality of magnetic-tape systems. 
The gain is increased for low-level sounds during 
the recording process. During playback, the gain 
of the low-level sounds is reduced back to its orig- 
inal level. 

Dolby A A Dolby system with four frequency 
ranges, operated independently. It is used mostly 
by recording professionals. 

Dolby B A modified form of Dolby A, with only one 
band of noise-reducing circuitry. It is used pri- 
marily by hobbyists. 

Dolezalek electrometer See QUADRANT ELEC- 
TROMETER. 

dolly 1. A low, wheeled frame or platform for trans- 
porting electronic equipment. 2. A tool with 
which one end of a rivet is held while the head is 
hammered out of the other end. 

DOM Abbreviation of DIGITAL OHMMETER. 

domain 1. A region of unidirectional magnetization 
in a magnetic material. 2. A region of unidirec- 
tional polarization in a ferroelectric material. 3. A 
region in which a variable is confined. 
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domestic electronics Also called consumer elec- 
tronics. The branch of electronics concerned with 
appliances, automatic controls, protective de- 
vices, entertainment systems, communications 
devices, and other equipment for the home. 

domestic induction heater A household cooking 
utensil heated by currents induced in it. A pri- 
mary coil (connected to the power line) is imbed- 
ded in the utensil, which acts as a short-circuited 
secondary coil. 

dome tweeter A speaker designed for high- 
frequency (treble), high-fidelity audio, and often 
functional at frequencies considerably above the 
limit of the human hearing. Characterized by a 
convex diaphragm. Usually part of an assembly 
including a woofer and midrange speaker. 

dominant In statistical analysis, the nature of any 
quantity that imposes its effects even in the pres- 
ence of other quantities. 

dominant mode In a waveguide, the propagation 
mode exhibiting the lowest cutoff frequency. 

dominant wave In a waveguide, the wave having 
the lowest cutoff frequency. 

dominant wavelength For visible light of a given 
hue, the wavelength at which the emitted energy 
is the greatest. 

donor An electron-rich impurity added to a semi- 
conductor to make it into an n-type material. So 
called because it donates its excess electrons. 
Compare ACCEPTOR. 

donor atom An atom having an excess electron. 
When a substance having such atoms is added to 
an intrinsic semiconductor, the extra electron is 
donated, making the semiconductor into an n- 
type material. 

donor impurity A substance whose atoms have 
excess electrons, and that donates electrons to 
the atomic structure of the semiconductor crystal 
to which it is added. Donor elements make semi- 
conductors into n-type materials. Also see 
DONOR ATOM. Compare ACCEPTOR IMPURITY. 

do-nothing instruction A computer program in- 
struction that causes no action to be taken. Can be 
used to provide space for future program updating, 
or to fill out a block of instructions, as needed by a 
compiler. Also called dummy instruction. 

don’t-care state In a logic function or gate, an in- 
put digit whose state (high or low) does not affect 
the output. 

donut capacitor A flat, ring-shaped capacitor. 

donut coil See TOROIDAL COIL. 

donut crystal A relatively large, zero-temperature- 
coefficient piezoelectric quartz crystal cut in the 
form of a torus with the y-axis passing through 
the center of rotation. 

donut magnet See RING MAGNET. 

donut pattern The _ three-dimensional radio- 
frequency (RF) radiation/response pattern of a 
free-space straight antenna element measuring 
Y wavelength, neglecting the effects of ground 
and nearby objects. 
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doohickey A usually unnamed device—especially 
one used to achieve some significant modification 
of circuit performance. 

doorknob capacitor A high-voltage fixed capaci- 
tor, so called from its round package, which 
somewhat resembles a doorknob. 

doorknob tube A special UHF vacuum tube, so 
called from its characteristic shape. The unique 
design provides short electron-transit time and 
low interelectrode capacitance. Largely replaced 
in recent years by semiconductor devices. 

dopant An impurity added in controlled amounts 
to a semiconductor to make it an n-type or p-type 
material. Also see ACCEPTOR and DONOR. 

dope To add impurities to a semiconductor mate- 
rial. Doping allows the manufacture of n-type or 
p-type semiconductors with varying degrees of 
conductivity. In general, the greater the extent of 
doping, the higher the conductivity. 

doped junction In a semiconductor device, a junc- 
tion produced by adding a dopant to the semi- 
conductor melt. 

doping Adding a dopant to a semiconductor to al- 
ter the way it conducts current. 

doping agent See DOPANT. 

doping compensation Opposite doping (i.e., add- 
ing a donor impurity to p-type semiconductor 
material or adding an acceptor impurity to n-type 
semiconductor material). 

doping gas A gas diffused into a semiconductor 
material to dope it. For example, phosphorus 
pentoxide gas can be used to create an n-type re- 
gion in a p-type silicon chip. 

doping level The relative concentration of impurity 
added to a semiconductor material to obtain a 
certain resistivity and polarity. The greater the 
doping level, the lower the resistivity. 

Doppler broadening In a spectrum, the spreading 
out or blurring of a spectral line caused by 
DOPPLER EFFECT, in turn resulting from motion 
of molecules, atoms, or other particles in the 
medium. 

Doppler cabinet A loudspeaker enclosure with 
which a vibrato effect is achieved by rotating or 
reciprocating either the loudspeaker or a baffle 
board; the length of the sound path is altered 
cyclically. 

Doppler effect A change in the frequency of a wave 
that occurs when the source and observer are in 
relative motion. The frequency of the wave in- 
creases (the wavelength shortens) as the source 
and observer approach each other; the frequency 
decreases (the wavelength becomes greater) as 
the source and observer recede from each other. 
This effect is often observed with sound waves, as 
when the pitch of an automobile horn seems to 
rise as the car approaches and to fall as the car 
passes. The effect is also observable in electro- 
magnetic radiation at all wavelengths. It affects 
satellite communication and space communica- 
tion. 
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Doppler enclosure See DOPPLER CABINET. 

Doppler radar A radar that uses the change in car- 
rier frequency of the signal returned by a moving 
target (approaching or receding) to measure its 
velocity. Used by law enforcement officers to de- 
termine the speed of moving vehicles. Also used 
by meteorologists to evaluate air circulation pat- 
terns in thunderstorms, and to determine wind 
speeds in hurricanes and tornadoes. 

Doppler ranging See DORAN. 

Doppler shift The extent to which the frequency or 
wavelength of a signal changes because of 
DOPPLER EFFECT. Can be measured in Hertz 
(for frequency) or in meters (for wavelength). In 
astronomy, the shift is also measured as dis- 
placement of absorption or emission lines in an 
infrared, visible, or ultraviolet spectrum. 

Doppler's principle See DOPPLER EFFECT. 

doran A continuous-wave  trajectory-measuring 
system utilizing Doppler shift (see DOPPLER EF- 
FECT). The name is a contraction of doppler rang- 
ing. 

dorsal column stimulator Abbreviation, DCS. A 
machine that generates radio-frequency energy 
that is applied to human tissues for the tempo- 
rary relief of pain. 

dosage meter See DOSIMETER. 

dose The total quantity of radiation received upon 
exposure to nuclear radiation or X-rays. 

dosimeter An instrument for measuring the 
amount of exposure to nuclear radiation or 
X-rays. 

dot 1. The shorter of the two characters (dot and 
dash) of the telegraph code. The dot, a short 
sound, mark, or perforation, is one-third the 
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length (duration) of a dash. Compare DASH. 2. 
One of the small spots of red, green, or blue phos- 
phor on the screen of a color-television picture 
tube or cathode-ray-tube (CRT) computer dis- 
play. 3. A small spot of material alloyed with a 
semiconductor to form an alloy junction. 4. The 
junction of two lines on a schematic diagram, 
representing a wired connection; also called 
solder dot. 

dot AND Externally connected circuits or functions 
whose combined outputs result in an AND func- 
tion. Compare DOT OR. 

dot-and-dash telegraphy Telegraphy (wire or ra- 
dio) by means of dot and dash characters. 

dot cycle One period of an alternation between two 
signaling conditions, each of which is of unit du- 
ration (e.g., a unit mark followed by a unit space). 

dot encapsulation A method of packaging cylin- 
drical components by pressing them into the 
holes of perforated disks; interconnections are 
made, to complete a circuit, on each face of the 
disks. 

dot generator A special radio-frequency (RF) sig- 
nal generator used to produce a pattern of red, 
green, and blue dots on the screen of a color tele- 
vision receiver. 

dot matrix A rectangular array of spaces, some of 
which are filled in to form alphanumeric and 
punctuation characters. 
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dot-matrix display A display that shows charac- 
ters in dot-matrix form. 

dot-matrix printer A computer output peripheral 
that prints characters and images on paper as a 
fine grid of dots. A print head, containing several 
pins, presses the ribbon against the paper as it 
moves laterally across each line. Can be used to 
print text and/or graphics. 

dot movement pattern The movement of the red, 
green, and blue dots on the screen of a color tele- 
vision picture tube as the red, green, and blue 
magnets and the lateral magnet are adjusted for 
convergence of the dots at the center. The blue 
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dots move horizontally or vertically; the red and 
green dots, diagonally. 

dot OR Externally connected circuits or functions 
whose combined outputs result in an OR func- 
tion. Compare DOT AND. 

dot pattern In color television testing with a dot 
generator, dots of color (a red group, green group, 
and blue group) produced on the screen. With 
overall beam convergence, the three groups blend 
to produce white. 

dot-sequential system The color television system 
in which the image is reproduced by means of pri- 
mary-color dots (red, green, blue) sequentially ac- 
tivated on the screen of the picture tube. 
Compare FIELD-SEQUENTIAL SYSTEM and 
LINE-SEQUENTIAL SYSTEM. 

double-amplitude-modulation multiplier A mod- 
ulating system in which a carrier is amplitude- 
modulated first by one signal and then by a sec- 
ond signal. The resulting signal is fed to a 
detector, the output of which contains the prod- 
uct of the two modulating signals. 

double-anode diode A semiconductor diode hav- 
ing two anodes and a common cathode. 

double armature An armature (such as that of a 
dynamotor or a two-voltage generator) that has 
two separate windings on a single core, and has 
two separate commutators. 

double-balanced mixer See BALANCED MIXER. 


double-balanced modulator See BALANCED 
MODULATOR. 

double-base diode See UNIJUNCTION TRANSIS- 
TOR. 


double-base junction transistor A junction tran- 
sistor having the usual emitter, base, and collec- 
tor electrodes, plus two base connections, one on 
either side of the base region. The additional base 
connection acts as a fourth electrode to which a 
control voltage is applied. Also called tetrode tran- 


sistor. 

double-beam CRT See DUAL-BEAM OSCILLO- 
SCOPE. 

double-beam oscilloscope See DUAL-BEAM OS- 
CILLOSCOPE. 


double-bounce calibration In radar operations, a 
calibration technique for determining zero-beat 
error. Round-trip echoes are observed, the cor- 
rect range being the difference between the two 
echoes. 

double-bounce signal A signal that is received af- 
ter having been reflected twice. 

double-break contacts The member of a set of 
contacts that is normally closed on two others. 
Compare DOUBLE-MAKE CONTACTS. 

double-break switch A switch that opens a previ- 
ously closed circuit at two points simultaneously 
on closing. Compare DOUBLE-MAKE SWITCH. 

double bridge See KELVIN DOUBLE BRIDGE. 

double buffering In the input/output operation of 
a computer peripheral, the use of two memory ar- 
eas for temporary storage. 
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double-button microphone A carbon microphone 
having two buttons mounted on each side of the 
center of a stretched diaphragm, and connected 
in push-pull. Also see BUTTON MICROPHONE. 

double-channel duplex Two-way communication 
over two independent channels. One station 
transmits on one channel, and the other station 
transmits on the other channel. The result is con- 
versation-mode communications, in which one 
operator can interrupt the other at any time; both 
receivers are always operational. 

double-channel simplex A system of communica- 
tion in which two channels are used. One station 
transmits on one channel, and the other station 
transmits on the other channel. Interruption is 
not possible because whenever either operator 
transmits, the station receiver is muted. 

double-checkerboard pattern In a magnetic core 
memory, the maximum noise that appears when 
half of the half-selected cores are in the one state 
and the others are in the zero state. Also called 
worst-case noise pattern. 

double circuit tuning A circuit whose output and 
input are tuned separately. Such tuning provides 
increased selectivity when the input and output 
are resonant at the same frequency, and decreased 
selectivity when they are tuned to different fre- 
quencies. Also see DOUBLE-TUNED AMPLIFIER. 

double clocking A phenomenon that occurs in 
some digital circuits when the input pulse is 
nonuniform, and appears as two pulses to the de- 
vice. The device is thus actuated at twice the de- 
sired frequency. 

double-coil direction finder A radio direction 
finder (RDF) using an antenna that consists of 
two identical, perpendicular coils. The directivity 
of the antenna is the resultant of the directivity of 
the individual coils. 

double conversion 1. Two complete frequency 
conversions in a superheterodyne system. For ex- 
ample, the incoming signal might be converted to 
a 9-MHz first intermediate frequency (first IF); at 
a later stage, this signal might be converted to a 
455-kHz second IF. The high first IF widely sepa- 


Ist 2nd 
IF IF 


Out 


double conversion 


rates the signal from the image; the low second IF 
allows superior selectivity to be achieved at a rea- 
sonable cost. Also called dual conversion. 2. Per- 
taining to a superheterodyne receiver with two 
intermediate frequencies. 

double-conversion receiver Also called double- 
conversion superheterodyne. A superheterodyne 
receiver using DOUBLE CONVERSION to achieve 
optimum selectivity and image rejection. 

double-current generator 1. A dynamo-type gener- 
ator supplying both alternating current (ac) and di- 
rect current (dc) from one armature winding. 2. A 
rotary converter operating on dc and delivering ac. 

double-diamond antenna A broadband antenna 
consisting of two rhomboid plates, one attached 
to each side of the feeder. 

double-diffused epitaxial mesa transistor A tran- 
sistor in which a thin mesa crystal is overlaid on 
another mesa crystal. Also called epitaxial-growth 
mesa transistor. 

double-diffused transistor See 
EMITTER-AND-BASE TRANSISTOR. 

double diode See DUODIODE. 

double-diode limiter A limiter in which two diodes 
are connected back to back in parallel, to limit 
both peaks of an alternating-current (ac) signal. 

double-doped transistor See GROWN-JUNCTION 
TRANSISTOR. 

double edit In audio tape recording, to make two 
changes in a given span of the tape. For example, 
a producer might dislike the wording of a certain 
sentence, and re-record the sentence. Then, 
changing his or her mind, the producer might 
record the original sentence back over the re- 
recorded sentence. These changes increase the 
risk of audible irregularities appearing in the final 
recording. 

double emitter follower See COMPOUND CON- 
NECTION. 

double-ended amplifier See PUSH-PULL AMPLI- 
FIER and DOUBLE-ENDED CIRCUIT. 

double-ended circuit A symmetrical circuit (i.e., 
one having identical halves, each operating on a 
half-cycle of the input signal). Example: a push- 
pull amplifier. 

double-extended Zepp antenna A horizontal, 
collinear, center-fed antenna, in which each sec- 
tion measures 0.65 wavelength. This antenna 
gives increased gain over that of the Zepp and 
double Zepp (see DOUBLE ZEPP ANTENNA). 
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double-hump resonance curve A resonant re- 
sponse that is flattened by double tuning; it 
exhibits two resonance peaks. Also see DOUBLE- 
TUNED AMPLIFIER. 

double-hump wave See DOUBLE-PULSE WAVE. 

double image Two overlapping television pictures, 
one usually fainter than the other. Caused by the 
signal arriving over two different paths (one pos- 
sibly attributable to reflection of the wave) and, 
hence, at different instants in time. The fainter 
image is called a GHOST. 

double insulation The use of two layers of insula- 
tion on a conductor, made of different materials. 

double ionization lonization resulting from an 
electron colliding with an ion. In a gas, for exam- 
ple, a neutral atom might collide with an electron, 
which can knock an electron out of the atom. The 
atom then becomes a positive ion; it might in turn 
be bombarded by an electron, releasing still an- 
other electron. 

double-junction photosensitive semiconductor 
See PHOTOTRANSISTOR. 

double layer See HELMHOLTZ DOUBLE LAYER. 

double local oscillator A mixer system in which a 
local oscillator generates two accurate radio- 
frequency (RF) signals separated by a few hun- 
dred hertz. The difference frequency is used as a 
reference in some applications. 

double-make contacts A set of normally open con- 
tacts of which one closes against two others 
simultaneously. Compare DOUBLE-BREAK 
CONTACTS. 

double-make switch A switch that closes a previ- 
ously open circuit at two points simultaneously. 
Compare DOUBLE-BREAK SWITCH. 

double moding In microwave operations, the 
abrupt changing of frequency at irregular inter- 
vals. 

double modulation Using a modulated carrier to 
modulate another carrier of a different frequency. 

double-play tape A thin magnetic recording tape 
that has approximately twice the playing time of 
the usual tape. Although the playing time is 
longer, double-play tape is more subject to jam- 
ming and stretching than standard-thickness 
recording tape. 

double-pole Having two poles or switchable cir- 
cuits (e.g., a double-pole switch). 

double-pole, double-throw switch or relay Ab- 
breviation, DPDT. A switch or relay having two 
contacts that can be closed simultaneously in 
one of two directions, to close or open two cir- 
cuits. 

double precision The use of two computer words 
to represent a single number to gain precision. 

double-pole, single-throw switch or relay Abbre- 
viation, DPST. A switch or relay having two con- 
tacts that can be closed in only one direction, to 
simultaneously close or open two circuits. 

double precision hardware Within a computer, 
arithmetic units permitting the use of double- 


precision operands, sometimes also accommo- 
dating floating-point arithmetic. 

double-precision number In digital computer op- 
erations, a number represented by two words for 
greater precision. 

double pulse reading Pertaining to a magnetic 
core in a computer memory, recording bits as two 
states held simultaneously by one core having 
two areas that can be magnetized with alternate 
polarities. For example, positive-negative could 
represent zero, and negative-positive could repre- 
sent one. 

double-pulse wave An alternating-current (ac) 
wave having two successive positive peaks fol- 
lowed by two successive negative peaks within 
each cycle. The output voltage of a varistor bridge 
has such a waveshape for an ac input. 

double-pulsing station A loran station that trans- 
mits at two pulse rates upon receiving two pairs 
of pulses. 

double pumping A method of obtaining increased 
peak output power from a laser by pumping it for 
a comparatively long interval and then immedi- 
ately pumping it for a short interval. 

doubler 1. A circuit or device for multiplying a fre- 
quency by two (see FREQUENCY DOUBLER). 2. 
A circuit or device for multiplying a voltage by two 
(see VOLTAGE DOUBLER). 

double probe A test probe that multiplies an ap- 
plied signal voltage by two, so it can be handled 
more effectively by the instrument with which the 
probe is used. 

double punching In perforating a punched card, 
putting two holes in one column; it is an error if it 
occurs in a field of a card that is part of a record. 

double rail A form of logic system in which two 
lines are used, with three possible states. The 
output can be high, low, or undecided. 

double response 1. Two-point response, as that 
associated with tuning a receiver to a signal and 
then to its image. 2. See DOUBLE-HUMP RESO- 
NANCE CURVE. 

double screen A cathode-ray tube having a two- 
layer screen on which there is an additional, 
long-persistence coating of a different color. 

double shield Two independent electromagnetic 
shields for a circuit enclosure or cable. The 
shielding structures are concentric, and can be 
connected together at a single point (the common 
point). 

double sideband Abbreviation, DSB. In a modu- 
lated signal, the presence of both sidebands. 

double-sideband suppressed carrier Abbreviation, 
DSSC. A transmission technique in which both 
sideband products of modulation are transmitted 
and the carrier is suppressed. Compare LOWER 
SIDEBAND, SUPPRESSED CARRIER, UPPER 
SIDEBAND, and SUPPRESSED CARRIER. 

double-sideband system A modulation or demod- 
ulation system utilizing both sidebands, with or 
without the carrier. 


de 


5059F-pD-163-223 


4/9/01 5:22 PM 


Page 211 


ÓN 


double-sideband transmitter + double Zepp antenna 211 


Outer shield 


Dielectric 


Inner shield 


Dielectric 


Center 
conductor 


double shield 


double-sideband transmitter A modulated trans- 
mitter using a double-sideband system. 

double signal In reception, the property of having 
a signal on either side of the carrier frequency, as 
in a direct-conversion receiver. The two signals 
represent the sum and difference of the local os- 
cillator signal and the actual received signal. 
Because the two signals convey identical 
information, the phenomenon is wasteful of re- 
ceived spectrum, and degrading to receiver selec- 
tivity and sensitivity. 

double-signal receiver A receiver, such as a di- 
rect-conversion type, in which the signals occur 
in replicated form on either side of the local oscil- 
lator signal. Compare SINGLE SIGNAL. 

double-spot tuning In a superheterodyne receiver, 
tuning in the same signal at two different places 
on the dial, a condition caused by image re- 
sponse. 

double squirrel-cage induction motor A poly- 
phase induction motor having a double squirrel- 
cage rotor. The rotor slots contain two bars, an 
upper bar having low reactance (being near the 
air gap) and high resistance, and a lower bar hav- 
ing high reactance and low resistance. This motor 
has low starting current, high starting torque, 
and a full-load slip of less than 5%. 

double-stream amplifier A traveling-wave tube in 
which microwave amplification results from the 
interaction of two electron beams of different av- 
erage velocity. 

double-stub tuner Two stubs (see STUB) con- 
nected in parallel with a transmission line and 
usually spaced 0.375 wavelength (135 electrical 
degrees) apart; it is used as an impedance 
matcher. 

double superheterodyne See DOUBLE-CONVER- 
SION SUPERHETERODYNE. 

double superheterodyne reception See DOUBLE- 
CONVERSION SUPERHETERODYNE. 

double-surface transistor See COAXIAL TRAN- 
SISTOR. 


doublet See DIPOLE ANTENNA. 

double-throw Operating in opposite directions as 
selected (e.g., a double-throw relay or switch). 

double-throw circuit breaker A circuit breaker that 
closes in both its pull-in and dropout positions. 

double-throw switch or relay A switch or relay 
having two ganged poles. 

double-trace recorder See DOUBLE-TRACK RE- 
CORDER, 2. 

double tracing Displaying two signals simultane- 
ously on the screen of an oscilloscope through 
the use of an electronic switch. 

double-track recorder 1. A tape recorder whose 
head is positioned so that separate recordings 
can be made as two tracks on the tape. 2. A 
graphic recorder that produces two separate par- 
allel tracings. 

doublet trigger A two-pulse, constant-spaced trig- 
ger signal used for coding. 

double-tuned amplifier An amplifier whose input 
and output circuits are both tuned. 

double-tuned circuit A circuit, such as an ampli- 
fier or filter, using separate input and output tun- 
ing. Also see DOUBLE CIRCUIT TUNING and 
DOUBLE-TUNED AMPLIFIER. 


+ 
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double-tuned circuit 


double-tuned detector A form of frequency- 
modulation (FM) discriminator with two resonant 
circuits. One is tuned slightly higher than the 
channel center frequency, and the other is tuned 
an equal amount below the center. 

double-vee antenna A broadband, modified dipole 
antenna resembling two vees in line. Also see 
VEE ANTENNA. 

double-winding generator A dynamo-type genera- 
tor having separate armature windings for sup- 
plying two voltages, either of which can be direct 
(dc voltage) or alternating (ac voltage). 

double-wye rectifier A heavy-load circuit using six 
rectifier diodes, each conducting for 120 degrees 
of the cycle. An interphase winding is used. The 
circuit is equivalent to two three-phase, half-wave 
rectifiers connected in parallel. 

double-Y rectifier See DOUBLE-WYE RECTIFIER. 

double Zepp antenna A usually horizontal, 
straight, center-fed, full-wavelength antenna. 
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Also called two half waves in phase. Its name was 
derived because it is, in fact, two Zepp antennas 
forming a collinear array. 

doubling 1. Producing the second harmonic of a 
signal. 2. In communication, unintentional si- 
multaneous transmission by both operators, re- 
sulting in missed information. 3. In a speaker, 
distortion resulting in large amounts of second- 
harmonic output. 

doubly balanced modulator See BALANCED 
MODULATOR. 

doughnut capacitor See DONUT CAPACITOR. 

doughnut coil See TOROIDAL COIL. 

doughnut crystal See DONUT CRYSTAL. 

doughnut magnet See RING MAGNET. 

down convert In superheterodyne conversion, to 
heterodyne a signal to an intermediate frequency 
lower than the signal frequency. Compare UP 
CONVERT. 

down lead See LEAD-IN. 

downlink The signal sent down from an active 
communications satellite to the earth, usually on 
a different frequency than the signal sent up. See 
UPLINK. 

downlink beamwidth The angle subtended be- 
tween the half-power points of the downlink sig- 
nal from an active communications satellite. 

downlink frequency The frequency of the down- 
link signal from an active communications satel- 
lite. Usually, the downlink signals occupy a 
certain band of frequencies, anywhere from sev- 
eral kilohertz to several megahertz wide. 

downlink power 1. The output power of the down- 
link transmitter in an active communications 
satellite. 2. The effective radiated power (ERP) of 
the downlink signal from an active communica- 
tions satellite. 

down time A period of time during which elec- 
tronic equipment is completely inoperative (for 
any reason). 

downturn A usually sudden dip in a performance 
curve. Compare UPTURN. 

downward modulation Modulation in which the 
average carrier component decreases during 
modulation. Example: amplitude modulation of a 
transmitter in which the antenna current de- 
creases during modulation. Compare UPWARD 
MODULATION. 

DP Abbreviation of DATA PROCESSING. 

DPDT Abbreviation of double-pole, double-throw 
(switch or relay). 

DPM 1. Abbreviation of digital power meter. 2. Ab- 
breviation of DIGITAL PANEL METER. 3. Abbrevi- 
ation of disintegrations per minute. 

DPS Abbreviaton of disintegrations per second. 

DPST Abbreviation of double-pole, single-throw 
(switch or relay). 

dr Abbreviation of dram. 

drag 1. A retarding force, caused by friction, acting 
on a moving body in contact with another moving 
or stationary body or medium. 2. A retarding 
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force introduced by an applied magnetic or elec- 
tric field. 

drag angle In disk recording, an angle of less than 
90° between the stylus and the disk. The acute 
angle causes the stylus to drag instead of digging 
in. 

drag cup A cup of nonmagnetic metal (usually cop- 
per or aluminum) that, when rotated in a mag- 
netic field, acquires a voltage proportional to the 
speed of rotation. The device is often used as a 
brake. 

drag-cup motor A servomotor whose shaft has a 
copper or aluminum drag cup that rotates in the 
field of a two-phase stator. Eddy currents set up 
in the cup by the field winding produce torque; 
braking action, direction control, and speed con- 
trol are obtainable by means of associated elec- 
tronics. 

drag magnet In a motor-type meter, a braking 
magnet (i.e., one used to reduce speed through 
eddy-current effects). Also called retarding mag- 
net. 

drain 1. The current or power drawn from a signal 
or power source. 2. A load that absorbs current 
or power. 3. The electrode in a field-effect transis- 
tor (FET) from which the output is usually taken; 
equivalent to the collector of a bipolar transistor. 

drainage equipment Devices and systems for pro- 
tecting circuits against transients generated by 
circuit breakers and similar safety devices. 

drain-coupled multivibrator An oscillator that 
uses two field-effect transistors (FETs) in the cir- 
cuit equivalent of a collector-coupled bipolar- 
transistor multivibrator. The drain of one stage is 
capacitance-coupled to the gate of the other 
stage. 


drain-coupled multivibrator 


D-region A low region of the ionosphere beneath 
the E-region, whose ionization varies with the in- 
clination of the sun. The greatest ionization is at 
midday; the layer disappears at night. 

dress The (usually experimental) arrangement of 
leads for optimum circuit operation (minimum 
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capacitance, best suppression of oscillation, min- 
imum pickup, etc.). 

dressed contact A contact having a permanently 
attached locking spring member. 

drift 1. Within a conductor or semiconductor, the 
controlled, directed movement of charge carriers 
resulting from an applied electric field. 2. A usu- 
ally gradual and undesirable change in a quan- 
tity, such as current, as a result of a disturbing 
factor, such as temperature or age. 

drift current In a semiconductor, the current re- 
sulting from a flow of charge carriers in the pres- 
ence of an electric field. The charge carriers are 
electrons in n-type material and holes in p-type 
material. 

drift field The inherent internal electric field of a 
DRIFT-FIELD TRANSISTOR. 

drift-field transistor An alloy-junction, bipolar, 
radio-frequency (RF) transistor for which the im- 
purity concentration is graded from high on the 
emitter side of the base wafer to low on the col- 
lector side. This creates an internal drift field that 
accelerates current carriers and raises the upper 
frequency limit of the transistor. 

drift-matched components Active or passive 
components that have been closely matched in 
terms of the drift of one or more parameters, with 
respect to time, temperature, etc. 

drift mobility For current carriers in a semicon- 
ductor, the average drift velocity per unit electric 
field. 

drift space 1. In a vacuum tube, a space that is 
nearly free of alternating-current (ac) fields from 
the outside, and in which the repositioning of 
electrons is governed by the space-charge forces 
and the velocity distribution of the electrons. 2. 
In a Klystron, the space between buncher and 
catcher cavities in which there is no field. 

drift speed The average velocity of charge carriers 
moving through a medium. 

drift transistor See DRIFT-FIELD TRANSISTOR. 

drift velocity The net velocity of a charged particle 
(electron, hole, or ion) in the direction of the field 
applied to the conducting medium. 

drift voltage The usually gradual change in volt- 
age resulting from such causes as internal heat- 
ing. Also called voltage drift. 

drip loop In a transmission line for an antenna or 
power service, a loop near the point of entry to the 
building for the purpose of allowing condensation 
or rain water to drip off. 

drip-proof motor A motor with ventilating aper- 
tures arranged so that moisture and particles 
cannot enter the machine. 

drip-tight enclosure A housing designed to pre- 
vent entry of rain, snow, and dust; it also pre- 
vents accidental contact with the enclosed 
apparatus or machinery. 

drive 1. To excite (i.e., to supply with input-signal 
current, power, or voltage) (see DRIVING CUR- 
RENT, DRIVING POWER, and DRIVING VOLT- 
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AGE). 2. Input-signal excitation (see DRIVING 
CURRENT, DRIVING POWER, and DRIVING 
VOLTAGE). 3. A device that moves a recording 
medium (e.g., tape drive and diskette drive). 4. 
The transmission of mechanical energy from one 
place to another (e.g., motor drive). 

drive array A set of two or more hard-disk drives in 
a computer system. They function together to 
minimize the possibility of data loss. Such a sys- 
tem can also increase the amount of fast-access 
data storage. 

drive belt A continuous belt used to transmit me- 
chanical energy from a driving pulley to a driven 
pulley. 

drive circuit 1. A circuit used to provide the exci- 
tation to a motor. 2. An amplifier that supplies 
drive to a more powerful amplifier. 

drive control In a television receiver, the poten- 
tiometer used to adjust the ratio of horizontal 
pulse amplitude to the level of the linear portion 
of the sawtooth scanning-current wave. 

driven element In a multielement antenna, an el- 
ement to which electromagnetic energy is fed di- 
rectly, as opposed to a PARASITIC ELEMENT, 
which is excited by a nearby radiator element. 

driven-element directive antenna A multiele- 
ment directional antenna whose elements are 
driven from the feed line (i.e., no element is para- 
sitic) Compare PARASITIC-ELEMENT DIREC- 
TIVE ANTENNA. 

driven multivibrator A multivibrator whose oper- 
ation or frequency is controlled by an external 
synchronizing or triggering voltage. Compare 
FREE-RUNNING MULTIVIBRATOR. 

driven single sweep A single oscilloscope sweep 
that is initiated by the signal under observation. 

drive pattern A pattern of interference in a facsim- 
ile system that is caused by improper synchro- 
nization of the recording spot. 

driven sweep An oscilloscope sweep that is initi- 
ated by the signal under observation. 

drive pin A pin used to prevent a record from slip- 
ping on the rotating turntable of a recorder or re- 
producer. It is similar to, and located near, the 
center pin of the turntable. 

drive pulse In digital computer operations, a pulse 
that magnetizes a cell in a memory bank. 

driver 1. A device that supplies a useful amount of 
signal energy to another device to ensure its 
proper operation (e.g., a current driver for a mag- 
netic-core memory, an oscillator driving a loud- 
speaker). 2. A power amplifier stage that supplies 
signal power to a higher-powered amplifier stage. 
3. In a digital computer, a stage that increases 
the output current or power of another stage 
(e.g., a clock driver). 4. The cone and magnet of a 
dynamic speaker. 

driver element In a multielement directive an- 
tenna, the element excited directly by the feeder, 
the other elements (directors and reflectors) being 
parasitic. 
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driver impedance 1. The output impedance of a 
driver stage. 2. The impedance “seen” from the 
driven stage of an amplifier, through the driver 
transformer, to the driver stage. It is the vector 
sum of driver reactance and resistance. 

driver inductance In an amplifier's driver trans- 
former, the inductance, as “seen” looking through 
the transformer from the driven stage into the 
driver stage. 

driver resistance In an amplifier’s driver trans- 
former, the resistance “seen” looking through the 
transformer from the driven stage into the driver 
stage. 

driver stage An amplifier stage whose chief pur- 
pose is to supply excitation (input-signal current, 
power, or voltage) to the next stage. Also see 
DRIVER. 

driver transformer The transformer that couples a 
driver stage to a driven stage. Example: the inter- 
stage transformer inserted between the collector 
of a single-ended driver transistor and the two 
bases of a push-pull power-output stage in an 
audio amplifier. 

driving current In a power amplifier, the input 
signal current required to produce a given 
amount of output power. 

driving-point admittance The 
DRIVING-POINT IMPEDANCE. 

driving-point impedance The input impedance of 
a network. 

driving power In a power amplifier, the input sig- 
nal power required to produce a given amount of 
output power. 

drive wire The wire forming the coil around the 
toroidal cell in a magnetic core memory; supplies 
pulses that magnetize the cell. 

driving-range potential In cathodic protection, 
the difference of potential between the anode and 
(protected) cathode. 

driving signal 1. Drive (see DRIVE, 2). 2. In televi- 
sion, time-scanning signals (line-frequency pulses 
and field-frequency pulses) at the pickup location. 

driving spring In a stepping relay, the spring that 
moves the wiper blades. 

driving voltage In a power amplifier, the input sig- 
nal voltage required to produce a given amount of 
output power. 

DRO Abbreviation of DIGITAL READOUT. 

drone A pilotless radio-controlled aircraft without 
a human pilot. 

drone cone An undriven loudspeaker cone that is 
mounted in a bass-reflex enclosure with other 
speakers. Also called PASSIVE RADIATOR. 

droop 1. A dip in the graph of a function. 2. Ina 
pulse train, the decrease in mean amplitude (in 
percent of maximum amplitude) at a given in- 
stant after attainment of maximum amplitude. 

drooping radials In a ground-plane antenna, radi- 
als that slope downward to provide a transmis- 
sion-line impedance match. The slope angle 
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Approx. 135° (grounded) 


drooping radials 


depends on the characteristic impedance of the 
line; typically, the angle is between 45 degrees 
and 70 degrees, relative to horizontal. 

drop 1. In wire communications, the line connect- 
ing a telephone cable to a subscriber’s building. 
2. See VOLTAGE DROP. 

drop bar A device that automatically grounds or 
short-circuits a capacitor when the door of a pro- 
tective enclosure is opened. 

drop cable See DISTRIBUTING CABLE, 1. 

drop channel In a communications system utiliz- 
ing several channels, a channel that is not used. 

drop-in The unintentional creation of bits when a 
magnetic storage device is being read from or 
written into. Compare DROP-OUT, 4. 

drop indicator In a signaling system, such as an 
annunciator, a hinged flap that drops into view 
when the signaling device is actuated. 

drop-out 1. The opening of a relay or circuit 
breaker. 2. In digital computer operations, varia- 
tion in signal level of the reproduced tape- 
recorded data. Such variation can result in errors 
in data reproduction. 3. In the production of 
monolithic circuits, a special image placed at a 
desired point on the photomask. 4. Digit loss 
during a read or write operation involving a mag- 
netic storage device. 

dropout current See DROPOUT VALUE. 

dropout power See DROPOUT VALUE. 

dropout value The level of current, power, or volt- 
age at which a device, such as a circuit breaker or 
relay, is released. 

dropout voltage See DROPOUT VALUE. 

dropping resistor A series resistor providing a 
voltage reduction equal to the voltage drop across 
itself. For example, a 1000-ohm resistor in series 
with a 45-V battery, and carrying a current of 10 
mA, will provide a voltage reduction equal to 10 V 
(IR = 0.01 x 1000 = 10 V), thus dropping the 45 V 
to 35 V. 

drop relay In a telephone system, a relay that is 
activated by the ringing signal. The relay is used 
to switch on a buzzer, light, or other device. 

drop repeater A repeater intended for a termina- 
tion of a communications circuit in a telephone 
system. 

dropsonde A  parachute-supported 
dropped from a high-flying aircraft. 


radiosonde 
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drop-tracks The tracks of radioactive particles made 
visible by moisture in an ionization chamber. 

drop wire A wire that runs from a building to a 
pole (for line extension) or to a cable terminal (for 
cable extension). 

drum 1. A rotating cylinder coated with a magnetic 
material on which digital information can be 
recorded in the form of tiny magnetized spots. 
These spots are read as the drum rotates under 
pickup heads, or erased when the stored infor- 
mation is no longer needed. 2. In some graphic 
recorders, facsimile receivers, etc., a rotating 
cylinder carrying the recording sheet. 

drum capacitor See CONCENTRIC CAPACITOR. 

drum controller The device that regulates the re- 
cording process on a drum memory. 

drum mark Ona track of a magnetic drum, a char- 
acter that signifies the end of a character group. 

drum memory In digital computers, a memory 
based on a magnetic drum (see DRUM, 1). They 
have been largely replaced in recent years by elec- 
tronic random-access memory, in the form of in- 
tegrated circuits (ICs) and/or PCMCIA standard 
adapter cards. 

drum parity The degree of accuracy in a drum 
recording/reproducing system. 

drum programmer A device for sequencing opera- 
tions. Its heart is a rotating drum, around whose 
surface contacts or points can be placed to actu- 
ate or terminate operations at selected times. 

drum receiver A facsimile receiver using recording 
paper or photographic film wound around a re- 
volving drum. 

drum recorder A graphic recorder in which the 
record sheet is wound around a rotating drum. 
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drum resistor A resistor consisting of a hollow 
cylinder of resistive material. Such a resistor can 
be cooled by circulating air or liquid through the 
cylinder. 

drum speed The speed, usually measured in revo- 
lutions per minute (rpm), of the rotating drum in 
a graphic recorder, facsimile transmitter, or fac- 
simile receiver. 

drum storage The storage of data as magnetic 
impulses on a cylindrical, or drum-shaped, 
medium. Largely supplanted in recent years by 
magnetic disks, optical disks, and magnetic 
tapes. 

drum switch A sequential switch whose contacts 
are pins or teeth placed at points around the out- 
side of a revolving drum. 

drum transmitter A facsimile transmitter in which 
the sheet bearing the material to be transmitted 
is wound around a revolving drum. 

drum-type controller A motor-driven drum switch 
arranged to time various operations through se- 
quential switching. 

drum varistor A varistor that is a hollow cylinder 
of nonlinear resistance material. This varistor 
can be cooled by circulating air or liquid through 
it. 

drum winding In a motor or generator, an arma- 
ture whose conductors are on the outer face of 
the core, the two branches of a turn lying under 
adjacent poles of opposite polarity. 

drunkometer An instrument for testing the extent 
of alcoholic intoxication. It electronically mea- 
sures blood alcohol content through analysis of 
the subject’s breath. 

dry In an electric cell, a term used to describe an 
electrolyte that is semiliquid or solid. 

dry battery A battery of dry cells. 

dry cell 1. A Leclanche primary cell in which the 
positive electrode is carbon, the negative elec- 
trode is zinc, and the electrolyte is a gel of ammo- 
nium chloride and additives. Also see CELL and 
PRIMARY CELL. 2. A cell whose electrolyte is a 
gel or paste. 

dry circuit A circuit in which the maximum volt- 
age is 50 mV and the maximum current 200 mA. 

dry-contact rectifier See DRY-DISK RECTIFIER. 

dry contacts Contacts that neither make nor 
break a circuit. 

dry-disk rectifier A solid-state rectifier, such asa 
copper-oxide, magnesium-copper-sulfide, or sele- 
nium type, that consists of a metal disk coated 
with a semiconductor material. The name was 
originally used to distinguish this rectifier from 
the wet electrolytic rectifier. 

dry electrolytic capacitor An electrolytic capaci- 
tor whose electrolyte is a paste or solid. Compare 
WET ELECTROLYTIC CAPACITOR. 

dry flashover voltage The breakdown voltage be- 
tween electrodes in dry air when all insulation is 
clean and dry. 
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dry pile A voltaic pile containing numerous disks 
silvered or tinned on one face and covered with 
manganese dioxide on the other. 

dry reed A metal contact, generally used as a relay 
or switch, that moves toward or away from an- 
other fixed contact under the influence of a mag- 
netic field. 

dry-reed relay See DRY-REED SWITCH. 

dry-reed switch A switch consisting of two thin, 
metallic strips (reeds) hermetically sealed in a 
glass tube. The tube is surrounded by a coil of 
wire. When a current flows in the coil, a magnetic 
field affects the reeds. In the normally open dry- 
reed switch, the magnetic field causes the reeds 
to come together and close the circuit. In the nor- 
mally closed dry-reed switch, the magnetic field 
causes the reeds to separate, opening the circuit. 
Compare MERCURY-WETTED REED RELAY. 

dry run 1. The preliminary operation of equipment 
for testing and appraisal. Such a procedure pre- 
cedes putting the equipment into regular service. 
2. A step-by-step, paper-and-pencil “run” of a 
computer program before it is machine-imple- 
mented. 

dry shelf life The life of a battery cell stored with- 
out its electrolyte. 

dry-transfer process A method of transferring 
printed-circuit patterns and panel labels from 
sheets by rubbing them onto the substrate or 
panel. 

dry-type forced-air-cooled transformer A DRY- 
TYPE TRANSFORMER that is cooled by convec- 
tion of air circulated by a blower or fan. This 
increases the amount of power that the trans- 
former can safely handle. 

dry-type self-cooled transformer A DRY-TYPE 
TRANSFORMER that is cooled by natural air cir- 
culation (convection), without the use of a blower 
or fan. 

dry-type transformer A transformer that, rather 
than being immersed in oil, is cooled entirely by 
the circulation of air. 

DSB Abbreviation of DOUBLE SIDEBAND. 

DSBSC Abbreviation of DOUBLE-SIDEBAND SUP- 
PRESSED CARRIER. Also abbreviated DSSC. 

dsc Abbreviation of double silk covered (wire). 

D scope A radar whose display resembles that of a 
C scope, the difference being that blip height 
gives an approximation of the distance. 

D service A Federal Aviation Agency service pro- 
viding radio broadcasts of weather data, notices 
to aircraft personnel, and other advisory mes- 
sages. 

D-shell connector A multi-pin connector (either 
male or female) with a characteristic shape that 
ensures proper pin placement. Commonly used 
for computer ports, and for connections of pe- 
ripherals to electronic equipment. 

dsp Abbreviation of double silver plated. 

DSR Abbreviation of DYNAMIC SPATIAL RECON- 
STRUCTOR. 


ÓN 


Shell 


Comacts 


D-shell connector 


DSS Abbreviation of direct station selection (tele- 
phone). 

DSSC Abbreviation of DOUBLE-SIDEBAND SUP- 
PRESSED CARRIER. Also abbreviated DSBSC. 

DT Abbreviation of DATA TRANSMISSION. 

DTA Abbreviation of differential thermoanalysis. 

DT-cut crystal A piezoelectric plate cut from a quartz 
crystal at an angle of rotation about the z-axis of 
-53 degrees. It has a zero temperature coefficient of 
frequency at approximately 30 degrees Celsius. 
Also see CRYSTAL AXES and CRYSTAL CUTS. 

DTL Abbreviation of DIODE-TRANSISTOR LOGIC. 

DTn Abbreviation of DOUBLE TINNED. 

DTS 1. Abbreviation of DATA-TRANSMISSION SYS- 
TEM. 2. Abbreviation of digital telemetry system. 

DU Abbreviation of DUTY CYCLE. 

dual 1. Pertaining to a combination of two compo- 
nents such as diodes, transistors, etc., in a single 
housing. The components are often carefully 
matched. Compare QUAD. 2. Pertaining to a de- 
vice or circuit that behaves in a manner analo- 
gous to that of another operating with component 
and parameter counterparts. Thus, a current am- 
plifier can be the dual of a voltage amplifier; 
a series-resonant circuit, the dual of a parallel- 
resonant circuit; or a field-effect transistor, the 
dual of a bipolar transistor. 

dual-beam CRT A cathode-ray tube having two 
separate electron guns, for use in a dual-beam 
oscilloscope. 

dual-beam oscilloscope Also called dual-trace os- 
cilloscope. An oscilloscope having two electron 
guns and deflection systems; it can display two 
phenomena on the screen simultaneously for 
comparison. 

dual capacitor 1. Two fixed capacitors combined 
in a single housing, sometimes sharing a com- 
mon capacitor plate. 2. A two-section, ganged 
variable capacitor. 

dual-channel amplifier An amplifier having two 
separate, independent channels (e.g., a stereo 
high-fidelity audio amplifier). 

dual-cone speaker A speaker designed for a wide 
range of audio frequencies. One cone responds to 
the bass (low) and midrange audio frequencies, 
and a smaller cone responds to the treble (high) 
audio frequencies. 
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dual diode A discrete component consisting of two 
diodes in one package. 

dual-diversity receiver A receiver or receiver sys- 
tem for DIVERSITY RECEPTION. 

dual-diversity reception See DIVERSITY RECEP- 
TION. 

dual-emitter transistor A low-level silicon pnp 
chopper transistor of the planar passivated epi- 
taxial type; it has two emitter electrodes. 

dual-frequency calibrator A secondary frequency 
standard providing two fundamental test fre- 
quencies (e.g., 100 kHz and 1 MHz). 

dual-frequency induction heater An induction 
heater whose work coils carry energy of two dif- 
ferent frequencies. The coils heat the work either 
simultaneously or successively. 

dual gate 1. A digital integrated circuit (IC) con- 
sisting of two logic gate units. 2. Pertaining to a 
field-effect transistor (FET) with two gates or gate 
electrode connections. 

dual-gate FET A field-effect transistor with two 
gate (input) electrodes. 

dual-gate MOSFET A metal-oxide-semiconductor 
field-effect transistor (MOSFET) with two gate (in- 
put) electrodes. 

dual-inline package Abbreviation, DIP. A flat, 
molded integrated-circuit (IC) package having ter- 
minal pins along both long edges. 


Case 
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duality 1. The condition of being dual (see DUAL). 
This can be an aid in the design of certain circuits 
requiring complementary parameters, e.g., cur- 
rent-operated circuit analogs of voltage-operated 
circuits. 2. See DUALITY OF NATURE. 

duality of nature 1. Any of various situations in 
which a phenomenon exhibits two distinct and 
different natures. A commonly cited example is 
the dual model of light. In some instances, visible 
light behaves like a barrage of particles, but in 
other environments it appears to be a wave effect. 
Another example is the dual model of electro- 
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static energy, behaving as point charges in some 
scenarios and as force fields in other situations. 
2. The tendency of a set of principles to be dupli- 
cated in sense by predictable analogies, as be- 
tween inductance and capacitance, electrostatics 
and magnetics, etc. 

dual local oscillator See DOUBLE LOCAL OSCIL- 
LATOR. 

dual meter A meter having two meter movements 
and scales in a single case; the arrangement per- 
mits simultaneous monitoring of two quantities. 

dual modulation The modulation of a single car- 
rier or subcarrier by two different types of modu- 
lation—each carrying different information. 

dual network A network that is the dual of another 
network having complementary parameters. For 
example, a common-emitter, current-sensitive, 
bipolar-transistor circuit is the dual of a com- 
mon-source, voltage-sensitive, field-effect-tran- 
sistor (FET) circuit. Also see DUALITY. 

dual operation In digital logic, the operation re- 
sulting from inverting all of the digits. Every 1 is 
replaced with a O, and vice versa. 

dual-output power supply A power supply with 
two outputs. Often, one output is positive and the 
other is negative. In some cases, one output con- 
sists of alternating current (ac) and the other con- 
sists of direct current (dc). 

dual pickup In disk reproduction, a pickup having 
two styli, one for large-groove records and one for 
fine-groove records. 

dual potentiometer A ganged assembly of two po- 
tentiometers. The resistance values might or 
might not be the same. 

dual preset counter A preset counter that will set 
alternately to two different numbers. 

dual rail See DOUBLE RAIL. 

dual resistor See DUAL POTENTIOMETER and 
DUAL RHEOSTAT. 

dual rheostat A ganged assembly of two rheo- 
stats. The resistance values might or might not 
be the same. 

dual stereo amplifier 1. A two-channel audio am- 
plifier for stereophonic audio applications. 2. A 
two-channel linear integrated circuit (IC) for 
stereophonic audio applications. 

dual-system loudspeaker See 
SPEAKER. 

dual trace Ina cathode-ray oscilloscope, the use of 
two separate electron beams, which can show two 
different signals simultaneously on a single 
screen. 

dual-trace recorder See DOUBLE-TRACK RE- 
CORDER, 2. 

dual-track recorder See DOUBLE-TRACK RE- 
CORDER. 

dual recording In digital computer operations, up- 
dating two sets of master files simultaneously. 

dual use The use of a communications system for 
two modes of data transfer at the same time. 

Duant electrometer See BINANT ELECTROMETER. 
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duct 1. A narrow propagation path, sometimes 
traveled by microwaves, created by unusual at- 
mospheric conditions. 2. A pipe or channel for ca- 
bles and wires. 

dubbing The adding of sound to a recorded mag- 
netic tape, record disk, or film (e.g., replacing the 
sound track of a film in one language with that of 
another language). 

dubnium Symbol, Db. Also clalled unnilpentium 
(Unp) and hahnium (Ha). Atomic number, 105. 
The most common isotope has atomic weight 
262. Classified as a transition metal. It has a 
half-life on the order of a few seconds to a few 
tenths of a second (depending on the isotope), is 
human-made, and is not known to occur in na- 
ture. 

duct 1. A narrow propagation path, sometimes 
traveled by microwaves, created by unusual at- 
mospheric conditions. 2. A pipe or channel for ca- 
bles and wires. 3. An opening, vent, or other 
airway used for various purposes, such as cooling 
and acoustic wave transmission. 

ducted port An opening in a speaker cabinet that 
has an airway (duct) extending several inches 
into the cabinet. It improves the quality of sound 
from a speaker system by equalizing the air pres- 
sure inside and outside the cabinet. Also provides 
resonant audio effects at frequencies that depend 
on the dimensions of the duct. 

duct effect see TROPOSPHERIC DUCTING. 

ductilimeter An instrument used for measuring 
the ductility of metals. 

ducting The confinement of a radio wave to a duct 
(see DUCT, 1) between two layers of the atmo- 
sphere or between an atmospheric layer and the 
earth. 

Duddell arc A carbon copper arc circuit that pro- 
duces audible continuous waves. Consists of a 
series inductance-capacitance (LC) circuit shunt- 
ing an electric arc. 

Duerdoth’s multiple feedback system In an am- 
plifier, feedback through several paths to improve 
response over that afforded by single-path feed- 
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back. In a simple application of multiple feed- 
back, a single external loop is augmented with 
unbypassed emitter resistors in the amplifier 
stages. 

Duerdoth's stability margin A feedback-amplifier 
stability margin equal to a 6-dB increase in gain 
at low and high frequencies over beta values be- 
tween 0.3 and somewhat less than 2. For higher 
beta values, Duerdoth adopts an angular margin 
(for example, 15°); below B = 0.3, no danger of in- 
stability is present. 

dummy 1. A nonoperative model of a piece of 
equipment, usually assembled with dummy com- 
ponents (see DUMMY COMPONENT, 1) for the 
purpose of developing a layout. 2. DUMMY AN- 
TENNA, DUMMY COMPONENT, or DUMMY 
LOAD. 3. Part of a computer program that, rather 
than being useful for the problem at hand, only 
serves to satisfy some other format or logic re- 
quirement. 

dummy antenna 1. A nonradiating device that 
serves as a load for a transmitter (i.e., it takes the 
place of the regular antenna during tests and ad- 
justments of the transmitter). 2. A device 
containing a network of discrete inductive, 
capacitive, and resistive elements, inserted be- 
tween a radio-frequency signal generator and re- 
ceiver to simulate a standard antenna. 

dummy component 1. A nonoperative compo- 
nent used in developing a layout or package. 2. 
A nonoperative component fraudulently in- 
cluded in a piece of equipment (e.g., an unwired 
transistor in a receiver circuit, a common occur- 
rence during the early days of the transistor, 
when a 10-transistor radio brought more money 
than an 8-transistor radio, without regard to the 
circuit itself). 

dummy instruction In a computer, a command 
that serves no operational purpose, other than to 
fill a format requirement. 

dummy load 1. A load device, usually consisting of 
resistance without reactance, used to terminate a 
power generator or power amplifier during ad- 
justments and tests. The load resistance is equal 
to the output impedance of the generator or am- 
plifier. 2. See DUMMY ANTENNA. 

dummy resistor A power-type resistor used as a 
dummy load. 

dump 1. In digital-computer operations, to trans- 
fer, completely or partially, the contents of mem- 
ory into a peripheral. 2. To switch off all power to 
a computer, deliberately or accidentally, thereby 
losing what is in the volatile memory. 

dump and restart During a halt in a computer 
program run, to backtrack to the last dump point 
and use the data there to resume the run. Also 
see DUMP POINT. 

dump check In digital-computer operations, the 
checking of all digits being transferred (see 
DUMP, 1) to prevent errors when they are re- 
transferred. 
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dumping To transfer the output at various stages 
in a computer program run to an external storage 
medium, so it will be available (in case of a fail- 
ure) for the program’s resumption from a point 
other than at the beginning. 

dump point In writing a computer program, a point 
at which instructions are given to transfer data 
processed thus far to a storage medium that would 
be unaffected by a software or hardware failure. 
Also see DUMP AND RESTART and DUMPING. 

dumping resistor 1. See BLEEDER. 2. A resistor 
having the minimum resistance permissible in a 
given situation. Used to discharge a capacitor, it 
acts to provide an alternative path to a potentially 
destructive short circuit. 

duo Any pair of matched components, usually in a 
single package. 

duodecal CRT base The 12-pin base of a cathode- 
ray tube. Also see BIDECAL, DIHEPTAL, and 
MAGNAL. 

duodecal socket A 12-pin tube socket. Also see 
DUODECAL CRT BASE. 

duodecimal 1. Having 12 possibilities, states, 
choices, etc. 2. Pertaining to the DUODECIMAL 
NUMBER SYSTEM. 3. A number or numeral in 
the DUODECIMAL NUMBER SYSTEM. 

duodecimal number system A system of number- 
ing in which the radix, also called the base or 
modulus, is 12. The system uses the digits O 
through 9, plus two other characters (usually A 
and B) to represent 10 and 11. Thus, counting 
proceeds as 0, 1, 2,..., 9, A, B, 10, 11,12,..., 19, 
1A, 1B, 20, 21, 22, etc. At one time, some people 
seriously proposed that this system replace the 
DECIMAL NUMBER SYSTEM for general use. 

duodiode See DUAL DIODE. 

duolateral coil A multilayer, lattice-wound coil 
(see UNIVERSAL WINDING) in which the turns in 
successive layers are staggered slightly. Also 
called honeycomb coil. 

duopole A two-pole all-pass device. 

duplex 1. A mode of communication in which two 
channels are used so that either operator in a 
conversation can interrupt the other at any time. 
2. The transmission of two messages over a single 
circuit, at the same time. 

duplex artificial line In wire telephony, a balanc- 
ing network that simulates the impedance of the 
actual line and the remote terminal equipment; it 
prevents an outgoing transmission from interfer- 
ing with the local receiver. 

duplex cable A cable consisting of a twisted pair of 
insulated stranded-wire conductors. 

duplex channel A channel used for wire or radio 
DUPLEX OPERATION. 

duplex communication See DUPLEX OPERA- 
TION. 

duplex diode See DUAL DIODE. 

duplexer In radar operations, a device operated by 
the transmitted pulse to automatically switch the 
antenna from the receiver to the transmitter. 
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duplexing assembly In a radar system, a device 
that automatically makes the receiver unrespon- 
sive to the outgoing transmitted signal while al- 
lowing incoming signals to reach the receiver 
easily. Also see TRANSMIT-RECEIVE SWITCH. 

duplex computer system An installation of two 
computer systems, one standing by to take over 
in case the other fails. 

duplex operation The simultaneous operation of a 
transmitter and receiver at a single location. This 
becomes possible (without mutual interference) 
through the use of two sufficiently separated car- 
rier frequencies. 

duplex system A system composed of two identical 
equipment sets—either of which will perform the 
intended function while the other stands by. 

duplication check In digital-computer operations, 
the checking of an operation by doing it twice, us- 
ing different methods in each case, to ensure the 
accuracy of results. 

duplication house A professional person or com- 
pany who makes high-quality copies of tape 
recordings (either audio or video). Charges vary, 
depending on the type and length of the record- 
ing. 

duplicate To transfer data from one storage loca- 
tion to another. Compare DUMP, 1. 

dural See DURALUMIN. 

duralumin An alloy of aluminum, copper, magne- 
sium, manganese, and silicon. It offers strength 
with minimal weight. 

duration control A potentiometer or variable ca- 
pacitor for adjusting the duration of a pulse. 

duration time The period during which a pulse is 
sustained (i.e., the interval between turn-on and 
turn-off time). 
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during cycle The interval during which a timer is 
in operation. 

durometer An instrument for measuring the hard- 
ness of a material. 

dust collector See DUST PRECIPITATOR. 

dust core A magnetic core for radio-frequency coils 
consisting of very minute particles of iron or an 
alloy, such as Permalloy. 

dust cover A removable, usually plastic cover for 
electronic and computer equipment, to protect 
hardware during periods of nonuse. 
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dust-ignition-proof motor A motor whose hous- 
ing completely prevents the entry of dust, virtu- 
ally eliminating the danger of fine dust sparking 
inside the machine. 

dust precipitator An electrostatic device for re- 
moving dust, lint, and other particles from the 
air. It consists essentially of a pair of screens or 
wires through which the air passes; a potential of 
several thousand volts is maintained between 
them. The particles acquire a charge, then stick 
to the oppositely charged screen. 

Dutch metal A copper-zinc alloy. 

duty cycle 1. The proportion or percentage of 
time during which a device, circuit, or system is 
operating or handling power. For example, when 
a radiotelegraph transmitter is keyed on and off 
to send Morse code, the duty cycle is approxi- 
mately 50 percent; with frequency-shift keying, 
the duty cycle is 100 percent. 2. The conditions 
under which an electrochemical cell or battery 
is used. In particular, the proportion or percent- 
age of time during which current is drawn from 
the cell or battery for the purpose of operating 
an electrical or electronic circuit, device, or 
system. 

duty cyclometer A direct-reading instrument for 
measuring duty cycle. 

duty factor 1. The ratio Pavg/ Por, where Pag is the 
average power in a system and P,; is the peak 
power. 2. The product of the duration and the 
repetition rate of regularly recurring pulses com- 
prising a carrier. 

duty ratio See DUTY FACTOR, 1. 

DVM Abbreviation of DIGITAL VOLTMETER. 

DVOM Abbreviation of DIGITAL VOLT-OHM- 
MILLIAMMETER. 

dwell meter An instrument that shows the period 
(or angle) during which contacts remain closed. 

dwell switching Switching action in which the 
contacts are held closed (or a circuit kept on) for 
specified periods, as opposed to MOMENTARY 
SWITCHING. 

dwell tachometer A combination dwell meter/ 
tachometer for automobile engine testing and ad- 
justment. The dwell meter allows observation and 
adjustment of the ignition point cam angle; the 
tachometer shows the motor speed in revolutions 
per minute (rpm). 

DX 1. Radiotelegraph abbreviation meaning long 
distance or foreign country. 2. A communication 
or broadcast station located far away and/or ina 
foreign country. 3. Abbreviation of DUPLEX. 

DXer An amateur radio operator who prefers to 
communicate with stations far away and/or in 
foreign countries. 

Dy Symbol for DYSPROSIUM. 

dyadic operation A binary operation (i.e., one us- 
ing two operands). 

dyn Abbreviation of DYNE. 

dyna- A prefix (combined form) meaning power 
(e.g., dynamometer and dynatron). 


dynamic acceleration Acceleration whose magni- 
tude and direction are constantly changing. 

dynamic allocation In multiprogramming, a sys- 
tem in which a monitor program assigns periph- 
erals and areas of memory to a program. 

dynamic analogy A mathematical similarity be- 
tween or among various phenomena involving the 
motion of particles. 

dynamic base current See AC BASE CURRENT. 

dynamic base resistance See AC BASE RESIS- 
TANCE. 

dynamic base voltage See AC BASE VOLTAGE. 

dynamic behavior 1. The behavior of a component, 
device, or system when signals are applied, as 
opposed to static behavior under no-signal condi- 
tions. 2. The behavior of a device or system involv- 
ing the motion of particles over a period of time. 

dynamic braking A technique for stopping a motor 
quickly using a resistor (the dynamic braking re- 
sistance) connected across the spinning arma- 
ture. The resistor dissipates the energy generated 
by the motor, producing a damping action that 
results in braking. 

dynamic characteristic The performance charac- 
teristic of a device or circuit under alternating- 
current (ac) operating conditions, as opposed to 
the static characteristic, when only direct current 
(dc) flows. 

dynamic check 1. A test made under actual oper- 
ating conditions of a device or circuit. 2. A test 
made with an alternating-current (ac) applied sig- 
nal, rather than with direct-current (dc) quanti- 
ties. 

dynamic collector current See AC COLLECTOR 


CURRENT. 

dynamic collector resistance See AC COLLEC- 
TOR RESISTANCE. 

dynamic collector voltage See AC COLLECTOR 
VOLTAGE. 


dynamic contact resistance In relay or switch 
contacts, variation in the electrical resistance of 
the closed contacts because of variations in con- 
tact pressure. 

dynamic convergence Ina color picture tube, the 
meeting of the three beams at the aperture mask 
during scanning. 

dynamic current amplification Abbreviation, 
DCA. An expression of gain in a bipolar transistor. 
Specified as the ratio of the difference in collector 
current Ic to the difference in base current Ig 


DCA = dl¿/ dlg 


Geometrically, the dynamic current amplification 
at a given bias point is the slope of a line tangent 
to the I¿-versus-Ig curve at that point. 

dynamic curve A characteristic curve that ac- 
counts for the presence of resistance in series 
with the device to which the curve applies. 

dynamic debugging Any debugging operation per- 
formed on a computer system during a normal- 
speed program run. 
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dynamic decay Decay resulting from such factors 
as ion charging in a storage tube. 

dynamic demonstrator A teaching aid consisting 
of a board displaying an electronic circuit, behind 
which is mounted the actual circuit. Various cir- 
cuit components (especially adjustable ones) are 
mounted on the front of the board, in clear view 
at places where their circuit symbols appear. Pin 
jacks at important test points in the circuit allow 
connection of a meter, signal generator, and os- 
cilloscope leads for testing or demonstrating the 
circuit. 

dynamic deviation The difference between ideal 
output and actual output of a circuit or device op- 
erating with a reference input that changes at a 
constant rate and is free of transients. 

dynamic diode tester An instrument that displays 
the response curve (or family of curves) of a diode 
on a calibrated oscilloscope screen. The horizon- 
tal axis of the screen indicates voltage, the verti- 
cal axis shows current, and zeros for both 
quantities are at center screen. Also see DY- 
NAMIC RECTIFIER TESTER. 

dynamic drain current See AC DRAIN CURRENT. 

dynamic drain resistance See AC DRAIN RESIS- 
TANCE. 

dynamic drain voltage See AC DRAIN VOLTAGE. 

dynamic dump A dump that occurs during a pro- 
gram run. See DUMPING. 

dynamic electric field An electric field whose in- 
tensity is constantly changing, either periodically 
or in a complex way. 

dynamic emitter current See AC EMITTER CUR- 


RENT. 

dynamic emitter resistance See AC EMITTER 
RESISTANCE. 

dynamic emitter voltage See AC EMITTER VOL- 
TAGE. 


dynamic equilibrium 1. The state of balance be- 
tween constantly varying quantities. 2. The ten- 
dency of two current-carrying circuits to maintain 
at a maximum the magnetic flux linking them. 

dynamic error In a periodic signal delivered by a 
transducer, an error resulting from the restricted 
dynamic response of the device. 

dynamic flip-flop A flip-flop (bistable multivibra- 
tor) that is kept on by recirculating an alternat- 
ing-current (ac) signal. The device can be 
switched on or off by a single pulse. Compare 
STATIC FLIP-FLOP. 

dynamic focus Compensation for defocusing, 
caused by the electron beam sweeping in an arc 
across a flat color picture-tube screen; the 
method uses an alternating-current (ac) focus- 
ing-electrode voltage. 

dynamic gate voltage See AC GATE VOLTAGE. 

dynamic impedance The impedance of a device 
(such as a transistor or diode) when it is operat- 
ing with an applied alternating-current (ac) sig- 
nal, as opposed to its static resistance with only 
direct current (dc) applied. 
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dynamic limiter A limiter, such as is used in fre- 
quency-modulation (FM) receivers, that main- 
tains the output-signal level, despite appreciable 
excursions of input-signal amplitude. 

dynamic loudspeaker See DYNAMIC SPEAKER. 

dynamic magnetic field A magnetic field whose 
intensity is constantly changing, either periodi- 
cally or in a complex way. 

dynamic memory A usually random-access data 
storage method in which the memory cells must 
be electrically refreshed periodically to avoid the 
loss of held data. 

dynamic microphone A microphone in which a 
small coil attached to a vibrating diaphragm or 
cone moves in a uniform magnetic field to gener- 
ate the output signal. 


Diaphragm 


cc 


Sound waves 


Output 
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dynamic mutual conductance See DYNAMIC 
TRANSCONDUCTANCE. 

dynamic noise suppressor A noise limiter consist- 
ing of an audio filter whose bandwidth is directly 
proportional to signal strength (i.e., it is varied 
automatically by signal amplitude). 

dynamic operating line A curve displaying the 
control function of a device. For example, the 
collector-current-versus-base-current curve of a 
bipolar transistor is drawn between the limits of 
saturation and cutoff. 

dynamic output impedance The output impe- 
dance of a power supply, as “seen” by the load. 

dynamic pickup A phonograph pickup whose sty- 
lus causes a small coil to vibrate in the field of a 
permanent magnet. Works on the same principle 
as the DYNAMIC MICROPHONE. 

dynamic printout A printout that occurs as a sin- 
gle function, actuated by one command, and 
completing itself in one operation. 

dynamic problem checking A method of checking 
the solution obtained by an analog computer, to 
see that it makes sense (is not absurd). 

dynamic programming A method of problem 
solving in which continual checks are made to 
ensure accuracy or conformance to a certain set 
of rules. 

dynamic range 1. In high-fidelity audio, the ratio 
of the loudest sound to the faintest sound that 
can be reproduced without significant distortion 
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or noise. It is usually expressed in decibels. 2. In 
a communications receiver, a measure of the 
ability to receive both weak and strong signals 
without excessive noise, distortion, desensitiza- 
tion or other undesirable effects. It is expressed 
in various ways, typically in decibels. 3. The ratio 
between the loudest and faintest sounds, or be- 
tween the strongest and weakest signals, encoun- 
tered in a given environment or situation. It is 
usually expressed in decibels. 

dynamic rectifier tester An instrument that dis- 
plays the response curve of a rectifier on a cali- 
brated oscilloscope screen. During the test, the 
rectifier receives an alternating-current (ac) 
voltage with a low positive peak and high nega- 
tive peak, both corresponding to the rated for- 
ward and reverse voltages (respectively) of the 
rectifier. The horizontal axis of the screen indi- 
cates voltage, the vertical axis indicates current, 
and zeros for both quantities are at center 
screen. 

dynamic regulation In an automatically regulated 
system, such as a voltage-regulated power sup- 
ply, the transient response of the system. Dy- 
namic regulation is determined from maximum 
overshoot and recovery time when the load or line 
value is suddenly changed. 

dynamic regulator A circuit or device providing 
dynamic regulation. 

dynamic reproducer 1. See DYNAMIC MICRO- 
PHONE. 2. See DYNAMIC PICKUP. 3. See DY- 
NAMIC SPEAKER. 

dynamic resistance See DYNAMIC IMPEDANCE. 

dynamic run See DYNAMIC CHECK, 1. See also 
DYNAMIC DEBUGGING. 

dynamics The study of bodies, charges, fields, 
forces, or pulses in motion. Compare STATICS. 

dynamic sequential control In digital computer 
operation, the computer's changing the sequence 
of instructions during a run. 

dynamic source current See AC SOURCE CUR- 


RENT. 

dynamic source resistance See AC SOURCE RE- 
SISTANCE. 

dynamic source voltage See AC SOURCE VOLT- 
AGE. 

dynamic spatial reconstructor Abbreviation, 


DSR. An advanced x-ray machine, developed at 
the Mayo Clinic, that displays organs in three- 
dimensional views in motion, and allows them to 
be electronically dissected without actually 
operating on the patient. 

dynamic speaker A loudspeaker in which a small 
coil (voice coil), attached to a diaphragm or cone 
and carrying an audio-frequency signal current, 
moves back and forth in a permanent magnetic 
field and, accordingly, causes the diaphragm or 
cone to vibrate (emit sound). Compare MAG- 
NETIC SPEAKER. 

dynamic stability A measure of the ability of a 
robot to maintain its balance while in motion. 
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dynamic stop As caused by a computer program 
instruction, a loop indicating the presence of an 
error. 

dynamic storage See DYNAMIC MEMORY. 

dynamic subroutine A form of computer subrou- 
tine that allows the derivation of other subrou- 
tines in various forms. 

dynamic test See DYNAMIC CHECK. 

dynamic transconductance Transconductance 
determined from alternating-current (ac) signal 
parameters, rather than from direct-current (dc) 
parameters. 

dynamic transducer A _ coil-and-magnet device 
that converts mechanical vibration into electric 
currents, or vice versa. Common examples in- 
clude most microphones, headphones, and loud- 
speakers. 

dynamic transfer characteristic An input-output 
characteristic determined, with respect to the 
load of a transfer device. Also see DYNAMIC 
CHARACTERISTIC. 

dynamic transistor tester 1. An instrument for 
checking the alternating-current (ac) gain of a 
transistor, rather than its direct-current (dc) 
beta. 2. An instrument for determining the condi- 
tion of a transistor from its performance in a sim- 
ple oscillator circuit. 3. An instrument that 
displays a transistor response curve, or a family 
of such curves, on a calibrated oscilloscope 
screen. Also see DYNAMIC DIODE TESTER and 
DYNAMIC RECTIFIER TESTER. 

dynamo A mechanical generator of electricity; typ- 
ically a rotating machine. 

dynamoelectric machinery Rotating electric ma- 
chinery. Examples: amplidynes, generators, dy- 
namotors, rotary converters. 

dynamometer 1. See ELECTRODYNAMOMETER. 
2. A device for mechanically measuring the out- 
put power of a motor. 


dynamometer ammeter See ELECTRODYNA- 
MOMETER. 

dynamometer voltmeter See ELECTRODYNA- 
MOMETER. 


dynamophone A dynamometer (see DYNAMO- 
METER, 2) that uses two telephone circuits to 
measure the twist of a shaft. 

dynamostatic machine A machine driven by al- 
ternating-current (ac) or direct-current (dc) power 
for the generation of static electricity. 

dynamotor A (usually small) self-contained 
motor-generator. The motor and generator 
portions are enclosed in a common housing, 
giving the machine the appearance of a simple 
motor. 

dynaquad A pnpn four-layer semiconductor device 
with three terminals, similar to the silicon- 
controlled rectifier or thyristor. 

dynatron A form of vacuum tube that displays a 
negative-resistance characteristic, resulting in 
oscillation at ultra-high and microwave frequen- 
cies. 
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dynatron frequency meter A heterodyne-type fre- 
quency meter using a dynatron oscillator. 

dyne Abbreviation, d. A unit of force. One dyne 
(10% newton) is the force that will give a mass of 
1 gram an acceleration of 1 centimeter per second 
per second. Compare NEWTON. 

dyne-centimeter See ERG. 

dyne-five In the Giorgi mks system, a unit of force 
equal to 1 newton. 

dyne per square centimeter Abbreviation, d/cm?. 
A unit of pressure equal to 0.1 pascal (9.869 x 
107 atmosphere). 

dyne-seven A unit of force equal to 10’ dynes. 

dynistor A semiconductor diode that continues to 
conduct after the forward voltage is reduced be- 
low the normal threshold point. To stop the con- 
duction, a reverse voltage must be applied, or 
voltage must be entirely removed from the device. 
It is used in switching applications. 

dynode In a photomultiplier tube, any of several 
slanting electrodes that receives a beam of elec- 
trons generated by the light-sensitive cathode 
and reflects it, along with secondary electrons. 
This amplifies the beam; the process is repeated 
several times. Thus, the emission from the 
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cathode is greatly amplified when it reaches the 
plate. 

dysprosium Symbol, Dy. An element of the rare- 
earth group. Atomic number, 66. Atomic weight, 
162.50. Dysprosium is a highly magnetic sub- 
stance. 
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E 1. Symbol for VOLTAGE. 2. Symbol for ELEC- 

TRIC FIELD STRENGTH. 3. Abbreviation of 

EMITTER. 4. Symbol for prefix EXA. 5. Symbol 

for ENERGY. 

1. Symbol for VOLTAGE. 2. Abbreviation of 

EMITTER. 3. Symbol for ELECTRON CHARGE. 4. 

Symbol for the natural logarithm base (approxi- 

mately equal to 2.71828). 5. Symbol for ECCEN- 

TRICITY. 6. Abbreviation of ERG. 

EAM Abbreviation of electronic accounting machine. 

E and Mterminals The output and input leads in 
some signaling systems. Also called E and M 
leads. 

early early sound Sound propagated through 
solids and/or liquids that reaches a pickup de- 
vice (such as a microphone) before the sound 
propagated through the air. In general, sound 
waves travel faster as the medium becomes more 
dense. 

early-failure period The period immediately after 
manufacture of a device, during which the failure 
rate (caused by defects in equipment or work- 
manship) is high. 

early-warning radar Abbreviation, EWR. A radar 
system that produces immediate warning when 
enemy aircraft enter the monitored area. 

earphone 1. Headphone (usually a single unit). 
2. Telephone receiver. 3. A miniature acoustic 
transducer that is small enough to be inserted 
into the ear. 

earpiece See EARPHONE, 3. 

earth 1. The ground. 2. An electrical connection to 
the earth (see GROUND CONNECTION, 2). 3. In 
space communications, the planet Earth. 

earth connection See GROUND CONNECTION, 2. 


ES 


earth currents 1. Electric currents induced in the 
earth by current flowing through underground or 
underwater cables. 2. Electric currents flowing 
through the earth between ground connections of 
electrical equipment. 

earth ground 1. A common connection to an elec- 
trode buried in the earth so that good conductiv- 
ity is maintained between the common circuit 
point and the earth itself. 2. A rod driven into the 
surface of the earth for use as a common circuit 
connection. 

earth inductor A magnetometer consisting of a 
coil that is rotated in the earth's magnetic field. It 
delivers an alternating-current (ac) voltage pro- 
portional to the field strength. Also called gener- 
ating magnetometer. 

earth-moon-earth See MOONBOUNCE. 

earth resonance A resonant effect at extremely low 
frequencies, caused by reflection of currents 
within the earth. Resonant currents have been 
tested as a means of communicating with sub- 
marines worldwide. 

earth’s magnetic field Also called geomagnetic 
field. The natural magnetic field whose lines of flux 
extend from north to south. The earth’s magnetic 
poles, also called the geomagnetic poles, do not ex- 
actly coincide with the geographic poles. The field 
somewhat resembles that of a bar magnet. 

Eastern Standard Time Abbreviation, EST. Local 
mean time at the 75th meridian west of Green- 
wich. 

east-west effect The phenomenon in which the 
number of cosmic rays approaching earth near 
the equator from the west is greater than that 
from the east by 10 percent. 
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Eavg Symbol for AVERAGE VOLTAGE. 

E, Symbol for BATTERY VOLTAGE. 

E bend Ina waveguide, a smooth change in the di- 
rection of the axis, which remains parallel to the 
direction of polarization. 

EBI Abbreviation of EQUIVALENT BACKGROUND 
INPUT. 

ebiconductivity Conductivity resulting from elec- 
tron bombardment. 

ebonite Hard rubber used as an insulant. Dielec- 
tric constant: 2.8. Dielectric strength: 30 to 110 
kV/mm. 

EBR Abbreviation of ELECTRON-BEAM RECORD- 
ING. 

EBS Abbreviation of ELECTRON-BOMBARDED 
SEMICONDUCTOR. 

EBS amplifier An amplifying device using an elec- 
tron-bombarded semiconductor. The electron 
beam is modulated by the input signal, and the 
modulated resistance of the semiconductor target 
modulates a relatively heavy current to provide 
an amplified output. Current gains on the order 
of 2000 are possible. 

ec Abbreviation of ENAMEL-COVERED (in refer- 
ence to wire). 

eccentric circle See ECCENTRIC GROOVE. 

eccentric groove On a phonograph record, an off- 
center groove in which the stylus rides at the end 
of the recording, where it causes the tone arm to 
trip the record-changing mechanism. 

eccentricity 1. The condition of being off center, 
intentionally or not. It is often a consideration in 
the behavior of dials, potentiometers, and ser- 
vomechanisms. 2. On a phonograph record, the 
condition in which the spiral recording groove 
and the center hole of the disk are not concentric. 
3. A quantitative expression for the extent to 
which an ellipse is elongated. 

eccentricity of orbit The extent to which the orbit 
or path of a satellite differs from a circle. A 
circular orbit has eccentricity zero. As the orbit 
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becomes elliptical and deviates more and more 
from a perfect circle, the eccentricity increases. 
When the eccentricity reaches 1, the object takes 
a parabolic path through space. If the eccentricity 
exceeds 1, the path is a hyperbola. 

ECCM Abbreviation of ELECTRONIC COUNTER- 
COUNTERMEASURES. 


ECDC Abbreviation of electrochemical diffused col- 
lector. 

ECG Abbreviation of electrocardiogram. (Also, 
EKG.) 


ECG telemetry Use of a radio telemetering system 
to monitor the heart function of a person from a 
distance. 

echelon 1. A level of calibration accuracy, the 
highest echelon being the national standard for 
the particular measurement involved. 2. A level of 
maintenance in which lower ordinal numbers re- 
fer to less-critical tasks, and higher ordinal num- 
bers refer to tasks requiring progressively higher 
skills and technological expertise. 

echelon grating A diffraction grating with ex- 
tremely high resolution. Generally useful only 
over a small range of wavelengths. 

echo 1. A signal that is reflected back to the point 
of origin. 2. A reflected or delayed signal compo- 
nent that arrives at a given point behind the main 
component. 3. A radar blip, indicating an object 
or thundershower. 4. Reflection of the signal ona 
telephone line, caused by improper impedance 
matching, or by overload of the system by too 
many subscribers attempting to use the system 
at the same time. 5. In audio systems, a circuit 
that causes sounds to repeat one or more times, 
at intervals ranging from a fraction of a second to 
several seconds. 6. The effect produced by a cir- 
cuit, as defined in 5. 
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echo area The area of a target that will return a 
radar signal as an echo. 

echo attenuation In a bidirectional wire- 
communication circuit equipped with repeaters 
or multiplexers, the attenuation of echo currents 
set up by conventional operation. 

echo box A resonant-cavity device used to test a 
radar set. Part of the transmitted energy enters 
the box, which retransmits it to the receiver. The 
signal reaching the receiver is a slowly decaying 
transient whose intensity eventually falls below 
the level that can be displayed on the screen; the 
time required to reach this level indicates radar 
performance. 

echo chamber A reverberation chamber, electronic 
recording device, or room for acoustic tests or for 
simulating sonic delays. 

echo check In data communication, a means of 
checking the accuracy of received data by send- 
ing it back to the transmitting station for com- 
parison with the original data. 

echo depth sounder See ACOUSTIC DEPTH 
SOUNDER. 

echo eliminator 1. A device that quiets a naviga- 
tional instrument after receipt of a pulse, to pre- 
vent reception of a subsequent, delayed pulse. 2. 
In a two-way telephone circuit, a voice-operated 
device that suppresses echo currents caused by 
conversation currents going in the opposite direc- 
tion. 

echoencephalograph An ultrasonic medical in- 
strument that allows viewing of internal organs. 
Used for diagnostic purposes in certain situa- 
tions, instead of the X-ray machine. 

echogram In acoustics, a graph of the sound 
decrement in an enclosure. Time is plotted on 
the horizontal axis; signal amplitude is plotted 
on the vertical axis. An intense pulse is transmit- 
ted from a speaker; a microphone picks up the 
echoes and sends them to a pen recorder or mi- 
croprocessor. 

echo intensifier A device used at a radar target to 
boost the intensity of reflected energy. 

echo interference Radio interference resulting 
from a reflected signal arriving slightly later than 
the direct signal. 

echo matching In an echo-splitting radar system, 
the trial-and-error orientation of the antenna to 
find the direction from which the pulse indica- 
tions are identical. 

echo ranging An ultrasonic method of determining 
the bearing and distance of an underwater object. 

echo send In an audio mixer, an output for deliv- 
ering signals to external systems, such as an 
echo box (see ECHO, 5). It can also provide an 
auxiliary output for a second set of speakers, a 
tape recorder, etc. 

echo sounder See ACOUSTIC DEPTH SOUNDER. 

echo splitting Separating a radar echo into two 
parts so that a double indication appears on the 
radar screen. 
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echo suppression In a telephone circuit, a device 
that chokes off reflected waves, thereby minimiz- 
ing audible echo. 

echo suppressor See ECHO ELIMINATOR. 

echo talk Echo in a telephone system that results 
in distracting interference. 

echo wave A reflected wave, such as a radio wave 
reflected alternately between earth's surface and 
the ionosphere. 

ECL Abbreviation of EMITTER-COUPLED LOGIC. 

eclipse effect A decrease in the critical frequency 
of the E and F1 layers of the ionosphere during a 
solar eclipse. 

ecliptic orbit Any orbit that lies in the same plane 
as the orbit of the earth around the sun (the eclip- 
tic plane). The ecliptic plane is slanted about 
23.5° from the plane of the earth’s equator. 

ECM Abbreviation of ELECTRONIC COUNTER- 
MEASURES. 

ECO Abbreviation of ELECTRON-COUPLED OS- 
CILLATOR. 

econometer An instrument for continuously mon- 
itoring the amount of carbon dioxide in (factory) 
flue gases. 

E core A transformer or transducer core having the 
shape of an E. Coils can be wound on one, two, or 
all three of the crosspieces. 
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ECPD Abbreviation of Engineer’s Council for Profes- 
sional Development. 

ECTL Abbreviation of emitter-coupled transistor logic. 

EDD Abbreviation of ENVELOPE-DELAY DISTOR- 
TION. 

eddy current A circulating current induced in a 
conducting material by a varying magnetic field, 
often parasitic in nature. Such a current can, for 
example, flow in the iron core of a transformer. 

eddy-current device A brake, coupling, clutch, 
drag cup, drive unit, or similar device whose op- 
eration is based on the generation of torque, pull, 
or opposition by the action of eddy currents. 

eddy-current heating Heating caused by eddy- 
current loss in a material. 

eddy-current loss Power loss resulting from eddy 
currents induced in nearby structures by an 
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electromagnetic field. Eddy currents in the core of 
a transformer give rise to such loss. 

edge connector A terminal block with a number of 
contacts, attached to the edge of a printed-circuit 
board for easy plugging into a foundation circuit. 

edge control In the manufacture of paper, a 
robotic system for maintaining the width of a 
sheet by sensing the edges and correcting the 
machine accordingly. Transducers that sense the 
passing edges deliver output signals proportional 
to variations from standard width. 

edge detection The ability of a machine vision sys- 
tem to locate and follow boundaries. Used exten- 
sively in mobile robots. 

edge effect The extension of electric lines of flux 
between the outer edges of capacitor plates. This 
portion of the interplate field contributes a small 
amount of capacitance. Because the lines of flux 
are not confined to the space between plates, they 
can cause capacitive coupling with external 
bodies. 


edge effect 


edge-punched card In digital computer opera- 
tions, a punched card whose edge is perforated in 
a narrow column, the center being used for writ- 
ten annotation. 

edgewise meter A meter having a curved horizon- 
tal scale; this arrangement allows mounting the 
instrument edgewise in a panel. 

edgewise-wound coil A coil made of a flat metal 
strip cut in the shape of a coil spring. The design 
allows the use of clips to vary the inductance, but 
this advantage is often offset by the coil’s high 
distributed capacitance. 

edging In a color television picture, extraneous 
color of a different hue than the objects around 
whose edges it appears. 

Edison base A threaded base on light bulbs, cone- 
type heaters, and some pilot lamps. 

Edison battery A group of Edison cells connected 
in series, parallel, or both, and contained in a sin- 
gle package with two electrodes. 

Edison cell A secondary (storage) cell in which the 
active positive plate material consists of nickel 
hydroxide held in steel tubes assembled into a 
steel grid; the active negative plate material is 
powdered iron oxide mixed with cadmium; the 
electrolyte is potassium hydroxide. The open- 
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circuit voltage of the cell is typically 1.2 V at full 
charge. 

Edison distribution system A three-wire, 110- to 
250-volt direct-current (dc) power-distribution 
system. 

Edison effect Thermionic emission of negatively 
charged particles (electrons) from a hot filament 
sealed in an evacuated bulb; they are attracted by 
a cold, positively charged metal plate in the bulb. 

E display A radar display in which the horizontal 
coordinate indicates distance, and the vertical co- 
ordinate indicates elevation. 

edit 1. In tape recording, the modifying of the 
recorded material by deleting (cutting out or eras- 
ing), adding (splicing or overrecording), or chang- 
ing the sequence of the material by physically or 
magnetically altering the tape. 2. In digital com- 
puter operations, to make data ready for process- 
ing. 

edit decision list In the editing of a digital au- 
dio/video presentation, a record of every change 
(cut and paste). The list is automatically made by 
the computer and stored on disk for later refer- 
ence if needed. 

editing 1. Alteration of a magnetic-tape recording 
by means of splicing. 2. Alteration of data stored 
in memory, either by adding information, remov- 
ing information, changing information, or (usu- 
ally) a combination of these operations. 

EDL Abbreviation of EDIT DECISION LIST. 

EDM Abbreviation of ELECTRICAL-DISCHARGE 
MACHINING. 

EDP Abbreviation of electronic data processing. 

EDPC Abbreviation of ELECTRONIC DATA- 
PROCESSING CENTER. 

EDPM Abbreviation of 
PROCESSING MACHINE. 

EDPS Abbreviation of 
PROCESSING SYSTEM. 

EDT 1. Abbreviation of ethylene diamine tartrate (a 
synthetic piezoelectric material). 2. Abbreviation 
of Eastern Daylight Time. 

EDU Abbreviation of electronic display unit. 

educational robot A robot that can be programmed 
for the purpose of teaching its users something. 
Popular as an educational toy for children. 

EDVAC Acronym for Electronic Discrete Variable 
Automatic Computer, a development of the Uni- 
versity of Pennsylvania. 

EE Abbreviation of ELECTRICAL ENGINEER or 
ELECTRONICS ENGINEER. 

Eet Symbol for EFFECTIVE VOLTAGE. 

EEG Abbreviation of ELECTROENCEPHALO- 
GRAM. 

EEPROM Abbreviation of 
ERASABLE PROGRAMMABLE 
MEMORY. See PROM and ROM. 

EES Abbreviation of EARLY EARLY SOUND. 

effective acoustic center The apparent point of 
propagation of spherically divergent sound waves 
radiated by an acoustic generator. 


ELECTRONIC DATA- 


ELECTRONIC DATA- 


ELECTRICALLY 
READ-ONLY 
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effective actuation time The total actuation time 
of a relay (i.e., the sum of the initial actuation 
time and subsequent intervals of contact 
chatter). 

effective address The address a computer uses in 
implementing an instruction (i.e., one not neces- 
sarily coinciding with the address given in the in- 
struction). 

effective ampere An effective current of 1 ampere. 
Also see EFFECTIVE CURRENT. 

effective antenna length See 
LENGTH. 

effective antenna resistance The radiation resis- 
tance of an antenna, as measured at the input 
point. 

effective bandwidth The bandwidth of an ideal 
bandpass filter, which, at a reference frequency, 
has the same transfer ratio as an actual band- 
pass filter under consideration; it also has the 
same current and voltage characteristics. 
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effective capacitance The actual capacitance be- 
tween two points in a circuit resulting from the 
combination of inherent, lumped, and stray ca- 
pacitances. 

effective conductivity Conductivity measured be- 
tween the parallel faces of a unit cube of a mate- 
rial. 

effective confusion area In a radar system, an 
area in which interference makes it impossible to 
see whether a target is present. 

effective current Symbol, Toy. The root-mean- 
square (rms) value of alternating current (see 
EFFECTIVE VALUE). For a sinusoidal current, 
Less = 0.707 Inax, Where Inax is the maximum value 
of the current. Also called rms current. 

effective cutoff See EFFECTIVE CUTOFF FRE- 
QUENCY. 


effective cutoff frequency For a filter or similar 
device operated between specified impedances, 
the frequency at which insertion loss is higher 
than the loss at a specified reference frequency in 
the passband. 

effective field intensity The root-mean-square 
(rms) value of the field-strength voltage, averaged 
for all points at a horizontal distance of one mile 
from a transmitting antenna. 

effective height The height of an antenna in terms 
of its performance as a transmitter or receiver of 
electromagnetic energy. 

effective input capacitance The actual operative 
capacitance present at the input terminals of a 
circuit or device, caused by the shunt capaci- 
tance of the terminals themselves and the net 
capacitance of the circuit connected to the 
terminals. 

effective internal resistance In an electrochemi- 
cal cell or battery, a resistance that originates 
within the electrolyte and electrodes. This resis- 
tance is low when the current drain is low; it rises 
as the current drain increases. It limits the max- 
imum current that the cell or battery can deliver. 

effective isolation The condition of components 
or circuits being so well isolated or shielded that 
no significant direct coupling, capacitive cou- 
pling, or inductive coupling exists between them. 

effective instruction The machine-language ver- 
sion of an instruction given in a computer pro- 
gram, as produced by resident software. 

effectively bonded The condition afforded by an 
extremely low-resistance union between two con- 
ducting surfaces that are solidly fastened to- 
gether. 

effectively grounded The condition of being con- 
nected to earth or to the low-potential end of a 
circuit by means of an extremely low-resistance 
connection. 

effective parallel capacitance Inherent capaci- 
tance that manifests itself in parallel with two cir- 
cuit points in combination with any lumped 
capacitance. 

effective parallel resistance 1. The leakage resis- 
tance that manifests itself in parallel with a 
dielectric (e.g., the leakage resistance of a 
capacitor). 2. Parallel-resistance effects caused 
by stray shunt-resistance components. 

effective percentage of modulation For a com- 
plex waveform, an expression of the equivalent 
percentage of modulation by a pure sine wave. 
Given a certain proportion of power in the side- 
bands with modulation by a complex signal, the 
effective percentage of modulation is that per- 
centage which, when the modulating signal is si- 
nusoidal, results in the same proportion of power 
in the sidebands. 

effective phase angle In alternating-current (ac) 
circuits, the phase angle, with respect to wave- 
forms for current and voltage. When both wave- 
forms are sinusoidal, the effective phase angle is 
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the actual phase angle. But when harmonics are 
present in current or voltage, the angles differ, 
the difference being greater in capacitive circuits 
than in inductive circuits. 

effective radiated power Abbreviation, ERP or 
Per. 1. A measure of the performance of a wireless 
transmitting antenna. Suppose a test antenna, 
Ar, is set up and the field strength in its favored 
direction at a frequency f is measured at a dis- 
tance d in free space. Let the field strength thus 
measured be F watts per square meter. Suppose 
Ar is replaced with an isotropic radiator, Aj, and 
the field strength at the same frequency fis mea- 
sured at the same distance d in free space. Let 
the radio-frequency (RF) power at the feed point 
of the isotropic radiator A; be varied until the field 
strength is F, the same as it was with the test an- 
tenna Ar. Let this RF power be symbolized P. 
Then P is defined as the effective radiated power 
(ERP or Per) of the test antenna, Ar. 2. The figure 
defined as in (1), measured in some direction 
other than the favored direction of a test antenna. 

effective resistance 1. In a coupled circuit, the 
sum of the actual resistance of the circuit and the 
reflected resistance of the load. 2. See EFFEC- 
TIVE ANTENNA RESISTANCE. 

effective series inductance Inherent (distribu- 
ted) inductance acting in series with other com- 
ponents in a circuit. The inherent inductance of 
the wire in a wirewound resistor, for example, 
manifests itself in series with the resistance of the 
device. 

effective series resistance Inherent (distributed) 
resistance acting in series with other components 
in a circuit. Thus, the inherent resistance of the 
wire in a coil appears in series with the induc- 
tance of the coil. Likewise, a capacitor has an ef- 
fective series resistance because of the resistance 
of the leads, plates, and connections. 

effective shunt capacitance See EFFECTIVE 
PARALLEL CAPACITANCE. 

effective shunt resistance See EFFECTIVE PAR- 
ALLEL RESISTANCE. 

effective sound pressure The root-mean-square 
(rms) value of instantaneous sound pressure at 
one point in a sound cycle. 

effective speed of transmission In telegraphy 
(wire or radio) and in electronic data transmis- 
sion, the transmission speed (characters per 
minute, bits per second, etc.) that can be reliably 
maintained for a given period. 

effective thermal resistance The effective tem- 
perature rise (in degrees per watt of dissipation) 
of a semiconductor junction above an external 
reference temperature that is at equilibrium. 

effective time For a computer, the time during 
which useful work is performed. 

effective transmission speed See EFFECTIVE 
SPEED OF TRANSMISSION. 

effective value The root-mean-square (rms) value 
of an alternating-current (ac) quantity. The 
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effective value an alternating current produces in 
a pure resistance has the same heating effect as 
the equivalent direct current. See also ROOT 
MEAN SQUARE. 

effective volt An effective potential of one root- 
mean-square (rms) volt. Also see EFFECTIVE 
VOLTAGE. 

effective voltage Symbol, E. The root-mean- 
square value of alternating-current (ac) voltage 
(see EFFECTIVE VALUE). For a sinusoidal volt- 
age, Eeg = 0.707 Emax, Where Emax is the maximum 
value of the voltage. Also called rms voltage. 

effective wavelength Wavelength in terms of mea- 
sured frequency and effective propagation velocity. 

effects processor In audio systems, a circuit that 
produces various sound effects via digital signal 
processing. 

efficiency 1. The ratio of useful power or energy 
output to total power or energy input to a device 
or system. 2. The proportion of applied audio- 
frequency (AF) power that a loudspeaker converts 
into acoustic energy. 3. See ELECTRICAL EFFI- 
CIENCY. 

efficiency modulation A system of amplitude 
modulation in which the efficiency of a radio- 
frequency (RF) power amplifier is varied at an au- 
dio-frequency (AF) rate. 

efficiency of rectification For a rectifier, the ratio 
of the direct-current (dc) output voltage to the 
peak value of alternating-current (ac) input volt- 
age. For percent efficiency, the ratio is multiplied 
by 100. 

efflorescence The giving up of water by a sub- 
stance upon exposure to air. Some materials used 
in electronics exhibit this property. Common efflo- 
rescent compounds are hydrated ferrous carbon- 
ate, ferrous sulfate, and sodium carbonate. 

efflorescent material A material exhibiting efflo- 
rescence. Compare DELIQUESCENT MATERIAL. 

E field 1. An electric field. 2. the electric-field com- 
ponent of an electromagnetic wave. 

EFL Abbreviation of emitter-follower logic. 

E; Symbol for GENERATOR VOLTAGE. 

EHD Abbreviation of electrohydrodynamic(s). 

EHF Abbreviation of EXTREMELY HIGH FRE- 
QUENCY. 

EHP Abbreviation of effective horsepower. 

E-H tee A waveguide junction in which E- and 
H-plane tee junctions intersect the main wave- 
guide at the same point. Also see WAVEGUIDE 
TEE. 

E-H tuner An impedance-transforming E-H tee 
with two arms that are terminated in tunable 
plungers for critical adjustments. See WAVE- 
GUIDE PLUNGER. 

EHV Abbreviation of extra-high voltage. 

E, Symbol for INPUT VOLTAGE. 

EIA Abbreviation of Electronics Industries Associa- 
tion. 

eight-level code A code, such as the American 
Standard Code for Information Interchange (ASCII), 
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in which each character is represented by eight 
bits. 

E indicator A radar elevation display, in which the 
horizontal scale shows range and the vertical 
scale shows elevation. 

Einstein equation The equation depicting the 
interconversion of mass and energy; E = mc’, 
where E is energy (ergs), mis mass (grams), and c 
is the speed of light in a vacuum (centimeters per 
second). 

einsteinium Symbol, Es. A radioactive element 
produced artificially. Atomic number, 99. Atomic 
weight, 252. 

Einstein/Dehaas effect The tendency for an iron 
or steel cylinder to become magnetized as it ro- 
tates. 

Einstein shift The decrease in frequency and loss 
of energy experienced by quanta acted upon by 
gravitation. 

Einthoven string galvanometer A simple gal- 
vanometer in which a silvered glass filament car- 
rying current is mounted in a magnetic field set 
up by either a permanent magnet or an electro- 
magnet. The current causes the filament to be de- 
flected through a distance proportional to current 
strength, the deflection being observed through a 
microscope. 

EIT Abbreviation of engineer-in-training. 

either-or operation The logical inclusive-OR oper- 
ation. 

EJC Abbreviation of Engineers” Joint Council. 

eka-aluminum See GALLIUM. 

eka-silicon See GERMANIUM. 

EKG Abbreviation of ELECTROCARDIOGRAM. 
(Also, ECG.) 

EKG telemetry See ECG TELEMETRY. 

EL Abbreviation of ELECTROLUMINESCENCE. 

elapsed time 1. In data-processing and computer 
operations, what appears to be the duration of a 
process, compared with actual processing time, 
as measured by internal clocks, for example. 
2. The accumulated time, usually expressed in 
hours, minutes, and seconds, that an operation 
takes or a machine runs. 

elapsed-time meter An instrument that indicates 
the time an electronic device or system has been 
in operation. Most such meters are based on elec- 
tric clockwork that runs only while the system is 
in operation, holding the count during shutdown 
periods. Also see ELECTROLYTIC ELAPSED- 
TIME METER. 

elastance Unit, daraf. The opposition of a capaci- 
tor to being charged. It is the reciprocal of capac- 
itance. 

elastic collision A collision between two charged 
particles in which neither loses energy—even 
though they are deflected from their normal paths. 

elasticity 1. The ability of a body to return to its 
original shape after being deformed. See 
YOUNG’S MODULUS. 2. See ELASTIVITY. 

elastic limit The maximum stress that can be 
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tolerated by a material without being perma- 
nently deformed. 

elastic wave A wave in an elastic medium, such as 
air or water; thus, a wave that is mechanically 
produced. 
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elastivity 1. Specific elastance (i.e., the elastance 
in darafs per cubic unit of a dielectric). 2. The ra- 
tio of electric stress to displacement. 

elastomer A compressible, conducting substance 
used in pressure sensing. In one arrangement, an 
array of electrodes is connected to each side of a 
pad of the material. When pressure appears at 
some point, the material compresses, lowering 
the resistance in the pressure zone. A micropro- 
cessor determines the location and extent of the 
pressure. 

E layer A layer in the ionosphere that is 50 to 90 
miles above the surface of the earth, and is noted 
for returning radio waves at high and very-high 
frequencies. 

elbow bend A 90-degree bend in a waveguide. 

ELD Abbreviation of edge-lighted display. 

electra A radio-navigational system in which 
equal-intensity signal zones (usually 24) are pro- 
vided. 

electralloy A nonmagnetic alloy used in the manu- 
facture of radio hardware, such as chassis. 

electre See ELECTRUM. 

electrepeter A device used to change the direction 
of an electric current. 

electret A device whose heart is a dielectric disk or 
slab that is permanently polarized electrically, 
and so possesses a permanent electric field. The 
electrical equivalent of the permanent magnet. 
Certain waxes, ceramics, and plastics acquire 
permanent polarization after they have been 
heated, then cooled slowly in an intense electric 
field. 

electret microphone Also called electret capacitor 
microphone. A microphone in which sound 
waves cause an electret to vibrate and generate 
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audio-frequency (AF) output current. An inter- 
nal power supply (such as a battery) supplies 
the necessary voltage. 

electric 1. Pertaining to electricity and its various 
manifestations. 2. See ELECTROSTATIC. 

electric absorption See DIELECTRIC ABSORP- 
TION. 

electric accounting machine A self-contained 
data-processing machine that is neither a com- 
puter nor a computer peripheral. 

electrical-acoustical transducer A transducer, 
such as a headphone, sonic applicator, or buzzer, 
that converts electrical energy into sound energy. 
Compare ACOUSTICAL-ELECTRICAL TRANS- 
DUCER. 

electrical angle The angle assumed at any instant 
by the rotating vector representing an alternating 
current or voltage. A complete cycle is divided 
into 360 electrical degrees. Thus, for an alternat- 
ing-current (ac) sine wave, the angle is O degrees 
for zero and positive-going, 90 degrees for positive 
maximum, 180 degrees for zero and negative- 
going, and 270 degrees for negative maximum. 


Amplitude 


electrical angle 


electrical attraction The attraction between two 
oppositely charged bodies or particles. Compare 
ELECTRICAL REPULSION. 

electrical axis In a quartz crystal, the axis through 
opposite corners of the hexagonal cross section. 
The various electrical axes are x, x’, and x” (or x- 
x, X-X, and x”-x”). The electrical axis is perpen- 
dicular to the mechanical axis, which runs 
through the crystal’s length. Also see CRYSTAL 
AXES and X-AXIS, 2. 

electrical bail An action in which a special switch 
changes contact position and locks itself in that 
position after a station has been actuated, at the 
same time releasing a previously actuated sta- 
tion. 

electrical bandspread In a tuned circuit, band- 
spread obtained by changing values of induc- 
tance or capacitance, rather than by mechanical 
gearing. 
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electrical bias A current maintained in a relay coil 
(sometimes an auxiliary coil) to keep the relay 
partially closed, thus sensitizing it. Compare ME- 
CHANICAL BIAS. 

electrical boresight In radar operations, the 
tracking axis, as determined by an electrical test, 
such as one involving a sharp null or sharp peak 
response. 

electrical center The point at which an adjustable 
component (variable resistor, variable inductor, 
etc.) has exactly half its total value. This point 
does not always coincide with the physical center. 

electrical conductance See CONDUCTANCE. 

electrical conduction The flow of charge carriers 
through a material. The degree of conduction is 
indicated by the material's value of conductance. 

electrical conductivity See CONDUCTIVITY. 

electrical coupling The coupling of two or more 
circuits or elements by means of electric-field ef- 
fects. 

electrical degree 1. In a periodic waveform, the 
length of time corresponding to %co of the time for 
completion of one cycle. 2. In space, that dis- 
tance representing /5s of the wavelength in the 
medium through which electromagnetic energy 
travels. 

electrical discharge The flow of current out of a 
voltage reservoir, such as a battery or capacitor. 

electrical discharge in gases The phenomenon of 
electric conduction (current) by a gas, caused by 
sudden breakdown as a result of gas ionization. 
The discharge is often accompanied by light, as in 
the red glow of a neon bulb. 

electrical-discharge machining A method of ma- 
chining metals in which the metal is vaporized by 
an arc formed between an electrode and the metal 
workpiece (anode). In this way, metal is removed 
in tiny bits from the surface of the workpiece. 

electrical distance Distance in terms of the time 
required for an electromagnetic wave to travel be- 
tween two points in a particular medium. 

electrical drainage The diversion of electric cur- 
rents away from underground pipes to prevent 
corrosion by electrolysis. 

electrical efficiency The ratio of the output of an 
electrical or electronic device to the total input. It 
can be expressed as a decimal or percentage. For 
example, for a bipolar transistor amplifier, the 
percent efficiency is equal to 100(Pout/ Pin), where 
Pin is the collector input in volt-amperes, and Pout 
is the output power in watts. 

electrical elasticity See CAPACITANCE. 

electrical element See ELEMENT, 2. 

electrical energy Energy in the form of electricity 
(see ELECTRICITY, 1). The term is often used in 
place of ELECTRICITY. 

electrical engineer Abbreviation, EE. A trained 
professional skilled in applying physics and math- 
ematics to electricity, and in the theory and appli- 
cation of basic engineering and related subjects. 
Of particular interest to the EE are the generation 
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and distribution of electrical energy and the de- 
sign and application of electromechanical devices. 
Compare ELECTRONICS ENGINEER. 

electrical erosion In electrical contacts, the loss of 
metal as a result of the evaporation or transfer of 
metal during switching. 

electrical filter A bandpass, band-rejection, high- 
pass, or low-pass filter that operates by electrical 
means. Examples: Butterworth filter and Cheby- 
shev filter. 

electrical forming See ELECTROFORM, 1. 

electrical gearing In an electromechanical sys- 
tem, such as a servo, the condition in which an 
output shaft is electrically rotated at a speed dif- 
ferent from that of an input shaft. 

electrical glass High-temperature insulating ma- 
terials made from glass fibers. 

electrical inertia See INDUCTANCE. 

electrical initiation 1. Starting an action (electri- 
cal or nonelectrical) by means of an electrical sig- 
nal. 2. Using an enabling pulse. 

electrical instrument A device for measuring an 
electrical quantity (such as voltage, current, or 
power). 

electrical interlock Also called an interlock switch 
or door-interlock switch. A door- or lid-operated 
switch connected in series with the power switch 
of a piece of equipment. The interlock causes 
power to be removed from internal circuits when- 
ever the door is opened, the lid lifted, or the case 
removed. This minimizes the chance for electric 
shock to occur to service personnel. 

electrical length The length, in wavelengths, of an 
antenna or transmission line. The electrical 
length usually differs from the actual length be- 
cause of ground-capacitance effects, end effects, 
and the speed of electromagnetic waves in con- 
ductors and/or dielectrics. 

electrical load A device connected to a source of 
electricity (generator, amplifier, network, etc.) for 
a useful purpose (heat, work, etc.). 

electrically connected Connected via direct path, 
such as through a wire, resistance, inductance, 
or capacitance. 

electrically erasable PROM A programmable 
read-only memory (PROM) that can be erased by 
an electrical signal, rather than by exposure to 
ultraviolet light. Also see PROM and ROM. 

electrically variable capacitor See VOLTAGE- 
VARIABLE CAPACITOR. 

electrically variable inductor An inductor whose 
value varies inversely with the amount of direct 
current that is caused to flow through it or 
through an auxiliary winding on the same core. 

electrically variable resistor See VOLTAGE- 
DEPENDENT RESISTOR. 

electrical nature of matter The general behavior 
of matter as a complex interplay of waves and 
particles. Also see ELECTRON THEORY OF MAT- 
TER, WAVE MECHANICS, and WAVE THEORY 
OF MATTER. 
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electrical network A circuit containing two or 
more components (including generators and 
loads), usually arranged in some pattern. 

electrical noise Extraneous currents and/or volt- 
ages that interfere with desired electrical quanti- 
ties. Compare ACOUSTIC NOISE. 

electrical polarity The distinct difference observ- 
able in electrification, designated positive (or 
plus) and negative (or minus). Negative electrifi- 
cation is generally characterized by a surplus of 
electrons; positive electrification is characterized 
by a deficiency of electrons. 

electrical quantity 1. See COULOMB and QUAN- 
TITY, 3. 2. An electrical unit (e.g., AMPERE, 
OHM, VOLT, and WATT). 

electrical repulsion The mutual repulsion of bod- 
ies or particles having similar electric charges. 
Two positively charged objects will repel each 
other, as will two negatively charged objects. 

electrical reset An electromechanical device for 
resetting a relay that ordinarily remains in the 
position resulting from actuation. 

electrical resistance The in-phase current- 
retarding effect that all conductors exhibit to 
some extent. Also see RESISTANCE. 

electrical resistivity See RESISTIVITY. 

electrical resolver A synchro whose rotor has two 
perpendicular windings in addition to another 
winding. 

electrical scan A method of changing the orienta- 
tion of the major lobe of an antenna. The antenna 
is kept physically stationary, but the phase/ 
amplitude relationships of the signals applied to 
different driven elements are varied. 

electrical sheet Sheet iron or steel used for motor 
laminations. 

electrical system 1. The overall configuration of 
electrical elements for a set of apparatus. 2. The 
wiring system that supplies power to a set of de- 
vices. 3. One of several methods of quantizing 
electrical properties, such as METER-KILOGRAM- 
SECOND (mks), CENTIMETER-GRAM-SECOND 
(cgs) electromagnetic, cgs electrostatic, and the 
INTERNATIONAL SYSTEM OF UNITS (SI). 

electrical taste See GALVANIC TASTE. 

electrical technology The theory and practical 
application of electricity. Taught as a subengi- 
neering major, usually in two-year colleges that 
award the degree of Associate in Arts (AA) or As- 
sociate in Science (AS). 

electrical time constant For a torque motor, the 
ratio of armature inductance to effective arma- 
ture resistance. Compare MECHANICAL TIME 
CONSTANT. 

electrical transcription 1. A phonograph record 
made electrically, as opposed to one made me- 
chanically. 2. A radio program in which such a 
record is played. 3. Any direct mechanical or elec- 
trical recording of an audio signal. 

electrical transducer 1. A transducer that converts 
a nonelectrical phenomenon into a proportional 
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current, voltage, or frequency. 2. A transducer 
that converts electricity in one form to electricity in 
another [e.g., a transducer actuated by direct- 
current (dc) voltage, delivering an alternating- 
current (ac) output, whose frequency is 
proportional to the dc input voltage]. 

electrical twinning A defect in which two quartz 
crystals intergrow in such a way that the electri- 
cal sense of their axes becomes reversed. Com- 
pare OPTICAL TWINNING. 

electrical unit A standard for measuring an elec- 
trical quantity (e.g., ampere, ohm, volt, waitt, 
siemens, etc.). 

electrical wavelength The distance between one 
point in an electromagnetic wave cycle and the 
next identical point. This is usually expressed as 
the separation between points where the instan- 
taneous amplitude of the electric field is zero and 
increasing positively. This quantity depends on 
the velocity factor, v, of the medium through, or 
along, which the field propagates. The electrical 
wavelength also depends on the frequency, f, of 
the energy. In a transmission line with a velocity 
factor v (given as a fraction rather than as a per- 
centage), the electrical wavelength À is given by 


X= 3.00 x 10° v / f 


where s is in meters, v is in meters per second, 
and fis in hertz. Often, this formula is modified 
for values of f expressed in megahertz (Mhz) 
rather than in hertz. The equation in this case 
becomes 


X= 300 v / f 
The wavelength of a signal in a radio-frequency 


(RF) transmission line is always less than the 
wavelength of the same signal in free space. 
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electrical zero 1. A zero-output or minimum- 
output point resulting from the adjustment of a 
bridge or other zero-set circuit. 2. In a meter 
whose pointer is mechanically set to some point 
above or below the zero on the scale, the zero set- 
ting obtained when the meter is deflected to scale 
zero by a current or voltage. 3. For a synchro, the 
position at which the amplitudes and time phase 
of the outputs are defined. 
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electric and magnetic double refraction See 
KERR ELECTRO-OPTICAL EFFECT and KERR 
MAGNETO-OPTICAL EFFECT. 

electric arc A sustained luminous discharge in the 
space between two electrodes. Compare ELEC- 
TRIC SPARK. 

electric aura See ELECTRIC WIND. 

electric balance See BRIDGE, 1 and 2. 

electric bell See BELL. 

electric brazing A method of brazing in which 
electric current generates the required heat. 

electric breakdown 1. The usually sudden ioniza- 
tion of a gas by an electric field and the accompa- 
nying heavy current flow through the gas. 2. The 
(destructive) puncture of a dielectric by the strain 
produced by high voltage. Also see DIELECTRIC 
STRENGTH. 3. The usually nondestructive, 
abrupt increase in semiconductor junction cur- 
rent at a high reverse voltage. See, for example, 
AVALANCHE BREAKDOWN. 

electric breakdown voltage 1. The voltage at 
which avalanche effect occurs. 2. Dielectric 
strength. 

electric breeze See ELECTRIC WIND. 

electric buzzer See BUZZER. Compare ELEC- 
TRONIC BUZZER. 

electric calculator An electrically driven machine 
for performing mathematical operations. Its elec- 
tromechanical nature distinguishes it from the 
electronic calculator, which features no moving 
parts, other than keys. Also see CALCULATOR. 

electric catfish A fish native to tropical and north- 
ern Africa, capable of delivering a strong electric 
shock. 

electric cell See CELL, 1. 

electric chair An electrode-bearing chair used in 
some states for administering the death penalty 
via high-voltage electricity. See ELECTROCU- 
TION. 

electric charge Potential energy as the electrifica- 
tion of a body or component. For a capacitance of 
C farads charged to a potential of E volts, the 
charge Q, in coulombs, is equal to the product 
CE. Also see ENERGY STORED IN CAPACITOR. 

electric chronograph An instrument for accu- 
rately recording time intervals. 

electric chronometer A precision electric or elec- 
tronic timepiece. Also see ELECTRIC CLOCK and 
ELECTRONIC CLOCK. 

electric circuit A network of interconnected com- 
ponents and devices, often including a source of 
electric power. Current flowing through a circuit 
is acted on by components, which produce spe- 
cific desired effects. 

electric clock A clock driven by electric current. 
Electric clocks fall into two categories: those 
driven by synchronous alternating-current (ac) 
motors, and those driven by stepping mecha- 
nisms that usually operate from direct current 
(dc). 

electric column See VOLTAIC PILE. 
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electric conduction The flow of current carriers 
through a conductor. 

electric constant Also called permitivity of vac- 
uum. The fixed electrical permitivity of free space, 
the value of which is 8.8542 x 107*? farad per 
meter. 

electric contact See CONTACT, 1, 2. 

electric controller An adjustable device for modi- 
fying the operating voltage or power of a com- 
ponent or system. Compare ELECTRONIC 
CONTROLLER. 

electric cooling 1. Cooling via PELTIER EFFECT. 
2. See ELECTROSTATIC COOLING. 3. Forced-air 
cooling (of equipment) by electric blowers or fans. 

electric current The phenomenon wherein charge 
carriers move in a directed manner through a 
material or vacuum. In most electrical conduc- 
tors, current results from movement of electrons. 
In a semiconductor material, electric current can 
result from the movement of holes, as well as 
electrons; the proportion of holes to electrons de- 
pends on the nature of the semiconductor. In a 
gas or electrolyte, current consists of a flow of 
ions. In certain situations, electric currents can 
result from the movement of positrons, protons, 
anti-protons, alpha particles, and various atomic 
nuclei. 

electric current density See CURRENT DENSITY. 

electric delay line See DELAY LINE. 

electric density See ELECTRIC SPACE DENSITY 
and ELECTRIC SURFACE DENSITY. 

electric dipole A pair of equal charges having op- 
posite polarity and separated by a fixed distance. 

electric discharge See ELECTRICAL DISCHARGE. 

electric-discharge lamp See DISCHARGE LAMP. 

electric disintegration See ELECTRIC DISPER- 
SION. 

electric dispersion In a colloidal suspension, dis- 
persion accomplished by passing an electric cur- 
rent through the material. 

electric displacement The movement of a body or 
particle in response to an electric current or field. 

electric double refraction See KERR ELECTRO- 
OPTICAL EFFECT. 

electric dust precipitator See DUST PRECIPITA- 
TOR. 

electric eel An eel (fish) capable of delivering a dis- 
abling shock on contact. 

electric elasticity See ELASTIVITY, 1, 2. 

electric endosmosis See ELECTRO-OSMOSIS. 

electric eye A sensing device that uses a radiant 
energy beam to detect objects. It generally uses a 
laser diode as the beam source, and a photoelec- 
tric cell, phototransistor, or photovoltaic cell as 
the beam detector. The output is used to control 
some external machine or system. 

electric fence A wire fence through which an elec- 
tric current is passed. Anyone touching the fence 
will receive a shock. It is used in some prisons, 
and also by cattle ranchers to keep people or an- 
imals contained. 
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electric fidelity The frequency response of a cir- 
cuit or device. 

electric field The space surrounding an electric 
charge or charged body, in which electric energy 
acts (electric lines of flux fill the space). 

electric field intensity See ELECTROSTATIC 
FIELD INTENSITY. 

electric field strength 1. Symbol, E. In an electro- 
magnetic wave, the amplitude of the electric com- 
ponent of the field, expressed in volts per meter. 
2. Dielectric strength. 

electric-field vector See 
STRENGTH, 1. 

electric filter See ELECTRIC WAVE FILTER. 

electric fish Fish capable of generating intense elec- 
tric shocks (e.g., electric catfish and electric eel). 

electric flux See ELECTROSTATIC FLUX. 

electric flux density Symbol, D. In an electric 
field, the number of lines of flux per unit area, 
usually expressed in coulombs per square meter. 

electric flux lines The direction of the electric field 
in the vicinity of a charged object. The field is de- 
noted by means of “lines of flux” or “lines of 
force,” with each line representing a designated 
electric field intensity. The closer together the 
lines, the more intense the field in a given region. 

electric focusing See ELECTROSTATIC FOCUS- 
ING. 

electric force The force exerted by an electrically 
charged particle or an electric field. 

electric forces The forces exerted by electric 
charges or electric fields. Also see UNIT ELEC- 
TROSTATIC CHARGE. 

electric furnace An electrically heated chamber 
(sometimes heated by an electric arc) used in ore 
reduction, carbide manufacture, and other high- 
temperature processes. 

electric generator A device for producing elec- 
tricity. Thus, many different devices, such as bat- 
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teries, dynamos, oscillators, solar cells, and ther- 
mocouples, are classed as generators. 

electric glow The light (usually pale blue) that oc- 
casionally accompanies an electric discharge in 
air. 

electric guitar A guitar whose acoustic vibrations 
are converted by a transducer to an electrical sig- 
nal for amplification. 

electric hygrometer An instrument for measuring 
humidity in terms of the moisture-sensitive resis- 
tance of a sensor. A relatively simple direct- 
current (dc) circuit is used. Compare 
ELECTRONIC HYGROMETER. 

electric hysteresis See ELECTROSTATIC HYS- 
TERESIS. 

electrician A professional person who installs and 
services electrical equipment and wiring. 

electric image For solving certain problems in- 
volving electricity, an array of electrical points 
forming an image of certain other electrical 
points. 

electricity 1. Phenomena resulting from the exis- 
tence of stationary or moving electric charge car- 
riers, such as electrons, holes, and ions. 2. A 
branch of physics concerned with phenomena re- 
sulting from the existence of stationary or moving 
charge carriers. 3. Electrical energy or power. 4. 
The voltage existing at utility outlets. In the North 
America, this is nominally an alternating-current 
(ac) voltage of 117 or 234 V at 60 Hz. 

electric lamp An electric-powered device used pri- 
marily as a source of light. Common types are 
arc, incandescent, and fluorescent. 

electric light 1. Visible light produced by means of 
electricity. 2. Electric lamp. 

electric lines of flux Lines of flux associated with 
an electric charge and constituting the charge’s 
electric field. 
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electric machine A mechanical device for generat- 
ing static electricity. See, for example, ELEC- 
TROSTATIC GENERATOR, VAN DE GRAAFF GEN- 
ERATOR, and WIMSHURST MACHINE. 

electric meter 1. An instrument such as an am- 
meter, voltmeter, or wattmeter, used to indicate 
an electrical quantity (usually directly). 2. See 
KILOWATT-HOUR METER. 

electric mirror See ELECTRON MIRROR. 

electric moment In an electric field of unit inten- 
sity, the maximum torque exerted on an electric 
dipole. 

electric motor A machine that converts electrical 
energy into mechanical work. The familiar form is 
a machine in which an armature rotates between 
the poles of a field magnet, mechanical energy be- 
ing produced at the armature’s revolving shaft. 

electric needle A needle electrode carrying high- 
frequency current; it is used in surgery to cut tis- 
sue and sear it immediately to prevent bleeding. 

electric network See ELECTRICAL NETWORK. 

electric organ See ELECTRONIC ORGAN. 

electric oscillations The alternate flow of electric 
charges in opposite directions, occurring at a de- 
fined frequency or frequencies. 

electric osmosis See ELECTRO-OSMOSIS. 

electric piano See ELECTRONIC PIANO. 

electric polarization 1. The orientation of flux 
lines in an electric field. 2. The orientation of the 
electric field component in an electromagnetic 
field. 

electric potential See ELECTROSTATIC POTEN- 
TIAL. 

electric power Symbol, P. Unit, watt. The rate at 
which electrical energy is used. Power is energy 
per unit time; in the context of electricity, it is ex- 
pressed as the product of current and voltage. In 
terms of heat losses, it is often expressed as I?R 
(current in amperes squared, multiplied by resis- 
tance in ohms). 

electric precipitator See DUST PRECIPITATOR. 

electric probe A pin or rod inserted into an elec- 
trostatic field to sample it, or into an electromag- 
netic field to sample its electric component. See, 
for example, WAVEGUIDE PROBE. Compare 
MAGNETIC PROBE. 

electric radiation 1. The radiation of energy by 
means of electric waves. 2. The energy so radiated. 

electric recording Inkless recording on paper by 
direct use of an electric current. The two principal 
types are: (1) A current-carrying stylus burns 
away (in a fine line) the metallic coating of the 
recording paper, exposing the dark underlying 
layer. (2) A stylus delivers current that produces 
a line by means of electrolysis in a special paper 
(see ELECTROLYTIC RECORDER). Compare 
ELECTROSTATIC PRINTER. 

electric reset See ELECTRICAL RESET. 

electric residue A residual electric charge, such as 
might remain on a capacitor after it has been in- 
completely discharged. 
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electric rings Colored rings formed on a plate by 
the electrolytic deposition of substances, such as 
copper and some peroxides. 

electric screen See ELECTROSTATIC SCREEN. 

electric shield See ELECTROSTATIC SCREEN. 

electric shock A physiological reaction caused by 
the passage of electric current through living tis- 
sue. When slight, it is characterized by tingling 
sensations and involuntary contractions of the 
muscles; a severe shock can cause paralysis, un- 
consciousness, heart fibrillation, and/or burns. If 
heart fibrillation occurs or if burns are severe, 
death can result. 

electric spark A momentary, luminous discharge 
of electricity in the space between two electrodes. 
Compare ARC, 1. 

electric steel Steel that has been processed in an 
electric furnace. 

electric strain See DIELECTRIC STRAIN. 

electric strain gauge A device for detecting the 
strain that a certain stress produces in a body. 
Typically, such a gauge consists of one or more 
fine insulated wires cemented to the surface un- 
der test. As the surface becomes strained, the 
wire stretches, undergoing a change in electrical 
resistance that is proportional to the change in 
strain. 

electric strength See DIELECTRIC STRENGTH. 

electric stress See DIELECTRIC STRESS. 

electric stroboscope See ELECTRONIC STROBO- 
SCOPE. 

electric surface density The ratio of the electric 
charge on a surface to the area of the surface. 
Compare ELECTRIC VOLUME DENSITY. 

electric tachometer See ELECTRONIC TACHO- 
METER. 

electric telemeter A device that sends metered 
data over a wire transmission line to a remote 
point for monitoring. 

electric thermometer See ELECTRONIC THER- 
MOMETER. 

electric transcription See ELECTRICAL TRAN- 
SCRIPTION. 

electric transducer A transducer that responds to 
non-electric energy, then delivers a proportional 
electric current or voltage to another circuit. 

electric tuning A means of adjusting the fre- 
quency of a receiver, transmitter, transceiver, or 
oscillator, without the use of mechanical devices. 
An example is the use of a varactor diode, whose 
capacitance varies with voltage. 

electric utilities The power companies that sup- 
ply electric current for industrial and consumer 
use. 

electric vane A small demonstration device con- 
sisting of a rotor having several spokes terminat- 
ing in points. The rotor is mounted on a pivot 
bearing and, when it is connected to a source of 
high voltage, spins from the force of electricity 
escaping from the points into the surrounding 
air. 
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electric vector In an electromagnetic field, the 
vector representing the electric component. It is 
perpendicular to the magnetic vector. 

electric volume density The ratio of the electric 
charge in a space to the volume of the space. 
Compare ELECTRIC SURFACE DENSITY. 

electric watch A small timepiece driven by a tiny, 
self-contained electrochemical cell that drives an 
electrical escapement or other stepping mecha- 
nism. Compare ELECTRONIC WATCH. 

electric wave See ELECTROMAGNETIC WAVES. 

electric-wave filter A circuit or device for separat- 
ing signals of one frequency from those of other 
frequencies. 

electric whirl See ELECTRIC VANE. 

electric wind 1. Air currents set up by electrons 
escaping from the sharp point of a high-voltage 
electrode. 2. The outward-rushing plasma (solar 
wind) ejected by the sun and traveling through 
space. 

electrification 1. Generating an electric charge in 
a body, as in charging a glass rod by rubbing it 
with a silk cloth. 2. Providing electric service (e.g., 
RURAL ELECTRIFICATION). 3. The conversion of 
a system from purely mechanical to electrical or 
electromechanical. 

electroacoustic Pertaining to devices and systems 
that exhibit both electrical and acoustic effects. 
For example, speakers and microphones are elec- 
troacoustic devices. 

electroacoustic device A device that transfers en- 
ergy by converting it from electrical to acoustic 
form or vice-versa. 

electroacoustic transducer A transducer that 
converts sound vibrations into electrical pulsa- 
tions or, conversely, one that converts electricity 
into sound. 

electroanalysis Chemical analysis performed by 
electrolytic methods. 

electroanesthesia Anesthesia produced by an 
electric current going through some part of the 
body. 

electroballistics A branch of physics concerned 
with the electrical or electronic measurement of 
the velocities and trajectories of projectiles. 
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electrobath A solution in which ELECTRO- 
PHORESIS or ELECTROPLATING is done. 

electrobiology Biology concerned with electrical 
phenomena in living organisms. 

electrobioscopy The examination of a body for vi- 
ability by inducing muscular contractions with 
an electrical impulse. 

electrocapillarity The production of capillary ef- 
fects by means of electricity. See, for example, 
CAPILLARY ELECTROMETER. 

electrocardiogram Abbreviation, ECG or EKG. A 
record made by an electrocardiograph of the 
changes in potential caused by the heartbeat; 
used as a diagnostic aid. 

electrocardiograph An instrument that records 
changes in electrical potential caused by the 
heartbeat. 

electrocardiophonograph A medical instrument 
that detects and records the impulses of the 
heart. 

electrocatalysis Catalytic action produced by 
electricity (see CATALYSIS). 

electrocautery 1. In medicine, a cauterizing in- 
strument consisting essentially of a platinum 
wire (at the tip of an insulated probe) that is 
heated by an electric current. Also see ELECTRIC 
NEEDLE. 2. Cauterizing with an electrocautery. 

electrochemical deterioration An electrochemi- 
cal reaction that results in the permanent or tem- 
porary failure of a device. 

electrochemical diffused-collector transistor A 
high-current pnp transistor in which metal has 
replaced the etched-away mass of p material, 
providing a built-in heatsink. 

electrochemical equivalent In electrolysis or elec- 
troplating, a constant (Z) for the metal in plates. 
For a given metal, Zis the mass (in grams) of the 
metal deposited by 1 coulomb of electricity. 

electrochemical junction transistor See SUR- 
FACE-BARRIER TRANSISTOR. 

electrochemical measurements 1. Measurements 
made on chemical substances with electrical in- 
struments to determine such factors as conduc- 
tivity, pH, dielectric strength, dielectric constant, 
etc. 2. Measurements of electrical or electronic 
phenomena in terms of electrochemical response 
(e.g., current drain in terms of weight of plated 
metal, or voltage in terms of gas breakdown). 

electrochemical polarization The disabling of a 
primary cell caused by gas products deposited 
around or on one of the electrodes. 

electrochemical recording See ELECTRIC RE- 
CORDING. 

electrochemical reduction Extracting a metal 
from a compound by means of electrolysis. 

electrochemical series See ELECTROMOTIVE 
SERIES. 

electrochemical switch A static, ionic alternat- 
ing-current (ac) switch consisting of an anode, 
cathode, and a control electrode, all immersed in 
an electrolyte. A positive control-electrode voltage 
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switches the device on, initiating ion current from 
anode to cathode through the liquid. 

electrochemical transducer A transducer that 
converts chemical changes into electrical quanti- 
ties, or vice versa. Examples: soil-acidity probe 
and electrolytic elapsed-time meter. 

electrochemistry The branch of chemistry, over- 
lapping with physics, concerned with chemical 
action arising from the effect of electricity on sub- 
stances, and electrical effects produced by chem- 
ical action. 

electrochromic display A display that operates by 
means of electric fields, which control the light- 
transmission and light-reflection characteristics 
in different regions of the material. 

electrochronometer A precision electric or elec- 
tronic clock. Also see ELECTRIC CLOCK and 
ELECTRONIC CLOCK. 

electrocoagulation Use of a high-frequency alter- 
nating current to solidify tissue, as in arresting 
bleeding. 

electrocorticogram See 
GRAM. 

electroculture Acceleration or modification of 
plant growth through the application of electricity 
to plants, seeds, or soil. 

electrocution 1. Death resulting from electric 
shock. 2. An electric shock inflicted for the purpose 
of causing death (e.g., in an ELECTRIC CHAIR). 

electrode A body, point, or terminal in a device or 
circuit that delivers electricity, or to which elec- 
tricity is applied. A positive electrode is usually 
an ANODE; a negative electrode is usually a 
CATHODE. 

electrode admittance The admittance encoun- 
tered by current flowing through an electrode; the 
property is entirely that of the electrode and is the 
reciprocal of ELECTRODE IMPEDANCE. Consists 
of a real-number component (ELECTRODE 
CONDUCTANCE) and an  imaginary-number 
component that is 90 degrees out of phase 
(ELECTRODE SUSCEPTANCE). 

electrode capacitance The capacitance between 
an electrode and a reference body, such as 
ground or another electrode. 

electrode characteristic The mathematical func- 
tion or graph of electrode current versus elec- 
trode voltage. 

electrode conductance The conductance encoun- 
tered by current flowing through an electrode; the 
property is entirely that of the electrode and is the 
reciprocal of ELECTRODE RESISTANCE. 

electrode current Current entering or leaving an 
electrode. 

electrode dark current See DARK CURRENT. 

electrode dissipation The power lost in the form 
of heat in an electrode. 

electrode drop Voltage drop resulting from ELEC- 
TRODE RESISTANCE. 

electrode efficiency In an electrolytic cell, the ra- 
tio of the yield of metal deposited to the maximum 
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possible theoretical yield. This value ranges be- 
tween O and 1 (0 percent and 100 percent). 

electrode impedance The impedance encountered 
by alternating current flowing through an elec- 
trode; the property is entirely that of the electrode 
and is the reciprocal of ELECTRODE ADMIT- 
TANCE. Consists of a real-number component 
(ELECTRODE RESISTANCE) and an imaginary- 
number component that is 90 degrees out of 
phase (ELECTRODE REACTANCE). 

electrodeless discharge Discharge in a gas tube 
that is not directly connected to a power source. 
A familiar example is the glow of a neon lamp held 
in a strong radio-frequency (RF) electromagnetic 
field. 

electrodeposit 1. To deposit a substance by elec- 
trical action. Also see ELECTROPHORESIS and 
ELECTROPLATING. 2. A deposit that is formed 
on an electrode by electrophoresis or electroplat- 
ing. 

electrodeposition The electrical application of a 
layer of one material (such as a metal) on the sur- 
face of another (the substrate) (e.g., electroplat- 
ing, evaporation, and sputtering). 

electrode potential See ELECTRODE VOLTAGE. 

electrode reactance The imaginary-number com- 
ponent of ELECTRODE IMPEDANCE. 

electrode resistance The resistance encountered 
by current flowing through an electrode; the 
property is entirely that of the electrode and is the 
reciprocal of ELECTRODE CONDUCTANCE. 

electrodermography A method of monitoring 
the functions of the human body by measuring 
the resistance between two electrodes placed on 
the surface of the skin. 

electrode susceptance The imaginary-number 
component of ELECTRODE ADMITTANCE. 

electrode voltage The voltage between an elec- 
trode and a reference point, such as ground or 
another electrode. 

electrodiagnosis 1. The diagnosis of a disease or 
disorder through the use of electromedical in- 
struments. 2. Troubleshooting the electrical por- 
tion of electromechanical equipment. 

electrodialysis See ELECTRO-OSMOSIS. 

electrodissolution Dissolving a constituent sub- 
stance of an immersed electrode by means of 
electrolysis. 

electrodynamic Pertaining to electricity in motion 
(i.e., current flow and its accompanying electric 
and magnetic fields). 

electrodynamic braking Stopping a tape-deck 
motor quickly by applying a braking voltage. In 
this method, direct braking current flows through 
the shaded-pole alternating-current (ac) reel 
motor. 


electrodynamic instrument See ELECTRODY- 
NAMOMETER. 

electrodynamic loudspeaker See DYNAMIC 
SPEAKER. 
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electrodynamics The branch of physics con- 
cerned with moving electric charge carriers, 
such as electrons, holes, and ions. Also con- 
cerned with the interaction of electrical and me- 
chanical phenomena. Important in the design 
and manufacture of devices, such as motors and 
generators. 

electrodynamic speaker See DYNAMIC SPEAKER. 

electrodynamism See ELECTRODYNAMICS. 

electrodynamometer An indicating meter whose 
movable coil rotates between two stationary coils. 
All three coils are connected in series, and the 
magnetic fields of the two stationary coils are ad- 
ditive. This meter produces a positive indication 
for alternating current (ac), as well as for direct 
current (dc). Can be adapted for use as an amme- 
ter, voltmeter, or wattmeter. 

electroencephalogram Abbreviation, EEG. A 
record made by an ELECTROENCEPHALO- 
GRAPH, showing changes in electric potential re- 
sulting from bioelectric action in the brain. The 
record is used as a diagnostic aid. 

electroencephalograph An instrument that pro- 
duces a record of voltage changes resulting from 
the brain’s bioelectricity. 

electroencephaloscope A type of oscilloscope 
used to pick up, amplify, and display changes in 
potential caused by the brain’s bioelectric action. 

electroextraction Extracting a substance from a 
mixture (e.g., a metal from an ore) by an electrical 
process, such as electrolysis. 

electroform 1. To precondition a material or de- 
vice (e.g., a semiconductor junction) by passing a 
current through it for a specified period. 2. To 
form articles by electrodepositing material on a 
mold or core. 

electrogalvanized Electroplated with zinc. 

electrogastrogram A recording of the electrical im- 
pulses and other functions of the stomach, for 
medical diagnostic purposes. 

electrograph 1. A picture transmitting or receiving 
device (see FACSIMILE RECEIVER and FACSIM- 
ILE TRANSMITTER). 2. A device used for the elec- 
trolytic etching or transfer of designs. 

electrographic recording A method of producing 
a visible pattern or record, using electrodes to 
create discharge through an insulating material. 

electrographite Synthetic graphite prepared by 
heating carbon in an electric furnace. 

electrojet A region of high current concentration 
in the sky near bright auroral displays or along 
the magnetic equator. 

electrokinetic energy The energy of electric 
charge carriers in motion; a form of kinetic en- 
ergy. The current in a wire (a flow of electrons) is 
a common manifestation of this form of energy. 
Compare ELECTROSTATIC ENERGY. 

electrokinetics A branch of electricity concerned 
with (1) the behavior of moving charged parti- 
cles (Such as ions and molecules) and bodies in 
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motion, and (2) the generation of static charges 
by moving liquids or solids in contact with each 
other. 

electroless process Plating a metal from a 
solution of one of its salts without using elec- 
tricity. 

electroluminescence The ability of certain phos- 
phors to emit light continuously when an alter- 
nating-current (ac) voltage is applied to them. 

electroluminescent cell A device for generating 
light by electroluminescence. It consists of a lu- 
minescent-phosphor layer and two transparent 
metal films. An alternating-current (ac) voltage 
applied between the films causes the phosphor to 
glow through the transparent metal. 
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electroluminescent lamp A lamp using one or 
more electroluminescent panels. 

electroluminescent panel A panel that forms a 
complete electroluminescent cell. It delivers low- 
intensity visible light when an alternating- 
current (ac) voltage is applied to it. Available in 
various sizes and shapes. 

electrolysis 1. The action whereby a current pass- 
ing through a conductive solution (electrolyte) 
produces a chemical change in the solution and 
the electrodes. 2. An electrical method of destroy- 
ing hair roots. 

electrolyte A substance that ionizes in solution. 
Electrolytes conduct electricity; in batteries, they 
are instrumental in producing electricity by 
chemical action. 

electrolytic 1. Containing an electrolyte sub- 
stance. 2. See ELECTROLYTIC CAPACITOR. 
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electrolytic capacitor A component that is man- 
ufactured by rolling up aluminum foil strips 
separated by paper saturated with electrolyte. 
When a polarized voltage is applied, the alu- 
minum oxidizes. The oxide layer forms the di- 
electric for the capacitor. The layer is extremely 
thin, producing high capacitance per unit vol- 
ume. This type of capacitor must be connected 
with the proper polarity in a circuit. The compo- 
nent can have values up to thousands of micro- 
farads, and some units can handle thousands of 
volts. They are used in audio circuits and in 
power supplies. Compare CERAMIC CAPACI- 
TOR, MICA CAPACITOR, PAPER CAPACITOR, 


PLASTIC-FILM CAPACITOR, TANTALUM 
CAPACITOR. 
Aluminum 
can 
Electrolyte 
paste 
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electrolytic cell An electrochemical device con- 
taining an electrolyte and at least two elec- 
trodes. Included in this category are voltaic 
cells, electrolytic capacitors, and electrolytic re- 
sistors. 

electrolytic conduction Electric current flowing 
through an electrolyte, an action characterized by 
(1) positive electrolyte ions migrating to the 
negative electrode, where they acquire electrons; 
(2) negative ions migrating to the positive elec- 
trode, where they lose electrons; and (3) current 
flow in the external circuit, which consists of con- 
ventional electron flow (current in the electrolyte 
is a movement of ions). 

electrolytic conductivity Conductance of an elec- 
trolyte. It is the conductance of a cube of the elec- 
trolyte, measuring one centimeter along each 
edge, at a specified temperature. 

electrolytic corrosion Corrosion caused by an ap- 
plied voltage, or that is accelerated by the voltage. 
Compare GALVANIC CORROSION. 

electrolytic current meter See VOLTAMMETER. 

electrolytic dissociation See DISSOCIATION. 

electrolytic elapsed-time meter An instrument 
that indicates the time that equipment has been 
in operation in terms of the amount of metal 
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electroplated on the cathode of an electrolytic 
cell by energy consumed during the period. 

electrolytic gas A gas produced by electrolysis. 
Examples are hydrogen (H) and oxygen (O), gen- 
erated in a ratio of two to one, by the electrolysis 
of water (H20). 

electrolytic iron Very pure iron obtained by elec- 
trolytic refining. 

electrolytic polarization In electrolysis, the ten- 
dency for the products to recombine. In an elec- 
trolytic cell, this effect interferes with the 
performance of the cell, reducing the voltage. 

electrolytic potential The difference of potential 
that appears between a metal electrode in an 
electrolyte and the electrolyte immediately 
surrounding it. Also see ELECTROMOTIVE 
SERIES. 

electrolytic recorder A data recorder that uses a 
paper impregnated with a chemical that turns 
dark when an electric current passes through the 
paper from the point of a stylus. 

electrolytic rectifier A rectifier consisting of an 
aluminum electrode and a lead or carbon elec- 
trode in a solution of borax or sodium bicarbon- 
ate, or in a solution of ammonium citrate, 
ammonium phosphate, and potassium citrate. 
Also called chemical rectifier. 

electrolytic refining Extracting or purifying met- 
als by electrolysis. 

electrolytic resistor An emergency resistor made 
by immersing two wire leads in an electrolyte; the 
weaker the solution, the higher the resistance. 


electrolytic switch See ELECTROCHEMICAL 
SWITCH. 

electrolyze To subject something to electrolytic 
action. 


electrolyzer A cell used in the production of vari- 
ous materials by electrolysis. See, for example, 
ELECTROCHEMICAL REDUCTION and ELEC- 
TROLYTIC REFINING. 

electromagnet 1. A coil of insulated wire wound 
around an iron or steel cylinder, intended for use 
as a magnet. When current flows through the 
coil, a magnetic field develops, in effect rendering 
the cylinder a strong bar magnet. 2. Any device 
that exhibits magnetism only while an electric 
current flows through it. 

electromagnetic Exhibiting both electric and 
magnetic properties (e.g., an electromagnetic 
wave). 

electromagnetic attraction 1. The attraction of 
iron or steel to an electromagnet. 2. The attrac- 
tion of an electromagnetic pole to the opposite 
pole of another electromagnet. A unit pole at- 
tracts another unit pole 1 centimeter away witha 
force of 1 dyne or 10°° newton. Compare ELEC- 
TROMAGNETIC REPULSION. 

electromagnetic communication 1. Any form of 
communication using a combination of electric 
and magnetic phenomena. Examples include 
wire telegraphy, wire telephony, radiotelegraphy, 


radiotelephony, facsimile, and television. 2. Elec- 
tronic communication via electromagnetic fields 
(i.e., radio communication). 

electromagnetic compatibility 1. The ability of a 
set of electronic devices to work together without 
being adversely affected by each other's electro- 
magnetic fields. 2. In radio communication, the 
relative immunity of a device or devices to the ef- 
fects of electromagnetic fields. 

electromagnetic complex A system that produces 
electromagnetic radiation. 

electromagnetic component 1. The magnetic 
component of an electromagnetic wave, which is 
perpendicular to the electrostatic component, 
and can be thought of as the wave's current 
component. 2. A device operated by electro- 
magnetism, such as a coil-type relay or a current- 
operated field magnet. 

electromagnetic consonance An effect that takes 
place when two antenna elements, both having 
identical or nearly identical resonant frequencies, 
are in close proximity. If one antenna is fed with 
energy at its resonant frequency, currents will be 
induced in the other antenna, and it, too, will ra- 
diate. Parasitic arrays, such as the Yagi antenna 
and the quad antenna, operate on this principle. 
See RESONANCE. 

electromagnetic constant 1. Symbol, c. The prop- 
agation speed of electromagnetic waves in a vac- 
uum, approximately equal to 299,792 kilometers 
per second or 186,282 miles per second. Also 
called SPEED OF LIGHT and VELOCITY OF 
LIGHT. 2. The propagation speed of electromag- 
netic waves in a particular medium. Equal to vc, 
where v is the VELOCITY FACTOR of the 
medium, and c is the speed of electromagnetic 
waves in a vacuum (299,792 kilometers per sec- 
ond or 186,282 miles per second). 

electromagnetic coupling See INDUCTIVE COU- 
PLING. 

electromagnetic crack detector An instrument 
that uses electromagnetic fields to find cracks in 
iron or steel. 

electromagnetic CRT A cathode-ray tube using 
electromagnetic deflection. 

electromagnetic cylinder See SOLENOID. 

electromagnetic deflection In a television picture 
tube and some oscilloscopes, deflection of the 
electron beam by the magnetic fields of external 
horizontal- and vertical-deflection coils. Compare 
ELECTROSTATIC DEFLECTION. 

electromagnetic deflection coil See DEFLEC- 
TION COILS. 

electromagnetic delay line See DELAY LINE. 

electromagnetic energy Energy in the form of 
electric and magnetic fields. A radio wave travel- 
ing through space, for example, has electric and 
magnetic components, between which energy os- 
cillates. 

electromagnetic energy conversion The conver- 
sion of electrical energy into mechanical work 
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and vice versa, through the intermediary of an 
electromagnetic field. 

electromagnetic environment A region in which 
electric and magnetic fields are present. 

electromagnetic field A combination of alternat- 
ing electric and magnetic fields. The electric lines 
of flux are perpendicular to the magnetic lines of 
flux at every point in space. The field propagates 
in a direction perpendicular to both the electric 
and magnetic lines of flux. The frequency of oscil- 
lation can range from a fraction of one Hz to many 
quadrillions of Hz. In order from longest wave- 
length (lowest frequency) to shortest wavelength 
(highest frequency), effects of this type include ra- 
dio waves, infrared, visible light, ultraviolet, 
X rays, and gamma rays. 


Electric field 
lo EXE 
Magnetic | | | | | 
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electromagnetic field 


electromagnetic flux The magnetic field sur- 
rounding a coil or conductor carrying an electric 
current. 

electromagnetic focusing In a television picture 
tube, electron-beam focusing obtained by varying 
the direct current flowing through an external 
focusing coil. 


electromagnetic force The force that causes a 
conductor to be displaced from its position in a 
magnetic field when it conducts current. 

electromagnetic frequency spectrum The fre- 
quency range of electromagnetic fields including 
radio waves, infrared, visible light, ultraviolet, 
X rays, and gamma rays. Ranges from a fraction 
of one Hz to many quadrillions of Hz. 

electromagnetic horn radiator A horn used to ra- 
diate microwave energy. Also see HORN AN- 
TENNA. 

electromagnetic induction Inducing a voltage in 
a circuit or conductor by causing alternating 
current to flow in another nearby circuit or con- 


Lines of force bend 
electron streams 
inward so that they 
converge at the 


Control grid 
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Wavelength 
(meters) 
1 0-16 
10-14 
10-12 Gamma rays 
10-10 X rays 
103 Ultraviolet rays 
10-6 Infrared 
10+ Microwaves 
102 FM broadcast short waves 
1 AM broadcast 
102 
104 
106 60 Hz alternating current 
108 


electromagnetic frequency spectrum 


ductor. INDUC- 
TION. 

electromagnetic inertia The tendency for the cur- 
rent in a circuit to lag the voltage at high fre- 
quencies. 

electromagnetic interference Abbreviation, EMI. 
A phenomenon in which electronic devices upset 
each other's operation. Computers, television re- 
ceivers, telephone sets, high-fidelity sound 
equipment, and certain medical devices can 
malfunction because of strong radio-frequency 
fields such as those from a nearby broadcast 
transmitter. The EMlis usually the result of 
improper or ineffective shielding in the affected 
device or system. 

electromagnetic lens A coil or coil system whose 
magnetic field causes an electron beam passing 
through it to converge or diverge as a light beam 
does in passing through an optical lens. Compare 
ELECTROSTATIC LENS. Also see ELECTROMAG- 
NETIC FOCUSING. 

electromagnetic mass The mass that a moving 
electric charge is thought to possess. 

electromagnetic microphone A microphone in 
which sound energy is converted into proportionate 
electrical energy by electromagnetism. Common 
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examples are the dynamic microphone and veloc- 
ity microphone. 

electromagnetic mirror A reflector of electromag- 
netic waves (e.g., antenna elements, ionospheric 
layers, buildings, and hills). 

electromagnetic momentum The momentum ofa 
moving electric charge, comparable to that of 
matter in motion. Electromagnetic momentum is 
the product of electromagnetic mass and charge 
velocity. 

electromagnetic oscillograph 1. An electrome- 
chanical data recorder for tracing the waveform 
or variations of a signal. 2. See ELECTROME- 
CHANICAL OSCILLOSCOPE. 

electromagnetic oscilloscope 1. An oscilloscope 
using electromagnetic deflection. 2. See ELEC- 
TROMECHANICAL OSCILLOSCOPE. 

electromagnetic pump A device used for moving 
conducting or semiconducting fluids. When a 
current is passed through the fluid, a force is ex- 
erted on the molecules of the fluid because of the 
magnetic field set up by the current. 

electromagnetic pulse Abbreviation, EMP. 1. A 
broadband electromagnetic field emitted in a 
short, intense burst from a lightning stroke or 
nuclear explosion. This field can disrupt the op- 
eration of, and (in some cases) cause damage to, 
electrical and electronic apparatus. 2. In electro- 
magnetic induction, the displacement of an elec- 
tron in a conductor by the magnetic field. 

electromagnetic radiation The propagation of 
electromagnetic fields through space; it normally 
occurs at approximately 299,792 kilometers per 
second or 186,282 miles per second. 

electromagnetic reaction The reaction between 
magnetic fields. Also see ELECTROMAGNETIC 
ATTRACTION and ELECTROMAGNETIC REPUL- 
SION. 

electromagnetic reconnaissance In military ap- 
plications, the use of electromagnetic apparatus 
to detect potential enemy activity in a certain ge- 
ographic region. 

electromagnetic relay See ELECTROMECHANI- 
CAL RELAY. 

electromagnetic repulsion The repulsion of a pole 
of an electromagnet by the pole of another elec- 
tromagnet (north pole opposing north pole, south 
opposing south). Compare ELECTROMAGNETIC 
ATTRACTION. 

electromagnetics A branch of physics concerned 
with the theory and application of electromag- 
netism. 

electromagnetic 
NETIC SHIELD. 

electromagnetic shield 1. A partition, can, or box 
made of magnetic material (iron, steel, or special 
alloy) enclosing a magnetic component. The 
magnetic flux generated by the component is con- 
fined by the shield, thus preventing interference 
with external components. Likewise, external 
magnetic fields are prevented from reaching the 
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component. 2. A grounded partition, metal sheet, 
wire braid, or other barrier that prevents electro- 
magnetic fields from passing through. Commonly 
used in electronic equipment to prevent ELEC- 
TROMAGNETIC INTERFERENCE. Also used in 
COAXIAL CABLE to confine electromagnetic 
fields to the transmission line. 

electromagnetic shielding The use of an ELEC- 
TROMAGNETIC SHIELD to prevent undesired in- 
teraction among electrical and electronic devices 
and systems. 

electromagnetic spectrum See ELECTROMAG- 
NETIC FREQUENCY SPECTRUM and ELECTRO- 
MAGNETIC WAVELENGTH SPECTRUM. 

electromagnetic switch 1. A switch actuated by 
magnetism produced by control current flowing 
through a coil wound on an iron core. 2. See 
ELECTROMECHANICAL RELAY. 

electromagnetic theory of light The theory that 
light consists of electromagnetic waves that are 
similar to radio waves, but of shorter wavelength. 

electromagnetic tube A cathode-ray tube using 
electromagnetic deflection (e.g., a television pic- 
ture tube). 

electromagnetic unit Abbreviation, emu. A unit 
of measure in the electromagnetic system of 
CENTIMETER-GRAM-SECOND (cgs) units. 

electromagnetic vibrator See INTERRUPTER. 

electromagnetic wavelength spectrum The 
wavelength range of electromagnetic fields, in- 
cluding radio waves, infrared, visible light, ultra- 
violet, X rays, and gamma rays. It ranges from 
many kilometers to a tiny fraction of one millime- 
ter. 

electromagnetic-wave polarization The orienta- 
tion of the electric flux lines in an electromagnetic 
(EM) field, especially a field propagating through 
space. The polarization is generally parallel with 
the active element of a radio transmitting or re- 
ceiving antenna. Thus, a vertical antenna radi- 
ates and receives fields with vertical polarization, 
and a horizontal antenna radiates and receives 
fields having horizontal polarization. Some anten- 
nas radiate and receive an EM field whose polar- 
ization continually and rapidly rotates. This is 
elliptical polarization. If the rate of rotation is con- 
stant, it is circular polarization. 

electromagnetic waves Waves produced in a con- 
ductor or in space by the acceleration or oscilla- 
tion of electric charge carriers. Such waves have 
an electric and a magnetic component acting at 
right angles to each other. The waves propagate 
at right angles to both the electric and magnetic 
flux lines. 

electromagnetism 1. Magnetism resulting from 
the movement of electric charge carriers (e.g., the 
magnetic field surrounding a coil of wire carrying 
an electric current). 2. See ELECTROMAGNET- 
ICS. 

electromagnetizer A magnetizer using continuous 
direct current (dc) as the magnetic-field source. 
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electromechanical Descriptive of any device that 
converts energy from electrical to mechanical 
form or vice-versa. Examples are the motor and 
the generator. 

electromechanical amplifier An amplifier that 
converts an electrical input signal into mechani- 
cal motion (vibratory or rotary), which it then 
converts back into an electrical output signal of 
higher current, voltage, or power. 

electromechanical chopper A vibrator-type inter- 
rupter used primarily to chop direct current, con- 
verting it into a square-wave signal, whose 
amplitude is proportional to current strength. 
Also see CHOPPER. 

electromechanical counter A device that indi- 
cates the number of pulses that have been ap- 
plied to it. Typically, it has a series of dials—each 
capable of displaying the numerals O to 9 in se- 
quence, one for each decade in the count. The di- 
als are geared together, the train being operated 
by the stepping action of an electromagnetic es- 
capement. Compare ELECTRONIC COUNTER. 

electromechanical energy The energy stored by 
an inductor or capacitor in an electromechanical 
device. 

electromechanical filter See ULTRASONIC FIL- 
TER, 1. 

electromechanical flip-flop See BISTABLE RELAY. 

electromechanical frequency meter A usually di- 
rect-reading instrument for measuring frequency 
in the lower and middle portions of the audio 
spectrum. It works via the mechanical motion re- 
sulting from the applied signal. The two varieties 
are the movable-iron type and the reed type. 

electromechanical modulator See CHOPPER. 

electromechanical oscillator An oscillator con- 
sisting of an electromechanical amplifier provided 
with regenerative feedback. 

electromechanical oscilloscope A galvanometer- 
type instrument for displaying a varying or alter- 
nating current or voltage. The signal is applied to 
a meter movement having a movable coil, which 
swings or vibrates in response to the signal. A 
tiny mirror cemented to the coil reflects a beam of 
light to a rotating mirror that sweeps the beam 
across a translucent screen on which the image is 
produced. 

electromechanical recorder An instrument in 
which a pen or stylus is moved on a sheet of pa- 
per by the varying signal current or voltage being 
recorded. 

electromechanical rectifier A rectifier in which a 
moving part, such as a vibrating reed or rotating 
commutator-slip-ring unit, is driven by alternat- 
ing current (ac) to close the circuit during positive 
or negative ac half-cycles, thus rectifying the ac. 
Compare ELECTROLYTIC RECTIFIER and ELEC- 
TRONIC RECTIFIER. 

electromechanical relay An electromagnetic 
switch consisting of a multiturn coil wund on an 
iron core near an armature with a movable end 
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contact. When control current flows through the 
coil, it becomes magnetized and attracts the ar- 
mature, closing the movable contact against a 
stationary one. 


Switched 


terminals Movable contact 


Fixed contact 


Actuating Iron-core coil 
current (electromagnetic) 


electromechanical relay 


electromechanical timer A device for automati- 
cally timing a process or an observed event. Most 
such timers are based on an accurate clock (elec- 
tric or spring driven) that opens or closes 
contacts at predetermined instants. Compare 
ELECTRONIC TIMER. 

electromechanical transducer A transducer that 
translates mechanical signals directly into elec- 
trical ones or vice versa, without the intermediary 
of active devices, such as transistors or inte- 
grated circuits. 

electromechanical valve A usually poppet-type 
valve for gases or liquids. The valve is operated by 
electromagnetic action and is often aided by an 
electronic (servo) circuit. 

electromechanics The theory and application of 
electromechanical devices. 

electromedical engineering The branch of elec- 
tronics engineering concerned with the theory, 
design, and application of electronic equipment 
for medical diagnosis or treatment. 

electromedical equipment Electrical or electronic 
equipment used in medical diagnosis or treat- 
ment. 

electromerism Ionization in gases. 

electrometallurgy The branch of metallurgy con- 
cerned with the use of electricity (especially in 
electrolysis) to separate or purify metals or to fur- 
nish heat for metallurgical processes. 

electrometer A specially designed, highly sensitive 
electronic voltmeter used to measure extremely 
low voltages and, indirectly, extremely low cur- 
rents. It is sometimes used as a galvanometer. 

electrometer amplifier A stable low-noise amplifier 
for increasing the sensitivity of an electrometer. 

electrometry The science of electrical measure- 
ments. 

electromigration The movement of atoms in a 
substance from one place to another, because of 
interaction between electrons and ions in the 
presence of electric currents. This effect can 
cause the eventual deterioration of certain semi- 
conductor devices. 
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electromotion Motion electric 
charges or electrons. 

electromotive force Abbreviation, emf. Electrical 
pressure, the potential that causes charge carri- 
ers to move through a substance or circuit. See 
VOLTAGE. 

electromotive series A list of metals arranged ac- 
cording to the potential between the surface of 
the metals and an electrolyte into which they are 
immersed. Some metals acquire a positive poten- 
tial (with respect to hydrogen, for which the po- 
tential is zero) and others, a negative potential. 

electromotor A generator or motor, depending 
upon the context in which the term is used. 

electromyogram The record produced by 
ELECTROMYOGRAPH. 

electromyograph An instrument for detecting, 
measuring, and analyzing the weak electrical 
currents generated by muscular activity. 

electromyography The monitoring and analysis of 
the electrical activity of human muscles. 

electron The subatomic particle that carries the 
unit negative charge of electricity. The electron 
has a mass of 9.109 x 10°! kilogram and carries 
a charge of 1.602 x 10719? coulomb. 

electron acceleration See ELECTRON MOTION, 2. 

electronarcosis Loss of consciousness caused by 
passing a weak current through the brain. Useful 
in treating certain mental disorders, the process 
is somewhat similar to ELECTROSHOCK. 

electron attachment The bonding of an electron 
to a neutral atom to form a negative ion. Also see 
ANION and ION. 

electron avalanche See AVALANCHE and ELEC- 
TRON MULTIPLICATION. 

electron band 1. An emission line in the spectrum 
of an element or compound, caused by the move- 
ment of electrons from higher to lower energy lev- 
els within the atoms. 2. An absorption line in the 
spectrum of an element or compound, caused by 
the movement of electrons from lower to higher 
energy levels within the atoms. 

electron beam See ELECTRON STREAM, 1. 

electron-beam bender Any element that causes 
intentional deflection of the electron stream in a 
cathode-ray tube. 

electron-beam focusing Reducing the size of the 
spot produced by the electron beam in a cathode- 
ray tube or television picture tube. This is accom- 
plished by adjusting the direct-current (dc) bias 
voltage on a focusing electrode. 

electron-beam generator 1. See ELECTRON GUN. 
2. A tube, such as a Klystron, in which velocity 
modulation of the electron beam generates ex- 
tremely high radio frequencies. 

electron-beam instrument An instrument, such 
as an oscilloscope, based on a cathode-ray tube. 

electron-beam machining Welding or shaping 
materials by controlled electron beams. 

electron-beam magnetometer A magnetometer in 
which the magnetic field under measurement 
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deflects the electron beam in a cathode-ray tube 
over a distance that is proportional to field inten- 
sity. 

electron-beam recording In digital computer op- 
erations, a technique whereby the output of a 
computer is recorded on microfilm by an electron 
beam. 

electron-beam scanning tube A tube in which an 
electron beam strikes a sensitized screen to pro- 
duce a spot of light, which is deflected electrically 
or magnetically across a screen. Examples are os- 
cilloscope tubes, storage tubes, and television 
picture tubes. 

electron-beam tube Electron tubes (such as 
beam-power tubes, klystrons, oscilloscope tubes, 
and television picture tubes), in which an elec- 
tron beam is generated and controlled. 

electron-beam welding A method of welding in 
which an electron beam is focused on the work- 
piece to heat it. 

electron-bombarded semiconductor A semicon- 
ductor wafer, plate, or junction that is acted on 
by an electron beam; it alters the resistance of the 
semiconductor to control the current in an exter- 
nal circuit. 

electron-bombarded semiconductor 
see EBS AMPLIFIER. 

electron bunching See BUNCHING. 

electron charge See ELEMENTARY CHARGE. 

electron cloud A mass of free electrons. 

electron diffraction Diffraction that occurs when 
a beam of electrons passes through a crystal ma- 
terial. Fast-moving electrons have wavelike prop- 
erties; the wavelength depends on the speed of 
the particles. This effect can also occur with 
beams of other particles, such as neutrons, pro- 
tons, or alpha particles. 

electron drift 1. The movement of an electron 
from atom to atom in a conductor, as caused by 
the influence of an applied voltage. 2. In a semi- 
conductor, directed electron movement. Also see 
DRIFT, 1. 

electronegative Having negative electrification or 
polarity (see ELECTRICAL POLARITY). Compare 
ELECTROPOSITIVE. 

electron emission The emission of electrons into 
surrounding space by a material. Depending on 
the material, this effect can be initiated by appli- 
cation of heat, light, torsion, electron impact, a 
high-voltage field, and other actions. 

electron flow See ELECTRON DRIFT. 

electron g-factor A physical constant that ex- 
presses the ratio of electron magnetic moment to 
the Bohr magneton, and equal to approximately 
1.00116. Also called free-electron g-factor. 

electron-gas binding forces See METALLIC BIND- 
ING FORCES. 

electron-gas bonding See BONDING, 
METALLIC BINDING FORCES. 

electron gun A composite electrode for generating 
an electron beam (see ELECTRON STREAM, 1) in 
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a vacuum. In a cathode-ray tube, the gun com- 
prises a heated cathode, control electrode, accel- 
erating electrodes, and a focusing electrode. 

electron-hole pair In a semiconductor, an electron 
and a related hole. Each electron in the conduc- 
tion band has a counterpart in the valence band, 
a vacancy (hole) left by the electron's moving to 
the conduction band. 


Nucleus 


Valence band 


Conduction 
band 


Hole 


Electron 


electron-hole pair 


electronic 1. Descriptive of any component, de- 
vice, or system that functions, according to the 
principles of ELECTRONICS. 2. Pertaining to 
electrons. 

electronic adder A circuit (such as an operational 
amplifier) for performing arithmetic addition. In 
such a circuit, the output-signal amplitude is the 
sum of the input-signal amplitudes. Also see 
ADDER and ANALOG ADDER. 

electronic aid An electronic device or circuit that 
contributes to the operation of a nonelectronic 
device or system; a pH meter, for example, is an 
electronic aid to chemistry. 

electronics aide See ELECTRONICS TECHNICIAN. 

electronic attenuator An attenuator in which the 
variable resistor is the output section of an active 
device, such as a transistor. Varying the direct- 
current (dc) bias of the input section varies the 
resistance of the output section. 

electronic autopilot A servo system for detecting 
and automatically correcting an aircraft's flight 
path. 

electronic balance An electronic scale, which uses 
a sensitive current-measuring device in conjunc- 
tion with a movable tension device. 

electronic brain 1. A high-end computer. 2. A 
robot controller. 3. A system that possesses or 
uses artificial intelligence (Al). 

electronic breadboard 1. A thin, usually non- 
metallic board or card having prepunched holes 
for the quick assembly of electronic circuits for 
test and evaluation. 2. Any circuit prototype that 
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is manually wired during the experimental phase 
of product development. 

electronic bug 1. A semiautomatic telegraph key 
that produces dots via an oscillating mechanical 
arm. The operator produces dashes manually. 
2. A telegraph keying device that automatically 
generates dots and dashes. Also see ELECTRONIC 
KEY, 1. 3. An undetermined source of problems 
or improper operation in an electronic circuit. 

electronic buzzer 1. A mechanical buzzer driven 
by a direct-current (dc) amplifier. 2. An oscillator 
circuit that produces a sound similar to that of a 
mechanical buzzer. 

electronic calculating punch A machine that 
punches on a card the result of calculations it 
has performed on data it has read from another 
punched card. 

electronic calculator A fully electronic machine 
for performing mathematical calculations. The 
simplest machines perform basic arithmetic; 
more sophisticated ones can do operations with 
trigonometric, logarithmic, hyperbolic, and other 
scientific functions. Basic machines are available 
in department stores for about five dollars. It is 
usually powered via a small cell or battery, or by 
a small photovoltaic panel. 

electronic camouflage The use of electronics by a 
target craft to minimize or prevent the reflection 
of radar echoes. 

electronic carillon An electronic system that pro- 
duces sounds resembling those of a bell carillon. 

electronic chime See ELECTRONIC CARILLON. 

electronic circuit An electric circuit containing 
active electronic components, such as transistors 
and integrated circuits, as opposed to a circuit 
containing only passive electrical components 
(such as resistors, switches, heating elements, 
etc.). 

electronic clock 1. An electric clock whose motor 
is driven by a constant-frequency oscillator (crys- 
tal or tuning fork type), followed by multivibrators 
and amplifiers. 2. Any electronic timing circuit 
that produces pulses at predetermined intervals 
for the purpose of regulating the operation of 
other circuits, subsystems, or assemblies. 

electronic commutator See COMMUTATOR, 2. 

electronic conduction A flow of electric current 
resulting from the movement of electrons among 
atoms in a conductor. 

electronic control 1. The science of automatically 
controlling machines and devices by means of 
electronic circuits. 2. A circuit or device that pro- 
vides automatic electronic control. 

electronic controller A controller (see CON- 
TROLLER, 2) having no moving parts. For auto- 
matic operation, such a device often contains a 
circuit that senses control signals, compares 
them with a signal standard, and automatically 
adjusts the output control power accordingly. 

electronic counter A fully electronic circuit that 
indicates the number of pulses that have been 
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applied to it (see COUNTER, 1). Unlike the elec- 
tromechanical counter, the electronic counter 
has no moving parts and is therefore capable of 
extremely high-speed, noiseless operation. 

electronic counter-countermeasures Abbrevia- 
tion, ECCM. Military procedures for interfering 
with a foe's electronic countermeasures. 

electronic countermeasures Abbreviation, ECM. 
Interference with enemy radio and radar emis- 
sions by electronic means. Also see JAMMING. 

electronic coupling Coupling via electronic effects 
or devices. 

electronic crowbar A switch that prevents de- 
structive currents from flowing through the com- 
ponents of a circuit. 

electronic current meter A current meter that 
uses an amplifier ahead of an analog or digital in- 
dicator to provide increased sensitivity. 
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electronic data processing Abbreviation, EDP. 
See DATA PROCESSING and ELECTRONIC IN- 
FORMATION PROCESSING. 

electronic data-processing center Abbreviation, 
EDPC. An installation of electronic equipment 
and accessories for processing and storing data, 
usually in digital form. Also see DATA PROCESS- 
ING and ELECTRONIC INFORMATION PRO- 
CESSING. 

electronic data-processing machine Abbrevia- 
tion, EDPM. A device, such as an electronic com- 
puter, used in the automatic processing of data, 
usually in digital form. 

electronic data-processing system 1. A unique 
arrangement of machines for processing data. 2. 
The sequence of steps in, and the underlying ra- 
tionale for, the processing of data by automated 
equipment. 

electronic deception See DECEPTION and DE- 
CEPTION DEVICE. 
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electronic differential analyzer See ANALOG 
DIFFERENTIATOR, DIGITAL DIFFERENTIAL AN- 
ALYZER, and DIFFERENTIAL ANALYZER. 

electronic differentiator A circuit that performs 
mathematical differentiation. Also see DIFFER- 
ENTIATOR, 2. 

electronic divider 1. An electronic device for per- 
forming arithmetic division. In a digital computer, 
such a divider can be a sequence of flip-flops, 
each of which produces a single output for every 
two input pulses. In an analog computer, the out- 
put signal amplitude is equal to the quotient of 
two input-signal amplitudes. 2. See FREQUENCY 
DIVIDER. 3. A voltage divider using active com- 
ponents, rather than resistors. 

electronic dust precipitator See DUST PRECIPI- 
TATOR. 

electronic efficiency A quantitative expression for 
the effectiveness of an electron beam as a 
medium of power transmission. The electronic ef- 
ficiency, in percent, is equal to 100Pow/ Pin, where 
Pout is the (output) power delivered by the beam, 
and Pn is the (input) power supplied to the beam. 

electronic equivalent of gravity In equations for 
the acceleration, velocity, and distance traveled 
for an electron, the factor equal to eF/m, where e 
is the electron charge, Fis the potential gradient 
of field, and m is the electron mass. Also see 
ELECTRON MOTION, 2. 

electronic flash 1. A device containing a circuit 
that uses an electronic flash tube as a light 
source for photography or other purposes. Also 
called photoflash. 2. A bright momentary light 
burst produced by the equipment described in 1, 
above. 

electronic flash tube A tube used to produce bril- 
liant bursts of light in photoflash units, strobo- 
scopes, and laser exciters. A flash tube usually 
contains xenon gas, which is fired by a high- 
voltage pulse. 

electronic frequency meter 1. An instrument 
that gives direct readings of frequency in hertz, 
kilohertz, or megahertz on an analog scale or as a 
digital readout. 2. Any device that indicates the 
operating frequency of another device, directly or 
indirectly, when used for such purpose. 

electronic frequency synthesizer An instrument 
that supplies a number of selectable frequencies 
derived from one or more internally generated 
fixed frequencies. 

electronic gas A collection of free electrons whose 
behavior resembles that of a gas. 

electronic gate 1. A logic gate that operates by 
electronic means. 2. A security system, consist- 
ing of a mechanical gate controlled electronically. 
Similar to an electronic garage door. 

electronic guitar See ELECTRIC GUITAR. 

electronic heating The production of heat in an 
object via high-frequency energy. The two princi- 
pal methods are dielectric heating and induction 
heating. 
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electronic hygrometer An electrical device for 
measuring relative humidity, whose sensitivity 
and stability have been increased by the addition 
of active amplifying devices. 

electronician See ELECTRONICS TECHNICIAN. 

electronic induction See ELECTROSTATIC IN- 
DUCTION. 

Electronic Industries Association Abbreviation, 
EIA. An American association of electronic manu- 
facturers and engineers. It sets standards, dis- 
seminates information, provides industry- 
government liaison, and maintains public rela- 
tions for the industry. 

electronic information processing The use of 
electronic equipment (especially digital comput- 
ers and attendant devices) to perform mathemat- 
ical operations on data entered into the system in 
the form of electrical signals. Also see DATA PRO- 
CESSING. 

electronic instrument An instrument whose cir- 
cuit uses active devices for increased sensitivity 
over that of the electrical counterpart, and for 
minimum loading of a device under test. Com- 
pare ELECTRICAL INSTRUMENT. 

electronic integrator A active device (such as an 
operational amplifier) for performing mathemati- 
cal integration. Also see INTEGRATOR, 2. 

electronic intelligence 1. Information exchanged 
by electronic means. Examples: radio messages, 
radar information, and computer data. 2. The 
faculties of reasoning and decision making, as 
apparently simulated by a high-level computer. 

electronic interference The malfunctioning of a 
device because of nearby currents, voltages, or 
electromagnetic fields. 

electronic inverter An electronic device for con- 
verting direct current (dc) to alternating current 
(ac). Typically, an inverter is a transistorized 
square-wave oscillator inductively coupled to ac 
output terminals. The dc to be inverted energizes 
the transistors, which perform the switching 
function at the rate determined by the compo- 
nents of the circuit. Also see INVERTER, 1. 
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electronic jamming The deliberate transmission 
of electromagnetic energy for the purpose of in- 
terfering with the operation of a device or devices. 
electronic key 1. For telegraphy (radio or wire), an 
electronic circuit that generates a continuous 
string of accurately spaced and timed Morse code 


dots or dashes, depending on its lever’s position 
(right or left). 2. For telegraphy (radio or wire), a 
keyboard that produces perfectly timed Morse 
code output that corresponds to the operator’s 
typed input. 3. An electronic device for opening 
an electronic lock. 

electronic keyer See ELECTRONIC KEY, 1. 

electronic lock A lock that will open only after ap- 
plication of a special coded sequence of signals. 

electronic mail Also called e-mail. A communica- 
tions system that allows people to leave digital 
text messages for each other. It is popular among 
users of personal computers. Operates through 
the telephone lines using terminal emulation 
software and a modem. It can also be used via 
amateur radio packet communications. 

electronic microammeter See FET CURRENT 
METER and TRANSISTOR CURRENT METER. 

electronic microvoltmeter See MICROVOLT- 
METER. 

electronic milliammeter See FET CURRENT ME- 
TER and TRANSISTOR CURRENT METER. 

electronic millivoltmeter A millivoltmeter that 
uses an amplifier ahead of an analog or digital in- 
dicator to provide high input impedance and in- 
creased sensitivity. 

electronic multimeter A voltohm-milliammeter 
that uses active amplifying devices. Also see 
ELECTRONIC INSTRUMENT. 

electronic multiplier A device, such as a Hall gen- 
erator, whose output is equal (or proportional) to 
the product of two inputs (i.e., it can perform 
arithmetic multiplication). 

electronic music 1. Music produced by a combi- 
nation of electronic oscillator, amplifier, and 
loudspeaker. A number of successful instru- 
ments have been developed. See, for example, 
ELECTRONIC CARILLON, ELECTRONIC ORGAN, 
ELECTRONIC PIANO, and THEREMIN. 2. The 
electronically amplified sounds of conventional 
musical instruments. 

electronic organ A musical instrument with a key- 
board similar to that of a conventional organ, in 
which tones produced by oscillators or electri- 
cally driven reeds are processed and amplified for 
delivery to a system of loudspeakers. 

electronic packaging See ENCAPSULATION. 

electronic part A lowest replaceable unit, or com- 
ponent, in an electronic circuit. 

electronic phase meter An electronic instrument 
for measuring phase difference. Direct readings, 
in degrees of lead or lag, are visible on an analog 
scale or as a digital readout. 

electronic photoflash A transistorized light-inten- 
sity meter. Also see ELECTRONIC INSTRUMENT. 

electronic piano A musical instrument having the 
keyboard of a conventional piano and provided 
with electronic amplification. 

electronic power supply A power supply using 
transistors or integrated circuits for stabilization 
and output control. 
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electronic precipitator See DUST PRECIPITATOR. 

electronic product Any commercially manufac- 
tured electronic device, intended for purchase by 
the public, by industry, or by government. 

electronic profilometer An electronic instrument 
for measuring surface roughness. 

electronic ratchet A stair-step circuit or other ar- 
rangement functioning in the manner of an 
equivalent electromechanical stepping switch. 
Also see COMMUTATOR. 

electronic reconnaissance In military applica- 
tions, the use of electronic systems to locate en- 
emy installations (such as radio stations, 
guided-missile sites, and radar bases). 

electronic rectifier A rectifier that uses active de- 
vices to change alternating current (ac) to direct 
current (dc). 

electronic regulator A voltage regulator that uses 
active electronic circuits, as opposed to a reactor- 
type or electromechanical device. See, for exam- 
ple, VOLTAGE REGULATOR. 

electronic relay 1. A switching circuit that uses 
one or more transistors, and performs the relay 
function without moving parts. 2. An electronic 
component designed to switch when gating sig- 
nals are applied (e.g., triac, diac, or silicon- 
controlled rectifier). 

electronic resistor 1. The effective internal collec- 
tor-emitter resistance of a common-emitter bipo- 
lar-transistor stage. 2. The effective internal 
drain-source resistance of a field-effect transistor 
(FET) stage. 

electronics The branch of physics concerned with 
the behavior and application of electric charge 
carriers in components, devices and systems that 
accomplish amplification, oscillation, signal pro- 
cessing, and/or switching. 

electronics engineer A trained professional 
skilled in the physics and mathematics of elec- 
tronics, and in the theory and application of basic 
engineering and related subjects. Compare 
ELECTRICAL ENGINEER. 

electronics service person An electronics techni- 
cian skilled in repairing and maintaining elec- 
tronic equipment. Also called electronics service 
technician. 

electronic shutter See KERR CELL. 

electronics technician A professional skilled in 
building, testing, repairing, or maintaining elec- 
tronic equipment. 

electronics technology The theory and practical 
application of electronics. Taught as a subengi- 
neering major, usually in two-year junior colleges 
or technical institutes, awarding the degree of as- 
sociate in arts (AA) or associate in science (AS). 

electronic stethoscope A stethoscope employing 
a miniature microphone, amplifier, and ear- 
phones. The amplifier gain is continuously con- 
trollable, and its bandwidth often selectable for 
emphasizing particular heart sounds and other 
body noises. 
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electronic stimulator A device for applying con- 
trolled electrical pulses to the body to stimulate 
muscles or nerves during diagnosis or therapy. 

electronic stroboscope A stroboscope that uses a 
rate-calibrated oscillator, rather than a mechanical 
contactor to generate pulses that strobe the lamp. 

electronic subtracter An electronic circuit for per- 
forming arithmetic subtraction. 

electronic surge A sudden, large increase in the 
current in a conductor. Can be caused by an elec- 
tromagnetic pulse; can also occur when utility 
power is restored following a blackout. 

electronic switch 1. A nonmechanical device, 
such as a flip-flop or gate, whose characteristic 
on-off operation can be used to make and break 
an electric circuit. Compare CONTACT SWITCH. 
2. A device using electronic gating and sequenc- 
ing circuits to present several signals alternately 
to the single input of an oscilloscope, allowing si- 
multaneous viewing of the signals. 

electronic tachometer An instrument for measur- 
ing angular velocity, usually in revolutions per 
minute (rpm). Ideally, the response is indepen- 
dent of sensor voltage amplitude, showing only 
the number of pulses per unit time reaching the 
meter circuit. 

electronic thermal conductivity The thermal- 
conductivity component, resulting from the 
transfer of heat by electrons and holes. 

electronic thermometer An instrument for mea- 
suring temperature as a result of variations in a 
temperature-sensitive component, such as a re- 
sistor, thermocouple, or thermistor. 

electronic timer An electronic circuit or device for 
automatically timing a process or observed event. 
Most are based on the time constant of a stable 
resistance-capacitance (RC) circuit. Compare 
ELECTROMECHANICAL TIMER. 

electronic tube See ELECTRON TUBE. 

electronic tuning Variation of the resonant fre- 
quency of a device or circuit by changing the bias 
voltage or current of a controlling electronic com- 
ponent. 

electronic voltmeter A voltmeter that uses elec- 
tronic amplification ahead of the indicating meter 
to provide high input impedance and increased 
sensitivity. Also see FET VOLTMETER and TRAN- 
SISTOR VOLTMETER. 

electronic voltohmmeter A voltohmmeter that 
uses electronic amplification ahead of the indi- 
cating meter to provide high input impedance 
and increased sensitivity. 

electronic typewriter A typewriter with a micro- 
computer that provides features, such as buffer- 
ing, automatic repeat, erase memory, and 
paragraph/page memory. 

electronic warfare The use of electronic systems 
for military purposes, including interfering with 
an enemy’s use of similar systems. 

electronic watch 1. A watch whose movement is 
a tiny, high-frequency, alternating-current (ac) 
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motor driven by a stable oscillator. 2. Any minia- 
ture timepiece incorporating solid-state circuitry, 
but especially one using a digital readout. 

electronic wattmeter A wattmeter in which an 
amplifier is used for increased sensitivity. 

electronic waveform synthesizer A signal gener- 
ator that delivers an alternating or pulsating sig- 
nal whose waveform can be tailored by means of 
adjustable circuit components. 

electron lens A device that focuses an electron 
beam in a manner similar to the focusing of light 
rays by a glass lens. Also see ELECTROSTATIC 
LENS, ELECTROMAGNETIC LENS, and WAVE- 
GUIDE LENS. 

electron magnetic moment The energy per unit 
flux density available in an electron. Approxi- 
mately equal to 9.2848 x 104 joule per tesla. 

electron mass See MASS OF ELECTRON AT REST. 

electron microscope A microscope in which the 
source of illumination is an electron beam fo- 
cused by electromagnetic lenses. It allows much 
greater magnification than is possible with opti- 
cal microscopes. 
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electron mirror A reflector of electrons—especially 
a dynode element in a photomultiplier tube or 
electron-multiplier tube. 

electron motion 1. The movement of electrons in 
a conductor, semiconductor, or space, as the 
result of electric or magnetic attraction or 
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repulsion. 2. The movement of an electron as a 
charged mass. In an electric field, this movement 
simulates that of a free-falling body in a gravita- 
tional field. 

electron multiplication 1. In a gas discharge, the 
production of additional electrons as a result 
of collisions between electrons, atoms, and 
molecules. 2. The increased production of elec- 
trons in a semiconductor when avalanche occurs. 

electron-multiplier tube 1. A vacuum tube utiliz- 
ing a sequence of secondary emissions for in- 
creased current amplification. Electrons from the 
cathode strike a positively biased dynode with a 
force that dislodges secondary electrons, which, 
upon joining those first emitted, are reflected to a 
second positive dynode that contributes more 
secondary electrons, reflecting the total to a third 
positive dynode, etc. The last dynode in the chain 
reflects the enhanced beam to an anode collector 
that passes the high current to an external cir- 
cuit. 2. See PHOTOMULTIPLIER TUBE. 

electronography Printing by means of the electro- 
static transfer of ink from a printing plate across 
a gap to an impression cylinder. 

electron optics See ELECTRO-OPTICS. 

electron orbits See ELECTRON SHELLS. 

electron oscillator A device in which oscillation is 
obtained by causing electrons to move in an os- 
cillatory path, to travel in bunches, etc. Exam- 
ples: klystron, magnetron, and traveling-wave 
tube. 

electron pair Two electrons from adjacent atoms, 
which sometimes share the same orbits, but al- 
ways produce a bond between two adjacent 
atoms. 

electron-pair bond The bond between an electron 
pair. 

electron physics The physics of electronics, usu- 
ally from a highly theoretical viewpoint. 

electron-proton magnetic moment ratio A phys- 
ical constant whose value is approximately equal 
to 658.211, derived from the division of the mag- 
netic moment of the electron by that of the pro- 
ton. 

electron recoil The recoil of an electron from a 
photon it has collided with. 

electron rest mass See MASS OF ELECTRON AT 
REST. 

electron scanning Deflection of an electron beam. 
See, for example, ELECTROSTATIC DEFLEC- 
TION and ELECTROMAGNETIC DEFLECTION. 

electron shells The spheres, concentric with the 
nucleus of an atom, that represent the median 
distances from the nucleus around which elec- 
trons migrate. 

electron spin The rotation of an electron (i.e., 
around its axis). This motion is independent of 
the electron’s movement around the nucleus of 
an atom. 

electron stream 1. The beam of electrons gener- 
ated by the electron gun in a cathode-ray tube. 
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2. The electrons moving between the cathode and 
plate in an electron tube. 

electron-stream instrument See 
BEAM INSTRUMENT. 

electron-stream meter An oscilloscope (or cath- 
ode-ray tube alone) used as a device for making 
measurements. 

electron-stream transmission efficiency The ra- 
tio of the current through a positive electrode to 
the current impinging on it. In a tube, for exam- 
ple, some electrons are absorbed by the plate, 
and others are reflected. 

electron telescope A telescope using a combina- 
tion of a glass lens, photocathode, and electro- 
static focusing. Light from the object is focused 
on the photocathode by the lens, the electrons 
emitted being focused electrostatically on a phos- 
phorescent viewing screen. 

electron transit time The time required for an elec- 
tron to travel a given distance. For a vacuum tube, 
the upper frequency limit of operation is governed 
by the time required for an electron to reach the 
plate after leaving the cathode. Transit time is 
usually stated in fractions of a microsecond. 

electron tube An evacuated or gas-filled chamber 
in which electrons are emitted (usually by a hot 
cathode) and controlled (usually by a voltage ap- 
plied to a grid electrode). 

electron unit See ELEMENTARY CHARGE. 

electron velocity The velocity acquired by an elec- 
tron that moves between two points having a 
given potential difference. Also see ELECTRON 
MOTION, 2. 

electronvolt Abbreviation, eV. The energy ac- 
quired by a unit charge moving through a poten- 
tial difference of one volt; it is equal to 
approximately 1.6022 x 10”** joule. 

electron-wave tube A tube, such as a klystron or 
traveling-wave tube, in which electrons traveling 
at different velocities interact with each other, 
modulating the electron stream. 

electro-oculogram A recording of the voltage that 
is found between the anterior and posterior parts 
of the eyeball. 

electro-optical transistor A phototransistor or 
pair of phototransistors in a single package. Used 
in electronic circuits to sense changes in light 
levels. 

electro-optical valve See KERR CELL. 

electro-optic radar A form of radar that makes 
use of visual apparatus for locating a target. 

electro-optics The branch of electronics dealing 
with related electrical and optical phenomena: 
photoelectricity, light generation, laser technol- 
ogy, light amplification, etc. It is also concerned 
with electronic phenomena that are analogous to 
optical phenomena, such as electronic focusing, 
reflection, refraction, diffraction, etc. Also called 
electron optics and optoelectronics. 

electro-osmosis Causing liquids to flow by apply- 
ing an electric field across the walls of a porous 
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plug. The force exerted by the field on ions in the 
liquid causes it to flow. 

electropad The skin-contacting electrode of an 
electrocardiograph. 

electropathy See ELECTROTHERAPY. 

electrophilic Pertaining to the tendency to seek 
electrons. 

electrophobia An irrational fear of electricity, a 
psychological condition sometimes exhibited by 
victims of serious electric shock. 

electrophonic effect Sound heard by a person 
when an alternating current is passed through 
some part of the body. 

electrophoresis The movement of dielectric parti- 
cles through a liquid in which they are sus- 
pended, produced by the electric field between 
electrodes immersed in the suspension. 

electrophoresis equipment 1. Any device in- 
tended for the purpose of depositing a dielectric 
material onto a metal by means of electrophore- 
sis. 2. Any equipment in which electrophoresis 
occurs. 

electrophoresis scanner A device that senses the 
movement of charged particles caused by elec- 
trophoresis effects. 

electrophoretic deposition A type of deposition in 
which a low-voltage direct current passing 
through a colloidal suspension of dielectric poly- 
mer particles deposits them as a coating on a 
metallic body (the anode in the process). It can 
provide a better coating than one obtained with 
spray painting or dipping. 
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electrophorus A simple device used to demon- 
strate electrostatic generation and induction. It 
consists of a smooth metal plate at the end of an 
insulating handle and an accompanying cake of 
resin or hard rubber. The cake is rubbed with 
cat’s fur, making it negatively charged. The metal 
plate is touched to the charged cake; by induc- 
tion, it acquires a bound positive charge on the 
face that touched the cake and a free negative 
charge on the opposite face. When the plate is 
lifted and its top face touched momentarily with 
the finger or grounded, the negative charge leaks 
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off, often with a sharp spark, but the positive 
charge remains. 

electrophotographic process See XEROGRAPHY. 

electrophotography The production of photographs 
by means of electricity. See XEROGRAPHY. 

electrophotometer A light-intensity meter using a 
photoelectric sensor and a meter, but usually not 
incorporating an amplifier. Compare ELEC- 
TRONIC PHOTOMETER. 

electrophrenic respiration A system of inducing 
respiration in which one or both of the phrenic 
nerves (i.e., of the diaphragm) are stimulated 
electrically to produce contractions of the di- 
aphragm muscles. 

electrophysiology 1. The study of electrical pro- 
cesses in the human body. 2. The study of how 
electrical impulses affect, and are produced by, 
body organs. 

electroplaques In electric fish, small voltage- 
generating cells that are connected in series- 
parallel networks. 

electroplate 1. To cause one metallic substance to 
adhere to the surface of another through the ef- 
fects of electrolysis. 2. A metal plating deposited 
via electrolysis. 

electroplating Depositing one metal on the sur- 
face of another by electrolytic action. 

electropolar Having electrical polarity (either posi- 
tive or negative). 

electropolishing An electrolytic method of 
smoothing a rough metal surface. The workpiece 
to be polished becomes the anode of an elec- 
trolytic cell in which electrolytic action dissolves 
tiny surface irregularities. 

electropositive Having positive electrification or 
polarity. Compare ELECTRONEGATIVE. 

electropotential series See ELECTROMOTIVE 
SERIES. 

electropsychrometer An electronic instrument for 
humidity measurements. 

electroreduction In electrolysis, reduction of the 
cathode electrode. 

electrorefining The refining of metals by means of 
electrolysis. 

electroretinograph An instrument used to mea- 
sure the electrical response of the human retina 
to light. 

electroretinography The process of detecting and 
measuring electrical impulses from the retina. 

electroscope An instrument for detecting electric 
charges and fields. The common type uses a pair 
of gold-leaf strips hung from the end of a metal 
rod in a glass tube or jar. When the exposed end 
of the rod is brought near a charged object, the 
leaves repel each other and spread apart. 

electrosection The use of an arc-generating device 
for making surgical incisions. 

electrosensitive recording See ELECTRIC RE- 
CORDING. 

electroshock 1. The system of creating a con- 
trolled electric shock in the brain as a treatment 
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for certain mental disorders. 2. The electric shock 
used in the therapy described in 1. 
electrospinograph An instrument that senses and 
records electrical impulses from the spinal cord. 
electrostatic Pertaining to stationary electric 
charges and fields, and their application. 
electrostatic actuator A device for measuring the 
sensitivity of a microphone. Electrostatic charges 
produce forces on the diaphragm of the micro- 
phone, and the resulting output is recorded. 
electrostatic amplifier See DIELECTRIC AMPLI- 
FIER. 
electrostatic charge See ELECTRIC CHARGE. 
electrostatic component The electric component 
of an electromagnetic wave. It is perpendicular to 
the magnetic component and can be thought of 
as the wave’s voltage component. 


electrostatic constant See ELECTRIC CON- 
STANT. 

electrostatic convergence See ELECTROSTATIC 
FOCUSING. 


electrostatic cooling Accelerated cooling of a body 
through the application of an intense electro- 
static field. The body must be in a free convection 
state, a corona discharge must be present, and 
the field must not be uniform. 

electrostatic copier A document-copying appara- 
tus that uses electrostatic effects to reproduce 
printed material. 

electrostatic coupling See CAPACITANCE COU- 
PLING. 

electrostatic deflection In a cathode-ray tube, 
deflection of the electron beam by the electro- 
static fields between pairs of internal horizontal 
and vertical deflecting plates. It is primarily used 
in laboratory oscilloscopes. Compare ELECTRO- 
MAGNETIC DEFLECTION. 
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electrostatic electrometer See KELVIN ABSO- 
LUTE ELECTROMETER. 

electrostatic electrophotography See XEROG- 
RAPHY. 

electrostatic energy The potential energy con- 
tained in an electrostatic field (e.g., the energy in 
a charged capacitor). Compare ELECTROKI- 
NETIC ENERGY. 

electrostatic field A stationary electric field. 
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electrostatic field intensity An expression of the 
strength of an electrostatic field. Usually ex- 
pressed in volts per meter, millivolts per meter, or 
microvolts per meter. 

electrostatic flux The flux existing around an 
electric charge or a charged body. 

electrostatic focusing In a cathode-ray tube, elec- 
tron-beam focusing achieved by varying the dc 
bias voltage on a focusing electrode. Compare 
ELECTROMAGNETIC FOCUSING. 

electrostatic galvanometer A galvanometer oper- 
ating on the principle of the electrostatic volt- 
meter. 

electrostatic generator A device for producing 
high-voltage electric charges; e.g., a Van de 
Graaff generator. 

electrostatic headphone A device similar to an 
electrostatic speaker, but held against the head 
for private listening. Incoming audio signals 
cause attraction and repulsion among charged 
plates, resulting in acoustic vibration. 

electrostatic hysteresis The tendency of some di- 
electrics (especially ferroelectric materials) to sat- 
urate and retain a portion of their polarization 
when an alternating electric field to which they 
are exposed reverses polarity. This causes the 
charge to lag behind the charging force. 

electrostatic induction The charge acquired by a 
body inserted into an electric field. Compare 
ELECTROMAGNETIC INDUCTION. 

electrostatic instrument See ELECTROSTATIC 
VOLTMETER. 

electrostatic lens An assembly of deflecting plates 
or cylinders, whose electric field causes an elec- 
tron beam to converge or diverge in much the 
same way as a visible light beam passing through 
an optical lens. Compare ELECTROMAGNETIC 
LENS. 

electrostatic loudspeaker See ELECTROSTATIC 
SPEAKER. 

electrostatic memory A memory unit in which an 
information bit is stored as an electric charge. 

electrostatic memory tube A cathode-ray tube in 
which information bits are stored in capacitive 
cells swept by the scanning electron beam. 

electrostatic microphone See CAPACITOR MI- 
CROPHONE. 

electrostatic phase shifter See PHASE-SHIFTING 
CAPACITOR. 

electrostatic potential In an electric field, the po- 
tential energy represented by the voltage between 
the two elements creating the field, or between 
any two points within the field. 

electrostatic precipitator See DUST PRECIPITA- 
TOR. 

electrostatic printer A computer output periph- 
eral in which the printing medium, a fine dust, is 
fused by heat onto paper that has been charged 
according to the data being represented. 

electrostatic process 1. Any process that uses 
electrostatic action. 2. A method of photography 
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in which visual images are converted to electro- 
static images. 

electrostatic recording A method of recording 
that employs a signal-controlled electric field. 

electrostatic relay A high-input-impedance relay 
consisting of two polarity-controlled contacts; op- 
posite charges on the contacts close the relay, 
and like charges open it. 

electrostatics The branch of electricity concerned 
with electrical charges at rest. Compare ELEC- 
TRODYNAMICS and ELECTROKINETICS. 

electrostatic screen A shield against electric flux 
consisting of a number of straight, narrowly sep- 
arated rods or wires joined at only one end. The 
shield has little effect on magnetic flux. Also 
called Faraday shield. 

electrostatic separator A device for separating 
fine particles from a mixture by exposing the mix- 
ture to an intense electrostatic field. 

electrostatic series A list of materials arranged in 
this sequence: any one of them becomes posi- 
tively electrified when rubbed with another lower 
in the list, or negatively electrified when rubbed 
with another higher in the list. Compare ELEC- 
TROMOTIVE SERIES. 

electrostatic shield Any metallic enclosure de- 
signed to confine an electric field. 

electrostatic speaker A loudspeaker whose vi- 
brating diaphragm is one of two plates in a large 
air-dielectric capacitor, the other being a closely 
situated metal plate (or plug). An audio voltage 
applied to the plates causes them to vibrate. Also 
called capacitive loudspeaker and capacitor loud- 
speaker. 
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electrostatic sprayer An equipment for spray 
painting in which fine droplets of paint are at- 
tracted by an electrostatic field to the surface to 
be coated. 

electrostatic storage See ELECTROSTATIC MEM- 
ORY. 

electrostatic stress 1. Stress in the vicinity of a 
charged body or particle. 2. See DIELECTRIC 
STRESS. 
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electrostatic transducer See CAPACITANCE 
TRANSDUCER. 

electrostatic tube of flux The space between elec- 
tric lines of flux going through adjacent points on 
the boundary of a given area in an electric field. 

electrostatic tweeter A small electrostatic 
speaker for reproducing high-frequency sounds. 
Compare WOOFER. 

electrostatic unit Abbreviation, esu. A unit of 
measure in the electrostatic system of cgs units. 
Also see CENTIMETER-GRAM-SECOND. Com- 
pare ELECTROMAGNETIC UNIT. 

electrostatic vector See ELECTRIC VECTOR. 

electrostatic voltmeter An indicating meter 
whose movement consists of a stationary metal 
plate near a rotating metal plate. A voltage ap- 
plied to the plates charges them, and the attrac- 
tion between them causes the movable member 
to rotate against the torque of a returning spring 
over an arc proportional to the voltage. 


Calibrated 
scale 


Movable 
vane 


Spring 
bearing 


electrostatic voltmeter 


electrostatography See XEROGRAPHY. 

electrosteel See ELECTRIC STEEL. 

electrostenolysis The deposition of certain metals 
from a solution in capillary tubes when an elec- 
tric current passes through the solution. 

electrostimulation Electrical excitation of nerves 
for the relief of pain. 

electrostriction In certain materials, the physical 
contraction that occurs when a voltage is applied. 
Compare MAGNETOSTRICTION. 

electrostrictive ceramic A ceramic exhibiting 
ELECTROSTRICTION when voltage is applied. 

electrostrictive relay A relay in which the mov- 
able contact is carried by a bar of electrostrictive 
material, such as barium titanate. A control volt- 
age deforms the material, causing the contacts to 
close. 

electrosurgery Surgery, sometimes bloodless, 
achieved with diathermy-like equipment. See 
DIATHERMY, 2. 
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electrosynthesis Chemical synthesis produced by 
means of electric currents or fields. 

electrotape Also called electronic tape measure. 
Any device that measures distance by electronic 
means, such as radar or sonar. 

electrotechnology See ELECTRICAL TECHNOL- 
OGY and ELECTRONICS TECHNOLOGY. 

electrotellurograph An instrument for measuring 
ground currents. 

electrotherapeutics See ELECTROTHERAPY. 

electrotherapy The treatment of disorders or dis- 
eases by electrically induced heat—especially by 
DIATHERMY. 

electrothermal 1. Pertaining to electrically gener- 
ated heat. 2. Pertaining to a combination of elec- 
tricity and heat. 

electrothermal device A device whose operation 
depends on the heat generated by an electric cur- 
rent (e.g., a bolometer, hot-wire ammeter, ther- 
mocouple, or varistor). 

electrothermal expansion element A thermo- 
static element, such as a bimetallic strip, whose 
expansion is used in heat-sensitive switches. 

electrothermal instrument A hot-wire or thermo- 
couple-type meter. 

electrothermal recorder See ELECTRIC RE- 
CORDING, 1 and THERMAL RECORDER. 

electrothermic See ELECTROTHERMAL. 

electrothermics The study and application of the 
heating effects of electricity in conductors and 
junctions. 

electrotitration In chemistry, the completion of 
titration, as indicated by an electrical measure- 
ment, such as of the resistance of the solution be- 
ing titrated. 

electrotonic Pertaining to ELECTROTONUS. 

electrotonus Modification of a nerve’s sensitivity 
by passing a constant current through it. 

electro-ultrafiltration In physical chemistry, fil- 
tering a colloidal suspension by electro-osmosis. 

electrovalence 1. The number of charges acquired 
by an atom gaining electrons. 2. The number of 
charges forfeited by an atom losing electrons. 3. 
Valence resulting from electron transfer between 
atoms and the resulting creation of ions. 

electrovalency See ELECTROVALENCE. 

electrovalent bond See IONIC BOND. 

electrowin To recover (win) a metal from a solution 
of its salts by means of electrolysis. 

electrum A natural alloy of gold and silver. 

element 1. See ELECTRODE. 2. A circuit compo- 
nent intended for a specific purpose. 3. A spe- 
cific part of an antenna array (e.g., driven 
element or parasitic element). 4. A fundamental, 
unique substance whose atoms are of only one 
kind (examples: aluminum, carbon, silicon, and 
sulfur). There are more than 100 elements, some 
man-made. Elements combine to form com- 
pounds. 5. A circuit, such as an AND gate, that 
can be taken as a unit because it performs 
a special function. 6. In digital computer 
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operations, a subunit of a category that cannot 
be further categorized [e.g., a bit (word element) 
or a record (file element)]. 

elemental area In a facsimile or television picture, 
a scanning line segment as long as the line's 
width. 

elemental charge See ELEMENTARY CHARGE. 

elemental semiconductor A semiconductor con- 
taining one undoped chemical element. 

elementary charge Symbol, e. Also called unit 
electric charge. The electric charge of a single 
electron or proton. This charge is approximately 
equal to 1.6022 x 107** coulomb. 

elementary particle 1. A minute charged or un- 
charged particle within the atom (i.e., electron, 
proton, neutron, quark, etc.). 2. In theory, a sub- 
atomic particle that cannot be broken down into 
smaller particles. 

element error rate In communications or data 
transfer, the ratio n;/n, where n,;is the number of 
elements received incorrectly and n, is the num- 
ber of elements transmitted. 

element spacing 1. The spacing between radiator, 
director, and reflector elements in a directional 
antenna. 2. The spacing between the internal 
electrodes of a vacuum tube. 

elevation Angular position (in degrees) of a point 
above the horizontal. 

elevation-position indicator A type of radar dis- 
play simultaneously indicating the elevation of, 
and the line-of-sight distance to, the target. 

elevator control 1. An electronic system for auto- 
matically stopping an elevator and opening the 
doors. Various safety functions are included, an 
example being the reopening of a closing door 
when a passenger steps into the car. 2. In an air- 
craft, the mechanical, electronic, or electrome- 
chanical devices or circuits involved in actuation 
of the elevators. 

ELF Abbreviation for EXTREMELY LOW FRE- 
QUENCY. 

eliminator 1. A device or circuit acting as a surro- 
gate for an inconvenient or undesirable compo- 
nent (e.g., battery eliminator). 2. A device for 
removing or minimizing an undesirable signal or 
quantity (e.g., harmonic eliminator); interference 
eliminator. 

ell A coaxial fitting that is a right-angle line section 
with a coaxial connector at each end. It takes its 
name from its L shape. 

ellipse A geometric figure having the Cartesian- 
plane formula (x- x9)?/a? + (y — Yo)?/b? = 1, where 
a and b are constants, and x, and yo represent 
the center point. 

elliptical filter See ELLIPTIC FILTER. 

elliptical function See ELLIPTIC FUNCTION. 

elliptical load line For any amplifier with an out- 
put transformer, a load line in the shape of an el- 
lipse, obtained when the load connected to the 
output element is reactive, rather than purely re- 
sistive. 
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elliptically polarized wave An electromag- 
netic wave in which the rotation of the electric- 
intensity vector at one point describes an ellipse. 

elliptical orbit A satellite orbit that is not a perfect 
circle. In theory, all satellites deviate slightly from 
perfectly circular orbits. Sometimes a satellite is 
deliberately put into an orbit that is greatly elon- 
gated. The closer the satellite is to the earth, the 
faster it moves. 

elliptical polarization Polarization characterized 
by elliptical rotation of the wave vector at a given 
point. 

elliptical stylus In a phonograph (turntable) sys- 
tem, a stylus with a characteristic ellipsoidal 
shape. 

elliptic filter A band-pass, band-stop, high-pass, 
or low-pass inductance-capacitance (LC) filter, 
designed according to an ELLIPTIC FUNCTION. 
Characterized by a steep attentuation-versus- 
frequency cutoff response with ripple in both the 
passband and the stopband. 

elliptic function A function, similar to the 
Chebyshev and Butterworth functions, used in 
the design of certain selective filters. The elliptic 
function results in a better filter magnitude re- 
sponse than the Chebyshev or Butterworth 
functions in some applications. See ELLIPTIC 
FILTER. 

elongation A form of modulation distortion result- 
ing from multipath propagation. Some of the 
paths result in greater propagation delay than 
other paths; this causes the modulation envelope 
to spread out. The higher the modulating fre- 
quency, the greater the effect. 

ELSE A word used in a BASIC computer program 
that provides an instruction based on a relational 
test and, in this respect, is related to IF-THEN, 
ON-GOTO, etc. It specifies the operation to be 
done if the conditions given in the same program 
line don't occur. 

ELSIE Abbreviation of electronic letter-sorting and 
indicator equipment. 
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EM 1. Abbreviation of EFFICIENCY MODULATION. 

2. Abbreviation of ELECTROMAGNETIC(S). 3. Ab- 

breviation of electromagnetic iron. 4. Abbreviation 

of ELECTROMAGNETIZER. 5. Abbreviation of 

ELECTRON MICROSCOPE. 6. Abbreviation of EX- 

POSURE METER. 7. Abbreviation of electromotive. 

1. Symbol for MAXIMUM VOLTAGE. 2. Symbol 
for MAXIMUM JUNCTION FIELD. 

emanation 1. Emission of electrons. 2. Emission 
of radioactive particles or ionizing radiation. 3. 
Emission of electromagnetic energy. 

Emax Symbol for MAXIMUM VOLTAGE. 

embedded path A means of guiding a mobile robot 
along a specific route. One common scheme uses 
a buried, current-carrying wire that produces a 
magnetic field. The robot can sense and follow 
this field. Colored paints and tapes can also be 
used in conjunction with machine vision sys- 
tems. Compare EDGE DETECTION. 

embedded training The inclusion of training/ 
tutorial programs in computerized equipment 
that assist users in the operation of the equip- 
ment. 

embedding See ENCAPSULATION. 

embossed-foil printed circuit A printed circuit 
made by pressing the pattern from metal foil into 
the insulating substrate and then removing the 
surplus foil. 

embossed-groove recording 1. A phonograph 
record into which grooves are embossed, rather 
than scribed. 2. Recording sound by embossing 
grooves on record disks. 

embossing stylus The rounded-tip stylus used to 
make an embossed-groove recording. 

EMC Abbreviation of ELECTROMAGNETIC COM- 
PATIBILITY. 

EME Abbreviation of earth-moon-earth. See MOON- 
BOUNCE. 

e/m, The ratio of the elementary electron charge to 
its mass: 1.7588 x 10!! coulombs per kilogram. 
Also see CHARGE-MASS RATIO. 

Emergency Broadcast System In the United 
States, a general plan for dissemanating informa- 
tion via broadcast stations in the event of a na- 
tional emergency. 

emergency channel A communication channel al- 
located for emergency service. 

emergency communication Radio or other elec- 
tronic transmission and reception of urgent mes- 
sages (e.g., distress signals, storm warnings, 
etc.). 

emergency equipment 1. Apparatus kept in 
standby status for immediate operation when 
regularly used equipment fails. 2. Equipment, es- 
pecially vehicular, for use in emergency situa- 
tions. Examples are ambulances, fire-fighting 
trucks and equipment, etc. 

emergency power supply An alternating-current 
(ac) or direct-current (dc) power unit kept in 
standby status for immediate use when the regu- 
lar power supply fails. 
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emergency service A communications service de- 
voted exclusively to emergency communication. 

EMF, emf Abbreviation of ELECTROMOTIVE 
FORCE. 

emf standard See STANDARD CELL. 

EMG 1. Abbreviation of ELECTROMYOGRAM. 2. 
Abbreviation of ELECTROMYOGRAPH. 

EMI Abbreviation of ELECTROMAGNETIC INTER- 
FERENCE. 

E microscope See ELECTRON MICROSCOPE. 

emission 1. The ejection of particles, especially 
electrons, from a material. 2. Waves radiated 
from any source (as from a transmitting antenna 
or from an amplifier stage). 3. The emanation of 
radiant, electromagnetic, acoustical, electrical, or 
magnetic energy. 

emission code A system of abbreviating the various 
types of radio emission. See EMISSION MODE. 

emission frequency 1. In communications, the 
carrier frequency of the transmitted signal as it is 
radiated from the antenna or fed into a transmis- 
sion line. 2. The actual frequency or frequency 
range of a signal as it is transmitted or radiated. 
This might be the carrier frequency. 3. The fre- 
quency of energy in an emission band or bands in 
a spectrum. 

emission lines In a spectrum, radiation intensity 
peaks that appear as bright lines in a visible dis- 
play. In a radio-frequency spectrum, the emission 
lines occur as sharp peaks in radiated energy at 
specific wavelengths. 

emission mode Any of various official classifica- 
tions of radio communication emission types. 
Emissions are designated according to the modu- 
lation method used (e.g., continuous waves, 
amplitude modulation, single-sideband with 
suppressed carrier, frequency modulation, pulse 
modulation, etc.). 

emission power 1. The rate at which energy is ra- 
diated from an object. 2. In radio communication, 
the transmitter output power. 

emission spectrum The radiation spectrum of a 
substance that emits energy (e.g., the light spec- 
trum of an incandescent metal). 

emission types See EMISSION MODE. 

emission velocity The initial velocity of an elec- 
tron as it leaves an emitting surface. 

emission wavelength 1. In communications, the 
carrier wavelength of the transmitted signal as it 
is radiated from the antenna or fed into a trans- 
mission line. 2. The actual wavelength or wave- 
length range of a signal as it is transmitted or 
radiated. This might or might not be the carrier 
wavelength. 3. The wavelength of energy in an 
emission band or bands in a spectrum. 

emissive power The rate at which a surface emits 
energy of all wavelengths in all directions, per 
unit area of radiating surface, regardless of tem- 
perature. 

emissivity For a radiating source, the ratio 
W|/W.2, where W; is the energy emitted by the 
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source at a particular temperature, and W, is the 
energy emitted by a blackbody (i.e., a theoreti- 
cally perfect radiator) at the same temperature. 

emittance For an energy-radiating source, the ra- 
diated power per unit area of radiating surface. 

emitted electron An electron that has left an atom 
of a material and has escaped into surrounding 
space or entered a neighboring material. 

emitter 1. A body that discharges particles or 
waves (see EMISSION). 2. In a semiconductor de- 
vice, the area, region, or element from which cur- 
rent carriers are injected into the device. In a 
transistor symbol, the emitter is that electrode 
shown with an arrowhead. 

emitter-base junction In a bipolar transistor, the 
boundary between base and emitter regions. 

emitter bias Emitter current or voltage main- 
tained to set the operating point of a bipolar tran- 
sistor. 

emitter bulk resistance The portion of the resis- 
tance of the semiconductor material in a transis- 
tor that affects emitter resistance. 

emitter-coupled logic A bipolar form of digital 
logic, abbreviated ECL. 

emitter-coupled multivibrator A two-transistor 
multivibrator circuit in which the emitters share 
a common resistor. 

emitter-coupled phase inverter A transistor 
phase inverter in which the out-of-phase compo- 
nent is taken from the collector and the in-phase 
component from the emitter resistor (of the same 
transistor). Another transistor is often used to 
amplify the in-phase component so that both out- 
puts are equal in magnitude. 
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emitter current Symbol, Iç. The current in the 
emitter electrode of a bipolar transistor. 
emitter degeneration In a transistor amplifier, 
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current degeneration obtained by use of an unby- 
passed emitter resistor. The arrangement results 
in virtually distortion-free amplification at a sac- 
rifice in voltage gain. 

emitter follower A transistor circuit in which the 
input signal is applied to the base, and the output 
signal is taken from the emitter resistor. Gain is 
always less than unity; output impedance is low. 


+dc 


Input 
Output 


emitter follower 


emitter-input circuit See COMMON-BASE CIR- 
CUIT. 

emitter junction See EMITTER-BASE JUNCTION. 

emitter resistance Symbol, Rg. 1. The resistance 
of the emitter electrode in a bipolar transistor. 2. 
External resistance connected to a transistor’s 
emitter terminal. 

emitter stabilization In a common-emitter tran- 
sistor stage, an emitter resistor that stabilizes the 
circuit against temperature variations. 

emitter-to-base junction See EMITTER-BASE 
JUNCTION. 

emitter voltage Symbol, Vg. The voltage at the 
emitter electrode of a bipolar transistor. 

EMP, emp 1. Abbreviation of ELECTROMAGNETIC 
PULSE. 2. Abbreviation of electromagnetic power. 

emphasis Modification of the amplitude-versus- 
frequency output or response of an audio circuit, 
for the purpose of optimizing signal intelligibility. 

emphasizer An audio-frequency device with a spe- 
cially tailored response, intended to maximize in- 
telligibility of a voice. 

Empire cloth Varnished cambric used as an insu- 
lating sheet or tape. 

empirical Observable; derived from experimenta- 
tion. 

empirical curve A curve plotted from data ac- 
quired from observations, tests, and calculations, 
rather than from mathematical laws or other the- 
ory. 

empirical design The design of electronic circuits 
by cut-and-try methods and, to some extent, 
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through intuition arising from experience (i.e., 
practical as opposed to theoretical design). 

empirical probability Probability estimated from 
experience and observations. This method is of- 
ten used in quality-control and reliability proce- 
dures. 

empty medium A computer storage medium, such 
as a magnetic tape or disk, that is ready to accept 
data (i.e., rather than being completely blank, it 
contains the signals necessary for processing the 
to-be-added data). 

EMU, emu Abbreviation of ELECTROMAGNETIC 
UNIT(S). 

emulator In computer engineering, a sophisticated 
device that substitutes for a similar device or 
stage in the computer, and thereby provides a ba- 
sis for experimenting and troubleshooting without 
disturbing the equivalent part of the computer. 

E, Symbol for voltage remaining at null. 

enable To initiate the operation of a circuit or de- 
vice by applying a pulse or trigger signal. 

enable pulse 1. A pulse that initiates the operation 
of a circuit or device. 2. A binary pulse that aug- 
ments a write pulse to make a magnetic core 
change state. 

enabling gate A digital device that regulates the 
length of a pulse for specialized use. 

enameled wire Wire that is insulated by a thin 
coat of baked enamel. Commonly used in coil 
winding because the thin enamel allows for a 
maximum number of turns in a given volume for 
a given wire gauge. 

encapsulant A material, such as potting resin, 
used to embed (encapsulate) a component, cir- 
cuit, or device. 

encapsulated circuit A component, circuit, or de- 
vice embedded in plastic or wax (see ENCAPSU- 
LATION). 

encapsulated component An electronic part that 
is embedded in plastic or wax (see ENCAPSULA- 
TION). 

encapsulating material See ENCAPSULANT. 

encapsulation The embedding of a circuit or com- 
ponent in a solid mass of plastic or wax. The mold 
or container remains as part of the assembly af- 
ter the plastic or wax has solidified. Protects 
against the environment, and/or against the ef- 
fects of physical vibration. Compare POTTING. 


encephalogram See ELECTROENCEPHALO- 
GRAM. 

encephalograph See ELECTROENCEPHALO- 
GRAPH. 


enciphered facsimile Facsimile communications 
that have been rearranged or scrambled at the 
transmitting location so that it cannot be inter- 
cepted by a third party. A deciphering device is 
needed at the receiver end of the circuit. 

enclosure 1. A cabinet, case, or other housing for 
electronic equipment, such as a receiver, trans- 
mitter, or test instrument. 2. A specially designed 
housing for a loudspeaker. 
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encode 1. To convert signals or data into a desired 
(usually digital) form. Also called CODE. 2. To 
equip a transmitter with a tone-producing device 
(encoder). 3. To develop and apply an encoding 
system to a group of transceivers or transmitters 
of a communications network. 

encoder 1. An analog-to-digital or digital-to-analog 
converter. 2. An electromechanical device for 
translating the angular position of a rotating 
shaft into a corresponding series of digital pulses. 
Also see SHAFT-ANGLE ENCODER. 3. A device 
for encoding data (see ENCODE). 4. A machine 
with a keyboard for printing characters that can 
be read by optical character recognition (OCR) 
equipment. 5. A tone generator used as a receiver 
enabler in the transmitters of a communications 
network. 

encoding 1. The translation, either by a machine 
or by a human operator, of a spoken or written 
language into digital code. 2. Any function per- 
formed by an ENCODER. 

encryption The conversion of a signal from plain 
text, graphics, or other commonly recognizable 
form into a cipher. See also CIPHER. Compare 
DECRYPTION. 

end-around carry Ina computer, a carry produced 
in the most significant position, causing a carry 
into the least-significant position. 

end-around shift In digital-computer operations, 
the transfer of characters from one end of a regis- 
ter to the other end. Also called LOGICAL SHIFT. 

end bell 1. The part of a motor housing that sup- 
ports the bearing and protects internal rotating 
parts. 2. A clamping part fastened to the back of 
a plug or receptacle. 3. Either of the two frames of 
a transformer that contains the mounting lugs. 

end bracket See END BELL, 2. 

end cell A cell intended for series operation in con- 
junction with a storage battery. As the voltage of 
the battery drops, the end cell can be added into 
the circuit. 

end effect 1. In a tapped coil, losses because of in- 
duced currents flowing in the inductance and 
distributed capacitance of the unused end of the 
coil. 2. EDGE EFFECT in a capacitor. 3. An effec- 
tive capacitance at the ends of an antenna, re- 
sulting from air discharge. This lowers the 
resonant frequency slightly below that predicted 
by theory. The effect is exaggerated by the prox- 
imity of objects, such as trees and buildings, or 
when an antenna is placed close to the earth. 

end effector The device or tool connected to the 
end of a robot arm (e.g., a gripper, screwdriver, 
drill, or soldering iron). 

end-fed antenna An antenna whose lead-in or 
feeders are attached to an end of the radiator. 

end feed A method of feeding electromagnetic 
fields to an antenna by connecting the transmis- 
sion line to the end. Ordinarily, the antenna must 
be a multiple of 0.5 wavelength long for end feed 
to be effective. 
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end-fire antenna See END-FIRE ARRAY. 

end-fire array Also called end-fire antenna. A 
phased antenna in which the greatest radia- 
tion/response takes place off one or both ends. 
The array consists of two or more parallel driven 
elements, all of which lie in a single plane. A typ- 
ical system might consist of two half-wave 
dipoles, fed 90 degrees out of phase and spaced 
one-quarter wavelength apart in free space. This 
produces a unidirectional directivity pattern. Two 
elements might be driven in phase and spaced 
1 wavelength apart, producing a bidirectional 
pattern. These systems show some power gain, in 
their favored directions, compared to a single 
half-wave dipole. The larger the number of ele- 
ments, with optimum phasing and spacing, the 
greater the gain. 
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end-fire directivity In a directive antenna, beam- 
ing a signal along the plane of the antenna (i.e., 
off its ends). 

end instrument A device capable of converting in- 
telligence into electrical signals or vice versa, and 
that needs to be connected to only one terminal of 
a loop. 

end item A final, completed product or component. 

endless loop Also called infinite loop. A computer 
programming bug that causes the machine to go 
in an indefinite, and often useless, logical circle. 
For example, suppose that at line 180, the com- 
puter encounters the command GOTO 250, 
meaning “Go to line 250,” but line 250 gives the 
command GOTO 180. Once the computer gets to 
line 180, it enters a loop in which nothing is ac- 
complished, and from which the only escape is 
intervention by the operator (e.g., terminating the 
program). 

end mark In digital-computer operations, a signal 
or code indicating the close of an information 
unit. 


ÓN 


endodyne reception See ZERO-BEAT RECEP- 
TION. 

end-of-charge voltage For a rechargeable cell or 
battery, the voltage at full charge (i.e., just after 
disconnection of the charging apparatus and be- 
fore use). 

end-of-data mark A code or character signaling 
that all the data in a computer storage medium 
has been read or used. 

end-of-discharge voltage For a rechargeable cell 
or battery, the voltage at the termination of a dis- 
charging cycle, immediately before the unit is 
taken out of use and the charging apparatus is 
connected. 

end-of-field mark In computer operations, a “flag” 
code that signals when the end of a field has been 
reached. 

end-of-file mark In computer operations, a code 
instruction that signals when the last record in a 
file has been read. 

end-of-line unit The last device or circuit in a 
chain. 

end-of-message character A character or code 
signaling the end of a message. 

end-of-run The end of a computer program or pro- 
gram run, as indicated by the program. 

end-of-tape mark A physical marker at the end of 
a magnetic tape (e.g., something that can be 
sensed by methods other than that used to read 
the tape). 

end-of-tape routine A computer program that 
handles the processing needed after the last 
record on a reel of magnetic tape has been 
reached. 

end-on armature A relay armature that moves in 
the direction of the core's axis. 

end-on directional antenna See END-FIRE AN- 
TENNA and END-FIRE ARRAY. 

endoradiograph An X-ray picture, derived or en- 
hanced by the introduction of substances into the 
body. 

endoradiosonde A tiny pill-enclosed transducer 
and radio transmitter for sensing physiological 
conditions in the stomach and intestines; it 
transmits corresponding signals to instruments 
outside. 

endothermic reaction A chemical reaction pro- 
ducing cold (i.e., one in which kinetic energy is 
lost). Compare EXOTHERMIC REACTION. 

end-plate magnetron A magnetron whose oscilla- 
tion intensity is increased by a positive and a neg- 
ative end plate, the electric field between them 
causes the electrons to move axially while spin- 
ning. 

end point 1. For a precision potentiometer, the 
shaft position between the last and first posi- 
tions of measurement. 2. The point at which the 
useful life of a device can be considered spent. 
3. The point at which a time interval or opera- 
tional sequence ends. 4. The end-point voltage 
of a primary or Edison storage cell. 5. For a 
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lead-acid storage cell, the specific-gravity value 
of the electrolyte at which the cell is considered 
in need of recharging (nominally 1.150 to 
1.175). 

end-point control A form of quality control in 
which the end item is checked for defects. 

end-point sensitivity A means of expressing the 
sensitivity of a meter or other indicating device: 
the ratio, in decibels, between the input signal 
required to produce a full-scale or maximum 
reading and the smallest detectable input sig- 
nal. 

end-point voltage The voltage of a battery or cell 
terminal when the device is no longer useful. 

end resistance In a rheostat or potentiometer, the 
resistance between the wiper and the end termi- 
nal when the wiper is set to the end point of the 
device. 

end-resistance ofíset In a potentiometer, the re- 
sistance between the wiper and an end terminal 
when they are in contact. 

end-scale deflection See END-SCALE VALUE. 

end-scale value For an indicating meter, the elec- 
trical quantity indicated at the last graduation on 
the scale. 

end section Either the input or output section of a 
multisection filter. 

end setting 1. The fully clockwise or fully counter- 
clockwise setting of a rotatable control. 2. The 
minimum or maximum setting of a control. 

end shield In a magnetron, a shield that confines 
the space charge to the interaction space. 

end spaces The cavities at either end of the anode 
block in a multicavity magnetron tube; they ter- 
minate all the anode-block cavity resonators. 

end use The intended application of a circuit or de- 
vice. 

energize To apply operating power and input sig- 
nals to a circuit or device. 
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energized The condition of a circuit or device that 
is powered or excited. 

energy Symbol, W. Common units: joule, watt- 
hour, and kilowatt-hour. 1. The capacity for do- 
ing work. Some common forms of energy are 
electrical, mechanical, and chemical. Also see 
CONSERVATION OF ENERGY, KINETIC EN- 
ERGY, and POTENTIAL ENERGY. 2. The work 
performed by electric power. The unit used by 
utility companies is the kilowatt-hour (kWh), 
equal to the product Pt, where Pis power in kilo- 
watts and tis the period (hours) during which the 
power is used. 

energy-band diagram A diagram depicting the var- 
ious energy levels within the atom of a conductor, 
semiconductor, or insulator. 

energy barrier The natural potential gradient 
across a semiconductor junction. In the absence 
of an applied voltage, the gradient, not measur- 
able from the outside, prevents total interaction 
between the n- and p-type materials. 

energy cell 1. A usually small primary or sec- 
ondary cell—especially the kind used in hearing 
aids and electronic watches. 2. A capacitive- 
type direct-current (dc) source (see ENERGY- 
STORAGE DEVICE, 2). 

energy consumption 1. The conversion of energy 
from one form to another by a component, circuit, 
system, or machine, in the process of performing 
some useful task. 2. The amount of energy in- 
volved in the process defined in 1. 

energy conversion The transformation of energy 
from one form to another. See also CONSERVA- 
TION OF ENERGY and ENERGY TRANSFORMA- 
TION. 

energy-conversion device A component, circuit, 
system, or machine that changes energy from one 
form to another. See also CONSERVATION OF 
ENERGY. 

energy density 1. For an energy-producing cell, 
such as an electrochemical cell, the ratio of avail- 
able energy to cell mass. It is expressed in joules 
per gram or in watt-hours per kilogram. 2. For 
an energy-producing cell, the ratio of available 
energy to cell volume. Expressed in joules per cu- 
bic centimeter or in watt-hours per cubic cen- 
timeter. 

energy gap In the energy-level diagram for a semi- 
conductor or insulator, the region between va- 
lence and conduction bands representing the 
minimum energy required to make the electron 
pass from the valence to the conduction band 
(i.e., to become a current carrier). Also called for- 
bidden energy band. 

energy level A constant-energy state, such as one 
of the energy levels of an electron in an atom. 

energy-level diagram 1. A diagram showing the 
energy levels (in electronvolts) of electrons in the 
various shells of an atom. 2. A diagram showing 
variations in power that correspond to variations 
in current in a channel. 
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energy loss In any system, the energy that is un- 
avoidably lost (i.e., it is not converted into useful 
work). Also see ENTROPY and POWER LOSS. 

energy of a charge The energy level of an electro- 
static charge. It is QV/2 ergs, where Q is the 
quantity of electricity in coulombs, and V is the 
potential in volts. 

energy product An expression of the effectiveness 
of a permanent magnet. The magnetic flux den- 
sity is multiplied by the magnetic field strength to 
obtain the energy product, specified in gauss- 
oersteds. 

energy redistribution A mathematical process for 
determining the effective duration of an irregular 
pulse. The instantaneous power output of the ir- 
regular pulse is integrated from the start to the 
end of the pulse. Then, a rectangular pulse is 
constructed having the same peak power and the 
same total energy content (area under the power 
curve). The length of this rectangular pulse is 
considered to be the effective duration of the ir- 
regular pulse. 


Equivalent rectangular 


Max. pulse (same start time) 

$ 

(D) 

5 

Q 

a. 

N 

a») 

2 Irregular 
3 pulse 
= 

3 

DZ 

= 

— 

0 


Time 


energy redistribution 


energy state The condition of an electron, as ex- 
pressed by its position and velocity, with respect 
to the position and velocity of other electrons. 

energy-storage capacitor A usually high-value ca- 
pacitor used primarily to store the charge used to 
fire a lamp (as in a photoflash unit), create a 
spark discharge (as in electronic ignition), or per- 
form some similar function. 

energy-storage device 1. See CAPACITOR. 2. A 
small, electrochemical component offering very 
high capacitance (e.g., several farads) and low 
leakage current (less than 1 pA). It has a number 
of applications, including long-interval timing, 
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power-supply filtering, and energy-cell service. Its 
active ingredients are compressed powders. 

energy stored in capacitor The electrical energy 
in the field between the plates of a charged ca- 
pacitor. In this instance, energy W = CE?/2, 
where W is the energy in joules, C is the capaci- 
tance in farads, and E is the voltage in volts. 

energy stored in inductor The magnetic energy in 
the field surrounding an inductor carrying cur- 
rent. In this instance, energy W = LI?/2, where W 
is the energy in joules, Lis the inductance in hen- 
rys, and J is the current in amperes. 

energy transformation The conversion of one 
form of energy into another, as with a transducer. 

engine analyzer An instrument for checking the 
performance of an automobile engine. In addition 
to measuring voltage and resistance throughout a 
car’s electrical system, the instrument measures 
engine speed, cam dwell angle, and other factors. 

engineer 1. A person who designs machines, cir- 
cuits, and other devices. 2. A person who devel- 
ops methods of utilizing machines, circuits, or 
other devices more efficiently, or for new applica- 
tions. 3. To design or implement an apparatus. 

engineering The science of applying scientific laws 
to technical problems and designing practical de- 
vices. Also see ELECTRICAL ENGINEER and 
ELECTRONICS ENGINEER. 

enhanced-carrier demodulation A method of 
reducing distortion in the demodulation of 
amplitude-modulated (AM) signals. A properly 
phased and synchronized local carrier is added to 
the signal in the demodulator. 

enhancement mode Operation characteristic of 
an ENHANCEMENT-TYPE MOSFET. 

enhancement-type MOSFET A metal-oxide semi- 
conductor field-effect transistor (MOSFET) in 
which the channel directly under the gate elec- 
trode is widened (enhanced) by a negative gate 
voltage in the n-channel unit or by a positive 
gate voltage in the p-channel unit. Compare 
DEPLETION-TYPE MOSFET. 

ENIAC An electronic computer developed at the 
University of Pennsylvania. The name is an 
acronym for Electronic Numerical Integrator And 
Calculator. 

ENIC Abbreviation of voltage negative-impedance 
converter. 

enrichment In a mixture of different isotopes of a 
given element, the increase in the relative con- 
centration of one particular isotope. 

ensemble 1. A collection of devices that functions 
together as a complete unit. 2. In music recording, 
the ability of all the musicians to hear each other 
during the session. 3. A set of random mathemat- 
ical functions, all starting at the same point. 

ENSI Abbreviation of EQUIVALENT-NOISE-SIDE- 
BAND INPUT. 

entladungsstrahlen Ultraviolet radiation emitted 
by electric arcs. At atmospheric pressure, the 
wavelength is approximately 40 to 90 nanometers, 
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depending on the arc length. The term is derived 
from the German word for discharge rays. 

entrainment Providing a path for gases to escape 
from an electrochemical cell or battery. 

entrance delay In security applications, a delay 
that allows authorized people time to leave the 
protected area after activating the alarm system, 
or to deactivate the system after entering the pro- 
tected area. The delay is approximately 30 to 45 
seconds. 

entropy 1. In all closed physical systems, the mea- 
sure of energy wasted. According to the second 
law of thermodynamics, for example, supplied 
heat can never be converted entirely into work. 
2. In communications, the amount of information 
in a message, defined as the base-10 logarithm of 
the number of equivalent messages that can ex- 
ist. 3. A natural process in which the energy in 
the universe tends to become more uniformly dis- 
tributed with the passage of time. 

entropy coding A form of digital encoding that 
minimizes redundancy, thereby increasing the 
amount of data in a given amount of memory or 
storage space. 

entry 1. A unit of computer input or output infor- 
mation. 2. A data item in a table or list. 3. A com- 
puter source program statement. 4. In a computer 
program, the address of the first instruction. 

entry condition A condition that must be specified 
before a computer program is run (e.g., establish- 
ing operand values). 

entry-level system 1. The least-sophisticated 
computer that will perform the things that a user 
requires. 2. A simple electronic or computer sys- 
tem (e.g., an amateur radio transciever or per- 
sonal computer, intended for ease of operation, 
and from which the user expects to upgrade to a 
more powerful system at a later date). 

entry point In a computer program, the first in- 
struction to be implemented, or a point during 
the run when data can be entered. 

envelope 1. On a graph, the imaginary line joining 
successive signal peaks. In the graph for an am- 
plitude-modulated signal, the line reproduces the 
modulating wave. 2. The enclosure of a transistor 
or integrated circuit. 3. The glass shell of a vac- 
uum tube. 

envelope delay Ina tuned amplifier, time delay in- 
troduced in the envelope of a modulated signal by 
varying the phase of the envelope with the modu- 
lating frequency. This delay varies directly with 
the amount by which the sidebands shift, with re- 
spect to the carrier frequency. 

enveloped file A computer file with labels permit- 
ting it to be handled by a computer of a type dif- 
ferent from that used to make the file. 

environmental conditions See ENVIRONMENTAL 
FACTORS. 

environmental factors Aspects of the space im- 
mediately surrounding and sometimes influenc- 
ing electronic equipment. Examples: altitude, 
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dust, light, moisture, noise, pressure, shock, 
temperature, and vibration. 

environmentally sealed Sealed against the effects 
of adverse environmental factors. 

environmental test chamber See 
CHAMBER. 

E, 1. Symbol for OUTPUT VOLTAGE. 2. Symbol for 
zero reference voltage. 

EOF Abbreviation of end of file. 

EOL Abbreviation of end of line. 

EOLM Abbreviation of electro-optical light modula- 
tor. 

EOR Abbreviation of END OF (program) RUN. 

EOS Abbreviation of electro-optical system(s). 

EOT Abbreviation of end of tape. 

EOTS Abbreviation of electro-optical tracking sys- 
tem. 

Ep 1. Symbol for PLATE VOLTAGE. 2. Symbol for 
PEAK VOLTAGE. 

EP Abbreviation for EXTENDED PLAY. 

ephemeris time Time measured with respect to 
the orbit of the earth around the sun. Initiated in 
the year 1900 AD. 

epipolar navigation A scheme for position sensing 
and navigation that uses an artificially intelligent 
vision system. Allows calculation of position and 
velocity, based on changes in the visualized di- 
rection, size, and shape of an object whose actual 
location, size, and shape are precisely known. It 
is used in some mobile robots. 

episcotister A mechanical light beam modulator. 
The device consists of a series of rotating disks 
having transparent and opaque sections that al- 
ternately interrupt and pass the light beam at an 
audio-frequency rate. 
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epitaxial Pertaining to, or having the property of, 
EPITAXY. 

epitaxial deposition The tendency of certain ma- 
terials to grow on a semiconductor substrate un- 
der certain conditions. 
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epitaxial device A semiconductor device built by 
means of EPITAXIAL GROWTH. 

epitaxial film A film of single-crystal semiconduc- 
tor material deposited onto a single-crystal semi- 
conductor substrate. 

epitaxial growth Growing monocrystalline silicon 
on a silicon wafer by precipitating silicon from a 
gas in which the wafer is placed. Epitaxy is se- 
cured between the precipitate and the wafer. 

epitaxial layer A semiconductor layer exhibiting 
epitaxy. Also see EPITAXIAL GROWTH. 

epitaxial mesa transistor See DOUBLE- 
DIFFUSED EPITAXIAL MESA TRANSISTOR. 

epitaxial planar transistor A planar transistor 
having an epitaxially grown collector on a low- 
resistivity substrate, and a diffused base and 
emitter. 

epitaxial process See EPITAXIAL GROWTH PRO- 
CESS. 

epitaxial transistor A transistor in which an epi- 
taxial layer (into which a base region later is dif- 
fused and an emitter region alloyed) is grown on 
the face of a semiconductor wafer, which serves 
as the collector. Also see DOUBLE-DIFFUSED 
EPITAXIAL MESA TRANSISTOR. 

epitaxy The condition in which atoms in a thin 
film of single-crystal semiconductor material 
grown on the surface of the same kind of wafer 
continue their characteristic alignment. Also see 
EPITAXIAL GROWTH. 

E plane The plane of an antenna containing the 
electric field. 

E plane bend See E BEND. 

E-plane tee junction A waveguide junction whose 
structure changes in the plane of the electric 
field. 

epoxy resin A synthetic resin used to encapsulate 
electronic equipment, or as a cement. Epoxy 
resins are based on ethylene oxide or its deriva- 
tives. 

EPROM Abbreviation of erasable programmable 
read-only memory. 

EPU 1. Abbreviation of electronic power unit. 2. Ab- 
breviation of emergency power unit. 

Eq 1. Abbreviation of equation. 2. Abbreviation of 
EQUALIZER or EQUALIZATION. 

equal alternations Positive and negative half- 
cycles of a wave that have identical shape and 
amplitude. 

equal-energy source A light source that has a con- 
stant emission rate (energy per unit wavelength). 

equal-energy white The color of light emitted by a 
source radiating equally the wavelengths of the 
visible-light spectrum. 

equal heterodyne In a beat-frequency system, the 
condition in which the outputs of the two hetero- 
dyning oscillators are identical. 

equality circuit A logic circuit that, when two 
numbers are put into it, outputs logic 1 if the 
numbers are equal, and logic O if the numbers are 
not equal. 
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equalization 1. The use of an EQUALIZER to make 
the frequency response of a line, amplifier, or other 
device uniform over a given frequency range. 
2. The use of an EQUALIZER to modify the fre- 
quency response of a line, amplifier, or other device. 

equalizer A circuit or device, such as a compen- 
sated attenuator, that allows the user to tailor the 
frequency response of a line, amplifier, or other 
device. Sometimes used in sophisticated high-fi- 
delity stereo amplifier systems, to obtain a de- 
sired bass/midrange/treble frequency output. 

equalizer circuit breaker A form of circuit breaker 
that trips in the event of unbalance in an electri- 
cal system. 

equalizing current A current that flows in the cir- 
cuit of two compound generators connected in 
parallel. 

equalizing network A circuit used to equalize a 
line. 

equalizing pulses In a television signal waveform, 
several pulses (preceding and following the vertical 
sync pulse and having a repetition rate of twice the 
power-line frequency) that start the vertical re- 
trace at the correct instant for good interlace. 

equal-loudness curves See AUDIBILITY CURVES. 

equal vectors Vectors having the same magnitude 
and the same direction. They do not necessarily 
originate at the same point. Compare IDENTICAL 
VECTORS. 


equal vectors 


equation solver A (usually analog) computer for 
solving linear simultaneous equations or for de- 
termining the roots of polynomials. 
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equatorial orbit A satellite orbit that lies in the 
plane of the earth's equator. 

equiphase surface Any surface in a wave, over 
which the field vectors at a particular instant 
have either 0° or 180° phase difference. 

equiphase zone The space region in which two ra- 
dionavigation signals show no phase difference. 

equipment 1. Collectively, apparatus or compo- 
nents designated for a specific purpose (e.g., ra- 
dio equipment). 2. A functional electronic unit, 
such as a test instrument, receiver, or memory 
unit. 

equipment chain A system consisting of series- 
connected circuits or devices. 

equipment ground An electrical ground connec- 
tion intended to reduce the chances of electric 
shock. An equipment ground does not necessar- 
ily constitute a good radio-frequency ground; it 
serves only to eliminate potential differences 
among the individual units in a system. 

equipment life The period during which electronic 
equipment functions according to specifications; 
it is terminated at an END POINT. 

equipment test A usually preliminary, qualifying 
test of electronic equipment. 

equipotential Having a potential difference of zero; 
being at the same voltage level. 

equipotential line Between two charged plates, 
the locus (an imaginary line) of points having the 
same potential, with respect to the plates. 

equipotential surface A surface on which all 
points have the same electrical potential. 

equisignal Pertaining to signals having equal in- 
tensity. 

equisignal localizer See TONE LOCALIZER. 

equisignal radio-range beacon For aircraft guid- 
ance, a radio-range beacon that transmits two 
distinct signals that are received by aircraft with 
equal intensity only in certain directions. 

equisignal surface The “surface” around a trans- 
mitting antenna formed by points of equal field 
intensity. 

equisignal zone The region in which two radionav- 
igation signals have identical amplitude. 

equivalence The condition existing when one net- 
work can be substituted for another without dis- 
turbing currents, impedances, and voltages at 
the terminals. 

equivalent absorbing power See EQUIVALENT 
STOPPING POWER. 

equivalent absorption Unit, sabin. The rate at 
which a surface absorbs sound energy. 

equivalent binary digits Fora given decimal num- 
ber or specific character, the corresponding bi- 
nary digits (bits). 

equivalent bit rate The number of binary digits 
(bits) that can be sent in a given unit of time, 
such as one second, in a digital communications 
system. 

equivalent capacitance The value of a single 
lumped capacitance, that would cause the same 
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action as the capacitance distributed throughout 
a circuit. 

equivalent circuit A circuit that has the same 
overall current, impedance, phase, and voltage 
relationships as a more-complicated counterpart 
that it usually replaces for analysis. 

equivalent component density For a circuit in 
which discrete components are not used or are 
not evident, the volume of that circuit divided by 
the number of discrete components that would be 
required if the circuit used them. 

equivalent conductivity The conductivity of a so- 
lution that contains 1 gram equivalent of the so- 
lute in the space between electrodes 1 centimeter 
apart. 

equivalent dark-input current Fora photoelectric 
device, the illumination required for an output 
current equal to the DARK CURRENT of the de- 
vice. 

equivalent decrement The value of decrement in 
a damped wave that would result in the same 
amount of interference at a receiver as the inter- 
ference caused by the sidebands of an amplitude- 
modulated signal. 

equivalent delay line A comparatively simple net- 
work, such as a resistance-capacitance (RC) cir- 
cuit, that will provide the attenuation and phase 
characteristics of an ideal delay line. 

equivalent delta In a three-phase system, a delta- 
connected circuit that is equivalent to a given 
wye-connected circuit, from the standpoint of 
impedance and phase. Also see DELTA CONNEC- 
TION and WYE CONNECTION. Compare EQUIV- 
ALENT WYE and WYE-EQUIVALENT CIRCUIT. 

equivalent differential input capacitance For a 
differential amplifier, the equivalent input capac- 
itance (see EQUIVALENT CAPACITANCE) at one 
input (inverting or noninverting) when the oppo- 
site input is grounded. 

equivalent differential input impedance For a 
differential amplifier, the equivalent input 
impedance at one input (inverting or noninvert- 
ing) when the other input is grounded. 

equivalent differential input resistance For a 
differential amplifier, the equivalent input resis- 
tance at one input (inverting or noninverting) 
when the other input is grounded. 

equivalent equations Two equations for an un- 
known that have the same root. 

equivalent four-wire system A two-wire line over 
which full-duplex operation is obtained by use of 
frequency division. 

equivalent height See VIRTUAL HEIGHT. 

equivalent impedance 1. The value of a single 
lumped impedance that would cause the same 
action as the impedance distributed throughout a 
circuit. 2. An impedance that draws current of 
the same strength and phase as that drawn by an 
impedance it replaces. 

equivalent inductance The value of a single 
lumped inductance that would cause the same 


de 


5059F-pE-224-273 4/9/01 5:26 PM Page 264 


264 equivalent inductance + equivalent wye 


action as the inductance distributed throughout 
a circuit. 

equivalent input offset current For a differential 
amplifier, the difference between currents flowing 
into the inverting and noninverting inputs when 
the output voltage is zero. 

equivalent input offset voltage For a differential 
amplifier, the input voltage required to reduce the 
output voltage to zero. 

equivalent input wideband noise voltage Fora 
differential amplifier, the ratio V,/G,, where V, is 
the root-mean-square (rms) output-noise voltage, 
and G, is the direct-current (dc) voltage gain. 

equivalent length of antenna 1. The electrical 
length of an antenna, as measured in degrees or 
wavelengths. 2. The free-space length of an an- 
tenna. 3. The length d (in feet) of a quarter-wave 
resonant antenna at a specific frequency f (in 
megahertz), given by the formula d = 234/f. 4. 
The length d (in feet) of a half-wave resonant an- 
tenna at a specific frequency f (in megahertz), 
given by the formula d = 468/f. 

equivalent length of electric dipole The distance, 
measured in a straight line, separating the points 
that represent the charge centers of an electric 
dipole. 

equivalent length of feed line The electrical 
length of a feed line as measured in degrees or 
wavelengths. Generally, this is equal to 1/v times 
the line length in free-space wavelengths, where v 
is the VELOCITY FACTOR of the line, expressed 
as a fraction between O and 1. 

equivalent length of magnet The distance sepa- 
rating the poles of a magnet. In a bar magnet, 
these poles are not exactly at the ends. The actual 
equivalent length is about 83% of the length of 
the bar magnet. 
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equivalent loudness The actual intensity, in deci- 
bels, of a given sound whose apparent loudness 
changes with frequency. 

equivalent network A network that can replace a 
more-complex network for analysis purposes. 

equivalent noise input The value of modulated lu- 
minous flux that, when applied to a photoelectric 
device, produces a root-mean-square (rms) output 
current equal to the device’s rms noise current. 
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equivalent-noise-sideband input Abbreviation, 
ENSI. A specification for receiver noise character- 
istics. Numerically, ENSI = 0.3E,(P,,/P.)”, where 
Es is the voltage of an unmodulated radio- 
frequency (RF) carrier applied to the receiver, Pn 
is the resulting noise-output power of the receiver 
(measured with an rms meter), and P, is the 
noise-output power measured with the RF signal 
30% amplitude modulated at 400 Hz with a 400- 
Hz bandpass filter inserted between the receiver 
output terminals and the meter. 

equivalent noise temperature For a component 
having resistance, the temperature (degrees ab- 
solute) at which a theoretically perfect resistor 
having the resistance of the component would 
generate the same noise the component gener- 
ates at room temperature. 

equivalent optics The analogy between certain op- 
tical lenses and prisms and the electrostatic de- 
flection of an electron beam. Thus, when the 
upper deflecting plate in an electrostatic deflec- 
tion system is made negative and the lower plate 
is positive, the beam is deflected downward, like 
horizontal light rays bent by a prism. When both 
plates are made equally negative, the beam con- 
verges to a point, as light rays do when they pass 
through a double convex lens. When both plates 
are made equally positive, the beam spreads out, 
as do light rays passing through a double con- 
cave lens. 

equivalent permeability The permeability of a 
component made of certain materials, compared 
with that of a component having the same reluc- 
tance, shape, and size, but made of different ma- 
terials. 

equivalent reactance The value of a single lumped 
reactance that would cause the same action as 
the reactance distributed throughout a circuit. 

equivalent resistance The value of a single lumped 
resistance that would cause the same action as 
the resistance distributed throughout a circuit. 

equivalent series and parallel circuits Series and 
parallel circuits in which current, voltage, phase, 
and frequency relationships are identical. Any se- 
ries circuit can be transformed into an equivalent 
parallel circuit. 

equivalent series resistance The equivalent resis- 
tance acting in series with circuit components. 

equivalent sine wave A sine wave of the same fre- 
quency and effective voltage as a given wave. 

equivalent stopping power For a material in the 
path of radioactive particles, the thickness of the 
material that produces the same energy loss as 
that produced by one centimeter of air. 

equivalent time The effective duration of some 
phenomenon, such as a pulse. 

equivalent volt See ELECTRONVOLT. 

equivalent wye In a three-phase system, a wye- 
connected circuit that is equivalent to a given 
delta-connected circuit from a standpoint of 
impedance and phase. Also see DELTA 
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CONNECTION, EQUIVALENT DELTA, WYE CON- 
NECTION, and WYE-EQUIVALENT CIRCUTT. 

equivalent Y See EQUIVALENT WYE. 

equivocation A condition in which the meaning of 
data depends on certain parameters. 

ER Abbreviation of ECHO RANGING. 

Er Symbol for ERBIUM. 

E, Symbol for voltage drop across a resistance. 

erasable storage In computer operations, any 
storage medium holding information that can be 
erased. 

erasable PROM A programmable read-only mem- 
ory (PROM) from which the data can be removed, 
usually by exposure to ultraviolet light. Also see 
PROM. 

erase To obliterate or remove a signal, especially a 
recorded one, as in the erasure of recorded mate- 
rial from a magnetic tape or the data from a com- 
puter disk. 

erase button A pushbutton that actuates the cir- 
cuit supplying a signal that erases stored mate- 
rial (as the display on a storage oscilloscope). 

erase current In an electromagnetic erase head, 
the current flowing through the coil of the head. 
In most instances, it is a high-frequency current 
(usually the regular bias current), but it can be as 
low as 60 Hz, as long as the speaker does not re- 
spond to what remains of it on the tape after era- 
sure. 

erase head Ina tape recorder, a head used to erase 
recorded material from tape. It can contain a per- 
manent magnet (see ERASE MAGNET) or an elec- 
tromagnet whose coil carries erase current. 
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erase magnet In a tape recorder, a magnet used to 
erase recorded material from tape. Because the 
strength of the magnet is greater than that of the 
magnetized areas on the tape, erasure is com- 
plete (the tape left demagnetized). 
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erase oscillator In a tape recorder, a high- 
frequency (typically 30 to 80 kHz) oscillator that 
supplies erase current. 

eraser See BULK ERASER. 

erase signal A signal that causes recorded material 
to be erased (see ERASE and ERASE CURRENT). 

erasing speed The rate at which successive stor- 
age elements are erased, as in a charge-storage 
tube. 

erasure 1. In tape-recording and digital-computer 
operations, the process of erasing a recorded sig- 
nal (see ERASE). 2. An erasure accomplished by 
the process described in 1, above. 

erbium Symbol, Er. A metallic element of the rare- 
earth group. Atomic number, 68. Atomic weight, 
167.26. 

E region See E LAYER. 

e register Ina computer, a register used in double- 
precision calculations. 

E,-Ey signal In color television, the resultant signal 
that is the difference between the original full-red 
and E, signals. 

ERG Abbreviation of ELECTRORETINOGRAPHY. 

erg Abbreviation, e. A unit of work. It is the work 
done by a force of one dyne (10? newton) acting 
through a distance of one centimeter. 

ergograph An instrument used to measure and 
record work done by muscles. 

ergometer An instrument for measuring energy 
consumed or work accomplished. 

ergon See ERG. 

Ems Symbol for ROOT-MEAN-SQUARE VOLTAGE. 

ERP Abbreviation of EFFECTIVE RADIATED 
POWER. 

error 1. In calculations and measurements, the 
difference between a true value and an observed 
or calculated value. 2. In electronic circuits, es- 
pecially those of automatic control systems, the 
difference between a required (or reference signal) 
level and the actual signal level. 3. In communi- 
cations, a discrepancy between the transmitted 
data and the received data. 

error accumulation The adding-up of maximum 
possible error when measurements are repeat- 
edly made. Generally, the maximum plus-or- 
minus error per measurement is multiplied by 
the number of measurements. 

error amplifier An amplifier for boosting error cur- 
rent or voltage. 

error-checking code An error-correcting or error- 
detecting code. 

error-correcting code An error-detecting code 
that, in addition to the function indicated by its 
name, indicates the correct code. 

error-correcting telegraph A digital communica- 
tions system in which an improbable or incorrect 
character is not accepted. In the event that such 
a Character is received, the receiver instructs the 
transmitter to send that character again. 

error correction 1. The restoration of mutilated, 
corrupted, or missing data in a digital system, 
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especially in magnetic data storage media, such as 
tapes and disks. 2. In digital communications, any 
scheme in which the receiver (destination) auto- 
matically eliminates (to the greatest possible ex- 
tent) errors in data from a transmitter (source). For 
example, the destination can instruct the source 
to repeat questionable characters or words. 

error-correction routine In computer operations, 
a series of programmed instructions to detect and 
correct errors in files. A common example is a 
spell-checking program for word -processed docu- 
ment files. 

error current An error signal that is a feedback 
current for automatically correcting a system. 

error curve A bell-shaped curve that describes the 
distribution of errors in measurement around a 
true value. 

error-detecting code In computer operations, a 
character-coding system that ensures that an im- 
possible combination (forbidden characters) will 
be generated by an error (for error detection). 

error-detecting routine A computer program that 
detects errors by checking the validity of data. 

error detection and feedback In computer opera- 
tions, a system in which an error (sensed by an 
error-detecting code) automatically generates a 
request to repeat the suspect signal. 

error detector A sensor that responds to an error 
signal by delivering a signal proportional to the 
error. 

error diagnostics As performed by a compiler, de- 
tecting and indicating the presence of errors in 
source language statements. 

error interrupt A computer program halt caused 
by a software or hardware error and accompanied 
by a display of what has happened. 

error list As produced by a compiler, a list of 
source language statement faults. 

error message During a computer program run, a 
statement (displayed on a peripheral) of what is 
in error. 

error of measurement The positive or negative dif- 
ference between the value of an actual measure- 
ment and the true (or most probable) value. 

error range For a data item, the range of values 
over which it will cause an error. 

error rate In data transmission, the ratio of errors 
transmitted to the data transmitted. 

error-rate damping Damping that involves adding 
to an error signal another signal that is propor- 
tional in rate of change. 

error ratio 1. In a received message, the number of 
incorrect characters divided by the total number 
of characters. Can be represented as a fraction 
between O and 1 or as a percentage by multiply- 
ing the fraction by 100. 2. A measure of distortion 
for digital signal communications. The number of 
inaccurately received bits divided by the total 
number of received bits. 

error routine A computer program segment that is 
input when an error is detected so that an 
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appropriate action is taken (correct the error, re- 
peat the process, etc.). 

error-sensing circuit A circuit that samples the 
output current or voltage of a power supply, am- 
plifier, or control system, compares this output 
with a standard value, and delivers a feedback 
(correction) signal whose amplitude is propor- 
tional to the difference (error). 

error signal In a servo system, an output signal 
whose value is proportional to the difference be- 
tween the actual operating quantity of the system 
and a standard reference quantity. The signal is 
fed back to the input of the system for automatic 
correction. 

error tape In data processing, a record tape de- 
signed and used for storing errors for subsequent 
study. 

error voltage An error signal that is a feedback 
voltage for automatically correcting a system. 

Es Symbol for EINSTEINIUM. 

Esaki diode See TUNNEL DIODE. 

E scope See E DISPLAY. 

escape character In computer operations, a char- 
acter indicating that the next character belongs 
in a new group. 

escapement A (usually oscillating) mechanical or 
electromechanical device that stores energy (often 
in a spiral spring) on one swing, and returns that 
energy on the next swing. Such a mechanism ad- 
vances a shaft progressively in a clock or watch, 
and in some control equipment. 

escape velocity 1. The minimum velocity (about 
25,000 miles per hour or seven miles per second) 
required for a space vehicle to completely escape 
the gravitational field of the earth. 2. The mini- 
mum velocity required for a space vehicle to com- 
pletely escape the gravitational field of a planet or 
star. 3. The minimum velocity required for an 
electron to escape the electrical influence of an 
atomic nucleus. 

escutcheon A usually decorative plate that 
frames an opening or covers a panel in a piece of 
equipment (e.g., the escutcheon of a radio tun- 
ing dial). 

ESD Abbreviation of ENERGY-STORAGE DEVICE. 

ESG Abbreviation of electronic sweep generator. 

Esnault-Pelterie formula A formula for approxi- 
mately calculating the inductance of a single- 
layer solenoidal coil: 


L = 0.1008(atn?)/(s + 0.92a) 


where L is the coil inductance in microhenrys, a 
is the radius of the coil in inches, s is the length 
of the coil in inches, and nis the number of turns 
in the winding. The formula is accurate to 0.1 
percent for all values of 2a/s between 0.2 and 
1.5. 

ESS Abbreviation of electronic switching system. 

EST Abbreviation of EASTERN STANDARD TIME. 

esu Abbreviation of ELECTROSTATIC UNIT(S). 

ET Abbreviation of EPHEMERIS TIME. 
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ETC Abbreviation of electronic temperature control. 

etchant Any substance such as cupric chloride, 
ferrous chloride, or hydrochloric acid, used in 
etching. 

etched circuit A circuit produced by etching the 
metallic coating of a substrate to provide the re- 
quired pattern of conductors and terminals to 
which discrete components are soldered. 


etched circuit 


etch factor The ratio of the depth to the width of 
an etched track in an etched circuit. 

etching 1. Chemically eating away a metal to form 
a desired pattern, such as an etched circuit. 2. 
Thinning a quartz-crystal plate by slowly eroding 
one or both of its faces with hydrofluoric acid to 
fine-tune the resonant frequency. 

ET-cut crystal A piezoelectric plate cut from a 
quartz crystal at an angle of +66”, with respect to 
the z-axis. Also see CRYSTAL AXES and CRYS- 
TAL CUTS. 

ether 1. Also called luminiferous ether. A nonvis- 
cous fluid once thought to fill space, convey 
waves (radio, light, etc.), and sustain fields. 2. A 
volatile liquid occasionally used in electronics as 
a solvent [e.g., ethyl oxide (C2H5)20]. 

ether drift The postulated motion between a mate- 
rial body and the ether (see ETHER, 1). The con- 
cept was checked by Michelson and Morley, who 
failed to find that the earth moves relative to the 
ether. This eventually led to scientific rejection of 
the so-called ether theory of the propagation of 
light. 

ethical slave A machine, especially a smart robot, 
that is treated in the manner of a slave, based on 
the notion that a machine cannot have “feelings.” 
Some researchers fear that the use of ethical 
slaves could lead to technological nightmares. For 
example, robots might be used as soldiers in a ma- 
rauding offensive army; the commanders could ra- 
tionalize that there is nothing immoral about the 
war because there is no loss of life on their side. 

E transformer A differential transformer whose 
primary is wound on the center leg of an E core, 
the secondaries being wound on the outer legs. 
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Ettinghausen effect A phenomenon somewhat 
like the HALL EFFECT. It occurs when a metal 
strip, carrying current longitudinally, is placed 
into a magnetic field perpendicular to the plane of 
the strip: corresponding points on opposite edges 
of the strip exhibit different temperatures. 

Eu Symbol for EUROPIUM. 

eudiometer 1. An instrument for measuring the 
amount of oxygen in the air. 2. An instrument for 
analyzing gases. 

eureka 1. See CONSTANTAN. 2. The ground 
transponder beacon in the British rebecca- 
eureka radar navigational system (see REBECCA- 
EUREKA SYSTEM). 

europium Symbol, Eu. An element of the rare- 
earth group. Atomic number, 63. Atomic weight, 
151.96. 

eutectic 1. A form of reaction in which mixed liq- 
uids solidify when cooled. 2. The solid substance 
resulting from a reaction as defined in 1. 

eutectic alloy A metallic alloy with a specific melt- 
ing point, made via eutectic process. 

eutectic bond A connection between two dissimi- 
lar metals, facilitated by a third metal alloyed, via 
eutectic process, to the adjoining faces. 

eV Symbol for ELECTRONVOLT. 

evacuation The removal of air or other gases from 
a tube or chamber, specifically, the envelope of a 
vacuum tube that houses the internal elements. 

evaporation 1. A technique for electrically deposit- 
ing a film of a selected metal on a metallic or non- 
metallic surface. A filament of the metal to be 
deposited is heated by an electric current in a 
vacuum chamber, which makes filament parti- 
cles travel to the (nearby) object to be coated, 
where they condense as a film. In an alternate 
method, a piece of the metal to be deposited is 
laid on or wrapped around a filament of some 
other metal. 2. Electron emission by a hot cath- 
ode. 

evaporation theory The theory that electrons will 
acquire sufficient escape velocity to leave a mate- 
rial when the energy acquired by (or imparted to) 
the electron exceeds the work function of the ma- 
terial. Also see WORK FUNCTION. 

E vector The vector that represents the electric 
component of an electromagnetic wave. 

even-even nucleus An atomic nucleus containing 
an even number of protons and an even number 
of neutrons. An example is the alpha particle, or 
helium nucleus, which contains two protons and 
two neutrons. 

even harmonic In a complex waveform, an even- 
numbered multiple of the fundamental fre- 
quency. Compare ODD HARMONIC. 

even line In a television picture, an even- 
numbered member of the 262.5 horizontal lines 
scanned by the spot in developing the even-line 
field. Compare ODD LINE. 

even-line field On a television screen, the com- 
plete field obtained when the spot has traced all 
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the even-numbered lines. Compare ODD-LINE 
FIELD. 

even parity check A check to verify the presence of 
an even number of ones or zeros in a group of bits. 

event An occurrence that affects the state of a 
computer file. 

event counter Any device that measures the num- 
ber of specified events taking place within a cer- 
tain interval of time. 

evolution Extracting a root of a number (e.g., 
square root, cube root, etc.). 

E wave In microwave operations, the transverse 
magnetic (TM) wave. Also see WAVEGUIDE 
MODES. 

EWR Abbreviation of EARLY-WARNING RADAR. 

EWS Abbreviation of early-warning system. 

Ex 1. Symbol for voltage drop across a reactance. 
2. Symbol for EXCITATION ENERGY. 

exa- Symbol, E. A prefix meaning 10!® (Interna- 
tional System of Units). 

exalted-carrier reception In radio reception, over- 
coming the effects of selective fading by maintain- 
ing the carrier at a high amplitude. This is 
accomplished before demodulation by removing 
the carrier from an amplitude-modulated or phase- 
modulated signal, amplifying it, and reinserting it 
at a higher amplitude with the sidebands. 

exc 1. Abbreviation of EXCITER. 2. Abbreviation of 
EXCITATION. 

except gate A logic gate that delivers an output 
pulse when an input pulse is present at one or 
more of a set of input terminals, and absent from 
one or more of another set of input terminals. 
Also called exclusive-OR element. 

excess charge The amount of overcharge for a 
storage battery. 

excess conduction In a semiconductor, current 
conduction by excess electrons. 

excess electron 1. An electron that, when intro- 
duced into an atom, results in a negative ion. 2. 
An electron resulting from the addition of a donor 
impurity to a semiconductor substance. 

excess meter A meter that integrates the amount 
of power in excess of some predetermined level. 

excess minority carriers The number of minority 
carriers in excess of the normal equilibrium num- 
ber in a semiconductor material. 

excess modified index of refraction Symbol, M. 
For waves transmitted through a refracting 
medium, a modified index of refraction greater 
than unity. 

excess noise Electrical noise caused by current in 
a semiconductor material. 

excess sound pressure Unit, dyne/cm?. In a 
medium conducting sound waves, the quantity 
P;¡— Ps, where P, is total instantaneous pressure at 
a given point in the medium, and P, is static pres- 
sure in the absence of the sound waves. 

excess-three code A computer code derived from 
binary notation by adding binary three (ie., 
0011) to each four-bit group. Thus, decimal seven 
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is 1010 in the code (it is 0111 in binary). Unlike 
the binary representation for zero, the excess- 
three representation (0011) contains two ones, a 
feature that distinguishes actual zero from a ma- 
chine fault. 

exchange 1. To reverse the contents of two mem- 
ory banks. For example, if the memory banks are 
called A and B, an exchange is the placing of the 
contents of memory A into memory B, and the 
placing of the contents of memory B into memory 
A. The original contents are removed. 2. A two- 
way sequence of data transmissions. 3. A desig- 
nated location in a telephone circuit. 

exchange line A telephone line. 

exciplex Ina laser, a method of adjusting the color 
by means of chemical reactions in organic dyes. 

excitant The electrolyte in a voltaic cell. 

excitation 1. Supplying input-signal driving cur- 
rent, driving power, or driving voltage. 2. Input- 
signal driving current, driving power, or driving 
voltage. 

excitation anode In a mercury-pool tube, an aux- 
iliary anode whose operation maintains the cath- 
ode spot when no output current is being drawn 
from the tube. 

excitation current 1. Input-electrode current in 
an excited transistor amplifier. 2. Grid current in 
an excited vacuum-tube amplifier. 3. Current 
flowing in the circuit of the excitation anode of a 
mercury-pool tube. 4. Current flowing in the ex- 
citer circuit of an alternator. 5. Shunt-field cur- 
rent in a motor. 

excitation energy 1. Symbol, Ex. In artificial 
transmutation, the energy of a nucleus when pro- 
tons of less than maximum energy have been 
emitted from the atom. 2. Electrical energy re- 
quired by a transducer. 

excitation purity In color television, complete sat- 
uration of a hue (i.e., there is no contamination 
by other colors, and the saturated hue is dis- 
tributed uniformly). 

excitation voltage 1. The signal voltage that 
achieves, or is required for, excitation (see EXCI- 
TATION, 1). 2. The value of driving voltage. 

excitator An electrical discharger. 

excited atom An atom in which one or more 
electrons have been pushed out of their normal 
orbits into higher ones by energy applied from the 
outside. 

excited-field speaker A dynamic speaker in which 
the magnetic field is provided, not by a perma- 
nent magnet, but by direct current flowing 
through a large coil of wire wound around the 
speaker core. The coil usually acts as a filter 
choke in the power supply of the attendant am- 
plifier or receiver. 

excited state In artificial transmutation, the state 
of the nucleus when protons of less-than-maxi- 
mum energy have been emitted from the atom. 
The energy of the protons, in this instance, is 
greater than the ground state. 
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exciter 1. An amplifier or oscillator (or a system of 
such units) that supplies the input (driving) sig- 
nal to the output amplifier in a radio transmitter 
or similar device. 2. A small direct-current (dc) 
generator that supplies direct current to the field 
winding of an alternating-current (ac) generator. 
3. See INDUCTION COIL. 

exciter lamp 1. A concentrated-filament, high- 
intensity incandescent lamp used in sound- 
on-film recording and reproduction and in some 
types of electromechanical television. 2. In a 
facsimile transmitter, the lamp illuminating what 
is being scanned. 

exciter relay In an electromechanical generator, 
the relay that activates the direct-current (dc) 
field excitation during machine startup. 

exciter response 1. A change in the exciter voltage 
of a motor when the field-circuit resistance 
changes. 2. A change in the operating conditions 
of a radio frequency exciter, as a result of a 
change in the impedance at the input of the final 
amplifier. 

exciter unit See EXCITER. 

exciting current 1. The output current produced 
by the exciter of a generator (see EXCITER, 2). 2. 
The field current of a dynamo-type generator. 3. 
Primary current in an unloaded transformer. 

exciting power 1. The output power produced by 
an exciter. 2. The input-signal power required for 
full output from a power amplifier. Also called 
DRIVING POWER. 

exciting voltage 1. Input-signal voltage. 2. The 
input-signal-voltage amplitude required for full 
rated output from a power amplifier. Also called 
DRIVING VOLTAGE. 3. The output voltage pro- 
duced by an exciter. 

exciton In a semiconductor or dielectric, a bound 
electron-hole pair. 

excitron A mercury-pool rectifier whose arc is 
initiated mechanically (e.g., by means of a 
magnetic plunger in the tube). 

exclusion principle The rule that only one particle 
of a particular kind can occupy a given quantum 
state at one time. 

exclusive-NOR A logic function where the output 
is 1 if both inputs are 1 or both are O (same). The 
output is O if one input is O and the other is 1 (dif- 
ferent). Compare EXCLUSIVE OR. 

exclusive-OR A logic function in which the output 
is 1 when the two inputs are different, and is O 
when the two inputs are the same. 

excursion 1. A change in the value of a quantity in 
a given direction. 2. In an oscillatory system, a 
body’s moving away from the point of equilibrium 
or mean position. 

execution A computer’s performance of the opera- 
tions required by an instruction. 

execution time The length of time required for a 
computer to complete a designated operation. 

executive routine In computer operations, a pro- 
gram that controls and processes other routines. 
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Also called monitor program. Compare MONITOR 
SYSTEM. 

exhaust analyzer An instrument for examining 
the exhaust fumes of an internal combustion en- 
gine, to measure the presence of noxious ma- 
terials and to evaluate air-to-fuel ratio and 
combustion efficiency. 

exhaustion See EVACUATION. 

exit 1. In computer operations, the last instruction 
in a program or program segment, often taking a 
subroutine back to the main program. 2. To leave 
a computer application, routine or subroutine. 

exoskeleton A robot that resembles a suit of ar- 
mor, and that greatly magnifies the force of phys- 
ical movements. A human operator occupies the 
interior. Thus, for example, the operator might 
use the machine to throw a football 2500 yards, 
or to run 50 miles an hour, or to smash through 
walls. Primarily a tool of science fiction writers, 
this machine is within the scope of current 
robotic technology. 

exosphere The extreme outer layer of the earth’s 
atmosphere. 

exothermic Pertaining to a chemical or electro- 
chemical reaction in which heat is given off. Com- 
pare ENDOTHERMIC. 

exothermic reaction In a chemical reaction, the 
production of positive reaction energy (i.e., ki- 
netic energy is gained). Compare ENDOTHERMIC 
REACTION. 

exp 1. Symbol for EXPONENTIAL. 2. Abbreviation 
of EXPERIMENTAL). 

expand 1. In communications, to increase the 
bandwidth of a signal, restoring it to normal 
bandwidth after it has been compressed. 2. In 
communications, to increase the dynamic range 
of a signal. 3. In computer operations, to restore 
a file to full or normal size after it has been com- 
pressed. 4. To widen the scale of a meter. 5. To 
widen (or magnify a portion of) the trace of an os- 
cilloscope beam. Compare COMPRESS. 

expandable Capable of being built up into larger 
circuits or systems. 
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expandable gate In digital logic, a gate that can be 
provided with an unlimited number of input lines 
by electrical interconnection with other gates. 

expanded memory In personal computer systems, 
memory beyond the basic 640 kilobytes (640 kb), 
up to one megabyte (1 MB). This memory resides 
in integrated circuits (ICs) in the computer, and is 
normally volatile (i.e., it is not retained when 
power is removed). Compare EXTENDED MEM- 
ORY. 

expanded-scale meter A meter having a scale de- 
signed to display a narrow range of values. Such 
a meter used for monitoring the 117-V power line 
might have a scale reading 100 to 140 V, instead 
of a conventional scale beginning at zero. 

expanded sweep 1. In an oscilloscope, speeding 
up the deflection of the beam during a selected 
portion of the trace. 2. The circuit for the action 
described in 1. 

expander A circuit for increasing the dynamic 
range over which a signal or quantity can vary. A 
typical example is the volume expander, a device 
that greatly increases the amplitude of strong sig- 
nals while weakening, or having no effect on, sig- 
nals of low amplitude. 

expansion 1. In communications, the process of 
increasing the bandwidth of a signal, restoring it 
to normal bandwidth after it has been com- 
pressed. 2. In communications, a process in 
which stronger components are amplified more 
than weak ones, restoring a signal to its normal 
dynamic range after it has been compressed. 
3. In computer operations, the restoration of a file 
to full or normal size after it has been compressed. 
4. The widening of a meter scale. 5. The widening 
or magnification of an oscilloscope trace. Com- 
pare COMPRESS. 

expansion chamber A cloud chamber for viewing 
the paths of radioactive particles. It consists of a 
closed glass cylinder containing humid air and a 
piston. An electrostatic field is applied through 
the cylinder, the piston is pulled quickly, and the 
volume of the chamber expands. The temperature 
inside falls below the dew point, a cloud is 
formed, and droplets of water condense on ions, 
making their paths visible for observation or pho- 
tography through the cylinder walls. 

expansion ratio In communications, the inverse of 
COMPRESSION RATIO. 

expansion time For an expansion chamber, the 
interval during which expansion occurs. The 
interval is kept short to ensure that the temper- 
ature will drop low enough for vapor condensa- 
tion, and to minimize the possibility of 
continuing gas motion distorting the track of a 
particle. 

expectation In probability theory, the middle 
value (average or mean) of a random variable. 

expendable A component or system that, for econ- 
omy, is best discarded instead of repaired when it 
fails. Also called DISPOSABLE COMPONENT. 
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experiment One or a series of carefully planned 
tests carried out under controlled conditions to 
obtain data or to check performance. 

experimental chassis See ELECTRONIC CHASSIS. 

experimental model A prototype of an electronic 
circuit or device, produced solely for operational 
tests or as a model against which theory and de- 
sign can be checked. 

experimental service A special, nonamateur radio 
service intended for on-the-air testing of new 
methods and equipment. 

experimental station A station specially licensed 
to operate on specific frequencies in the experi- 
mental service. 

expert system Also called rule-based system. A 
form of artificial intelligence (AI) that allows a 
computer or smart robot to act as a highly tal- 
ented specialist in a specific field. An example is 
the use of a computer to help a physician diag- 
nose a complex disease. A smart robot might be 
used as a surgical assistant. 

exploring coil A pickup coil for sensing a signal or 
magnetic field. Sometimes called a sniffer. 

exploring electrode 1. A sampling electrode sealed 
in a discharge tube for measuring ionization at 
the point of insertion. 2. Broadly, a test probe. 

explosion-proof device A device that is housed 
and operated so that its sparking, heating, or 
production of radiant energy will not cause mate- 
rials in the environment to explode. 

exponent A number written as a superscript indi- 
cating the power to which another number (called 
the base) is to be raised. For example, 2? is the 
square (second power) of 2; xX is the cube (third 
power) of x. 

exponential 1. A base (such as the natural num- 
ber e) modified by an exponent. 2. Related to a 
change in value as determined by an exponent. 
Thus, using increments for x in the equation y = 
e* produces an exponential curve. 

exponential curve A curve based on powers of a 
number (such as for y = e. Also see EXPONEN- 
TIAL, EXPONENTIAL DECREASE, and EXPO- 
NENTIAL INCREASE. 

exponential damping Damping action described 
by an exponential curve. 

exponential decay See 
CREASE. 

exponential decrease The continuous reduction 
in the value of a quantity, according to the equa- 
tion y = e*, which depicts the natural decay 
curve. 

exponential function A function, such as f(x) = e*, 
that varies exponentially. See, for example, EX- 
PONENTIAL DECAY, EXPONENTIAL GROWTH, 
and EXPONENTIAL SERIES. 

exponential horn A horn of circular or rectangular 
cross section, whose cross-sectional area S at any 
point x feet along its axis is given by the formula 
S = Soe™, where So is the cross-sectional area at 
the throat, e is the natural logarithm base 
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(approximately 2.71828), and mis the horn flar- 
ing constant. 

exponential increase The continuous increase of 
a quantity, according to the equation y = e*, 
which depicts the natural growth curve. 

exponential line A transmission line whose char- 
acteristic impedance varies exponentially with its 
electrical length. 

exponential quantity A quantity involving an ex- 
ponential (e.g., 3e. 

exponential series A mathematical series based 
on exponential expressions. Example: e*= 1 +x+ 
(2/20 + (4/3) + (4/40 +... 

exponential sweep In cathode-ray-tube (CRT) de- 
vices, such as oscilloscopes, a beam sweep that 
starts fast and slows exponentially. 

exponential transmission line See EXPONEN- 
TIAL LINE. 

exponential waveform Any waveform in which the 
rate of change in the amplitude is directly or in- 
versely proportional to the instantaneous ampli- 
tude. The absolute value of the derivative of such 
a waveform is equal to the absolute value of the 
instantaneous amplitude, multiplied by a con- 
stant that depends on the amplitude units. 

exposure 1. The total amount of radiation received 
in a given area, or by a given sample, or by a per- 
son, over a specified length of time. 2. The extent 
to which a photographic film has been darkened 
or otherwise modified by visible light, infrared, ul- 
traviolet, or X rays. 

exposure meter 1. A usually simple instrument 
for measuring light intensity—especially for pho- 
tographic purposes. A common form consists of a 
self-generating photocell connected to a direct- 
current microammeter. 2. A device that indicates 
the amount of ionizing radiation that has been re- 
ceived over a given period of time. 
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expression control A volume control in an elec- 
tronic organ. 

extended double Zepp antenna See DOUBLE- 
EXTENDED ZEPP ANTENNA. 


extended memory In personal computer systems, 
memory beyond the first megabyte (1 MB). There 
is no limit in theory to the extent of this memory, 
although it is limited by current technology. Used 
in high-level programs—especially those involv- 
ing graphical applications, artificial intelligence, 
or intensive calculations. Resides in integrated 
circuits (ICs) in the computer, and is normally 
volatile (i.e., it is not retained when power is re- 
moved). Compare EXPANDED MEMORY. 

extended octaves Audio-frequency tones above or 
below the normal range of an electronic musical 
instrument. Special circuits must be added to 
make the extended octaves available. 

extended play Pertaining to a recorded phono- 
graph disc that provides a longer playing time 
than conventional discs of the same size and 
recording speed. 

extender A substance added to an encapsulant to 
make it go further. 

extensimeter See EXTENSOMETER. 

extension cable A flexible, low-capacitance (usu- 
ally concentric) cable for connecting part of one 
circuit to part of another. Extension cables are 
available with a variety of end connectors. 

extension cord A flexible power cord having a 
male plug on one end and female receptacle on 
the other. 

extension loudspeaker An auxiliary loudspeaker 
serving areas in which the main speakers can't be 
adequately heard. 

extensometer An instrument used to measure 
small amounts of expansion, contraction, or de- 
formation. 

exterior label On a diskette or tape cartridge used 
for computer data storage, a written identification 
on the housing or cartridge, as opposed to the la- 
bel, which is recorded on the diskette or tape itself. 

external armature In a dynamo-type machine, an 
armature that rotates around the outside of the 
field magnets, as opposed to the usual (inside) ar- 
rangement. 

external capacitor A high-value capacitor con- 
nected externally to an oscillator or sweep gener- 
ator to lower its frequency. 

external circuit A circuit or subcircuit connected 
and external to a main equipment. 

external controls 1. Control devices that are con- 
nected to, but operated away from, a main cir- 
cuit. 2. Manual or screwdriver-adjusted controls 
that are mounted on the panel of an equipment, 
as opposed to those mounted in the case or be- 
hind the panel. 

external critical damping resistance The value of 
external resistance that must be connected to a 
galvanometer or other meter to produce critical 
damping. 

external damping device A resistor or short- 
circuiting bar connected temporarily between the 
terminals of a meter to keep its movement immo- 
bile during transportation. 
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external feedback Negative or positive feedback 
through a separate path outside of and around 
the main circuit. Example: negative feedback 
through a resistance-capacitance (RC) path be- 
tween the output terminals and the input termi- 
nals of an amplifier. 


| External «a | 


feedback 


external feedback 


external impedance Load impedance (i.e., an 
impedance connected to the output terminals ofa 
generator or amplifier). 

external load See EXTERNAL IMPEDANCE. 

external loudspeaker See EXTERNAL SPEAKER. 

externally caused chatter In a relay, contact 
chatter caused by mechanical vibration outside 
of the relay. 

externally caused failure Failure of a circuit or 
component resulting from unfavorable environ- 
mental factors. 

external memory In computer operations, a mem- 
ory unit outside of the computer mainframe. 

external power supply A power supply unit situ- 
ated apart from the powered equipment. Such 
separation is helpful in eliminating the disturbing 
effects of heat, hum, and vibration associated 
with internal power units. 

external Q For a microwave tube, the quantity 
1/(1/Q, + 1/0), where Q; is the loaded Q and Q2 
is the unloaded Q. 

external S-meter A signal-strength meter con- 
nected to a receiver, but not installed in its panel. 

external speaker A loudspeaker that doesn't share 
an enclosure with an amplifier, receiver, or other 
device that drives it. Such isolation is helpful in 
eliminating the undesirable effects of vibration 
and acoustic feedback. 

external storage In computer operations, storage 
media (such as magnetic diskettes or tapes) that 
are outside of the computer. 

extinction potential See DEIONIZATION POTEN- 
TIAL. 

extinction voltage See DEIONIZATION POTEN- 
TIAL. 
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Extra-class license An amateur-radio license that 
conveys all available amateur operating privileges 
in the United States. The highest class of ama- 
teur license. 

extract 1. To remove a signal or quantity from 
some product containing it, or from its source. 
Examples: extracting a fifth harmonic from a 
complex signal, extracting the direct-current (dc) 
component from a signal containing both alter- 
nating current (ac) and dc. 2. To derive a factor 
(e.g., to extract a root). 3. To separate certain 
classes of information from an aggregate of infor- 
mation. 

extract instruction In computer operations, the 
instruction to generate a new word by the serial 
arrangement of designated segments of specified 
words. 

extractor 1. A circuit or device for removing a sig- 
nal (or a signal component) from another circuit 
or device. A demodulator probe, for example, ex- 
tracts the modulation from a modulated signal. 
2. A device for removing used active devices from 
a circuit board. Such extractors can also employ 
heat to desolder, as well as remove the devices. 

extraneous component A usually undesired in- 
herent effect that results from the physical 
nature of a component or device. Examples: 
distributed capacitance of a coil, internal induc- 
tance of a capacitor. 

extraneous emission Undesired emission from a 
transmitter (e.g., excessive harmonics). 

extraneous response The unintended response of 
a circuit or device (e.g., image response in a su- 
perheterodyne communications receiver). 

extraneous root In the solution of an equation de- 
rived from another equation, one or more roots 
that satisfy the derived equation but not the orig- 
inal one. 

extraneous signal A superfluous and potentially 
interference-causing signal. 

extranuclear Outside the nucleus of an atom. 

extraordinary ray Of the two rays resulting from 
the double refraction of electromagnetic waves, 
the one that does not follow the usual laws of re- 
fraction. Also see X WAVE. 

extraordinary wave See X WAVE. 

extrapolar 1. Outside of electrical or magnetic 
poles. 2. Not between electrical or magnetic poles. 

extrapolation Estimation of values beyond the 
range of available data. An example is the exten- 
sion of a curve beyond its final plotted point to de- 
termine a value for a variable. There is always 
some margin for error, which increases as the 
process is extended further and further beyond 
the range of actual data values. Commonly done 
by computers (e.g., prediction of the probable 
path of a hurricane 12, 24, 36, and 48 hours in 
advance). 

extrared See INFRARED. 

extraviolet See ULTRAVIOLET. 

extreme 1. The lowest or highest value of a 
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quantity. 2. The lowest or highest point of the de- 
pendent variable in the range of a function. 3. An 
unusual value for a parameter (e.g., temperature 
extreme and pressure extreme). 

extremely high frequency Abbreviation, EHF. A 
frequency near the upper limit of the radio-fre- 
quency spectrum—especially one in the 30- to 
300-GHz band. 

extremely low frequency 1. Abbreviation, ELF. 
Pertaining to a signal or current within the audio- 
frequency (AF) range, but not used for audio ap- 
plications. 2. Electromagnetic emissions from a 
cathode-ray tube (CRT), resulting from the cur- 
rents in the deflecting coils and/or electron 
beam. 3. The 60-Hz electromagnetic field gener- 
ated by utility power lines and wiring. 

extrinsic base-resistance/collector-capacitance 
product Units: seconds, milliseconds, and mi- 
croseconds. For a bipolar transistor, the product 
RspCc, where Rpg is the base resistance and Cc is 
the collector capacitance. This product is a time 
constant that determines the high-frequency op- 
erating limit of the transistor. 

extrinsic conductance For a material, the con- 
ductance resulting from impurities or such exter- 
nal factors as environmental conditions. 

extrinsic properties For a semiconductor mate- 
rial, properties resulting from doping (e.g., altered 
resistivity or majority/minority carrier differenti- 
ation). Also see EXTRINSIC SEMICONDUCTOR. 

extrinsic semiconductor A semiconductor mate- 
rial, such as germanium or silicon, to which a 
controlled amount of a suitable impurity material 
has been added to give the semiconductor a de- 
sired resistivity and polarity. Compare INTRINSIC 
SEMICONDUCTOR. 

extrinsic transconductance Symbol, gn. For a 
bipolar transistor, the first derivative of collector 
current, with respect to base-emitter voltage. It is 
the ratio of a small change in collector current 
(dIc) to the small change in base-emitter voltage 
(dVpz) that produced it, collector voltage being 
constant; Gm = dlc/d Vez. 
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extrusion The process of forming a material such 
as metal or plastic, by forcing it through dies. 
Many pieces of electronic hardware are mass pro- 
duced in this manner. Examples are insulating 
rods and tubes, metal cans, and metal tubing. 

eye-in-hand system In robotics, a scheme that 
uses a vision system, servo, and microprocessor 
to precisely manipulate an END EFFECTOR, such 
as a robot gripper (“hand”). A camera (the “eye”) is 
contained in the end effector itself, and is de- 
signed to work at close range (i.e., approximately 
one meter down to a fraction of a millimeter). 


Roba arm 


Limp 


Lens 


Limp 


Camera 


Grippers 


eye-in-hand system 


eyelet connection A connection made by fasten- 
ing conductors together with an eyelet or by sol- 
dering leads or pigtails to an eyelet. 

eyepiece A small lens system for viewing an oscil- 
loscope screen through a camera setup. 

Ez Symbol for voltage drop across an impedance. 

E zone A portion of the earth including most of the 
eastern hemisphere. When propagation forecasts 
are made, this region is one of three longitude 
zones specifie 
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F 1. Symbol for FORCE. 2. Symbol for FLUORINE. 
3. Abbreviation of FAHRENHEIT. 4. Abbrevia- 
tion of FARAD. 5. Abbreviation of FERMI. 6. Sym- 
bol for FOCAL LENGTH. 7. Symbol for FUSE. 
8. Symbol for FARADAY CONSTANT. 


f 1. Abbreviation of FEMTO. 2. Symbol for FRE- 
QUENCY. 3. Symbol for FUNCTION. 
Fo Symbol for DAMPING FACTOR. 


F1 layer The lower part of the ionosphere’s F RE- 
GION. Also called F1 region. 

F2 layer The upper part of the ionosphere’s F RE- 
GION. Also called F2 region. 

fA Abbreviation of FEMTOAMPERE. 

fabrication tolerance The amount of variation 
that can be tolerated in the manufacture of com- 
ponents. 

Fabry-Perot interferometer A resonant cavity, of- 
ten used with lasers, that has mirrors at each 
end; the interferometer produces the optical 
equivalent of standing waves. 

face 1. A flat crystal surface whose orientation can 
be expressed as its position relative to other 
faces. 2. The viewer's side of a screen. 3. The 
scale part of a meter. 

face material In a tape recorder, the plastic used 
to coat the face of a head. 

face-parallel cut See Y-CUT CRYSTAL. 

face-perpendicular cut See X-CUT CRYSTAL. 

face side The side of pressure-sensitive insulating 
tape that is coated with adhesive. 

facom A radionavigation system that operates by 
means of phase comparison at low frequencies. 
Effective over long distances and under poor con- 
ditions. 

facsimile Also called fax. The transmission and re- 
ception, through the medium of radio or by wire, 


of permanent pictures, writing, and other graphic 
material. 

facsimile receiver The complete device or system 
that selects, amplifies, and demodulates a picture 
signal received up from the air, wires, or cable, 
and uses the elements of this signal to reproduce 
the picture. Also see FACSIMILE. 

facsimile recorder The machine that puts a trans- 
mitted facsimile image on paper. 

facsimile transmitter The complete device or sys- 
tem that generates signals depicting graphic ma- 
terial (pictures, writing, printing, etc.) and sends 
them to a distant point via cable, wire lines, or ra- 
dio for subsequent reproduction. Also see FAC- 
SIMILE. 

factor 1. A data element that is an operand in an 
arithmetic operation. 2. To find the two or more 
numbers whose product is the number being fac- 
tored. 3. One of two or more numbers whose 
product is the number being factored. 

factorial Symbol, !. For an integer n, the product of 
all positive integers up to and including n. Thus, 
S!=1x2x3x4x5= 120. The term n! is read “n 
factorial.” 

factor of merit See FIGURE OF MERIT. 

factor of safety See SAFETY FACTOR. 

fade in To gradually increase an audio or video sig- 
nal—especially for recording. 

fade out 1. To gradually decrease an audio or video 
signal—especially for recording. 2. The complete 
disappearance of a radio communications signal. 
see FADING. 

fader 1. In sound amplification systems, an atten- 
uator circuit that enables the operator to fade out 
one signal and fade in another. Ordinarily, a 
fader does not provide mixing action. 2. In an au- 
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tomotive high-fidelity sound system, a control 
that adjusts the volume of the front speaker set 
and rear speaker set. Usually, this is a single 
knob; increasing the front volume decreases the 
rear volume, and vice-versa. 

fading 1. Repeated increases and decreases of ra- 
dio communications signal amplitude at the re- 
ception point. Fading of a radio wave results from 
multiple propagation paths from transmitter to 
receiver, causing the received waves to arrive in 
constantly varying phase relationships. 2. In a 
cell or battery power supply, a gradual loss of 
power-delivering capability that occurs during 
the discharge cycle. 


Ionized 
yee layer 
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factory automation The use of robotic devices, to 
the greatest extent possible, as laborers in manu- 
facturing plants. 

Fahnestock clip A flat, sheet-metal spring clip for 
holding a wire (usually in a temporary bread- 
board setup). 

Fahrenheit scale A temperature scale on which 
the freezing point of water is 32 degrees, and the 
boiling point of water is 212 degrees. Compare 
ABSOLUTE SCALE and CELSIUS SCALE. 

failsafe Pertaining to devices or circuits that, upon 
failure, cause no damage or serious malfunction. 

failsoft Ina computer, a system in which operation 
is maintained—even in the event of partial fail- 
ure. Efficiency is reduced but the computer does 
not completely shut down. 

failure The condition wherein a circuit, system, or 
device is not operating correctly. 

failure analysis 1. The process of determining the 
failure rate for a component, system, or device. 
2. The process of determining the cause of a 
failure. 

failure mode The particular way in which a failure 
of equipment or a method occurs. 

failure unit A unit of machine or device failure: 
one failure per billion (109) hours of operation. 

fall-in The time when synchronous speed is at- 
tained in a synchronous motor. 

falling characteristic A NEGATIVE RESISTANCE 
characteristic. 

fall time 1. Decay time. 2. The time required for 
the amplitude of a pulse to decrease from 90 per- 
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cent to 10 percent of its peak amplitude. Com- 
pare RISE TIME. 

false add A logic add (i.e., addition without car- 
ries). 

false alarm 1. Improper operation of an electronic 
security system, resulting in actuation of the 
device when no breach of security has occurred. 
2. In radar, the presence of a false echo that 
causes the attendant circuits or personnel to act 
as though an enemy target is present. 

false error A condition in which a computer sys- 
tem erroneously signals the existence of an error. 

false precision See MISLEADING PRECISION. 

false retrieval The incorrect specification of crite- 
ria for information to be selected for retrieval so 
that an unwanted item of data is selected. Also 
called false drop. 

family Any group of components, circuits, ratings, 
or Characteristics, classed together because of 
some common or analogous feature or applica- 
tion. Examples: IC family, family of curves, and 
family of equations. 

family of curves A group of curves plotted on the 
same axes, that depict the performance of a circuit 
or device at several levels of a third parameter (e.g., 
curves showing transistor collector current vs. col- 
lector voltage for several levels of base current). 


Collector 
current, 
milliamps Base 
8 current, 
microamps 
150 
6 
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25 
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0 5 10 15 


Collector voltage, volts 


family of curves 


fan antenna See DOUBLE-V ANTENNA. 

fan-in 1. A number of inputs entering a common 
input terminal. 2. In digital computer operations, 
the number of inputs that can be accommodated 
by a logic circuit. Compare FAN-OUT. 

fan-in circuit A circuit having a number of input 
lines entering a common input point. Also see 
FAN-IN, 1. 

fan-out 1. One common output terminal feeding a 
number of output lines. 2. In digital computer 
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operations, the number of outputs that can be fed 
by a logic circuit. Compare FAN-IN. 

fan-out circuit A circuit in which a number of out- 
put lines leave a common output terminal. Also 
see FANOUT, 1. 

fantasy robot A robot as portrayed in science fic- 
tion or fantasy. Such robots are usually, but not 
always, androids (that is, they have humanoid 
form). Some fictional robot characteristics are 
later realized. Science fiction can even give roboti- 
cists ideas for future designs. 

farad (Michael Faraday, 1791-1867) Abbreviation, 
F. The basic unit of capacitance. A capacitor has 
a capacitance of 1 F when a charge of 1 volt per 
second across the capacitor produces a current of 
1 ampere through it. 

faraday An electrical quantity approximately equal 
to 9.65 x 10* coulombs; it is the quantity of elec- 
tricity required in electrolysis to free 1 gram 
atomic weight of a univalent element. The equiv- 
alent, and preferred, unit is the COULOMB. Also 
called Faraday constant. 

Faraday cage See ELECTROSTATIC SCREEN. 

Faraday constant See FARADAY. 

Faraday cylinder A cylindrical metal shield placed 
around electrical equipment or circuits to prevent 
electromagnetic fields from affecting the equip- 
ment or circuits. 

Faraday rotation 1. A change in the polarization of 
an electromagnetic wave as it passes through a 
medium. 2. Constant and random fluctuations in 
the polarization of radio signals as they pass 
through the earth’s ionosphere. This phenomenon 
affects signals having linear polarization at fre- 
quencies well below 10 GHz. It has little or no ef- 
fect on circularly polarized signals, or on signals at 
frequencies above 10 GHz. It can be a problem 
with some satellite communications links. 

Faraday effect See MAGNETO-OPTICAL ROTA- 
TION. 

Faraday’s disk dynamo See DISK DYNAMO. 

Faraday shield See ELECTROSTATIC SCREEN. 

Faraday’s law The voltage induced in a conductor 
moving in a magnetic field is proportional to the 
rate at which the conductor cuts the magnetic 
lines of flux. 

Faraday’s laws of electrolysis 1. In electrolysis, 
the mass of a substance liberated from solution is 
proportional to the strength and duration of the 
current. 2. For different substances liberated by 
the same current in a certain time, the masses 
are proportional to the electrochemical equiva- 
lents of the substances. Also see ELECTRO- 
CHEMICAL EQUIVALENT; ELECTROLYSIS, 1; 
and ELECTROLYTE. 

faradic current The lopsided alternating current 
produced by an induction coil. 

faradmeter An alternate term for MICROFARAD 
METER. 

far field 1. The region beyond the near field of an 
antenna (see NEAR FIELD, 1). 2. The region be- 
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yond the near field of a loudspeaker (see NEAR 
FIELD, 2). 

far infrared Also called far IR. The lower-frequency 
portion of the infrared (IR) spectrum. 

farming robot A robot that performs labor in an 
agricultural setting. Examples: fruit-picking 
robot, field-watering robot, cow-milking robot. 
Such machines are usually overseen by a central 
computer, via which the farmer can monitor and 
control the robots' actions. 

far zone See FAR FIELD, 1, 2. 

fast access storage In a computer memory, the 
section from which information can be most 
quickly accessed, depending on the relative speed 
of other system devices. 

fast-break, fast-make relay A relay that opens 
and closes rapidly. 

fast-break, slow-make relay A relay that opens 
rapidly and closes slowly. 

fast charge The rapid charging of a rechargeable 
cell or battery, particularly of a nickel-cadmium 
(NICAD) or nickel-metal-hydride (NiMH) device. 

fast diode See COMPUTER DIODE. 

fast drift The rapid change of a quantity or setting, 
usually in one direction. Compare SLOW DRIFT. 

fast-food robot A robot that prepares and/or 
serves items in a fast-food establishment. 
Robots have not yet gained wide acceptance in 
this setting, mainly because of technical difficul- 
ties and prohibitive cost. Another problem is 
that some customers are put off or intimidated 
by robots. 

fast-forward Abbreviation, FF or FFWD. In a tape 
recorder, a mechanism for running the tape 
through the machine rapidly. 

fast groove The informationless groove between 
tracks on a disk recording. 

fast-make/fast-break relay A relay that closes 
and opens rapidly. 

fast-make, slow-break relay A relay that closes 
rapidly and opens slowly. 

fast-forward playback In a videotape recorder, the 
playing back of the tape at faster than real-life 
speed. It allows the viewer to move quickly ahead 
in a program, and also to watch the images so as 
to know when to resume normal replay. 

fast-reverse playback In a videotape recorder, the 
playing back of the tape rapidly backwards. It al- 
lows the viewer to move quickly back in a pro- 
gram, and also to watch the images so as to know 
when to resume normal replay. 

fast time constant 1. The property of responding 
quickly to changes in input parameters. 2. In 
radar, a method of defeating attempts at jamming 
by modification of the receiving circuitry. 

fathometer See ACOUSTIC DEPTH FINDER. 

fathom 1. To measure the depth of a body of water, 
as in the use of sonar for this purpose. 2. A unit 
of length (distance) equal to six feet. 

fatigue 1. The degradation of the performance of 
circuits or materials with time. 2. The tendency of 
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bodies and materials to weaken, deform, or frac- 
ture under repeated strain. 

fault 1. A defective point or region in a circuit or 
device. 2. A failure in a circuit or device. 

fault current 1. A momentary current surge. 2. A 
leakage current. 

fault finder A troubleshooting instrument or de- 
vice (e.g., a multimeter). 

fault resilience 1. A design scheme for an elec- 
tronic or computer device or system so that if a 
component or circuit fails, the system will con- 
tinue to operate, although perhaps at reduced ef- 
ficiency. The operator is notified of the problem so 
that it can be repaired with minimal downtime. 2. 
In a computer system, the property of being as 
nearly sabotage-proof as possible. 

fault tolerance Total redundancy in an electronic 
or computer system so that if a component or cir- 
cuit fails, the system will continue to function at 
full efficiency. Every component has a backup 
that automatically takes over in case of failure. 
The operator is notified of the problem, so the de- 
fective part or circuit can be replaced while its 
backup keeps the circuit working continuously at 
100-percent capacity. 

Faure plate A storage battery plate consisting of a 
lead grid containing a chemical electrolytic paste. 

fax Abbreviation of FACSIMILE. 

fe Abbreviation of FOOT-CANDLE. 

fe Abbreviation of CARRIER FREQUENCY. 

FCC See FEDERAL COMMUNICATIONS COMMIS- 
SION. 

feo Abbreviation of CUTOFF FREQUENCY. 

F connector A type of antenna feedline connection 
especially common on television receivers and 
videocassette recorders. 

F display See F SCAN. 

FDM Abbreviation of frequency-division multiplex. 

FE Abbreviation of FERROELECTRIC. See FERRO- 
ELECTRICITY. 

Fe Symbol for IRON. 

feasibility study The procedures for evaluating 
the potential gains in applying a computer sys- 
tem to a job or to an organization’s process, or in 
modifying or replacing an existing system. 

FEB Abbreviation of FUNCTIONAL ELECTRONIC 
BLOCK. 

Federal Communications Commission Abbrevia- 
tion, FCC. Established in 1934, the U.S. Govern- 
ment agency that regulates electronic com- 
munications. The FCC succeeded the Federal Ra- 
dio Commission (FRC), which was established in 
1927; the FRC succeeded the Radio Division of 
the Bureau of Navigation in the Department of 
Commerce, whose jurisdiction over radio began 
in 1912. 

feed 1. To supply power or a signal to a circuit or 
device. 2. The method of supplying such a signal 
or power. See, for example, PARALLEL FEED and 
SERIES FEED. 3. To cause data to be entered 
into a computer for processing. 
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feedback 1. The transmission of current or voltage 
from the output of a circuit or device back to the 
input, where it interacts with the input signal to 
modify operation of the device. Feedback is posi- 
tive when it is in phase with the input, and is neg- 
ative when it is out of phase. 2. To input the 
result at one point in a series of operations to an- 
other point; the method allows a system to moni- 
tor its actions and make necessary corrections. 
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feedback amplifier 1. An amplifier whose perfor- 
mance (especially frequency response) is modi- 
fied by means of positive, negative or both 
positive and negative feedback. 2. An amplifier 
placed in the feedback path of another circuit to 
increase the amplitude of feedback. 

feedback attenuation 1. In an operational- 
amplifier circuit, the attenuation in the voltage 
from output to input. 2. In an audio-frequency or 
radio-frequency amplifier circuit, the reduction of 
feedback by electronic means. 

feedback bridge A bridge circuit in the feedback 
channel of an amplifier or oscillator. 

feedback capacitance 1. A capacitance through 
which feedback current is coupled from the out- 
put to the input of a circuit or system. 2. The in- 
terelectrode capacitance of a vacuum tube. 

feedback control 1. The variable component (po- 
tentiometer or variable capacitor) used to adjust 
the level of feedback current or voltage. 2. The 
control of circuit performance by means of feed- 
back. 

feedback cutter A device used for the purpose of 
cutting grooves in phonograph disks. Feedback is 
used to provide a flat frequency response. 

feedback factor For a feedback amplifier, the 
quantity 1 - bA, where A is the open-loop gain of 
the amplifier and bis the FEEDBACK RATIO. 
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feedback input current In a feedback network, 
the current drawn by the feedback input. This 
current affects the design parameters of a net- 
work. 

feedback loop The part of a circuit that provides 
controlled feedback in an operational-amplifier 
circuit. 

feedback oscillator A circuit in which oscillation 
is obtained by feeding a portion of the output of 
an active amplifying device back to the input cir- 
cuit by inductive coupling. Also called tickler os- 
cillator. 

feedback path A path over which feedback, either 
positive or negative, can occur in a circuit. The 
feedback can be intentionally produced, or it can 
be undesirable. 

feedback percentage Symbol, n. In a feedback cir- 
cuit, the percentage of output voltage that is fed 
back; n= 100V;/V,., where V;is the feedback volt- 
age and V, is the open-loop output voltage. Com- 
pare FEEDBACK RATIO. 

feedback ratio For a feedback system, the ratio 
V;/V., where Vy is the voltage that is fed back 
and V, is the open-loop output voltage of the 
system. 

feedback rectifier See DIODE FEEDBACK RECTI- 
FIER. 

feedback regulator In a controlled-feedback cir- 
cuit, the device that determines the amount of 
feedback. 

feedback resistance 1. The internal base resis- 
tance of a point-contact transistor. 2. The resis- 
tance in a feedback loop. 

feedback transfer function The transfer function 
of a feedback loop exclusively. 

feedback winding A special winding on a magnetic 
amplifier or saturable reactor, for the introduc- 
tion of feedback currents. 

feeder 1. A conductor or set of conductors that 
carries electric power from one point to another. 
2. The transmission line connecting a transmitter 
to an antenna. 

feeder cable 1. A communication cable running in 
a primary route from a central station (or in a sec- 
ondary route from a main feeder cable) as a 
means of making connections to distribution ca- 
bles. 2. In a cable television system, the cable 
carrying transmission from the head end to the 
trunk amplifier. Also called TRUNK CABLE. 

feeder loss Loss of energy resulting from resis- 
tance in, or radiation from, feeder lines. 

feeding In character recognition, a system in 
which documents go into the transport of a char- 
acter reader at a steady, specified rate. 

feed pitch The distance between feed holes. 

feed reel The tape supply reel of a tape recorder. 

feedthrough 1. The usually undesirable transmis- 
sion of a signal through a circuit without being 
processed by the circuit, because of unavoidable 
capacitive coupling, for example. 2. Contraction 
of FEEDTHROUGH COMPONENT. 


feedthrough capacitor A capacitor whose design 
is like that of a feedthrough terminal; it is 
mounted in a hole in a chassis. The center screw 
or wire is the “high” terminal of the capacitor, to 
which connections can be made above or below 
the chassis. The body of the device is the “low” 
terminal of the capacitor; it is soldered to the 
chassis or secured with a nut. 


Chassis wall 


Metal flange 


Center 
conductor 


T 


feedthrough capacitor 


feedthrough component A passive device perma- 
nently installed in a panel or plate (e.g., a 
FEEDTHROUGH CAPACITOR or FEED- 
THROUGH INSULATOR). 

feedthrough insulator An insulator mounted 
tightly in a hole in a wall or chassis, and provided 
with a center hole for a lead. 


Panel or 
chassis 


Threaded 
shaft 


Nuts 


Insulating 
material 


feedthrough insulator 


feedthrough terminal A terminal mounted tightly 
in a hole in a chassis or wall; it consists of a 
screw going through a feedthrough insulator. 
Connections can be made to either end of the 
screw. 
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FE-EL Abbreviation of ferroelectric-electrolumines- 
cent. 

feeler 1. A wire or blade contact (e.g., a finger that 
senses holes in a punched card). 2. The wire por- 
tion of a point-contact diode. 

Felici mutual-inductance balance An inductive 
null circuit for determining mutual inductance 
(MJ in terms of a standard mutual inductance 
(M,). The secondary coils of two mutual-induc- 
tance circuits are connected in phase opposition. 
The standard mutual inductor, which is variable, 
is adjusted for null. At null, Mx = Ms. 


Secondary 


Generator Secondary 


Primary 


Felici mutual-inductance balance 


female plug A plug whose contacts are separated 
by a recess into which the prongs of a mating 
male plug are inserted. Compare HERMA- 
PHRODITE PLUG and MALE PLUG. 

femto- Abbreviation, f. A prefix meaning quadril- 
lionth (10735). 

femtoampere Abbreviation, fA. A unit of extremely 
low current; 1 fA equals 1071? A. 

femtofarad Abbreviation, fF. A unit of extremely 
low capacitance; 1 fF equals 107** F. 

femtovolt Abbreviation, fV. A unit of extremely low 
voltage; 1 fV equals 107! V. 

fence A system or string of early warning radar 
stations. 

Fermat’s principle The principle that the path ofa 
ray of radiant energy between two points in any 
medium is the shortest distance between those 
points in that medium. This path is also the path 
of least propagation time. This might not neces- 
sarily be a straight line. On a flat plane, the path 
of least time between any two points is always a 
straight line, assuming constant velocity of prop- 
agation. However, on a sphere, the path of least 
time between two points is represented by a great 
circle. 

fermi Abbreviation, F. An extremely small unit of 
length and wavelength, equal to one quadrillionth 
(10715) of a meter. 

Fermi-Dirac distribution function The probabil- 
ity that an electron will be in a certain quantum 
state under conditions of thermal equilbrium. 
This is determined as the probability that the 
electron will be in a given energy band at a par- 
ticular instant of time. 
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fermium Symbol, Fm. A radioactive metallic ele- 
ment that is artificially produced. Atomic num- 
ber, 100. Atomic weight, 257. 

ferpic Acronym for ferroelectric ceramic picture de- 
vice. An image-storing device containing a photo- 
conductive film, transparent electrodes, and a 
ferroelectric ceramic, in layers. 

ferreed A form of magnetic switching device, simi- 
lar to a reed relay, that maintains its position in- 
definitely without the need for a continuous 
current. 

ferret A vehicle or craft equipped for determining 
the locations of enemy radar transmitters. 

ferri- A prefix used to denote magnetic properties. 

ferric oxide Formula, Fe203. A red oxide of iron 
used to coat magnetic recording tape. 

ferristor A high-frequency magnetic amplifier us- 
ing a ferroresonant circuit. 

ferrite A high-resistance magnetic material con- 
sisting principally of ferric oxide and one or more 
other metals. After being powdered and sintered, 
ferrites exhibit low eddy-current loss at high fre- 
quencies and make ideal core material for induc- 
tors and switching elements. Also used in 
television deflection yokes and in miniature an- 
tennas. Also see FERROSPINELS. 

ferrite antenna See FERRITE-ROD ANTENNA. 

ferrite bead 1. A magnetic storage device in the 
form of a bead of ferrite powder fused onto the 
signal conductors of a memory matrix. 2. A tiny 
ring of ferrite that can be slipped over a wire or 
cable to choke off radio-frequency (RF) currents. 


ferrite bead 


ferrite core A coil or switching-element core made 
from a ferrite; specifically, in a core memory, a 
small magnetic toroid that can retain its polarity 
when charged by a pulse. 

ferrite core memory A magnetic memory in which 
ferrite cores are interconnected by a network of 
input and output wires. 

ferrite isolator A microwave device that permits 
energy to pass with negligible loss in one direction 
through a waveguide or coaxial line, while absorb- 
ing energy passing in the opposite direction. 

ferrite limiter A device used in the antenna circuit 
or front end of a receiver, to prevent overload 
while maintaining a linear response. Used mostly 
at ultra-high and microwave frequencies. 
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ferrite loopstick See FERRITE-ROD ANTENNA. 

ferrite memory A static memory using ferrite 
cores. See CORE MEMORY. 

ferrite-rod antenna Also called loopstick antenna. 
A small antenna that can be used for wireless re- 
ception at frequencies below approximately 
20 MHz. This antenna consists of a coil wound 
on a solenoidal, high-permeability, powdered- 
iron core, usually less than 20 centimeters (cm) 
long and 1 cm in diameter. A series or parallel 
capacitor, in conjunction with the coil forms a 
tuned circuit. The operating frequency is deter- 
mined by the resonant frequency of the induc- 
tance-capacitance (LC) combination. Response 
is maximum off the sides of the coil, and a sharp 
null occurs off the ends. This antenna has nar- 
row bandwidth. The null can be oriented to min- 
imize system response to undesired local signals 
or humanmade noise. Compare SMALL LOOP 
ANTENNA. 

ferrite switch A device that regulates the flow of 
power through a waveguide. The electric-field 
vector is rotated, resulting in a high degree of at- 
tenuation when actuated, but little or no attenu- 
ation when not activated. 

ferroelectric 1. Producing ferroelectricity. 2. A fer- 
roelectric material. 

ferroelectric amplifier See DIELECTRIC AMPLI- 
FIER. 

ferroelectric capacitor A capacitor in which a fer- 
roelectric material is the dielectric. 

ferroelectric cell See FERROELECTRIC CAPACI- 
TOR. 

ferroelectric crystal A crystal of ferroelectric ma- 
terial. 

ferroelectric flip-flop A flip-flop based on the hys- 
teresis of a ferroelectric capacitor. Compare FER- 
RORESONANT FLIP-FLOP. 

ferroelectricity Electric polarization in certain 
crystalline materials. The effect is analogous to 
the magnetization of a ferromagnetic material by 
a magnetic field. 

ferroelectric-luminescent Pertaining to a ferro- 
electric cell that emits light. 

ferroelectric material A nonlinear dielectric mate- 
rial capable of producing ferroelectricity. Exam- 
ples: barium titanate, barium strontium titanate, 
potassium dihydrogen phosphate, guanadine 
aluminum sulfate hexahydrate (GASH), Rochelle 
salt, and triglycene sulfate. 

ferromagnetic 1. Pertaining to a substance that 
conducts a magnetic field with relative ease. 2. 
Pertaining to a material in which a magnetic-field 
change causes a voltage, which in turn results in 
a measurable current flow. 

ferromagnetic-core inductor A coil of wire de- 
signed to introduce inductive reactance into a cir- 
cuit or system, wound around a core consisting of 
ferromagnetic material that greatly increases the 
inductance for a given number of turns. With 
proper design and choice of core material, the Q 
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factor (selectivity attainable) can be extremely 
high. The core confines much of the magnetic 
flux within itself. When the coil current exceeds 
a certain level, core saturation occurs, and further 
increases in the current will not produce a cor- 
responding increase in magnetic flux. This de- 
creases the effective inductance, and reduces the 
efficiency because power is dissipated as heat in 
the core. 

ferromagnetic material A substance that concen- 
trates magnetic lines of flux relative to their con- 
centration in free space. Iron, powdered iron, and 
ferrite are common examples. 

ferromagnetic resonance The point at which the 
permeability of a magnetic material peaks at a 
microwave frequency. 

ferromagnetic spinels Highly permeable and re- 
sistive ceramic-like materials. The low eddy- 
current losses and high permeability of these 
materials suit them for use as cores in radio- 
frequency (RF) transformers and inductors. Also 
see FERRITE. 

ferromagnetic tape Magnetic tape used for wind- 
ing closed transformer cores. 

ferrometer An instrument for testing hysteresis 
and permeability in steel and iron. 

Ferron detector See IRON-PYRITES DETECTOR. 

ferroresonant circuit An inductance-capacitance 
(LC) circuit in which the coil is a saturable reac- 
tor. Because of coil nonlinearity, the circuit is res- 
onant at only one value of alternating-current (ac) 
voltage, and exhibits both negative resistance 
and bistable operation. 

ferroresonant counter A digital counter using fer- 
roresonant flip-flops, rather than semiconductor 
devices. 

ferroresonant flip-flop A flip-flop using one or two 
ferroresonant circuits instead of semiconductor 
devices. See BISTABLE MULTIVIBRATOR. Com- 
pare FERROELECTRIC FLIP-FLOP. 

ferroresonant shift register A shift register using 
ferroresonant circuits instead of semiconductor 
devices. 

ferrosoferric oxide See MAGNETITE. 

ferrospinels See FERROMAGNETIC SPINELS. 

ferrous Pertaining to a substance that contains 
iron and is magnetizable. 

Ferroxcube A nonmetallic ferromagnetic material 
having high permeability and resistivity, and a 
Curie point near room temperature. These char- 
acteristics make the material suitable for the 
cores of radio-frequency (RF) inductors and 
transformers, and for high-frequency magnetic 
shields. 

Fessenden oscillator In underwater communica- 
tions, a transmitter of acoustic waves. 

FET Abbreviation of FIELD-EFFECT TRANSISTOR. 

fetch An operation in a computer run in which the 
location of the next instruction is taken from 
memory and changed if necessary; it then goes to 
the control register. 
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FET current meter An ammeter, milliammeter, or 
microammeter having a self-contained amplifier 
that uses field-effect transistors. Also see ELEC- 
TRONIC CURRENT METER. 

FET op-amp 1. An operational amplifier composed 
of field-effect transistors and associated compo- 
nents. 2. An operational amplifier having a field- 
effect transistor in its input stage. 

FET voltmeter A voltmeter using a field-effect 
transistor amplifier for high-impedance input. 
Also see ELECTRONIC VOLTMETER. 


Calibration 
adjustment 


V to be measured 


+12 Y 


FET voltmeter 


FET VOM A volt-ohm-milliammeter (VOM) using a 
field-effect transistor amplifier for increased sen- 
sitivity and high input impedance. 

FF Abbreviation of FLIP-FLOP. 

fF Abbreviation of FEMTOFARAD. 

FFI Abbreviation of FUEL-FLOW INDICATOR. 

fhp Abbreviation of FRACTIONAL HORSEPOWER. 

fiber 1. A tough, vulcanized insulating material. 
Dielectric constant, 2.5 to 5. Dielectric strength, 
2 kV/mm. 2. A thin thread of a material. 3. Also 
called optical fiber. A light-conductive transpar- 
ent filament; see FIBEROPTICS, 1. 

fiber electrometer An instrument for measuring 
small quantities of electricity. It consists of a 
thin thread, such as one of plasticized quartz, 
hanging freely between two knife-edged metal 
pieces that are charged by the electricity being 
measured. The charge draws the fiber away from 
its position of rest. The movement can be ob- 
served with a microscope. A special form of this 
instrument, using two fibers, is the bifilar elec- 
trometer. 

fiber needle A soft phonograph needle made from 
a fiber. It produces less disk wear than other 
styli, but is short-lived. 

fiber metallurgy A process in which metallic fibers 
or filaments are grown. 

fiberoptic bundle A cable of optical fibers. See 
FIBEROPTICS, 1. 

fiberoptic coupling Also called optical coupling. A 
method of coupling in which a light-conducting 
fiber is placed between a light (signal) source and 
a photoreceptor. Also see FIBEROPTICS, 1, 2. 
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fiberoptics 1. Also called optical fibers. Extruded 
materials, such as certain plastic filaments, that 
provide paths for light. 2. The science of develop- 
ing and using communications systems that use 
optical fibers to transfer data. 


Reflection 


oint . 
P Reflection 


point 


Light 
beam 


fiberoptics 


fiberoptic scrambler A fiberscope in which a cen- 
ter section of fibers in the core is deliberately dis- 
oriented before the bundle is encapsulated; when 
cut, one half can decode the image encoded by 
the other half. See FIBERSCOPE. 

fiberscope A flexible bundle of optical fibers having 
a lens at each end; it is used to view areas that 
are otherwise inaccessible to view. 

fiber stylus See FIBER NEEDLE. 

fibre Alternate (Brit.) spelling of FIBER. 

fibrillation Dangerous, irregular beating of the 
heart that often follows electric shock. Also see 
CARDIAC STIMULATOR and DEFIBRILLATION. 

fidelity The degree to which a circuit or device 
transmits a signal without distorting it. Pertains 
especially to acoustic devices and stereo audio 
equipment. 

field 1. A volume of space in which a force is oper- 
ative. See, for example, ELECTRIC FIELD and 
MAGNETIC FIELD. 2. Half of a video image, con- 
sisting either of all the even-numbered lines, or 
all the odd-numbered lines. 3. A computer record 
subdivision containing an information unit (e.g., 
a bank account record might have deposits as a 
field). 

field circuit breaker A circuit breaker designed to 
control the field excitation of a motor or other de- 
vice. 

field coil 1. The winding on the field pole of a mo- 
tor or generator. 2. The winding on the pole of an 
electrodynamic speaker. 3. The main coil of a re- 
lay. 4. The fixed coil in an electrodynamometer. 


de 


5059F-pF-274-306 


4/9/01 5:31 PM Page 282 


282 Field Day + fil 


Field Day In amateur radio, an annual contest 
sponsored by the American Radio Relay League 
(ARRL) to simulate emergency communication 
conditions. It occurs during the last full weekend 
in June. 

field direction The direction in which an electric 
field or magnetic field exerts its force. 

field effect The phenomenon in which the flow of 
current carriers in a solid substance is controlled 
by an external electric field. A useful application 
is the FIELD-EFFECT TRANSISTOR (FET). 

field-effect tetrode Also called dual-gate FET. A 
field-effect transistor (FET) in which the gate elec- 
trode is split into two parts, each connected to a 
separate external lead. The reverse bias between 
the channel and either gate lead affects the con- 
ductivity through the device. 

field-effect transistor Abbreviation, FET. A mon- 
olithic semiconductor amplifying device in which 
a high-impedance GATE electrode controls the 
flow of current carriers through a thin bar of sili- 
con (rarely, germanium) called the CHANNEL. 
Ohmic connections made to the ends of the chan- 
nel constitute SOURCE and DRAIN electrodes. 
Also see JUNCTION FIELD-EFFECT TRAN- 
SISTOR, METAL-OXIDE SEMICONDUCTOR 
FIELD-EFFECT TRANSISTOR, and CHANNEL 
JUNCTION FIELD-EFFECT TRANSISTOR. 

field-effect varistor A nonlinear dual-terminal 
semiconductor device capable of maintaining a 
value of current for a range of voltages. 

field-emission microscope An instrument for ex- 
amining the atomic structure of high-melting- 
point metals; it magnifies more than 2 million 
times. The metal to be examined is made into a 
needle that is subjected to 5 to 30 kV; electrons 
emitted by the tip of the needle form an image on 
a fluorescent screen. 

field forcing A method of controlling a motor by 
changing the magnetic field in the windings. 

field frequency In television, the product of frame 
frequency and fields per frame (in the United 
States, 60 per second). 

field intensity 1. The strength of an electric or 
magnetic field. 2. The strength of an electromag- 
netic field, usually expressed in microvolts per 
meter or millivolts per meter. 

field-intensity meter See FIELD-STRENGTH ME- 
TER. 

field ionization The tendency for atoms to be ion- 
ized in a gas by a high-intensity electric field. The 
ionization occurs mostly near the poles of the 
electric field. 

field-ion microscope A high-resolution field-emis- 
sion microscope that uses helium ions instead of 
electrons. The ions are repelled by the tip of the 
metal needle under observation, forming an im- 
age on a fluorescent screen. Also see FIELD- 
EMISSION MICROSCOPE. 

field length Record field size in applicable units, 
usually bytes, characters, or words. 
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field magnet 1. The permanent magnet in a dy- 
namic speaker. 2. A similar magnet in an ear- 
phone, generator, microphone, motor, phono 
pickup, transducer, etc. 

field pickup 1. A probe or sensor for insertion into 
an electric or magnetic field. 2. An on-location ra- 
dio or television program (i.e., one coming from 
outside the studio). Also called remote or NEMO. 

field resistor A resistive component consisting of 
an insulated form with a thin layer of conductive 
material. 

field rheostat The rheostat whose setting deter- 
mines the amount of current flow through the 
field coil of a motor or generator. 

field scan A form of television scanning in which 
the lines are scanned alternately. 

field-sequential system A color-television system 
in which the image is reproduced by means of pri- 
mary color fields (red, green, and blue) flashed se- 
quentially on the screen of the picture tube. 
Compare DOT-SEQUENTIAL SYSTEM and LINE- 
SEQUENTIAL SYSTEM. 

field strength See FIELD INTENSITY. 

field-strength meter An instrument for measur- 
ing the radio-frequency (RF) voltage of a signal 
reaching a chosen location. The instrument con- 
sists essentially of a radio detector equipped with 
a portable antenna and an output meter. 
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field telephone A rugged, portable telephone sys- 
tem for outdoor use. 

field test A test of equipment under actual operat- 
ing conditions (i.e., outside the laboratory or fac- 
tory). 

field winding See FIELD COIL, 1, 2. 

fig. Abbreviation of figure (usually in reference to 
an illustration). 

figure-8 pattern 1. A bidirectional antenna pat- 
tern whose cross section, in a specified plane, re- 
sembles the numeral 8. 2. A Lissajous figure 
resembling the numeral 8. 

figure of merit 1. For a capacitor, inductor, or 
tuned circuit, the ratio of reactance to resistance. 
Also called Q factor or Q. 2. For a magnetic am- 
plifier, the ratio of power amplification to control 
time constant. 3. For a transistor, the gain-band- 
width factor. 

fil Abbreviation of FILAMENT. 
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filament In a vacuum tube or incandescent lamp, 
the thin wire heated by electric current; it emits 
electrons, light, and heat. The filament is the 
cathode in a filament-type tube, but serves only 
to heat indirectly the cathode sleeve in an indi- 
rectly heated tube. 

filament battery See A BATTERY. 

filament choke A radio-frequency (RF) choke op- 
erated in the filament lead of an electron tube. 
Such chokes are necessary in filament-type tubes 
in RF power amplifiers. 

filament circuit The circuit carrying filament cur- 
rent. 

filament coil See FILAMENT WINDING. 

filament current Symbol, Ir. The current flowing 
through the filament of a vacuum tube. 

filament emission Electrons emitted directly by 
the filament in an electron tube (thermionic emis- 
sion) or the amount of such emission. 

filament hum A hum signal caused by voltage in- 
duced in a circuit by the alternating-current (ac)- 
operated filaments (heaters) of tubes or by the 
filament wiring. 

filament lag The time delay in the heating and 
cooling of an ac tube or lamp filament as fila- 
ment-current changes polarity. 

filament power supply A source of power, usually 
alternating-current, for heating the filament of a 
vacuum tube or tubes. 

filament resistance 1. The resistance of the fil- 
ament in an electron tube or incandescent 
lamp. 2. The resistance of an external dropping 
resistor in the filament circuit of a tube or 
lamp. 

filament transformer A step-down transformer 
that supplies power exclusively to the filament 
(heater) of an electron tube. 

filament-type bolometer A BOLOMETER in 
which the sensitive element is a wire filament. 
Examples: barretter, incandescent lamp, and 
wire fuse. 

filament voltage Symbol, Vr. The voltage across 
the filament of an electron tube. 

filament winding In a power transformer, the coil 
that supplies heating power to the filament of a 
vacuum tube. Also called FILAMENT COIL. 

file An organized collection of records related by a 
common format, data source, or application. 

file conversion Converting data files from one 
form to another, often for the purpose of making 
them compatible with other computers. 

file gap An area of a data medium that signifies the 
end of a file; it can also mark the start of another 
file. 

file identification A code that identifies a file. 

file label File identification in which the first 
record in the file is a set of characters unique to 
the file; it conveys such information about (for ex- 
ample, a tape file as a description of content, gen- 
eration number, reel number, date of writing, 
etc.). Also called HEADER LABEL. 
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file layout How the contents of a file are organized; 
usually defined by the system or specified by a 
program. 

file maintenance To delete, add, or correct records 
in a file. Unlike updating, which is done to reflect 
changes in events recorded in the file, mainte- 
nance ensures that the contents of the file are ac- 
curate records of the necessary data. 

file management A method of storing and recall- 
ing data from computer storage media, such as 
magnetic disks. 

filename In a computer file label, the alphanu- 
meric character set that identifies and describes 
the file. It generally consists of one to eight char- 
acters, often including an extension of one to 
three characters. In some computer operating 
systems, filenames can be much longer (e.g., up 
to 32 characters). See FILENAME EXTENSION. 

filename extension A group of one, two, or three 
characters following the main body of a FILE- 
NAME, and separated from it by a period (.). It 
generally denotes the application or purpose of 
the file. The extension .BAK, for example, denotes 
a backup file; .TXT denotes a text file; .BMP de- 
notes a bit-mapped graphics file. 

file organization The way words, bits, or records 
are physically arranged in the storage medium for 
a file, possibly including the method of access (se- 
rial, alphabetical, random, etc.). 

file-oriented programming Computer program- 
ming that uses a general file and record-control 
program to simplify I/O coding. 

file-oriented system A system having file storage 
as its basis. 

file print A hard copy (printout) of the contents of 
a file. 

file processing The operations associated with 
making and using files. 

file protection Preventing the possibility of writing 
over data files before they are made available for 
use. It is usually done by having a program check 
file labels. 

file reconstitution Restoring a partially or com- 
pletely damaged file by updating a previous gener- 
ation of the file using a file of interim transactions. 

file recovery Following the interruption of file pro- 
cessing because of system failure, the procedure 
for reestablishing the file’s condition as necessary 
for the resumption of processing without losing 
accuracy. 

file section Part of a file in certain consecutive lo- 
cations on a storage medium. 

file security Protective and security measures 
(e.g., the issuance of clearances, status markers, 
etc.) as they relate to computer files. 

file set A collection of interrelated files stored con- 
secutively in a magnetic disk volume (package). 

fill The percentage of lines in a cable that are actu- 
ally in use at a given time. 

filler A nonessential data part used, for example, 
to bring a record to a standard size. 
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film See THIN-FILM MEMORY. 

film capacitor A capacitor in which the electrodes 
are plated or deposited on the faces of a thin film 
of plastic or other dielectric material. 

film chain A system designed for the transmission 
of movies over a television system. This requires 
synchronization of the movie frame rate with the 
television scanning rate. 

film frame A single picture on a strip of motion 
picture film. 

film-frame blanking interval The interval during 
which a film frame is blanked out as motion- 
picture film moves through a camera, projector, 
or pickup. The blanking action allows a frame to 
move into position without blurring the image as 
seen by viewers. 

film integrated circuit A monolithic circuit whose 
elements are films formed on an insulating sub- 
strate. 

film pickup A photocell, photodiode, or phototran- 
sistor circuit used to pick up recordings from the 
sound track of motion-picture film. 

film reader A device for converting data on film 
into digital form for a computer. 

film recorder An apparatus that records data as a 
sound pattern on film. Compare FILM REPRO- 
DUCER. 

film reproducer An apparatus that plays back 
data recorded on photographic film. Compare 
FILM RECORDER. 

film resistor Also called carbon-film resistor or 
metal-film resistor. An electronic component con- 
sisting of a mixture of ceramic, carbon, and/or 
metal, applied to a cylindrical form in a thin layer 
to obtain a desired value of resistance. The cylin- 
drical form is made of an insulating substance, 
such as porcelain. The film can be deposited on 
this form by various methods, and the value tai- 
lored as desired. Metal-film units can be made to 
have nearly exact values. Film type resistors usu- 
ally have low to medium-high resistance. A major 
advantage of film-type resistors is that they, like 
carbon-composition units, do not have much in- 
ductance or capacitance. A disadvantage, in 
some applications, is that they cannot handle as 
much power as the more massive carbon-compo- 
sition units, or as wirewound types. Compare 
CARBON-COMPOSITION RESISTOR, WIRE- 
WOUND RESISTOR. 

film scanning The conversion of a movie into a 
form suitable for transmission by television. 

film speed 1. The speed at which motion-picture 
film moves intermittently through a camera, pro- 
jector, or pickup, measured in feet or frames per 
second. 2. A measure of film’s light sensitivity, 
given as an ASA (American Standards Associa- 
tion) or DIN (European) number; in either system, 
the higher the number, the greater the light sen- 
sitivity. 

filter 1. A circuit or device that passes alternating 
currents at some frequencies while attenuating or 
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blocking currents at other frequencies. Exam- 
ples: BANDPASS FILTER, BAND-REJECTION 
FILTER, HIGH-PASS FILTER, and LOW-PASS 
FILTER. 2. An inductance-capacitance (LC) or 
resistance-capacitance (RC) circuit for removing 
the ripple from the output of a power-supply rec- 
tifier. 3. A transparent disk with special optical 
properties placed in front of a camera lens for a 
special photographic effect. 4. A character pat- 
terned to control the elimination or selection of 
characters in another pattern. 5. A device or pro- 
gram that separates information, according to 
certain specifications or characteristics. 6. A ma- 
chine word that specifies the elements to be 
treated in another machine word; also called 
MASK. 

filter attenuation In a selective filter, the power, 
current, or voltage loss, in decibels, that occurs 
within the passband. 

filter attenuation band In a selective filter, the 
frequency band(s) outside the passband; that is, 
the frequency range over which signals are signif- 
icantly attenuated. 

filter bank In audio applications, a set of band- 
pass filters, each of which covers a specific por- 
tion of the audio-frequency (AF) spectrum. There 
is some (minimal) overlap between the passbands 
of the filters, so an AF signal of a specific fre- 
quency will always pass through at least one of 
the filters, but will never pass through more than 
two of the filters. 

filter capacitor A capacitor that provides capaci- 
tive reactance in a wave filter or power-supply fil- 
ter while also blocking direct current. 

filter center A place where information is modified 
for transmission to aircraft pilots. Such informa- 
tion can include weather data, course changes, or 
other instructions. 

filter choke An inductor that provides inductive 
reactance in a wave filter or power-supply filter 
while affording relatively easy conduction of di- 
rect current. 

filter crystal A piezoelectric crystal used in a 
CRYSTAL RESONATOR. 

filter cutoff The frequency or frequencies at which 
the transmission figure of a filter is below its 
maximum value by a prescribed amount, usually 
3 dB, representing the half-power point(s). 

filter discrimination The amount of fluctuation in 
the insertion loss of a bandpass, band-rejection, 
high-pass, or low-pass selective filter. The fluctu- 
ation is measured at various points in the filter 
passband. 

filter inductor See FILTER CHOKE. 

filter passband The frequency range over which a 
selective filter passes signals with minimum at- 
tenuation. 

filter reactor See FILTER CHOKE. 

filter slot In a waveguide, a slot that acts asa 
choke to suppress undesirable modes. 

filter stopband See FILTER ATTENUATION BAND. 
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filter transmission band See FILTER PASSBAND. 

fin 1. A metal disk or plate attached to a compo- 
nent for the purpose of radiating heat. 2. A pro- 
jection in an irregular heatsink. 

final amplifier Also called output amplifier or 
power amplifier. In a wireless transmitter, the 
amplifier that boosts the signal power to the level 
to be emitted over the airwaves. The input is 
provided by the driver; the output is connected to 
the system, to a transverter, or to a network cable 
power amplifier. In some transmitters, the 
output amplifier requires no tuning; in others, 
adjustment of the output circuitry is necessary to 
obtain proper coupling to the antenna system. In 
a single-sideband (SSB) or amplitude-modulated 
(AM) transmitter, all amplifiers following the 
modulator must be linear. In transmitters in- 
tended for use only in digital modes or for fre- 
quency modulation (FM), power amplifiers need 
not be linear. 

final result A result displayed at the end of a data 
processing operation. Compare INTERMEDIATE 
RESULT. 

finder The switch or group of relays that selects 
the path for a call going through a telephone 
switching system. Also called LINE FINDER. 

fine adjustment Adjustment of a quantity in small 
increments or as a smooth, continuous variation. 
Compare COARSE ADJUSTMENT. 

fine-chrominance primary See I SIGNAL. 

fine frequency control A variable component, 
such as a potentiometer or variable capacitor, 
that permits a signal or response frequency to be 
varied over a small increment; it is often used in 
conjunction with a coarse frequency control. 
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fine-groove record See MICROGROOVE REC- 
ORD. 

fine index In computer operations, a secondary, 
supplemental index used with a main, or gross, 
index when the latter does not adequately detail 
the differences between the items being indexed. 

fine-motion planning The scheme used by a 
robotic end effector (“hand”) to get in exactly the 
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correct position. It uses machine vision, tactile 
sensors, pressure sensors, or high-precision dis- 
placement transducers. 

finger See FEELER, 1. 

finger plethysmograph A device that senses and 
records the resistance through the human finger 
during various parts of the heart cycle. 

finger rules See FLEMING'S LEFT-HAND RULE, 
FLEMING’S RIGHT-HAND RULE, and RIGHT- 
HAND RULE FOR WIRE. 

finish lead The lead attached to the last turn of a 
coil. Also called outside lead. Compare START 
LEAD. 

finished blank The end product in the crystal man- 
ufacturing process, often including electrodes. 

finishing The careful handwork and testing in- 
volved in bringing a crystal blank to a condition 
that is acceptable as finished, according to speci- 
fications. 

finishing rate The rate of charging a battery, as 
the battery approaches a full charge. Generally, 
the finishing rate is less than the normal charg- 
ing rate. 

finite Pertaining to that which has defined limits. 

finite sample space In statistics, a sample space 
having definite limits. 

finite series A mathematical series having a lim- 
ited number of terms. Example: 1 + 0.1 + 0.01 + 
0.001, a finite series containing four terms and 
whose sum is equal to 1.111. 

finned surface The irregular surface of a heatsink. 
The ratio of surface area to volume is greater than 
with a flat surface; this increases the cooling ef- 
fectiveness of the heatsink. 

fins Metal vanes radiating from components that 
dissipate large amounts of power as heat. 

FIR Abbreviation of FAR INFRARED. 

fire A transition from non-conduction to conduc- 
tion in an ionizing switching device. 

fire control The aiming and firing of guns auto- 
matically via radar and associated electronic sys- 
tems. 

firefighter robot A robotic device or system in- 
tended to protect lives and property from fire. 
Such a robot can be simple, such as an auto- 
matic sprinkler system actuated via heat sensors 
and/or smoke detectors. More sophisticated sys- 
tems might use autonomous or remotely con- 
trolled androids that perform the same functions 
as human firefighters. 

Fire Underwriter's regulations See NATIONAL 
ELECTRIC CODE. 

firing The pulse that initiates conduction in an 
ionization switching device. 

firing angle 1. For a magnetic amplifier, the angu- 
lar distance through which the input-voltage 
vector rotates before the core is driven into 
saturation. 2. For a silicon-controlled rectifier 
(SCR), the point, as an angle (in degrees or 
radians), along the control voltage half-cycle at 
which the SCR fires. 
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firing circuit Any circuit, such as a phase shifter, 
that permits adjustment of the firing angle of a 
silicon-controlled rectifier (SCR) or similar device, 
or which delivers the required pulse or other sig- 
nal to initiate firing. 

firmware 1. Programs (software) in nonvolatile 
computer memory [e.g., in a read-only memory 
(ROM), that can only be changed by replacement 
with an alternate unit]. 2. Unalterable internal 
interconnections that determine what a comput- 
ing device or system can do. Also called MICRO- 
PROGRAM. 

first detector In a superheterodyne circuit, the 
signal frequency detector. Compare SECOND DE- 
TECTOR. 

first filter capacitor The input capacitor in a ca- 
pacitor-input power-supply filter. 

first Fresnel region A portion of a directional 
transmitted electromagnetic ray, shaped gener- 
ally like a paraboloid with the apex at the trans- 
mitter and the axis in the direction of 
transmission. Any point in the first Fresnel zone 
is in such a position that the sum of the lengths 
of the paths from the point to the receiver, and 
the point to the transmitter, is no greater than 
0.5 wavelength more than the distance from the 
transmitter to receiver. 

first harmonic The fundamental frequency in a 
complex waveform from which multiples are gen- 
erated. 

first-in/first-out Acronym, FIFO. A read-write 
memory commonly used as a buffer to smooth 
out the flow of data bits in a digital system. The 
output bits are in the same order (Sequence) as 
the input bits. If a data bit x goes into the FIFO 
before data bit y, then x will always emerge from 
the FIFO before y. Compare PUSHDOWN STACK. 

first-in/last-out See PUSHDOWN STACK. 

first law of thermodynamics Quantities of heat 
can be converted into mechanical work, and vice 
versa. Also see MECHANICAL EQUIVALENT OF 
HEAT. 

first level address See ABSOLUTE ADDRESS. 

first selector The selector that responds to the 
first-digit dial pulses when a telephone number is 
called. 

fishbone antenna An untuned, wideband direc- 
tional antenna of the general end-fire type. Con- 
sists of a number of collector antennas, each 
capacitively coupled to the resistor-terminated 
transmission line in collinear pairs. It is so 
called from its resemblance to the skeleton of a 
fish. 

fishpaper A chemically treated, vulcanized-fiber 
paper used for electrical insulation. 

fish pole A microphone boom that can be held in 
the hand. 

fist In radiotelegraphy and wire telegraphy, an op- 
erator’s manual sending style. 

fitting A device intended to mechanically fasten a 
wire or cable in place. 
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five-element code A five-impulse telegraph code 
that describes a character (e.g., Baudot, which 
also includes start and stop elements). 

five-layer device A semiconductor device contain- 
ing four pn junctions. Examples: diac and triac. 

five-level code A teletype code that utilizes five bi- 
nary elements to define a character. 

fix 1. In direction finding, the point at which two 
lines of direction intersect. 2. In electronics main- 
tenance, to repair successfully. 3. To subject an 
in-process circuit board to a solution or other 
medium to stop a photographic action perma- 
nently. Also, the solution in which such photo- 
sensitive materials can be immersed to halt 
development. 

fixed bias Bias voltage or current supplied from a 
fixed external source (such as a battery or power 
supply) independent of the operation of the bi- 
ased device. Compare AUTOMATIC BIAS. 

fixed block length Blocks of data having a fixed 
number of words or characters, as required be- 
cause of hardware limitations or a program in- 
struction. Compare VARIABLE BLOCK LENGTH. 

fixed capacitor A nonadjustable capacitor (i.e., 
one having a single unalterable value). 

fixed component Any component (e.g., a capaci- 
tor, inductor, or resistor that has one unalterable 
value). 

fixed contact The stationary contact in a relay or 
switch. Compare MOVABLE CONTACT. 

fixed-crystal detector A simple crystal detector in 
which the point of the contact wire is perma- 
nently placed in contact with a sensitive spot on 
the surface of the crystal. 

fixed field Fields in records organized so that 
those containing similar information in each 
record are the same length and in the same rela- 
tive position in the record. Compare VARIABLE 
FIELD. 

fixed form coding The coding of source languages 
so that each part of the instruction is in a fixed 
field. 

fixed-frequency amplifier An amplifier that is 
pretuned to operate on one frequency, or in a rel- 
atively narrow band of frequencies. 

fixed-frequency oscillator An oscillator that is 
preset to operate on one frequency. Such an os- 
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cillator can be self-excited or controlled (crystal, 
fork, magnetostriction, etc.). 

fixed-frequency receiver A receiver that is pre- 
tuned to receive signals of one frequency. 

fixed-frequency transmitter A transmitter that is 
pretuned to radiate signals of one frequency. 
Such a transmitter can contain a self-excited or 
crystal-controlled oscillator. 

fixed inductor A nonadjustable inductor (i.e., one 
having an unalterable value of inductance). 

fixed-length record A record in which word or 
character size is constant. Compare VARIABLE 
LENGTH RECORD. 

fixed logic Applicable to computers or peripherals 
whose logic can only be altered internally by 
changing connections. 

fixed memory A nonvolatile readout computer 
memory that can only be altered mechanically. 

fixed placement file A file that has been allocated 
a fixed location in storage. 

fixed-point system A notation system in which a 
single set of digits represents a number, and the 
radix point (in the decimal system, the decimal 
point) can only be placed in one position for the 
value being expressed. Also see FLOATING- 
POINT CALCULATION. 

fixed resistor A nonadjustable resistor (i.e., one 
having an unalterable value of resistance). 

fixed-sequence robot A robot that performs one 
task or set of tasks, making exactly the same 
movements every time. The sequence is pro- 
grammed in the robot controller via firmware. 
Many assembly robots and toy robots are of this 
type. Compare FLEXIBLE AUTOMATION. 

fixed station A radio station operating from a sta- 
tionary point; one that is not mobile. 

fixed-step potentiometer A potentiometer whose 
output is varied in one or more discrete steps by 
fixed-resistor sections. Also see POTENTIOME- 
TER. 

fixed wireless 1. A cellular communications net- 
work in which some, or all, of the end users are at 
fixed locations. This is increasingly popular as an 
alternative to conventional hard-wired telephone 
and Internet access. 2. The use of wireless equip- 
ment, such as cell phones and wireless- 
modem-equipped computers, at fixed (rather 
than mobile or portable) locations. 

fixed word length Applicable to the organization of 
information in storage in which each computer 
word stored has a fixed number of characters or 
bits. 

fixture A piece of hardware used in equipment set- 
ups (e.g., microwave couplers, joints, sections, 
etc.). 

fL Abbreviation of FOOT-LAMBERT. 

flag 1. A piece of information added to a data item 
that gives information about the data item. 2. A 
bit added to a character or word to delineate a 
field boundary. 3. An indication that an operation 
is complete and need not be done by the program. 
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4. An indicator identifying the members of mixed 
sets. 5. A character that signals the presence of 
some condition (e.g., an error flag indicates thata 
data item caused an error). 

flag event A program condition that causes a flag 
to be set. 

flag line An input pulse to a microprocessor that 
depends on specific external instructions. Indi- 
cates a certain condition or change of state. 

flagpole antenna 1. Any of several vertical UHF or 
VHF antennas consisting of a radiator mounted 
atop a coaxial pipe or cable (see, for example, 
COAXIAL ANTENNA). It takes its name from its 
resemblance to a flagpole. 2. A vertical antenna 
formed by shunt-feeding a pole already in exis- 
tence, such as a flagpole. This can be done to 
conceal the antenna. 
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flag terminal A form of terminal that does not re- 
quire soldering for electrical contact. A protrud- 
ing “flag” is crimped around the conductor. 

flame alarm A (usually photoelectric or thermo- 
electric) device or circuit for detecting a flame and 
actuating an alarm. 

flame control A (usually photoelectric or thermo- 
electric) device or circuit for sensing and auto- 
matically controlling the height of a flame, such 
as a gas pilot. 

flame-failure control A FLAME CONTROL that au- 
tomatically cuts off the fuel if the flame goes out. 

flame microphone A microphone in which two 
electrodes in a flame undergo a change in electri- 
cal resistance when the flame is influenced by 
sound waves, thus modulating current passing 
between the electrodes. 

flange 1. A flat, protruding edge used for fastening 
a connector or plug to the chassis of a piece of 
equipment. 2. In a waveguide, a coupling used for 
connection to another section of waveguide, or to 
a horn or other external device. 
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flange focus The focal length of a lens, based on 
the distance from the mounting flange to the focal 
plane. 

flanging In sound systems, a means of obtaining 
special effects using a COMB FILTER. Creates an 
“extraterrestrial,” digitized sound. Commonly 
used by rock music bands. 

flanking Modification of the response of a selective 
filter, resulting from the parallel connection of 
two or more similar filters. 

flap See DROP INDICATOR. 

flap attenuator A waveguide attenuator consisting 
of a sheet of resistance material inserted trans- 
versely into the waveguide through a slot. 

flare 1. The hyperbolic cross section of a horn an- 
tenna or loudspeaker. 2. A transient or stationary 
bright area with (usually) a central pip on the 
screen of an otherwise blank oscilloscope or tele- 
vision picture tube. 

flare angle The gradual change in a waveguide’s 
diameter over its length. 

flare factor The angle at which the faces of a horn 
speaker are curved or turned outward. 

flaring constant Symbol, m. A number express- 
ing the degree of flare (see FLARE, 1) in a horn 
antenna or loudspeaker. The value of mis equal 
to 0.6931/d, where d is the distance along the 
axis required for the cross-sectional area A of 
the horn to double. If dis given in feet (ft), for ex- 
ample, then A is in units of square feet (ft?) and 
mis in units of reciprocal feet (1/ft). If d is in 
centimeters (cm), then A is in units of square 
centimeters (cm?) and mis in units of reciprocal 
centimeters (1/cm). 

flash 1. A photographic camera flash. 2. To vapor- 
ize a metal (such as magnesium) in an electron 
tube being evacuated, to absorb gases. 3. 
Flashover. 

flash arc In a vacuum tube, a sudden high-current 
arc between cathode and plate at high plate volt- 
ages; it can short-circuit the plate power supply. 

flashback voltage The maximum inverse voltage 
that causes the gas in a tube to ionize. 

flash delay A device that automatically postpones 
the operation of a FLASHTUBE until a predeter- 
mined instant, such as the moment when a mov- 
ing object arrives at a particular point before a 
camera. 

flasher An electrical or electronic device or circuit 
that flashes a light or a series of lights sequen- 
tially. 

flasher LED A light-emitting diode (LED) that, 
when connected to a low-voltage direct-current 
(de) source, emits light that flashes at a basic rate 
of a few pulses per second. 

flashlamp 1. See FLASHTUBE. 2. A small portable 
light operated from self-contained cells; a flash- 
light or lantern. 

flashlight See FLASHLAMP, 2. 

flash memory High-capacity, nonvolatile random- 
access memory, used in Some computers in place 
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of an electromechanical hard drive. This type of 
memory allows a computer to store, access, and 
run large data files or programs much faster than 
is possible with a conventional hard drive. See 
also NONVOLATILE MEMORY, RANDOM- 
ACCESS MEMORY. 

flashover The sudden discharge of electrical en- 
ergy between electrodes or conductors, often ac- 
companied by light; it is usually the result of 
excessive voltage. 

flashover voltage 1. The peak voltage at which 
FLASHOVER occurs. 2. The voltage at which dis- 
ruptive discharge occurs between electrodes and 
across the surface of an insulating material. 

flash plating Electroplating in which a thin layer is 
deposited quickly. 

flash test Insulation testing by applying a higher- 
than-normal voltage for a short time. 

flashtube A straight or coiled glass tube filled with 
gas and provided with electrodes. When a high 
voltage is applied to the electrodes, the tube emits 
a brilliant flash of light. 

flat cable Also called ribbon cable. A cable whose 
flexible conductors are molded side by side in a 
flexible, flat ribbon of plastic (such as polyeth- 
ylene). 

flat-compounded generator A compound-wound 
generator whose windings are proportioned so that 
the full-load and no-load voltages are identical. 

flat fading Fading of a radio signal that occurs in- 
dependently of frequency; all frequency compo- 
nents of the signal fade to the same extent at the 
same time. 

flat file A computer file containing unfolded docu- 
ments. 

flat frequency response Relatively equal response 
to all fixed-point frequencies within a given spec- 
trum, exhibited by an amplifier or other circuit 
that must transmit a band of frequencies. 

flat line A transmission line in which there are no 
standing waves, or for which the standing-wave 
ratio is very low. 

flat pack An integrated circuit package consisting 
of a square or rectangular flat housing, with pins 
projecting straight outward from the edges. 

flat response A response characteristic in which 
the dependent variable is substantially constant 
over a specified range of values of the indepen- 
dent variable. For example, in amplifier opera- 
tion, an output signal whose component 
fundamental frequencies and their harmonics are 
in the same proportion as those of the input sig- 
nal being amplified. 

flat-ribbon line A transmission line (feeder) con- 
sisting of two flexible conductors molded in a flex- 
ible, flat ribbon of plastic, such as polyethylene. 
Also called twinlead. 

flattening The leveling-off or blunting of a nor- 
mally peaked or curved response, often caused by 
signal saturation within a circuit. Sine-wave clip- 
ping is an example. 
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flat top 1. The horizontal radiating portion of an 
antenna. 2. See FLAT-TOP ANTENNA. 3. Of an 
amplifier, to distort by clipping of the positive 
half-cycles. 

flat-top antenna An antenna having a horizontal 
wire or wires at the top to lower the resonant fre- 
quency and increase the bandwidth. 

flat-top beam A bidirectional, end-fire antenna 
consisting of two close-spaced dipoles center-fed 
out of phase. Also see KRAUS ANTENNA. 

flat-topping The positive-peak clipping of a modu- 
lation envelope that occurs when an amplifier is 
overdriven or when a signal is overmodulated. 
This is in contrast to deliberate clipping. Flat- 
topping results in “splatter” and is, therefore, an 
undesirable characteristic in an amplitude- 
modulated signal. 

flat-top response The ability to uniformly transmit 
frequencies in a given band. 

flat transmission line 1. A transmission line that is 
free of standing waves. Also see MATCHED 
TRANSMISSION LINE. 2. See FLAT-RIBBON LINE. 

flaw An irregularity in a substance that can result 
in problems, such as mechanical failure or poor 
equipment performance. 

flaw detector An instrument that uses ultrasonic 
waves to detect internal flaws in metal. The waves 
are reflected by flaws. 

F layer See F REGION. 

fLb Abbreviation of FOOT-LAMBERT. 

Fleming/Kennelly law Under conditions at or 
near magnetic saturation in a ferromagnetic sub- 
stance, the reluctivity is directly proportional to 
the intensity of the magnetic field. 

Fleming’s generator rule See FLEMING’S RIGHT- 
HAND RULE. 

Fleming’s left-hand rule A simple way of indicat- 
ing certain relationships in the behavior of elec- 
tric generators and motors. If the thumb, index 
finger, and middle finger of the left hand are posi- 
tioned so that they are at right angles to each 
other, the thumb will point in the direction of 
force or motion when the index finger is pointed 
in the direction of flux; the middle finger points in 
the direction of current flow. Compare FLEM- 
ING’S RIGHT-HAND RULE. 

Fleming’s motor rule See FLEMING'S LEFT- 
HAND RULE. 

Fleming's right-hand rule A simple way of indi- 
cating certain relationships in the behavior of 
electric generators and motors. If the thumb, in- 
dex finger, and middle finger of the right hand are 
positioned so that they are at right angles to each 
other, the middle finger points in the direction of 
an induced voltage, the thumb in the direction of 
the motion of a conductor, and the index finger in 
the direction of the magnetic field. Compare 
FLEMING’S LEFT-HAND RULE. 

Fletcher-Munson curves A set of curves depicting 
the uneven frequency response of human hear- 
ing. Also called AUDIBILITY CURVES. 
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flexible automation The ability of a robot or sys- 
tem to do various different tasks. Changing from 
one task to another is simply a matter of chang- 
ing software. Compare FIXED-SEQUENCE 
ROBOT. 

flexible collodion A viscous solution of pyroxylin 
(cellulose nitrates) used sometimes as a binder 
for coils. 

flexible contact A contact made from flat, metal 
spring stock; it is usually bent or curved. Also 
called spring contact. 

flexible coupling A device for joining two shafts 
and conveying rotary motion from one to the 
other; it is elastic, so the shafts need not be ex- 
actly aligned with each other. 

flexible flat cable See FLAT CABLE. 

flexible manufacturing system A  roboticized 
manufacturing plant that can turn out a variety 
of different products. One or more central com- 
puters oversee the operation of the facility. Such 
factories are commonly used in the production of 
electronic devices (such as printed circuits, cal- 
culators, and portable radios). 

flexible resistor An insulated, wirewound resistor 
that can be bent, coiled, or knotted. 

flexible shaft A control shaft that can be bent 
somewhat while still allowing easy adjustment. 

flex life A measure of how much bending a con- 
ductor or other flexible object can take without 
breaking. 

flexode A diode that is flexible in that its junction 
can be changed (i.e., reversed without reversing 
its leads, its resistance being variable from the 
forward- to backward-resistance value). 

flicker 1. A tendency for a video image to appear, 
disappear, and reappear, or to increase and de- 
crease in intensity frequently. 2. The effect cre- 
ated by such action (as in a flickering light). 

flicker frequency The number of times the screen 
illumination flashes on and off in the projection of 
a motion picture. It is 48 per second (twice the 
frame rate) in conventional movie projectors; for 
each frame, the screen is blanked once when the 
frame is pulled into position and once again dur- 
ing projection of the frame. 

flight control Electronic monitoring and control of 
an aircraft in flight. 

flight path The course planned for an aircraft's 
flight. 

flight-path computer A computer that controls 
the course of an aircraft in flight, from takeoff to 
landing. 

flight-path deviation The departure of an aircraft 
in flight from the course in the flight plan. Also 
see FLIGHT PATH. 

flight-path-deviation meter An instrument that 
provides a visual indication of the departure of an 
aircraft in flight from the course in the flight plan. 

flight telerobotic servicer A remotely controlled 
robot used to maintain and repair space vehicles 
and satellites. The machine can be controlled by 
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a computer program or by a human operator. The 
most-sophisticated machines can use TELEOP- 
ERATION and/or TELEPRESENCE so that a hu- 
man can perform dangerous work without being 
placed at personal risk. 

flight test 1. To test airborne electronic equipment 
in actual flight. 2. Any test made as in 1. 

Flinders bar In a magnetic compass, a metal bar 
that corrects for the vertical component (inclina- 
tion) of the earth's magnetic field. The bar must 
be designed differently in different geographic lo- 
cations, because the inclination varies from place 
to place. Inclination is greatest near the geomag- 
netic poles, and is zero at the geomagnetic equa- 
tor. 

flint glass A hard, bright, lead glass. Dielectric 
constant, 7 to 9.9. Dielectric strength, 30 to 150 
kV/mm. Also see GLASS. 

flip chip A monolithic semiconductor device (such 
as a diode, transistor, or integrated circuit), in 
which bead-like terminals are provided on one 
face of the chip for bonding. 

flip-chip bonding A scheme for making connec- 
tions between a semiconductor chip and a 
header, in which leads are not run between chip 
and header. Instead, bead-like projections are 
electrodeposited as terminals around one face of 
the chip, which is then registered with the header 
terminals and bonded to them. 

flip-flop 1. See BISTABLE MULTIVIBRATOR. 2. A 
two-position relay that locks in alternate posi- 
tions upon receiving successive actuating pulses. 

flip-flop key In a video display, a key that, when 
pressed, allows viewing of one half of the screen 
and then the other. 

flip-flop memory A bistable computer memory 
that stores bits of data as flip-flop states. 

flip-flop relay See BISTABLE RELAY. 

float charging The constant charging of a storage 
battery, keeping the battery at or near the fully 
charged state at all times. 

floated battery A storage battery connected in 
parallel with a generator, which supplies the 
load; the battery, always completely charged, 
helps during high-current demands. 

floating 1. To float a storage battery; see FLOAT. 2. 
An ungrounded device or circuit that is not con- 
nected to a source of voltage. 3. Not loaded or 
driven. 4. Not fixed in position. 5. A dedicated 
ground connection that remains isolated from the 
common circuit ground. 

floating address See RELATIVE ADDRESS. 

floating charge See TRICKLE CHARGE. 

floating control 1. A potentiometer, such as a 
gain control, installed with its shaft insulated 
from ground and, accordingly, subject to body- 
capacitance effects. 2. A type of automatic control 
in which the rate of final control element move- 
ment depends on the amount that the controlled 
variable deviates from a prescribed value. 

floating ground See FLOATING, 5. 


floating input An ungrounded input circuit. 

floating-input measurement See DIFFERENTIAL- 
INPUT MEASUREMENT. 

floating instrument An instrument whose signal 
terminals are above ground. 

floating I/O port An input/output (I/O) terminal 
that is not loaded or being driven. 

floating junction A junction (in a semiconductor 
device, for example), that has no net current flow- 
ing through it. 

floating neutral A circuit with a variable common 
voltage reference. 


floating paraphase inverter A dual-transistor 


adaptation of the paraphase inverter. The second 
stage receives its input signal from a tap on the 
load resistor of the first stage and provides the 
additional phase shift that is required. 


O Output | 


O Output 2 


floating paraphase inverter 


floating-point calculation An electronic calcula- 
tion using a floating point number [i.e., a number 
whose value is represented by two sets of digits, a 
fixed-point part (see FIXED-POINT SYSTEM) and 
a radix (base number) with an exponent]. Impor- 
tant in the operation of microprocessors, espe- 
cially in computer systems. 

floating-point number A number expressed in the 
floating-point system. 

floating-point package Computer-vendor soft- 
ware that enables that computer to perform float- 
ing-point calculations. 

floating-point system A system of notation in 
which a number n is represented by two sets of 
numbers: a fixed-point part (see FIXED-POINT 
SYSTEM) a, the radix (base number) r, and an ex- 
ponent bas follows: n= ax r?. For example, in the 
floating-point system, 623 can be written 6.23 x 
102. Floating-point numbers can be stored eco- 
nomically (in terms of memory) and in magni- 
tudes that might otherwise be beyond the 
capacity of the computer to operate upon with 
relatively consistent accuracy. Compare FIXED- 
POINT SYSTEM. 
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floating probe A test electrode (wire or plate) in- 
serted in a discharge tube at a desired point to 
sample the potential gradient, but which acquires 
a misleading negative charge, with respect to the 
gas cloud, because electrons (traveling faster 
than the positive ions) tend to accumulate on the 
probe. 

floating zero A control system in which the refer- 
ence point is easily moved. 

floating zone Ina semiconductor ingot undergoing 
purification, a molten zone in which impurities 
float. The material in the zone is melted by the 
radio-frequency (RF) field of an external heating 
coil, which is passed along the ingot to move the 
molten zone to one end, picking up impurities 
along the way and concentrating them at the end 
that is later sawed off. 

float switch A switch operated by a float, such as 
in a sump pump. 

flocking 1. Particulate felt used on phonograph 
turntables to protect disks from being scratched. 
2. To coat with flocking. 

flood gun In a storage (image-holding) oscillo- 
scope, the electron gun that sprays the storage 
target with low-velocity electrons and makes the 
image visible on the viewing screen. The gun is 
mounted next to one pair of deflection plates. 
Compare WRITING GUN. 

floor stand A support for a microphone, consisting 
of a heavy base that rests on the floor, and an ad- 
justable, vertical boom that allows the micro- 
phone to be set at various heights. 

floppy disk A flexible magnetic disk used in 
recording, as in computer and data system stor- 
age. It usually refers to a 5.25-inch diskette. 

flow 1. The movement of current carriers under 
the influence of an electric field. 2. See ANGLE 
OF CONDUCTION. 3. A series of interrelated 
events in a time sequence. 

flow angle See ANGLE OF CONDUCTION. 

flowchart 1. A diagram depicting the logic steps in 
a digital-computer program. 2. A diagram show- 
ing the flow of material through a sequence of 
processes. 

flow direction The method of delineating an- 
tecedent and successor events on a flowchart; 
usually arrows and flowlines connecting the 
events in the way a page is read (top to bottom, 
left to right). 

flowed-wax disk A form of recording disk, in which 
wax is melted onto a plastic or metal base. The 
grooves are cut in the wax layer. 

flowline A line showing flow direction on a 
flowchart. 

flowmeter An instrument for measuring liquid 
flow rate. 

flow relay A relay that is actuated by a predeter- 
mined rate of fluid flow. 

fluctuating current See COMPOSITE CURRENT. 

fluctuating voltage See COMPOSITE VOLTAGE. 

fluid absorption See LIQUID ABSORPTION. 
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fluid analogy The comparison of electric current 
flow to the movement of a simple fluid. Also see 
WATER ANALOGY. 

fluid capacitor See WATER CAPACITOR. 

fluid computer A digital computer that uses fluid 
logic elements (i.e., one that contains no elec- 
tronic circuits or moving parts). 

fluid damping Use of a viscous fluid to damp a me- 
chanical member’s movement. 

fluid-flow alarm An electronic circuit that actuates 
an alarm when fluid flowing through pipes or other 
channels changes from a predetermined rate. 

fluid-flow control A servo system that automati- 
cally maintains or adjusts liquid flow through 
pipes or other channels. 

fluid-flow gauge See FLUID-FLOW METER. 

fluid-flow indicator See FLUID-FLOW METER. 

fluid-flow meter An instrument that indicates 
fluid flow rate through pipes or other channels. 

fluid-flow switch In a fluid-cooled system, a 
switch that actuates an alarm when the fluid 
slows or stops. 

fluidics 1. A form of digital logic in which circuits 
operate by means of fluid flow. 2. A branch of 
physics concerned with the behavior of fluids; 
more commonly called fluid dynamics. 

fluid-level control A servo system that automati- 
cally maintains the level of a fluid in a tank. 

fluid-level gauge An electronic system that provides 
direct readings of the level of a fluid in a tank. 

fluid-level indicator See FLUID-LEVEL GAUGE. 

fluid logic Logic operations carried out by varying 
the flow and pressure of a gas or liquid in a cir- 
cuit of channels. Also see FLUID COMPUTER. 

fluid ounce (U.S.) Abbreviation, fl. oz. A unit of vol- 
ume equal to 2.957 x 10° cubic meters, or 
0.02957 liter. A quart is 32 ounces; a gallon is 
128 ounces. 

fluid-pressure alarm An electronic circuit that ac- 
tuates an alarm when fluid pressure rises or falls 
beyond set limits. 

fluid-pressure control A servo system that auto- 
matically maintains or adjusts fluid pressure in 
pipes or other channels. 

fluid-pressure gauge See FLUID-PRESSURE ME- 
TER. 

fluid-pressure indicator See FLUID-PRESSURE 
METER. 

fluid-pressure meter An instrument that indicates 
the pressure of a fluid in a pipe or other channel. 

fluid valve See ELECTROMECHANICAL VALVE. 

fluorescence The property of some materials to 
glow when excited by a stimulus, such as ultravi- 
olet, X rays, or an electron beam. Compare 
PHOSPHORESCENCE. 

fluorescent lamp See FLUORESCENT TUBE. 

fluorescent materials Materials that glow when 
irradiated, but cease to glow when the source of 
excitation is removed. An example is the phos- 
phor coating on the screen of a cathode-ray tube 
(CRT). 
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fluorescent screen A transparent or translucent 
plate (such as the end of a cathode-ray tube or 
fluoroscope) coated with phosphors that glow 
when struck by an electron beam, or by high- 
energy electromagnetic radiation, such as ultravi- 
olet or X rays. 

fluorescent tube A mercury-vapor glow lamp dis- 
tinguished by having a glass tube whose inner 
wall is coated with a phosphor that emits light 
when excited by the ultraviolet glow discharge in 
the vapor. 

fluorescent X rays X rays reradiated by the atoms 
of a material that has absorbed X radiation. Dur- 
ing initial exposure, energy absorbed from the ra- 
diation raises the energy level of electrons in the 
atoms; when the electrons return to their normal 
energy levels, they reradiate some of the absorbed 
energy. 

fluorine Symbol, F. A gaseous element of the halo- 
gen family. Atomic number, 9. Atomic weight, 
18.998. 

fluoroscope A device used for viewing the internal 
structures of objects. A screen coated with mate- 
rial that fluoresces when exposed to X rays is 
mounted in one end of a light-tight viewing hood. 
When an object is placed between the screen and 
an X-ray tube, an image is produced on the 
screen. In medical applications, this device has 
been supplanted by methods that do not use ion- 
izing radiation; nuclear magnetic resonance imag- 
ing (NMRI) is one example. 

fluoroscopy The art of using a fluoroscope in the 
inspection of materials and parts or in medical 
examinations. 

flush A form of mounting in which there is little or 
no protrusion from the panel surface. 

flutter 1. Ina high-frequency superheterodyne re- 
ceiver, a rapid fluctuation in signal strength, 
caused by tuning and detuning of the oscillator 
stage. This usually results from poor direct- 
current (dc) power-supply regulation. 2. Repeti- 
tive, rapid fluctuations in the output of a sound 
reproducer. Also see WOW. 3. An echo effect 
sometimes observed in rooms or auditoriums of 
poor acoustic design. 

flutter bridge A bridge-type instrument for mea- 
suring flutter in constant-speed machines, such 
as sound recording and reproducing devices. 

flutter rate The frequency of flutter, in cycles per 
second (Hertz). 

flux 1. Theoretical lines of force that extend in all 
directions from an electric charge (electric flux) 
or from a magnetic pole (magnetic flux). 2. A 
material that makes metals more amenable to 
being joined by soldering. 3. The number of 
photons that pass through a surface for a given 
time. 

flux density Symbol, B. Unit, tesla. The degree of 
concentration of magnetic lines of force. One tesla 
represents a flux density of one volt-second per 
square meter (Ves /m?). 
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fluxgate A device that controls the azimuth bear- 
ing of a directional system by means of interac- 
tion with the geomagnetic field. 

fluxgate magnetometer A magnetic compass for 
robot guidance. Uses coils to sense changes in ar- 
tificially generated reference fields. Output from 
the sensors is sent to a computer that calculates 
the robot's position, based on the orientation and 
intensity of the lines of flux in the reference fields. 

flux graph A device that graphically records the in- 
tensity of a magnetic field around a permanent 
magnet or electromagnet, or around an inductor 
carrying a current. 

flux leakage See MAGNETIC LEAKAGE. 

flux lines The theoretical lines of force in an elec- 
tric or magnetic field. 

flux linkage The passage of lines of force set up by 
one component through another component, so 
as to enclose most of the penetrated component's 
volume. 


flux linkage 


fluxmeter An instrument for measuring magnetic 
flux density. Also called gaussmeter. 

flux refraction The tendency for magnetic lines of 
flux to change direction at the boundary between 
substances having different permeability. Flux 
refraction resembles refraction of electromagnetic 
radiation in or at a boundary between substances 
having different indices of refraction. 

flyback 1. The abrupt drop or reversal of a current 
or voltage that was previously increasing (e.g., the 
rapid fall of a sawtooth wave). Also see KICK- 
BACK. 2. The duration of the drop of a current or 
voltage that was previously increasing, for a saw- 
tooth or similar wave. 3. In an oscilloscope or pic- 
ture tube, the rapid return of the beam to its 
starting position. 

flyback checker An apparatus that senses the 
presence of short or open circuits in motors, 
transformers, and generators, by measuring the 
amount of flyback (kickback). 

flyback power supply See KICKBACK POWER 
SUPPLY. 

flyback time The time taken for the electron beam 
in an oscilloscope tube, picture tube, or camera 
tube to return to its starting point after it has 
reached the point of maximum deflection. 
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flyback transformer In a television receiver circuit, 
the horizontal output transformer. The unit sup- 
plies horizontal scanning voltage and kickback 
voltage, which is rectified to produce the high- 
voltage direct-current (dc) anode potential. Also 
see FLYBACK and KICKBACK POWER SUPPLY. 

flying eyeball An undersea exploration robot con- 
sisting of a television camera, illumination lamps, 
and thrusters (such as jets or propellers). A cable, 
which also serves as a tether, sends data to a hu- 
man operator, and allows the operator to control 
the movements of the robot. In some cases, the 
tether/cable can be replaced by an infrared or 
visible-light laser data link. 

flying-spot tube A tube, such as a camera tube, in 
which a rapidly deflected spot of light scans an 
image on a transparent screen; the spot is pro- 
jected through the picture to a photomultiplier. 

fly’s-eye lens A lens consisting of hundreds of 
much smaller lenses. Used in microelectronic cir- 
cuit fabrication to produce many images of the 
same circuit. 

flywheel effect 1. In an inductance-capacitance 
(LC) tank circuit, the completion of a partial input 
wave cycle at the resonant frequency, resulting 
from the storage and release of energy. This pro- 
vides a nearly perfect sine-wave output for class- 
AB, class-B, and class-C radio-frequency (RF) 
power amplifiers. 2. In an LC tank circuit, the ac- 
tion in which energy continues to oscillate be- 
tween the capacitor and inductor after an input 
signal has been removed. The oscillation stops 
when the tank-circuit finally loses the energy ab- 
sorbed. The lower the inherent resistance of the 
circuit, the longer the decrement (decay time). 


Input waveform 


Time 


Amplitude 


Filled in by 
flywheel effect 


flywheel effect, 1. 
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flywheel synchronization A form of television 
scanning synchronization used when the re- 
ceived signal is very weak. The synchronization 
signals from the transmitter are sensed by the re- 
ceiver, which then produces its own local pulses 
based on the rate of received pulses. 

flywheel tuning A tuning dial mechanism in 
which the control shaft has a flywheel for the 
smoother tuning action afforded by the added 
momentum. 

Fm Symbol for FERMIUM. 

FM Abbreviation of FREQUENCY MODULATION. 

fma Abbreviation of MODULATION FREQUENCY. 

FM-AM Pertaining to equipment that will operate 
with either amplitude-modulated or frequency- 
modulated signals. 

FM-AM multiplier A method of frequency multipli- 
cation using both amplitude and frequency mod- 
ulation of a carrier wave. 

FM broadcast band The 88- to 108-MHz frequency 
band, within which channels spaced 200 kHz 
apart occupy positions from 88.1 to 107.9 MHz. 

FM detector See DISCRIMINATOR, RATIO DE- 
TECTOR, and SLOPE DETECTOR. 

FM-FM Frequency modulation by one or more FM 
subcarriers. 

FM limiter In a frequency-modulation circuit, a 
stage which holds the amplitude of the FM signal 
to a constant value. The limiter can be active 
(e.g., an amplifier-limiter transistor) or passive 
(e.g., a diode clipper). 

FM multiplex See MULTIPLEX ADAPTER. 

FM noise Unintentional modulation of a fre- 
quency-modulated transmitter, resulting from 
noise in the audio-input stages. 

FM-PM A system of modulation in which a carrier 
is phase modulated by frequency-modulated sub- 
carriers. 

FM radar A radar system in which the signal is fre- 
quency modulated; the distance to the target is 
measured in terms of the beat note between 
transmitted and reflected waves. 

FM repeater A two-way radio system composed 
of a simultaneously operating receiver and 
transmitter, the latter of which retransmits 
(usually on a different frequency) all signals 
picked up by the receiver. The system is usually 
tower- or hilltop-mounted, and is used to extend 
the range of two-way units in a communications 
network. 

FM stereo The use of multiplex methods to trans- 
mit and receive stereophonic programs in an FM 
channel. Also see MULTIPLEX ADAPTER. 

FM tuner A compact radio receiver that handles 
frequency-modulated (FM) signals, and delivers 
its low-amplitude audio output to a high-fidelity 
system. Compare AM TUNER and AM-FM 
TUNER. 

focal length Symbol, F. The distance from the cen- 
ter of a lens or dish antenna to the principal fo- 
cus. Also see PRINCIPAL FOCUS. 


de 


5059F-pF-274-306 


4/9/01 5:31 PM Page 294 


294 focus + folded pattern 


focus 1. The point at which rays converge. Also see 
PRINCIPAL FOCUS. 2. To bring rays to a point of 
convergence. 

focus coil See FOCUSING COIL. 

focus control In an oscilloscope or television cir- 
cuit, the potentiometer that controls the voltage 
on the focusing electrode of the cathode-ray tube 
and, accordingly, the sharpness of the image. 

focus grid 1. The focusing electrode in an electro- 
static cathode-ray tube. 2. The focusing electrode 
in an oscilloscope tube. 

focusing Bringing a ray of particles or energy to a 
common point. This can be done using lenses, 
deflecting coils, deflecting plates, or reflecting de- 
vices. Focusing can be done with acoustic waves, 
electromagnetic waves, and theoretically with any 
kind of disturbance propagated through any 
medium. 

focusing anode See FOCUSING ELECTRODE. 

focusing coil An external coil used to focus an 
electron beam in a cathode-ray tube. Also see 
ELECTROMAGNETIC FOCUSING. 

focusing electrode The internal electrode (grid or 
ring) used to focus the electron beam in a cath- 
ode-ray tube. Also called focus electrode. Also see 
ELECTROSTATIC FOCUSING and FOCUS GRID, 
1, 2. 

focusing magnet A permanent magnet assembly 
for focusing the electron beam in a cathode-ray 
tube. 

foil 1. The thin conductive strips on a printed- 
circuit board. 2. Also known as tape. Thin metal 
supplied in strips, intended for use in certain se- 
curity systems. It can be installed in closed loops 
at potential points of entry. 

foil capacitor A capacitor whose plates are sheets 
or strips of metal foil separated by a dielectric 
film. 

foil coil See FOIL-WOUND COIL. 

foil conductor A conductor that is a strip of metal 
foil, rather than wire. Also see FOIL PATTERN. 

foil electroscope See LEAF ELECTROSCOPE. 

foil pattern The pattern of thin metal circuit paths 
that constitute the “wiring” of a printed circuit. 
Also see ETCHED CIRCUIT and PRINTED CIR- 
CUIT. 

foil-wound coil A coil wound with metal foil (usu- 
ally aluminum or copper) instead of wire. Such 
coils substantially reduce the weight of large 
transformers and filter chokes. 

foldback 1. See FOLDBACK CURRENT LIMITING. 
2. In audio recording, the routing of sound (via an 
audio mixer) to some other destination in addi- 
tion to the recording medium. Example: playing 
an electronic organ while singing, recording the 
arrangement on tape, and also listening to it (or- 
gan and voice) in a headset. 

foldback current limiting In a power supply, a 
method of automatically reducing the output cur- 
rent to a safe level when the load current exceeds 
the maximum recommended value. This action 
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protects both the power supply and the powered 
equipment. 

folded dipole A half-wavelength, center-fed an- 
tenna constructed of two parallel wires with their 
ends connected together. It has the same length 
as a simple dipole antenna, but the feed-point 
impedance is four times that of the ordinary 
dipole. Instead of approximately 73 ohms, the 
folded dipole presents a resistive impedance of 
about 300 ohms. This makes the folded antenna 
desirable for use with high-impedance, parallel- 
wire transmission lines. It also can be used to 
obtain a good match with 75-ohm coaxial cable 
when four antennas are connected in phase, or 
with 50-ohm coaxial cable when six antennas 
are connected in phase. Compare DIPOLE 
ANTENNA. 


300-Q Feeder 


folded dipole 


folded horn A loudspeaker having a horn whose 
flare is divided into several zigzagging chambers; 
that is, the horn is, in effect, folded to squeeze a 
required length into a small cabinet. 

folded-horn enclosure See LABYRINTH SPEAKER. 

folded pattern An oscilloscope image having an 
elongated time axis obtained by successive hori- 
zontal sweeps—each placed slightly lower on the 


folded pattern 
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screen than the preceding one. The folded- 
pattern technique provides a time axis several 
times longer than the screen width. 

folding frequency In a system where sampling is 
made at uniform frequency increments, the fre- 
quency corresponding to half the sampling rate in 
hertz. 

foldover Distortion characterized by the horizontal 
or vertical overlapping of a television picture. 

follower A single-stage, active circuit characterized 
by zero phase reversal, and voltage gain less than 
unity. The emitter follower is also called a com- 
mon-collector circuit; the source follower is also 
known as a common-drain circuit. Characterized 
by moderate to high input impedance, and low 
output impedance over a wide band of frequen- 
cies. 

follower drive In a servo system, the drive that 
mechanically follows the master drive. 

following blacks In a television picture, the effect 
in which a moving white object has a black border 
following it. 

following whites In a TV picture, the effect in 
which a moving dark object has a white border 
following it. 

follow-up motor See SERVOMOTOR. 

font The physical shape and size of the letters and 
numbers in an alphanumeric system. 

font reticle In optical character recognition, an 
overlay reference pattern of lines used to check 
the size and configuration of an input character, 
the size of punctuation marks, and spacing be- 
tween lines and characters. 

food-service robot Any robot that is used for the 
purpose of packaging, preparing, and/or serving 
food. 

foot Abbreviation, ft. A unit of linear measure in 
the English system equal to 0.3048 meter. 

foot-candle Abbreviation, fc. A unit of illuminance; 
1 fc is the amount of direct light emitted by 1 can- 
dela (see CANDLEPOWER) that falls on 1 square 
foot of a surface on which every point is 1 foot 
away from the source. In the International Sys- 
tem of Units, the unit is lux (lumens per square 
meter). Compare METER-CANDLE. 

foot-candle meter A light meter whose scale reads 
directly in foot-candles. 

foot-lambert Abbreviation, fL. A unit of lumi- 
nance; the average brightness of a surface that 
emits or reflects 1 lumen per square foot. The 
Standard International (S.I.) unit is the candela 
per square meter (cd /m?); 1 fL = 3.426 cd/m?. 

foot-pound Abbreviation, ft-lb. In the English sys- 
tem, a unit of energy equal to 1 pound displaced 
through 1 foot in the direction of the exerting 
force. The Standard International (S.I.) unit is the 
joule (j); 1 ft-Ib = 1.356 j. 

foot-pound-second system See FPS SYSTEM OF 
UNITS. 

foot switch A switch operated by the foot, gener- 
ally used for the purpose of turning a playback or 
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recording system on and off. Often used for tak- 
ing dictation. 

forbidden band See ENERGY GAP. 

forbidden character code An error-finding code 
using forbidden characters: combinations of pro- 
hibited bits. Also called forbidden combination. 

forbidden energy band See ENERGY GAP. 

force 1. Symbol, F. Units: newton, dyne, poundal. 
The agency or influence that accomplishes work. 
2. An operator interjection made during a pro- 
gram run that causes the computer to execute a 
branch instruction; it is usually necessary when 
a condition responsible for halting a program 
must be bypassed. 

forced coding Programming that minimizes the 
time required to retrieve information from stor- 
age. Also called minimum latency programming or 
minimum access programming. 

forced oscillations Oscillations in a circuit, such as 
in an inductance-capacitance (LC) tank, that re- 
sult from continuously applied alternating-current 
(ac) excitation. Compare FREE OSCILLATIONS. 

foreground job A relatively high-priority, short- 
running program that is carried out by inter- 
rupting a low priority, long-running program. 
Compare BACKGROUND JOB. 

force pump In a multistage vacuum system, the 
first pump that reduces the pressure consider- 
ably below atmospheric pressure. Also see DIF- 
FUSION PUMP and VACUUM PUMP. 

force summing device A transducer element that 
is physically moved by a force being transduced. 

foreshortened addressing In control computers, 
the mixing of available storage by using simplified 
addressing instructions. 

fork oscillator An audio-frequency oscillator con- 
trolled by a tuning fork. The dimensions of the 
fork determine its vibration frequency and, ac- 
cordingly, the frequency of the oscillator. 


AF output 
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form 1. The core or frame upon which an inductor 
is wound. 2. A vessel, such as a mold, used in the 
shaping stage of a manufacturing process. 

formaldehyde Formula, HCHO. A colorless, pun- 
gent gas that is a constituent of many well-known 
plastic insulating materials (see PHENOLFORM- 
ALDEHYDE PLASTICS). 

formant 1. The audio-frequency range in which 
the sound of a spoken syllable is concentrated. 2. 
Any general group of audio frequencies. 

formant filter In an electronic organ, an audio fil- 
ter that changes the waveshape of a tone so that 
the tone will have the desired characteristics. 

format 1. The form in which data is presented 
(e.g., the arrangement of characters, fields, 
words, totals, etc.). 2. To prepare a computer disk 
or tape so that it will accept data. 

form factor 1. The SHAPE FACTOR for a filter or 
tuned circuit. 2. For a half-cycle of an alternat- 
ing-current (ac) quantity, the ratio of the root- 
mean-square (rms) value to the average value. 

form feed 1. A mechanical system that positions 
paper being supplied to a line printer. 2. The FF 
character that initiates advancement of printout 
paper in a printer. 3. The advancement of print- 
out paper in a printer. 

form feed character In a control loop, a character 
(symbol, FF) used on printing devices for control- 
ling form feed. 

forming See ELECTROFORM, 1. 

form stop An automatic device that stops a printer 
when the paper runs out. 

FORTH A high-level computer programming lan- 
guage used in certain robots, automated facto- 
ries, medical electronic devices, and electronic 
games. It was originally developed in the 1970s to 
facilitate computer control of equipment in astro- 
nomical observatories. 

FORTRAN A high-level computer programming 
language developed in the 1950s, and still used 
in some scientific and mathematical applications. 
It is not especially useful for the control of elec- 
tronic or mechanical devices. 

fortuitous conductor A medium that creates an 
unwanted electrical path. 

fortuitous distortion Waveform distortion that re- 
sults from causes other than characteristic ef- 
fects or bias effects. 

forward AGC Automatic gain control provided by 
special transistors whose transconductance de- 
creases with increasing emitter current, and vice 
versa. Compare REVERSE AGC. 

forward-backward counter A counter that runs 
forward to perform addition and backward to per- 
form subtraction. 

forward bias Forward voltage or current in a tran- 
sistor or semiconductor diode. 

forward-blocking state For a silicon-controlled 
rectifier, the off state, during which the forward 
bias is so much less than the forward breakover 
voltage that only small off-state current flows. 
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forward breakover voltage 1. For a semiconduc- 
tor pn junction, the smallest forward voltage at 
which appreciable conduction occurs. This is 
about 0.3 V for germanium and 0.6 V for silicon. 
2. For a silicon-controlled rectifier, the forward 
voltage value at which the device abruptly 
switches on. 

forward characteristic The current-voltage re- 
sponse of a semiconductor junction that is biased 
in the forward (high-conduction) direction. Com- 
pare REVERSE CHARACTERISTIC. 

forward compatibility standards Standards devel- 
oped to make programs for one computer system 
usable for additional or replacement equipment. 

forward conduction The increased current con- 
duction through a pn junction that is forward bi- 
ased. Compare REVERSE CONDUCTION. 

forward current Symbol, J; The increase in cur- 
rent flow through a pn junction that is forward bi- 
ased. Compare REVERSE CURRENT. 

forward current-transfer ratio The current gain of 
a bipolar transistor (alpha for the common-base 
connection and beta for the common-emitter con- 
nection). 

forward power 1. In a transmission line, the power 
leaving the generating source, as measured by a 
directional wattmeter at that location. 2. The 
power arriving at the load at the terminating end 
of a transmission line. 

forward propagation by ionospheric scatter See 
FORWARD SCATTER. 

forward propagation by tropospheric scatter Ab- 
breviation, FPTS. A method of transmitting part 
of a radio signal beyond the horizon using the 
scattering effect of the troposphere. Also see FOR- 
WARD SCATTER and TROPOSPHERE. 

forward resistance Symbol, R; The resistance of a 
forward-biased pn junction. Also see FORWARD 
BIAS. Compare REVERSE RESISTANCE. 

forward-reverse ratio See FRONT-TO-BACK RA- 
TIO. 

forward scatter Also called forward propagation by 
ionospheric scatter. The scattering of a radio wave 
in the normal direction of propagation to points 
beyond the skip zone. The phenomenon occurs 
because of waves returned from regions in the 
ionosphere. Compare BACK SCATTER. 

forward transconductance Symbol, gy. For a 
common-source-connected FET, the ratio of a 
drain-current differential to the differential of 
gate-to-source voltage that produces it; gg = 
1000(dIp/d Vas), where gfs is in microsiemens, Ip is 
the drain current in milliamperes, and Vas is the 
gate-to-source voltage in volts. 

forward voltage Symbol, E; or V; Voltage whose 
polarity causes maximum current to flow through 
a pn junction. Compare REVERSE VOLTAGE. 

forward voltage drop The voltage across a semi- 
conductor junction that is biased in the forward 
(high-conduction) direction. Compare REVERSE 
VOLTAGE DROP. 
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FOSDIC Acronym for film optical scanning devices 
for input to computer. 

Foster-Seeley discriminator A discriminator cir- 
cuit in which the diodes are operated from a 
single-tuned, center-tapped secondary of the input 
transformer. The center tap is also capacitively 
coupled to the top of the transformer’s primary 
coil. Compare TRAVIS DISCRIMINATOR. 
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Foucault currents See EDDY CURRENTS. 

four-address instruction A computer instruction 
in which the address is comprised of four ad- 
dresses: two for operands, one for the result of 
the operation, and one for the upcoming instruc- 
tion. 

four-channel sound system Also called quadra- 
phonic sound system. A high-fidelity, stereo- 
phonic sound reproduction system, in which 
there are four channels, rather than the usual 
two. The channels are generally designated left 
front, left rear, right front, and right rear. The 
four-channel system is an enhancement of two- 
channel stereo. 

four-dimensional continuum 1. In relativistic 
theory, the space-time continuum. There are 
three spatial dimensions and one time dimen- 
sion. A point in the continuum can be uniquely 
defined by three space coordinates and one time 
coordinate. 2. Any continuum that requires four 
and only four coordinates to uniquely determine 
the position of a point. 

Fourier analysis Use of the FOURIER SERIES to 
evaluate the components of a complex wave, or to 
define a complex wave in terms of its components. 

Fourier series An infinite mathematical series that 
shows any periodic function to be a combination 
of sine terms and cosine terms. Any complex 
wave (e.g., a Square wave) consists of fundamen- 
tal and harmonic sine-wave components. In sim- 
plified form, the series is: 


fled = Ao/2 + A; cos x + B; sin x + Ag cos 2x + B2 
sin 2x + A3 cos 3x + B3 sin 3x+... 


In general, the more terms to which the series is 
calculated, the better the approximation of a 
complex waveform. 
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four-layer diode A dual-terminal npnp device that 
is usable as a bistable switch, sawtooth or pulse 
generator, memory device, etc. 

four-layer transistor A transistor in which the 
wafer or block has four processed regions; how- 
ever, the device might have only three terminals. 
Some examples are the silicon-controlled recti- 
fier, silicon-controlled switch, and thyristor. 

four-level laser A laser identical to the three-level 
laser, except for the addition of one excited state. 

four-phase system A two-phase system in which 
the center taps of the coils are interconnected. 
Also called QUARTER-PHASE SYSTEM. 

four-terminal network A network having two in- 
put terminals and two output terminals. One in- 
put terminal can be internally connected to one 
output terminal (as when a common ground is 
present), but this is not mandatory. 

four-space 1. A mathematical space in which four 
coordinates (w,x,y,z) are necessary to uniquely 
define a point. 2. Three-dimensional space with 
the addition of time as a fourth dimension; coor- 
dinates are, for example, (x,y,z) for space and t for 
time. 

four-space coordinates 1. A system of coordinates 
for uniquely determining points in four-space. 
Such a system can be Euclidean or non- 
Euclidean, as with space of any number of 
dimensions. 2. The set of numbers that defines a 
particular point uniquely in four-space; for exam- 
ple, P = (3,-15,0,-7). 

four-sphere The set of all points equidistant from a 
given point P in four-space. Formula is w? + x? + 
y? + z?= r?, where ris the radius and the coordinates 
are (1w,x,y,z) in the Euclidean, Cartesian system. 

four-track recording A tape recording in which 
four channels are recorded in two adjacent tracks 
on the tape. Usually, tracks number 1 and 3 are 
in the forward direction, and tracks number 2 
and 4 are in the reverse direction. 

four-track tape A magnetic tape with four parallel 
sound paths. 

four-wire wye system A three-phase system in 
which three wires supply the respective phases, a 
fourth being the neutral conductor. 

F, Symbol for POWER-LOSS FACTOR. 

fp Abbreviation of FREEZING POINT. 

FPC Abbreviation of Federal Power Commission. 

FPI Abbreviation of FUEL-PRESSURE INDICATOR. 

FPIS Abbreviation of forward propagation by iono- 
spheric scatter. See FORWARD SCATTER. 

fpm Abbreviation of feet per minute. 

fps 1. Abbreviation of feet per second. 2. Abbrevia- 
tion of frames per second. 3. Abbreviation of foot- 
pound-second (fps), a chiefly British system of 
units. 

fps system of units The British system of units of 
measurement that uses the foot for length, the 
pound for mass, and the second for time. Com- 
pare CENTIMETER-GRAM-SECOND and INTER- 
NATIONAL SYSTEM OF UNITS. 
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FPTS Abbreviation of FORWARD PROPAGATION 
BY TROPOSPHERIC SCATTER. 

Fr Symbol for FRANCIUM. 

fr Abbreviation of FRANKLINE. 

fractional exponent An exponent indicating thata 
number is to be raised to a fractional power (e.g., 
104/3). The numerator of the exponent indicates 
the power to which the base number must be 
raised; the denominator of the exponent indicates 
the root that must be taken of the result. Thus, 
na/b is equal to the bth root of na. 

fractional gain Amplification less than unity. A 
notable example is the transfer function of a 
source follower or emitter follower. 

fractional horsepower Any power rating lower 
than one horsepower (1 hp). Also see HORSE- 
POWER. 

fractional uncertainty See RELATIVE UNCER- 
TAINTY. 

frame 1. A single, complete video image, scanned 
in 40 second in conventional television receivers. 
2. A single motion-picture (film) image. 3. In 
packet communications, a fundamental unit of 
data. The three types are called information (I) 
frame, supervisory (S) frame, and unnumbered (U) 
frame. 4. One of a recurring cycle of pulses. 5. In 
pulse-code modulation (PCM), a cyclic word 
group including a sync signal. 6. A complete com- 
mutator cycle. 7. A digital representation of a set 
of objects, useful in robotics and artificial intelli- 
gence (AI). 

frame alignment The condition in which the re- 
ceiver, or receiving apparatus, is in correct align- 
ment with the signal to be received. In television, 
for example, this results in true rendition of the 
picture. Incorrect frame alignment (misalign- 
ment) might result in the picture being split with 
the top and bottom interposed. For other types of 
signals, misalignment would result in garbled re- 
ception. 

frame-alignment signal In television, a transmit- 
ted signal that is used to ensure that frame align- 
ment occurs in the receiver. It is a form of 
synchronizing pulse. 

frame-alignment time slot In a transmitted tele- 
vision frame, an interval of time that is used for 
the purpose of transmitting a frame-alignment 
signal. There might or might not be other signal 
information transmitted during this time interval. 

frame frequency The number of frames of a mo- 
tion-picture film that come into position per unit 
of time in a camera, projector, or pickup. 

frame of reference Geometric relationships used 
to describe the location of a body in space. 

frame rate See FRAME FREQUENCY. 

frame-repetition rate See FRAME FREQUENCY. 

frame roll Momentary vertical roll in a television 
picture. 

frame synchronizing signal 1. In pulse amplitude 
modulation (PAM), a coded pulse indicating initi- 
ation of a commutation frame. 2. In pulse-code 
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modulation (PCM), a signal used to identify an in- 
formation frame. 

framing 1. Synchronization of the vertical compo- 
nent of a video signal so that the top and bottom 
of the transmitted and received pictures line up. 
2. The process of lining up the top and bottom of 
a movie picture. 3. Alignment of the characters in 
a digital alphanumeric transmission. 

francium Symbol, Fr. A radioactive metal element 
of the alkali-metal group. Produced artificially 
through radioactive disintegration. Atomic num- 
ber, 87. Atomic weight, 223. 

Frankenstein scenario A theme often depicted in 
science fiction, in which intelligent machines 
seize power from their human creators. With the 
rapid advance of technology, especially in 
robotics and artificial intelligence (AI), some peo- 
ple, including a few educated researchers, believe 
this scenario is within the realm of possibility. 
Most scientists think it is highly improbable. 

Franklin antenna A vertical collinear array that 
produces omnidirectional gain because of phas- 
ing among the individual components. 

frankline (Benjamin Franklin, 1706-1790) Abbre- 
viation, fr. A name that has been suggested for 
the unit of electric charge; 1 fr is the charge that 
exerts a force of 1 dyne on an equal charge at a 
distance of 1 centimeter in a vacuum. 

Franklin oscillator A dual-terminal, audio/radio- 
frequency (AF/RF) oscillator circuit. Consists of a 
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two-stage, resistance-capacitance (RC) coupled 
amplifier, with a tuned inductance-capacitance 
(LC) tank in the input gate circuit, and with ca- 
pacitive feedback from the second drain to the 
tank. 

Fraunhofer region The area surrounding a radiat- 
ing antenna, throughout which the energy ap- 
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pears to come from a single point located near the 
actual antenna. 

free air resonance For a speaker, the resonant fre- 
quency or frequencies exhibited when the device 
is not mounted in a cabinet. 

free carrier A free electron or, in a semiconductor 
material, the equivalent hole. Also see ELEC- 
TRON and HOLE. 

free charge The portion of a charge on a conductor 
that, being unaffected by a neighboring charge, 
will escape to ground when the conductor is 
grounded. Compare BOUND CHARGE. 

free electron 1. An electron situated in one of the 
outer orbits of an atom, held loosely by the nu- 
cleus. Because free electrons can easily escape 
the attraction of atomic nuclei, they will drift 
among atoms if the material is subjected to an 
electric potential. The result is electric current. 
Also see ELECTRON and BOUND ELECTRON. 2. 
An electron that is not associated with any atomic 
nucleus. 

free field Data organized in a storage medium in 
such a way that a data item or field can be any- 
where in the medium. Compare FIXED FIELD. 

free impedance For a transducer, the input 
impedance produced by a perfectly short- 
circuited load. 

free magnetic pole A magnetic pole that is so well 
isolated from its opposing pole that it experiences 
little or no influence from the latter. 

free magnetism A theoretical medium or fluid to 
which magnetic effects are conventionally given. 
The sum of free magnetism in any given object is 
always zero. Within any small part of the field, the 
free magnetism is thought of as flux lines. This 
theoretical medium can be any nonmagnetic ma- 
terial. 

free net In radio communications, a network in 
which stations are free to communicate with 
other stations in the net without constant su- 
pervision by the net control station. Such com- 
munication is carried out on a frequency 
slightly above or below that of the net's formal 
operation. 

free oscillations Oscillations in a circuit, such as 
an inductance-capacitance (LC) tank, that con- 
tinue after excitation has been removed. Also see 
FLYWHEEL EFFECT. Compare FORCED OSCIL- 
LATIONS. 

free path In a gas tube, the path taken by an elec- 
tron as it collides with atoms. Also see MEAN 
FREE PATH. 

free-power supply 1. A simple tuned radio-fre- 
quency (RF) detector diode, used to rectify a radio 
signal and supply small amounts of direct cur- 
rent for the operation of low-powered transistor 
circuits. 2. See SOLAR BATTERY. 

free reel The supply reel of a magnetic-tape 
recorder. 

free-running frequency The frequency at which a 
synchronized generator, such as a multivibrator 
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or self-excited oscillator, will operate when the 
synchronizing voltage is removed. 

free-running multivibrator See ASTABLE MULTI- 
VIBRATOR and UNCONTROLLED MULTIVIBRA- 
TOR. 

free space Empty space; a theoretical ideal. 

free-space loss Radio transmission loss disregard- 
ing variable factors (a theoretical condition). 

free-space pattern The ideal directivity pattern of 
an antenna that is situated many wavelengths 
above ground. In use, this pattern is modified by 
reflections from ground. 

free speed The angular velocity of an unloaded 
motor. 

free-standing display In a computer system, a re- 
mote display unit for prompting peripheral oper- 
ators. 

freezing point Abbreviation, fp. The temperature 
at which a liquid starts becoming a solid at nor- 
mal pressure. Compare MELTING POINT. 

F region Also called F layer. A region of the iono- 
sphere with an altitude at night of approximately 
175 miles. In daytime, the region splits into the 
lower F1 region and the higher F2 region. This 
layer is primarily responsible for long-distance 
propagation of radio waves at high frequencies 
(3 MHz to 30 MHz). At times it returns waves at 
frequencies as high as about 70 MHz. 

Fremodyne detector A frequency-modulation 
(FM) detector that is essentially a conventional 
amplitude-modulation (AM) circuit detuned to 
one side of resonance (slope-tuned) to demodu- 
late a frequency-modulated signal. Also see 
SLOPE DETECTOR. 

French phone See CRADLEPHONE. 

freqmeter Contraction of FREQUENCY METER. 

frequency Symbol, f. The rate at which a phe- 
nomenon is repeated. The basic unit of fre- 
quency is the Hertz (Hz), which represents one 
complete cycle per second. Common units en- 
countered in electronics are the kilohertz (kHz), 
megahertz (MHz), and gigahertz (GHz), where 
1 kHz = 10% Hz, 1 MHz = 10° Hz, and 1 GHz = 109 
Hz. Occasionally, the terahertz (THz) is used; 
1 THz = 10!” Hz. 

frequency-agile radar A radar system in which the 
transmitter frequency is shifted in a predeter- 
mined pattern for the purpose of avoiding detec- 
tion. A frequency-agile radar system, with a 
complex frequency control program, is very diffi- 
cult to jam. 

frequency allocation 1. The assignment of fre- 
quencies to radio and allied services by the li- 
censing authority (in the United States, the 
Federal Communications Commission). 2. A spe- 
cific assignment of a frequency or a band of fre- 
quencies. Also see RADIO SPECTRUM. 

frequency band A given range of frequencies, usu- 
ally specified for some application (e.g., the band 
allocated for standard radio broadcast service). 
Also see BAND. 
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frequency bias An intentional change in the fre- 
quency of a transmitted signal. 

frequency bridge 1. Any  alternating-current 
bridge, such as the Wien bridge or resonance 
bridge, that can be nulled at only one frequency 
for a given set of bridge-arm values. 2. Any alter- 
nating-current bridge that is used to measure 
unknown frequencies. 

frequency calibrator A device, such as a crystal os- 
cillator, that provides a signal of precise frequency 
with which other signals can be compared. Also 
see SECONDARY FREQUENCY STANDARD. 

frequency changer 1. A superheterodyne con- 
verter (see CONVERTER). 2. A motor-generator in 
which the output voltage has the same value as 
the input voltage, but is of a different frequency. 
3. See FREQUENCY-MULTIPLYING TRANS- 
FORMER. 4. See FREQUENCY MULTIPLIER. 

frequency-change signaling See FREQUENCY- 
SHIFT KEYING. 

frequency channel A relatively narrow segment of 
a frequency band allocated to a station in a par- 
ticular service. The bandwidth of the channel de- 
pends on the type of modulation used, the type of 
data to be transmitted, and the speed or fidelity of 
the data to be transmitted. 

frequency comparator A device, such as an oscil- 
loscope or zero-beat indicator, used to check one 
frequency against another. Also see FREQUENCY 
COMPARISON. 

frequency comparison The observation of a cur- 
rent or voltage of one frequency for similarities in 
that of another frequency. Comparisons (as in 
frequency matching) can be made by audio 
means, by visual means, or both. Common in- 
struments used are oscilloscopes, beat-note de- 
tectors, and beat-note meters. 

frequency-compensated attenuator An attenua- 
tor, such as one in an electronic voltmeter or 
wideband oscilloscope, that has been modified by 
the addition of capacitors or inductors to achieve 
reasonably flat response over a wide range of fre- 
quencies. 

frequency compensation The modification of a 
circuit, such as an amplifier or attenuator, by the 
addition of capacitors or inductors to tailor its re- 
sponse at specified frequencies. 

frequency control 1. An adjustable component 
(potentiometer, variable capacitor, or variable in- 
ductor) with which the frequency or frequency re- 
sponse of a circuit is adjusted. 2. A device, such 
as a quartz crystal or tuning fork, that automati- 
cally sets the frequency of an oscillator. 

frequency conversion The process of changing a 
signal from one frequency to another, usually 
without altering the signal bandwidth. In some 
cases, a signal is turned “upside down” by this 
process [e.g., an upper-sideband (USB) signal 
might be changed to a lower-sideband (LSB) sig- 
nal]. Generally accomplished by means of a 
MIXER. 
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frequency converter 1. An active or passive device 
for changing the frequency of a signal. 2. The 
mixer in a superheterodyne circuit. 

frequency correction Manual or automatic reset- 
ting of a deviated frequency to its original value. 

frequency counter An instrument that counts sig- 
nal cycles or pulses over a standard time base (a 
frequency measurement). Often used to accu- 
rately measure the frequencies of radio or televi- 
sion signals; in this application, it is a precision 
FREQUENCY METER. 

frequency cutoff See CUTOFF FREQUENCY. 

frequency detector See FREMODYNE DETEC- 
TOR. 

frequency deviation 1. The degree to which a fre- 
quency changes from a prescribed value. Thus, if 
the frequency of a 1000-Hz oscillator drifts be- 
tween 990 and 1010 Hz, the deviation is +10 Hz. 
2. In a frequency-modulated (FM) signal, the 
amount of instantaneous frequency shift above 
and below the unmodulated carrier frequency. 

frequency-deviation meter In frequency-modula- 
tion (FM) communications operations, a meter 
that gives a direct reading of frequency deviation 
resulting from a modulating signal. It uses either 
a tuned circuit or a frequency comparator. 

frequency difference 1. In a superheterodyne cir- 
cuit, the difference between the signal frequency 
and the oscillator frequency. 2. In any beat- 
frequency operation, the quantity fa — fi, where fa 
is the higher frequency and fı is the lower 
frequency. Compare FREQUENCY SUM. 

frequency discriminator See DISCRIMINATOR. 

frequency distortion A form of distortion in which 
the amplification of some frequencies is different 
from that of others. 

frequency distribution See DISTRIBUTION, 2. 

frequency diversity The transmission and recep- 
tion of signals at two or more frequencies for the 
purpose of reducing the effects of fading. It is gen- 
erally used in long-distance, high-frequency cir- 
cuits. 

frequency divider A circuit or device whose out- 
put frequency is a fraction of the input frequency. 
Compare FREQUENCY MULTIPLIER. 

frequency-dividing network See CROSSOVER 
NETWORK. 

frequency-division multiplex A form of multiple- 
signal parallel transmission in which a single car- 
rier is modulated by two or more signals 
simultaneously. 

frequency doubler A circuit that multiplies an in- 
put frequency by two. If a doubler’s input circuit 
is tuned to frequency f, then its output circuit is 
generally tuned to 2f. Frequency doubling is per- 
formed by various nonlinear devices, including 
transistors, varactors, and biased diodes. 

frequency drift An undesired, usually gradual, 
change in the frequency of a signal from its in- 
tended frequency or channel; expressed in hertz 
or kilohertz. 
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frequency function See PROBABILITY DENSITY 
FUNCTION. 

frequency indicator 1. A device that indicates 
when a phase or frequency is common to two al- 
ternating currents. 2. The display or dial that 
shows the operating frequency of a radio re- 
ceiver or transmitter. 3. See FREQUENCY ME- 
TER. 

frequency keying See FREQUENCY-SHIFT KEY- 
ING. 


frequency meter An instrument for measuring the 
frequency of an alternating current. The several 
different types are used in different applications. 
Also see AUDIO FREQUENCY METER, FRE- 
QUENCY COUNTER, POWER-FREQUENCY ME- 
TER, and WAVEMETER. 

frequency-modulated radar See FM RADAR. 

frequency modulation Abbreviation, FM. A 
method of conveying intelligence in wireless com- 
munications and broadcasting. The amplitude of 
the carrier remains constant, and the instanta- 
neous frequency varies. One scheme for obtain- 
ing this type of modulation is to apply the 
modulating signal to a varactor in an oscillator. 
Another method is to modulate the phase of the 
oscillator signal. This causes small fluctuations 
in the frequency as well, because any instanta- 
neous phase change shows up as an instanta- 
neous frequency change (and vice versa). Also 
see AMPLITUDE MODULATION, PHASE MODU- 
LATION, SINGLE SIDEBAND. 

frequency modulation deviation 1. In frequency 
modulation (FM), the largest difference between 
the instantaneous signal frequency and the un- 
modulated carrier frequency. 2. The maximum 
bandwidth of an FM signal at its audio modula- 
tion amplitude peak. 

frequency modulator 1. A circuit or device that 
modulates the frequency of an oscillator. 2. The 
modulator section of an FM transmitter. 

frequency monitor A device used (often continu- 
ously) to check the frequency of a signal (e.g., a 
frequency-deviation meter used in radio broad- 
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cast stations or a frequency meter used in elec- 
tric-generating stations). 

frequency multiplier A circuit or device whose out- 
put frequency is a multiple of the input frequency. 
See, for example, FREQUENCY DOUBLER. 

frequency-multiplying amplifier See MULTI- 
PLIER AMPLIFIER. 

frequency-multiplying transformer A magnetic 
amplifier that generates harmonics of the supply 
frequency. The effect results from the nonlinear- 
ity of the transformer core material. 

frequency offset 1. The difference between an ac- 
tual frequency and the desired frequency. 2. Ina 
communications transceiver, the difference be- 
tween the receiver frequency and the transmitter 
frequency. In some modes, such as single-side- 
band (SSB), the offset is normally zero. In other 
modes, notably continuous-wave (CW) Morse 
code, the offset is normally several hundred Hz. 
3. See FREQUENCY SPLIT, 1. 

frequency overlap 1. A common band of frequen- 
cies between two adjacent channels in a commu- 
nications system. 2. A common frequency region 
between two assigned bands. 3. A condition in 
which parts of the sidebands of two signals oc- 
cupy the same range of frequencies. 

frequency pulling A change in the frequency of a 
circuit, especially of a self-excited oscillator, re- 
sulting from the detuning effects of an external 
circuit, device, or condition (such as body capac- 
itance or a change in the temperature). 

frequency pushing An effect in which a current 
change in a source oscillator causes a shift in 
source frequency. 

frequency quadrupler See QUADRUPLER, 2. 

frequency quintupler See QUINTUPLER, 2. 

frequency range 1. A communication system's fre- 
quency transmission limits, beyond which the 
power output is attenuated below a specified 
amount. 2. The frequency band or bands within 
which a radio transmitter, receiver, or transceiver 
is designed to operate. 

frequency ratio counter See FREQUENCY RATIO 
METER. 

frequency ratio meter A meter that indicates the 
ratio between two frequencies, and is useful in 
the quick identification of harmonics. 

frequency record A phonograph test disk contain- 
ing recordings of various frequencies at specified 
amplitudes. 

frequency rejection The elimination, usually by a 
filter, of a single frequency (or narrow band of fre- 
quencies) from a mixture of frequencies. Compare 
FREQUENCY TRANSMISSION. 

frequency relay A frequency-sensitive relay (see 
SELECTIVE RELAY, 1). 

frequency response A performance characteristic 
that describes the operation of a device or circuit 
over a specified range of signal frequencies (e.g., 
the gain-versus-frequency characteristic of an 
amplifier). 
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frequency-response recorder A graphic recorder 
that automatically plots a frequency-response 
curve for a device under test. 

frequency run A test, or test sequence, that deter- 
mines the loss characteristics of a circuit as a 
function of the operating frequency. 

frequency scanning 1. A controlled fluctuation of 
the transmitter frequency in a frequency-agile 
radar or communications system. 2. In a pro- 
grammable, digital communications receiver or 
transceiver, a form of simultaneous digital moni- 
toring of two or more channels. 3. The frequency- 
response change in a spectrum analyzer. 

frequency scaler See SCALER. 

frequency-selection sensor A sensor that passes 
or rejects phenomena at certain frequencies while 
ignoring those at other frequencies. 

frequency-selective relay See SELECTIVE RE- 
LAY, 1. 

frequency-sensitive bridge A bridge, such as the 
Wien bridge or resonance bridge, that can be bal- 
anced at only one frequency for a given set of 
bridge-arm values. 

frequency separator In a television receiver, the 
circuit that separates horizontal- and vertical- 
scanning sync pulses. 

frequency-shift keying Abbreviation, FSK. A 
method of digital signal transmission. The logic 1 
(high or mark) pulses are sent at a specific carrier 
frequency, and the logic O (low or space) pulses 
are transmitted at another frequency slightly 
higher or lower than the logic 1 pulses. This is 
the most primitive form of frequency modulation 
(FM). The difference between the mark and space 
frequencies is called the shift, and is usually 
between 100 and 1000 Hz. Compare 
AUDIOFREQUENCY-SHIFT KEYING. 
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frequency-shift radar See DOPPLER RADAR. 

frequency span The difference f — fi, where fi is 
the lowest frequency in a given range of frequen- 
cies and fọ is the highest frequency. Compare 
FREQUENCY SPREAD. 

frequency spectrum All electromagnetic radia- 
tion, from longest to shortest wavelengths, within 
a set of specified limits. 


frequency split 1. The difference between the re- 
ceiver frequency and the transmitter frequency in 
a communications repeater. 2. See FREQUENCY 
OFFSET, 2. 

frequency spotting The setting-up of signals at 
reference frequencies (usually harmonics of a 
standard-frequency oscillator), and their use in 
identifying unknown frequencies. Also see FRE- 
QUENCY CALIBRATOR. 

frequency spread The ratio f./f¡, where fi is the 
lowest frequency in a given range of frequencies 
and f> is the highest frequency. Compare FRE- 
QUENCY SPAN. 

frequency stability The degree to which a fre- 
quency remains constant during variations in 
temperature, current, voltage, and similar fac- 
tors. It is specified in Hertz (Hz), kilohertz (kHz), 
or megahertz (MHz), or in parts per million per 
unit of the variable parameter. 

frequency standard A signal source of a precise 
frequency, against which other signal sources 
can be calibrated. See specifically PRIMARY FRE- 
QUENCY STANDARD and SECONDARY FRE- 
QUENCY STANDARD. 

frequency sum In a beat-frequency system, the 
quantity fi + J2, where fi is the lower frequency 
and f is the higher frequency. Compare FRE- 
QUENCY DIFFERENCE, 2. 

frequency swing See FREQUENCY DEVIATION, 1, 
2. 


frequency synthesizer A generator of signals at a 
precise frequency or set of frequencies, generally 
adjustable in discrete frequency steps. It is used 
for test or communications purposes. The signals 
are derived from a single-frequency source, usu- 
ally a crystal oscillator. Also see SIGNAL SYN- 
THESIZER. 

frequency tolerance The acceptable amount by 
which a frequency can vary from its intended 
value. The tolerance can be specified as a per- 
centage of the stated frequency, a certain number 
of parts per million, or a certain number of hertz 
(Hz), kilohertz (kHz), or megahertz (MHz). Exam- 
ple: 3.675000 MHz +10 Hz. 

frequency-to-voltage converter A device or cir- 
cuit that delivers an output voltage that is pro- 
portional to the input frequency. 

frequency translation 1. The conversion of a 
given frequency band from one part of the elec- 
tromagnetic spectrum to another, without chang- 
ing the actual separation of channels or the 
overall width of the band. 2. See FREQUENCY 
CONVERSION. 

frequency transmission The passage of a fre- 
quency or band of frequencies from a mixture of 
frequencies through a filter or other circuit. Com- 
pare FREQUENCY REJECTION. 

frequency tripler See TRIPLER, 2. 

frequency-variation method A method of deter- 
mining the figure of merit (Q) of a tuned circuit by 
varying the frequency of the applied test voltage 
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from resonance (f-) to a high point (f2) and a low 
point (fi). At the high and low points, the circuit 
voltage is 0.707 times the voltage at resonance. 
The figure of merit then is calculated from the for- 
mula Q = f-/ (f2 - f). 

frequency-voltage converter See FREQUENCY- 
TO-VOLTAGE CONVERTER. 

frequency-wavelength conversion See WAVE- 
LENGTH-PERIOD-FREQUENCY RELATIONSHIPS. 

fresnel (A.J. Fresnel, 1788-1827) A unit of fre- 
quency equal to 10!? Hz. Also called terahertz and 
abbreviated THz. 

fresnel lens A usually square plastic sheet with 
progressively thicker concentric areas; its effect is 
similar to that of an automotive headlight lens. 

Fresnel number A measure of the relative effects of 
diffraction in an optical lens. The Fresnel number 
is equal to the radius of the lens divided by the 
product of the light wavelength and the lens focal 
length, all measured in the same units. 

Fresnel region For a radio-frequency transmitting 
antenna, the zone between the antenna and the 
FRAUNHOFER REGION. The size of the Fresnel 
region depends on the wavelength of the radiated 
energy. 

friction The resistance to mechanical motion when 
one material is rubbed against another. Friction 
was one of the earliest sources of human-made 
electricity (see FRICTIONAL ELECTRICITY and 
ELECTRIC MACHINE). Electrical resistance, op- 
posing the flow of current, is analogous to fric- 
tion. 

frictional electricity Static electricity generated 
by rubbing one material against another. 

frictional electric machine See ELECTRIC MA- 
CHINE. 

frictional error The change in parameters of a 
phonograph pickup, resulting from friction with 
the disk surface. 

frictional loss A decrease or impairment in the ef- 
ficiency with which energy is converted into use- 
ful work, caused by friction between moving 
parts. 

fringe area The region in which a signal falls to the 
minimum field strength necessary for satisfactory 
communication. 

fringe howl In a regenerative detector, a howling 
sound that occurs when the transistor first be- 
gins to oscillate, obscuring the signal. The term is 
used because the circuit is operated at the fringe 
of oscillation. 

fringing See EDGE EFFECT. 

Fritch Trade name (American Telephone € Tele- 
graph Co.) for frequency-selective switch. 

fritting A condition in which electrical contact cor- 
rosion creates a small hole, through which 
molten contact material passes to form a conduc- 
tive bridge. 

front contact The movable contact of a relay. 

front end 1. The first radio-frequency (RF) amplifier 
stage in a radio or television receiver. 2. The con- 
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verter portion of a superheterodyne communica- 
tions receiver (i.e., the RF amplifier, first detector, 
and local oscillator). Compare REAR END. 

front layer photocel See RECTIFIER PHOTO- 
CELL. 

front porch In a television horizontal sync pulse, 
the interval between the end of the sync pulse 
and the fall of the blanking pedestal. Compare 
BACK PORCH. 

front projection In big-screen video, a scheme in 
which the images from a set of bright cathode-ray 
tubes (CRTs) are projected onto a reflective 
screen, in a manner similar to the way the film is 
projected in a movie theater. 

front-surface mirror Also called first-surface mir- 
ror. A mirror that has its reflective material on the 
front, instead of on the back. 

front-to-back ratio Abbreviation, f/b. An ex- 
pression of the ability of a unidirectional an- 
tenna to concentrate its radiation or response in 
its favored direction. This specification is nearly 
always given in decibels (dB). The field strength 
in the favored direction is compared with the 
field strength exactly opposite the favored direc- 
tion at the same distance from the antenna in 
free space, at the same frequency, and with the 
Same power applied to the antenna feed point. 
Measurements can be made with a calibrated 
field-strength meter. Compare FRONT-TO- 
SIDE RATIO. 

front-to-side ratio Abbreviation, f/s. An expres- 
sion of the directivity of a unidirectional or bidi- 
rectional antenna system. This specification is 
nearly always given in decibels (dB). The field 
strength in the favored direction(s) is compared 
with the field strength at right angles to the fa- 
vored direction(s) at the same distance from the 
antenna in free space, at the same frequency, and 
with the same power applied to the antenna feed 
point. Measurements can be made with a cali- 
brated field-strength meter. Compare FRONT- 
TO-BACK RATIO. 

frost alarm A device or circuit that responds to the 
presence of frost and actuates an alarm. Such 
alarms are sensitive to temperature, moisture, or 
both. 

FRUGAL Acronym for FORTRAN rules used as a 
general applications language. 

FRUSA Acronym for flexible rolled-up solar array, 
such as the type used in spacecraft and commu- 
nications satellites. 

F scan In radar operations, a display in which a 
central blip represents the target at which the 
antenna is pointed; horizontal and vertical 
displacement of the blip indicate corresponding 
horizontal and vertical aiming errors. 

FSK Abbreviation of FREQUENCY-SHIFT KEYING. 

FSM Abbreviation of FIELD-STRENGTH METER. 

FS meter See FIELD-STRENGTH METER. 

FSR Abbreviation of feedback shift register. 

ft Abbreviation of foot or feet. 
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FT-cut crystal A piezoelectric plate cut from a 
quartz crystal at an angle of +57”, with respect to 
the z-axis. Also see CRYSTAL AXES and CRYS- 
TAL CUTS. 

ft-Lb Abbreviation of FOOT-LAMBERT. 

ft-Ib Abbreviation of FOOT-POUND. 

Fuchs antenna A simple antenna consisting of a 
single-wire radiator without feeder or transmis- 
sion line, connected directly to the transmitter. It 
is usually an odd multiple of 0.25 wavelength 
long. When a good radio-frequency (RF) ground is 
used, this antenna can be effective at high fre- 
quencies, although part of its radiated field is of- 
ten inside the transmitter building. 


Radiating 
element: 
odd multiple 
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Fuchs antenna 


fuel alarm A sensing circuit that actuates an 
alarm when the fuel in a tank or reservoir falls to 
a prescribed level. 

fuel cell A generator that produces electricity di- 
rectly from a reaction between fuel substances, 
such as hydrogen and oxygen. 

fuel-flow alarm An electronic circuit that actuates 
an alarm when fuel flow changes from a pre- 
scribed value. 

fuel-flow control A servo system that automati- 
cally maintains or corrects the flow rate of a fuel. 

fuel-flow gauge See FUEL-FLOW METER. 

fuel-flow indicator See FUEL-FLOW METER. 

fuel-flow meter An instrument for measuring fuel 
flow rate. 

fuel-flow switch A switch that is actuated by fuel 
flowing in pipes or other channels. 

fuel gauge An instrument consisting of a trans- 
ducer that senses the level of liquid fuel in a tank 
and delivers a proportional output current or 
voltage, and an electric meter whose needle is de- 
flected in proportion to the current or voltage 
and, therefore, to the fuel level. Alternatively, the 
meter can be a direct-readout digital device, 
showing the number of gallons remaining in the 
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tank, and/or the extent to which the tank is full 
(fraction or percentage). 

fuel meter See FUEL GAUGE. 

fuel-pressure indicator An instrument for mea- 
suring fuel pressure in pipes or other channels. 

fuel-pressure meter See FUEL-PRESSURE INDI- 
CATOR. 

full adder In a digital computer, an adder circuit 
that can handle the carry signal, as well as the bi- 
nary elements that are to be added. Also see 
ADDER and CARRY. Compare HALF ADDER. 

full bridge A bridge-rectifier circuit in which each 
of the four arms contains a diode. By comparison, 
the three-quarter bridge contains a resistor in 
one arm; the half bridge, resistors in two arms; 
and the quarter bridge, resistors in three arms. 

full-duplex system In data communications, a 
system that transmits data in both directions si- 
multaneously and continuously. Compare HALF- 
DUPLEX SYSTEM. 

full-focus yoke See COSINE YOKE. 

fullhouse A multichannel radio-control model 
plane system that allows the use of a realistic 
complement of working control surfaces. 

full-load current The output current from a 
source when the load is maximum (that is, the 
load resistance is minimum). 

full-load power The power drawn from a source 
when the load is maximum (that is, the load re- 
sistance is minimum). 

full-load voltage The output voltage of a source 
when full power is drawn [i.e., when the load is 
maximum (that is, the load resistance is mini- 
mum)]. 

full-load wattage See FULL-LOAD POWER. 

full-power frequency response The highest fre- 
quency at which a signal can fluctuate at full volt- 
age (peak-to-peak) without causing distortion of 
more than a certain specified amount. 

full-range speaker See MONORANGE SPEAKER. 

full scale 1. The operating range of an instrument. 
2. In an analog meter, the quantity indicated by 
maximum deflection of the needle (usually at the 
extreme right-hand end of the calibrated scale). 
3. Transducer output as a function of highest al- 
lowable input stimulus. 

full-scale current Symbol, Irs. In a digital-to- 
analog converter, the maximum current that can 
occur at the output. 

full-scale error For an electrical indicating instru- 
ment, the rated full-scale input signal minus the 
actual input signal that causes a full-scale deflec- 
tion. Thus, the predictable error in an instrument, 
expressed as a percentage of the full-scale reading. 

full-scale frequency Generally expressed in Hertz 
(Hz) or kilohertz (kHz). The maximum frequency 
at which a voltage-to-frequency converter can op- 
erate while remaining within its specifications. 

full-scale sensitivity The current, voltage, or 
power required to deflect a meter mechanism to 
full scale. 
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full-scale symmetry Expressed in microamperes 
(mA). The mathematical difference between the 
full-scale current outputs in a complementary- 
output digital-to-analog converter. 

full track A recording track covering the full width 
of a magnetic tape. 

full-track head A tape-recorder head having a gap 
that covers the full width of the tape. 

full-track recording Usually applicable to quarter- 
inch or narrower magnetic recording tape, a one- 
track recording made by a head that magnetizes 
essentially the entire width of the tape. 

full-wave bridge rectifier See BRIDGE RECTI- 
FIER. 

full-wave, center-tap rectifier A circuit in which 
the center-tapped secondary winding of a trans- 
former operates two rectifier diodes, each on an 
alternate half-cycle of secondary voltage. The fre- 
quency of the ripple in the direct-current (dc) out- 
put is equal to twice the alternating-current (ac) 
input frequency. Compare BRIDGE RECTIFIER. 
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full-wave, center-tap rectifier 


full-wave detector A detector circuit using two 
diodes in a full-wave, center-tap rectifier configu- 
ration. 

full-wave doubler See FULL-WAVE 
DOUBLER. 

full wavelength Symbol, à. The distance that cor- 
responds to 360 degrees of phase as an electro- 
magnetic (EM) field is propagated. In free space, it 
is related to the frequency by a simple equation: 


Lr = 984/f 


where Lg represents À in feet, and frepresents the 
frequency in megahertz. If A is expressed in me- 
ters, then the formula is: 


Lin = 300/f 
Where L,, represents the displacement in meters. 


In general, if v is the velocity factor (expressed as 
a ratio) in a given medium, then: 


VOLTAGE 


La = 984v /f 
and 
Ly = 300v/f 
Compare HALF WAVELENGTH, QUARTER 


WAVELENGTH. 

full-wave loop antenna A loop antenna with a cir- 
cumference of one wavelength, fed at a break. The 
loop can be circular, square, triangular, or occa- 
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sionally some odd shape. The most efficient con- 
figuration is the circular loop. Maximum radia- 
tion occurs perpendicular to the plane of the loop. 

full-wave rectifier A rectifier that delivers a half- 
cycle of pulsating direct-current (dc) output 
voltage for each half-cycle of applied alternating- 
current (ac) voltage. The successive output 
half-cycles have the same polarity. See, specifi- 
cally, BRIDGE RECTIFIER — and FULL- 
WAVE, CENTER-TAP RECTIFIER. Compare 
HALF-WAVE RECTIFIER. 

full-wave vibrator 1. In a vibrator-type power sup- 
ply, an interrupter that closes contacts on both 
ends of its swing, thus causing direct current (dc) 
to flow through the transformer in alternate di- 
rections. 2. A vibrator-type rectifier that closes in 
both directions. 

full-wave voltage doubler A voltage-doubler cir- 
cuit whose direct-current (dc) output has a ripple 
of twice the alternating-current (ac) supply fre- 
quency. Compare HALF-WAVE VOLTAGE DOU- 
BLER. 

function 1.A mapping between two sets of quanti- 
ties or points A and B, such that: (1) For each y in 
B, there exists at least one corresponding x in A; 
and (2) For each xin A, there exists exactly one y 
in B. In this case y is said to be a function of x; 
this can be written as y = f(x). The set A is called 
the domain of f; the set Bis called the range of f. 
2. A mathematical expression, using symbols, re- 
lating variables (e.g., the expression x - y = zis a 
function of variables x, y, and z). 3. The behavior 
and application for which a device or system is 
designed. 4. Part of a computer instruction spec- 
ifying the operation to be done. 

functional blocks Combinations of substances or 
components that perform specific tasks in an 
electronic circuit. An example is a tuned circuit, 
containing inductive reactance, capacitive reac- 
tance, and resistance. 

functional character See CONTROL CHARACTER. 

functional design Design specifications encom- 
passing a description of how system elements will 
interrelate, and what their logic design will be. 

functional diagram FUNCTIONAL DESIGN repre- 
sented in graphic form; that is, as an illustration 
or set of illustrations. 

functional electronic block Abbreviation, FEB. A 
complete integrated circuit. See INTEGRATED 
CIRCUIT. 

functional end (FE) point In a system operating 
from a battery power supply, the lowest voltage at 
which the equipment will properly operate. As a 
battery discharges, the voltage decreases; when 
the voltage drops to the FE point, the battery 
must be replaced or recharged. 

functional test A performance test of a device or 
circuit, to see that it behaves as intended in the 
environment in which it is to be used. 

function generator 1. A signal generator whose 
output is any of several selectable waveforms 
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(e.g., sine, square, triangular, step-pulse) and fre- 
quencies (or repetition rates). 2. An analog com- 
puter circuit that produces a variable based on a 
mathematical function and one or more input 
variables. 

function key 1. In digital communications, a key- 
board key used to control the form in which a 
message will be received. 2. On a computer Key- 
board, any of 12 keys (usually designated F1 
through F12) that activates special functions. 
The precise action of a given key depends on the 
program being run. 

function polling A polling technique in which a 
disabled device signals its condition and specifies 
the remedy. 

function switch In a multifunction instrument, 
such as a voltohm-milliammeter, the switch that 
permits selection of the various functions. 

function table 1. A table of mathematical function 
values. 2. Hardware or software that translates 
one representation of information into another. 
3. A routine that allows a computer to use the 
values of independent variables to determine the 
value of a dependent variable. 

fundamental Contraction of FUNDAMENTAL FRE- 
QUENCY. 

fundamental component The FUNDAMENTAL 
FREQUENCY of a complex wave. 

fundamental frequency 1. The lowest frequency 
in a complex wave containing harmonic energy. 
2. In a radio or television transmitter, the in- 
tended frequency of operation. 3. In acoustics 
and audio applications, the predominant pitch of 
a musical tone. 

fundamental group A set of trunk lines in a tele- 
phone system, through which zone centers are 
interconnected. 

fundamental mode See DOMINANT MODE. 

fundamental suppression Removal of the funda- 
mental frequency from a complex wave, leaving 
only the harmonics, as in the operation of a null 
network adjusted to the fundamental frequency. 

fundamental units Base units of an absolute sys- 
tem of units. Example: the meter (m), the kilo- 
gram (kg), and the second (s) in the mks system. 

fundamental wavelength The wavelength that 
corresponds to the FUNDAMENTAL FREQUENCY 
of a wave or signal. 
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fuse A safety device consisting of a wire of low- 
melting-point metal. When current passing 
through the wire exceeds a prescribed (safe) level, 
the resulting heat melts the wire and opens the 
circuit, protecting equipment from damage. See 
PROXIMITY FUSE. 

fuse box A set of electrical fuses, usually enclosed 
in a metal box. 

fused junction Ina semiconductor, ajunction pro- 
duced by alloying metals to the semiconductor 
material. 

fused junction See ALLOY JUNCTION. 

fuse resistor See FUSIBLE RESISTOR. 

fuse wire The low-melting-point wire used in 
fuses. See FUSE. 

fusible resistor A low-value resistor that also 
serves as a fuse in certain appliances, such as 
television receivers. 

fusing current The specified current level at which 
a wire of a given diameter and material composi- 
tion will melt. 

fusion 1. In acoustics, pertaining to delayed or 
reflected waves that arrive within approximately 
4s of a second of the direct wave. So called be- 
cause the human ear/brain “fuses” (blends) 
sounds together when they are separated by 
less than about %s second. If the delay is longer, 
the ear/brain usually perceives an echo in- 
stead. 2. In a nuclear reaction, the uniting of 
two atomic nuclei, accompanied by the release 
of energy. 

future labels In a computer system, program in- 
struction labels that refer to locations not desig- 
nated as absolute addresses by a compiler or 
assembler. 

futurist A person who tries to anticipate or predict, 
based on current technology and trends, what 
will be accomplished in a given field in the next 
several years or decades. 

fuzz A form of deliberate distortion in the waveform 
produced by an electric guitar. 

fuzzbox A circuit that distorts the waveform pro- 
duced by an electric guitar, for the purpose of cre- 
ating various musical sound effects. 

fuzz buster Slang for a specialized mobile radio re- 
ceiver, used by drivers of vehicles to signal the 
presence of law-enforcement radar equipment. 

fV Abbreviation of femtovolt. 
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G 1. Symbol for CONDUCTANCE. 2. Abbreviation 
of GIGA-. 3. Symbol for DEFLECTION FACTOR. 
4. Symbol for PERVEANCE. 5. Symbol for GRAV- 
ITATIONAL CONSTANT. 6. Symbol for GENERA- 
TOR. 7. Symbol for GATE. 8. Abbreviation for 
GAUSS. 

g 1. Symbol for CONDUCTANCE. 2. Abbreviation 
of GRAM. 3. Subscript for GATE. 4. Subscript for 
GENERATOR. 5. Symbol for GRAVITY. 

GA Radiotelegraph abbreviation of “Go ahead.” 

G/A Abbreviation of ground-to-air. 

Ga Symbol for GALLIUM. 

GaAs 1. Formula for gallium arsenide. 2. Pertain- 
ing to semiconductor devices based on gallium 
arsenide. 

GA coil A special form of coil, wound with extra 
space among the turns to reduce the distributed 
capacitance. 

gadget 1.A device or component. 2. A superfluous 
or makeshift device. 

gadolinium Symbol, Gd. A metallic element of the 
rare-earth group. Atomic number, 64. Atomic 
weight, 157.25. 

gage See GAUGE. 

gain The extent to which a component, circuit, de- 
vice, or system increases current, voltage, or 
power. Applicable especially to active devices, 
such as transistors and integrated circuits (ICs), 
and to amplifiers and filters that use them. Also 
used to express the directional properties of some 
antenna systems. Usually specified in decibels 
(dB). See AMPLIFICATION, CURRENT AMPLIFI- 
CATION, DECIBEL, VOLTAGE AMPLIFICATION, 
and POWER AMPLIFICATION. 


gain bandwidth product Symbol, fr. The fre- 
quency at which the gain of a bipolar transistor is 
equal to 1 (no amplification or loss) in the 
common-emitter configuration. The fr represents 
an absolute upper limit for the frequency at 
which a bipolar transistor will works as an 
amplifier. Any attempt to design an amplifier 
using a bipolar transistor at a frequency higher 
than its fr will inevitably fail. Compare ALPHA 
CUTOFF FREQUENCY. 

gain control 1. To adjust the gain of an amplifier. 
2. A potentiometer used to adjust amplifier gain. 


+ 
Gain 
adjustment 
Input Output 


pi 


gain control 


gain function A function between two currents or 
voltages in a circuit with gain. 

gain-level linearity The quantitative measure of 
the extent to which the gain of a device depends 
on the signal level. The level is found by compar- 
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ing the output to the input level over a range of 
input signal levels. 

gain reduction The drop in gain of an amplifier at 
high- and low-frequency extremes. 

gain sensitivity control See DIFFERENTIAL GAIN 
CONTROL. 

gain stability The degree to which the gain of a 
system remains constant during changes in re- 
lated factors, such as temperature, supply power, 
and loading. 

gain temperature coefficient The extent to which 
the full-scale current varies over a certain tem- 
perature range, expressed in parts per million per 
degree Celsius (ppm/°C). 

galactic noise Radio noise propagated from the 
plane of our galaxy, and especially from the cen- 
ter, located in the direction of the constellation 
Sagittarius. It is of significance in space commu- 
nications and radio astronomy. 

galena Formula, PbS. Natural lead sulfide, which 
in nature takes the form of bluish-gray, cubical 
crystals. 

gallium Symbol, Ga. Atomic number, 31. Atomic 
weight, 69.72. One of the constituents of the 
semiconductor compound GALLIUM ARSENIDE. 

gallium arsenide Formula, GaAs. A compound of 
gallium and arsenic, used as a semiconductor 
material. It is noted for its low-noise characteris- 
tics. 

gallium-arsenide diode A diode in which the semi- 
conductor material is processed gallium ar- 
senide. 

gallium-arsenide varactor A low-noise, micro- 
wave varactor in which the semiconductor mate- 
rial is gallium arsenide. 

gallium-phosphide diode A light-emitting diode in 
which the semiconductor material is processed 
gallium phosphide. 

galloping ghost A form of radio-control system in 
which the elevation and rudder can be moved to 
the desired extent. 

Galton whistle A device for producing high- 
frequency acoustic waves (ultrasound), similar to 
a common dog whistle. 

galvanic cell Generic term for any electrochemical 
primary voltaic cell. 

galvanic corrosion Corrosion that occurs on one 
of two dissimilar metals when they are immersed 
in an electrolyte. Caused by battery action be- 
tween them. Compare ELECTROLYTIC CORRO- 
SION. 

galvanic couple See VOLTAIC COUPLE. 

galvanic current A very small direct current such 
as that produced by dissimilar metals in acid or 
by nervous reaction in living tissue. 

galvanic pile See VOLTAIC PILE. 

galvanic series A list of metals and alloys arranged 
in order of the most to least likely to oxidize in a 
given environment. 

galvanic skin response Abbreviation, GSR. The 
variations in electrical resistance of the (usually 
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human) skin. This phenomenon is a useful indi- 
cator in physiology, psychology, and criminology. 

galvanic taste A sharp, metallic taste experienced 
when a small electric current is passed through 
the tip of the tongue. 

galvanism (After Luigi Galvani, 1737-1798) The 
production of an electric current by chemical ac- 
tion, as in a battery. 

galvanize To coat steel with zinc to forestall corro- 
sion. 

galvanometer A sensitive, bi-directional current 
meter. Used in various electrical tests—especially 
as a null indicator in bridge operation. Also see 
MICROAMMETER. 

galvanometer constant The number by which a 
galvanometer reading must be multiplied in order 
to obtain the current in microamperes, mil- 
liamperes, or amperes. 

galvanometer recorder A graphic recorder in 
which a mirror in a movable-coil galvanometer re- 
flects a beam of light to a passing strip of photo- 
graphic film. 

galvanometer shunt A resistor placed in parallel 
with a galvanometer to decrease its sensitivity. 
Also see SHUNT RESISTOR. 

galvanometry The use of galvanometers to deter- 
mine the intensity and direction of electric cur- 
rents. 

galvanoplastics The science of ELECTROPHO- 
RESIS and ELECTROPLATING. 

galvanoscope An instrument for detecting and 
showing the direction of very weak electric cur- 
rents. 

galvanotherapy The use of electric currents to 
produce heat in the body of a human or animal. 

gamma ferric oxide A form of coating used in for- 
mulation of magnetic recording tape. 

gamma match A linear transformer for matching 
an unbalanced (usually coaxial) feed line to a bal- 
anced (usually half-wave) antenna. The outer 
conductor of the cable is connected to the center 
of the radiator, and an extension of the center 
conductor runs for a short distance parallel to the 
radiator, making a right-angle bend before con- 
necting to the radiator. 


Radiator 


Matching 
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Coaxial 
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gamma rays High-energy, ionizing radiation emit- 
ted by radioactive substances; similar to X rays, 
but of a shorter wavelength. 
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gamma section See GAMMA MATCH. 

gang To mechanically couple components (pots, 
switches, etc.) for operation by a single knob. 

gang capacitor A variable capacitor consisting of 
sections mounted on the same shaft for simulta- 
neous variation. It is usually specified by the 
number of sections (e.g., four-gang capacitor). 
Compare GANGED CAPACITORS. 

ganged capacitors Separate variable capacitors 
mechanically connected together (e.g., by belt or 
gear drive) for simultaneous variation. Compare 
GANG CAPACITOR. 

ganged potentiometers Separate potentiometers 
mechanically connected together (e.g., by belt or 
gear drive) for simultaneous variation. Compare 
GANG POTENTIOMETER. 

ganged rheostats See GANGED POTENTIOME- 
TERS. 

ganged switches Separate switches mechanically 
connected together for simultaneous operation. 
Compare MULTISWITCH. 

ganged tuning Simultaneous tuning of separate 
circuits by means of ganged capacitors or ganged 
potentiometers. 

gang potentiometer A potentiometer consisting 
of sections mounted on the same shaft for si- 
multaneous variation. Usually specified accord- 
ing to the number of sections (e.g., dual 
potentiometer). 

gang printer In digital computer and data process- 
ing operations, an electromechanical printer ca- 
pable of printing an entire line at one time. 

gang punch 1. To punch identical or nonvarying 
information into the cards of a group. 2. A ma- 
chine for this operation. 

gang rheostat See GANG POTENTIOMETER. 

gang switch See MULTISWITCH. 

Gantt chart A chart of activity versus time used in 
industry as an aid in making decisions regarding 
the allocation of resources for specific activities 
[e.g., as applied to PERT (project evaluation and 
review techniques)]. 

gap 1. A space between electrodes or magnetic 
poles. 2. A device consisting essentially of sepa- 
rated electrodes (e.g., spark gap). 3. A relatively 
narrow space cut in iron cores to provide a break 
in a magnetic circuit. Also see SLOT, 1. 4. The 
opening between the opposite poles of a tape 
recorder or playback head. 

gap arrester A lightning arrester consisting of a 
number of metal cylinders separated by air gaps. 

gap coding A system in which silent periods are in- 
serted, according to a specific timing code, into a 
transmission. 

gap depth In a magnetic recording head, the depth 
of the gap (taken perpendicular to the face). Com- 
pare GAP WIDTH. 

gap digit A digit that contributes no intelligence to 
the word in which it appears (e.g., a parity bit). 

gap energy The energy represented by the forbid- 
den gap in electron energy levels (e.g., between 
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the M-valence band and the N-conduction band 
in a material). 

gap filling Modification of an antenna for the 
purpose of eliminating nulls in the directional 
pattern. 

gap insulation See SLOT INSULATION, 1, 2. 

gap loss In a reproducing head, the loss that oc- 
curs because of the GAP DEPTH. 

gap-type protector A spark gap used to protect 
equipment from high-voltage transients. 

gap voltmeter See NEEDLE GAP and SPHERE 
GAP. 

gap width In a magnetic recording head, the width 
of the gap (taken parallel with the face). Compare 
GAP DEPTH. 

garbage 1. In digital computer operations, a collo- 
quialism for useless or incorrect data. 2. Collo- 
quialism for unreadable signals or severe 
intermodulation in a radio communications cir- 
cuit. 3. Colloquialism for an unsound theory. 

garble 1. Garbled matter. 2. Also called scramble. 
To purposely render communications or data un- 
intelligible to everyone, except the intended recip- 
ient(s). See SCRAMBLER CIRCUIT. 

garbled matter Confused communications or 
data, usually resulting from distortion in a circuit 
or system. Also called GARBLE. 

garbler See SCRAMBLER CIRCUIT. 

garnet maser A maser that uses natural or syn- 
thetic garnet as the stimulated material. Also see 
YTTRIUM-IRON-GARNET. 

gas One of the states of matter, characterized by 
molecules that are widely separated and are in 
continual, relatively rapid motion. Because it is a 
fluid, a gas will readily conform to a container of 
any shape. Gases can readily be compressed and 
liquefied. Compare LIQUID, PLASMA, and SOLID. 

gas amplification In a radiation-counting device, 
the ratio, in decibels, of the charge collected to 
the charge produced in the gas. 

gas breakdown The ionization of a gas by means of 
high voltage. The intensity of the electric field pre- 
vents recombination of ions. Collisions among 
atoms cause further ionization. Thus, the gas be- 
comes a good conductor of current. 

gas cell A cell whose operation depends on gas ab- 
sorption by the electrodes. 

gas cleanup Loss of pressure in a gas-filled tube, 
eventually leading to failure. Caused by gas ions 
forming compounds with metal parts or with the 
glass envelope. 

gas detector A device for sensing presence of vari- 
ous gases in the air—especially toxic or explosive 
gases (such as chlorine, hydrogen, or methane). 

gaseous conduction The conduction of an electric 
current through an ionized gas. 

gaseous phototube A PHOTOTUBE containing a 
small amount of a gas suitable for ionic conduc- 
tion. 

gaseous voltage regulator A gas-filled diode 
across which the voltage drop is substantially 
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constant during the gas discharge and which ac- 
cordingly delivers a constant output voltage. 

gas-filled cable A sealed cable filled with an inert 
gas that serves as a low-loss dielectric and mois- 
ture barrier. 

gas-filled counter tube A radiation counter tube 
containing a gas that ionizes when irradiated. See 
GEIGER-MUELLER TUBE. 

gas-filled lamp 1. An incandescent lamp filled 
with a gas, such as nitrogen, for improved perfor- 
mance. 2. Discharge lamp. 

gas-filled tube An enclosure filled with gas that is 
subjected to an electric potential, intended to 
produce specific effects, such as light emission or 
voltage regulation. 

gas-flow alarm An electronic circuit that actuates 
an alarm when the flow of gas through a pipe 
changes from a predetermined rate. 

gas-flow control A servo system for automatically 
maintaining or adjusting the flow of gas through 
pipes. 

gas-flow gauge See GAS-FLOW METER. 

gas-flow indicator See GAS-FLOW METER. 

gas-flow meter An instrument that indicates the 
rate of gas flow through a pipe, in terms of volume 
per unit time (e.g., cubic feet per minute). 

gas-flow switch In a gas-circulating system, a 
switch that actuates an alarm when the gas flow 
rate changes. 

gas focusing In a cathode-ray tube, a technique by 
which a gas is used for the purpose of focusing an 
electron beam. The ionization of the gas causes 
the electron beam to be made more narrow. 

GASH Acronym for guanidine aluminum sulfate 
hexahydrate, an organic crystalline material used 
as the dielectric in certain ferroelectric capacitors 
and ferroelectric memory elements. 

gas laser A LASER that uses a gas or mixture of 
gases (instead of a solid rod) as the stimulated 
medium. Some of the gases used are argon, car- 
bon dioxide, helium, krypton, and neon. 

gas maser A MASER in which the stimulated ma- 
terial is a gas, such as ammonia. 

gas multiplication See GAS AMPLIFICATION. 

gas noise Electrical noise resulting from the undi- 
rected motion of gas molecules in a gas-filled tube. 

gas-pressure alarm An electronic circuit that actu- 
ates an alarm when gas pressure rises or falls. 

gas-pressure control A servo system for automati- 
cally maintaining or adjusting gas pressure in 
pipes or other channels. 

gas-pressure gauge See GAS-PRESSURE METER. 

gas-pressure indicator See GAS-PRESSURE ME- 
TER. 

gas-pressure meter An instrument that indicates 
gas pressure in a pipe or container, but provides no 
means for automatically correcting the pressure. 

gas ratio Fora gas-filled tube, the ratio 1;/E;, where I; 
is the ion current and E, is the ionization potential. 

gas sensor Any element, such as the filament in a 
hot-filament gas detector, that responds to the 
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presence of a gas in the environment and acti- 
vates the detector or alarm circuit. 

gassing 1. The generation of gas by a storage bat- 
tery, especially while it is being charged. 2. The 
generation of gas during electrolysis. 

gas sniffer See GAS DETECTOR. 

gaston A device intended for the purpose of modu- 
lating an aircraft signal, making the signal diffi- 
cult to jam. The signal is randomly modulated by 
noise from the device. 

gas tube See GAS-FILLED TUBE. 

gas-tube lightning arrester A lightning arrester, 
consisting of a special gas diode. The tube has vir- 
tually infinite resistance at low voltages, but pro- 
vides a low-resistance path to ground when the 
high voltage of a lightning stroke ionizes the gas. 

gas-tube oscillator A relaxation oscillator using a 
two-element gas tube, such as a neon lamp, as 
the breakdown device. 
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gas valve See ELECTROMECHANICAL VALVE. 

gas X-ray tube An X-ray tube in which the positive 
ions of a gas bombard the cathode, which emits 
electrons. 

gate 1. A device or circuit that has no output until 
it is triggered into operation by one or more en- 
abling signals, or until an input signal exceeds a 
predetermined threshold amplitude. 2. The input 
(control) electrode of a field-effect transistor or 
thyristor device (e.g., silicon-controlled rectifier). 
3. A signal that triggers the passage of other sig- 
nals through a circuit. 

gate array Basic gates arranged in a pattern ona 
chip; the gates can be interconnected during 
manufacture to form a unit that performs what- 
ever function is needed. 

gate circuit 1. An electronic switching circuit (see 
GATE, 1). 2. The circuit associated with the gate 
electrode of a field-effect transistor. 

gate-controlled switch A device similar to a silicon- 
controlled rectifier or thyristor. A negative current, 
applied to the gate, switches the device off. 

gate current Symbol, Iç. Current flowing in the 
gate (control) circuit of a semiconductor device. 
The current is finite in thyristors, but is almost 
zero in some types of field-effect transistors. 

gated amplifier An amplifier whose input is effec- 
tively switched on and off by gating signals. 
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gated buffer A low-voltage, high-current driver, 
used for differentiation in a multivibrator circuit. 

gated flip-flop A flip-flop in which it is impossible 
for both outputs to be low simultaneously. 

gate-dip meter A dip meter using a field-effect- 
transistor oscillator with the indicating microam- 
meter in the gate circuit. 

gate-dip oscillator See GATE-DIP METER. 

gated multivibrator A rectangular-wave generator 
that produces a gate voltage when triggered. 

gate-drain voltage Symbol, Vap. In a field-effect 
transistor, the maximum voltage permitted be- 
tween the gate and drain electrodes. 

gated sweep 1. In radar, a sweep whose initiation 
and duration are closely controlled to eliminate 
echoes in the image. 2. A circuit providing the ac- 
tion described in 1. 

gate electrode See GATE, 2. 

gate impedance 1. The impedance of the gate elec- 
trode of a field-effect transistor with respect to the 
other electrode, which serves as the return. 2. 
The impedance of the gate winding of a magnetic 
amplifier. 

gate leakage current See GATE REVERSE CUR- 
RENT. 

gate nontrigger voltage Symbol, Van: For a thyris- 
tor, the direct-current (dc) voltage applied be- 
tween the gate and the cathode, above which the 
device fails to maintain its rated blocking voltage. 

gate power dissipation Symbol, Pc. In a silicon 
controlled rectifier, the power consumed by the 
gate-cathode path. 

gate-protected MOSFET A metal-oxide-semicon- 
ductor field-effect transistor in which the gate 
electrode is protected from accidental burnout via 
built-in Zener diodes, connected back-to-back. 

gate pulse 1. A pulse applied to the gate electrode 
to actuate a gate-controlled semiconductor de- 
vice. 2. An actuating pulse in a gate circuit. 

gate recovery time Symbol, te. For a silicon- 
controlled rectifier, an extension of the reverse 
recovery time: the interval following application of 
the reverse voltage required before the forward 
blocking voltage can be reapplied and then 
blocked by the device. 

gate reverse current Symbol, Icss. In a field-effect 
transistor, reverse current in the gate-source cir- 
cuit. Also called gate leakage current. 

gate signal 1. The input or control signal applied 
to the gate electrode of a semiconductor device. 2. 
An actuating signal in a gate circuit. 

gate-source breakdown voltage Symbol, BVoass. 
The voltage at which the gate junction of a junc- 
tion field-effect transistor (JFET) enters 
avalanche. 

gate-source pinchoff voltage Symbol, Vp. In a 
field-effect transistor, the gate-source voltage at 
which the conduction channel just closes. 

gate-source voltage Symbol, Ves. In a field-effect 
transistor, the direct-current (dc) voltage between 
the gate and source electrodes. 
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gate terminal 1. The terminal connected to the 
gate semiconductor in a field-effect transistor. 
2. The terminal, or terminals, connected to the 
input or inputs of a digital-logic network. 

gate trigger current In a gate-controlled semicon- 
ductor switch, the current flowing in the gate cir- 
cuit when the device is being switched on by a 
gate trigger voltage. 

gate trigger voltage In a gate-controlled semicon- 
ductor switch, the trigger voltage required to ac- 
tuate the device. 

gate turn-off current In a gate-controlled semicon- 
ductor switch, the low value of gate current that 
flows when the device is being switched off. Turn- 
off current varies with collector (anode) current. 

gate turn-off voltage In a gate-controlled semi- 
conductor switch, the low value of gate voltage 
that causes the device to switch off. 

gate voltage 1. The voltage applied to the gate 
electrode of a field-effect transistor. See GATE- 
SOURCE VOLTAGE. 2. The instantaneous gate- 
cathode voltage in a silicon-controlled rectifier. 3. 
The voltage across the gate winding of a magnetic 
amplifier. 

gate winding In a magnetic amplifier, a winding 
that produces gating action. 

gating 1. The process of using one signal to switch 
another (or part of another) on or off for a desired 
interval. 2. Selecting a part of a wave for observa- 
tion or for control purposes. 

gauge 1. Any device, such as a METER, used for 
the purpose of measuring the magnitude of a 
quantity. 2. Wire data and measurements (see 
WIRE GAUGE, 1, 2, 3). 3. Sheet metal thickness 
(e.g., 10 gauge). 

Gauss (Karl F. Gauss, 1777-1855) Unit of magnetic 
flux density, equivalent to one line of flux per 
square centimeter. The SI (preferred) unit of mag- 
netic flux density is the TESLA (webers per 
square meter); 1 gauss equals 10* teslas (symbol, 
T). Also see FLUX DENSITY. 

Gaussian curve See BELL-SHAPED CURVE. 

Gaussian distribution In statistics, the symmetri- 
cal distribution described by a bell-shaped curve. 
Also called NORMAL DISTRIBUTION. 

Gaussian function A mathematical function used 
in the design of lowpass filters. The Gaussian re- 
sponse is characterized by low band-edge selec- 
tivity, high transition bandwidth, negligible step 
response overshoot, and low step-response delay 
time. 

Gaussian noise Electrical noise whose amplitude- 
versus-frequency characteristic is described by 
the GAUSSIAN DISTRIBUTION. 

Gaussian waveform A waveform that results in min- 
imal side lobes in a pulse-compression system. 

gaussmeter See FLUXMETER. 

Gauss’ theorem Across any closed surface within 
an electric field, the total flux is approximately 
equal to 12.566 times the enclosed quantity of 
electric charge. 
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gauze resistor See WOVEN RESISTOR. 
GAVRS Abbreviation of gyrocompass attitude verti- 
cal reference system. 


GCA Abbreviation of GROUND-CONTROLLED 
APPROACH. 

GCI Abbreviation of GROUND-CONTROLLED 
INTERCEPTION. 


GCM Abbreviation of gyrocompass module. See 
GYROCOMPASS. 

GCT Abbreviation of GREENWICH CIVIL TIME. 

Gd Symbol for GADOLINIUM. 

G display See G SCAN. 

GDO 1. Abbreviation of GRID-DIP OSCILLATOR. 
2. Abbreviation of GATE-DIP OSCILLATOR. 

Ge Symbol for GERMANIUM. 

gear 1. Collectively, electronic equipment. 2. A 
toothed wheel commonly used in mechanical de- 
vices. 

gearmotor An electric motor with a gear train for 
speed changing. 

gear-wheel pattern A pattern produced on an os- 
cilloscope by intensity-modulating a circular 
trace. A signal of unknown frequency fis applied 
to the intensity-modulation (z-axis) input. The 
signal produces corrugations in the trace. If there 
are n corrugations around the trace, and if the 
trace itself completes fs revolutions per second, 
then the unknown frequency fx in Hz, is equal to 
nfs. Compare SPOT-WHEEL PATTERN. 


t= fs 


gear-wheel pattern 
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Geiger counter A radioactivity rate-counting in- 
strument based on the GEIGER-MUELLER 
TUBE. Pulses from the tube drive a transistor, 
which, in turn, drives a meter or digital counter to 
indicate the count. 
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Geiger-Mueller counter See GEIGER COUNTER. 

Geiger-Mueller region For a GEIGER-MUELLER 
TUBE, the range of voltages within which the out- 
put pulse amplitude is constant, regardless of 
ionizing radiation intensity. 

Geiger-Mueller threshold The lowest voltage in 
the Geiger-Mueller region. 

Geiger-Mueller tube A gas-filled radiation detec- 
tor/counter tube consisting of a straight wire as 
an anode, surrounded by a cylindrical cathode. 
The tube is biased by high voltage. Radiation pen- 
etrating the tube ionizes the gas; each ionizing 
event causes an output pulse. 

Geiger point counter See POINT COUNTER. 

Geiger region See GEIGER-MUELLER REGION. 

Geiger threshold See GEIGER-MUELLER THRES- 
HOLD. 

Geissler tube A simple gas-filled glow-discharge 
tube with metal electrodes sealed in each end. 
When a sufficiently high voltage is applied be- 
tween the electrodes, the highly rarefied gas ion- 
izes and glows with the color associated with the 
particular gas used. 

gel A substance equivalent to colloidal solution in 
the solid phase (e.g., silica gel). 

gel battery A rechargeable electrochemical BAT- 
TERY designed for use with portable electronic 
and computer equipment. Noted for its ability to 
deliver high current for short periods, when nec- 
essary, and also to deliver moderate current con- 
tinuously throughout its discharge cycle. 

gen Abbreviation of GENERATOR. 

genemotor Contraction of generator/motor, a 
(usually battery-driven) dynamotor that has sep- 
arate motor and generator windings on the same 
armature core. 

general class license An amateur-radio license 
that conveys some privileges in the high- 
frequency bands, and all operating privileges in 
the very-high-frequency region and above. An ex- 
amination of moderate difficulty is required. 
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General Packet Radio Service A form of packet 
radio especially designed for mobile use. Sub- 
scribers pay for the volume of data they send and 
receive, rather than for the time they spend ac- 
cessing the network. This optimizes the efficiency 
of the network, both from an engineering stand- 
point and a financial standpoint. See PACKET 
COMMUNICATIONS. 

general-purpose bridge See UNIVERSAL BRIDGE. 

general-purpose component A component de- 
signed or used for a wide range of applications. 
For example, a general-purpose germanium 
diode is useful as a detector, mixer, limiter, clip- 
per, meter rectifier, automatic-gain-control (AGC) 
rectifier, and curve changer. 

general-purpose computer A computer that can 
be used in a number of applications for which it 
was not specifically designed. 

general-purpose diode A small-signal semicon- 
ductor diode that is useful for a variety of ap- 
plications, such as detection, light-duty 
rectification, limiting, logic switching, etc. 

general-purpose function generator A nonspe- 
cialized function generator that is capable of gen- 
erating a variety of different waveforms. 

general-purpose program A program for the solu- 
tion of a class of problems or for a specific prob- 
lem, according to certain parametric values. Also 
called general routine. 

general-purpose relay Any relay that can be used 
in various situations, such as for switching alter- 
nating or direct currents. 

general-purpose tester An instrument, such as a 
voltohm-milliammeter, that offers several test ca- 
pabilities. 

general-purpose transistor A transistor that can 
be used in several applications, such as audio 
amplification, detection, and oscillation. 

general service code See CONTINENTAL CODE. 

generate 1. To produce a signal or carrier wave. 
2. To convert some non-electrical form of energy 
(usually mechanical) into electrical energy. 
3. To develop subroutines from parameters ap- 
plied to skeletal coding. 4. To use a program 
generator to produce a specialized version of a 
general-purpose program. 

generated address An address developed by pro- 
gram instructions for later use by that program. 

generated noise 1. Electrical noise caused by bat- 
tery action (i.e., between dissimilar metals) in a 
component, such as in a potentiometer. 2. Elec- 
trical noise caused by small output variations of 
generating devices (rotating machines, vibrators, 
etc.). Also called generator noise. 

generating magnetometer See EARTH INDUC- 
TOR. 


generating station An electric power station. 

generating voltmeter An instrument based on a 
rapidly spinning variable capacitor. A direct- 
current (dc) voltage applied to the capacitor is 
converted into an alternating current (ac) by the 


varying capacitance; the ac is proportional to the 
voltage. 

generation 1. The production of a signal or carrier 
wave. 2. The conversion of some non-electrical 
form of energy (usually mechanical) into electrical 
energy. 3. The number of recording steps be- 
tween a master recording and a copy. 4. A copy of 
data in any form (e.g., tape recording, disk file, 
and photocopy). 

generation number A number that identifies the 
age of a file; it is included in the file label on the 
disk or tape containing the file. 

generator 1. Symbol, G. Any signal source. 2. A 
rotating machine for producing electricity. 3. An 
electronic device for converting direct current into 
alternating current of a specific frequency and 
waveshape. 4. In computer operation, a routine 
(akin to a compiler) that will produce a program 
to perform a specific version of some general op- 
eration by implementing skeletal coding, accord- 
ing to specific parameters (e.g., sort generator). 

generator efficiency The ratio of consumed power 
to delivered power in a generator. It is usually ex- 
pressed as a percentage. 

generator noise Electrical noise caused by a rotat- 
ing generator. Also see GENERATED NOISE, 2. 

generator-type microphone A microphone that 
produces an output voltage without the need for 
a supply voltage. Examples: ceramic, crystal, dy- 
namic, electret, and velocity types. 

generator-type transducer A transducer that con- 
verts mechanical motion into an electrical signal 
of a proportional voltage. In such a transducer, an 
armature or conductor moves in a magnetic field. 

generic A form of software collection. Several 
specialized software packages can be derived 
from the generic collection, for use in different 
systems. 

geodesic 1. Ona surface, the shortest path between 
two points. 2. The shortest path between two geo- 
graphical locations, measured over the surface of 
the earth. Also called geodetic and great circle. 

geodesy The branch of applied mathematics con- 
cerned with the precise dimensions of the earth. 

geodetic system The application of a computer to 
seismographic studies for the purpose of reduc- 
ing drilling and mining costs. 

geomagnetic field See EARTHS MAGNETIC 
FIELD. 

geomagnetism The earth’s magnetism. Also see 
EARTH’S MAGNETIC FIELD. 

geometric capacitance The ratio of the free 
charge of a capacitor to the voltage across its 
terminals. 

geometric mean The nth root of the product of n 
quantities. 

geometric progression A mathematical sequence 
in which each term after the first is obtained by 
multiplying the preceding one by a constant 
quantity (e.g., 1, 2, 4, 8, 16, 32, 64, . . .). Also 
called geometric sequence. 
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geometric symmetry In a bandpass or band- 
rejection filter, a condition in which the response 
is identical on either side of the center frequency. 
Also called mirror-image symmetry. 
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george box In an intermediate-frequency amplifier, 
a device used to reject jamming signals. Any jam- 
ming signal with an amplitude lower than a cer- 
tain minimum is rejected. 

geostationary orbit An orbit in which a satellite 
revolves around the earth exactly once a day, so it 
remains over the same place on the earth all the 
time. The altitude must be 22,300 miles, and the 
orbit must lie in the plane of the earth’s equator. 

geostationary satellite A satellite in GEOSTA- 
TIONARY ORBIT. It is always in the same spot 
in the sky from any given observing point. A 
geostationary satellite provides coverage over 
about 40 percent of the earth, and is commonly 
used for communications and weather-observa- 
tion purposes. 

germanium Symbol, Ge. A metalloidal element. 
Atomic number, 32. Atomic weight, 72.59. Used 
in semiconductor diodes, photocells, rectifiers, 
and transistors. 

germanium diode A diode in which the semicon- 
ductor material is specially processed germa- 
nium. 
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germanium dioxide Formula, GeO. A gray or 
white powder obtainable from various sources; it 
is reduced in an atmosphere of hydrogen or he- 
lium to yield germanium, a semiconductor mate- 
rial. 

germanium junction diode A germanium diode 
that contains a pn junction. 

germanium photocell A photoconductive cell con- 
sisting of a reverse-biased germanium point- 
contact diode or germanium junction diode. 

germanium point contact The contact between a 
pointed metal wire and a germanium wafer, as in 
a point-contact diode or point-contact transistor. 

germanium rectifier A power rectifier that con- 
tains a germanium pn junction. 

germanium transistor A transistor in which 
germanium is the semiconductor material. Such 
a transistor has lower internal resistance and 
greater temperature drift than a silicon transis- 
tor. 

German silver A copper-nickel-zinc alloy used in 
some resistance wires. Also called NICKEL SIL- 
VER. 

GEV Abbreviation of ground effect vehicle. 

GeV Abbreviation of GIGAELECTRONVOLT. 

gfi Abbreviation of GROUND-FAULT INTER- 
RUPTER. 

g-force See GRAVITY, 2. 

{rs Symbol for FORWARD TRANSCONDUCTANCE. 

G/G Abbreviation of GROUND-TO-GROUND. 

ghost In television reception, a slightly displaced 
image appearing on the screen simultaneously 
with its twin (the false member of a double im- 
age). 

ghost signal Any signal (such as an undesired re- 
flection) that produces a ghost. 

GHz Abbreviation of GIGAHERTZ. 

G; Symbol for INPUT CONDUCTANCE. 

Gibson girl A portable radio transmitter, powered by 
an integral crank-operated generator, introduced 
during World War II for pilots forced down at sea. 

giga- Abbreviation, G. 1. A prefix meaning billion 
(109. 2. In digital data applications, a prefix 
meaning 230, 

gigabit A unit of digital data, equal to 2% bits or 
1024 megabits. Also see BIT and MEGABIT. 

gigabyte A unit of digital data, equal to 2°° bytes or 
1024 megabytes. Also see BYTE and MEGABYTE. 

gigacycle See GIGAHERTZ. 

gigaelectronvolt Abbreviation, GeV. A large unit of 
voltage; 1 GeV equals 10% eV. Also see BEV, 
ELECTRONVOLT, MEV, and MILLION ELEC- 
TRON VOLTS. 

gigahertz Abbreviation, GHz. A unit of ultra-high 
frequency; 1 GHz equals 1,000,000,000 Hz = 10? 
Hz. 

gigaohm A unit of extremely high resistance, reac- 
tance, or impedance, equal to 1,000,000,000 
ohms = 10° ohms. 

GIGO Abbreviation of garbage in = garbage out, an 
expression signifying that incorrect or improper 
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input to a computer will produce meaningless 
output. 

gilbert (William Gilbert, 1540-1603) A unit of mag- 
netomotive force, equal to 1.26 times the number 
of ampere-turns. The SI (preferred) unit of mag- 
netomotive force is the ampere (symbol, A); 1 
gilbert = 0.796 A. 

gilbert per centimeter See OERSTED. 

gimbal A suspension device whose orientation can 
be changed without affecting the attitude of the 
body being suspended. 

gimmick 1. Colloquialism for any unnamed de- 
vice. Also see GADGET. 2. Colloquialism for any 
tricky manipulation or design. 3. A low-value ca- 
pacitor made by twisting two short pieces of insu- 
lated wire together. 

gimp Colloquialism for the tinsel and cloth con- 
ductor used in some earphone cords. 

Giorgi system The meter-kilogram-second (mks) 
system of units. 

GJD Abbreviation of GERMANIUM JUNCTION 
DIODE. 

glass A hard, brittle, amorphous, and usually 
transparent substance that is largely silicon diox- 
ide. Glass has a multitude of uses in electronics, 
and there are several kinds, each having different 
electrical properties. The dielectric constant 
ranges from about 4 to 10; the dielectric strength 
ranges from about 20 to 300 kilovolts per mil- 
limeter. 

glass arm A stiffness of the wrist or forearm, some- 
what resembling writer’s cramp, sometimes expe- 
rienced by radiotelegraph operators or wire 
telegraph operators after prolonged use of a hand 
key. 

glass bulb The glass enclosure of electron tubes 
and incandescent lamps. 

glass capacitor A capacitor that uses thin glass as 
the dielectric, and usually has plates consisting 
of metal electroplated or electrodeposited on op- 
posite faces of the glass. Also see MOLDED 
GLASS CAPACITOR. 

glass diode A semiconductor diode molded in glass. 

glass electrode A probe used with a pH meter; it 
consists of a thin-walled glass tube containing 
potassium chloride and mercurous chloride. Also 
see CALOMEL ELECTRODE. 

glass envelope See GLASS BULB. 

glassivation A procedure for encapsulating semi- 
conductor devices in glass or other dielectric ma- 
terial. 

glass-metal seal See GLASS-TO-METAL SEAL. 

glass plate capacitor See GLASS CAPACITOR. 

glass shell See GLASS BULB. 

glass-to-metal seal A bond between glass and 
metal in electronic devices, such as vacuum tubes, 
feedthrough terminals, and glass capacitors. 

glass tube A vacuum tube whose elements are 
housed in an evacuated glass envelope. 

glide path The guidance beam used by aircraft 
making instrument landings. 
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glide-path transmitter 


glide-path transmitter A radio-frequency trans- 
mitter that produces a guidance beam for aircraft 
landing purposes. The aircraft follows the beam 
toward the runway. 

glide slope See GLIDE PATH. 

G line A microwave conductor consisting of a 
round wire coated with a dielectric. 

glitch 1. Ina television image, a narrow, horizontal 
interference bar that moves vertically. 2. A very 
short and unwanted high-amplitude transient 
that recurs irregularly in an electronic system. 

glitter 1. In radar, an echo or set of echoes that 
fluctuates rapidly in intensity because of motion 
in the target. 2. A system in which moving devices 
are used to confuse enemy radar systems. 

gloss factor Fora reflecting surface, the ratio of re- 
flected light in a selected direction to reflected 
light in all directions. 

glossmeter An instrument for determining GLOSS 
FACTOR. 

glow discharge The luminous electrical discharge 
resulting from the passage of current through 
ionized gas in a partially evacuated tube. The 
color of the glow is characteristic of the particular 
gas used. 

glow-discharge microphone A device that pro- 
duces audio-frequency currents from the action 
of sound waves in a glow-discharge tube. 

glow-discharge tube A partially evacuated tube 
that contains two or more electrodes. The rarefied 
gas in the tube glows when a sufficient voltage is 
applied to the electrodes. See DISCHARGE LAMP, 
FLUORESCENT TUBE, and NEON BULB. 

glow lamp See DISCHARGE LAMP. 

glow modulator tube A gas tube whose luminous 
output can be modulated by an audio input signal. 

glow potential The voltage at which glow dis- 
charge just begins in a gas-filled tube. 

glow switch In fluorescent light circuits, an elec- 
tron tube containing two bimetal strips that make 
mutual contact when heated by the glow dis- 
charge. 

glow tube See DISCHARGE LAMP, FLUORES- 
CENT TUBE, GLOW MODULATOR TUBE, NEON 
BULB, and STROBOTRON. 

glow voltage See BREAKDOWN VOLTAGE, 2. 

glucinium See BERYLLIUM. 
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gluon A subatomic particle that is believed to bind governor 1. A device that prevents a motor or en- 


quarks together (coined by Prof. Murray Gell- 
Mann of California Institute of Technology). 

GM Abbreviation of Geiger-Mueller (see, for exam- 
ple, GEIGER-MUELLER TUBE). 

gm Abbreviation of gram. Also abbreviated g. 

£m Symbol for TRANSCONDUCTANCE. 

g-m Abbreviation of GRAM-METER. 

gm-cal Abbreviation of GRAM-CALORIE. 

gm-cm Abbreviation of GRAM-CENTIMETER. 

G-M counter See GEIGER COUNTER. 

GMT Abbreviation of GREENWICH MEAN TIME. 

G/M tube See GEIGER-MUELLER TUBE. 

gnd Abbreviation of GROUND. 

go Symbol for OUTPUT CONDUCTANCE. 

gold Symbol, Au. A precious metallic element. 
Atomic number, 79. Atomic weight, 196.967. 
Electrical contacts that must have low radio- 
frequency resistance, and that must be 
relatively immune to corrosion, are often plated 
with gold. 

gold-bonded diode A germanium point-contact 
diode having a fine gold wire whose point is 
bonded to the germanium wafer. Its principal fea- 
tures are high forward current and almost con- 
stant, low reverse current. 

gold doping The diffusion of gold into the base and 
collector regions of a diffused-mesa transistor; it 
shortens carrier storage time. 

golden ratio A set of proportions used in the de- 
sign of some speaker cabinets. The width (W) is % 
of the height (H); the depth (D) is % of the width. 
These correspond to a ratio H:W:D = 1.000: 
0.625 : 0.391. These proportions are thought by 
some acoustics engineers to result in the best 
possible sound quality. 

gold-leaf electroscope See ELECTROSCOPE. 

Goldschmidt alternator An early dynamo for gen- 
erating radio-frequency power. The high- 
frequency energy was not generated directly by 
the machine, but by resonant circuits and 
frequency-multiplying interaction between 
components. 

Golf Standard phonetic alphabet code word for the 
letter G. 

goniometer 1. Generically, any radio direction 
finder. 2. An inductive coupler having a sec- 
ondary coil rotated by a dial calibrated to read az- 
imuth. The coupler, when used with a suitable 
antenna system, comprises a direction finder. 
3. A device for electrically varying the directional 
pattern of an antenna. 

go-no test A test that indicates only acceptance or 
rejection of a device. No diagnosis is made. 

GOTO In computers and programmable calcula- 
tors, an instruction that, followed by a suitable 
label, directs the program to that label. 

goto circuit In a digital-logic circuit, a device that 
senses the direction of electric current. 

goto pair A pair of diodes connected in reverse se- 
ries used in digital-logic circuits. 


gine from running faster than a certain speed. 
2. Any device that limits a circuit parameter. 

g parameters Conductance parameters obtained 
for the equivalent-pi model of a transistor: gpeg, 
Jac; Gce, and gm. 

gpc Abbreviation of GERMANIUM POINT CONTACT. 

GPI Abbreviation of GROUND-POSITION INDICA- 
TOR. 

GPRS Abbreviation for GENERAL PACKET RADIO 
SERVICE. 

gr Abbreviation of grain(s). 

graceful degradation A computer programming 
technique used to prevent debilitating breakdown 
by operating the system—even though several 
subsystems have malfunctioned; also known as 
crippled mode. 

grad A unit of angular measurement equal to 0.9 


degree. 
graded-base transistor See DIFFUSED-BASE 
TRANSISTOR. 


graded filter A power-supply filter that supplies 
direct-current output at various points in the fil- 
ter sequence. Thus, the points in the powered 
equipment that can tolerate the least ripple are 
connected to the filter output, and those that can 
tolerate appreciable ripple are connected to the 
filter input; fairly critical points are connected to 
an intermediate position in the filter, such as at 
the junction of two chokes. 


graded filter 


graded-junction transistor A  grown-junction 
transistor in which the temperature of the melt 
and the rate at which the crystal is pulled from it 
are closely controlled as the n and p layers are 
formed. 

gradient The rate at which a variable quantity in- 
creases or decreases. See, for example, VOLTAGE 
GRADIENT. 

gradient microphone A microphone whose output 
varies with sound pressure. Also see PRESSURE 
MICROPHONE. 

Graetz bridge A full bridge rectifier (i.e., one hav- 
ing a diode in each arm). 

Graffiti 1. Trade name for a specialized written al- 
phabet used for entering data into a handheld 
computer using a stylus. 2. The entry of data into 
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a handheld computer using a stylus. See HAND- 
HELD COMPUTER. 

grain boundary Ina polycrystalline solid, a bound- 
ary between single crystalline regions. 

gram 1. Abbreviation, g. A unit of mass and 
weight, equal to 0.001 kilogram or 0.0353 ounce. 
2. A suffix meaning something drawn (written), or 
recorded, as in radiogram or electrocardiogram. 

gram atom See GRAM ATOMIC WEIGHT. 

gram atomic weight Also called gram-equivalent. 
The quantity of an element with a mass in grams 
that is equal to the atomic weight of the element. 
For example, copper has an atomic weight of 
63.546; therefore, one gram atomic weight of cop- 
per has a mass of 63.546 grams. 

gram-calorie Abbreviation, gm-cal. The amount of 
heat required to raise the temperature of one 
gram of water by one degree Celsius. 

gram-centimeter Abbreviation, gm-cm. The work 
done by a force of one gram exerted over a dis- 
tance of one centimeter. Also see JOULE. 

gram-equivalent See GRAM ATOMIC WEIGHT. 

grammar 1. The sequence of words and/or abbre- 
viations in a communication or part of a commu- 
nication. 2. The sequence of codes and/or 
commands in a high-level computer program- 
ming language. 

gramme armature See GRAMME RING. 

Gramme ring A type of armature for a motor or 
generator, consisting of an iron ring onto which is 
wound a coil of wire, each turn being connected 
to a commutator bar. 

gram-meter Abbreviation, g-m. A unit of work 
equal to a force of one gram exerted over a dis- 
tance of one meter. Compare JOULE. 

gram-molecular weight See MOL. 

gram molecule See MOL. 

gramophone Archaic term for phonograph. 

grandfather cycle A backup scheme in a magnetic 
reproduction system. The original records are re- 
tained for a period of time so that new copies of 
high precision can be made in case of loss. 

grandfather file An original copy of a file on a mag- 
netic disk or tape, retained as a source for recon- 
struction as needed. Usually, three generations of 
a file (grandfather, father, and son) are kept, each 
identified by a generation number. Sometimes 
the terms grandparent, parent, and child are used 
instead. See GENERATION NUMBER. 

grand synthesizer A hypothetical child with a 
mind perfectly attuned to artificial intelligence 
(AI), who grows up to revolutionize the whole in- 
dustry; a “grand master of Al.” 

granular carbon Carbon in the form of fine gran- 
ules, used in the button of a carbon microphone. 

granularity 1. In a digital device, the smallest in- 
crement that can be differentiated. 2. The limit of 
detail in a reproduction system. 

granule One of many narrow frequency subbands, 
the combination of which composes a complete 
signal. Each subband carries its own specific data. 
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graph 1. A presentation of data, particularly a de- 
piction of the manner in which one variable or set 
of variables changes, with respect to another. 
Can be in the form of discrete points, curves, 
bars, columns, pie-shaped slices, etc. 2. A curve 
or set of curves in a coordinate system. 

graphical analysis The solution of problems 
through the use of graphic devices, such as vec- 
tor diagrams, load lines, Nyquist plots, topologi- 
cal flow diagrams, etc. 

graphical harmonic analysis See SCHEDULE 
METHOD. 

graphical user interface Acronym, GUI (pro- 
nounced “gooey”). An operating system or soft- 
ware that makes it easy for lay people to use a 
computer. Commands are given by making 
choices from among items displayed on the 
screen. Popular versions use symbols, called 
icons, along with a pointing device, such as a 
mouse or trackball. 

graphic documentation Records of data in the 
form of graphs, charts, tables, diagrams, etc. 

graphic equalizer A device for tailoring the ampli- 
tude-versus-frequency response of a high-fidelity 
audio system. Consists of a splitter, several audio 
filters, and a mixer. The gain of each filter is ad- 
justable via a slide potentiometer. The poten- 
tiometers are arranged on the front panel in such 
a way that their relative positions show the ap- 
proximate shape of the response curve. 
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Output 


graphic instrument See GRAPHIC RECORDER. 

graphic-level recorder An instrument that makes 
a permanent recording of signal amplitude as a 
function of some independent variable (Such as 
time, frequency, or direction). 

graphic panel In process control, a panel of illumi- 
nated lights or dials that display the status of a 
process. 
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graphic recorder An instrument in which a signal- 
driven pen or stylus makes a permanent record of 
a quantity on graph paper. The paper passes at a 
controlled speed beneath the pen. 

graphics 1. Diagrams, charts, photos, tables, or 
similar, often symbolic, artwork used to convey 
information. 2. The video display in a computer 
system. 3. Computer software designed specifi- 
cally to create and edit illustrations. 

graphic solution 1. A method of depicting the so- 
lution(s) to a problem or equation by means of 
graphs. 2. The process of solving problems or 
equations with the aid of graphs. 

graphic terminal A display or plotter that provides 
visual output of a computer run. 

graphite A soft form of carbon used in resistors, 
attenuators, contacts, brushes, vacuum-tube 
plates, cathode-ray tube coatings, etc. 

graphite-line resistor An emergency, makeshift 
resistor consisting of a pencil line drawn on a 
piece of paper. The heavier the line for a given 
width and length, the lower its resistance. 

graphophone Archaic term for phonograph. 

grasping planning A scheme that a robot arm and 
gripper use to get hold of a particular object. It 
can use a vision system, a bar-code reader, tactile 
sensing, and/or proximity sensing. The robot 
controller (computer) must be programmed to 
recognize the input from these devices, and to 
seek out the object. 

grass The background noise (noise floor) on the 
display of a spectrum analyzer; it also appears on 
certain types of radar displays. 

grasshopper fuse A special type of spring-operated 
fuse. When it burns out, it actuates an alarm that 
alerts personnel of a possible circuit or system 
malfunction. 

graticule Calibrated gridwork, as on the face of an 
oscilloscope or spectrum-analyzer screen. 

grating A set of parallel, closely spaced, equidis- 
tant conductors or bars. When an electromag- 
netic field that has a wavelength comparable to 
the conductor spacing passes through the plane 
containing the conductors, diffraction occurs, 
producing an interference pattern. An adaptation 
of this device, called a DIFFRACTION GRATING, 
is used to separate visible light into its con- 
stituent spectral colors. 

grating reflector A metal antenna reflector con- 
sisting of numerous parallel, straight, closely 
spaced conductors. When the conductor spacing 
is much smaller than the wavelength, the set be- 
haves like a solid sheet of metal. 

Gratz rectifier A form of full-wave rectifier circuit 
in a three-phase, alternating-current system. 

gravitational constant Symbol, g. The accelera- 
tion produced by the attraction of a unit mass at 
unit distance; g = 6.673 x 1071! Nem?/kg?. 

gravitational wave See GRAVITY WAVE. 

gravity 1. The universal force of attraction between 
material bodies—especially that force evidenced 
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by the earth's drawing of bodies toward its center, 
causing them to have weight. 2. Abbreviation, g. 
The rate at which a free-falling mass accelerates 
in a vacuum at the earth's surface; equal to 9.802 
meters per second per second (m/s?). 3. The rate 
at which a free-falling mass accelerates in a vac- 
uum in the vicinity, or at the surface, of an astro- 
nomical object, such as a planet or star. 

gravity cell An electrochemical cell in which the 
positive electrode is made of copper and the neg- 
ative electrode is made of zinc. The copper elec- 
trode is placed at the bottom of a jar, and the zinc 
electrode is placed at the top. The jar is half filled 
with copper sulfate solution, and then filled with 
zinc sulfate solution. The solutions remain sepa- 
rate because copper sulfate has a higher specific 
gravity than zinc sulfate. 

gravity wave A disturbance in a gravitational field, 
such as might be caused by a collapsing star. 
These waves might emanate from black holes or 
rapidly spinning neutron stars. 

gray body A radiating body exhibiting constant 
spectral emissivity at all wavelengths. That is, the 
emitted energy is the same at all wavelengths and 
all frequencies. 

Gray code A computer code in which the expres- 
sions representing sequential numbers differ in 
only one bit. 

gray scale A reference scale for use in black-and- 
white television and video display images, con- 
sisting of several defined levels of brightness with 
neutral color. 


Gray scale: 
hypothetical 16-shade binary codes. 
Percent 
Code Relative shade brightness 
0000 Black 0.00 
0001 6.67 
0010 Very dark gray 13.33 
0011 20.00 
0100 Dark gray 26.67 
0101 33.33 
0110 Medium-dark gray 40.00 
0111 46.67 
1000 Medium gray 53.33 
1001 60.00 
1010 Medium-light gray 66.67 
1011 73:35 
1100 Light gray 80.00 
1101 86.67 
1110 Off-white 93.33 
1111 White 100.00 


gray tin A form of tin that exhibits some properties 
of a semiconductor at temperatures below 18 de- 
grees Celsius. 
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greatest lower bound The largest value of a pa- 
rameter that can be obtained without changing 
some characteristic of a circuit, program, or sys- 
tem. 

Greek alphabet The 24-letter alphabet of the 
Greek language. Virtually all of letters are used as 
symbols in electronics and related sciences. 

Green Book A specialized format for compact-disk 
read-only memory (CD-ROM) computer data stor- 
age media, developed by Sony and Philips. Re- 
quires the use of a Compact Disk-Interactive (CD-I) 
player for data retrieval. See also CD-ROM, OR- 
ANGE BOOK, RED BOOK, and YELLOW BOOK. 

green gun The electron gun in a color cathode-ray 
tube whose correctly adjusted beam strikes only 
the green phosphors on the screen. 

green video voltage In a three-gun color cathode- 
ray-tube circuit, the green-signal voltage, which 
actuates the green gun. 

Greenwich Civil Time Abbreviation, GCT. Mean 
time counted from mean midnight at Greenwich, 
England, the location of zero meridian. 

Greenwich Mean Time Abbreviation, GMT. Mean 
solar time at zero degrees longitude, also called 
the Greenwich meridian because it passes 
through Greenwich, England. In recent years, 
GMT has been supplanted by COORDINATED 
UNIVERSAL TIME (UTC) as the basis of standard 
time throughout the world. 

grid 1. The prime control electrode in a vacuum 
tube. Usually, it is a coil or mesh, but it can have 
other forms. Also called control grid. 2. Any elec- 
trode in a vacuum tube placed between the cath- 
ode and the anode (plate) (e.g., screen grid and 
suppressor grid). 3. Two sets of straight, uni- 
formly spaced, parallel conducting wires or rods, 
one set perpendicular to the other. The conduc- 
tors are electrically connected at all crossing 
points. Used as an electrostatic or electromag- 
netic shield, or as a reflector of electromagnetic 
waves. 4. Two sets of uniformly spaced parallel 
lines, one set perpendicular to the other, used as 
a system of coordinates or as a basis for physical 
measurements. 

grid capacitor 1. A capacitor in series with the grid 
of a vacuum tube, used for blocking purposes. 
2. A bypass capacitor in a grounded-grid tube 
type amplifier. 3. The capacitor in the grid tank 
circuit of a tube type oscillator or amplifier. 

grid-cathode capacitance Symbol, CGK. The in- 
ternal capacitance between the control grid and 
cathode of an electron tube. Also called INPUT 
CAPACITANCE. 

grid characteristic The grid-current-versus-grid- 
voltage performance curve for a vacuum tube. 

grid circuit The external circuit associated with 
the control grid of a vacuum tube. 

grid current Symbol, Iç. Current flowing between 
the control grid and cathode in a vacuum tube. 

grid cylinder The metal cylinder that acts as a 
control grid in a cathode-ray tube. 
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grid-dip meter 1. A dip meter that contains a vac- 
uum-tube oscillator; the indicating microammeter 
is in the grid circuit. 2. Loosely, any frequency- 
sensitive wavemeter that indicates resonance by a 
marked dip in input (base, grid, and gate) current. 

grid-dip oscillator See GRID-DIP METER. 

grid dissipation 1. The amount of power given up 
as heat in the grid circuit of a vacuum-tube am- 
plifier. 2. The maximum amount of power that a 
tube can safely dissipate as heat in the grid. 

grid drive See GRID EXCITATION. 

grid-driving power The signal power required by 
the control grid of a power tube. 

grid emission Electron or ion emission by the con- 
trol grid of a vacuum tube. 

grid excitation Signal voltage or power applied to 
the control grid in a vacuum-tube amplifier cir- 
cuit. 

grid impedance Symbol, Z¿. The internal imped- 
ance of the grid-cathode path in a vacuum tube. 

grid input impedance The impedance of the grid 
input section of a vacuum-tube circuit. It is a 
complex combination of grid impedance and the 
impedance of input-circuit components. 

gridistor A special form of field-effect transistor 
with several channels. 

grid-limiter resistor A resistor connected in series 
with the grid of a tube to limit grid current during 
the positive half-cycle of grid-signal voltage. 

grid limiting The cutting off of plate current in a 
vacuum tube, with consequent limiting action, by 
means of a high, negative grid voltage developed 
by overdriving the grid. 

grid loading effect The tendency of the internal 
grid-cathode path of a vacuum tube to load a 
tuned circuit—especially when the grid draws 
current. 

grid locking A vacuum-tube fault in which the grid 
potential has become permanently positive be- 
cause of excessive grid electron emission. 

grid mesh The mechanical structure of a grid (e.g., 
gauze or a metal screen). 

grid neutralization See GRID-NEUTRALIZED AM- 
PLIFIER. 

grid-neutralized amplifier A neutralized radio- 
frequency power amplifier in which the neutraliz- 
ing capacitor is connected from the plate of the 
tube to the free end of a center-tapped grid-tank 
coil. 

grid north In the grid system of navigation, the di- 
rection most nearly corresponding to geographic 
north. 

grid-plate capacitance See PLATE-GRID CAPA- 
CITANCE. 

grid pool tube A gas-discharge tube in which the 
cathode is a pool of mercury. 

grid power loss Driving-power loss in the grid- 
input circuit of a power amplifier. 

grid resistor A high-value resistor connected be- 
tween the control grid and ground in a vacuum- 
tube amplifier circuit. 
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grid return The circuit path through which the 
control grid of a vacuum tube is returned to 
ground or to the negative grid bias supply. 

grid-separation circuit A vacuum-tube circuit 
in which the control grid is grounded. See 
COMMON-GRID CIRCUIT. 

grid swing The peak-to-peak variation of a grid 
excitation signal. 

grid tank A resonant inductance-capacitance cir- 
cuit operating in the control-grid circuit of a vac- 
uum tube. Compare PLATE TANK. 

grid tank capacitance The capacitance required 
to tune a GRID TANK to resonance. 

grid tank inductance The inductance of the coil 
in a GRID TANK. 

grid tank voltage The alternating-current (ac) 
voltage developed across the grid tank of a vac- 
uum-tube circuit. 

grid tuning Tuning of a vacuum-tube circuit by 
varying the capacitance, inductance, or both in 
the GRID TANK. 

grid voltage 1. Symbol, Vg. The direct-current 
(dc) bias voltage applied to the control grid of a 
vacuum tube. 2. Symbol, Vga y. The voltage of 
the radio-frequency (RF) or audio-frequency (AF) 
signal in the grid circuit. 

grille A covering for an acoustic speaker, used 
primarily to protect the speaker cone, but also 
for esthetic appeal. 

grille cloth A durable fabric often used for 
speaker grilles in high-fidelity sound systems. It 
transmits sound at all audio frequencies, but 
protects the speaker(s) and provides an attrac- 
tive physical appearance. 

gripper See ROBOT GRIPPER. 

grommet An elastic washer inserted through a 
hole in a chassis to prevent accidental ground- 
ing of a conductor or to reduce wear on a cord or 
cable exiting the chassis. 

groove 1. See KEYWAY. 2. The fine, spiral line 
cut into a phonograph disc when it is manufac- 
tured. 

groove angle On a phonograph disk, the angle 
between the walls of the unmodulated groove. 


Disk 
surface 


Disk 
motion: 
toward observer 


0 = Groove angle 
(usually 90°) 


groove angle 


groove speed In a phonograph recording or repro- 
ducing system, the speed of the cutter or needle, 
with respect to the disc. The speed is greatest 
near the outer edge of the disk, and least near the 
center. 
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gross content The overall amount of data con- 
tained in a message. It can be expressed in bits, 
bytes, words, or other units. 

gross index One of a pair of indexes, used to give a 
reference in the fine index, a supplement; both 
indexes are used to locate computer records in 
storage. 

gross-motion planning The method(s) that a robot 
uses to navigate in a general area without run- 
ning into objects, knocking things over, falling 
down stairs, or losing its balance. It is often per- 
formed using a COMPUTER MAP of the work en- 
vironment. 

ground 1. The earth in relation to electricity and 
magnetism. 2. An electrical connection to the 
earth. 3. The return point in a circuit. 4. A short- 
circuit to the earth or to a circuit return point. 
5. A short-circuit to the metal chassis, case, or 
panel of a piece of equipment. 

ground absorption The absorption (and resulting 
loss) of radio-frequency electromagnetic energy 
by the earth. 

ground bus A conductor connected to an earth 
ground, and to which devices in a system are in- 
dividually connected. The common ground points 
(e.g., chassis) of the individual devices are not di- 
rectly connected to each other, so ground loops 
are avoided. This scheme minimizes the probabil- 
ity of ELECTROMAGNETIC INTERFERENCE to 
or from the system. Compare GROUND LOOP. 


ground bus 


ground clamp A device that provides a mechanical 
and electrical bond between a conductor and a 
ground rod or pipe. Itis generally capable of pass- 
ing a large amount of current. 

ground clutter 1. In a surface-based radar sys- 
tem, echoes from nearby buildings, hills, and 
other objects, producing blips or blobs near the 
center of the screen. 2. In radar operations, an in- 
terference pattern on the screen, caused by acci- 
dental grounding in the system. 

ground conductivity The ease with which the 
earth will carry electrical current. Saltwater has 
the best conductivity; dark, moist soil and fresh 
water (because of the mineral content) rate from 
fair to good. Sandy soil has the poorest ground 
conductivity. 

ground conduit A pipe housing one or more 
ground leads. 
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ground connection 1. A low-resistance connec- 
tion to the earth. 2. The common point, such as a 
chassis, to which zero-potential terminals of cir- 
cuit components are connected. 

ground constants The conductivity and dielectric 
constant of the earth for a particular kind of ter- 
rain and soil at a given location. Affects the be- 
havior of radio antenna systems and electrical 
utility systems. Usually, high conductivity (low 
resistance) and low dielectric constant are desir- 
able characteristics. 

ground-controlled approach Abbreviation, GCA. 
In air navigation, a ground radar system that pro- 
vides information for radio-directed aircraft ap- 
proaches. 

ground-controlled interception Abbreviation, 
GCI. A ground radar system by which an aircraft 
can be directed to intercept enemy aircraft. 

ground current 1. A direct electric current flowing 
into the earth from an electrical or electronic de- 
vice, or into a device from the earth. 2. An alter- 
nating current flowing between the earth and a 
device. 3. An electric current flowing through the 
earth between two points. 4. A current flowing in 
the normal ground (low-potential) line of a circuit. 

ground detector A device that indicates whether 
or not a given circuit point is at direct-current 
ground. 

grounded antenna See MARCONI ANTENNA. 

grounded-base circuit See COMMON-BASE CIR- 
CUIT. 


grounded-cathode circuit See COMMON- 
CATHODE CIRCUIT. 

grounded-collector circuit See COMMON- 
COLLECTOR CIRCUIT. 

grounded-drain circuit See COMMON-DRAIN 
CIRCUIT. 

grounded-emitter circuit See COMMON- 
EMITTER CIRCUIT. 

grounded-gate circuit See COMMON-GATE CIR- 
CUIT. 

grounded-grid circuit See COMMON-GRID CIR- 
CUIT. 


grounded outlet An outlet with a receptacle hav- 
ing a ground contact that can be connected to 
equipment-grounding conductors. 

grounded-source circuit See COMMON-SOURCE 
CIRCUIT. 

grounded system A set of electrical conductors or 
a transmission line in which one conductor is de- 
liberately grounded. 

ground effect 1. Modification or distortion of the 
ideal free-space directivity pattern of an antenna 
by reflections from, and absorption by, the earth. 
2. Effects of the earth on radio-wave propagation 
(e.g., the production of a reflected wave and a sur- 
face wave, neither of which can exist if the earth 
is not part of the signal path). 3. Effects on an- 
tenna behavior, such as modification of the 
impedance and resonant frequency, caused by 
the proximity of the earth. 


ground efficiency In an antenna system, the qual- 
ity of the ground circuit. For some antenna sys- 
tems, such as a balanced dipole at great height, 
this is not a consideration. Ideal ground efficiency 
(100%) results in zero ground loss. 

ground environment 1. See GROUND CON- 
STANTS. 2. The ground characteristics in the 
vicinity of an unbalanced antenna working 
against ground. 3. In aviation, the set of ground- 
based installations. 

ground fault 1. Loss of a ground connection. 2. A 
short-circuit to ground. 

ground-fault interrupter Abbreviation, GFI. A 
fast-acting electronic circuit breaker that opens 
the power-line circuit breaker to prevent electric 
shock or equipment damage when the path of 
current flow is through the earth. 

grounding electrode A device, such as a ground 
plate or ground rod, that facilitates low- 
resistance connections to the earth. 

grounding plate A metal plate connected to the 
earth, on which a person stands to discharge 
static electricity from the body. 

grounding rod See GROUND ROD. 

ground insulation Electrical insulation used be- 
tween adjacent energized and grounded parts, 
such as transformer windings and metal cores. 

ground level See GROUND STATE. 

ground loop A closed current path resulting from 
improper grounding of the components in a sys- 
tem. A loop is formed when two devices are con- 
nected to each other, and also to separate earth 
grounds or to a single earth ground via conductors 
of appreciable length. The loops can act as anten- 
nas, increasing the likelihood of ELECTROMAG- 
NETIC INTERFERENCE to or from the system. The 
use of a single GROUND BUS is preferred. 


TONGI 


ground loop 


ground mat A grid or network of conductors, con- 
nected to earth ground, for the purpose of im- 
proving the earth conductivity. 

ground-mounted vertical antenna A vertical radi- 
ator mounted at the earth’s surface or at the sur- 
face of a body of water, and fed with coaxial cable. 
The radiator can be any physical length, but it is 
tuned to resonance at the operating frequency. 
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The center conductor of the cable is connected to 
the base of the radiator, and the shield is con- 
nected to a ground system. Radial wires, usually 
buried just below the surface, minimize losses. 
The antenna can be made resonant on several 
frequencies by inserting multiple loading coils or 
traps in the radiator. The chief advantages of this 
antenna are unobtrusiveness and ease of instal- 
lation. The main problems are marginal efficiency 
and susceptibility to human-made electro- 
magnetic noise. See also RADIAL, 1. Compare 
GROUND-PLANE ANTENNA. 

ground noise 1. Electrical noise that results from 
a faulty ground connection. 2. Background noise. 
3. In wire circuits, such as a telephone system, 
electrical noise that results from fluctuations in 
ground current. 

ground plane 1. A metal plate or a system of hori- 
zontal rods or wires mounted high on a mast, at 
the base of a vertical antenna, to provide a radio- 
frequency ground at a point several wavelengths 
above the surface of the earth. Also see GROUND- 
PLANE ANTENNA. 2. In noise and interference 
tests, a sheet metal structure used to simulate 
the skin of an aircraft or missile. 3. On a circuit 
board, a thin metallic sheet, usually bound to the 
underside, that serves as a common ground and 
RF shield. 

ground-plane antenna A vertical radiator oper- 
ated against a system of quarter-wave radials, 
elevated at least a quarter wavelength above the 
earth’s surface and fed with coaxial cable. 
The center conductor of the cable is connected 
to the base of the radiator, and the shield is con- 
nected to three or four quarter-wave radials that 
run outward from the base of the radiator. At 
shorter wavelengths, a disk or cone can replace 
the radials. The chief advantages of this an- 
tenna are simplicity and high efficiency. The 
main problem is susceptibility to human-made 
electromagnetic noise. See also RADIAL, 


1. Compare GROUND-MOUNTED VERTICAL 
ANTENNA. 
Radiating 
element 
1/4-wave 
Radials 


Coaxial line 
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ground plate A metal plate buried in the earth to 
provide a low-resistance ground connection. 

ground-position indicator Abbreviation, GPI. A 
computer system that gives a continuous indica- 
tion of an aircraft's position in terms of heading, 
elapsed time, and speed, with respect to the sur- 
face. This provides a more useful indication of the 
aircraft position than an air-speed indicator be- 
cause it is not affected by high-altitude winds. 

ground potential See ZERO POTENTIAL, 3. 

ground protection The use of a GROUND-FAULT 
INTERRUPTER. 

ground-reflected wave A radio wave component 
that results from ground reflection. 

ground reflection The reflection of a radio wave by 
the earth. 

ground resistance The direct-current resistance of 
a connection to the earth, or the resistance be- 
tween two points through the earth. The magni- 
tude of the resistance depends on several factors: 
composition of the soil, amount of moisture, soil 
electrolytic action, and the area of contact with 
the earth. 

ground return 1. The point or path used to return 
a Circuit to ground for completion. 2. In radar, 
echoes returned from the earth's surface (includ- 
ing reflections from objects on it). 

ground-return circuit A circuit, such as a single- 
wire telephone line, in which earth ground forms 
one leg of the circuit. Compare METALLIC CIR- 
CUIT. 

ground rod A strong metal rod driven deep into the 
earth as a point of ground connection. 

ground speed The speed of an aircraft or missile, 
relative to the surface of the earth. 

ground state The least-energy level of all possible 
states in a system. 

ground support equipment Electronic surface- 
based apparatus upon which the functioning of a 
weapons system is dependent. 

ground switch A switch for grounding an outside 
antenna during idle periods. Also called lightning 
switch. Ideally, antennas should be disconnected 
from equipment, as well as grounded, when not 
in use. 

ground-to-air communication Radio or radar 
transmission from a land station to an aircraft in 
flight. 

ground-to-ground 1. Pertaining to communica- 
tions between land-based stations. 2. Pertaining 
to missiles intended for use between points on 
the surface of the earth. 

ground-to-ground communication Communica- 
tions between land-based stations. 

groundtrack For an earth-orbiting satellite, the 
path followed by the point on the earth’s surface 
from which the spacecraft appears directly over- 
head. For most satellites, this path shifts toward 
the west for each succeeding orbit, because the 
earth rotates eastward underneath the satellite. 
For geostationary satellites, the point never 
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changes position on the surface. For satellites in 
equatorial orbits, the track follows the equator. 

ground wave In wireless communications and 
broadcasting, an electromagnetic (EM) wave that 
consists of three distinct components: the direct 
wave (also called the line-of-sight wave), the re- 
flected wave, and the surface wave. The direct 
wave is significant only when the transmitting and 
receiving antennas are connected by a line through 
free space without obstructions. The reflected 
wave, after returning from the earth's surface or a 
human made structure, combines with the direct 
wave (if any) at the receiving antenna. The surface 
wave travels in electrical contact with the earth. 
This occurs only with vertically polarized EM fields 
at frequencies below about 15 MHz. Below about 
300 kHz, the surface wave propagates for hun- 
dreds or even thousands of miles. Sometimes the 
surface wave is called the ground wave. 

ground wire A conductor between an equipment 
and a ground connection, either for circuit com- 
pletion or for safety. 

group 1. A series of computer storage locations 
containing a specific record or records. 2. The 
data in these locations. 3. A record set having a 
common key value in a sorted file. 

group busy Ina telephone system, an audio signal 
indicating that all of the lines in a group are in 
use. 

group code In digital communications, an error- 
detecting code used to verify a character group 
transferred between terminals. 

group delay In a modulated signal, a delay in the 
transmission of data. 

grouped-frequency operation In a two-wire com- 
munications system, the grouping of directional 
signals into certain frequency bands. 

grouped records A set of data records in which the 
key of one record identifies the entire set. 

grouping 1. The arrangement of data into blocks 
or sets. 2. On a phonograph disc, the insertion of 
gaps in the arrangement of grooves. 3. Any peri- 
odic irregularity in the spacing of a data trans- 
mission. 4. The bunching of grooves on a disc 
recording. 5. In a facsimile system, occasional 
spacing errors between recorded lines. 6. A mass 
of data arranged into groups, according to com- 
mon characteristics. 

group mark 1. In telegraphy, an indicator that sig- 
nals the end of a data unit. 2. A character indi- 
cating the end of a character group; usually, it is 
a logical record that is addressed and processed 
as a unit. 

group velocity The velocity at which a group of 
waves or a pulse is propagated. 

Grove cell A closed-circuit primary cell in which 
the positive electrode, platinum, is immersed in 
nitric acid; the negative electrode, zinc, is im- 
mersed in sulfuric acid. The nitric acid is held in 
a porous cup, surrounded by a larger jar of sulfu- 
ric acid. 
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growler 1. An electromechanical troubleshooting 
device that indicates the location of short circuits 
and grounds (especially in electric motors) by 
emitting a growling or rumbling sound. 2. Any 
tester that provides an audible signal, which indi- 
cates electrical continuity. 

grown-diffused transistor A transistor that is 
made by first growing the emitter and collector 
regions as a crystal, into which the base region is 
later diffused while the crystal is being pulled. 

grown diode A semiconductor diode created by 
growing a layer of p-type material into n-type ma- 
terial (or vice versa) as the single-crystal material 
is being pulled from the melt. 

grown junction A pn junction produced by adding 
impurities in various amounts to a crystal while it 
is being pulled from molten semiconductor mate- 
rial. 

grown-junction diode See GROWN DIODE. 

grown-junction photocell A grown-junction diode 
used as a photoconductive cell. 

grown-junction transistor A transistor made by 
adding n-type and p-type impurities succes- 
sively to a crystal in its molten state, then slicing 
the resulting npn formations from the finished 
crystal. 

G-scan A rectangular radar display consisting of a 
laterally centered blip that “grows wings” as a tar- 
get approaches. Horizontal and vertical displace- 
ment of the blip indicate horizontal and vertical 
aiming errors. 

Gscope See G SCAN. 

GSR Abbreviation of GALVANIC SKIN RESPONSE. 

G-string antenna In microwave operations, a com- 
munications path provided by a dielectric-coated 
wire that behaves like an extremely low-loss 
coaxial line with its outer conductor removed to 
infinity. A horn at each end matches the line to 
the transmitter and receiver. The term comes 


Transmitting Receiving 
horn y Wire Ñ horn 
Coaxial `N á Coaxial 
cable cable 
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from the first initial of Dr. George Groubau, in- 
ventor of the device, and the stringy appearance 
of the wire. 

GTO Abbreviation of GOTO. 

guard band A narrow unoccupied band of frequen- 
cies at the upper and lower limits of an assigned 
channel; its purpose is to prevent adjacent- 
channel interference by ensuring adequate 
separation between channels. 

guard circle On a phonograph disk, an inner 
groove that prevents collision of the pickup with 
the spindle at the center of the disc. 

guard circuit An auxiliary circuit added to an 
alternating-current bridge to compensate for the 
effects of stray capacitance in the bridge arms. 
One of its several forms is the WAGNER 
GROUND. 

guarded input An input-terminal arrangement in 
which one terminal, maintained at the proper po- 
tential, shields the entire input-terminal combi- 
nation. 

guarding A method of short-circuiting a leakage 
current to ground. On a printed-circuit board, 
guarding is usually accomplished by the use of a 
large conducting foil surface near critical compo- 
nents. 

guard relay A relay that ensures that only one 
linefinder will be connected to a line circuit when 
other line relays are in operation. 

guard ring A metal ring (or other configuration) 
surrounding, but separate from, a charged body 
or terminal, for the purpose of evenly distributing 
the electric charge over the latter’s surface. 

guard shield A shield that encloses the input cir- 
cuit of an amplifier or instrument. 

guard terminal In a GUARDED INPUT, the termi- 
nal that shields the combination. 

guard wire A grounded wire that is intended to 
catch and ground a broken high-voltage line. 

Gudden-Pohl effect The tendency of an ultraviolet 
irradiated phosphor to glow momentarily when 
subjected to an electric field. 

GUI Acronym for GRAPHICAL USER INTERFACE. 
Can be spelled out or pronounced “gooey.” 

guidance Electronic control of the path or course 
of a robot, missile, or other vehicle. 

guidance system The complete electromechanical 
system for control of a robot, missile, or other ve- 
hicle. It consists of hardware and software. The 
hardware includes beacons, sensors, drive sys- 
tems, rockets, etc. The software interprets data 
from, and transmits commands to, the hardware. 
The nature of the hardware and software depend 
on the application. 

guidance tape Ina guided missile, a magnetic tape 
containing computer instructions for steering the 
missile in a designated course. 

guide See WAVEGUIDE. 

guide connector See WAVEGUIDE CONNECTOR. 

guided missile A missile whose progress to a tar- 
get is controlled electronically by signals from a 
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control station or by sensing equipment aboard 
the missile. 

guided propagation A form of radio-wave propaga- 
tion in which air masses of different temperatures 
or humidity levels cause refraction and/or reflec- 
tion of electromagnetic waves, guiding signals 
over long distances with very little attenuation. 
Commonly observed at very-high and ultra-high 
frequencies. 

guide elbow See WAVEGUIDE ELBOW. 

guide flange See WAVEGUIDE FLANGE. 

guide gasket See WAVEGUIDE GASKET. 

guide junction See WAVEGUIDE JUNCTION. 

guide load See WAVEGUIDE LOAD. 

guide slot See KEYWAY. 

guide wavelength See 
LENGTH. 

Guillemin effect The tendency for a strip of ferro- 
magnetic material to become straight in a strong 
magnetic field. This is a form of MAGNETO- 
STRICTION. 

Guillemin line In radar operations, a special 
pulse-forming network for controlling modulation 
pulse duration. 

guillotine capacitor A variable capacitor in which 
a sliding (instead of rotary) plate moves between 
two stator plates. Its name results from its re- 
semblance to the infamous beheading apparatus. 

gulp Several bytes of digital information. 

gun See ELECTRON GUN. 

Gunn diode A semiconductor diode that can oper- 
ate as an oscillator in the ultra-high-frequency 
(UHF) and microwave parts of the radio spec- 
trum. Oscillation takes place as a result of a neg- 
ative-resistance effect in which, within a certain 
range of applied voltages, the current decreases 
as the voltage increases. The device is not partic- 
ularly efficient. Only a small fraction of the input 
power results in useful signal output. The fre- 
quency and oscillation stability are sensitive to 
changes in temperature and bias voltage. See 
GUNN EFFECT, NEGATIVE RESISTANCE. 

Gunn effect A semiconductor phenomenon named 
after J. Gunn of International Business Machines 
(IBM) who first observed and studied it in the 
1960s. In certain types of diodes having a nega- 
tive-resistance characteristic, oscillation occurs 
when the applied voltage is within a certain 
range. See GUNN DIODE, NEGATIVE RESIS- 
TANCE. 

Gunn-effect circuit Any circuit exploiting the 
Gunn effect, especially a GUNN OSCILLATOR. 
Gunn oscillator A discrete semiconductor mi- 

crowave oscillator using a GUNN DIODE. 

Gunnplexer A microwave transmitter consisting of 
a Gunn-diode oscillator connected to a horn an- 
tenna. Usually, the entire device is a compact, 
self-contained unit. The output power is low. 
When the device is placed at the focal point of a 
large dish antenna with the horn pointing toward 
the dish reflector (conventional dish feed), consid- 
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erable transmission range is possible. Used pri- 
marily by experimenters, and in wireless commu- 
nications links. See GUNN DIODE. 

gutta percha A hard, rubberlike, organic insulat- 
ing material. Dielectric constant, 3.3 to 4.9. Di- 
electric strength, 203 to 508 kV/in. 

guyed tower In radio communications or in mi- 
crowave links, a structure that is supported by 
one or more sets of guy wires to add strength and 
to prevent collapse. 

guying The support of a radio communications or 
microwave-link tower by the use of one or more 
sets of guy wires. 

guy insulator Also called egg insulator. An insula- 
tor designed to electrically break a guy wire while 
maintaining its ability to support a structure. 
Such an insulator has two slots with holes placed 
at right angles, in such a position that the wire 
will not separate even if the insulator breaks. The 
stress exerted on the insulator is compression, 
and the insulating material is stronger under this 
type of stress than under tension (pulling). 


guy insulator 
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guy wire A bracing wire for antenna masts or tow- 
ers. 

gyrator An active (usually cascaded-transistor) de- 
vice exhibiting nonreciprocal phase shift. It pro- 
vides, among other functions, the simulation of 
inductance using capacitors. 

gyro Contraction of GYROSCOPE. 

gyro- A prefix meaning “pertaining to gyroscopes,” 
“containing a gyroscope,” or “behaving like a gy- 
roscope.” 

gyrocompass A type of compass in which a spin- 
ning gyroscope, acted upon by the earth’s rota- 
tion, causes the device to point to true north. 
Compare MAGNETIC COMPASS. 

gyrofrequency The natural frequency of rotation 
of charged particles around the earth’s magnetic 
lines of flux. 

gyromagnetic Pertaining to the magnetic proper- 
ties of rotating electric charges (e.g., the effect of 
electrons spinning inside an atom). 

gyromagnetic effect The tendency of a rotating 
body to become magnetized because of the mag- 
netic field of the earth. 

gyropilot See AUTOPILOT. 

gyroscope A device that consists of a spinning 
wheel mounted in a gimbal. The shaft of the 
wheel will point in one direction, despite the 
movement of the earth beneath it. 

gyrostat See GYROSCOPE. 

G-Y signal In a color-television circuit, the signal 
representing primary green (G) minus luminance 
(Y). A primary green signal is obtained when the 
G-Y signal is combined with the luminance (Y) 
signal. Compare B-Y SIGNAL and R-Y SIGNAL. 
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H 1. Symbol for magnetic field strength. 2. Symbol 
for MAGNETIZING FORCE. 3. Symbol for HYDRO- 
GEN. 4. Symbol for UNIT FUNCTION. 5. Abbrevia- 
tion of HORIZONTAL. (Also, hor and horiz.) 
6. Symbol for HENRY. 7. Symbol for HARMONIC. 

h 1. Abbreviation of prefix HECTO-. 2. Symbol for 
the PLANCK CONSTANT. 3. Abbreviation of HOUR. 

Haas effect See FUSION, 1. 

hack In computer networking, to access, and 
sometimes to change, sensitive data without au- 
thorization. 

hacker A person knowledgeable in computer net- 
working who uses his or her expertise to access, 
and sometimes alter, sensitive data. This is illegal 
and can sometimes be destructive. The intent, is 
rarely malicious, however, the activity is viewed 
as a challenge. Compare CRACKER. 

HACKER program A computer program developed 
by Gerry Sussman as an early experiment with 
artificial intelligence (AI), to see how the machine 
would deal with complex decision-making prob- 
lems. 

hadron A subatomic particle consisting of quarks. 

hafnium Symbol, Hf. A metallic element. Atomic 
number, 72. Atomic weight, 178.49. Readily 
emits electrons. 

hahnium See DUBNIUM. 

hailer 1. A marine microphone-amplifier-speaker 
system for calling to other boats or persons 
ashore. 2. A comparable system for land vehicles, 
such as police cars. Also see MEGAPHONE, 1. 

hair See HAIRLINE. 

hair hygrometer A device for measuring rela- 
tive humidity, in which a stretched hair is the 
moisture-sensitive element. 


hairline A fine line used as an index or a graticule 
marker in a precision instrument. 

hairpin coil A quarter-turn coil, so called from its 
resemblance to a hairpin. 

hairpin coupling coil A hairpin coil used as a low- 
impedance primary or secondary coil for input or 
output coupling. 

hairpin match A form of impedance-matching net- 
work used at the feed point of a half-wave dipole 
antenna. A short length of open-wire transmis- 
sion line, short-circuited at the far end, is con- 
nected in parallel with the antenna at the feed 
point. 

hairpin pickup A short, doubled length of wire 
that acts as a pickup coil at very-high and ultra- 
high frequencies. 

hairspring A fine, usually spiral spring—espe- 
cially the one in a movable-coil meter or the one 
connected to the balance wheel of a watch or 
clock. 

hair-trigger Pertaining to extreme sensitivity of re- 
sponse, such as the tendency of a switching de- 
vice to change state when excited by a weak 
pulse. 

hair wire 1. An extremely thin wire filament in a 
lamp or bolometer. 2. Very small gauge wire (e.g., 
#44). 

hal Abbreviation of HALOGEN. 

half-add The sum of two binary digits, in which the 
carry operation is omitted. Thus0+0=0,0+1= 
1,1+0=1,and1+1=0. 

half-adder In digital systems, an adder circuit that 
can handle the two binary bits that are to be 
added, but that cannot accommodate a carry sig- 
nal. Compare FULL ADDER. 
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half-bridge A bridge rectifier that has diodes in two 
arms and resistors in the other two. 

half-cell A voltaic cell consisting of a single elec- 
trode immersed in an electrolyte and having a 
definite difference of potential; it is, in effect, half 
of a primary cell. Also see HELMHOLTZ DOUBLE 
LAYER. 

half-cycle Half of a complete alternation (i.e., 180 
degrees of phase). 

half-cycle magnetizer A magnetizer using half- 
cycles of rectified alternating current as the mag- 
netic-field source. 

half-duplex channel A communications channel 
in a HALF-DUPLEX SYSTEM. 

half-duplex system In data communications, a 
system that transmits data in both directions, 
but not simultaneously. Compare FULL-DUPLEX 
SYSTEM. 

half-lattice crystal filter A band-pass crystal- 
filter circuit using two piezoelectric crystals 
in a four-arm bridge. Also see CRYSTAL RES- 
ONATOR. 

half-nut In a facsimile receiver, a device that 
guides the lead screw. 

half-power point In a response curve or direc- 
tional pattern, such as for a selective filter or a 
unidirectional antenna, the points on each side of 
maximum at which the power is 3 dB below the 
peak value. 
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half-power width In a directional antenna system, 
an expression of beamwidth. It is usually listed as 
the horizontal-plane angle, in degrees, between 
the half-power points in the main lobe of the di- 
rective pattern. 

half-step 1. In audio engineering, the frequency 
interval between two sounds, whose ratio is 
1.06:1. 2. The difference in pitch between the 
notes produced by two adjacent keys on a 
piano. 

half tap A bridging circuit or device that can shunt 
another circuit with the least electrical distur- 
bance. 

half-track recorder A magnetic tape recorder that 
applies signals to both halves of a tape with a 
head that covers only half the tape's width in 
each of two directions. Also called dual-track 
recorder. 

half-track tape Magnetic tape recorded by a 
HALF-TRACK RECORDER. 

half-wave Half of a complete wave (i.e., a complete 
rise and fall in one direction). Its graphic repre- 
sentation is similar in appearance to that for a 
half-cycle. 

half-wave antenna An antenna whose radiator 
measures an electrical half wavelength from end 
to end. Such a radiator is about 5 percent less 
than a free-space half-wavelength long, because 
of capacitive effects and the velocity factor of the 
conductor. 

half-wave chopper A chopper that closes a circuit 
during only half the switching signal cycle. 

half-wave dipole A center-fed antenna whose radi- 
ator measures 0.5 electrical wavelength from end 
to end. Also see DIPOLE ANTENNA. 

half-wave doubler See HALF-WAVE VOLTAGE 
DOUBLER. 

half-wave feeder See HALF-WAVE TRANSMIS- 
SION LINE. 

half-wavelength Symbol 1/2. The distance that 
corresponds to 180 degrees of phase as an elec- 
tromagnetic (EM) field is propagated in free 
space, it is related to the frequency by a simple 
equation: 


La = 492/f 


where Lg represents 1/2 in feet, and f represents 
the frequency in megahertz. If 1/2 is expressed in 
meters, then the formula is: 


Lin = 150/f 


where Lm represents the displacement in meters. 
In general, if v is the velocity factor (expressed as 
a ratio) in a given medium, then: 


La = 492v/f 
and 
Lm= 150v/f 


Compare FULL WAVELENGTH, QUARTER 
WAVELENGTH. 
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half-wave loop antenna A loop antenna having a 
circumference of 0.5 wavelength with a break op- 
posite the feed point. It is, in effect, a HALF-WAVE 
DIPOLE bent into a circle or square (although any 
symmetrical configuration can be used). The cir- 
cle is the most efficient configuration. 


Gap 


M4 M4 


half-wave loop antenna 


half-wave radiator An antenna consisting of a sin- 
gle, usually straight, active element that mea- 
sures an electrical half wavelength from end to 
end. It is therefore a resonant element. A simple 
half-wavelength (1/2) conductor with a high 
length-to-diameter ratio measures approximately 
95 percent of 4/2 in free space. The element can be 
much shorter than free-space 1/2 yet remain 1/2- 
resonant if inductance is inserted in series with 
the radiator. The element can be much longer 
than free-space 1/2 yet remain A/2-resonant if dis- 
tributed capacitances are inserted in series with 
the radiator. 

half-wave rectification The conversion of alter- 
nating current (ac) to direct current (dc) during 
half of each ac cycle. Also see HALF-WAVE REC- 
TIFIER. 


+ 


Input Output 


half-wave rectifier 


half-wave rectifier A rectifier that delivers a half- 
cycle of direct-current (dc) output for every other 
half-cycle of applied alternating-current (ac) volt- 
age. Because the successive dc half-cycles are 
180 degrees apart, they have the same polarity. 
Compare FULL-WAVE RECTIFIER. 

half-wave transmission line A transmission line 
measuring 0.5 electrical wavelength at the trans- 
mission frequency. The physical length is some- 
what less than a free-space half wavelength 
because of the VELOCITY FACTOR of the line. 


half-wave vibrator A vibrator (see INTERRUPTER) 
whose reed operates against only one stationary 
contact. Compare FULL-WAVE VIBRATOR. 

half-wave voltage doubler A voltage-doubler cir- 
cuit whose direct-current (dc) output has a ripple 
frequency equal to that of the alternating-current 
(ac) supply. Although its output is harder to filter 
than that of a full-wave doubler, this circuit has 
the advantage of a common ground. Compare 
FULL-WAVE VOLTAGE DOUBLER. 


200 Vdc 


half-wave voltage doubler 


halide A compound of a HALOGEN. Examples: 
sodium iodide, used as a scintillating crystal; am- 
monium chloride, used as the electrolyte in a dry 
cell. 

halide crystal A halogen-compound crystal, such 
as mercuric iodide and sodium iodide, useful in 
detecting radioactivity. 

Hall coefficient For a current-carrying conductor, 
the constant relationship between the Hall 
(transverse electric) field and the magnetic flux 
density. 

Hall constant For a current-carrying conductor, 
the constant of proportionality k given by the 
equation k = e/(im), where e is the transverse 
electric field (Hall field), i is the current density, 
and mis the magnetic field strength. 

Hall effect A phenomenon observed in thin strips 
of metal and in some semiconductors. When a 
strip carrying current longitudinally is placed ina 
magnetic field that is perpendicular to the strip’s 
plane, a voltage appears between opposite edges 
of the strip that, although feeble, will force a cur- 
rent through an external circuit. The voltage is 
positive in some metals (such as zinc) and nega- 
tive in others (such as gold). Also see ETTING- 
HAUSEN EFFECT, NERNST EFFECT, and 
RIGHT-LEDUC EFFECT. 

Hall-effect modulator A device that uses the HALL 
EFFECT to modulate a signal, or to mix two sig- 
nals. 

Hall-effect multiplier A device based upon the 
Hall generator and used in analog mathematical 
operations, such as multiplication and the ex- 
traction of roots. 

Hall field The transverse electric field of a conduc- 
tor carrying current in a magnetic field. 
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Hall generator A semiconductor device exhibiting 
the HALL EFFECT. It is a thin wafer or film of in- 
dium antimonide or indium arsenide with leads 
on opposite edges. 


«—— Hall current 


Magnetic field 
perpendicular 
to ohmic 


Hall -effect 
element 


Control 
electrode 


contact 


Control current ——®> | | 


Hall generator 


Hall mobility For a conductor or semiconductor, 
the product of conductivity and the HALL CON- 
STANT. 

Hall network A resistance-capacitance null circuit 
whose general configuration is two cascaded 
high-pass tee-sections bridged by a high resis- 
tance. The circuit can be tuned with one poten- 
tiometer. 


RI 


C1 C2 C3 


Input Output 
R2 | R3 


Hall network 


Hallwacks effect The phenomenon (observed by 
Hallwacks in 1888) in which ultraviolet light 
falling on a polished zinc plate causes a nega- 
tively charged electroscope to which it is con- 
nected to discharge. 

hallucination In complex computers and artifi- 
cially intelligent systems, the generation or ap- 
pearance of data for no apparent reason. 

halo See AFTERGLOW and PERSISTENCE. 

halo antenna A horizontally polarized antenna, 
consisting of a circular half-wave dipole whose 
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ends are capacitance loaded. Commonly used at 
very high frequencies (VHP). 

halogen Abbreviation, hal. A group of five very ac- 
tive nonmetallic elements whose similar chemical 
properties put them in group VIIA of the periodic 
table; they are astatine, bromine, chlorine, fluo- 
rine, and iodine. 

Halowax A chlorinated naphthalene wax used as 
an impregnant for paper capacitors. Dielectric 
constant, 3.4 to 5.5. Resistivity, 10* to 10** ohm- 
cm. 

halt A stop during the execution of a computer 
program run, often resulting from a HALT IN- 
STRUCTION. 

halt instruction An instruction in a computer pro- 
gram that causes a break in the program’s execu- 
tion, as by BASIC’s STOP command, for example. 

ham Colloquialism for AMATEUR RADIO operator. 

ham radio See AMATEUR RADIO. 

Hamilton's principle Also called the principle of 
least action. Motion tends to occur in such a 
way that the integral of the product of kinetic en- 
ergy and elapsed time is minimal. 

hammer 1. The striking member in a WHEEL 
PRINTER. 2. The clapper in an electric bell or 
gong. 

hammer-and-wheel See WHEEL PRINTER. 

Hamming code An error-correction code used in 
some digital communications circuits. 

hand capacitance Also called body capacitance. 
Capacitive coupling effects between a circuit and 
the human body (e.g., as evidenced between an 
operator's hand and a device having extremely 
high impedance and poor grounding and/or 
shielding). 

hand generator An electric generator operated by 
turning a hand crank. 

handheld computer Also called personal digital 
assistant (PDA) or palmtop computer. The names 
PalmPilot and Palm are proprietary (Palm Com- 
puting, Inc.) and refer to specific families of hand- 
held computers, although they might someday 
become generic and refer to handheld computers 
in general. A battery-powered portable computer, 
smaller than a notebook computer, and used 
for simple tasks such as note-taking and 
record keeping. Some units incorporate wireless 
modems for connection to the Internet. Others in- 
clude paging, wireless fax, videoconferencing ca- 
pability, remote-control capability, and other 
features. Many units can recognize a specialized 
form of handwriting so users can enter data with 
a penlike device called a stylus. 

Handie-Talkie Abbreviation, HT. Tradename for a 
portable transceiver small enough to be held in 
the hand during operation. 

hand key Also called brass pounder. An old- 
fashioned, hand-operated telegraph key, oper- 
ated by manual downward pressure. 

handoff In cellular communications networks, the 
changeover of reception from, and transmission 
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to, a mobile or portable set from one repeater to 
another as the subscriber moves from one cell 
into another. When the subscriber is moving 
rapidly—for example, driving along a freeway, 
such transfers occur relatively often. When a 
subscriber is moving slowly, for example, walking 
along a trail, such transfers occur rarely. When a 
subscriber is in a fixed location, such transfers 
do not normally occur. 

hand-operated device A device manipulated di- 
rectly and manually by the operator’s hand(s). 
Also called manual device. 

hand receiver 1. A single earphone that must be 
held against the ear. 2. A telephone receiver. 

hand rules See FLEMING'S LEFT-HAND RULE, 
FLEMING’S RIGHT-HAND RULE, and RIGHT- 
HAND RULE FOR WIRE. 

handset See CRADLEPHONE. 

handshaking 1. A controlled, periodic exchange of 
synchronizing pulses between a digital transmit- 
ter and receiver. 2. In a digital communications 
system, a method of error correction. The receiver 
detects nonstandard or improbable character se- 
quences, and instructs the transmitter to repeat 
them for double-checking. 

hand-type pointer In an electric meter, a spear- 
like pointer (resembling the hand of a clock), as 
opposed to a knife-edged pointer. 

hand-wired Pertaining to electronic equipment 
wired by hand, rather than being assembled on 
printed-circuit boards. This form of construction 
is rarely seen nowadays, except in some radio- 
frequency power amplifiers. 

hang AGC An automatic-gain-control (AGC) circuit 
whose action is sustained for a brief interval after 
an actuating signal has passed, an advantage in 
some applications. Also called fast-attack/slow- 
release AGC. 

hangover In sound operations, the blurring or 
smearing of low-frequency (bass) notes by a 
poorly damped or poorly mounted loudspeaker. 

hangup 1. In phonograph operation, the state in 
which the same material is played repetitiously 
(i.e., the stylus does not move toward the spin- 
dle). 2. In digital-computer operations, an unex- 
pected break during a program run as a result of 
software or hardware failure. Sometimes called 
UNEXPECTED HALT. 

H antenna See LAZY-H ANTENNA. 

hard copy 1. In digital computer operations, a 
readable document (printout) of material being 
translated to a form understood by a computer. 
2. Generally, written or typed documents, as op- 
posed to data on other media, such as diskettes, 
tapes, CD-ROM, etc. 

hard disk An electromechanical data storage me- 
dium commonly used in personal computers. 
Consists of several rigid disks, called platters, 
coated with ferromagnetic material. 

hard-drawn wire High-tensile-strength unan- 
nealed wire. 


hard dump See HARDWARE DUMP. 

hard magnetic material High-retentivity magnetic 
material. Also see RETENTIVITY. 

hardness 1. The property that causes a material to 
resist penetration, deformation, scratches, etc. 2. 
The penetrative ability of ultraviolet rays, X rays, 
or other ionizing radiation. Generally, the radia- 
tion hardness increases as the wavelength de- 
creases, and as the photon or particle energy 
increases. 

hardness tester A device for measuring the hard- 
ness of a solid in terms of the force required to 
penetrate its surface. Also see HARDNESS, 1. 

hard radiation In general, any radiation with high 
penetrating power. Usually, this term is used in 
reference to short-wavelength (high-energy) ultra- 
violet rays or X rays. 

hard solder Solder that melts at a comparatively 
high temperature. Compare SOFT SOLDER. 

hard vacuum A nearly perfect vacuum, that is, a 
medium essentially devoid of atomic or sub- 
atomic particles. 

hardware 1. Collectively, electronic circuit compo- 
nents and associated fittings and attachments. 2. 
In a computer system, the electronic and elec- 
tromechanical components (e.g., integrated cir- 
cuits, keyboards, and disk drives) associated with 
operation. Compare SOFTWARE. 

hardware availability ratio A figure depicting the 
availability of a computer system to do productive 
work; as a percentage, it is given by the formula: 


A= 100(ta — td)/ta, 


where A is the availability ratio, ta is the opera- 
tional time, and td is the downtime over a speci- 
fied time period. 

hardware check A check on data being transferred 
within a computer, as done by hardware (e.g., a 
parity check). 

hardware cloth A finely woven wire screen some- 
times used in place of a metal plate for an an- 
tenna element, an antenna reflector, or a shielded 
enclosure. Especially useful when free-air circu- 
lation is required. 

hardware dump During a computer program run, 
data sent to a storage device for later evaluation; 
it occurs at the time of a failure. Also called AU- 
TOMATIC HARDWARE DUMP. 

hardware engineer A person who designs and per- 
fects the actual electronic circuitry in a system. 
The hardware engineer is not involved with the 
programming of the system. 

hardware recovery A computer system’s ability 
(through software or hardware) to recover from a 
failure (i.e., to proceed from the point of failure). 

hardware serviceability ratio See HARDWARE 
AVAILABILITY RATIO. 

hardwire 1. To construct a circuit for direct-current 
conductivity. 2. A circuit exhibiting direct-current 
conductivity over a complete, closed path. 

hard-wire telemetry See WIRE-LINK TELEMETRY. 
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hard wiring 1. In computer systems, functions or 
programs built directly into the machine hard- 
ware. In order to alter such functions or pro- 
grams, the system wiring and/or components 
must be physically changed. 2. A system inter- 
connected entirely by wires and cables, and using 
no free-space links, such as radio or infrared. 

hard X rays High-frequency (shortwave) X rays. 
Such radiation has high penetrating power. Com- 
pare SOFT X RAYS. 

harmonic 1. Symbol, H. In a complex sound or sig- 
nal wave, a component whose frequency is a mul- 
tiple of the FUNDAMENTAL FREQUENCY by a 
whole-number factor of 2 or more. 2. Pertaining 
to whole-number multiples of the FUNDAMEN- 
TAL FREQUENCY of a sound or signal, as defined 
in 1. 
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harmonic accentuation Increasing the amplitude 
of harmonic components in a complex wave using 
filters, amplifiers, or special modes of operation. 

harmonic accentuator A circuit or device, such as 
a harmonic amplifier or bandpass filter, for em- 
phasizing signal harmonics. 


harmonically related bands In communications, 
frequency bands arranged so that the frequencies 
in one band are harmonics of the frequencies in 
another band. An example of bands that are pre- 
cisely related in this way are 4.1 to 4.3 MHz and 
8.2 to 8.6 MHz. Various amateur radio bands are 
harmonically related to some extent, such as 40 
meters (7.0 to 7.3 MHz) and 20 meters (14.0 to 
14.35 MHz). 

harmonic amplifier An amplifier, such as one 
used with a frequency standard, used to increase 
the amplitude of weak harmonics. Also see HAR- 
MONIC ACCENTUATION. 

harmonic analysis 1. The evaluation of the har- 
monic content of a complex wave. See, for exam- 
ple, HARMONIC WAVE ANALYZER; SCHEDULE 
METHOD, 2; SPECTRUM ANALYZER; and WAVE 
ANALYZER. 2. See FOURIER ANALYSIS. 

harmonic analyzer See HARMONIC WAVE ANA- 
LYZER, SPECTRUM ANALYZER, and WAVE ANA- 
LYZER. 

harmonic antenna An antenna operated at a har- 
monic of the lowest frequency at which it is reso- 
nant. For example, a half-wave dipole cut for 7.0 
MHz, but used for transmitting and receiving at 
21.0 MHz, is functioning at the third harmonic. 

harmonic attenuation Reduction of the amplitude 
of harmonic components in a complex wave using 
filters, tuned amplifiers, or special modes of oper- 
ation. 

harmonic attenuator A circuit, device, or method 
of operation (such as a filter, tuned amplifier, 
special biasing, or special bypassing) for reducing 
the amplitude of harmonics. 

harmonic component See HARMONIC. 

harmonic composition See HARMONIC DISTRI- 
BUTION. 

harmonic content The amount of harmonic 
energy present in a complex wave. Also see 
HARMONIC-DISTORTION PERCENTAGE and 
HARMONIC RATIO. 

harmonic-cut crystal Also called overtone crystal. 
A quartz crystal that, when operated in the 
proper circuit, oscillates at a harmonic of the 
(fundamental) frequency dictated by its thick- 
ness. 

harmonic detector A detector tuned to respond to 
a harmonic of a signal. 

harmonic distortion 1. The generation of har- 
monics by the circuit or device by which the sig- 
nal is processed. 2. The deformation of the 
original signal that results from the action de- 
scribed in 1. 3. The disproportionate reproduc- 
tion of a signal’s harmonic components. 

harmonic distortion meter See DISTORTION ME- 
TER. 

harmonic-distortion percentage In a signal con- 
taining harmonics, the harmonic energy as a per- 
centage of the total signal energy (fundamental 
plus all harmonics). Also called total harmonic 
distortion (THD). 
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harmonic distribution For a given signal, the vari- 
ous frequencies and amplitudes of its harmonics, 
specified within a certain range of frequencies. 

harmonic elimination The complete removal of 
one or more harmonics from a complex wave us- 
ing a filter or special mode of operation. 

harmonic eliminator A circuit or device, such as a 
band-suppression filter, for removing harmonics. 

harmonic filter 1. A bandpass filter for transmit- 
ting one or more harmonics of a complex input 
wave. 2. A band-suppression filter for removing 
one or more harmonics of a complex input wave. 

harmonic frequency 1. In a complex wave, the 
frequency of a component that is a multiple of 
the FUNDAMENTAL FREQUENCY by a whole- 
number factor of two or more. 2. A frequency that 
is a whole-number (two or more) multiple of an- 
other frequency to which it is referred. Compare 
NONHARMONIC FREQUENCY. 

harmonic generator 1. An oscillator operated so 
that it generates strong harmonics of the funda- 
mental frequency. 2. See FREQUENCY MULTI- 
PLIER. 3. See HARMONIC AMPLIFIER. 

harmonic intensification See HARMONIC AC- 
CENTUATION. 

harmonic intensifier See HARMONIC ACCENTU- 
ATOR. 

harmonic interference Interference resulting 
from the harmonics of radio or test signals. 

harmonic motion Periodic motion typified by a 
swinging pendulum and illustrated by the plot of 
a sine wave. 

harmonic oscillator A crystal oscillator whose 
output frequency is a harmonic of the crystal fre- 
quency. 

harmonic percentage See HARMONIC-DISTOR- 
TION PERCENTAGE. 

harmonic producer 1. An oscillator that uses a 
tuning fork to establish the fundamental fre- 
quency. The output can be an odd or even har- 
monic of this frequency. 2. See FREQUENCY 
MULTIPLIER. 3. A nonlinear circuit used in a cal- 
ibrator to generate markers at integral multiples 
of the fundamental frequency. 

harmonic ratio 1. In a complex wave, the ratio of 
harmonic energy to total signal energy (funda- 
mental plus all harmonics). 2. In a complex wave, 
the ratio of harmonic energy to fundamental- 
frequency energy. 

harmonic reducer See HARMONIC ATTENUATOR. 

harmonic reduction See HARMONIC ATTENUA- 
TION. 

harmonic resonance Resonance of an antenna or 
a circuit at a whole multiple of the applied signal 
frequency. 

harmonic ringing In wire telephony, the use of 
alternating-current signal harmonics for selective 
ringing. 

harmonic series of tones A set of audio-frequency 
tones in which the frequencies can be specified by 
$, 2f, 3f, 4f, and so on. 


P 


harmonic suppression See HARMONIC ELIMINA- 
TION. 

harmonic suppressor See HARMONIC ELIMINA- 
TOR. 

harmonic tolerance The harmonic content per- 
missible in a given system. 

harmonic totalizer An instrument for measuring 
total harmonic distortion. See, for example, DIS- 
TORTION METER. 

harmonizer A circuit that changes the frequency 
of an audio signal, or produces an output at sev- 
eral audio frequencies from an input having only 
one audio frequency. Used in sound recording for 
special effects. 

harness A tied bundle of wires or cables for wiring 
electronic equipment. 

harp antenna A vertical antenna consisting of a 
number of wires that fan out from point to point 
along a horizontal supporting wire. 

hartley A unit of digital information equivalent to 
3.32 bits. Used in certain computer applications. 

Hartley oscillator A radio-frequency (RF) oscilla- 
tor that uses a single inductor with a tap on the 
windings to provide the feedback. The amount of 
feedback is controlled by the position of the coil 
tap. A variable capacitor in parallel with the in- 
ductor determines the oscillating frequency and 
allows for frequency adjustment. The circuit uses 
about 25 percent of its output power to produce 
feedback. The other 75 percent of the power can 
be delivered to external circuits or devices. Com- 
pare COLPITTS OSCILLATOR. 


Hartley oscillator 


hash 1. Electrical noise, especially wideband noise 
with a characteristic hissing sound in a radio re- 
ceiver. 2. Undesirable or purposefully meaningless 
information, as used in a hash total (checksum). 

hash filter A radio-frequency filter for eliminating 
HASH noise in a radio receiver. 

hassium Symbol, Hs. Also called unniloctium 
(Uno). Atomic number, 108. The most common 
isotope has atomic weight 265. Classified as a 
transition metal. It is human-made and not 
known to occur in nature. 
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hat 1. Also called capacitance hat. A small disk or 
set of wires attached to the end(s) of an antenna 
radiator, lowering the resonant frequency and in- 
creasing the usable bandwidth. 2. A procedure 
for randomizing data. 

hash total See CHECKSUM. 

hatchdot pattern A television test pattern consist- 
ing of a crosshatch pattern with dots around its 
outer edges and one dot at its center. 

hatted code A form of code in which randomiza- 
tion is used to maximize the difficulty of breaking 
the code. 

Hay bridge An alternating-current bridge for mea- 
suring the inductance and Q of an inductor in 
terms of resistance, frequency, and a standard 
capacitance. 


Inductance 
balance 


Q Balance 


Hay bridge 


haywire Loose, disorderly, or apparently careless 
wiring. 

haz Abbreviation of HAZARD. 

hazard Abbreviation, haz. A dangerous or poten- 
tially dangerous circuit, device, material, method, 
situation, or system (e.g., electric-shock hazard). 

H beacon A form of homing beacon with an omni- 
directional radiation pattern and a radio- 
frequency output of between 50 W and 2 kW. 

H bend See H-PLANE BEND. 

HCD Abbreviation of hard-copy device. 

HCM Abbreviation of HALF-CYCLE MAGNETIZER. 

HDB-3 code Abbreviation of HIGH-DENSITY 
BIPOLAR-3 CODE. 

HDF Abbreviation of HIGH-FREQUENCY DIREC- 
TION FINDER. 

HDTV Abbreviation of HIGH-DEFINITION TELEVI- 
SION. 

H-display See H-SCAN. 

He Symbol for HELIUM. 

head 1. The top or operating portion of a device 
(e.g., microphone head or dynamic-speaker 
head). 2. In magnetic recording and reproduc- 
tion, the magnetic device (transducer) that deliv- 
ers or picks up recorded impulses. 3. In a hard 
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disk or diskette drive, a transducer that delivers 
and picks up recorded data. 

head alignment 1. Positioning the cone of a dy- 
namic speaker so that the voice coil moves freely 
(i.e., without rubbing against the core). 2. Posi- 
tioning a magnetic-recorder head so that a proper 
relationship to the moving tape is maintained. 

head amplifier A self-contained amplifier or pre- 
amplifier in the head of a microphone or sound- 
on-film pickup. 

head degausser A device used for the purpose of 
demagnetizing the head of a tape recorder. Un- 
wanted magnetization can build up because of 
direct-current components in the driving signal. 

head demagnetizer See HEAD DEGAUSSER. 

head end Ina television network or system, the lo- 
cation from which signals are sent to subscribers. 

header 1. A (usually glass) disk or wafer through 
which one or more leads pass and to which they 
are fully sealed. Can be used as the terminal base 
of an enclosed plug-in unit, such as a miniature 
coil, filter, or similar components. Also see 
GLASS-TO-METAL SEAL. 2. A data set placed be- 
fore other sets as a means of identifying them 
and, possibly, including control data pertinent to 
the sets so identified. 

header capacitance Capacitance between or 
among the leads in a header (see HEADER, 1). 

header label A header recorded on a magnetic tape 
file (see HEADER, 2). 

head gap 1. In computer disk or tape drives, the 
distance between the head and the magnetic 
medium. 2. In audio operations, the spacing be- 
tween tape-unit head electrodes; also called gap 
width. 

heading The direction taken by a vehicle with ref- 
erence to some point (such as a radio beacon, 
true north, or magnetic north). 

headlight In radar operations, a small rotating an- 
tenna. 

headphone A small acoustic transducer worn 
against the ear for listening to music without dis- 
turbing others, or for monitoring live or recorded 
material without being disturbed by noise in the 
environment. Also see RECEIVER, 2. 

headphone amplifier An audio-frequency ampli- 
fier designed and operated primarily to supply a 
signal to headphones. 

headphone receiver A portable radio receiver, 
usually for AM and/or FM broadcast, consisting 
of a pair of headphones or a headset with the ra- 
dio built into it. 

head room 1. In a high-fidelity sound system, the 
extent, measured in decibels, to which an ampli- 
fier can be operated beyond the zero point on its 
volume-unit (VU) meter without causing objec- 
tionable distortion on sound peaks. 2. In tape 
recording, the region between the maximum 
recording level specified by the manufacturer of 
the equipment, and the amplitude at which tape 
overload occurs. It is specified in decibels. 


5059F-pH-326-351 4/10/01 9:00 AM Page 334 


334 headset + heat therapy 


headset An assembly consisting of one or two ear- 
phones, a headband, and a flexible cord. Also see 
HEADPHONE and RECEIVER, 2. 

head stack In magnetic recording, an assembly of 
two or more heads for multitrack service. Also see 
HEAD, 2. 

head station See BASE STATION. 

head-to-tape contact In magnetic-tape recording 
or playback, physical contact between the tape 
and the head. 

hearing aid A miniature audio-frequency device 
that amplifies sound for people with impaired 
hearing. It consists of a microphone, a high-gain 
amplifier, and an earphone or bone-conduction 
transducer. 

hearing-aid battery A physically small battery de- 
signed for use with hearing aids. Such a battery 
is usually of the lithium type, or some other type 
that has long life under conditions of low current 
drain. 

hearing loss A measure of hearing impairment. 
Generally expressed as the ratio, in decibels, of 
an individual's threshold of hearing to the normal 
threshold of hearing. Also see AUDIOLOGIST, 
AUDIOMETER, and AUDIOMETRIST. 

heart fibrillation A condition in which the heart 
muscle twitches at random, rather than pumping 
blood normally. This can be caused by an electric 
shock through the heart of 100 mA to 300 mA. If 
normal heart function is not restored, death will 
follow. 

heart pattern See CARDIOID PATTERN. 

heart telemetry See ECG TELEMETRY. 

heat A form of energy transferred by conduction, 
convection, or radiation between two bodies hav- 
ing different temperatures. The amount of heat is 
expressed in degrees, British thermal units, calo- 
ries, joules, or kelvins. 

heat aging 1. The degeneration of a substance, ag- 
gravated by high temperatures. 2. A test that 
indicates the immunity of a substance to 
degeneration because of high temperatures. 

heat coil A device that disconnects a circuit when 
the temperature reaches a certain minimum 
level. 

heat detector A sensor of heat. See, for example, 
BOLOMETER, INFRARED DETECTOR, MICRO- 
RADIOMETER, RADIOMETER, THERMISTOR, 
THERMOCOUPLE, and THERMOPILE. 

heated-pen recorder See THERMAL RECORDER. 

heated-stylus recorder See THERMAL RE- 
CORDER. 

heated-wire flowmeter See HOT-WIRE FLOWME- 
TER. 

heated-wire sensor A hot wire used to discrimi- 
nate between substances, according to how they 
affect its heating. See, for example, GAS DETEC- 
TOR (also usable as a vacuum gauge), HOT-WIRE 
ANEMOMETER, and HOT-WIRE MICROPHONE. 

heat engine A machine that converts heat energy 
into mechanical energy. 


P 


heater 1. The filament of an indirectly heated vac- 
uum tube. 2. The filament in an indirectly heated 
thermistor. 

heater-voltage coefficient The amount of fre- 
quency change per volt of fluctuation in the fila- 
ment voltage of a Klystron. 

heat exchanger A device or system that removes 
heat from a hot body and transfers it to another 
body or to the surrounding air. 

heat-eye tube An infrared-sensitive device used 
for the purpose of locating objects in visible dark- 
ness. The tube consists of a cathode-ray device 
that is sensitive to infrared radiation. 

heat gradient The temperature difference between 
two points on a body, divided by the distance be- 
tween the two points. 

heating depth See DEPTH OF HEATING. 

heating effect The production of heat (power loss) 
by electric current flowing in a conductor. 

heating element 1. See HEATER. 2. The resis- 
tance element (such as a strip or coil) that gener- 
ates heat in an electric-heating device. 

heat loss 1. Heat emitted by conduction, convec- 
tion, or radiation from a body at a relatively high 
temperature. 2. Power loss as a result of the heat- 
ing effect of an electric current. 

heat of fusion The amount of heat required to melt 
a unit mass of a solid that has reached its melt- 
ing point. 

heat of radioactivity Heat generated during the 
process of radioactive disintegration. 

heat of reaction In a chemical or electrochemical 
reaction, the heat (in calories) absorbed or re- 
leased. 

heat of vaporization The amount of heat required 
to convert 1 gram of a liquid to a vapor without 
raising its temperature. 

heat radiator See HEATSINK. 

heat rays See INFRARED RAYS. 

heat remover 1. See HEATSINK. 2. A forced-air or 
forced-liquid cooling system. 

heat-resistant glass See PYREX. 

heat-sensitive resistor See THERMISTOR. 

heat-sensitive switch A make-and-break device, 
such as a thermostat, that is actuated by a 
change in temperature. 

heat-shrink tubing An insulated flexible sleeving 
made from a plastic that shrinks permanently for 
a tight fit when heated; it is commonly used at the 
joint between a cable and connector. 

heatsink A heat exchanger in the form of a heavy, 
metallic mounting base or a set of radiating fins. 
It conducts heat away from such devices as 
power transistors, heavy-duty resistors, or power 
tubes, and dissipates the heat into the surround- 
ing environment via convection and radiation. 

heatsink resistance The opposition offered by a 
heatsink to the flow of heat. 

heat therapy 1. The use of radio-frequency heating 
for therapeutic purposes. Also see DIATHERMY. 2. 
The use of infrared rays for therapeutic purposes. 


5059F-pH-326-351 4/10/01 9:00 AM Page 335 © 


Radiation Radiation 


ATATAVATAT Convection ATAVAVATAT 


Heat-generating 


components Chassis 


heatsink 


heat transfer The movement of heat from one 
point to another by absorption, conduction, con- 
vection, or radiation. 

heatronic Pertaining to the heating of a dielectric 
material subjected to a high voltage. 

heat unit 1. See BRITISH THERMAL UNIT. 2. See 
CALORIE. 3. See KELVIN. 

heat waves See INFRARED RAYS. 

heat writer See THERMAL RECORDER. 

Heaviside-Campbell bridge A form of mutual- 
inductance bridge. Mutual inductance is deter- 
mined without regard to the operating frequency. 

Heaviside layer See KENNELLY-HEAVISIDE 
LAYER. 

heavy hydrogen An isotope of hydrogen. The term 
is applied to deuterium, whose nucleus consists 
of one proton and one neutron, and also to tri- 
tium, whose nucleus consists of one proton and 
two neutrons. 

heavy metal A metal having a specific gravity of 
5.0 or higher. Examples: iron (7.85 to 7.88), lead 
(11.3), nickel (8.6 to 8.9), mercury (13.6), plat- 
inum (21.4). 

heavy water Formula, D20. Water in which deu- 
terium (HEAVY HYDROGEN), rather than ordi- 
nary hydrogen has combined with oxygen. 

hecto- Abbreviation, h. A prefix meaning hun- 
dred(s), (i.e., 107). 

hectometric wave An electromagnetic field whose 
wavelength is on the order of hundreds of meters 
(i.e., at least 100 meters, but less than 1000 me- 
ters). The frequency ranges from 300 kHz to 3 
MHz. 
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hectowatt Abbreviation, hW. A unit of power equal 
to 100 watts. Seldom used; power in this range is 
usually expressed in terms of the WATT or the 
KILOWATT. 

heelpiece A part of an electronic relay that pro- 
vides mechanical support for the armature. 

Hefner candle A unit of luminous intensity equal 
to 0.9 candela; the standard (German) is the 
HEFNER LAMP. 

Hefner lamp A standard light source whose lumi- 
nous intensity is 0.9 candela. It burns amyl ac- 
etate (banana oil) and its flame has been the 
standard of the HEFNER CANDLE, a unit of lu- 
minous intensity devised in Germany. Also see 
CANDLE POWER and LUMINOUS INTENSITY. 

height control In a television receiver circuit, the 
potentiometer or rheostat that controls the verti- 
cal dimension of the picture by varying the ampli- 
tude of vertical scanning pulses. 

height finder An altitude-measuring radar sys- 
tem. 

height-position indicator Abbreviation, HPI. A 
radar displaying the height of a target, its angular 
elevation, and the slant range. 

Heil oscillator An oscillator based on a special 
tube consisting of a heated cathode, first anode, 
metal cylinder, and second anode. Electrons 
emitted by the cathode pass through a hole in the 
first anode and become a beam, which passes 
through the cylinder and strikes the second an- 
ode (collector). Electron bunching in the cylinder 
causes energy to be transferred to a tank circuit 
between the cylinder and anodes. 


Electron 
Cylinder beam 


Anode 1 
Anode 2 


Heil oscillator 


Heisenberg uncertainty principle See UNCER- 
TAINTY PRINCIPLE. 

hekto- See HECTO-. 

heliacal cycle See SUNSPOT CYCLE. 

helical antenna A spring-shaped antenna mounted 
perpendicular to a flat metal-plate reflector, an ar- 
rangement that produces circularly polarized 
waves in a narrow beam. It is used primarily at 
ultra-high and microwave radio frequencies. 
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helical-beam antenna See HELICAL ANTENNA. 

helical line The helix in a backward-wave oscilla- 
tor or traveling-wave tube. 

helical potentiometer A potentiometer whose re- 
sistance element is a wire wound into a coil of 
several turns. The slider moves over the wire (or 
the larger coil) from one end to the other as the 
slider or coil is turned through several complete 
revolutions. Also called MULTITURN POTEN- 
TIOMETER. 

helical scanning Radar scanning by an antenna 
that moves vertically as it moves horizontally, 
producing a spiral motion to the radiated beam. 

helical sweep See SPIRAL SWEEP, 1, 2. 

helical transmission line See HELICAL LINE. 

helicone An antenna used at ultra-high and mi- 
crowave frequencies, consisting of a helical radia- 
tor within a cone-shaped reflector. 


Feed point 


Helix 


Reflecting 
cone 


Signal 


helicone 


helionics The science of converting solar heat into 
electrical energy. The term is an acronym from 
helio- (pertaining to the sun) and electronics. 

heliostat 1. A servo-controlled motor-driven de- 
vice that drives a mirror to keep sunlight 
trained upon a specific target. 2. By extension, 
any similar device to keep a solar cell pointed to 
the sun. 

helitron A form of oscillator used at ultra-high and 
microwave frequencies. The output frequency is 
variable over a wide range. 

helium Symbol, He. A gaseous element. Atomic 
number, 2. Atomic weight, 4.0026. 

helium group The six inert gases in group O of the 
periodic table: argon, helium, krypton, neon, 
xenon, and radon. 

helium-neon laser A laser in which the lasing sub- 
stance is a mixture of helium and neon. Produces 
a characteristic brilliant red visible output. Also 
see HELIUM and NEON. 

helix 1. A single-layer coil. 2. That which is coil- 
shaped (i.e., spiral in configuration). 3. See HELI- 
CAL ANTENNA. 4. See HELICAL LINE. 

helix line See HELICAL LINE. 


helix recorder An information recorder using a 
spiral method of scanning. The recording 
medium is usually drum-shaped. 

Helmholtz coil A device consisting of two crossed- 
field primary windings in which an inductively 
coupled secondary winding rotates. The primary 
windings carry currents that differ in phase by 90 
degrees. Rotating the secondary coil provides 360 
degrees of continuously variable phase shift. 


Vo 


Output 


Input 


NIT 


Helmholtz coil 


Helmholtz double layer An intermolecular layer 
between a metal and an electrolyte in which it is 
immersed. It is formed when the adhesive force be- 
tween the metal and electrolyte decreases the sur- 
face tension of the metal, causing positive ions to 
migrate from the metal into the liquid. The metal, 
charged negatively, and the electrolyte, charged 
positively, form a capacitor whose dielectric is the 
Helmholtz layer. 

Helmholtz resonator An acoustic (sound) cham- 
ber whose geometry, in combination with the size 
of a small opening, results in resonance at a spe- 
cific frequency. 

HEM Abbreviation of hybrid electromagnetic (see, for 
example, HYBRID ELECTROMAGNETIC WAVE). 

hemimorphic Pertaining to an object with ends 
that have unlike faces. 

He-Ne laser See HELIUM-NEON LASER. 

henry Symbol, H. The standard unit of inductance. 
It is the inductance exhibited by a closed circuit 
in which one volt is produced by a current chang- 
ing uniformly at one ampere per second. This is a 
large unit of inductance; more common units are 
the MILLIHENRY and the MICROHENRY. 

hermaphroditic plug A plug that has the prongs of 
a male plug and the recessed contacts of a female 
plug. Compare FEMALE PLUG and MALE PLUG. 

hermetically sealed Constructed in manufacture 
so as to be permanently closed against the entry 
of air or other gases, dust, and moisture. 

hermetic seal A permanent, air-tight seal that ef- 
fectively prevents corrosion from elements in the 
outside environment. 

herringbone pattern A pattern of interference in a 
television picture, so named because of its resem- 
blance to the skeleton of a fish. 

Herschel-Quincke tube An acoustic device that 
demonstrates sound interference. The device has 
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two hollow cylinders, one of which can be ad- 
justed in length. At the far end of the apparatus, 
the cylinders are joined together. The resultant 
amplitude depends on the difference in length be- 
tween the cylinders. Sound wavelengths can be 
measured using this apparatus. 

hertz Abbreviation, Hz. The standard unit of fre- 
quency (of periodic phenomena, such as alternat- 
ing or pulsating currents); 1 Hz = 1 cycle per 
second. One Hz is an extremely small unit of fre- 
quency; more common units are the KILOHERTZ, 
the MEGAHERTZ, and the GIGAHERTZ. 

Hertz antenna An ungrounded halfwave antenna 
fed by a transmission line attached to one end or 
to the center of the radiator. See, for example, 
CENTER-FED ANTENNA and END-FED AN- 
TENNA. Compare MARCONI ANTENNA. 

Hertz effect [Ionization of a gas, produced by in- 
tense ultraviolet radiation. 

Hertzian antenna See HERTZ ANTENNA. 

Hertzian oscillator See HERTZ OSCILLATOR. 

Hertzian radiation Radiation of electromagnetic 
(radio) waves. 

Hertzian waves Electromagnetic waves in the ra- 
dio spectrum, with wavelengths longer than those 
of infrared, visible light, ultraviolet, X rays, or 
gamma rays. 

Hertz oscillator A damped-wave generator of os- 
cillations, used by Hertz in his demonstration of 
radio waves in 1888 (verifying the earlier predic- 
tion by James Clerk Maxwell). The oscillator con- 
tains a spark gap supplied by an induction coil, 
attendant coils, capacitors (in the prototype, Ley- 
den jars), and two large metal plates. 


so) 


From secondary 
of induction coil 


Hertz oscillator 


Hertz vector A single vector that specifies the elec- 
tromagnetic field (electric and magnetic compo- 
nents) of a radio wave. 

hesitation As distinct from a halt, a brief break in 
a computer program run during which internal 
operations are occurring, such as data transfer to 
a peripheral. 

heterochromatic Consisting of different frequen- 
cies, wavelengths, or colors. Compare MONO- 
CHROMATIC. 


heterodyne 1. To beat one alternating-current sig- 
nal against another to produce one or more beat- 
frequency signals. Also see BEAT FREQUENCY 
and BEAT NOTE. 2. The whistle produced when 
two signals very close in frequency are mixed ina 
radio receiver. 3. To combine radio signals in a 
mixer, the purpose of which is to produce a sum 
or difference signal for further processing. 

heterodyne detection 1. Signal detection by beat- 
ing the incoming signal against one produced by 
a local oscillator. In this way, an unmodulated 
signal is made audible (the beat note is an audio 
frequency). 2. Signal detection by a superhetero- 
dyne circuit. 

heterodyne detector 1. A detector that makes a 
radio-frequency (RF) signal audible by beating it 
against the RF signal of a local oscillator, the 
product being an audio-frequency (AF) beat note. 
2. The FIRST DETECTOR or SECOND DETEC- 
TOR in a SUPERHETERODYNE CIRCUIT. 3. A 
combination linear detector and local RF oscilla- 
tor used to detect and measure the frequency 
of test signals. Also see HETERODYNE FRE- 
QUENCY METER. 

heterodyne eliminator See WHISTLE FILTER. 

heterodyne filter See WHISTLE FILTER. 

heterodyne frequency The frequency of the signal 
obtained by beating one signal against another. 

heterodyne frequency meter A frequency- 
measuring device that contains a variable- 
frequency oscillator (VFO), a mixer, and an 
indicator such as an analog meter. The oscillator 
frequency is adjusted until zero beat is reached 
with the signal source. This condition is shown by 
a dip in the meter indication. An audio amplifier 
can be coupled to the output of the device instead 
of a meter; in this case the heterodyne appears as 
an audible tone whose frequency drops to zero 
when the oscillator frequency is equal to the 
signal frequency being measured. 

heterodyne method See HETERODYNE, 1. 

heterodyne oscillator A signal generator whose 
output is the beat product of outputs from two in- 
ternal oscillators. The output frequency can be ei- 
ther the sum or the difference of the oscillator 
frequencies, as selected by output filtering or 
tuning. See BEAT-FREQUENCY OSCILLATOR. 

heterodyne reception Radio reception (especially 
in telegraphy) by means of the beat-note process. 
Also see HETERODYNE DETECTION, 1 and HET- 
ERODYNE DETECTOR, 1. 

heterodyne repeater A REPEATER in which the 
received signals are converted to another fre- 
quency before transmission. 

heterodyne-type frequency meter See HETERO- 
DYNE FREQUENCY METER. 

heterodyne wave analyzer A type of audio- 
frequency (AF) wave analyzer. The input signal is 
heterodyned in a balanced modulator with the 
signal from an internal tunable oscillator. One of 
the resulting sidebands is passed through a 
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sharp bandpass filter, whose output actuates an 
alternating-current (ac) voltmeter. The internal 
oscillator is tuned slowly so that different compo- 
nents of the balanced-modulator output side- 
band pass successively through the filter. The 
amplitude-versus-frequency function of the input 
signal is determined by noting the meter readings 
as the internal oscillator is tuned. 

heterodyne wavemeter See HETERODYNE FRE- 
QUENCY METER. 

heterodyne whistle See HETERODYNE, 2. 

heterogeneous Pertaining to a group of objects or 
devices that have differing characteristics. 

heterogeneous radiation Any broadband form of 
radiation. In particular, broadbanded radio 
waves, infrared radiation, visible light, ultraviolet, 
X rays, or gamma rays. 

heterolysis The HYDROLYSIS of a compound into 
two oppositely charged ions. 

heteropolar generator An electric generator in 
which the active conductors move through mag- 
netic fields, first in one direction, then in the 
other direction. This is done by means of rotation 
in a nonuniform magnetic field. Most generators 
in common use are of this kind. 

heuristic knowledge In artificial intelligence (AD, a 
form of machine knowledge in which a computer 
learns from its mistakes. As a complex program is 
repeatedly run over a period of time, the number 
of errors per run approaches zero. 

heuristic program In artificial intelligence (AI), a 
program with which the computer solves a prob- 
lem by trial and error, often learning in the pro- 
cess so that mistakes will not be repeated on 
subsequent runs. 

Heusler’s alloys Ferromagnetic alloys that contain 
one or more non-magnetic metals (Such as alu- 
minum, copper, or manganese). 

hexadecimal number system An alphanumeric, 
base-16 system of number notation used in some 
computers. The system uses the usual digits plus 
the letters A through F to represent the numbers 
10 through 15 (each place can only hold one sym- 
bol). 

hex inverter A collection of six digital inverters, or 
NOT gates, contained within one package, usu- 
ally an integrated circuit. 

Hf Symbol for HAFNIUM. 

HF Abbreviation of HIGH FREQUENCY. 

Hg Symbol for MERCURY. 

HH beacon In radionavigation, a nondirectional 
homing beacon. 

hi 1. Contraction of HIGH. 2. Radiotelegraph sym- 
bol for a laugh, often verbalized by radio ama- 
teurs. 

HIC Abbreviation of HYBRID INTEGRATED CIR- 
CUIT. 

HIDM Abbreviation of | HIGH-INFORMATION 
DELTA MODULATION. 

hierarchical password protection Also called 
multilevel password protection. A security feature 


that prevents unauthorized use of a computer, 
network, or database. The password levels allow 
users various degrees of control over the host ma- 
chine. 

hi-fi 1. Contraction of HIGH-FIDELITY. 2. In video 
recording, the addition of sound having high fi- 
delity. 

high 1. Pertaining to a circuit point or condition at 
some potential above ground. 2. The logical digit 
1. 3. The condition of having relatively large mag- 
nitude (e.g., HIGH FREQUENCY and HIGH VOLT- 
AGE). 4. Pertaining to the upper portion of a 
range, as in HIGH BAND or HIGH FREQUENCY. 
5. Characterized by greater-than-normal re- 
sponse or performance, as in HIGH Q or HIGH FI- 
DELITY. 

high band 1. The higher or highest frequency band 
used in communications, testing, or processing, 
when several bands are available. 2. The very- 
high-frequency (VHF) television channels 7 
through 13. 3. The communications frequency 
range from about 144 MHz to about 170 MHz. 

high boost In sound recording and reproduction, 
the emphasis of high frequencies in an operating 
spectrum. Also called HIGH-FREQUENCY COM- 
PENSATION. 

high-C circuit A tuned circuit having high capaci- 
tance and low inductance at a given frequency. 
Such a circuit is characterized by high selectivity 
and low voltage. Compare HIGH-L CIRCUIT. Also 
see LC RATIO. 

high contrast In an image, a limited range of gray 
values between black and white, or a similar con- 
dition in a color image (overbright whites, little 
shadow detail). Also see CONTRAST. 

high definition In facsimile or television, a condi- 
tion of minute detail so that the original scene is 
faithfully reproduced. 

high-definition television Abbreviation, HDTV. A 
method of getting enhanced detail into a televi- 
sion (TV) picture and for obtaining better audio 
quality, compared with standard analog TV. 
There are several different schemes. The most no- 
ticeable feature is the crispness of the picture. 
This is vividly apparent in big-screen installa- 
tions, which have traditionally suffered from im- 
age blurring. A standard TV picture has 525 lines 
per frame, but HDTV systems can have more 
than twice that number. Another important dif- 
ference is that HDTV is digital; this minimizes 
susceptibility to interference. Interlacing is used 
in some systems. 

high-density bipolar-3 code A communications or 
digital code in which two logic highs (ones) can 
occur in sequence, without the need for an inter- 
vening logic low (zero) to separate them. 

high-efficiency linear amplifier A LINEAR AM- 
PLIFIER with higher operating efficiency than is 
obtainable with conventional class-B linear am- 
plifiers. Efficiencies on the order of 60% at 100% 
modulation are possible. 
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high-energy materials See HARD MAGNETIC MA- 
TERIALS. 

high-energy particle 1. A SUBATOMIC PARTICLE 
that has been given high velocity by a particle ac- 
celerator. 2. High-speed subatomic particles 
emitted by the sun during a solar flare, or arriv- 
ing from outer space. 

high-energy physics The discipline dealing with 
the characteristics, properties, and applications 
of HIGH-ENERGY PARTICLES. 

higher-order language See HIGH-LEVEL LAN- 
GUAGE. 

high fidelity Abbreviation, hi-fi. Pertaining to an 
audio-frequency system that is very faithful to 
the signal it is processing (i.e., one characterized 
by extremely low distortion and wide frequency 
response). 

high frequency Abbreviation, HF. Pertaining to 
frequencies in the 3- to 30-MHz band (wave- 
lengths from 10 to 100 meters). Also see RADIO 
SPECTRUM. 

high-frequency alternator A dynamo for generat- 
ing radio-frequency energy. 

high-frequency bias In a tape recorder, a high- 
frequency sinusoidal signal superimposed on the 
signal being recorded, for improving linearity and 
dynamic range. 

high-frequency compensation See HIGH BOOST. 

high-frequency converter See SHORTWAVE 
CONVERTER. 

high-frequency crystal See HARMONIC CRYS- 
TAL 


high-frequency direction finder Abbreviation, 
HDF. A direction finder operated at high radio fre- 
quencies (i.e., between about 3 MHz and 30 MHZ). 

high-frequency heating Electronic heating of ma- 
terials by high-frequency energy. See, for exam- 
ple, DIELECTRIC HEATING and INDUCTION 
HEATING. 

high-frequency resistance See RADIO-FRE- 
QUENCY RESISTANCE. 

high-frequency speaker See TWEETER. 

high-frequency trimmer 1. In older high- 
frequency communications receivers, a low-value 
variable capacitor operated in parallel with a usu- 
ally front-panel tuning capacitor to set the high- 
frequency end of the tuning range. See, for 
example, OSCILLATOR TRIMMER. 2. A small 
variable capacitor used in conjunction with a 
larger tuning capacitor, the function of which is 
to permit precision tuning of the larger device. 

high-impedance-state output current Pertaining 
to tests that ensure that an integrated circuit will 
not overload a bus line. 

high-impedance voltmeter A voltmeter having an 
input impedance of at least several megohms. 

high-information delta modulation A com- 
panded form of delta modulation, operating at 
comparatively low sample rate. 

high-L circuit A tuned circuit having high induc- 
tance and low capacitance at a given frequency. 
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Such a circuit is characterized by low selectivity 
and high voltage. Compare HIGH-C CIRCUTT. 
Also see LC RATIO. 

high-level audio signal An audio-frequency signal 
that has been preamplified (e.g., the output of a 
compact-disc player). Compare LOW-LEVEL AU- 
DIO SIGNAL. 

high-level input current 1. Pertaining to the test- 
ing of intertransistor leakage in an integrated cir- 
cuit (IC) having multiple emitter inputs. 2. The 
current into an IC input at minimum high-level 
voltage. 

high-level language Also called higher-order lan- 
guage. A computer programming language in 
which the operator is easily able to communicate 
with the machine. It generally serves as an inter- 
face between a human programmer and the MA- 
CHINE LANGUAGE. Examples are BASIC, C, 
C++, COBOL, and FORTRAN. 

high-level modulation In an amplitude-modula- 
ted transmitter, introduction of the audio at the 
final stage of radio-frequency amplification, per- 
mitting 100% modulation of the full-power signal. 


high-level modulation 


high-level output current 1. Pertaining to the 
testing of drive capability and fanout of an inte- 
grated circuit (IC). 2. The current flowing from an 
IC output when in the high state. 

high-level recovery Hardware recovery using data 
not involved in the failure, such as that on a mag- 
netic storage medium. Also see HARDWARE RE- 
COVERY. 

highlight 1. A bright area in a television picture. 2. 
In computer data processing, the defining or set- 
ting-off of a block of data (such as text), with the 
intention of relocating, editing, or deleting it. 

high-noise-immunity logic Abbreviation, HNIL. A 
form of bipolar digital logic designed for minimal 
sensitivity to noise. Also known as high-threshold 
logic (HTL). 

high order Descriptive of the relationship between 
bits or digits in a word or number. Of two digits, 
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the one holding the higher place value is the high- 
order digit (e.g., 2 is the high-order digit in 25). 

high-pass filter A combination of capacitance, in- 
ductance, and/or resistance, intended to produce 
large amounts of attenuation below a certain fre- 
quency and little or no attenuation above that fre- 
quency. The frequency at which the transition 
occurs is called cutoff. At cutoff, the power atten- 
uation is 3 dB with respect to the minimum at- 
tenuation. At frequencies above cutoff, the power 
attenuation is less than 3 dB. At frequencies be- 
low cutoff, the power attenuation is more than 
3 dB. The simplest circuit consists of a parallel 
inductor or a series capacitor. The inductance- 
capacitance (LC) circuit has a combination of par- 
allel inductors and series capacitors. In the 
resistance-capacitance (RC) circuit, resistors are 
substituted for the inductors. Compare BAND- 
PASS FILTER, BAND-REJECTION FILTER, LOW- 
PASS FILTER. 


FTE 


high-pass filter 


high-pass-filter method A method of measuring 
the total harmonic distortion (THD) percentage 
using a high-pass filter to separate the harmonics 
from the fundamental. The output voltage V, of 
the filter is compared with the input voltage V; 
then THD = 100V,/ V.. 

high-performance Pertaining to apparatus designed 
for continuous operation with maximum reliability. 

high-performance navigation system Acronym 
HIPERNAS. An electromechanical guidance sys- 
tem that is purely inertial and self-compensating. 

high-potential test A high-voltage test of insula- 
tion, in which the applied voltage is continuously 
increased until the breakdown point of the dielec- 
tric is reached. 

high-power rectifier A rectifier designed for high- 
voltage, high-current operation. 

high Q For a component or circuit, a high value for 
the ratio X/R (reactance to resistance). This is a 
relative term because a particular numerical 
value of Q, considered high in one situation, 
might be regarded as low under other circum- 
stances. Also see FIGURE OF MERIT. 

high-resistance joint In the wiring of electronic 
equipment, a joint or connection between con- 
ductors that is poorly made, thereby introducing 
a high resistance between the parts. 


high-resistance voltmeter A voltmeter having an 
input resistance of at least several megohms. 

high-speed carry In computer operation, a carry 
into a column causing a carry out, circumventing 
the usual intermediate adding circuit. 

high-speed diode See COMPUTER DIODE. 

high-speed flip-flop A flip-flop having short 
switch-on and switch-off time. 

high-speed oscilloscope An oscilloscope with excel- 
lent high-frequency and unit-function response. It 
can reproduce high-speed pulses faithfully. 

high-speed relay A relay with a short make or 
short break interval. 

high-speed transistor See SWITCHING TRANSIS- 
TOR. 

high tension Pertaining to utility power-transmis- 
sion lines on which there are very high voltages, 
typically 100 kilovolts (100 KV) or more. 

high-tension line A power-transmission line car- 
rying a very high voltage. It is generally used for 
the transfer of electric power over long distances. 

high-threshold logic See HIGH-NOISE-IMMUNITY 
LOGIC. 

high voltage 1. A voltage considerably higher than 
those ordinarily encountered in a particular ap- 
plication. The term is comparative; a few hundred 
volts might be considered high in one situation, 
but low in another. 2. In a cathode-ray tube, the 
voltage that accelerates the beam electrons. 3. In 
a television receiver, the picture-tube anode volt- 
age. 4. In a vacuum-tube power amplifier, the 
plate supply voltage. 

high-voltage probe A very-high-resistance probe 
for measuring high voltages with a low-range 
voltmeter. 

highway A path over which multiple signals are 
propagated using time-division multiplexing. 

HILAC Acronym for heavy-ion linear accelerator. 

hill-and-dale recording See VERTICAL RECORD- 
ING. 

hinged-iron instrument An alternating-current 
meter whose input transformer core is hinged in 
two parts. By means of a thumb trigger, the core 
can be opened, then closed around the current- 
carrying conductor that induces magnetism in the 
core; a secondary coil delivers current to the me- 
ter. Also called clamp ammeter or clamp voltmeter. 

HIPERNAS Acronym for HIGH-PERFORMANCE 
NAVIGATION SYSTEM. 

hipernick A high-permeability alloy of iron and 
nickel. 

hipot Contraction of high potential. See HIGH- 
POTENTIAL TEST. 

hiss 1. A high-pitched sound rich in sibilants (s, 
sh, and z sounds) produced by random high- 
frequency fluctuations in current. 2. The character- 
istic, high-pitched background noise (as in 1) 
accompanying super-regeneration. 3. Internally 
generated noise in a communications receiver, 
amplified by the audio-frequency stages and ap- 
pearing at the speaker or headphones. 
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hiss filter See HASH FILTER. 

hit 1. The occurrence of a lightning stroke at a spe- 
cific point on the ground. Also called direct hit. 2. 
The coincidence of two pulses. 

H lines Magnetic lines of flux. 

HLL Abbreviation of HIGH-LEVEL LANGUAGE. 

H network A network of five impedances: two con- 
nected in series between the upper input and 
output terminals, two between the lower input 
and output terminals, and one shunted between 
the junctions of the series-connected im- 
pedances. Also called H pad, balanced tee net- 
work, and balanced tee pad. 


H network 


Ho Symbol for HOLMIUM. 

hobby robot A robot intended for amusement and, 
sometimes, for education. Such robots often take 
humanoid form. Some are programmable, and 
can give demonstrations, play musical instru- 
ments, and do other complex routines. 

hockey-stick lead On a capacitor, resistor, or 
other component, a pigtail lead that is given a 
single crimp for easy insertion into a printed- 
circuit board. 

hodoscope An instrument consisting essentially of 
closely spaced ion counters, for studying the path 
of an ionizing particle. 

Hoffmann electrometer See BINANT ELECTRO- 
METER. 

hog horn A form of horn antenna used in mi- 
crowave applications. It is generally used in the 
feed system of a dish antenna. The horn opening 
points in the direction of the feed waveguide. 

hold 1. To retain data in a storage device after the 
data has been duplicated in another location or 
device. 2. A momentary halt of an operation or 
process. 3. In a television receiver, a control that 
stabilizes the vertical or horizontal synchroniza- 
tion. 

hold circuit 1. See HOLDING CIRCUIT. 2. Ina 
television receiver, the circuit associated with the 
hold control(s). Also see HORIZONTAL-HOLD 
CONTROL and VERTICAL-HOLD CONTROL. 

hold control See HORIZONTAL-HOLD CONTROL 
and VERTICAL-HOLD CONTROL. 
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hold current Symbol, In The minimum current 
that will keep a normally open relay closed or a 
normally closed relay open. 

hold electrode In a mercury switch, the electrode 
that is in permanent contact with the mercury. 

holding beam In an electrostatic cathode-ray stor- 
age tube, the electron beam that generates re- 
placement charges for those that were stored on 
the dielectric surface and then lost. 

holding circuit In an electromechanical relay, a 
separate circuit that, when energized, keeps the 
relay actuated. 

holding coil In an electromechanical relay, the ex- 
tra coil that is associated with the holding circuit. 

holding current 1. Current in the holding coil of a 
relay. 2. In a gas tube, the minimum current re- 
quired to maintain ionization. 

holding gun In an electrostatic cathode-ray stor- 
age tube, the electron gun that generates the 
holding beam. 

hold mode A condition in which the output state of 
a digital-logic circuit remains unchanged while 
the input signals are removed. 

hold-off voltage The highest voltage that can be 
applied to a flashtube without causing it to fire. 

holdover The flow of current through the ionized 
path created by an electric arc. 

hold time 1. The time permitted for a weld to 
harden in resistance welding. 2. In digital com- 
munications, the time for which a signal is main- 
tained at a certain input after changing state at 
another specified input. 

hole 1. In a semiconductor atom, the vacancy re- 
sulting from the loss of an electron. When an 
electron is lost, so is its negative charge, leaving 
an equivalent net positive charge. This charge, 
like that of an electron, can move as a current 
carrier. 2. The punched-out portion of a chassis 
or panel, through which wires can be passed or 
components mounted. 

hole conduction In a semiconductor material, 
electrical conduction as a result of HOLE CUR- 
RENT. 

hole current In a semiconductor material, the 
electrical current resulting from the movement 
of positive charge carriers (holes). Also see 
HOLE. 

hole density The degree of concentration of holes 
in a semiconductor. Also see HOLE. 

hole-electron pair In a semiconductor, a hole and 
a related electron. Each electron in the conduc- 
tion band has a counterpart in the valence band, 
a vacancy (HOLE) left by the movement of the 
electron to the conduction band. 

hole injection The creation of mobile holes in a 
semiconductor by applying an electric charge. 
Also see HOLE. 

hole injector 1. The emitter electrode of a bipolar 
pnp transistor. 2. The metal whisker of a point- 
contact diode having an n-type wafer. 3. The 
player of a forward-biased junction diode. 
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hole mobility The ease with which a hole moves 
within a semiconductor. Also see CARRIER MO- 
BILITY. 

hole storage See CARRIER STORAGE. 

hole storage factor In a bipolar transistor biased 
to saturation, the amount of storage charge 
caused by excess base current. 

hole trap Ina semiconductor, an impurity that can 
cancel holes by releasing electrons to fill them. 

hollow coil A coreless inductor. 

hollow conductor Tubing used as a low-loss con- 
ductor at radio frequencies. 

hollow core A core that is not solid throughout— 
especially one that has a central mounting hole. 

holmium Symbol, Ho. A metallic element of the 
rare-earth group. Atomic number, 67. Atomic 
weight, 164.93. Forms highly magnetic com- 
pounds. 

holocamera A camera for making holograms. Also 
see HOLOGRAM, 1 and HOLOGRAPHY. 

hologram 1. A wavefront recording made on pho- 
tographic film by the process of HOLOGRAPHY. 
By changing the frequency of the light transmit- 
ted, various magnifications of the image can be 
obtained. Produces a true three-dimensional im- 
age. 2. A visible, three-dimensional display pro- 
jected in the air or underwater by means of 
lasers. They are often used at outdoor music con- 
certs and other events. 

holography A method of producing a wavefront 
recording of an object illuminated by laser light. 
The result, an interference pattern, appears 
meaningless when viewed in ordinary diffuse 
light. But when a point source of illumination is 
used, especially a laser, an image appears that is 
convincingly three-dimensional. 

homeostasis The condition of being in static equi- 
librium. 

home station See BASE STATION. 

homing 1. Guidance by means of an electronic 
beacon. The vehicle maintains a course toward 
the beacon. 2. Guidance by means of some form 
of emission from a target object. The emission 
can be acoustic or electromagnetic energy. 

homing antenna A direction-finding antenna— 
especially one on a mobile vehicle. 

homing beacon A station radiating a beam for use 
in direction finding by mobile vehicles. 

homing device A receiving device mounted on a 
mobile vehicle, and that continuously indicates 
the direction of a selected transmitting station 
that is the vehicle’s destination. 

homing relay A stepping relay that returns to its 
starting position after each switching sequence. 
Also see STEPPING SWITCH. 

homing station See HOMING BEACON. 

homodyne reception See ZERO-BEAT RECEP- 
TION. 

homogeneous 1. Uniform in structure; similar at 
all points or locations. 2. Consisting of many 
identical elements. 


P 


homogous field A field whose lines of flux in one 
plane pass through a single point. 

homolysis The decomposition of a compound into 
a pair of neutral atoms or radicals. 

homomorphism A one-to-one correspondence be- 
tween the elements of two sets. 

homopolar Pertaining to the union of atoms of the 
same polarity; nonionic. 

homopolar generator A direct-current (dc) genera- 
tor whose poles have the same polarity, with re- 
spect to the armature. Thus, no commutator is 
necessary. 

homopolar magnet A magnet whose pole pieces 
are concentric. 

homunculus In artificial intelligence (AI), a com- 
puter or robot that exhibits characteristics of a 
living being; especially, an ANDROID. 

honeycomb coil A multilayer coil having a UNI- 
VERSAL WINDING. 

honeycomb winding See UNIVERSAL WINDING. 

honker Also called midrange speaker. A loud- 
speaker that favors the middle audio frequencies. 
Compare TWEETER and WOOFER. 

hood A light shield for a cathode-ray tube; it allows 
the screen to be viewed with a minimum of inter- 
ference from room light. 

Hooke’s law Strain is proportional to the stress 
that produces it, as long as the ELASTIC LIMIT is 
not exceeded. 

hook switch A switch that closes a circuit when a 
headset or handset is lifted from the resting posi- 
tion. The common telephone receiver uses such a 
switch. 

hook transistor A four-layer pnpn semiconduc- 
tor device, in which the outer p and n layers 
serve as emitter and collector, the inner n layer 
being the base. This places a p layer between 
the base and collector, resulting in a transistor 
that provides high alpha as a result of carrier 
multiplication by the additional junction in the 
collector layer. 

hookup See SCHEMATIC DIAGRAM. 

hookup wire Flexible, insulated wire used in the 
wiring of some electrical and electronic devices. 

hoop antenna See CAGE ANTENNA. 

hoot stop During a computer program run, a loop 
made evident by a sound signal. 

hop In long-distance radio communications, the 
transmission of a wave and its subsequent return 
to the earth from the ionosphere; it is of impor- 
tance mainly at low, medium, and high frequen- 
cies. 

hor Abbreviation of HORIZONTAL. (Also, H and 
horiz.) 

horiz Occasional abbreviation of HORIZONTAL. 
The usual form is hor; another alternate is H. 

horizon 1. For a specific location, the circle on the 
celestial sphere midway between the zenith (the 
point directly overhead) and the nadir (the point 
directly underfoot). 2. Also called visual horizon. 
The set of points, as viewed from a particular 
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location, where the sky and the earth appear to 
meet (i.e., the last visible part of the earth's sur- 
face from a given observation point). 3. Also 
called radio horizon. The set of points, from a par- 
ticular location at a given radio frequency, repre- 
senting the maximum communications range via 
the ground wave under normal conditions. Also 
see ARTIFICIAL HORIZON. 

horizontal 1. Pertaining to objects or effects in a 
plane perpendicular to a line connecting the 
zenith (the point directly overhead) and the nadir 
(the point directly underfoot). 2. Pertaining to 
that which is parallel to an assumed flat surface. 
3. Pertaining to width deflection on a cathode-ray 
tube. 

horizontal AFC In a television receiver circuit, au- 
tomatic frequency control (AFC) of the horizontal 
sweep. It keeps the receiver's horizontal scanning 
in step with that of the camera at the transmit- 
ting station. 

horizontal amplification Gain provided by the 
horizontal channel of a device, such as an oscil- 
loscope, cathode-ray electrocardiograph, or 
television receiver. Compare VERTICAL 
AMPLIFICATION. 

horizontal amplifier A circuit or device that pro- 
vides HORIZONTAL AMPLIFICATION. Compare 
VERTICAL AMPLIFIER. 

horizontal angle of radiation For an antenna, the 
direction of maximum radiation in the horizontal 
plane (see HORIZONTAL, 1), provided as an az- 
imuth angle measured clockwise from geographic 
north. 

horizontal angle of deviation In a communica- 
tions circuit, the angular difference, in degrees, 
between the compass direction from which a re- 
ceived signal arrives, and the great-circle path 
connecting the receiving station with the trans- 
mitting station. 

horizontal axis The axis that is parallel to an as- 
sumed horizontal surface (of the earth, for exam- 
ple) or the one so represented in a diagram. Also 
see X-AXIS. 

horizontal beamwidth In a directional antenna 
system, the angle, measured in the horizontal 
plane, between the half-power points in the major 
lobe. 

horizontal blanking See HORIZONTAL RETRACE 
BLANKING. 

horizontal-blanking pulse In a television signal, 
the rectangular pedestal-shaped pulse that oc- 
curs between the active horizontal lines to 
achieve horizontal retrace blanking. Compare 
VERTICAL-BLANKING PULSE. 

horizontal centering control See CENTERING 
CONTROL. 

horizontal channel The system of amplifiers, con- 
trols, and terminations that constitute the path of 
the horizontal signal in an equipment, such as an 
oscilloscope or graphic recorder. Compare VER- 
TICAL CHANNEL. 
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horizontal-convergence control In a color televi- 
sion receiver, the variable component for adjust- 
ing the horizontal dynamic convergence voltage. 

horizontal coordinates See CARTESIAN COORDI- 
NATES. 

horizontal deflection In a cathode-ray tube, the 
lateral movement of the electron beam on the 
screen. Compare VERTICAL DEFLECTION. 

horizontal deflection coils The pair of coils that 
produces the magnetic field to horizontally deflect 
the electron beam in an electromagnetic cathode- 
ray tube. Also see DEFLECTION COIL. 

horizontal-deflection electrodes See HORIZON- 
TAL DEFLECTION COILS and HORIZONTAL DE- 
FLECTION PLATES. 

horizontal deflection plates In an electrostatic 
cathode-ray tube (typical of laboratory oscillo- 
scopes and some early television picture tubes), a 
pair of plates that produces an electric field to 
horizontally deflect the electron beam. Compare 
VERTICAL DEFLECTION PLATES. 

horizontal directivity The radiation or reception 
pattern of a directional antenna in the horizontal 
plane. 

horizontal-drive control See DRIVE CONTROL. 

horizontal dynamic convergence During the 
scanning of a horizontal line in a color picture 
tube, convergence of the electron beams at the 
aperture mask. Compare VERTICAL DYNAMIC 
CONVERGENCE. 

horizontal field strength The field strength of sig- 
nals passing through an antenna in a horizontal 
plane. Compare VERTICAL FIELD STRENGTH. 

horizontal-field-strength diagram A plot of hori- 
zontal field strength, usually in polar form. Com- 
pare VERTICAL-FIELD-STRENGTH DIAGRAM. 

horizontal flowcharting Flowcharting the move- 
ment of documents or files, rather than the data 
bits themselves, through a digital system. 
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horizontal frequency In television circuits, the 
horizontal scanning frequency [i.e., the frequency 
at which the horizontal lines are traced (generally 
15.750 kH2)]. 

horizontal frequency response The gain-vs- 
frequency characteristic of the horizontal channel 
of an oscilloscope or graphic recorder. Compare 
VERTICAL FREQUENCY RESPONSE. 

horizontal gain At a specified frequency, the over- 
all amplification of the horizontal channel of an 
oscilloscope or graphic recorder. Compare VER- 
TICAL GAIN. 

horizontal-gain control A control, such as a po- 
tentiometer, for adjusting horizontal gain. Com- 
pare VERTICAL-GAIN CONTROL. 

horizontal-hold control In a television receiver, 
the control for adjusting the horizontal oscilla- 
tor frequency to prevent horizontal tearing of 
the picture. Compare VERTICAL-HOLD CON- 
TROL. 

horizontal hum bars Dark, horizontal interferen- 
tial bars in a television picture, caused by HUM 
interference. 

horizontal linearity The precision of gain and de- 
flection in the horizontal channel of an oscillo- 
scope, graphic recorder, or television receiver. A 
linear picture is a faithful (undistorted) reproduc- 
tion of the original image. Compare VERTICAL 
LINEARITY. 

horizontal-linearity control In an oscilloscope or 
television receiver, the control with which hori- 
zontal linearity is adjusted. Compare VERTICAL- 
LINEARITY CONTROL. 

horizontal line frequency See HORIZONTAL FRE- 
QUENCY. 

horizontal lock See HORIZONTAL-HOLD CON- 
TROL. 

horizontally polarized wave An electromagnetic 
wave whose electric lines of flux are parallel to the 
plane of the horizon. Compare VERTICALLY PO- 
LARIZED WAVE. 

horizontal multivibrator In a television receiver, a 
15.750-kHz multivibrator that generates the hor- 
izontal sweep signal. 

horizontal oscillator In a TV receiver, the oscilla- 
tor (usually a multivibrator) that generates the 
horizontal sweep signal. Compare VERTICAL OS- 
CILLATOR. 

horizontal output stage In a television receiver, 
an output amplifier following the horizontal oscil- 
lator. Compare VERTICAL OUTPUT STAGE. 

horizontal output transformer In a television re- 
ceiver, the output transformer in the horizontal- 
oscillator-output amplifier section. Also called 
FLYBACK TRANSFORMER. 

horizontal polarization Pertaining to an electro- 
magnetic wave whose electric lines of flux are 
horizontal. In general, when the radiating ele- 
ment of an antenna is horizontal, the electric 
lines of flux in the transmitted waves are hori- 
zontal, and the antenna is most sensitive to in- 


coming signals whose electric lines of flux are 
horizontal. Compare VERTICAL POLARIZA- 
TION. 

horizontal positioning control See CENTERING 
CONTROL. 

horizontal quantity The quantity measured along 
the X-axis of a graph represented by the horizon- 
tal deflection of an oscilloscope beam. Compare 
VERTICAL QUANTITY. 

horizontal recording See LATERAL RECORDING. 

horizontal repetition rate See HORIZONTAL 
FREQUENCY. 

horizontal resolution In a television picture, the 
number of picture elements (pixels) that can be 
discerned in a horizontal scanning line. Compare 
VERTICAL RESOLUTION. 

horizontal retrace In a cathode-ray device, such 
as an oscilloscope or television receiver, the rapid 
return of the electron beam to its starting point 
after completing a horizontal sweep of the screen. 
Compare VERTICAL RETRACE. 

horizontal retrace blanking In oscilloscopes and 
television receivers, the automatic cutoff of the 
electron beam during a horizontal retrace period, 
preventing an extraneous line on the screen dur- 
ing the period. Compare VERTICAL RETRACE 
BLANKING. 

horizontal scanning 1. The lateral sweeping of the 
electron beam in a cathode-ray tube. 2. The sam- 
pling of x-axis values in a repetitive or nonrepeti- 
tive sweep of that axis. 

horizontal scanning frequency See HORIZONTAL 
FREQUENCY. 

horizontal sensitivity The signal voltage required 
at the input of a horizontal channel for full hori- 
zontal deflection. Also see HORIZONTAL GAIN. 
Compare VERTICAL SENSITIVITY. 

horizontal signal A signal serving as a horizontal 
quantity. Compare VERTICAL SIGNAL. 

horizontal sweep 1. In a cathode-ray tube, the 
horizontal movement of the spot on the screen; in 
particular, the movement from left to right, dur- 
ing which a line of the image is formed on the 
screen. 2. The circuit that produces horizontal 
sweep. 

horizontal sweep frequency The frequency at 
which horizontal sweep occurs; in a television re- 
ceiver, it is generally 15.750 kHz. Also called hor- 
izontal sweep rate. Compare VERTICAL SWEEP 
FREQUENCY. 

horizontal sweep rate See HORIZONTAL SWEEP 
FREQUENCY. 

horizontal-sync discriminator In a television re- 
ceiver, a circuit that compares horizontal sync- 
pulse phase with the phase of the signal from the 
horizontal sweep oscillator. 

horizontal synchronization In a television re- 
ceiver, synchronization of the horizontal compo- 
nent of scanning with that of the transmitting 
camera. Also see HORIZONTAL SYNC PULSE. 
Compare VERTICAL SYNCHRONIZATION. 
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horizontal sync pulse In a video signal, the pulse 
that synchronizes the horizontal scanning com- 
ponent in a television receiver with that of the 
camera; it also triggers horizontal retrace and 
blanking. Also see BACK PORCH. Compare VER- 
TICAL SYNC PULSE. 

horizontal wave See HORIZONTALLY POLARIZED 
WAVE. 

horizontal-width control See WIDTH CONTROL, 
1, 2. 

horn A radiating device that is essentially a cylin- 
drical or rectangular pipe, whose surface flares 
from a narrow entry to a wide exit. See, for exam- 
ple, HORN ANTENNA, HORN SPEAKER, and 
MEGAPHONE. 

horn antenna An antenna used for transmission 
and reception of signals at microwave frequen- 
cies. There are several configurations; most have 
a square or rectangular cross section. The an- 
tenna provides a unidirectional radiation and 
response pattern, with the favored direction 
coincident with the opening of the horn. The feed 
line consists of a waveguide that joins the an- 
tenna at the narrowest point (throat) of the horn. 
This type of device is used alone in microwave 
transmitters known as Gunnplexers. The device 
works well in the feed systems of large dish an- 
tennas; the horn is pointed toward the center of 
the dish, in the opposite direction from the fa- 
vored direction of the dish. See also DISH AN- 
TENNA, GUNNPLEXER. 

horn cutoff frequency The lowest frequency at 
which an exponential horn will function properly. 
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horn loading In a sound-transmission system, a 
form of propagation that makes use of a horn- 
shaped speaker. 

horn mouth The wider (radiating) end of a horn 
antenna or speaker. Compare HORN THROAT. 

horn radiator See HORN ANTENNA. 

horn speaker A loudspeaker using a horn in con- 
junction with an acoustic transducer. It generally 
produces sound of low fidelity, and is intended for 
use in marginal environments, such as outdoor 
public-address (PA) systems. 

horn throat The narrower (input) end of a horn an- 
tenna or speaker. Compare HORN MOUTH. 

horsepower Abbreviation, hp. A unit of power 
equal to 746 watts. It is generally used to express 
mechanical power delivered by engines and elec- 
tric motors. 

horsepower-hour Abbreviation, hp-hr. A unit of 
energy or work represented by the equivalent of 
one horsepower delivered for a period of one 
hour; equal to 746 watt-hours. 

horseshoe coil See HAIRPIN COIL and HAIRPIN 
COUPLING COIL. 

horseshoe magnet A (usually permanent) magnet 
having the shape of a horseshoe or a U and a 
rectangular cross section. 

host A programmable computer that gathers and 
stores the information from all of the data-entry 
terminals in a system. 

HOT 1. Abbreviation of HORIZONTAL OUTPUT 
TRANSFORMER. 2. Abbreviation of HORIZON- 
TAL OUTPUT TUBE. 

hot 1. Pertaining to an object from which heat en- 
ergy is transferred to the environment by radia- 
tion, convection, and/or conduction. 2. Charged 
to an electrical potential, either positive or nega- 
tive, with respect to common ground. 3. Per- 
taining to a conductor that carries a high 
radio-frequency (RF) current or voltage. 

hot carrier In a semiconductor, a charge carrier 
(electron or hole) whose energy is higher than 
that of majority carriers normally encountered in 
the same material. 

hot-carrier diode A semiconductor diode having a 
metal base that receives HOT CARRIERS from a 
semiconductor layer. The unit has a fast switch- 
ing speed because there are virtually no minority 
carriers—either injected or stored. 

Hotel Phonetic alphabet code word for the letter H. 

hot-filament gas detector A gas detector in which 
the sensor is a heated filament acting as one arm 
of a Wheatstone bridge circuit. The bridge, previ- 
ously balanced, becomes unbalanced when gas 
impinges upon the filament and changes its re- 
sistance. 

hot junction The heated junction in a two-junction 
thermocouple circuit. Compare COLD JUNCTION. 

hot line 1. An energized wire, transmission line, or 
busbar. 2. A private communications channel 
(wire or radio) kept in constant readiness for in- 
stant use between persons of high authority. 
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hot-pen recorder See THERMAL RECORDER. 

hot plate A metal device, usually heated by means 
of electricity, used for the purpose of conducting 
certain experiments. 

hot resistance The resistance of a component dur- 
ing its operation (i.e., after it has been heated by 
ambient temperature or internal power dissipa- 
tion). Compare COLD RESISTANCE. 

hot spark A brilliant flash seen when a capacitor 
discharges through a spark gap in a vacuum. 

hot spot 1. In a circuit or component, an area 
whose temperature is ordinarily higher than 
that of the surrounding area. 2. A local current 
or voltage maximum on an antenna or transmis- 
sion line. 3. In communications operations, a 
geographic location in which reception is 
markedly better than in other nearby places or 
from which the transmitted signal appears to be 
stronger. 

hot-strip ammeter A current meter similar to the 
hot-wire meter, except that it has a heated metal- 
lic strip instead of a heated wire. 

hot-stylus recorder See THERMAL RECORDER. 

hot-tip writing The use of a heated-tip stylus in 
graphic recording. Also see THERMAL RE- 
CORDER. 

hot-wire ammeter See HOT-WIRE METER. 

hot-wire anemometer An electrical anemometer 
whose indication is based on the cooling effect of 
the wind on a heated filament. 

hot-wire flowmeter An instrument for determin- 
ing the rate of flow of a gas in a pipe or other 
channel. The circuit is similar to that of the gas 
detector and hot-wire anemometer. 

hot-wire gasmeter See GAS DETECTOR. 

hot-wire instrument See HOT-WIRE METER. 

hot-wire meter A meter in which current heats a 
wire, stretching it so that it moves a pointer 
across a scale over a distance proportional to the 
magnitude of the current. 

hot-wire microphone A microphone in which 
sound waves vary the temperature of a heated 
wire and, accordingly, its electrical resistance. 


hot-wire relay A time-delay relay in which actuat- 
ing current heats a wire, causing it to expand, 
eventually opening or closing the contacts. Also 
see DELAY RELAY. 

hot-wire sensor See HEATED-WIRE SENSOR. 

hot-wire transducer See HOT-WIRE MICRO- 
PHONE. 

hour Abbreviation, h; (Sometimes, hr). A unit of 
time measure equal to 60 minutes or 3600 sec- 
onds. Compare MINUTE, 1 and SECOND, 1. Also 
see TIME. 

housekeeping In digital-computer operations, the 
part of a program that attends to chores (e.g., set- 
ting variables to zero), rather than being involved 
in making computations for a solution. 

howl A discordant sound produced in headphones 
or a loudspeaker, usually as a result of acoustic 
or electrical feedback. 

howler 1. An audio-frequency alarm device. 2. A 
sound-emitting test device (see GROWLER, 1, 
2). 

howl repeater A form of electric feedback in 
which a hum or howl occurs because of oscilla- 
tion. The term is used to describe an oscillating 
conduction in a wire-communications-system 
repeater. 

hp Abbreviation of HORSEPOWER. 

h-p Abbreviation of HIGH PRESSURE. 

H pad See H NETWORK. 

h parameters Parameters of the four-terminal net- 
work equivalent of a transistor. They are hybrid 
parameters (thus, h) because of their appearance 
in mesh and nodal equations. The basic h param- 
eters are hıı, input resistance with output short- 
circuited; hj2, reverse voltage ratio with input 
open-circuited; h21, forward current gain with 
output short-circuited; and h22, output conduc- 
tance with input open-circuited. 

h particle A positive hydrogen ion or proton ob- 
tained by bombarding a hydrogen atom with al- 
pha particles or high-velocity positive ions. 

HPF Abbreviation of highest probable frequency. 

hp-hr Abbreviation of HORSEPOWER-HOUR. 

HPI Abbreviation of HEIGHT-POSITION INDICA- 
TOR. 

H plane The plane of the magnetic field of an an- 
tenna, or the magnetic component of an electro- 
magnetic field. Compare E PLANE. 

H-plane bend In a waveguide, a smooth change in 
the direction of the axis perpendicular to the di- 
rection of polarization. 

H-plane tee junction A waveguide tee junction, 
whose structure changes in the magnetic-field 
plane. Also see WAVEGUIDE JUNCTION and 
WAVEGUIDE TEE. 

hr Abbreviation of HOUR. (Also, h.) 

H scan A radar display in which the target is rep- 
resented by two close blips, approximating a line, 
whose shape is proportional to the sine of the tar- 
get's angle of elevation. 

H scope See H SCAN. 
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HSM Abbreviation of high-speed memory. 

HTL Abbreviation of HIGH-THRESHOLD LOGIC. 

hub The hole in the center of a magnetic tape reel. 

hue The quality of having a particular visible 
color; an attribute that depends on the wave- 
length(s) of light emitted or reflected. Thus, elec- 
tromagnetic energy at a wavelength of 700 
nanometers (nm) has a red hue; energy at a 
wavelength of 400 nm has a violet hue. Compare 
SATURATION, 2. 

hue control Also called tint control. In a color tele- 
vision receiver, a control that allows adjustment 
of the color wavelength, but does not affect the 
saturation (intensity). 

hum 1. Alternating current having a frequency of 60 
Hz. 2. Residual ripple in the output of a power sup- 
ply, having a frequency of 60 Hz or 120 Hz, de- 
pending on the type of rectifier circuit used. 3. An 
electromagnetic field of long wavelength, usually 
originating from utility lines and having a primary 
frequency of 60 Hz. 4. The effects of low-frequency 
electromagnetic fields or currents, such as moving 
horizontal bars on a television screen. 5. An acous- 
tic disturbance of long wavelength (low pitch). 

human engineering 1. Also called user-friendli- 
ness. The extent to which an electronic or elec- 
tromechanical device or system is easy to 
operate. 2. The branch of engineering devoted to 
interfacing human beings with the machines and 
instruments they operate. Both a science and an 
art, the discipline is concerned with the safest 
and most efficient design, arrangement, and op- 
eration of equipment. 

human interface The interface between a sophisti- 
cated electronic device and a human operator. 

human-made interference Also called artificial in- 
terference. Electromagnetic interference to radio 
and television receiving systems or to data termi- 
nals, originating from artificial sources (such as 
radio transmitters, certain electrical appliances, 
and internal-combustion engines). Of the numer- 
ous different forms, some affect only a narrow 
band of frequencies or set of frequencies, and 
others affect a wide band of frequencies. 

humanoid robot A robot that bears structural re- 
semblance to a human being (e.g., has arms, a 
head, and perhaps legs). In its most advanced 
form, such a robot is an ANDROID. 

hum-balance potentiometer A potentiometer 
connected across an alternating-current power 
supply, with its slider grounded. At a certain set- 
ting, hum interference is nulled. 

hum bars See HORIZONTAL HUM BARS. 

hum bucking The reduction of hum interference 
by introducing an alternating-current voltage of 
the same frequency and amplitude as the hum, 
but opposite in phase. 

hum-bucking coil An auxiliary coil used in con- 
junction with the field and voice coils of an elec- 
trodynamic speaker. Reduces hum interference 
via HUM BUCKING. 


HSM + Huygens' principle 347 


hum field The magnetic field surrounding a con- 
ductor carrying hum-frequency alternating cur- 
rent. 

humidity The amount of moisture in the air. Also 
see ABSOLUTE HUMIDITY and RELATIVE HU- 
MIDITY. 

humidity meter See ELECTRIC HYGROMETER 
and ELECTRONIC HYGROMETER. 

humidity sensor A pickup whose resistance or ca- 
pacitance varies proportionally with ambient hu- 
midity. 

hum interference Electrical interference resulting 
from HUM in any of its various electrical forms 
(see HUM, 1-4). 

hum loop A ground loop that results in undesired 
hum in the output of an amplifier. 

hummer A nonelectronic audio oscillator similar to 
the fork oscillator, but using a thick, metal reed, 
instead of a tuning fork. A carbon microphone 
button attached to the reed provides the feedback 
path necessary for sustained oscillation. 


Reed 


Carbon 
microphone 


button 
AF output 


hummer 


hum modulation Undesirable modulation of a ra- 
dio signal or audio amplifier output signal by 
HUM interference. 

hump 1. Either the positive or the negative half- 
cycle of a sine wave; that is, either the portion 
from O degrees to 180 degrees, or the portion from 
180 degrees to 360 degrees. 2. A curve whose 
graph is a multiple of the sine function, and 
whose domain is restricted to a half-cycle (O to 
180 degrees or 180 to 360 degrees). See, for ex- 
ample, DOUBLE-HUMP RESONANCE CURVE 
and DOUBLE-HUMP WAVE. 

hunting An undesirable condition in which an 
electrical or electromechanical system oscillates 
back and forth, relative to some mean mode of 
operation (“hunts” for the mode), sometimes 
eventually settling down at the mode. It can occur 
in a servo system because of overcompensation, 
lack of hysteresis, or both. 

Huygens’ principle The observation that an ad- 
vancing wave is the resultant of secondary waves 
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that arise from points in the medium that have 
already been passed. 

HV Abbreviation of HIGH VOLTAGE. 

H vector A vector representing the magnetic field 
of an electromagnetic wave. Compare E VECTOR. 

hW Abbreviation of HECTOWATT. 

H-wave mode Ina waveguide, a mode of transmis- 
sion in which the electric lines of flux are at right 
angles to the direction of the waveguide. Also 
called transverse-electric (TE) mode. 

hy Occasional abbreviation of HENRY. The SI ab- 
breviation and symbol, H, is preferred. 

hybrid Descriptive of a device that is an offspring 
of other devices or a product of dissimilar tech- 
nologies (but using elements of each). See, 
for example, HYBRID JUNCTION and HYBRID 
COIL. 

hybrid active circuit An active circuit (such as an 
amplifier, oscillator, or switch) using a combina- 
tion of two dissimilar active devices (e.g., transis- 
tors and vacuum tubes). 

hybrid coil A special type of bridging transformer 
used in wire telephony to prevent self-oscillation 
in a repeater amplifier that operates in both di- 
rections. 

hybrid computer A computer system incorporat- 
ing more than one major computer technology. 
Examples: analog/digital and digital/neural- 
network. 

hybrid electromagnetic wave Abbreviation, HEM 
wave. An electromagnetic wave whose electric- 
field and magnetic-field vectors are both in the di- 
rection of propagation. 

hybrid IC See HYBRID INTEGRATED CIRCUIT. 

hybrid integrated circuit Abbreviation, HIC. An 
integrated circuit embodying both integrated and 
microminiature discrete components (i.e., one 
combining both monolithic and thin-film con- 
struction). 

hybrid junction 1. See MAGIC TEE. 2. A four- 
terminal device, such as a resistor circuit, special 
transformer, or waveguide assembly, in which a 
signal applied to one pair of terminals divides and 
appears at only the two adjacent terminals. 

hybrid microcircuit A microcircuit containing dif- 
fused or thin-film elements interconnected with 
separate chip elements. 

hybrid parameters See H PARAMETERS. 

hybrid ring A hybrid waveguide junction (see HY- 
BRID JUNCTION, 2) consisting essentially of a 
reentrant line with four side arms. Used as an 
equal power divider. 

hybrid-tee See HYBRID JUNCTION, 1. 

hybrid thin-film circuit A microcircuit in which 
semiconductor devices and discrete components 
are attached to passive components and conduc- 
tors that have been electrodeposited on a sub- 
strate. 

hybrid transformer See HYBRID COIL. 

hydroacoustic Pertaining to the sound of fluids, 
especially water, under pressure. 


P 


hydroacoustic transducer A transducer that con- 
verts energy from the high-pressure flow of a fluid 
into acoustic energy. 

hydrodynamic pressure The pressure of a fluid in 
motion. Compare HYDROSTATIC PRESSURE. 

hydroelectric Pertaining to the production of elec- 
tricity by water power, as by a generator turned 
by water turbines. 

hydroelectric machine A device for generating 
electricity from high-pressure steam escaping 
from a series of jets. 

hydroelectric power See WATER POWER. 

hydrogen Symbol, H. A gaseous element. Atomic 
number, 1. Atomic weight, 1.00794. Used in 
making semiconductor materials, it is the lightest 
and most abundant element in the universe. 
Compare DEUTERIUM and TRITIUM. 

hydrogen atmosphere The nonoxidizing atmo- 
sphere in which semiconductor materials are 
melted and processed, and in which semiconduc- 
tor crystals are grown. Occasionally, helium is 
used instead of hydrogen. 

hydrogen atom A single atom of the element hy- 
drogen, consisting of one electron and one pro- 
ton. 

hydrogen-ion concentration See pH. 

hydrogen lamp A glow-discharge lamp that pro- 
duces light by means of the ionization of rarefied 
hydrogen gas. Visible light is emitted at discrete 
wavelengths. 

hydrokinetic Pertaining to fluids in motion or the 
forces behind such motion. 

hydrolysis The process whereby chemical sub- 
stances become ionized in water solution, pro- 
ducing electrolytes. 

hydromagnetics See MAGNETOHYDRODYNAM- 
ICS. 

hydromagnetic wave In a fluid, a wave in which 
the energy is propagated via magnetic and dy- 
namic modes. 

hydrometer An instrument for measuring the spe- 
cific gravity of liquids. 

hydrophone An underwater sound-to-electricity 
transducer (microphone). 

hydropower See WATER POWER. 

hydrostatic pressure The pressure of a fluid at 
rest. Compare HYDRODYNAMIC PRESSURE. 

hygristor A resistor, the resistance of which de- 
pends on humidity. A common application is in 
the measurement of relative atmospheric humid- 
ity. 

hygrogram A graphic rendition of atmospheric hu- 
midity versus time, made by a HYGROGRAPH. 

hygrograph A device that produces a graphic 
recording of atmospheric humidity as a function 
of time. Consists essentially of a HYGROMETER 
connected to a permanent data-storage device, 
such as a computer or pen recorder. 

hygrometer An instrument for measuring humidity. 
Also see ELECTRIC HYGROMETER, ELECTRONIC 
HYGROMETER, and HAIR HYGROMETER. 
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hygroscopic material A material that absorbs 
moisture from the air, but not enough to get wet 
(e.g., lime and silk). Compare DELIQUESCENT 
MATERIAL. 

hygrostat A humidity-sensitive relay or switching 
circuit. 

hygrothermograph A graphic recorder indicating 
humidity and temperature on the same chart, 
both as functions of time. 

hyperacoustical zone In the upper atmosphere, a 
region in which the distance between air 
molecules is comparable to the wavelengths of 
audible sound. As the altitude increases within 
this zone, the upper-frequency limit of effective 
sound propagation decreases. At altitudes above 
this zone, no audible sound can be propagated. 

hyperbola A conic-section curve satisfying the 
equation: 


(x= xo)? /a? - (y - Yo)?/b? = 1 
where x and y are the independent and depen- 
dent variables, xy and yo are the coordinates of 


the center, a is half the length of the major axis, 
and bis half the length of the minor axis. 


hyperbola 


hyperbolic angle An angle subtended by a sector 
of a hyperbola in a manner analogous to that in 
which a circular angle is subtended by an arc ofa 
circle. 

hyperbolic-cosine horn See CATENOIDAL HORN. 

hyperbolic error 1. In an interferometer, a miscal- 
culation in the direction of arrival of a signal. The 
signal from one antenna in the system can be as- 
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sumed to be in phase with the signal from an- 
other antenna, when actually the two compo- 
nents differ by an integral number of whole 
wavelengths. 2. The angular error, in degrees, 
minutes, or seconds of arc, resulting from a mis- 
calculation of phase in an interferometer. 

hyperbolic face contour See HYPERBOLIC GRIND. 

hyperbolic functions The nonperiodic functions of 
a hyperbolic angle. Hyperbolic functions are re- 
lated to the hyperbola in the same manner that 
common trigonometric functions are related to 
the circle. Hyperbolic functions are useful in cal- 
culations involving traveling waves on transmis- 
sion lines, attenuator design, and wave-filter 
design. 

hyperbolic grind The shape (approximately hyper- 
bolic) to which the face of a magnetic recording 
head is ground. It provides optimum contact with 
the tape and ensures good high-frequency re- 
sponse. 

hyperbolic horn A horn antenna whose cross- 
sectional area is a hyperbolic function of the 
distance along the axis. 

hyperbolic logarithm See NAPIERIAN LOGA- 
RITHM. 

hyperbolic navigation A radionavigation system 
in which the operator of an aircraft or boat deter- 
mines position by comparison of two received sig- 
nals. The two transmitters radiate signals from 
known positions and with known timing charac- 
teristics. The time delay from each transmitter is 
determined, resulting in two hyperbolic curves on 
a map. The point of intersection of the curves is 
the location of the aircraft or ship. 

hyperbolic radian A unit of measure derived from 
a hyperbolic angle. A hyperbolic radian is the hy- 
perbolic angle that encloses an area of 0.5 when 
the distance along the x-axis to the hyperbola is 
unity. Also see HYPERBOLIC ANGLE. Compare 
CIRCULAR RADIAN. 

hyperbolic trigonometry The branch of mathe- 
matics dealing with the theory and application of 
hyperbolic angles and their functions. 

hypercardioid microphone A unidirectional mi- 
crophone with exceptional sensitivity in front, 
and minimal responsiveness from the sides and 
rear. 

hypercardioid pattern A directional CARDIOID 
PATTERN with accentuated responsiveness or 
emission in the favored direction (front), and 
greatly suppressed responsiveness or emission in 
other directions (sides and rear). 

hyperfocal distance The shortest distance to 
which a lens can be focused without degrading 
definition at infinity. 

hyperfrequency waves See MICROWAVES. 

hypernik See HIPERNICK. 

hyperon Any one of various particles having a 
mass greater than that of a neutron or proton. 

hyperpolarization The production of an increased 
voltage across a biological membrane. 
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hypersonic Pertaining to speeds of at least five 
times that of sound. In air at normal atmospheric 
pressure, such speeds are more than approxi- 
mately 1700 meters, or 5600 feet, per second. 

hypersonic speed Any speed greater than five 
times the speed of sound in a given medium. 

hypersyn motor A high-efficiency, high-power- 
factor synchronous motor combining the advan- 
tages of the direct-current-excited synchronous 
motor (stiffness), the hysteresis motor (synchro- 
nizing torque), and the induction motor (high 
starting torque). 

hypervelocity Velocity in excess of 3 kilometers 
per second. 

hypotenuse The side of a right triangle opposite to 
the right angle. 


po Hypotenuse 


Hypotenuse 


hypothesis An idea, concept, or system that seems 
true or workable, but must be subjected to logical 
analysis and/or practical testing to prove its va- 
lidity. 

hypsometer An altimeter in which a thermistor 
(connected to a battery and current meter) is im- 
mersed in a boiling liquid. Because the liquid’s 
boiling point is proportional to altitude, it affects 
the resistance of the thermistor and, hence, the 
deflection of the meter. 

hysteresigram The hysteresis-curve record pro- 
duced by a HYSTERESIGRAPH. 

hysteresigraph A graphic recorder that displays or 
records the hysteresis curve for a material. Also 
see HYSTERESISCOPE. 

hysteresimeter See HYSTERESIS METER. 

hysteresis 1. The tendency of a magnetic mate- 
rial to saturate and retain some of its mag- 
netism after the alternating magnetic field to 
which it is subjected reverses polarity, thus 


causing magnetization to lag behind the magne- 
tizing force. 2. A similar electrostatic action in a 
ferroelectric dielectric material. 3. In a servo 
system, the condition in which a variable quan- 
tity lags the effect or stimulus that causes it to 
change. The plot for this is a double-line HYS- 
TERESIS CURVE. 

hysteresis brake A brake whose retarding action 
comes from hysteresis in a permanent-magnet 
motor. 

hysteresis clutch A magnetic clutch whose output 
torque (for synchronous drive or continuous slip) 
comes from hysteresis in a permanent-magnet 
motor. 

hysteresis coefficient In a sample of iron whose 
volume is one cubic centimeter, the energy in 
ergs dissipated during one cycle of magnetization. 
Also called coefficient of hysteresis. 

hysteresiscope An oscilloscope that is specially 
designed to display the hysteresis curve of a ma- 
terial. Compare HYSTERESIGRAPH. 

hysteresis curve A response curve depicting hys- 
teresis in a magnetic material, a dielectric, or a 
servo system. A graph of the extent to which a 
variable quantity lags the effect or stimulus that 
causes it to change (e.g., a curve showing the ef- 
fect of response delay in a thermostatically con- 
trolled heating/cooling system). 
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hysteresis curve 


hysteresis cycle A complete hysteresis curve. 

hysteresis distortion Signal distortion in iron- 
core components, such as coupling transformers, 
resulting from hysteresis in the iron. 

hysteresis error In a meter, a difference in indica- 
tions for increasing and decreasing current, an 
effect caused by hysteresis in iron meter parts. 
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hysteresis heater An induction heater in which 
heating results from hysteresis loss in the load. 

hysteresis loop See HYSTERESIS CURVE. 

hysteresis loss Power loss caused by hysteresis in 
a magnetic material exposed to an alternating 
magnetic field, or in a dielectric material exposed 
to an alternating electric field. It is characterized 
by the generation of heat. 

hysteresis meter An instrument that determines 
the hysteresis loss in a ferromagnetic material in 
terms of the torque produced when the material 
is rotated in a magnetic field, or vice versa. 
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hysteresis motor A synchronous motor that does 
not require direct-current excitation, and does 
not have salient poles. It is started by means of 
hysteresis losses that the rotating magnetic field 
causes in the secondary. 

hysteretic constant For a ferromagnetic material, 
hysteresis loss in ergs per cubic centimeter of 
material per cycle of magnetization. 

hysteretic loss See HYSTERESIS LOSS. 

hystoroscope A device used to determine the mag- 
netic characteristics of a material. 

Hz Abbreviation of HERTZ. 
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I 1. Symbol for CURRENT. 2. Symbol for INTRIN- 
SIC SEMICONDUCTOR. 3. Symbol for LUMI- 
NOUS INTENSITY. 4. Symbol for IODINE. 

i 1. Symbol for the unit imaginary number, the 

square root of -1. (Also, j.) 2. Subscript for IN- 

STANTANEOUS VALUE. 3. Symbol for INTRINSIC 

SEMICONDUCTOR. 4. Symbol for ANGLE OF IN- 

CIDENCE. 5. Symbol for INSTANTANEOUS CUR- 

RENT. (Also, I;.) 6. Symbol for a unit vector parallel 

to the x-axis. 7. Symbol for INCIDENT RAY. 

Symbol for the ac component of a COMPOSITE 

CURRENT. 

lap Symbol for AUDIO-FREQUENCY CURRENT. 

IAGC Abbreviation of INSTANTANEOUS AUTO- 
MATIC GAIN CONTROL. 

IAVC Abbreviation of INSTANTANEOUS AUTO- 
MATIC VOLUME CONTROL. 

Ig 1. Symbol for plate power-supply current. 2. Oc- 
casional symbol for plate current (usually, Ip). 
IBM Abbreviation for International Business Ma- 

chines Corporation. 

IC 1. Abbreviation of INTEGRATED CIRCUIT. 2. 
Abbreviation of INTERNAL CONNECTION. 

Ic 1. Symbol for transistor COLLECTOR CUR- 
RENT. 2. Occasional symbol for grid current (usu- 
ally, Ic). 

ICAD Abbreviation of integrated control and dis- 
play. 

ICAS Abbreviation of INTERMITTENT COMMER- 
CIAL AND AMATEUR SERVICE. 

Icgo Symbol for the static reverse collector (leakage) 
current in a common-base connected transistor 
with an open-circuited emitter. 

ICBS Abbreviation of interconnected business sys- 
tem. 


Tac 


Icco Symbol for the static reverse collector (leakage) 
current in a common-emitter-connected transis- 
tor with an open-circuited base. 

ice loading 1. In an antenna, power-line system, 
or other structure, the additional stress caused 
by accumulation of ice. 2. The weight or thick- 
ness of ice a structure can safely withstand. 

ice-removal circuit A high-voltage, low-frequency 
power supply used to heat certain antennas to 
melt ice that accumulates on them. 

ICET Abbreviation of Institute for the Certification of 
Engineering Technicians (National Society of Pro- 
fessional Engineers). 

ICME Abbreviation of International Conference on 

Medical Electronics. 

Symbol for the collector cutoff current (static 
leakage current) of a bipolar transistor (see CUT- 
OFF CURRENT). 
icon In a graphical computer interface, a symbol 

that aids the user in recognizing a selection that 
can be made. 

iconoscope A camera tube in which an electron 
beam scans a photomosaic on which the image is 
focused. The light-sensitive droplets of the mo- 
saic form tiny capacitors with the insulated, 
metallic backplate of the mosaic, each capacitor 
becoming charged by the light of the picture. As 
the electron beam scans the mosaic, each capac- 
itor discharges as the beam strikes it, delivering 
an output pulse proportional to the light intensity 
at that spot in the picture. 

IC tester An instrument for checking the operation 
of an integrated circuit. 

ICW Abbreviation of INTERRUPTED CONTINUOUS 
WAVE. 
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Copyright 2001 The McGraw-Hill Companies, Inc. Click Here for Terms of Use 


de 
Gy 


5059F-pI 352-384 


4/10/01 9:03 AM Page 353 


ÓN 


Optical image photocathode 


Collector plate 


Output 


Electron gun 


Deflecting coils 
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ID Abbreviation of INSIDE DIAMETER. 

IDA Abbreviation of integrodifferential analyzer. 

Iac Symbol for the dc component of a COMPOSITE 
CURRENT. 

ideal Pertaining to a circuit, device, material, or 
manner of operation that is assumed to conform 
to the theoretical best-case example; it is not 
usually realized in real life. Thus, an ideal reac- 
tance has no inherent resistance. 

ideal capacitor A capacitor having zero dielectric 
loss and a constant value of capacitance at all 
alternating-current frequencies. 

ideal component A theoretical component that is 
assumed to be 100-percent efficient and to have 
no extraneous properties. Compare PRACTICAL 
COMPONENT. 

ideal crystal A piezoelectric crystal that acts asa 
theoretically perfect tuned circuit, that is, an 
ideal capacitor and inductor. 

ideal inductor An inductor having zero loss anda 
constant value of inductance at all alternating- 
current frequencies. 

I demodulator In a color-television receiver cir- 
cuit, a demodulator that receives the chromi- 
nance and 3.58-MHz oscillator signals and 
delivers a video output corresponding to color in 
the picture. 

identical vectors Equal vectors that have the 
same initial point or point of application. 

identification 1. In radar operations, the (often 
automatic) determination of the target’s identity. 
See, for example, IDENTIFICATION, FRIEND OR 
FOE. 2. In digital computer operations, a symbol 
or set of symbols within a label identifying a unit 
of data or its location. 

identification beacon 1. A beacon used for the de- 
termination of a particular geographic location. 
2. An automatically transmitted station-identifi- 
cation signal or code, usually superimposed on 
the regular transmission in the form of a subcar- 
rier or subaudible signal. 
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identification division The division (one of four) 
in a COBOL program that describes and identi- 
fies the program being compiled. 

identification, friend or foe Abbreviation, IFF. A 
technique in which a radar station transmits an 
interrogating signal and the station questioned 
replies automatically with a suitable pulse or 
other signal if it is aboard a friendly aircraft or 
vessel. If it is aboard an enemy vehicle, the sta- 
tion gives no reply or sends an unsatisfactory 
one. 

identifier A data file identification label in an in- 
put/output device, or a label that identifies a spe- 
cific storage location. 

identity element A logic element that, upon re- 
ceipt of two input signals, provides an output 
that is logic 1 (high) only if the input signals are 
both logic 1 (high) or logic O (low). 

idiochromatic Possessing the photoelectric pro- 
perties of a true crystal. 

I display See I SCAN. 

idle channel noise A measurement of wideband 
noise. The total energy at an output of an inte- 
grated circuit or other communications stage 
with that output grounded (idle). 

idle character A digital character that conveys no 
information, but helps maintain synchronization 
between the transmitter and receiver. Sometimes 
called a blank. 

idler wheel In a phonograph or magnetic tape 
recorder, an auxiliary, rubber-coated wheel that 
transfers rotary motion from the motor pulley to 
the platter or the rim of the capstan flywheel. 

idle time The period during which data processing 
equipment, although operable, is not in use. 

idling Standby equipment operation, as when vac- 
uum-tube filaments in a radio-frequency power 
amplifier are kept hot—even when the amplifier is 
not actually being used to transmit a signal. 

idling current The current flowing in a device dur- 
ing a standby period, as opposed to operating 
current. Also called STANDBY CURRENT. 

idling frequency In a parametric amplifier, the dif- 
ference between the signal frequency and pump 
frequency. 

idling power See STANDBY POWER. 

idling voltage The voltage required by or mea- 
sured in a device that is in standby mode. 

Ibo Symbol for drain cutoff current in a field-effect 
transistor. 

IDOT Abbreviation of instrumentation online tran- 
scriber. 

IDP 1. Abbreviation of INDUSTRIAL DATA PRO- 
CESSING. 2. Abbreviation of INTEGRATED DATA 
PROCESSING. 3. Abbreviation of INTERMODU- 
LATION-DISTORTION PERCENTAGE. 

Ipss Symbol for DRAIN CURRENT AT ZERO GATE 
VOLTAGE in a field-effect transistor. 

Iz Symbol for EMITTER CURRENT. 

IEC Abbreviation of integrated electronic compo- 
nent. 


de 
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IEE Abbreviation of Institution of Electrical Engi- 
neers (British). 

IEEE Abbreviation of Institute of Electrical and Elec- 
tronics Engineers. 

IES Abbreviation of Illuminating Engineering Soci- 
ety. 

IF Abbreviation of INTERMEDIATE FREQUENCY. 

IF amplifier See INTERMEDIATE-FREQUENCY 
AMPLIFIER. 

Irg In an integrated circuit, current limit feedback 

or feedback current. 

channel See INTERMEDIATE-FREQUENCY 

CHANNEL. 

IF converter The converter (first detector-oscilla- 
tor) section of a superheterodyne radio receiver. 

IFF Abbreviation of IDENTIFICATION, FRIEND OR 
FOE. 

IF gain 1. The amplification provided by the inter- 
mediate-frequency (IF) channel of a superhetero- 
dyne receiver, usually specified in decibels. 2. A 
control that allows adjustment of the amplifica- 
tion in the IF channel of a superheterodyne radio 


IF 


receiver. 
IF interference See INTERMEDIATE-FREQUEN- 
CY INTERFERENCE. 


IFIPS Abbreviation of International Federation of 
Information Processing Societies. 

IF selectivity See INTERMEDIATE-FREQUENCY 
SELECTIVITY. 

IF strip A (sometimes removable) circuit section 
containing a complete intermediate-frequency 
channel. 

IF/THEN/ELSE In computer systems and artificial 
intelligence, a two-way choice that is made dur- 
ing the execution of a program. For example, in 
finding the absolute value of a number, the logic 
proceeds as follows: “IF x< 0, THEN multiply x by 
-1; otherwise (ELSE) leave it alone.” 

IF transformer See INTERMEDIATE-FREQUEN- 
CY TRANSFORMER. 

I¿ Symbol for GATE CURRENT. 

I Symbol for GRID CURRENT. 

IGFET Abbreviation of INSULATED-GATE FIELD- 
EFFECT TRANSISTOR. 

ignition coil A small open-core transformer having 
a high step-up turns ratio for converting 
6- or 12-volt battery potential to the high voltage 
needed in an automotive ignition system. 

ignition interference Electrical noise generated 
by the ignition system of an internal combustion 
engine. 

ignition potential 1. The minimum voltage 
needed to cause electrical discharge in an inter- 
nal combustion engine. 2. See BREAKDOWN 
VOLTAGE, 1, 2. 

ignition reserve The extra voltage provided by the 
starter, as compared with the voltage actually 
needed for ignition of an internal-combustion en- 
gine. 

ignition system An electrical or electronic system 
that supplies the high voltage in an automotive 
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engine. See, for example, CAPACITOR- 
DISCHARGE IGNITION SYSTEM. 

ignition voltage See IGNITION POTENTIAL. 

ignitron A form of rectifier tube that contains ion- 
ized mercury. It is used with some extremely 


high-voltage power supplies. 
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ignore character 1.A character used as a signal to 
inhibit an action. 2. A digital character that is ig- 
nored by the system. 

Igss Symbol for GATE REVERSE CURRENT in a 
field-effect transistor. 

IGY Abbreviation for INTERNATIONAL GEOPHYSI- 
CAL YEAR. 

In 1. Symbol for HOLD CURRENT. 2. Symbol for 
HOLDING CURRENT. 

IHF Abbreviation of INHIBIT FLIP-FLOP. 

IHFM Abbreviation for Institute of High Fidelity 
Manufacturers. 

ihp Abbreviation of INDICATED HORSEPOWER. 

ihp-hr Abbreviation of INDICATED HORSE- 
POWER-HOURS. 

I; 1. Symbol for INPUT CURRENT. 2. Symbol for IN- 
STANTANEOUS CURRENT (also, i). 

Ix Symbol for CATHODE CURRENT. 

I, Symbol for current in an inductor. 

IPL Abbreviation of INTEGRATED 
LOGIC. (Also IIL.) 

illegal character 1. A character or bit group that is, 
according to some standard, invalid. 2. A bit group 
that represents a symbol in a character set. 

illuminance The amount of luminous flux received 
per unit surface area, measured in lux (lumens 
per square meter). 

illuminant-C In color television, the reference 
white that closely resembles average daylight. 

illuminated pushbutton See LIGHTED PUSH- 
BUTTON. 
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illuminated switch See LIGHTED SWITCH. 

illumination 1. Visible light. 2. The condition of 
being irradiated by visible light. 3. The intensity 
of visible light irradiating an object or region. 

illumination control A photoelectric circuit that 
automatically regulates electric lights, according 
to the amount of daylight. 

illuminometer A device for measuring the inten- 
sity of visible light, or, less often, infrared or 
ultraviolet. In its simplest form, the meter 
consists of a photovoltaic cell, a potentiometer for 
adjusting the sensitivity, and a microammeter. 
More sophisticated devices include direct-current 
amplification. 


Sensitivity 


Photovoltaic 
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ILS Abbreviation of INSTRUMENT LANDING SYS- 
TEM. 

IM Abbreviation of INTERMODULATION. 

In 1. Abbreviation of maximum current. (Also, Imax. 
2. Abbreviation of meter current. 

image 1. In a superheterodyne circuit, a spurious 
response whose frequency differs from that of the 
desired signal by twice the intermediate fre- 
quency. 2. A picture on the screen of a television 
receiver or computer display. 3. A pattern on the 
screen of an oscilloscope tube. 4. A picture on the 
mosaic of a television camera tube. 5. A duplicate 
of a computer storage area that is in another part 
of storage or on another medium. 

image admittance The reciprocal of IMAGE IM- 
PEDANCE. 

image antenna An imaginary “mirror” antenna 
below the effective radio-frequency (RF) ground 
surface, at a depth equal to the height of the 
true radiating antenna above effective RF 
ground. 

image attenuation constant The real-number 
part of the IMAGE TRANSFER CONSTANT. Also 
see IMAGE PHASE CONSTANT. 

image compression Any of various methods by 
which the number of bytes in a digital image can 
be reduced, without significant degradation of 
image quality. The two most common methods 
are JPEG (Joint Photographic Experts Group) im- 
age compression and fractal image compression. 
Other schemes include MPEG (Moving Picture Ex- 
perts Group) image compression and Indeo, devel- 
oped by Intel Corporation. Fractal image 


compression can provide a compression factor of 
as much as 100:1 without significant degradation 
of image quality. 

image converter 1. A device that changes an in- 
visible image into a visible image. Examples in- 
clude the snooperscope, an infrared-to-visible 
converter, and photographic apparatus for in- 
frared, ultraviolet, and X-ray wavelengths. 2. A 
tube that operates as an image converter. 

image dissector See DISSECTOR TUBE. 

image effect The effect of reflection of electromag- 
netic waves from the ground. An IMAGE AN- 
TENNA appears to radiate from a point beneath 
the effective RF ground plane. The depth of the 
image antenna below the effective RF ground 
plane is equal to the height of the actual antenna 
above the effective RF ground plane. 

image frequency The frequency of the image re- 
sponse in a superheterodyne radio receiver. See 
IMAGE, 1. 

image impedance The property of a network in 
which the load impedance is “seen,” looking into 
the output terminals with the generator con- 
nected to the opposite end, and the generator 
impedance is “seen,” looking into the input ter- 
minals with a load connected to the opposite 
end. 

image intensification An increase of the bright- 
ness of the display on a cathode-ray tube. 

image intensifier A device that increases the 
brightness of the spot produced when a beam of 
electrons or X rays hits a fluorescent screen. 

image interference A type of interference that can 
occur in superheterodyne circuits. It occurs when 
there is a sufficiently strong signal on the IMAGE 
FREQUENCY. 

image orthicon See ORTHICON. 

image phase constant The imaginary-number 
part of the IMAGE TRANSFER CONSTANT. Also 
see IMAGE ATTENUATION CONSTANT. 

image potential The potential energy of a charged 
particle at a given distance from a metal surface. 
The metal surface acts in a way similar to a mir- 
ror; a reflected image of the object, having equal 
charge but opposite polarity, is formed on the 
other side of the surface. 

image ratio See SIGNAL-TO-IMAGE RATIO. 

image rejection In a superheterodyne radio re- 
ceiver, the suppression or elimination of IMAGE 
INTERFERENCE by means of a selective circuit, 
such as a radio-frequency preamplifier. 

image response In a superheterodyne receiver, an 
undesired response to signals removed from the 
desired frequency by twice the intermediate fre- 
quency. 

image transfer constant A number depicting the 
transfer of power by an impedance network. It 
has the same value, regardless of the direction of 
transmission through the network. Also see IM- 
AGE ATTENUATION CONSTANT and IMAGE 
PHASE CONSTANT. 
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imaginary axis In a vector diagram of complex 
impedance, the axis of the imaginary-number 
component (jX). 

imaginary number A real-number multiple of the 
positive square root of -1. Engineers depict the 
positive square root of -1 by the lowercase letter j; 
mathematicians use the lowercase letter i. Engi- 
neers write imaginary numbers in the form jx, 
and mathematicians write Xi, where X is a real 
number. 

imaginary-number component The imaginary- 
number part of a COMPLEX NUMBER. 

Imax Abbreviation of maximum current. 

IM distortion meter INTERMODULATION 
TER. 

IM distortion percentage See INTERMODULA- 
TION-DISTORTION PERCENTAGE. 

Imin Abbreviation of minimum current. 

imitation The transmission of false signals for 
purposes of deception. For example, during 
wartime, the signals from an enemy station might 
be recorded and retransmitted. 

immediate access 1. The ability of a computer to 
store and retrieve data in a minimal amount of 
time. 2. Computer storage that can be accessed 
in a minimal amount of time. 

immediate address An instruction address that is 
used as data by that instruction. 

IM meter See INTERMODULATION METER. 

immitance Impedance or admittance; a contrac- 
tion of IMPEDANCE and ADMITTANCE. Example: 
a negative-immitance circuit. 

immortal knowledge Knowledge that can be kept 
indefinitely in the form of detailed computer data 
files. Some scientists and sociologists believe that 
this will eventually have a profound effect on the 
way that future generations view history. 

impact excitation See SHOCK EXCITATION. 

impact strength 1. The ability of a component or 
material to withstand mechanical shock loading. 
2. The work required to fracture the material un- 
der shock loading. 

IMPATT diode Acronym for impact avalanche tran- 
sit time diode. A microwave semiconductor (sili- 
con or gallium arsenide) diode exhibiting negative 
resistance resulting from the combined effects of 
charge-carrier transit time and impact avalanche 
breakdown. It is used as an oscillator or ampli- 
fier. 

IMPATT oscillator A microwave oscillator that 
uses an IMPATT DIODE. 

impedance Symbol, Z. Unit, ohm. The total opposi- 
tion offered by a circuit or device to the flow of al- 
ternating current. It is the vector sum of 
RESISTANCE and REACTANCE. This is a COM- 
PLEX NUMBER whose real-number component is 
resistance R, and whose imaginary-number com- 
ponent is reactance jX, mathematically, Z = R + jx. 

impedance angle The angle between the resis- 
tance and impedance vectors in an IMPEDANCE 
TRIANGLE. 
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impedance arm The network branch that contains 
one or more impedances, as opposed to an arm 
that contains only resistance or (predominantly, 
reactance). Also called impedance leg. 

impedance branch See IMPEDANCE ARM. 

impedance bridge 1. An alternating-current (ac) 
bridge (commonly operated at 1 kHz) used to 
measure resistance, inductance, capacitance, 
and resistive components associated with induc- 
tors and capacitors, from which impedance can 
be calculated. 2. Sometimes, an ac half-bridge 
circuit in which an unknown impedance is com- 
pared with a known resistance. 3. A radio- 
frequency bridge circuit whose balancing element 
reads impedance directly in ohms. 

impedance bump A discontinuity in the character- 
istic impedance of a radio-frequency transmis- 
sion line. It is often caused by the use of improper 
splicing techniques. 

impedance coil See CHOKE COIL. 

impedance converter See IMPEDANCE TRANS- 
FORMER. 

impedance-coupled amplifier An amplifier using 
capacitor/coil combinations for interstage and 
output load coupling. 

impedance drop In an alternating-current circuit, 
the complex sum of the resistance drop and reac- 
tance drop. 

impedance ground A ground connection in which 
the impedance at the operating frequency is de- 
termined by a network of resistors, capacitors, 
and/or inductors. 

impedance leg See IMPEDANCE ARM. 

impedance magnetometer A device that is used 
for measuring small local variations in the inten- 
sity of the earth’s magnetic field. A small change 
in the intensity of the magnetic field will cause a 
change in impedance of a nickel-iron wire having 
high permeability. 

impedance match The condition (for maximum 
power transfer) when the transmitting impe- 
dance equals the receiving impedance, or when a 
suitable transformer is inserted between different 
impedances for matching purposes. Also see 
IMPEDANCE MATCHING. 

impedance matching 1. The adjustment or modi- 
fication of two impedances so that they are iden- 
tical, that is, the two resistive components are 
equal, and the two reactive components are 
equal. 2. The insertion of a suitable transformer 
or network between circuits having different 
impedances, for the purpose of optimizing power 
transfer. 

impedance-matching network A network of dis- 
crete components, often adjustable, that is used 
to match a circuit having a certain impedance to 
a Circuit having a different impedance. An 
example is the inductive-capacitive (LC) cou- 
pler, also called a transmatch, commonly used 
to match a radio transmitter to an antenna 
system. 
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impedance-matching transformer See IMPED- 
ANCE TRANSFORMER. 

impedance meter See Z METER. 

impedance plethysmograph An electronic device 
used to measure changes in the chemical content 
of body cells. 

impedance poles See POLES OF IMPEDANCE. 

impedance ratio The quotient of two impedances 
that are related in some situation, such as 
impedance match or impedance mismatch. The 
impedance ratio of a transformer is equal to the 
square of the turns ratio. 

impedance transformer 1. A transformer for con- 
verting an impedance to a different value. The 
turns ratio is equal to the square root of the 
impedance ratio. 2. An emitter follower or source 
follower circuit, used primarily to match a high 
impedance to a lower impedance. 3. A short- 
circuited transmission-line section used to match 
or convert impedances at radio frequencies. 


Z, Primary Secondary + Z 


S 
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impedance triangle A triangular vector diagram in 
which the impedance vector is the hypotenuse, 
and the reactance and resistance vectors are the 
perpendicular sides. 


—R 


impedance triangle 


impedance vector In a vector diagram, the resul- 
tant (vector) representing the combined reactance 
and resistance vectors. Also see IMPEDANCE 
TRIANGLE. 

impedance zeros See ZEROS OF IMPEDANCE. 

imperative macroinstruction A  MACROIN- 
STRUCTION used to create object (machine lan- 
guage) program instructions. 

imperative statement A source language program 
instruction that is converted into object program 
(machine language) instructions. 


imperfection A fault in the lattice of a crystal. Also 
see CRYSTAL LATTICE. 

implementation 1. Putting a system into opera- 
tion and evaluating its performance. 2. Doing 
all that is necessary to install a device or sys- 
tem. 

implosion The inward collapse of an evacuated 
chamber, such as the envelope of a cathode-ray 
tube. It is the opposite of explosion, an outward 
bursting. 

impregnant A substance for the IMPREGNATION 
of electronic components. Examples: waxes, oils, 
liquid plastics, and varnish. 

impregnation The process of filling the spaces 
within a material or structure with an insulating 
compound. Various electronic components, such 
as capacitors, inductors, transformers, transis- 
tors, and diodes, are impregnated for protection 
and stability. 

impressed voltage The voltage applied or pre- 
sented to a circuit or device. 

impulse 1. A signal of extremely short duration 
(e.g., a noise burst). 2. A brief, unidirectional 
surge in voltage (usually) or current. 

impulse excitation Driving a tank circuit with a 
single pulse, then allowing it to oscillate at its 
own frequency until another driving pulse ar- 
rives. 

impulse frequency In a digital telephone, the 
number of pulse periods per second, correspond- 
ing to a dialed digit, generated by the pulse 
springs. 

impulse generator See MARX GENERATOR. 

impulse noise Electrical noise from short-duration 
pulses, such as those produced by an automotive 
ignition system. 

impulse ratio The ratio V,/V;, where V, is the 
breakdown (or flashover or sparkover) voltage 
caused by an impulse, and V, is the correspond- 
ing voltage at the crest of the power-frequency 
cycle. 


Noise peaks Amplitude 


Time 
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impulse relay A relay that is able to close or open 
completely when driven by a short pulse. 

impulse speed The switching rate of a telephone 
dialing device as it transmits pulses. 

impulse timer A  synchronous-motor-driven 
timer whose cams can control many circuits; it 
can advance by a number of specified incre- 
ments, as controlled by an integral stepping 
mechanism. 

impulse transmission A method of transmission 
in which defined impulses are used to denote 
changes in signal content or format. 

impurity A substance added to an intrinsic semi- 
conductor to alter its electrical properties. 

impurity atom In a processed semiconductor ma- 
terial, an atom of an IMPURITY material that pro- 
duces either n- or p-type properties to the 
intrinsic semiconductor. 

impurity density In the manufacturing process of 
a semiconductor material, the amount of impu- 
rity added to the original semiconductor. 

impurity ion In a crystal, an ion in a space be- 
tween atoms, or one taking the place of an atom. 

impurity level 1. The energy existing in a semi- 
conductor material as a result of doping (the ad- 
dition of an impurity). 2. See IMPURITY 
DENSITY. 

impurity material See IMPURITY. 

IN Abbreviation for INTELLIGENT NETWORK. 

In Symbol for INDIUM. 

I, Symbol for the nth value of current in a series of 
values. 

in 1. Abbreviation of INPUT. 2. Abbreviation of 
INCH. 

inaccuracy 1. The state or condition of instru- 
ment error. 2. The difference between the actual 
value of a parameter and the value indicated by 
an instrument. 3. The percentage of instrument 
error. 

inactive leg Within a transducer, an electrical 
component whose characteristic remains un- 
changed when the stimulus (quantity being 
transduced) is applied; specifically, a Wheatstone 
bridge element in a transducer. 

inactive lines In a conventional television picture, 
blanked lines that do not contribute to the visible 
part of the image. Approximately half of these 
lines are at the top of the screen; the other half 
are at the bottom. 

inactive time The period during which a radioac- 
tivity counter is insensitive to ionizing agents. 

incandescence The state of glowing from intense 
heat, as when a metal becomes white hot from an 
electric current flowing through it. 

incandescent lamp A filament-type lamp. The fila- 
ment becomes so hot when an electric current 
passes through it that it glows brilliantly. 

inch Abbreviation, in. A unit of linear measure in 
the English system; 1 in. = 2.54 centimeters 
0.0254 meter. 

inching See JOGGING. 
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inch-pound Abbreviation, in-lb. A unit of work 
equal to a force of 1 pound exerted over a dis- 
tance of 1 inch. Compare FOOT-POUND. 

incident 1. A failure in a computer system requir- 
ing the intervention of an operator in removing or 
revising the job involved. 2. Pertaining to a ray or 
rays of energy striking a surface or boundary, or 
encountering a device (such as an antenna or 
photovoltaic cell). 

incidental AM Undesired amplitude modulation in 
a frequency-modulated signal. Compare INCI- 
DENTAL FM. 

incident field intensity The field strength of an 
electromagnetic field as it arrives at a receiving 
antenna. 

incidental FM Undesired frequency modulation in 
an amplitude-modulated signal. Compare INCI- 
DENTAL AM. 

incidental time Computer time devoted to other 
than program runs or program development. 

incident light The light that strikes or enters an 
altering device or medium. See INCIDENT RAY. 

incident power In a transmission line, the power 
that reaches the end of the line. Compare RE- 
FLECTED POWER. 

incident ray The ray that strikes the surface of a 
reflecting, refracting, or absorbing body. Com- 
pare REFLECTED RAY and REFRACTED RAY. 

incident wave 1. A wave propagated to the iono- 
sphere. Compare REFLECTED WAVE and RE- 
FRACTED WAVE. Also see IONOSPHERE and 
IONOSPHERIC PROPAGATION. 2. A wave that 
encounters a change (in density, for example) ina 
propagation medium or the transition point be- 
tween media. 

in-circuit tester An instrument that permits the 
checking of components (especially transistors) 
without removing them from the circuit in which 
they are wired. 

inclination 1. At a given geographic location, the 
angle between the earth’s magnetic lines of flux 
and the horizon. This angle ranges from O degrees 
at the geomagnetic equator to 90 degrees at the 
geomagnetic poles. Compare DECLINATION, 1. 2. 
The angle between the plane of a satellite orbit 
and the plane containing the equator of the earth, 
planet, or star around which the satellite re- 
volves. Generally measured as the angle at which 
the satellite crosses the equator while passing 
from the southern hemisphere to the northern 
hemisphere. This angle is between O and 90 de- 
grees for satellites in non-retrograde orbits, and 
between 90 and 180 degrees for satellites in ret- 
rograde orbits. 

inclinometer An instrument for measuring INCLI- 
NATION. One form consists of a magnetic needle 
mounted so that it can swing inside a vertically 
mounted circular scale. 

inclusive-OR Also called OR operation. A logical 
operation between two operands, the result of 
which depends on rules for combining bits in 
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each position within the operands: an output of 1 
results if one or both of the bits have a value of 1; 
zero only if both are zero. Compare EXCLUSIVE- 
OR. 

incoherent light Electromagnetic radiation in the 
visible spectrum in which the waves are not 
aligned (not in phase) and can be of more than 
one wavelength. 

incoherent radiation Electromagnetic radiation in 
which the waves are not aligned (not in phase) 
and can be of more than one frequency or wave- 
length. 

incoming inspection The examination of equip- 
ment and materials as they enter a factory or lab- 
oratory, for the purpose of identifying damaged or 
faulty units. 

incoming line A line that enters a device, facility, 
or stage. Compare OUTGOING LINE. 

Incompleteness Theorem A mathematical theo- 
rem of significance in artificial intelligence. For 
any consistent set of axioms (postulates), there 
are always more true statements than provable 
statements. 

incomplete program Also called incomplete rou- 
tine. A computer program of generalized steps 
that must be augmented with specific require- 
ments to be implemented for a given operation. 

inconsistency Contradictory computer state- 
ments, as detected by the program. 

inconsistent equations A set of equations that 
have no common solution. 

Increductor A specialized radio-frequency mag- 
netic amplifier or saturable reactor. 

increment 1. The difference between two succes- 
sive values of a variable. 2. A small change in a 
quantity, such as mass, distance, or time. 3. A 
quantity to be added to another quantity. 4. The 
difference in value between adjacent hash marks 
on a meter scale. 
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incremental computer A computer that operates 
on changes in variables. Example: differential an- 
alyzer. 

incremental digital recorder A magnetic tape 
recorder that moves the tape across the record 
head in increments. 
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incremental display A device that converts digital 
data into a form for display (characters; graphs). 

incremental inductance The inductance exhib- 
ited by an inductor, such as an iron-core choke, 
carrying a direct current. 

incremental permeability The permeability ex- 
hibited by a material when an alternating-current 
magnetizing force is superimposed upon a direct 
current. 

incremental plotter A device that, by direction of 
a computer program, provides the results of a 
program run in the form of curves or points on a 
curve, along with annotational characters. 

incremental representation For incremental 
computers, a method of representing variables in 
terms of changes in the variables. 

incremental sensitivity The smallest change in a 
quantity under measurement that can be de- 
tected by the instrument used. 

ind 1. Abbreviation of indicator. 2. Abbreviation of 
INDUCTANCE (more commonly, L). 3. Abbrevia- 
tion of INDUCTOR (More commonly, L). 

indefinite integral See INTEGRAL, 1. 

Indeo Also called Digital Video Interactive (DVD). A 
method of IMAGE COMPRESSION developed by 
Intel Corporation. 

independent equations A set of equations having 
one common solution. 

independent events In probability and statistics, 
the case where the occurrence of one event has 
no effect on the occurrence of another. 

independent failure A circuit failure whose direct 
cause is not related to malfunctions elsewhere in 
the system. 

independent mode In tracking supplies, an op- 
tional method of operation in which the separate 
units are adjustable independently of each other. 
Compare TRACKING MODE. 

independent variable A changing quantity whose 
value at any instant is not governed by the value 
of any other quantity. Compare DEPENDENT 
VARIABLE. 

index 1. A reference line, hair, or point (e.g., a file 
index). 2. In mathematics, an exponent. 3. A ratio 
of one quantity to another, as index of refraction. 
4. In a computer memory, a table of references in 
a key sequence; it can be addressed to find the 
addresses of other data items. 5. A number that 
is used to select a specific item within an array of 
items in memory. 

index counter Also called tape counter. In a mag- 
netic tape recorder, a (usually electromechanical) 
counting device that the operator can refer to in 
order to find material on the tape. 

indexed address During or preceding the execution 
of a computer program instruction, an address 
that is modified by the content of an index register. 

indexing 1. An information retrieval technique 
used with files on a direct-access storage medium 
or on tables in memory. 2. To modify an instruc- 
tion using an index word. 
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index of modulation In frequency modulation, the 
ratio of carrier frequency deviation to modulating 
frequency. 

index of refraction Symbol, n. The ratio v;¡/v», 
where v is the speed of energy propagation in 
the first medium through which the energy 
passes, and v is the speed in the second 
medium. 

index register Abbreviation, XR. In digital com- 
puter operations, a register holding a modifier 
that allows data to be directly addressed (each 
program refers to an index register when ad- 
dressing storage locations). Also called MODI- 
FIER REGISTER. 

index word A word (bit group) containing a modi- 
fier that will be added to a basic instruction when 
it is executed during a program run. 

India mica High-grade mica mined in India. Its ex- 
cellent dielectric properties make it useful for ca- 
pacitor stacks, high-Q radio-frequency circuits, 
and other critical applications. 

indicated horsepower Abbreviation, ihp. Horse- 
power calculated from data or ratings, as opposed 
to measured horsepower. 

indicated horsepower-hours Abbreviation, ihp- 
hr. Horsepower-hours based on calculation of in- 
dicated horsepower. 

indicating fuse A fuse that provides some signal 
(such as a protruding pin) to show that it has 
blown. 

indicating instrument An instrument, such as a 
meter, that provides direct readings of a mea- 
sured quantity, as opposed to an instrument, 
such as a bridge, that must be manipulated and 
whose operation must often be followed by calcu- 
lations. 

indicating lamp A lamp that is marked or coded so 
that when it is on or off it conveys information. 

indicator 1. Meter (see METER, 1). 2. See MONI- 
TOR. 3. See ANNUNCIATOR. 4. In a computer, a 
device that can be set by a specific condition (e.g., 
by a negative result or error indicator). 

indicator probe A test probe having a built-in me- 
ter. 

indicial response Symbol, I(T). The sum of the 
transient and steady-state responses to a unit 
function. 

indirect addressing In computer programming, 
a technique in which the address in an instruc- 
tion refers to a different location containing an- 
other address, that can specify yet another 
address or an operand. Also called multilevel ad- 
dressing. 

indirect coupling Collectively, capacitive and in- 
ductive coupling, as opposed to direct coupling. 

indirect ground An unintentional ground connec- 
tion (e.g., accidental grounding of part of a cir- 
cuit) or one obtained through a roundabout path. 
Compare DIRECT GROUND. 

indirect light Light that has been reflected from 
one or more surfaces. Compare DIRECT LIGHT. 
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indirectly controlled Influenced by a directly con- 
trolled parameter, but not itself directly con- 
trolled. 

indirectly grounded Connected to earth or to the 
lowest-potential point in a system inadvertently 
or through a roundabout path (e.g., by means 
of an indirect ground). Compare DIRECTLY 
GROUNDED. 

indirectly heated cathode An electron-tube cath- 
ode consisting of a cylindrical or rectangular 
sleeve coated with a substance that is a rich emit- 
ter of electrons; it is heated by a filament inside 
the cylinder. 

indirectly heated thermistor A thermistor whose 
temperature is changed by a built-in heater (fila- 
ment) operated by the control current. 

indirectly heated thermocouple A meter thermo- 
couple heated by a small heater (filament) 
through which the signal current passes. 

indirect material A semiconductor substance in 
which electrons move from the conduction 
band to the valence band in discrete jumps or 
steps. 

indirect measurement The measurement of a 
quantity by comparing it with a similar quantity, 
using an instrument that requires adjustment or 
manipulation (rather than a simple meter). For 
example, resistance can be measured with a 
bridge, instead of an ohmmeter. Compare DI- 
RECT MEASUREMENT. 

indirect piezoelectricity In a piezoelectric crystal, 
the application of a voltage for the purpose of pro- 
ducing a strain on the crystal. A piezoelectric 
buzzer operates on this principle. 

indirect scanning A method of video scanning, in 
which a fast-moving spot of light scans the film or 
an object and is passed through the film (or re- 
flected by the object) to a photocell. 

indirect wave 1. In communications, a wave that 
arrives at a receiver after having traveled via re- 
fraction, reflection, or both. 2. A radio wave prop- 
agated via the ionosphere. 3. A wave reflected 
from some object, such as the moon or a meteor 
trail. 4. A wave received from a satellite, originat- 
ing from a distant earth station. 

indium Symbol, In. A metallic element. Atomic 
number, 49. Atomic weight, 114.82. Used as a 
dopant in semiconductor processing. 


Ionized layer 


indirect wave 
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indoor antenna An antenna erected and operated 
in a building, but kept away from other objects as 
much as possible. 

indoor radiation Electromagnetic radiation from 
the part of an antenna feeder or lead-in that is in- 
side the transmitter building. 

indoor transformer A power service transformer 
that, for protection against the elements, is in- 
stalled inside the building it serves. 

induced Brought about by the influence of a mag- 
netic or electric field. 

induced charge An electric charge produced in a 
body by the electric field surrounding another 
charge. 

induced current An alternating current estab- 
lished in one circuit by the alternating magnetic 
field of another circuit. Also see INDUCTION. 

induced EMF See INDUCED VOLTAGE. 

induced failure A form of component failure that 
occurs because of operation beyond the normal 
specifications. 

induced voltage An alternating voltage set up 
across one circuit (especially a coil) by the alter- 
nating magnetic field of another circuit. Also see 
INDUCTION. 

inductance Symbol, L. Unit, henry. In a conduc- 
tor, device, or circuit, the inertial property 
(caused by an induced reverse voltage) that op- 
poses the flow of current when a voltage is ap- 
plied; it opposes a change in current that has 
been established. Also see HENRY, INDUCTION, 
and MUTUAL INDUCTANCE. 

inductance bridge An alternating-current bridge 
for measuring inductance in terms of a standard 
inductance or a standard capacitance. See, for 
example, HAY BRIDGE, MAXWELL BRIDGE, and 
OWEN BRIDGE. 

inductance-capacitance Abbreviation, LC. 1. A 
combination of inductance and capacitance in a 
circuit, such as a filter, a parallel-resonant cir- 
cuit, or a series-resonant circuit. 2. Pertaining to 
a device for measuring inductance and capaci- 
tance (e.g., LC bridge and LC meter). 

inductance-capacitance bridge An alternating- 
current bridge for measuring inductance and ca- 
pacitance only. 

inductance-capacitance filter A filter composed 
of inductors and capacitors. Also called LC filter. 

inductance-capacitance meter A direct-reading 
meter for measuring inductance and capacitance. 

inductance-capacitance-resistance Abbrevia- 
tion, LCR. 1. A combination ofinductance, capac- 
itance, and resistance in a circuit, such as a basic 
tuned circuit. The resistive component represents 
loss in the inductor and capacitor. 2. Pertaining 
to a device for measuring inductance, capaci- 
tance, and resistance (e.g., LCR bridge and LCR 
meter). 

inductance-capacitance-resistance 
IMPEDANCE BRIDGE. 

inductance coil See INDUCTOR. 


bridge See 
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inductance filter A filter using only an inductor, 
usually a coil of wire. 

inductance-resistance time constant The time 
constant t (see ELECTRICAL TIME CONSTANT) of 
a circuit containing, ideally, only inductance and 
resistance. Mathematically, t = LR, where t is in 
seconds, L is the inductance in henrys, and R is 
the resistance in ohms. Also called LR time con- 
stant. 

inductance standard A highly accurate, stable in- 
ductor used in precision measurements. Also see 
PRIMARY STANDARD and SECONDARY STAN- 
DARD. 

induction 1. The ability of an alternating, pulsat- 
ing, or otherwise changing current flowing in one 
circuit to set up a current in a nearby circuit. The 
circuits need not be physically connected, but 
need only be linked by magnetic lines of flux. Also 
see SELF-INDUCTION. 2. The phenomenon 
whereby a body becomes electrically charged by 
the field surrounding a nearby charged body. 
Also see ELECTRIC CHARGE. 

induction coil A special high-voltage step-up 
transformer having an open core and a vibrator- 
interrupter in series with the primary winding, 
which carries direct current from a battery. The 
current is broken up into short pulses by the in- 
terrupter, and a high alternating-current voltage 
is generated in the secondary winding. 

induction compass A compass whose indications 
depend on current induced in a coil revolving in 
the earth’s magnetic field. Compare GYROCOM- 
PASS and MAGNETIC COMPASS. 

induction factor The ratio of total current to non- 
productive current in an alternating-current cir- 
cuit. 

induction field The portion of an electromagnetic 
field that returns to a radiator, such as a coil, as 
opposed to the RADIATION FIELD. 

induction frequency converter A mechanical de- 
vice used for converting a signal at a fixed fre- 
quency to a signal at another fixed frequency. 

induction furnace A furnace in which high- 
frequency magnetic fields induce currents in 
metal ores, causing the ore to become hot enough 
to melt. 

induction heater A high-power, radio-frequency 
generator designed especially for induction heat- 
ing. 

induction heating The heating of metallic work 
samples by placing them in (but insulated from) a 
WORK COIL carrying current from a high-power 
radio-frequency generator. The workpiece is heated 
by radio-frequency currents induced in it as a re- 
sult of the intense alternating magnetic field within 
the coil. Compare DIELECTRIC HEATING. 

induction loss Loss of energy from a current- 
carrying conductor because of inductive coupling 
to a nearby conductor. 

induction modulator See ELECTROMECHANI- 
CAL MODULATOR. 
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induction motor An electric motor in which the 
stator’s rotating magnetic field makes the rotor 
revolve. 

induction speaker An acoustic loudspeaker in 
which an audio-frequency current is passed 
through a diaphragm or coil located in a constant 
magnetic field. This results in movement of the 
diaphragm or coil. 

induction transducer See INDUCTIVE TRANS- 
DUCER. 

induction-type landing system See DINGLEY 
INDUCTION-TYPE LANDING SYSTEM. 

induction welding Welding in which the heating 
current flowing in the workpieces is induced by 
an electromagnetic field. 

inductive capacitor A wound capacitor in which 
the inductance of the roll is controlled and speci- 
fied. Such a capacitor is useful in compact filters 
and in single-frequency bypassing, where the re- 
active components are supplied by the capacitor. 
Compare NONINDUCTIVE CAPACITOR. 


Metal case 


Dielectric 


Spirally wound 
plates 


inductive capacitor 


inductive circuit 1. A circuit in which inductance 
predominates. 2. A (theoretical) circuit containing 
inductance only. 

inductive coupling The transfer of energy between 
two inductors (or inductive devices) by a linking 
electromagnetic field. Also see COEFFICIENT OF 
COUPLING, COUPLING, INDUCTION, and MU- 
TUAL INDUCTANCE. 

inductive feedback See MAGNETIC FEEDBACK. 

inductive heater See INDUCTION HEATER. 

inductive heating See INDUCTION HEATING. 

inductive kick See BACK VOLTAGE and KICK- 
BACK. 

inductive load A load device that approaches a 
pure inductive reactance (e.g., loudspeaker and 
electric motor). 

inductive loading In an antenna, the addition of 
inductance in series with the element(s). This re- 
duces the resonant frequency for a radiator hav- 
ing a given physical length. It can also serve to 
reduce the physical length required for a radiator 
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having a specified resonant frequency. Compare 
CAPACITIVE LOADING. 

inductive logic A form of reasoning that demon- 
strates that a certain conclusion is highly proba- 
ble, given a certain set of circumstances. This is 
of interest to researchers in artificial intelligence 
(AI). Compare DEDUCTIVE LOGIC. 

inductive microphone A microphone in which 
sound waves vibrate a conductor or coil in a 
strong magnetic field, producing a corresponding 
alternating-current output by the resulting in- 
duction. Example: dynamic microphone. 

induction neutralization Neutralization of a vac- 
uum-tube radio-frequency power amplifier, via 
negative feedback from the output to the input 
through coupling coils. 

inductive reactance Symbol, X, Unit, ohm. The 
reactance exhibited by an ideal inductor, consid- 
ered as a positive imaginary-number quantity; X, 
= j6.28f,, where X, is in ohms, fis the frequency 
in Hertz, L is the inductance in henrys, and j is 
the unit imaginary number (the square root of 
—1). Alternatively, fcan be specified in megahertz, 
and L in microhenries. In a pure inductive reac- 
tance, current lags 90 degrees behind voltage. 
Also see INDUCTANCE, INDUCTION, INDUCTOR, 
and REACTANCE. 

inductive switching Switching operations in a cir- 
cuit containing an inductor. Switching time is 
influenced by the INDUCTANCE-RESISTANCE 
TIME CONSTANT of the inductor; overall opera- 
tion is affected by the back voltage generated by 
the inductor. 

inductive transducer A transducer in which the 
sensed phenomenon causes a change in induc- 
tance (or reluctance), which, in turn, causes a 
proportional change in output current, voltage, 
frequency, or bridge balance. Compare CAPACI- 
TIVE TRANSDUCER, CRYSTAL TRANSDUCER, 
MAGNETIC TRANSDUCER, and RESISTIVE 
TRANSDUCER. 
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inductive trimmer See TRIMMER INDUCTOR. 

inductive tuning Also called permeability tuning. 
In a radio receiver, transmitter or transceiver, the 
adjustment of frequency by changing the induc- 
tance of a coil having a movable core. 

inductivity See DIELECTRIC CONSTANT. 

inductometer An instrument for measuring in- 
ductance in terms of the resonant frequency of an 
INDUCTANCE-CAPACITANCE (LC) circuit, in 
which Lis the unknown inductance and C is cal- 
ibration capacitance. 

inductor A coil of wire wound according to various 
designs, with or without a core of ferromagnetic 
material, to concentrate the magnetic flux result- 
ing from current flowing in the wire. The coiling of 
the wire and/or the addition of a ferromagnetic 
core increases the self-inductance compared with 
that of a straight wire having the same length. 
Also see INDUCTANCE; INDUCTION, 1; and 
SELF-INDUCTANCE, 1. 

inductor alternator See ALTERNATOR. 

inductor amplifier See MAGNETIC AMPLIFIER. 

inductor decade See DECADE INDUCTOR. 

inductor microphone See INDUCTIVE MICRO- 
PHONE. 

inductors in parallel See PARALLEL INDUCTORS. 
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inductors ¡in parallel-series See PARALLEL- 
SERIES INDUCTORS. 

inductors in series See SERIES INDUCTORS. 

inductors in series-parallel See SERIES-PARAL- 
LEL INDUCTORS. 

inductor substitution box An enclosed assort- 
ment of common-value inductors that can be 
switched, one at a time, to a pair of terminals. In 
troubleshooting and circuit development, any of 
several useful fixed inductances can be thus ob- 
tained. 

industrial data processing Abbreviation, IDP. The 
application of digital computers and associated 
equipment to industrial problems, through the 
classification, sorting, storing, and manipulation 
of information. 

industrial electronics The branch of electronics 
concerned with manufacturing processes and 
their control, and with the operation and safe- 
guarding of factories. 

industrial instrumentation 1. Supplementing an 
industrial process with electrical and electronic 
measuring instruments. 2. The instruments used 
for the purpose defined in 1. 

industrial television Abbreviation, ITV. A usually 
closed-circuit television (CCTV) system, used as 
an adjunct to a manufacturing process, or as a 
means of communication or surveillance within 
an industrial plant. 

industrial robot A robotic device used in indus- 
trial applications (e.g., mining, construction, 
manufacturing, or laboratory work). 

industrial tube An (often heavy-duty) highly reli- 
able vacuum tube designed expressly for indus- 
trial service, such as high-power radio or 
television broadcasting. 

ineffective time The period during which an oth- 
erwise operational computer is not being used ef- 
fectively because of delays or idle time. 

inelastic collision A collision between charged 
particles in which one gains energy and the other 
loses energy. 

inert gas A gas that does not readily react with 
other elements. Inert gases include argon, helium, 
krypton, neon, and xenon. Such gases are often 
used in hermetically sealed devices to retard cor- 
rosion. 

inertance See ACOUSTIC INDUCTANCE. 

inertia The tendency of a body at rest to remain at 
rest unless acted on by an outside force. Also, the 
tendency for a body in motion to maintain that 
motion unless acted on by an outside force. Com- 
pare MOMENTUM. 

inertia in electric circuit The condition in a cir- 
cuit containing inductance, in which a current 
change lags behind a voltage change (analogous 
to mechanical inertia; see INERTIA). 

inertial guidance A system that automatically 
guides missiles and satellites in a desired trajec- 
tory without the need for continuous control by 
signals from a station. 
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inertia relay A time-delay relay whose operation is 
slowed by the addition of weights or other attach- 
ments. 

inertia switch A switch that can sense a distur- 
bance of its inertia. 

inference engine A circuit that gives instructions 
to a computer or robot, by applying programmed 
rules to commands issued by a human operator. 
Comprises the functional portion of an EXPERT 
SYSTEM. 

infinite Pertaining to a quantity or region that has 
no defined limits. 

infinite baffle A loudspeaker baffle having no 
openings for the passage of sound from the front 
to the back of the speaker cone. 

infinite-impedance detector A detector that of- 
fers the very high input impedance of a gate- 
source circuit and the large-signal capabilities of 
a diode detector. Audio-frequency output is taken 
across the source resistor, which is bypassed for 
radio-frequency signals. There is no drain resis- 
tor. Drain current increases with the input signal 
from a very low value at zero signal level. 
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infinite line See INFINITE TRANSMISSION LINE. 

infinite regress A reasoning pattern (either hu- 
man or machine-based) that is fallacious because 
it defines or explains something in terms of itself. 

infinite sample space In statistics, a sample 
space having no definite limits. 

infinite series A mathematical series in which the 
number of terms is limitless. For example, % = 0.1 
+ 0.06 + 0.006 + 0.0006 +... 

infinitesimal 1. A quantity, such as a differential, 
that approaches zero as the limit. 2. Pertaining to 
a quantity whose magnitude is extremely small or 
negligible. 3. Pertaining to an extremely small 
change in a quantity or measured value. 

infinite transmission line A theoretical transmis- 
sion line with normal characteristics, but extend- 
ing away from the signal generator or receiver for 
a limitless distance. 
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infinity Symbol, ~. A quantity that is unlimited in 
duration or dimension. A quantity that increases 
without limit is sometimes said to “approach in- 
finity.” 

infix notation A system of logical operation nota- 
tion wherein operands are separated by opera- 
tors, thus, A & B, where the ampersand means 
AND. Compare PREFIX NOTATION. 

Infobahn See INFORMATION SUPERHIGHWAY. 

infobond On a printed circuit board, a form of 
wiring on the side opposite the components. The 
wiring is used in place of the foil normally on 
such a circuit board. 

information 1. Collectively, data or communica- 
tions, excluding the symbols or signals used to 
describe, present, or store them. 2. The result of 
data processing (i.e., that which is derived from 
the compilation, analysis, and distillation of 
data). 

information bits In an encoded signal, data char- 
acters or digits that can be treated to give infor- 
mation (excluding control characters). 

information center A storage bank designed for 
use by many different subscribers, via computer. 

information channel A channel through which 
data and associated signals are transmitted and 
received. 

information feedback system In message trans- 
mission, a control system in which intelligence 
received at a terminal is returned to the sending 
unit for automatic verification. 

information gate A device or circuit that opens 
and closes an information channel. 

“information processor” species Anything that 
uses data to derive conclusions, to produce other 
data, or to take specific actions, and whose func- 
tioning can be explained entirely on the basis of 
data-processing operations. This includes com- 
puters and smart robots. Many (but not all) sci- 
entists believe that animals are also included; 
some believe that human beings qualify as well. 

information retrieval In digital computer and 
data-processing operations, the categorizing and 
storage of information and the automatic recall of 
specific file items. Also see ACCESS TIME. 

information separator An indicator that sepa- 
rates items of information or fields in a (usually 
variable-length) record. 

information storage In digital computer and data 
processing operations, holding information in 
memory pending retrieval. 

information superhighway 1. General expression 
for a worldwide network consisting of computers 
(personal, educational, industrial, and govern- 
ment) interconnected by telephone lines. 2. See 
INTERNET. 3. A massive, evolving, somewhat 
controversial data communication network link- 
ing computers, television, and telephone sys- 
tems. It uses high-speed, high-volume data links. 
Communication technologies include fiberoptics, 
radio-frequency repeaters, microwaves, geosta- 
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tionary satellites, and low-earth-orbit (LEO) satel- 
lite systems. 

information word A character group representing 
stored information and managed, as a unit, by 
hardware or software. 

infra- Prefix meaning below or lower than (e.g., IN- 
FRARED). 

infrablack region In a composite video signal, the 
blacker-than-black region (see BLACKER THAN 
BLACK). 

infradyne receiver A superheterodyne receiver in 
which the intermediate frequency is the sum of 
the signal and oscillator frequencies, rather than 
their (usual) difference. 

infrared Pertaining to electromagnetic energy in a 
band whose wavelength is longer than that of vis- 
ible light, but shorter than that of microwave en- 
ergy. 

infrared communication Communication by key- 
ing or modulating infrared rays. 

infrared counter-countermeasure A military tac- 
tic in which action is taken against an enemy in- 
frared countermeasure. 

infrared countermeasure A military tactic using 
countermeasure methods to cripple enemy in- 
frared equipment. 

infrared detector A device that senses the pres- 
ence of infrared energy. Some such detectors are 
bolometers, radiometers, radiomicrometers, and 
photocells. 

infrared-emitting diode Abbreviation, IRED. A 
semiconductor diode, such as the galium- 
arsenide type, that emits infrared rays when a 
current passes through the p-n junction in the 
forward direction. 

infrared guidance A navigation and reconnais- 
sance system using infrared rays. 

infrared homing The method whereby a guided 
missile uses infrared rays to guide it to its target. 

infrared light See INFRARED RAYS. 

infrared motion detector See MOTION DETEC- 
TOR and INFRARED. 

infrared photography Photography in which the 
scene is illuminated with infrared light or emits 
infrared rays, and the film is infrared sensitive. 

infrared radiation See INFRARED RAYS. 

infrared rays Radiation at frequencies in the IN- 
FRARED region. Also (somewhat mistakenly) 
called heat rays. 

infrared remote control 1. The use of an infrared 
link, usually over short line-of-sight distances, 
for the purpose of controlling the operation of 
electronic equipment. A common example is the 
local remote control of a television receiver or 
high-fidelity system. 2. A small box, containing 
buttons, a transmitter and an infrared-emitting 
diode (IRED), used for local remote control of de- 
vices, such as television receivers and high- 
fidelity sound systems. 

infrared spectrum The region of the electromag- 
netic spectrum in which INFRARED radiation is 
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found. This band lies between the microwave ra- 
dio spectrum and the visible-light spectrum. 

infrared therapy The use of infrared rays by 
physicians and other practitioners to treat cer- 
tain disorders. 

infrared waves Electromagnetic waves whose 
lengths are greater than those of visible light 
waves, but less than those of microwaves. 

infrared window Any portion of the infrared spec- 
trum in which energy is easily transmitted 
through the lower atmosphere of the earth. 

infrasonic Pertaining to acoustic disturbances 
whose frequencies are below the range of human 
hearing (less than about 20 Hz). 

infrasonic intrusion detector A system that de- 
tects the presence of extremely low-frequency 
acoustic disturbances, and sends a signal to an 
alarm. Such INFRASONIC waves can be caused 
by various actions such as walking on a wooden 
floor, opening or closing a door, etc. 

infrasonics The branch of physics dealing with IN- 
FRASONIC phenomena. 

infrasound Acoustic disturbances in the air, 
whose frequencies are lower than about 20 Hz, 
and whose wavelengths are longer than about 55 
feet (17 meters). 

inharmonic distortion Distortion in which the fre- 
quencies of extraneous components are not har- 
monically related to the fundamental frequency. 
It is sometimes experienced when a tone-burst 
signal is applied to a loudspeaker. 
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inherent component A (usually extraneous) prop- 
erty possessed by a device because of its internal 
peculiarities. Thus, an inductor has inherent ca- 
pacitance; a capacitor has inherent inductance. 

inherited error In an extended calculation, an er- 
ror carried through from one of the earlier steps. 
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inhibit 1. In digital computer and logic operations, 
to prevent an action or block the input of data by 
means of a pulse. 2. To delay an action or pro- 
cess. 

inhibit gate A pulse-actuated gate circuit that acts 
as an INHIBITOR. 

inhibitor 1. A device or circuit that produces a 
pulse or signal that prevents an action, or that 
blocks data input. 2. An additive, such as an or- 
ganic liquid, that delays the hardening of a mix- 
ture, such as an encapsulating compound. 

inhibit pulse In a computer, a drive pulse that pre- 
vents other pulses from changing the direction of 
magnetization in the cells of a magnetic core 
memory. 

inhibit signal In digital computer and logic opera- 
tions, the signal that causes an INHIBIT action. 

initial drain 1. The current supplied by a battery or 
cell at its rated voltage. 2. The current delivered 
by a rechargeable battery or cell when it is put to 
use immediately after receiving a full charge. 

initial failure The first failure occurring in the op- 
eration of a circuit or device. 

initial instructions A resident computer routine 
used to aid program loading. Also called initial or- 
der. 

initial ionizing event In the operation of a ra- 
dioactivity counter, the first event that starts the 
chain of similar events constituting the count. 

initialization A computer program instruction 
that sets the value of a variable to zero. 

initial permeability Permeability in the low mag- 
netization region of a material. 

initial time delay Abbreviation, ITD. In acoustics, 
the elapsed time between the instant the direct 
sound wave is first heard, and the instant the 
first echoes (reflected sound waves) arrive. 

initiate See TRIGGER. 

injection 1. Introducing a signal into a circuit or 
device. 2. Introducing charge carriers (electrons 
or holes) into a semiconductor. 

injector 1. An element or electrode for INJECTION. 
2. A device or circuit that injects a signal into an- 
other device or circuit. 

injector electrode See INJECTOR, 1. 

ink bleed In the printing of matter for optical char- 
acter recognition, ink flow around the characters, 
often making them unrecognizable to the reader. 

inkjet galvanometer A galvanometer whose move- 
ment controls the pressure of a jet of ink for mak- 
ing a recording on a paper chart. Also see 
LIQUID-JET OSCILLOGRAPH. 

inkjet printer A printer commonly used with per- 
sonal computers, in which images are created by 
jets of ink sprayed directly onto the paper. Noted 
for low operating noise level, high image resolu- 
tion, and excellent color-reproduction capability. 

ink-mist recorder A graphic recorder in which the 
line is traced by a mist of ink. 

ink recorder A graphic recorder using a pen-and- 
ink stylus. 
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ink squeeze-out In the printing of matter for opti- 
cal character recognition, the squeezing of ink 
from a character's center. 

ink-vapor recorder See INK-MIST RECORDER. 

in-lb Abbreviation of INCH-POUND. 

inlead The part of an electrode that passes through 
the external shell or case of a component. 

inline procedure The main portion of a COBOL 
computer program, responsible for the primary 
operations. 

inline processing The action peculiar to a system 
that processes data almost immediately upon re- 
ceipt (i.e., one that need not be capable of storing 
a lot of unprocessed data). 

inline readout In digital computer operations, a 
readout device that displays digits side-by-side 
horizontally. 

inline subroutine A subroutine that must be writ- 
ten each time it is needed, as compared with one 
that can be accessed by a program branch. 

inline tuning Tuning of all the stages of a channel, 
such as an intermediate-frequency amplifier, to 
the same frequency. 

inner conductor The inner wire or rod of a coaxial 
cable or coaxial tank. It generally carries the sig- 
nal, and is isolated from the surrounding envi- 
ronment by the grounded OUTER CONDUCTOR. 

inorganic Consisting of materials other than car- 
bon compounds; therefore, it is not related to liv- 
ing things. 

inorganic electrolyte Any electrolyte that is com- 
pletely inorganic: containing no compounds of 
carbon. 

in phase The condition in which alternating or pul- 
sating waves or wave phenomena are in step with 
each other at all points. Compare OUT-OF-PHASE. 


in phase 


in-phase carrier See I-PHASE CARRIER. 

in-phase current Resistive current in an ac circuit 
(i.e., current in phase with voltage). Compare 
QUADRATURE CURRENT. 

in-phase feedback Feedback in phase with a main 
signal. Also called POSITIVE FEEDBACK and RE- 
GENERATION. 

in-phase voltage A voltage that is in phase with 
another (reference) voltage. 

in-plant system An automatic data communica- 
tions system within a specific building or complex. 
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input 1. Energy or information delivered or trans- 
ferred to a circuit or device. 2. The terminals of a 
device or circuit to which energy or information is 
applied. 3. To deliver or transfer energy or infor- 
mation to a circuit or device (as to input data 
from a computer peripheral to memory). 

input admittance Symbol, Y;. The internal admit- 
tance of a circuit or device, as “seen” from the in- 
put terminals; the reciprocal of input impedance. 
Compare OUTPUT ADMITTANCE. 

input area In a computer memory, an area set 
aside for data input from a source other than a 
program. 

input bias current The input bias required by an 
operational amplifier. 

input capacitance Symbol, C;. 1. The internal ca- 
pacitance of a circuit or device, as “seen” from the 
input terminals. Compare OUTPUT CAPACI- 
TANCE. 2. The grid-cathode capacitance of a vac- 
uum tube. 

input capacitor 1. In a capacitance-coupled cir- 
cuit, the input coupling capacitor. Compare OUT- 
PUT CAPACITOR. 2. The first capacitor in a 
capacitor-input filter (i.e., that capacitor electri- 
cally nearest the rectifier output electrode). 

input choke The first choke in a choke-input filter 
(i.e., that choke electrically nearest the rectifier 
output electrode, when no preceding capacitor is 
used). 

input circuit The circuit or subcircuit constituting 
the input section of a network or device. Compare 
OUTPUT CIRCUIT. 

input clamp current The current from an input 
when the input is in a state below ground poten- 
tial. A test for the input clamp diode. 

input conductance Symbol, G, The internal con- 
ductance of a circuit or device, as “seen” from the 
input terminals; it is the reciprocal of INPUT RE- 
SISTANCE. Compare OUTPUT CONDUCTANCE. 

input coupling capacitor See INPUT CAPACITOR, 
1 


input coupling transformer See INPUT TRANS- 
FORMER. 

input current Symbol, I. 1. The current delivered 
to a circuit or device. 2. Current flowing in the in- 
put leg or electrode of a circuit or device. 

input device 1. A device, such as an input trans- 
former, that couples energy or information to a 
circuit or device. Compare OUTPUT DEVICE. 2. A 
device through which another device receives 
data. 

input equipment Collectively, input devices used 
with a computer. 

input error voltage In an operational amplifier, 
the error voltage at the input terminals when a 
feedback loop operates around the amplifier. 

input extender A diode network that provides in- 
creased fan-in for a logic circuit. Also see FAN-IN, 
1. 

input gap Ina velocity-modulated tube, the gap in 
which the electron stream is initially modulated. 
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input guarding A method of eliminating stray cou- 
pling among inputs in an integrated circuit. A 
shield is provided at the input; it is driven to fol- 
low along with the input voltage. This ensures low 
loss and minimum errors resulting from un- 
wanted coupling. 

input impedance Symbol, Z. The internal im- 
pedance of a circuit or device, as “seen” from the 
input terminals. Compare OUTPUT IMPEDANCE. 

input limited The processing time limitation im- 
posed by an input unit on the speed of a program 
run. 

input noise current At the input of an integrated 
circuit, the root-mean-square (rms) or peak-to- 
peak (pk-pk) noise current existing within a spec- 
ified range of frequencies. 

input noise current density The noise current, 
usually expressed as a root-mean-square (rms) 
value, in a band 1 Hz wide around a given fre- 
quency. 

input noise voltage At the input of an integrated 
circuit, the root-mean-square (rms) or peak-to- 
peak (pk-pk) noise voltage existing within a spec- 
ified range of frequencies. 

input noise voltage density The noise voltage, usu- 
ally expressed as a root-mean-square (rms) value, 
in a band 1 Hz wide around a given frequency. 

input offset current In an operational amplifier, 
the difference between the currents going to the 
input terminals when the output is zero. 

input offset voltage In an operational amplifier, 
the potential that has to be applied between the 
input terminals for a zero output voltage. 

input/output Abbreviation, I/O. 1. Data transmit- 
ted to, or received from, a computer. 2. A terminal 
through which data is transmitted to, or received 
from, a device. 

input/output bound A condition affecting a sys- 
tem in which the time consumed by input and 
output operations is greater than that required 
for other processes. 

input/output buffer A computer memory area 
specifically reserved for the receipt of data coming 
from or going to a peripheral. 

input/output control The part of a computer sys- 
tem that coordinates activity between a central 
processor and peripherals. 

input/output equipment 1. In digital computer 
operations, devices for entering information into 
the computer or for reading information from it. 
Examples: keyboard, mouse, display, and optical 
scanner. 2. In robotics and artificial intelligence, 
a data link between a controller and one or more 
robots, and/or between or among two or more 
controllers. 

input/output isolation Arrangement or operation 
of a circuit or device so that there is no direct 
path between input and output terminals around 
the circuit or device. Also see ISOLATION. 

input/output module See INPUT/OUTPUT 
EQUIPMENT. 
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input/output routine A routine for simplifying the 
programming of standard input/output equip- 
ment operations. 

input/output switching The allocation of more 
than one channel to peripherals for communica- 
tions with a central processor. 

input/output voltage differential At a given load 
current, the potential difference that is necessary 
for an integrated circuit to operate according to 
its output voltage specifications. 

input power Symbol, P;. 1. The power presented to 
the input terminals of a circuit or device. Also 
called POWER INPUT. Compare OUTPUT 
POWER. 2. The operating power of a circuit or de- 
vice (i.e., the power-supply requirement). 

input protection In an integrated circuit, a 
means of preventing damage to the device from 
excessive voltage at the input, such as transient 
spikes or the result of malfunctioning of some 
other circuit. 

input record 1. A computer record of immediate 
interest that is ready for processing. 2. During a 
computer program run, a record read into mem- 
ory from an input device. 

input recorder A device that makes a permanent 
record of the signals or data input to a circuit or 
system. 

input register In a computer, a register that re- 
ceives data from a peripheral relatively slowly and 
then passes it on to a central processor at a faster 
speed as a sequence of informational units. Also 
see REGISTER. 

input resistance Symbol, R;. The internal resis- 
tance of a circuit or device, as “seen” from the in- 
put terminals. Compare OUTPUT RESISTANCE. 

input resonator In a velocity/modulated tube, the 
resonator in which electron bunching occurs. 

input routine A computer program section that 
manages data transferal between an external 
storage medium and a memory input area. 

input section 1. See INPUT ROUTINE. 2. See IN- 
PUT AREA. 

input sensitivity 1. The level of input-signal am- 
plitude that will result in a certain signal-to-noise 
ratio at the output of a device. The specified sig- 
nal-to-noise ratio is usually 10 or 20 dB. 2. The 
level of input signal in a frequency-modulated de- 
vice, required to produce a specified amount of 
noise quieting. The specified level of noise quiet- 
ing is usually 20 dB. Alternatively, 12-dB SINAD 
(ratio of signal to the level of noise and distortion) 
can be specified. 3. The minimum level of input 
voltage required to actuate a logic gate. 

input signal The signal (current, voltage, and 
power) presented to the input terminals of a cir- 
cuit or device for processing. 

input tank Ina double-tuned stage of a transmit- 
ter or power generator, the tank circuit in which 
the input signal is resonated. This is generally 
the base or gate circuit. Compare OUTPUT 
TANK. 
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input terminals Terminals (usually a pair) associ- 
ated with the input section of a circuit or device. 
Compare OUTPUT TERMINALS. 

input transformer The transformer that delivers 
signal voltage or power to the input circuit of a 
network or device. Compare OUTPUT TRANS- 
FORMER. 

input uncertainty The combination of all parame- 
ters that result in adverse behavior in an opera- 
tional amplifier. 

input unit In a digital computer, the device or cir- 
cuit that receives information from peripherals. 

input voltage 1. Symbol, E, or V; The voltage pre- 
sented to a circuit or device. Compare OUTPUT 
VOLTAGE, 1. 2. The voltage across the input leg 
or electrode of a circuit or device. Compare OUT- 
PUT VOLTAGE, 2. 

input-voltage drift For an integrated circuit (IC), 
the time- and temperature-dependent change in 
output voltage divided by the IC’s open-loop volt- 
age gain. 

input-voltage offset For a differential amplifier, 
the input signal voltage at the differential input 
that results in zero output voltage. 

input-voltage range The range, in volts, over 
which the input voltage can fluctuate in an inte- 
grated circuit so that the common-mode rejection 
ratio (CMRR) specifications are not exceeded. 

input winding The signal winding of a magnetic 
amplifier. 

inquiry A programmed request for information 
from storage in a computer. 

inquiry display terminal A video display/key- 
board terminal used to make an inquiry to a com- 
puter system, and display the response. 

inquiry station A terminal from which an inquiry 
can be sent to a central computer. 

inrush The initial surge of current that occurs 
when voltage is first applied to the primary wind- 
ing of a transformer with no load connected. 

inscribe To convert data to a form on a document 
that is readable by a character-recognition device, 
as through the use of magnetic ink, for example. 

insect robot A member of a fleet of robots, all of 
which are under the control of a single computer. 
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The term arises because the system functions 
like an anthill or beehive, in which the individual 
machines are “stupid,” but the system as a whole 
is “smart.” Such robots often have six legs, like 
insects. Compare AUTONOMOUS ROBOT. 

insert A (usually metallic) bushing that can be 
molded into a plastic part (or pressed into it after 
molding is completed) to provide a bearing sleeve 
or threaded hole. 

insert core A ferromagnetic core whose position 
can be adjusted to vary the inductance of the coil 
surrounding it. 

insert edit 1. In magnetic tape recording, a section 
of tape on which new audio is recorded over ex- 
isting audio. 2. The process of recording new au- 
dio over existing audio in a defined interval on a 
magnetic tape. 

insertion gain In a circuit or system, the gain re- 
sulting from the amplifier inserted into the sys- 
tem; it is usually expressed in decibels. Compare 
INSERTION LOSS. 

insertion loss Loss of energy or gain by placing 
certain devices or subcircuits (filters, impedance 
matchers, etc.) in a circuit. It is usually expressed 
in decibels. Also see INSERTION RESISTANCE. 

insertion phase shift The difference in phase pro- 
duced by a circuit installed in an electrical trans- 
mission line. 

insertion resistance The resistance of a com- 
ponent or instrument that is introduced into 
a Circuit. Thus, the internal resistance of a 
microammeter becomes an insertion resistance 
in the circuit in which the meter is connected for 
current measurement. 

inside antenna See INDOOR ANTENNA. 

inside diameter Abbreviation, ID. The innermost 
diameter of a body or figure having two concen- 
tric diameters. Compare OUTSIDE DIAMETER. 

inside lead See START LEAD. 

inside radiation See INDOOR RADIATION. 

inside spider A voice-coil centering device within a 
loudspeaker. 

inst 1. Abbreviation of INSTRUMENT or INSTRU- 
MENTATION. 2. Abbreviation of INSTANT. 

instability Inconsistency in the operation of a cir- 
cuit or device, in the parameters of a device, or in 
an electrical quantity. It can be attributed to a 
number of causes, including temperature, load- 
ing, age, humidity, negative resistance, and ra- 
dioactivity. 

installation tape number An identification num- 
ber given to a reel of magnetic tape by the pro- 
cessing facility. 

instant Abbreviation, inst. The point in time at 
which an event occurs, or at which a quantity 
reaches a particular value. 

instantaneous Occurring at a specified moment, 
or instant, of time. 

instantaneous amplitude The amplitude, speci- 
fied in amperes, volts, or watts, of a signal, spec- 
ified at a particular moment in time. 
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instantaneous automatic gain control Abbrevia- 
tion, IAGC. An automatic gain control whose op- 
eration almost immediately follows a change in 
signal amplitude. 

instantaneous automatic volume control Abbre- 
viation, IAVC. An instantaneous automatic gain 
control system for the immediate control of vol- 
ume in receivers and audio-frequency amplifiers. 

instantaneous companding A form of compand- 
ing that operates according to the instantaneous 
amplitude of the input signal. 

instantaneous contacts Timer contacts that open 
or close almost immediately upon application of 
the control signal. 

instantaneous current Symbol, ior I; The value of 
an alternating or fluctuating current at a particu- 
lar instant in the cycle. 

instantaneous disc A phonograph disc that can be 
played back immediately after being recorded. 

instantaneous frequency The frequency of a sig- 
nal at a particular moment in time. The instan- 
taneous frequency changes in frequency- 
modulated or phase-modulated signals. 

instantaneous power 1. In a single-sideband, sup- 
pressed-carrier signal, the power at a specified in- 
stant in time. It varies between zero and the peak 
envelope power (PEP). 2. The output power of an 
audio amplifier at a specified instant in time. 

instantaneous power output The rate of power 
delivery to a load at a given instant. 

instantaneous relay A relay, such as a fully elec- 
tronic type (having no moving parts), that shows 
virtually no delay in its operation. 

instantaneous sample A measurement obtained 
by INSTANTANEOUS SAMPLING. 

instantaneous sampling The measurement of 
wave or signal amplitude at a specific moment in 
time. See, for example, INSTANTANEOUS CUR- 
RENT and INSTANTANEOUS VOLTAGE. 

instantaneous speech power In the output of an 
audio amplifier, the instantaneous value of power 
in a speech wave, as opposed to that in a sine 
wave. Also see INSTANTANEOUS VALUE and 
SPEECH POWER, 1. 
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instantaneous value The magnitude of a fluc- 
tuating value at a selected instant in time. See, 
for example, INSTANTANEOUS CURRENT, 
INSTANTANEOUS POWER, INSTANTANEOUS 
SPEECH POWER, and INSTANTANEOUS VOLT- 
AGE. Compare AVERAGE VALUE, and EFFEC- 
TIVE VALUE. 

instantaneous voltage Symbol, e or E;. The value 
of an alternating or fluctuating voltage at a par- 
ticular instant in the cycle. 

instant loop In electronic security applications, a 
circuit that actuates an alarm without delay 
when an intrusion is detected. 

instruction In digital computer operations, a set of 
bits defining an operation. Consists of an opera- 
tion code specifying the operation to be per- 
formed, one or more operands or their addresses, 
and one or more modifiers or their addresses (to 
modify the operand or its address). 

instruction address In a computer memory, the 
address of a location containing an instruction. 

instruction address register Also called program 
counter. A register that holds instruction ad- 
dresses so that the retrieval of the instructions 
from memory can be controlled during a program 
run. 

instruction code Also called INSTRUCTION SET. 
The symbols and characters that compose the 
syntax of a computer programming language. 

instruction format In a computer’s basic machine 
code, the part that specifies how characters or 
digits are used to represent the codes within the 
machine’s instruction set. 

instruction modification In a computer instruc- 
tion, a change in the instruction code that makes 
the computer do a different operation when the 
routine containing the code is encountered again. 

instruction register A register in a computer con- 
taining the address of the current instruction. 
Also called CONTROL REGISTER (abbreviation, 
CR). 

instruction set 1. The range of commands that 
form a programming language. 2. See INSTRUC- 
TION CODE. 

instruction storage A memory circuit that stores 
computer instructions or programs. 

instruction time The time required for a control 
unit to analyze and implement a computer pro- 
gram instruction. 

instruction word In digital computer program- 
ming, a word containing the instruction code 
(type of operation to be performed) and the ad- 
dress part (location of the associated data in stor- 
age). 

instrument A device for measuring electrical 
quantities or the performance of electronic equip- 
ment. A meter provides a direct indication; other 
devices, such as a bridge, must be adjusted, the 
measured quantities being determined from one 
or more adjustments (sometimes augmented with 
calculations). 
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instrumental error See INSTRUMENT ERROR. 

instrument amplifier Also called INSTRUMENTA- 
TION AMPLIFIER. A high-gain, wideband ampli- 
fier that increases the sensitivity of an 
instrument (such as an oscilloscope, meter, or 
graphic recorder). 

instrument-approach system See INSTRUMENT 
LANDING SYSTEM. 

instrumentation Planning and providing instru- 
ments and instrument systems for the collection 
and, sometimes, storage and analysis of data. 

instrumentation amplifier 1. A form of inte- 
grated-circuit voltage amplifier designed for high 
linearity, high input impedance, and high 
common-mode rejection. It is intended for use 
with electronic instruments. 2. See INSTRUMENT 
AMPLIFIER. 

instrument chopper A refined chopper for con- 
verting a direct-current (dc) signal to alternating 
current (ac) for an ac instrument, such as a volt- 
meter or recorder. 

instrument error Discrepancy in measured quan- 
tities resulting from inaccuracy of the instrument 
used, insertion resistance, environmental factors, 
operator error, etc. 

instrument flight Also called blind flight. Aircraft 
flight guided by navigational instruments and 
signals alone. Required when visibility is ex- 
tremely poor. 

instrument fuse A fast-acting, low-current fuse 
used to protect a sensitive instrument, such asa 
galvanometer, milliammeter, and/or microam- 
meter. 

instrument lamp A light or lamp that illuminates 
the face of an instrument to facilitate viewing in 
the dark. 

instrument landing Also called blind landing. Air- 
craft landing guided entirely by instruments. Re- 
quired when visibility is poor and when landing is 
imperative at a given location at a given time. 

instrument landing station The radio or radar 
station in a blind-landing system (see INSTRU- 
MENT LANDING SYSTEM). 

instrument landing system Abbreviation, ILS. 
The complete instrument and signal system (on 
the ground or in aircraft) required for an INSTRU- 
MENT LANDING. 

instrument multiplier See MULTIPLIER PROBE, 
1. 

instrument preamplifier An external, sensitive 
amplifier for an instrument that has an internal 
input amplifier. Also see INSTRUMENT AMPLI- 
FIER. 

instrument relay See METER RELAY. 

instrument resistance See METER RESISTANCE. 

instrument shunt A resistance connected in par- 
allel with a current-measuring instrument, used 
to increase the range of currents that can be mea- 
sured. 

instrument transformer A transformer used to 
change the range of an alternating-current meter. 
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instrument shunt 


For ammeters, it is called a current transformer; 
for voltmeters, it is called a potential transformer. 

insulant A nonconducting material, used to pre- 
vent the flow of electric current between or among 
points. See INSULATOR, 1. 

insulated Isolated from conductors by an INSU- 
LANT. 

insulated-gate field-effect transistor Abbrevia- 
tion, IGFET. See METAL-OXIDE SILICON FET. 

insulated resistor A resistor around which is 
molded a nonconducting material, such as vitre- 
ous enamel or a plastic. 

insulating tape Electrical insulation in the form of 
a thin, usually adhesive, strip of fabric, paper, or 
plastic. 

insulation 1. A coating of dielectric material that 
prevents a short circuit between a conductor and 
the surrounding environment. 2. The application 
of a dielectric coating to an electrical conductor. 
3. Electrical separation between or among differ- 
ent components, circuits, or systems. 

insulation breakdown Current leakage through, 
and rupture of, an insulating material because of 
high-voltage stress. 

insulation ratings Collectively, the dielectric con- 
stant, dielectric strength, power factor, and resis- 
tivity of an insulating material. Sometimes in- 
cluded are such physical properties as rupture 
strength, melting point, etc. 

insulation resistance The very high resistance ex- 
hibited by a good insulating material. It is ex- 
pressed in megohms (or higher units of resistance) 
for a sample of material of stated volume or area. 

insulation system Collectively, the materials 
needed to insulate a given electronic device. 

insulator 1. A material that, ideally, conducts no 
electricity; it can, therefore, be used for isolation 
and protection of energized circuits and compo- 
nents (also see DIELECTRIC). Actually, no insu- 
lator is perfectly nonconductive (see, for example, 
INSULATION RESISTANCE). 2. A molded piece of 
solid insulating material, used to electrically iso- 
late conductors—especially in antenna systems 
and power transmission lines. 3. Any body made 
from an insulating material. 

insulator arcover A sudden arc, or flow of current, 
over the surface of an insulator, because of ex- 
cessive voltage. 

integer A positive or negative whole number, as 
opposed to a fraction or mixed number. 


integral 1. Also called indefinite integral and an- 
tiderivative. For given mathematical function f, 
function g, whose derivative is equal to f. 2. Also 
called definite integral. The area under a curve of 
a function, between two vertical lines defined by 
two specific points in the domain of the function. 
3. The part of a number to the left of the radix 
point. 4. Pertaining to integers (positive or nega- 
tive whole numbers) or quantities that can be 
represented by integers. 

integral action In automatic control operations, a 
control action delivering a corrective signal pro- 
portional to the time that the controlled quantity 
has differed from a desired value. 

integral contact In a relay or switch, a contact 
that carries current to be switched. 

integral-horsepower motor A motor rated at one 
horsepower. 

integral multiple A whole multiple of a number. 
Thus, a harmonic is an integral multiple of fun- 
damental frequency f: 2f, 3f, 4f, etc. 

integral number See INTEGER. 

integrate 1. To perform the function of mathemat- 
ical or electrical INTEGRATION. 2. To construct a 
circuit on a piece of semiconductor material. 

integrated Constructed on a single piece of mate- 
rial, such as a semiconductor wafer. 

integrated amplifier An audio-frequency (AF) am- 
plifier having a preamplifier, intermediate ampli- 
fier, and output amplifier on a single chassis. 

integrated capacitor In an integrated circuit, a 
fixed capacitor in which one plate is a layer of ma- 
terial diffused into the substrate, the dielectric is 
a thin-oxide film grown on top of the first layer, 
and the other plate is a metal layer deposited on 
top of the oxide film. 

integrated circuit Abbreviation, IC. A circuit 
whose components and connecting “wires” are 
made by processing distinct areas of a chip of 
semiconductor material, such as silicon. Classi- 
fied according to construction (e.g., monolithic IC, 
thin-film IC, hybrid IC). 

integrated data processing Abbreviation, IDP. 
The detailed electronic classification, sorting, 
storage, and mathematical processing of data 
within a coordinated system of equipment, usu- 
ally at one location. 

integrated electronics The branch of electronics 
that is concerned with the design and fabrication 
of integrated circuits. 

integrated resistor See DIFFUSED-LAYER RESIS- 
TOR. 

Integrated Services Digital Network Abbrevia- 
tion, ISDN. A communications network or con- 
nection intended primarily for Internet access 
via telephone lines. Allows significantly higher 
data speed than is possible with a conventional 
analog connection. In addition, it is possible to 
use a digital system, such as a computer, online 
simultaneously with an analog voice conversa- 
tion. 
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integrating circuit See INTEGRATING NETWORK. 

integrating galvanometer A device for measuring 
the change in electric flux produced in a coil in an 
electric field. Even very slow changes can be mea- 
sured. 

integrating meter An instrument whose indica- 
tion is a summation (usually) of an electrical 
quantity that is time-dependent (e.g., ampere- 
hour meter and watt-hour meter). 

integrating motor An electric motor that follows 
the integral of the input signal. The angle of rota- 
tion of the motor shaft is equal to the integral of 
the input waveform. 

integrating network A four-terminal network 
whose output voltage is proportional to the time 
integral of the input voltage. It can be a passive 
resistance-capacitance (RC) circuit or it can use 
an operational amplifier. Compare DIFFERENTI- 
ATING NETWORK. 


Input Output 


Input Output 


integrating networks 


integrating photometer A photometer whose 
reading is the average candlepower at all angles 
in one plane. 

integration 1. The process of determining a 
mathematical function when its derivative is 
given. 2. The processing of a signal by an INTE- 
GRATOR circuit. 3. Collectively, the processes 
by which an INTEGRATED CIRCUIT is manufac- 
tured. 

integrator 1. See INTEGRATING NETWORK. 2. A 
device having an output variable whose value is 
proportional to the integral of one variable, with 
respect to another, or is proportional to the inte- 
gral of an input variable, with respect to elapsed 
time. 

intelligence 1. Meaningful data that modulates a 
carrier [e.g., the voice or music in a frequency- 
modulated (FM) radio signal, or the image in a 
television signal]. 2. Also called machine intelli- 
gence. The quality of a system or device, espe- 
cially a computer, that allows it to “learn” (i.e., to 
better its capability by repeatedly operating on a 
given problem). 
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intelligence bandwidth 1. The bandwidth neces- 
sary to convey a specified amount of data within 
a certain period of time. 2. The total bandwidth of 
one complete signal channel in a communica- 
tions or broadcast system. 

intelligence signal 1. A signal that conveys data 
or information. 2. The modulating waveform in a 
communications or broadcast transmission. 

intelligent network Abbreviation, IN. 1. In gen- 
eral, any advanced and sophisticated communi- 
cations network, particularly a broadband digital 
network. 2. A network designed to readily accom- 
modate new technologies and services, such as 
videoconferencing, interactive television, or re- 
mote control. 

intelligent terminal A computer terminal (e.g., an 
input/output video display/keyboard unit) that 
through its circuitry (i.e., by use of a micropro- 
cessor) has some data-processing ability. 

intelligibility tests Tests that measure the coher- 
ence of electronically reproduced speech. 

intensification of image See IMAGE INTENSIFI- 
CATION. 

intensifying ring In some electrostatic cathode- 
ray tubes, an internal metal ring serving as an ex- 
tra anode to accelerate the beam and, thus, 
brighten the image. 

intensity The degree or extent of a phenomenon 
(such as amplitude, brightness, loudness, power, 
force, etc.). 

intensity control In an oscilloscope circuit, the 
potentiometer that adjusts the direct-current 
voltage on the control electrode of the cathode- 
ray tube and, accordingly, the brightness of the 
image. Also called BRIGHTNESS CONTROL and 
BRILLIANCE CONTROL. 

intensity level 1.A measure of sound magnitude, 
expressed in decibels, with respect to a value of 
one microwatt per square centimeter (10° 
W /cm?) at sea level in the atmosphere. 2. The set- 
ting of the brightness control in a cathode-ray- 
tube device. 

intensity modulation 1. Modulation of electron- 
beam intensity in a cathode-ray tube. Also called 
z-axis modulation. 2. Sometimes, the video-signal 
modulation in a television image. 

intensity-modulation amplifier The z-axis ampli- 
fier in an oscilloscope. Also see INTENSITY MOD- 
ULATION. 

interaction The (sometimes mutual) influence of 
one circuit or device on the behavior of another, 
as in induction. 

interactive display A computer display device 
with which its operator can supply data to the 
computer in response to what is displayed. Ex- 
ample: touch screen. 

interactive graphics A computer graphics system 
using a cathode-ray tube to draw or modify three- 
dimensional representations. 

interactive photovoltaic system A solar-power 
plant that operates in conjunction with the utility 
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companies. Energy is sold to the companies dur- 
ing times of daylight and minimum usage, and is 
bought back from the companies at night or dur- 
ing times of heavy usage. The principal advantage 
of this system is that the user can keep using 
electricity (by buying it all from the utilities) if the 
solar-energy system breaks down. But such a 
system does not provide the independence from 
utility companies that some users desire. Com- 
pare STAND-ALONE PHOTOVOLTAIC SYSTEM. 

interactive program A computer program in 
which the machine and its operator engage in 
two-way communication. Most personal comput- 
ing software is of this type, in contrast to pro- 
grams that carry out all their functions without 
operator intervention (other than initialization). 

interactive television Television provided to con- 
sumers, in which viewers can transmit data, as 
well as receive it. For example, a survey might be 
conducted in which viewers are polled and send 
in their responses. Another example: products 
might be ordered while viewing an advertisement. 

interactive mode See CONVERSATIONAL MODE. 

interbase resistance The internal resistance be- 
tween the bases of a unijunction transistor. 

interblock A part of a computer program or a 
hardware device that will prevent interference be- 
tween parts of a computer system. 

interblock space 1. On a magnetic tape, the space 
between recordings, caused by starting and stop- 
ping the tape. 2. On magnetic tape used as a 
computer storage medium, the interval between 
recorded blocks. 

intercarrier receiver A television (TV) receiver cir- 
cuit in which video, sound, and sync compo- 
nents of the composite TV signal are amplified 
together in the radio-frequency (RF), intermedi- 
ate-frequency (IF), and video IF stages; then they 
are separated in the video detector and video am- 
plifier stages. Compare SPLIT-SOUND RE- 
CEIVER. 

intercept receiver In military service, a search re- 
ceiver tuned over a wide band of frequencies to lo- 
cate and evaluate enemy signals. 

interchangeability The ability of one component 
to substitute directly for another component of 
the same kind. Example: capacitor interchange- 
ability, transistor interchangeability. Also see RE- 
PLACEMENT. 

intercharacter space The three-unit interval be- 
tween letter symbols in telegraphy. Compare IN- 
TERWORD SPACE. 

intercom A comparatively simple two-way tele- 
phone or low-power radio system for use on the 
premises of a home or business. 

intercommunicator See INTERCOM. 

interconnection 1. A mutual connection of sepa- 
rate circuits. 2. The interconnection of two or 
more separate power-generating systems. 

interdigital contacts A pair of contacts with “fin- 
gers” that are plated, printed, or deposited on the 


surface of a resistor material or semiconductor 
substrate. The fingers of each contact are inter- 
connected at one end, the fingers of one contact 
being interleaved with those of the other. 

interdigital tube A magnetron having a cathode 
surrounded by anode segments that are alter- 
nately interconnected at opposite ends in the 
manner of INTERDIGITAL CONTACTS. 

interelectrode capacitance Capacitance between 
or among electrodes—especially between the 
plate and control grid of a vacuum tube. 

interelement capacitance Internal pn-junction 
capacitance in a semiconductor device, such as a 
diode or transistor. 

interface 1. The circuitry that interconnects and 
provides compatibility between a central proces- 
sor and peripherals in a computer system. 2. Col- 
lectively, the hardware and software that allows a 
computer to interact with its operator. 3. To pro- 
vide an efficient pathway for data between two de- 
vices or systems. 4. The meeting of surfaces or 
regions in a material. 5. The surface of a body 
that mates with another body similar or identical 
to it. 

interface resistance See CATHODE INTERFACE. 

interface routine A computer program routine 
that links one system to another. 

interfacial connection A connection that runs 
through a printed-circuit board and joins circuit 
joints on opposite faces of the board. 

interference 1. In communications, degradation 
of reception caused by noise or undesired signals. 
2. The interaction of acoustic or electromagnetic 
waves from more than one source, especially 
when they are of the same frequency, producing a 
characteristic INTERFERENCE PATTERN of high- 
amplitude and low-amplitude regions. 

interference attenuator A device or mode of oper- 
ation that reduces the amplitude of interference. 

interference eliminator A filter, wavetrap, or sim- 
ilar device that removes interfering signals or 
noise. Also see INTERFERENCE. 

interference filter See INTERFERENCE ELIMINA- 
TOR. 

interference pattern A regular pattern of high- 
amplitude and low-amplitude regions, lobes, or 
bands, produced when waves of identical fre- 
quency from two or more sources combine in 
varying phase. Such patterns can be observed 
with sound, radio waves, infrared, visible light, 
ultraviolet, X rays, and gamma rays. The phe- 
nomenon is of interest in acoustic engineering, 
the design of radio antenna systems, and in 
physics (particularly optics). 

interference stub A length of twin-lead feeder cut 
to appropriate length, connected to the antenna- 
input terminals of a television receiver, and 
short-circuited at the opposite end. A stub of the 
correct length resonates at the frequency of an in- 
terfering signal and, acting as a wavetrap, keeps 
it out of the receiver. Also see STUB. 
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interference trap A wavetrap that suppresses in- 
terfering signals at the rejection frequency of the 
trap. 

interferometer 1.Aradio telescope having two an- 
tennas spaced at a distance of many wave- 
lengths, providing much greater resolution than a 
single antenna. Pioneered by M. Ryle of England 
and J.L. Pawsey of Australia. 2. Any device that 
displays an INTERFERENCE PATTERN for testing 
or experimental purposes. 

interfix A method used in information-retrieval 
systems that eliminates ambiguity in the re- 
sponses to inquiries by describing the relation- 
ship between keywords in a record. 

Interframe A method of digital IMAGE COMPRES- 
SION developed by MPEG (Moving Picture Experts 
Group). It operates by eliminating redundant 
data from between image frames. Compare IN- 
TRAFRAME. 

interharmonic beats Beat notes produced by var- 
ious combinations of the harmonics of a signal. 

interim storage See TEMPORARY STORAGE. 

interior label On a magnetic tape used as a com- 
puter-storage medium, a label recorded at the be- 
ginning of the tape. Compare EXTERIOR LABEL. 

interior protection 1. In electronic security appli- 
cations, a set of sensors contained entirely within 
the region to be protected. 2. The installation and 
operation of a security system whose sensors are 
all within the region to be protected. 

interlace A form of data storage in which portions 
of the data are stored in alternate locations in the 
tape or disk. 

interlaced field A video image field produced by 
INTERLACED SCANNING. 

interlaced scanning In the display of a video im- 
age, the alternate presentation of the even- and 
odd-line fields. This process increases the obtain- 
able image resolution for a given refresh rate, but 
can result in “jerkiness” of the image when rapid 
motion is portrayed. 

interlace factor A number expressing the extent 
to which two fields are interlaced. Also see IN- 
TERLACED SCANNING. 

interleaving In multiprogramming, the inclusion 
in a program of segments of another program so 
that both can be effectively executed simultane- 
ously. 

interlock switch See ELECTRICAL INTERLOCK. 

intermediate amplifier See BUFFER. 

intermediate frequency Abbreviation, IF. In a su- 
perheterodyne circuit, the frequency of the signal 
that results from beating the incoming signal 
with the signal produced by the local oscillator. 

intermediate-frequency amplifier In a super- 
heterodyne circuit, the fixed-frequency amplifier 
that boosts the intermediate-frequency signal. 
Also see INTERMEDIATE FREQUENCY. 

intermediate-frequency channel Usually, the in- 
termediate-frequency amplifier in a superhetero- 
dyne circuit, but sometimes including the second 
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detector, automatic gain control (AGC), and oscil- 
lator stages. 

intermediate-frequency converter See IF CON- 
VERTER. 

intermediate-frequency interference Interfer- 
ence from signals at the intermediate frequency 
of a receiver or instrument. 

intermediate-frequency selectivity The selectiv- 
ity of an intermediate-frequency (IF) channel 
alone, usually determined by the characteristics 
of the bandpass filter(s) in the IF channel. 

intermediate-frequency transformer A coupling 
transformer designed for use in an intermediate- 
frequency amplifier. 

intermediate-puck drive In a tape recorder, a 
speed-reducing drive system in which an inter- 
mediate wheel conveys motion from the motor 
shaft to the rim of the flywheel. 

intermediate puck wheel See IDLER WHEEL. 

intermediate repeater In wire telephony, a re- 
peater inserted into a line or trunk at some point 
other than the end. 

intermediate result Obtained during a program 
run or the execution of a subroutine, a result that 
is used again as an operand in deriving the final 
result. 

intermediate section Any of the internal sections 
of a multisection filter. Thus, the middle section 
of a three-section filter. 

intermediate storage In a computer system, a 
storage medium for temporarily holding totals or 
working figures. Also called WORK AREA. 

intermediate subcarrier A modulated or unmodu- 
lated subcarrier that modulates either a carrier or 
another intermediate subcarrier. 

intermittent 1. Pertaining to a circuit fault, such 
as an open or short circuit, that occurs some of 
the time, but not all the time. 2. See INTER- 
MITTENT CONDITION. 3. Pertaining to a phe- 
nomenon that is observed some of the time, but 
not all the time; sporadic. 4. Pertaining to a DUTY 
CYCLE greater than zero, but less than 100 per- 
cent; usually between 25 and 50 percent. 

intermittent commercial and amateur service 
Abbreviation, ICAS. Operation of equipment, 
such as radio transmitters, for short, irregular 
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periods, as in amateur (hobbyist) activity or infre- 
quent commercial service. ICAS ratings are 
higher than continuous commercial service (CCS) 
ratings. Compare CONTINUOUS COMMERCIAL 
SERVICE. 

intermittent condition A defect in a circuit or de- 
vice that causes erratic and unreliable operation. 
The cause of such a problem is often difficult to 
determine. 

intermittent dc See 
CURRENT. 

intermittent direct current A regularly pulsed 
unidirectional current. Also called PULSATING 
DIRECT CURRENT. 

intermittent duty A DUTY CYCLE of less than 
100 percent, but greater than zero. Generally, an 
operating duty cycle of 25 to 50 percent. 

intermittent-duty rating The dissipation or 
power rating of a component, circuit, or system, 
under conditions of intermittent use, usually a 
25-percent to 50-percent DUTY CYCLE. 

intermittent operation Operation characterized 
by often long nonoperating intervals. Intermittent 
operation is often random, whereas on-off opera- 
tion tends to be regular. 

intermittent signal An interrupted signal result- 
ing from the intermittent operation of a circuit or 
device. 

intermodulation Abbreviation, IM. 1. The (usually 
undesired) modulation of one signal by another, 
caused by nonlinear processing of the signals. 2. 
The heterodyning of components in the side- 
bands produced by an amplitude-modulated (AM) 
or single-sideband (SSB) transmitter. 

intermodulation distortion Abbreviation, IMD. 1. 
Distortion products in the output of an ampli- 
tude-modulated (AM) or single-sideband (SSB) 
transmitter, caused by heterodyning of compo- 
nents in the sidebands. 2. Distortion products in 
the output of an audio amplifier, caused by het- 
erodyning of the fundamental components. 3. 
The extent to which distortion as defined in 1 
occurs. See INTERMODULATION-DISTORTION 
PERCENTAGE. 

intermodulation-distortion meter See 
MODULATION METER. 

intermodulation-distortion percentage Abbrevi- 
ation, IDP. The degree to which a low-frequency 
test signal modulates a higher-frequency test sig- 
nal when both are applied simultaneously (in a 
prescribed amplitude ratio) to a device under test; 
IDP = 100(b - a)/a, where a is the peak-to-peak 
amplitude of the unmodulated high-frequency 
wave and b is the peak-to-peak amplitude of the 
modulated high-frequency wave. 

intermodulation meter An instrument for mea- 
suring percentage of intermodulation distortion 
(IMD). The instrument combines a dual-frequency 
signal generator, filter circuits, and percent-of- 
modulation meter. Also see INTERMODULATION- 
DISTORTION PERCENTAGE. 
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intermodulation noise Electrical noise produced 
in one channel by signals in another; it is caused 
by INTERMODULATION. 

internal absorptance The ratio of flux absorbed in 
a substance to the flux leaving at the entry sur- 
face of the substance. It does not include energy 
reflected at the entry surface. 

internal amplification In a radioactivity counter 
tube, current enhancement resulting from cumu- 
lative ionization initiated by an ionizing particle. 

internal arithmetic In a digital computer, arith- 
metic operations performed in the computer, as 
opposed to those performed by peripherals. 

internal impedance The impedance in a device, as 
opposed to that added from the outside. Compare 
INTERNAL RESISTANCE. 

internal input impedance The impedance in a cir- 
cuit or device, as “seen” from the input terminals. 
Compare INTERNAL OUTPUT IMPEDANCE. 

internal input resistance The resistance in a cir- 
cuit or device, as “seen” from the input terminals. 
Compare INTERNAL OUTPUT RESISTANCE. 

internal noise Electrical noise generated within a 
circuit, as opposed to that picked up from out- 
side. Such noise comes from transistors, diodes, 
integrated circuits, resistors, and any other com- 
ponent through which current flows. 

internal output impedance The impedance in a 
circuit or device, as “seen” from the output termi- 
nals. Compare INTERNAL INPUT IMPEDANCE. 

internal output resistance The resistance in a cir- 
cuit or device, as “seen” from the output termi- 
nals. Compare INTERNAL INPUT RESISTANCE. 

internal resistance 1. The resistance of a device, 
as opposed to added resistance. See, for example, 
METER RESISTANCE. 2. In a cell or battery, the 
equivalent resistance, resulting from imperfect 
conductivity of the electrolyte and electrodes, 
which limits the maximum deliverable current. 

internal thermal shutdown In an integrated cir- 
cuit, the junction temperature at which thermal 
shutdown occurs. It is generally indicated in de- 
grees Celsius (°C). 

internal transmittance The ratio of flux reaching 
the exit surface of a material to the flux leaving 
the entry surface. Reflection is not taken into ac- 
count. The sum of internal transmittance and IN- 
TERNAL ABSORPTANCE is always equal to 1. 

international broadcast station A shortwave 
broadcast station transmitting programs for in- 
ternational reception between 6 and 26.6 MHz. 

international callsign The call letters of a station, 
assigned within a country, according to the 
method of arrangement (identifying letters, or let- 
ters and numerals) prescribed by the Interna- 
tional Telecommunication Union. 

international candle See CANDLE. 

international coulomb A unit of electrical quan- 
tity, equal to 0.99985 absolute coulomb. 

international farad A unit of capacitance, equal to 
0.99952 absolute farad. 
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international henry A unit of inductance, equal to 
1.00018 absolute henry. 

international joule A unit of energy, equal to 
1.00018 absolute joule. 

International Morse Code See CONTINENTAL 
CODE. 

international ohm A unit of electrical resistance, 
equal to 1.000495 absolute ohm. The other inter- 
national units are derived from this value. 

International Radio Consultative Committee 
Abbreviation, CCIR (Comite Consultatif Inter- 
national Radiodiffusion). An international orga- 
nization reporting to the International 
Telecommunication Union, and studying techni- 
cal operations and tariffs of radio and television. 

International Steam Table calorie A unit of heat 
energy equal to 4.1868 joules. 

International System of Units Abbreviation, SI 
(Systeme International d'Unites). The system of 
units of measurement established in 1960 under 
the Treaty of the Meter. The base units are as fol- 
lows. 


-METER (m), length: 1,650,763.73 times the 
wavelength of the light emitted in a vacuum of 


krypton 86 
-KILOGRAM (kg), mass: the mass of the protype 
kilogram kept at Sevres, France 


-SECOND (s), time: the duration of 
9,192,631,770 periods of the radiation that cor- 
responds to the transition between the two hy- 
perfine levels of the ground state of cesium 133 


-KELVIN (K), thermodynamic temperature: %73.16 
the thermodynamic temperature of the triple 
point of water 


-AMPERE (A), electric current: the current that, 
flowing through two infinitely long parallel wires 
in a vacuum and separated by 1 meter, pro- 
duces a force of 2 x 107” newton per meter of 
length between the wires 


-CANDELA (cd), luminous intensity: the lumi- 
nous intensity of %00,00 square meter of perfectly 
radiating surface at the temperature of freezing 
platinum 


International Telecommunication Union Abbre- 
viation, ITU. An international, nongovernmental 
organization devoted to standardizing worldwide 
communications practices and procedures. 

International Telegraph and Telephone Consulta- 
tive Committee See CCITT. 

International Telegraph Consultative Committee 
See CCIT. 

international units A system of electrical units, 
based on the resistance through a specified 
quantity and configuration of the element mer- 
cury. The INTERNATIONAL OHM forms the basis 
for the international system of units. 

international volt A unit of electrical potential, 
equal to 1.00033 absolute volt. 
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international watt A unit of power, equal to 
1.00018 absolute watt. 

Internet A worldwide, interconnected system of 
computer networks. Originated in the late 1960s 
as ARPAnet (Advanced Research Projects Agency 
network). Still used extensively by educators and 
scientists, but gaining popularity among 
personal-computer users. Sometimes called 
the INFORMATION SUPERHIGHWAY. 

interphone An intercom aboard a mobile vehicle. 

interpolation Finding a value that falls between 
two values listed in a table, indicated by a dial, 
plotted on a graph, derived by estimate, or given 
by intermediate calculation. For example, if a lin- 
ear variable capacitor has a value of 100 pF when 
its dial is set to 10, and 140 pF when the dial is 
set to 20, then the capacitance when the dial 
reads 15 (midway between 10 and 20) can be as- 
sumed to be 120 pF (midway between 100 pF and 
140 pF). When functions are not linear, interpola- 
tion is usually not exact. 
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interpolation meter See INTERPOLATION-TYPE 
INSTRUMENT. 

interpolation oscillator A frequency-measuring 
signal generator with a built-in crystal oscillator, 
whose harmonics provide calibration points on 
the tuning dial. The dial provides a continuous 
indication of generator frequencies between crys- 
tal-harmonic points. Also see INTERPOLATION- 
TYPE INSTRUMENT. 

interpolation-type instrument An instrument, 
such as a meter or signal generator, that is used 
to transfer an accurate quantity point from a 
standard to another instrument and to provide a 
range of values between such points. A secondary 
standard is sometimes used as an interpolation- 
type instrument (see, for example, INTERPOLA- 
TION OSCILLATOR). 

interpole motor A direct-current motor with small 
auxiliary poles (interpoles) between its main field 
poles. The interpoles reduce sparking at the com- 
mutator. 

interpreter A computer program that can convert 
instructions given in a high-level language (BA- 
SIC, for example) into the machine language that 
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a computer uses; if it is not resident in the com- 
puter’s nonvolatile memory, it must be loaded 
each time the machine is activated. 

interrecord gap See INTERBLOCK SPACE. 

interrupt A break in a computer program, as when 
a background job is interrupted so that a fore- 
ground job can be run. Also see BACKGROUND 
JOB and FOREGROUND JOB. 

interrupted commercial and amateur service 
See INTERMITTENT COMMERCIAL AND AMA- 
TEUR SERVICE. 

interrupted continuous wave Abbreviation, ICW. 
A continuous wave that is interrupted at regular 
intervals, as in the chopping of a wave at a regu- 
lar rate. Compare CONTINUOUS WAVE (CW) and 
MODULATED CONTINUOUS WAVE (MCW). 

interrupted de A direct current or voltage that is 
periodically started and stopped by switching or 
chopping. 

interrupter contacts Auxiliary contacts operated 
directly by the armature of a stepping switch. 

interruption frequency See QUENCHING FRE- 
QUENCY. 

interruption-frequency oscillator See QUENCH 
OSCILLATOR. 

interrupt signal The signal that causes a break 
(INTERRUPT) in a computer program. 

intersatellite communication 1. Communica- 
tion between or among satellites. 2. Communi- 
cation between two earth-based stations, using 
two or more satellites. 3. Communication be- 
tween an earth-based station and a satellite- 
based station, using at least one intermediate 
relaying satellite. 
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intersecting storage ring A device for producing 
great amounts of energy. It is similar to a vacuum 
tube. High-speed subatomic particles are fed to a 
ring-shaped evacuated structure in opposite di- 
rections. The two particle beams collide at vari- 
ous points, yielding high energy. 

intersection The logical AND operation. 

interstage capacitor A coupling capacitor used 
between two circuit stages. 


interpreter + intrinsic conduction 377 


interstage coupling The transfer of a signal be- 
tween two circuit stages, such as those of an am- 
plifier. Common forms of interstage coupling 
include direct coupling, capacitive coupling, trans- 
former coupling, diode coupling, and optoisolator 
coupling. 

interstage diode A semiconductor coupling diode 
used between two circuit stages. 

interstage transformer A coupling transformer 
used between two circuit stages. It provides di- 
rect-current isolation, and also can match purely 
resistive impedances. 

intersymbol interference In a digital communica- 
tions signal, a condition in which a given symbol 
overlaps with one or more other symbols (either 
immediately preceding it or immediately following 
it), upsetting the ability of the receiver to decipher 
signals in certain time intervals. The phe- 
nomenon is sometimes a problem in time-division 
multiplexing—especially at data speeds near the 
maximum for the system. 

intersystem A power-generating network of inter- 
connected separate systems. 

intersystem communications Communications 
between computer systems, either through direct 
linking of central processors, or by mutual use of 
peripherals and input/output channels. 

intertie See INTERCONNECTION, 2. 

interval 1. The amount of separation between suc- 
cessive points, events, or quantities. 2. The con- 
tinuous range of values between two defined 
points. 3. A specific period of time, with defined 
beginning and ending points. 

intervalometer A timing device for operating 
equipment over a precisely defined time interval. 

interval timer A device that provides power to an 
equipment for a precise interval upon application 
of a simple initiating signal or action. See also IN- 
TERVALOMETER. 

interword space The seven-unit interval between 
words or code groups in telegraphy. Compare IN- 
TERCHARACTER SPACE. 

intoxication tester See DRUNKOMETER. 

intracoding The coding of data using only data 
that it contains. 

Intrafax Western Union’s private facsimile system. 

Intraframe A method of digital IMAGE COMPRES- 
SION developed by MPEG (Moving Picture Experts 
Group) and JPEG (Joint Photographic Experts 
Group). It operates by eliminating redundant data 
within image frames. Compare INTERFRAME. 

intrinsic-barrier diode See PIN DIODE. 

intrinsic-barrier transistor A bipolar transistor 
with a layer of intrinsic semiconductor between 
one of its pn junctions. 

intrinsic concentration The number of minority 
carriers exceeding the normal equilibrium num- 
ber in a semiconductor. 

intrinsic conduction The flow of electron/hole 
pairs in an intrinsic semiconductor subjected to 
an electric field. 


de 


5059F-pI 352-384 


4/10/01 9:03 AM Page 378 


378 


intrinsic flux ¢ inverse voltage 


intrinsic flux A quantity equal to the product of 
the intrinsic flux density and the cross-sectional 
area in a magnet. 

intrinsic flux density The increased flux density 
of a magnet in its actual environment, as com- 
pared with the flux density resulting from the 
same magnetizing force in a perfect vacuum. 

intrinsic mobility Electron mobility in an intrinsic 
semiconductor. Also see CARRIER MOBILITY and 
MOBILITY. 

intrinsic Q The value of the Q, also known as the 
FIGURE OF MERIT, for an unloaded circuit. This 
value is generally higher than the value when a 
load is connected to the circuit. 

intrinsic semiconductor A semiconductor whose 
characteristics are identical to those of a pure 
crystal of the material. In this condition, the 
semiconductor is nearly an insulator. Example: 
highly purified germanium or silicon before n- or 
p-type impurities have been added. Compare EX- 
TRINSIC SEMICONDUCTOR. 

intrusion alarm A set of electronic sensors and as- 
sociated circuitry composing a system that de- 
tects and warns of the presence of unauthorized 
personnel within a specific region. 

intrusion sensor A sensitive pickup (such as a 
photocell, ultrasonic detector, or capacitive 
transducer) that responds to a nearby body by 
delivering an actuating signal to an intrusion 
alarm. 

INV Abbreviation of INVERTER. 

inv Abbreviation of INVERSE. 

Invar A nickel-steel alloy (36% nickel) having a low 
temperature coefficient of linear expansion (1 
ppm/°C). Invar is used in electronic equipment 
where mechanical distortion resulting from tem- 
perature changes must be negligible, and in mag- 
netostrictive circuits (see MAGNETOSTRICTION). 

inverse 1. Opposite in nature (e.g., an INVERSE 
CHARACTERISTIC). 2. Of opposite sign (e.g., a 
negative current or voltage). 3. An operation of 
opposite kind; thus, subtraction is the inverse of 
addition, and division is the inverse of multiplica- 
tion. 

inverse beta The beta of a transistor operated with 
the emitter and collector interchanged. 

inverse bias See REVERSE BIAS. 

inverse characteristics The characteristics of a 
bipolar transistor when operated with the emitter 
and collector reversed. 

inverse conduction See REVERSE CONDUC- 
TION. 

inverse cube law A principle relating the intensity 
of an effect to the reciprocal of the cube of the dis- 
tance from the source. The magnetic field around 
a solenoidal coil of wire obeys this principle. 

inverse current See REVERSE CURRENT. 

inverse-distance law The inverse-square law ap- 
plied to the propagation of radio waves, assuming 
that the waves do not encounter obstacles. 
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inverse feedback See DEGENERATION. 

inverse fourth-power law A rule of propagation for 
certain complex forms of energy: I = k/d*, where I 
is the intensity of the field, d is the distance from 
the source, and k is a constant. 

inverse impedances Impedances (Z, and Z) that 
are the reciprocal of another impedance (Z,), sat- 
isfying the relationship Z,Z2 = (Z;)?. Also called 
RECIPROCAL IMPEDANCES. 

inverse leakage The flow of a small static reverse 
current in semiconductor devices. 

inverse-parallel circuit See BACK-TO-BACK CIR- 
CUIT and BACK-TO-BACK CONNECTION. 

inverse peak voltage See PEAK INVERSE VOLT- 
AGE. 

inverse piezoelectric effect Mechanical move- 
ment in a piezoelectric material, caused by appli- 
cation of voltage. 

inverse resistance See REVERSE RESISTANCE. 

inverse resonance See PARALLEL RESONANCE. 

inverse-square law The energy or power intensity 
of a phenomenon is inversely proportional to the 
square of the distance from the source. This is 
often applied to quantitative reasoning about 
radiant energy, electromagnetic energy, and 
acoustic energy. Thus, if the distance doubles, 
the energy or power drops to % its previous 
value. 


Distance = 2d 

otal power = F 

Surface arca = da 
Distance = dl 


lotal power a F 


surface arca = g 
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inverse trigonometric function An angle ex- 
pressed in terms of a given trigonometric func- 
tion, followed by the exponent -1 or preceded by 
“arc” (sin! is the equivalent of arcsin). 

inverse voltage 1. The negative voltage at the an- 
ode of a rectifier during the negative half-cycle of 
alternating-current (ac) input. 2. The voltage 
across a power-supply filter capacitor during the 
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negative half-cycle of ac input. 3. Semiconductor- 
junction reverse voltage. 

inverse Wiedeman effect See DIRECT WIEDE- 
MAN EFFECT. 

inversion 1. A reversal of the normal vertical tem- 
perature gradient of the atmosphere, often result- 
ing in long-distance tropospheric radio-wave 
propagation. 2. Speech scrambling (see SCRAM- 
BLER CIRCUIT). 3. Phase inversion (see PHASE 
INVERTER). 4. Changing direct current into al- 
ternating current, often increasing the voltage 
(see INVERTER, 1). 

inverted amplifier A push-pull, grounded-gate, 
field-effect-transistor (FET) amplifier. 


Output 


inverted amplifier 


inverted-L antenna An antenna having a horizon- 
tal radiator and a vertical feeder or lead-in at- 
tached to one end of the radiator. The entire 
arrangement resembles an upside-down L. The 
overall length is generally 4 to 4 wavelength. 

inverted speech See SCRAMBLED SPEECH. 

inverter 1. Also called power inverter. A device that 
converts direct current (dc) into alternating cur- 
rent (ac), often of a much higher voltage (e.g., 12 
Vdc into 117 Vac). 2. A logic circuit that provides 
an output pulse that is a negation of the input 
pulse. Also called a COMPLEMENTER or a NOT 
CIRCUIT. 3. See PHASE INVERTER. 

inverting adder An analog adder circuit that is 
provided with an amplifier for a 180° phase 
shift. 

inverting amplifier An amplifier providing a 180° 
phase shift between input and output. 

inverting connection Connection to the inverting 
input terminals of a differential amplifier or oper- 
ational amplifier. Also see INVERTING INPUT. 
Compare NONINVERTING INPUT. 

inverting input Ina differential amplifier or opera- 
tional amplifier, the input circuit that produces a 
phase reversal between the input and output. 
Compare NONINVERTING INPUT. 
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inverter, 2 


inverting transponder In a communications 
satellite, a transponder in which the downlink 
band is “upside-down” in frequency relative to the 
uplink band. That is, the highest downlink fre- 
quency corresponds to the lowest uplink fre- 
quency, and the lowest downlink frequency 
corresponds to the highest uplink frequency. 
Compare NONINVERTING TRANSPONDER. See 
also DOWNLINK, TRANSPONDER, UPLINK. 
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invisible failure In a computer system, a hardware 
or software failure whose effect on the system is 
unnoticeable in a given application. A failure that 
is invisible in one application might be vividly ap- 
parent in some other application. 

invister A unipolar semiconductor material, capa- 
ble of operation at very high frequencies. 
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involution Raising a number to a power: squaring, 
cubing, etc. Compare EVOLUTION. 

inward-outward dialing Also called direct dialing. 
In a telephone system, a method of dialing in 
which calls can be made to and from branch ex- 
changes, without operator assistance. 

I/O Abbreviation of input/output (see INPUT/ 
OUTPUT EQUIPMENT). 

Io Symbol for OUTPUT CURRENT. 

iodine Symbol, I. A nonmetallic element of the 
halogen family. Atomic number, 53. Atomic 
weight, 126.905. Also see HALOGEN. 

ion A charged atom [i.e., one that has gained one 
or more electrons (a negative ion, or anion) or lost 
one or more electrons (a positive ion, or cation)]. 

ion burn A spot burned on the screen of a cathode- 
ray tube by negative ions from the cathode strik- 
ing a single point on the faceplate with high 
intensity for long periods. 

ion concentration 1. The number of ions, ex- 
pressed as a percentage or as a number per unit 
volume, in a substance. 2. Ionization density in 
the atmosphere. 

ion exchange resins Granular resins that contain 
acid or base groups, and that trade ions with 
salts in solutions. The resins play a part in the 
purification of water for various industrial pro- 
cesses. 

ionic binding forces In a crystal, the binding 
forces that occur when valence electrons of one 
atom are joined to those of a neighboring atom 
whose outer shell they fill. 

ionic bond In a solid, a bond between atoms, 
formed as a result of the attraction between op- 
positely charged atoms (ions). 

ionic conduction Conduction, as in a gas or elec- 
trolyte, by ion migration (positive to the cathode, 
negative to the anode). 

ionic crystal A crystal whose lattice is held to- 
gether by the electric forces between ions. Also 
see IONIC BINDING FORCES and IONIC BOND. 

ionic current Current caused by ion movement in 
a gas or liquid. Also see ION, IONIZATION, and 
IONIC CONDUCTION. 

ionic semiconductor A semiconductor in which 
the carrier is an ion, as opposed to an electron or 
hole. 

ionic switch See ELECTROCHEMICAL SWITCH. 

ionization 1. The loss or gain of one or more elec- 
trons by an atom. Also see ANION, CATION, and 
ION. 2. The formation or existence of significant 
numbers of ions in a gas, liquid, or solid (e.g., ion- 
ization of the upper atmosphere). 

ionization arc The electrical discharge resulting 
from the ionization of a material because of high 
voltage. 

ionization chamber An enclosure containing a gas 
and a pair of electrodes between which a high 
voltage is applied. Radiation, such as X rays or 
radioactive particles, passing through the walls of 
the chamber ionize the gas, creating an ionization 
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current that is proportional to the intensity of the 
radiation. 

ionization current 1. Current in an ionized gas 
(such as air). 2. Current flowing in an electrolyte. 
3. Current in an ionization chamber, Geiger- 
Mueller tube, or similar gaseous device. 4. In a 
gas tube, current flowing after the ignition poten- 
tial has been reached. 5. Negative grid current re- 
sulting from gassiness in a vacuum tube. 

ionization density The extent to which ionization 
exists in an ionized layer of the atmosphere. The 
higher the ionization density, the greater the ef- 
fect on radio waves—especially at frequencies be- 
low about 150 MHz. 

ionization gauge A form of vacuum tube that can 
be used to measure the hardness of a vacuum. It 
consists of a cathode, an anode (plate), and a pos- 
itively charged grid. Plate current flows as a re- 
sult of ionization of the atoms within the tube. 
The more nearly perfect the vacuum, the lower 
the plate current. 
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ionization potential The voltage at which a sub- 
stance (especially a gas) ionizes. Also called (for a 
gas) ignition potential (see BREAKDOWN VOLT- 
AGE). 

ionization pressure In an ionized gas, the pres- 
sure increase resulting from the ionization, as 
compared with the same volume and mass of gas 
when not ionized. 

ionization resistance See CORONA RESISTANCE. 

ionization smoke detector A device that senses 
the presence of smoke or other particles as a re- 
sult of changes in the IONIZATION CURRENT 
through the air. When the ionization current sud- 
denly changes, a signal is sent to an alarm cir- 
cuit. 

ionization time The interval, usually measured in 
microseconds or milliseconds, between the in- 
stant that an ionizing potential is applied to a 
gas, and the instant at which the gas begins to 
ionize. Compare DEIONIZATION TIME. 
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ionization trail The ionized path of a meteor as it 
passes through the upper atmosphere. 

ionize To cause the electrons in a substance, 
particularly a gas, to move freely from atom to 
atom. 

ionized gas A gas whose atoms, under the influ- 
ence of a strong electric field or IONIZING RADIA- 
TION, have become positive or negative ions. 

ionized layer See KENNELLY-HEAVISIDE LAYER. 

ionized liquid See ELECTROLYTE. 

ionizing radiation 1. Any high-energy electromag- 
netic radiation that causes ionization in a gas 
through which the field passes. Examples: ultra- 
violet, X rays, and gamma rays. 2. High-speed 
atomic nuclei (e.g., protons or alpha particles). 

ion migration The movement of ions through a 
solid, liquid, or gas because of the influence of an 
electric field. 

ionosphere 1. Any of several ionized regions at 
specific altitudes above the earth’s surface. 
These layers cause absorption and refraction of 
electromagnetic (EM) fields at some radio fre- 
quencies. The D layer exists at an altitude of 
about 30 miles (50 km) and is ordinarily present 
only on the daylight side of the planet. This layer 
does not contribute to, and in fact sometimes 
hinders, wireless communications. The E layer, 
about 50 miles (80 km) above the surface, also 
exists mainly during the day, but nighttime ion- 
ization is sometimes observed. The E layer can 
facilitate medium-range radio communication at 
certain frequencies. The uppermost regions are 
the Fl and F2 layers. The Fl layer, normally pre- 
sent only on the daylight side of the earth, forms 
at about 125 miles (200 km) altitude; the F2 layer 
exists at about 180 miles (300 km) more or less 
around the clock. Sometimes the distinction be- 
tween the Fl and F2 layers is ignored, and they 
are spoken of together as the F layer. 

ionospheric disturbance See JIONOSPHERIC 
STORM. 
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ionospheric forecasting Predicting ionospheric 
conditions. Radio propagation data is derived 
from such predictions. 

ionospheric layers The respective layers of the 
ionosphere: D layer (at an altitude of about 30 mi 
or 50 km), E layer (at an altitude of about 50 mi 
or 80 km), the F1 layer (at an altitude of about 
125 mi or 200 km), and the F2 layer (at an alti- 
tude of about 180 mi or 300 km). The Fl layer is 
generally present only in the daytime. 

ionospheric propagation Propagation of radio 
waves by means of reflection or refraction by the 
ionosphere. Also see HOP; INCIDENT WAVE; 
IONOSPHERE; MULTIHOP PROPAGATION; RE- 
FLECTED WAVE, 1; REFRACTED WAVE; and 
SKYWAVE. 

ionospheric storm Turbulence in the ionosphere, 
usually accompanied by a magnetic storm and 
caused by high-speed particles emitted from an 
eruption on the sun. 

ion sensor A device whose operation is based on 
the detection of ions and the delivery of a propor- 
tionate voltage. Examples are the Geiger counter, 
halogen gas leak detector, mass spectrometer, 
and vacuum gauge. 

ion spot See ION BURN. 

ion trap See BENT-GUN CRT. 

ion-trap magnet An external (usually double) 
magnet used with a television picture tube to de- 
flect the ion beam away from the screen. This pre- 
vents ION BURN. 

I/O port That part of a computer providing, via a 
connector, a point through which data can enter 
from, or exit to, peripheral equipment. 

Ip 1. Abbreviation of PLATE CURRENT. 2. Abbrevi- 
ation of PEAK CURRENT. 

I-phase carrier In color television, a carrier sepa- 
rated by 57 degrees from the color subcarrier. 
I-picture A video image that is coded using only 

data that it contains. 

ipm Abbreviation of INCHES PER MINUTE. 

ips Abbreviation of INCHES PER SECOND. 

IR 1. The product of current and resistance (see, 
for example, IR DROP). 2. Abbreviation of INSU- 
LATION RESISTANCE. 3. Abbreviation of IN- 
FRARED. 

I, Symbol for IRIDIUM. 

I, Symbol for CURRENT in a resistor. 

IRAC Abbreviation for Interdepartment Radio Advi- 
sory Committee (a federal government group in 
the United States). 

IR diode See INFRARED DIODE. 

IR drop The voltage drop (E) across a resistance (R) 
when there is a current (J) through the resistor; 
according to Ohm’s law, E = IR. 

IRE Abbreviation for Institute of Radio Engineers, 
the predecessor of the IEEE (Institute of Electrical 
and Electronics Engineers). 

IRED Abbreviation for 
DIODE. 

Irr Symbol for RADIO-FREQUENCY CURRENT. 


INFRARED-EMITTING 
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iridescence A sparkling, colorful appearance in a 
material, resulting from refraction, internal re- 
flection, and interference in light waves passing 
through the substance. It is especially noticeable 
in quartz and certain gems. 

iridium Symbol, Ir. A metallic element of the plat- 
inum group. Atomic number, 77. Atomic weight, 
192.22. 

iron Symbol, Fe. A ferromagnetic, metallic ele- 
ment. Atomic number, 26. Atomic weight, 
55.847. Iron (and its special form, steel) is widely 
used in magnetic circuits. 

iron/constantan thermocouple A thermocouple 
consisting of a junction between wires or strips of 
IRON and CONSTANTAN. 

iron core A transformer or choke core made from 
iron or steel. The core is usually laminated to re- 
duce eddy-current loss. 

iron-core coil An inductor having an iron or steel 
core, usually laminated to reduce eddy-current 
loss. 

iron-core IF transformer An intermediate-fre- 
quency transformer having a core of powdered 
iron, a form of iron that has the advantage of high 
permeability while greatly minimizing eddy cur- 
rents. 

iron-core transformer A transformer whose coils 
are wound on a core of laminated iron or steel. 

iron loss Power lost in the iron cores of transform- 
ers, inductors, and electrical machinery as a re- 
sult of eddy currents and hysteresis. 

iron magnet A permanent magnet consisting of 
magnetized iron or a mixture of iron and nickel. 

iron oxide A compound of iron and oxygen, whose 
most familiar form is common rust. The several 
variants have characteristics that depend on the 
number of iron and oxygen atoms in the iron- 
oxide molecule. See, for example, MAGNETITE 
and RED OXIDE OF IRON. 

iron pyrites Formula, FeS3. Natural iron sulfide 
that occurs as bright yellow crystals in its natural 
state. 

iron-vane meter An alternating-current meter 
whose movable element, a soft iron vane, carries 
the pointer and pivots near a similar, stationary 
vane. The vanes are mounted in a multiturn coil 
of wire. The current flows through the coil, the re- 
sulting magnetic field magnetizing the vanes. 
Because the magnetic poles of the vanes are 
identical, they repel each other; the movable vane 
is deflected (against the torque of returning 
springs) over an arc proportional to the current, 
carrying the pointer over the scale. 

irradiance The amount of radiant flux impinging 
on a unit surface area; it is generally specified in 
watts per square meter (W/m?). 

irradiation 1. Exposure of a device to radioactivity 
or X rays. 2. The total radiant power density that 
is incident upon a receiving surface. 

irrational number A number that cannot be ex- 
pressed as the quotient of two integers. Its deci- 
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mal expansion is nonterminating and nonrepeat- 
ing. 

irregularity 1. The condition of being nonuniform, 
or rapidly fluctuating, rather than constant. 2. A 
departure from normal operating conditions. 3. 
Nonuniformity in a surface. 4. Nonuniform distri- 
bution of matter. 5. Nonuniform distribution of 
data. 

irregular wave A wave disturbance, or the plot of 
such a disturbance versus time, that has a com- 
plex, periodic, repeating nature. 

IR viewer A device that allows observation of im- 

ages at infrared wavelengths. See SNIPERSCOPE 

and SNOOPERSCOPE. 

1. Symbol for source current in a field-effect 

transistor. 2. Symbol for screen current in a vac- 

uum tube. 
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ISDN Abbreviation for INTEGRATED SERVICES 
DIGITAL NETWORK. 

ISCAN Abbreviation of inertialess steerable commu- 
nications antenna. 

I-scan A radar display in which the target is shown 
as a complete circle, whose radius is proportional 
to the distance to the target. 

I-signal With the Z-signal, one of the two signals 
that modulates the chrominance subcarrier in 
color television. The I-signal results from mixing 
a B-Y signal (with -0.27 polarity) and an R-Y sig- 
nal (with +0.74 polarity). 

Isinglass Thinly laminated mica. 

ISO Abbreviation for International Standards Orga- 
nization. 

ISO 9660 A standard format for producing CD- 
ROM (COMPACT DISK READ-ONLY MEMORY) 
mass storage media for use with computers. It is 
a part of the YELLOW BOOK scheme. 

isobar 1. An atom whose nucleus has the same 
weight as that of another atom but differs in 
atomic number. 2. On a weather map, a line con- 
necting points of equal pressure. Also see BAR, 1. 

isochromal phenomena 1. Effects occurring at reg- 
ular time intervals. 2. Effects of equal duration. 

isochromatic Also orthochromatic. 1. The quality 
of having or producing natural visible-light hues. 
2. Color sensitivity excluding a response to red. 
isochronal See ISOCHRONE. 

isochrone On a map, a line connecting points of 
constant time difference in radio-signal recep- 
tion. It is useful in radiolocation and radionaviga- 
tion. 

isochronous Having identical resonant frequen- 
cies or wavelengths. 

isoclinic line See ACLINIC LINE. 

isodose Pertaining to points receiving identical 
dosage of radiation. 

isodynamic line Ona map of the geomagnetic field 
(the earth’s magnetic field), a line connecting 
points of equal flux density. 

isoelectric Having a potential difference of zero. 

isoelectronic Having the same number of electrons. 

isogonal 1. See ISOGONIC LINE. 2. Having uni- 
form magnetic declination at all points. 

isogonic line On a map of the geomagnetic field 
(the earth’s magnetic field), a line connecting 
points of equal magnetic declination. 

isolantite An insulating ceramic. Dielectric con- 
stant, 6.1. 

isolated 1. Electrically insulated. 2. Separated in 
such a way that interaction does not take place. 

isolated input 1. An ungrounded input. 2. An in- 
put circuit with a blocking capacitor to prevent 
the passage of direct current. 

isolated location Ina computer, a storage location 
that is hardware-protected from being addressed 
by a user's program. 

isolating amplifier See BUFFER, 1. 

isolating capacitor A series capacitor inserted in a 
circuit to pass an alternating-current signal while 
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blocking direct current. Also called a BLOCKING 
CAPACITOR. 

isolating diode A diode used (because of its unidi- 
rectional conduction) to pass signals in one direc- 
tion, but block them in the other direction. 

isolating resistor A high-value resistor connected 
in series with the input circuit of a voltmeter or 
oscilloscope to protect the instrument from stray 
pickup. In most voltmeters, this resistor is built 
into the probe. 

isolating transformer A power transformer, usu- 
ally having a 1:1 turns ratio, for isolating equip- 
ment from direct connection to the power line. 
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isolation The arrangement or operation of a circuit 
so that signals in one portion are not transferred 
to (nor affect) another portion. 

isolation amplifier See ISOLATING AMPLIFIER. 

isolation capacitor See ISOLATING CAPACITOR. 

isolation diode 1. In an integrated circuit, a re- 
verse-biased diode that is formed in the substrate 
to prevent cross-coupling and grounds. 2. See 
ISOLATING DIODE. 

isolation resistor See ISOLATING RESISTOR. 

isolation transformer See ISOLATING TRANS- 
FORMER. 

isolator See OPTOELECTRONIC COUPLER. 

isolith A form of monolithic integrated circuit, in 
which the semiconductor is removed in certain 
places for the purpose of isolating different parts 
of the circuit. 

isomagnetic Having equal magnetic intensity. 

isomer A material that has the same atomic num- 
ber or chemical formula as some other substance, 
but, because of a difference in the atomic struc- 
ture, is an entirely different substance. An exam- 
ple is carbon; it can be either graphite (by far the 
more common form) or diamond. 

isophote On a graph of visible-light intensity, a 
curve joining points of equal brightness. 

isoplanar An integrated-circuit configuration in 
which insulating barriers or metal oxides are fab- 
ricated among the bipolar elements. 
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isothermal process A physical or chemical pro- 
cess in which there is no temperature change as 
other factors vary. Compare ENDOTHERMIC RE- 
ACTION and EXOTHERMIC REACTION. 

isotope An atom having the same number of pro- 
tons as another atom, thereby composing the 
same chemical element, but having a different 
number of neutrons. Thus, deuterium is an iso- 
tope of hydrogen. Some isotopes are radioactive 
[e.g., carbon 14 (an isotope of the more-common 
carbon 12)|. The two extra neutrons in carbon 14 
make it less stable than carbon 12. 

isotropic antenna A theoretically ideal antenna 
that transmits and/or receives electromagnetic 
fields equally well, and with 100-percent effi- 
ciency, in all directions in three-dimensional free 
space. 

isotropic radiator A theoretically ideal radiating 
element that transmits electromagnetic fields 
equally well, and with 100-percent efficiency, in 
all directions in three-dimensional free space. 

Isup Symbol for suppressor current. 

I(t) Symbol for INDICIAL RESPONSE. 

ITD Abbreviation for INITIAL TIME DELAY. 

item 1. Component. 2. Any one of a number of 
similar or identical components, circuits, or sys- 
tems. 

iteration Repeating a series of arithmetic opera- 
tions to arrive at a solution to a problem. Com- 
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puters are commonly programmed to do this 
thousands, millions, or billions of times. Such a 
program must include a statement of acceptable 
accuracy so that it knows when to leave the iter- 
ation loop. 

iterative impedance In a network consisting of 
identical, cascaded sections, the input imped- 
ance of a section to which the output impedance 
of the preceding section is made equal. 

iterative routine A program or subroutine that 
provides a solution to a problem by iteration. 

iterative transfer constant Symbol, P. A property 
of ITERATIVE IMPEDANCE networks. If J; is the 
network input current and I, is the network out- 
put current, then P = log.(I,/I). 

ITU Abbreviation for International Telecommunica- 
tion Union. 

ITV 1. Abbreviation of INDUSTRIAL TELEVISION. 
2. Abbreviation for INTERACTIVE TELEVISION. 

I-type semiconductor See INTRINSIC SEMICON- 
DUCTOR. 

Ix Symbol for current in a reactance. 

Iy Symbol for current in an admittance. 

Iz Symbol for current in an impedance. 

-ize A suffix used, with some liberty, to form 
verbs from nouns. In electronics, this commonly 
refers to procedures or processes (e.g., to AN- 
ODIZE, ELECTROCIZE, PLASTICIZE, or TRAN- 
SISTORIZE). 
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J 1. Abbreviation for JOULE. 2. Symbol for JACK 
or CONNECTOR. 3. Symbol for EMISSIVE 
POWER. 

j (j operator) The square root of —1; an imaginary 
number (usually denoted i in mathematics). As- 
signed to reactance values depicted on the verti- 
cal axis of the resistance-reactance (RX) plane in 
impedance vector diagrams, and whose currents 
are 90 degrees out of phase with the current in 
the resistive part of an alternating-current cir- 
cuit. 

jack A receptacle for a plug. A plug (a male connec- 
tor) is inserted into a jack (a female connector) to 
complete a circuit or removed from it to break a 
circuit. 


jack 


jack box A (usually metallic) box or can used to 
hold, shield, or protect a jack or group of jacks. 

jacket 1. The outer covering on a cable, as opposed 
to the insulation or dielectric separating the indi- 
vidual conductors within the cable. 2. An insulat- 


ing outer case or wrapper on a component, such 
as a capacitor. 3. A shield can or shield box. 4. A 
heat-radiating or water-conducting enclosure 
used in cooling a power vacuum tube. 

jack panel A (usually metallic) panel in which a 
number of jacks are mounted, usually in some 
order or sequence as denoted by labels. 


jack panel 


jackscrew In a two-piece connector, a screw for 
mating or separating the halves of the connector. 

Jacob’s law A principle concerning the behavior of 
motors. An electric motor develops maximum 
power when E; = 2E,,, where E;is the applied volt- 
age and Epx is the back voltage. 

JAES Abbreviation for Journal of the Audio Engi- 
neering Society. 

jaff Colloquial term for radar jamming that com- 
bines electronic and chaff techniques. 

jag Distortion caused by temporary loss of syn- 
chronization between the scanner and recorder in 
a facsimile system. 

jam input 1. A means of setting a logic line to the 
desired condition by directly applying the desired 
high or low voltage. 2. A voltage applied to a logic 
line to force it high or low. 

jammer 1. A radio transmitter or station used for 
the purpose of JAMMING communications be- 
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tween or among other stations. 2. A radio opera- 
tor who engages in the practice of deliberately 
JAMMING communications between or among 
other stations. 

jamming The deliberate use of countermeasures, 
such as malicious transmission of interfering sig- 
nals, to obstruct communications. 

jamming effectiveness The extent to which JAM- 
MING is able to disrupt a service. It can be ex- 
pressed quantitatively as the ratio of jamming 
signal voltage to jammed signal voltage. It can 
also be determined according to the percentage of 
data that is effectively obliterated. 

JAN Abbreviation of JOINT ARMY-NAVY. 

janet A system for point-to-point communication 
via meteor-trail forward scatter. It is generally 
used at very high frequencies (VHF). 

Jansky noise Wideband, high-frequency electro- 
magnetic noise generated by objects in interstel- 
lar and intergalactic space. 

J antenna An end-fed half-wave antenna having a 
quarter-wave, parallel-wire matching section. The 
entire antenna, when oriented vertically, resem- 
bles the letter J. 
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Janus antenna array (from Janus, an ancient Ro- 
man god.) A Doppler-navigation antenna array 
radiating forward and backward beams. 

jar 1. (From Leyden jar) An obsolete unit of capac- 
itance equal to 1/900 microfarad. 2. The con- 
tainer for the elements of a storage cell. 

JASA Abbreviation for Journal of the Acoustical So- 
ciety of America. 

J-carrier system In carrier-current (wired/wire- 
less) telephony, a broadband system that pro- 
vides 12 telephone channels at frequencies up to 
140 kHz. 

JCET Abbreviation of Joint Council on Educational 
Television. 

JCL Abbreviation of job control language. 

J-display A radar display having a circular time 
base. The transmitted pulse and reflected (target) 
pulse are spaced around the circumference; dis- 
tances can be measured circumferentially be- 
tween them. 


ÓN 


JEDEC Acronym for Joint Electron Device Engineer- 
ing Council. 

jerk The rate of change of acceleration; the third 
derivative of displacement. 

JETEC Acronym for Joint Electron Tube Engineer- 
ing Council. 

jewel bearing A low-friction bearing used in elec- 
tric meters and other sensitive devices. It takes 
its name from a jewel pivot (such as a sapphire) in 
the groove of which rides the pointed end of a ro- 
tating shaft. Also called jeweled bearing or jewel. 

jezebel A passive sonobuoy used in military appli- 
cations. It detects enemy submarine noises, and 
transmits them by radio to a monitoring station. 

JFET Abbreviation of junction field-effect transistor. 

JHG Abbreviation of JOULE HEAT GRADIENT. 

jig A device constructed especially for the purpose 
of holding an equipment or circuit board during 
its repair. 

jitter A (usually small and rapid) fluctuation in a 
phenomenon, such as a quantity or wave, be- 
cause of noise, mechanical vibration, interfering 
signals, or similar internal or external distur- 
bances. It is used especially in reference to 
cathode-ray-tube (CRT) displays. 

J/K Abbreviation for joule(s) per Kelvin, the SI unit 
of entropy; also the unit for the Boltzmann con- 
stant. 

J-K flip-flop A transistor-resistor flip-flop stage 
producing an output signal even when both in- 
puts are in the logic 1 state (high). It is so called 
because its input terminals are labeled J and K. 

J/(kg-K) Abbreviation for joule(s) per kilogram 
Kelvin, the SI unit of specific heat capacity. 

job A unit of computer work, usually consisting of 
several program runs. 

job control language An operating system lan- 
guage used to describe the control requirements 
for jobs within the system. 

job control program A program that uses control 
language statements and implements them as in- 
structions controlling a job in an operating sys- 
tem. 

job control, stacked See SEQUENTIAL-STACKED 
JOB CONTROL. 

job flow control To control the order of jobs being 
processed by a computer to make the most effi- 
cient use of peripherals and central processor 
time—either manually or by an operating system. 

job library A series of related sets of data that will 
be loaded for a given job. 

job-oriented terminal A terminal that produces 
data in computer-ready form. 

job statement A control statement identifying the 
beginning of a series of job control statements for 
a job. 

job step The execution of a computer program ac- 
cording to a job control statement; several job 
steps can be specified by a job. 

job stream Ina processing system, a group of con- 
secutively run jobs. 
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jogging Rapid, repetitive switching of power to a 
motor to advance its shaft by small amounts. 
Also called inching. 

Johnson counter See RING COUNTER. 

Johnson curve A spectral curve (important in ap- 
praising solar cell performance) for air mass zero 
(i.e., for conditions beyond the earth's atmosphere). 

Johnson-Lark-Horowitz effect The resistivity 
gained by a metal or degenerate semiconductor 
(one in which conduction is nearly equal to that 
of a simple metal) because of electron scattering 
by impurity atoms. 

Johnson noise See THERMAL NOISE. 

Johnson-Q feed system See Q-ANTENNA. 

join Also called disjunction. The logical inclusive- 
OR operation. 

joined actuator A form of multiple circuit breaker 
in which the opening of one circuit results in the 
opening of all circuits. 

joint See JUNCTION, 1. 

joint circuit A communications circuit shared by 
two or more services. 

joint communications Communication facilities 
being used by more than one service of the same 
country. 

joint denial The logical NOR (NOT-OR) operation. 

joint-force sensor A feedback servo device that pre- 
vents a robot joint from exerting excessive force. It 
works by detecting the mechanical resistance the 
robot arm encounters. If the resistance becomes 
too great, the joint force is reduced or removed. 

jolt 1. Colloquialism for KILOVOLT. 2. Colloquial- 
ism for ELECTRIC SHOCK. 3. Colloquialism for 
TRANSIENT. 4. Colloquialism for a lightning dis- 
charge. 

Joly transformer A frequency-tripling transformer 
whose frequency-multiplying action depends on 
the nonlinearity of the magnetic induction curve 
of the core material. 

Jones plug A special form of polarized receptacle 
having numerous contacts. 


Jones plug 


joperator See J. 

Josephson effect The phenomenon, predicted by 
Brian Josephson, wherein a current flows across 
the gap between the tips of two superconductors 
brought close together; a high-frequency wave is 
generated. 

Joshi effect The phenomenon whereby current in 
a gas changes as the result of irradiation by light. 
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joule Abbreviation, J. The SI unit of work. One 
joule is the work performed when the point of ap- 
plication of one newton is moved one meter in the 
direction of the applied force. Also see NEWTON. 

Joule calorimeter A heat-measuring device that 
operates electrically. 

Joule constant See MECHANICAL EQUIVALENT 
OF HEAT. 

Joule effect 1. The heat resulting from current 
flowing through a resistance. 2. See MAGNE- 
TOSTRICTION. 

joule heat See JOULE EFFECT, 1. 

joule heat gradient The rate of change in the tem- 
perature of a resistive object through which a 
current flows. 

joule meter An integrating wattmeter producing 
readings in joules. 

Joule's law The rate at which heat is produced by 
current flowing in a constant-resistance circuit is 
proportional to the square of the current. 

journal A file of messages within an operating sys- 
tem, providing information for restarts and his- 
torical analysis of system functioning. 

joystick A two- or three-dimensional potentiome- 
ter with a movable lever, allowing control of a pa- 
rameter, according to the position of the lever in 
the up/down and left/right directions. It is often 
used in computer games for the purpose of ma- 
nipulating images on a screen. In some such 
devices, the lever can be rotated clockwise or 
counterclockwise to obtain additional functions. 


joystick 


JPEG Abbreviation of Joint Photographic Experts 
Group. 

JPEG image compression An image-compression 
scheme that eliminates redundancies, greatly re- 
ducing the necessary digital storage space. The 
process is fast enough to allow animated graphics 
at moderate speed. 

JPL Abbreviation of Jet Propulsion Laboratory. 

J-pole antenna See J ANTENNA. 

J rule During transitions of orbital electrons from 
higher to lower energy states (accompanied by 
the emission of photons), changes in the inner 
quantum number can only be by a factor of O or 
+1, or-l. 
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Jscan See J DISPLAY. 

J scope A radar device that produces a J DISPLAY. 

JSR Abbreviation of jump to subroutine. 

JTAC Abbreviation of Joint Technical Advisory 
Committee. 

judder In facsimile transmission, distortion caused 
by movements of the transmission or reception 
equipment. 

juice Colloquialism for electric voltage or current. 

jukebox An automatic phonograph (usually found 
in public places) that contains a large assortment 
of records. 

Juliet Phonetic representation for the letter J, 
used in voice communications. 

jump 1. To purposely provide a short circuit 
around some component or circuit. 2. Also called 
branch. In digital computer operations, a pro- 
gramming instruction specifying the memory lo- 
cation of the next instruction and directing the 
computer to it. 

jump, conditional See CONDITIONAL BRANCH. 

jump, unconditional See ©. UNCONDITIONAL 
BRANCH INSTRUCTION. 

jumper A short piece of wire (usually flexible, insu- 
lated, and equipped with clips) for jumping a 
component or circuit. See JUMP, 1. 

jump instruction See BRANCH INSTRUCTION. 

junction 1. A joint (connection) between two con- 
ductors. 2. The region of contact between semicon- 
ductor materials of opposite type (e.g., pn junction). 
3. A waveguide fitting used to attach a branch 
waveguide to a main waveguide at an angle. 

junction barrier See DEPLETION REGION. 

junction battery A nuclear battery in which a sili- 
con pn junction is irradiated by strontium 90. 

junction box A (usually metal) protective box or 
can into which several conductors are brought to- 
gether and connected. 

junction capacitance In a semiconductor pn junc- 
tion, the internal capacitance across the junction; 
it is of special interest when the junction is re- 
verse-biased. Also called barrier capacitance. 

junction capacitor See VOLTAGE-VARIABLE CA- 
PACITOR. 

junction diode A semiconductor diode created by 
joining an n-type region and p-type region as a 
wafer of semiconductor material, such as germa- 
nium or silicon. 

junction field-effect transistor Abbreviation, 
JFET. A field-effect transistor in which the gate 
electrode consists of a pn junction. 

junction filter A combination of separate low- and 
high-pass filters having a common input, but 
separate outputs. The filter is used to separate 
two frequency bands and transmit them to differ- 
ent circuits. 

junction laser See LASER DIODE. 

junction light source See LIGHT-EMITTING 
DIODE. 

junction loss 1. The loss that occurs in a tele- 
phone circuit at connecting points. 2. Loss ina 
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semiconductor pn junction. 3. Loss occurring at 
an electrical connection because of poor bonding. 

junction photocel A photoconductive or photo- 
voltaic cell that is essentially a light-sensitive 
JUNCTION DIODE. 

junction point 1. A point at which two or more 
conductors, components, or circuits join in an 
electrical connection. 2. The point in a computer 
routine at which one of several choices is made. 

junction rectifier A semiconductor rectifier that 
is, in effect, a heavy-duty junction diode, or the 
equivalent of several heavy-duty junction diodes 
in combination. 

junction station A microwave relay station joining 
one or more microwave radio legs to the main 
route or through route. 

junction transistor A transistor in which the emit- 
ter and collector consists of junctions (see JUNC- 
TION, 2) between p and n semiconductor regions. 
Compare POINT-CONTACT TRANSISTOR. 

junctor In a crossbar system, a circuit that bridges 
frames of a switching unit and terminates in a 
switching device on each frame. 

Jungian-world theory The theory that societies 
keep repeating the same mistakes, generation af- 
ter generation. Of interest to some researchers in 
artificial intelligence. It has been suggested that 
supercomputers might help find solutions to re- 
curring social problems. 

justification 1. The alignment of text along the left 
margin, the right margin, or both margins. 2. A 
method of altering the speed of a digital signal so 
that it can be received by equipment designed for 
a different data speed. The rate of speed is lower 
after this process is applied. Also called pulse 
stuffing. 

justify 1. To adjust the printing of words for 
aligned left and/or right margins. 2. In computer 
operations, to shift an item in a register so that 
the most- or least-significant digit is at the corre- 
sponding end of the register. 

just-operate value The current or voltage level at 
which a relay or similar device just closes. Also 
called just-close value. 

just-release value The current or voltage level at 
which a relay or similar device just opens. Also 
called just-open value. 

just scale A musical scale of three consecutive tri- 
ads, the highest note of each being the lowest 
note of the next. Each triad has the ratio 4:5:6 or 
10:12:15. 

jute Tar-saturated fiber, such as hemp, used as a 
protective covering for cable. 

jute-protected cable A cable whose outer covering 
is a wrapping of JUTE or similar material. 

juxtaposed elements Components placed 
mounted side by side. 

juxtaposed images Images (e.g., those on the 
screen of a dual-beam cathode-ray tube) that are 
close to each other for simultaneous viewing, but 
do not overlap at any point. 
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K 1. General symbol for CONSTANT. 2. Symbol for 
POTASSIUM. 3. Symbol for KELVIN. 4. Radiotele- 
graph symbol for go ahead or over. 5. Symbol for 
CATHODE. 6. Symbol for KILOBYTE. 7. Abbrevi- 
ation of KILOHM (k is preferred). 8. Abbreviation 
of KILO-. 

k 1. Abbreviation of KILO-. 2. Symbol for the 
BOLTZMANN CONSTANT. 3. General symbol for 
a mathematical constant. 4. Symbol for DIELEC- 
TRIC CONSTANT. 5. Abbreviation for KILOHM. 

kA Abbreviation of KILOAMPERE. 

Karnaugh map A logic chart showing switching- 
function relationships and used in computer 
logic analysis to determine quickly the simplest 
form of logic circuit for a given function. The Kar- 
naugh map is sometimes regarded as a tabular 
form of the Venn diagram. 

Kansas City standard A frequency-shift modula- 
tion standard for a computer/tape-recorder inter- 
face. Also called byte standard. 

KB 1. Abbreviation of KEYBOARD. 2. Abbreviation 
of KILOBYTE. 

K band The 18- to 27-GHz band of frequencies, 
pertaining to their use in radar applications. 

kcal Abbreviation of KILOCALORIE. 

K carrier system A four-wire carrier-current tele- 
phone system using frequencies up to 60 kHz 
and providing 12 channels. 

kCi Abbreviation of KILOCURIE. 

kcs Abbreviation of kilocharacter per second (1000 
characters per second). 

K display See K SCAN. 

KDP Abbreviation of POTASSIUM DIHYDROGEN 
PHOSPHATE, a ferrolelectric material. 

keeper A small iron bar placed across the poles of 
a permanent magnet to forestall demagnetization. 


K electron In certain atoms, one of the electrons 
whose orbit is nearest the nucleus. 

Kel-f Abbreviation of polymonochlorotrifluor- 
ethylene, a high-temperature insulating material. 

Kellie bond 1. The junction of two mated electri- 
cally conductive surfaces that are held together 
by an adhesive that exhibits negligible resistance 
thermally and electrically when set. 2. To make a 
thermally conductive joint, as from a heatsink to 
a chassis or component. 

kelvin (Lord Kelvin, 1824-1907) Symbol, K. The SI 
unit of thermodynamic temperature; 1 K = 
1/273.16, the thermodynamic temperature of the 
triple point of water. 

Kelvin absolute electrometer An_ electrostatic 
voltmeter consisting of a movable metal plate (or 
plates) and a stationary metal plate (or plates) 
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between which voltage is applied. The movable 
plate(s) is displaced over a distance that is pro- 
portional to the potential, against the torque of a 
return spring. 

Kelvin balance An apparatus for measuring cur- 
rent in terms of magnetic pull. A coil is attached 
to each end of the beam of a balance, and coils 
ride directly above two stationary coils. Current 
flows through all coils, making one pair attractive 
and the other repellent, thus unbalancing the 
beam. Balance is restored by sliding a weight 
whose position along a graduated scale indicates 
the current strength. 

Kelvin contacts Electrical contacts designed to 
eliminate the effect of lead resistance on the accu- 
racy of measurement. Two leads run to each test 
point, one lead carrying the test signal and the 
other leading directly to the measuring instrument. 

Kelvin double bridge A special bridge for measur- 
ing very low resistance (0.1 ohm or less). The ar- 
rangement of the bridge reduces the effects of 
contact resistance that causes significant error 
when such low resistances are connected to con- 
ventional resistance bridges. 


When R/R, = R3/Ra, 
Ri = (R¡/RYIR, 


R 


S 


Kelvin double bridge 


Kelvin replenisher A static generator consisting of 
two pairs of concentric, rotating semicircular 
conductors connected to brushes. The machine 
can be regarded as a rotating electric doubler. 

Kelvin scale See ABSOLUTE SCALE. 

Kelvin temperature scale See ABSOLUTE SCALE. 

Kelvin voltmeter An electrostatic voltmeter in 
which an assembly of figure-8-shaped metal 
plates rotates between the plates of a stationary 
assembly when a voltage is applied between the 
assemblies. The length of the arc of rotation is 
proportional to the electrostatic attraction and, 
thus, to the applied voltage. 

Kendall effect Distortion in a facsimile record 
caused by unwanted modulation produced by a 
carrier signal. 


Kennelly-Heaviside layer (A.E. Kennelly, 1861- 
1939; Oliver Heaviside, 1850-1925) An early 
name for ionized regions in the upper atmo- 
sphere. These regions reflect and refract radio 
waves at certain frequencies. There are several 
layers at various altitudes. Also see IONO- 
SPHERE and IONOSPHERIC LAYERS. 

keraunograph A meteorological instrument for de- 
tecting distant electrical storms. In its simplest 
form, it consists of a galvanometer connected in 
series with an antenna and ground. 

keraunophone A radio-receiving 
GRAPH. 

kernel Inside an electrical conductor, a line along 
which the magnetic field strength is zero. Gener- 
ally, this line is near the center of the conductor. 

Kerr cell A nitrobenzene-filled cell that makes use 
of the KERR ELECTRO-OPTICAL EFFECT. It can 
function as an electric light shutter or control. 

Kerr electro-optical effect The tendency of cer- 
tain dielectric materials to become double- 
refracting in an electric field. 

Kerr magneto-optical effect The tendency of 
glass and some other solids and liquids to be- 
come double-refracting in a magnetic field. 

Kerst induction accelerator See BETATRON. 

keV Abbreviation of KILOELECTRONVOLT. 

Kew magnetometer A special magnetometer used 
to measure the intensity of the earth's magnetic 
field, and also the magnetic declination at a given 
point on the earth's surface. The device is de- 
signed for very high accuracy, using magnifying 
lenses. 

key 1. See DECRYPTION KEY. 2. A projection or 
pin that guides the insertion of a plug-in compo- 
nent into a holder or socket. 3. A digit or digits 
used to locate or identify a computer record (but 
not necessarily part of the record). 4. A special- 
ized hand-operated switch, used to make and 
break a circuit repetitively to form the dot and 
dash signals of Morse code telegraphy. Primarily 
of historical interest. Used by some amateur ra- 
dio operators for hobby purposes. 5. Slang for 
principal or main. 

keyboard An array of lettered or numbered, low- 
torque push buttons, used to enter information 
into a computer, telegraph, teletypewriter, or au- 
tomatic control system. 

keyboard computer A digital computer in which 
the input device is an electrical keyboard of the 
typewriter or calculator type. 

keyboard entry The operation of a keyboard to en- 
ter information into a computer for processing. 

keyboard keyer A device for automatically sending 
Morse code using a typewriter-like keyboard, 
rather than a paddle or straight key. Each key on 
the keyboard, when pressed, produces the com- 
plete character and a space following it. Most key- 
board keyers have buffers to allow typing well 
ahead of the code being sent, with insertion of all 
the correct spaces. The speed range is usually 
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from about 5 words per minute (wpm) to 60 or 70 
wpm, although some keyboard keyers are pro- 
grammed for speeds over 100 wpm. 

keyboard lockout A keyboard interlock in a data 
transmission circuit that prevents data from be- 
ing transmitted while the transmitter of another 
station on the same circuit is operating. 

keyboard send-receive unit A teletypewriter lack- 
ing an automatic input device. 

key cabinet In a telephone system, a facility that 
shows a subscriber which lines are busy and 
which lines are open. 

key chirp A chirping sound in a received signal, re- 
sulting from slight frequency shift when a ra- 
diotelegraph transmitter is keyed. It does not 
occur with a well-designed transmitter. 

key-click filter An inductance-capacitance (LC) or 
resistance-capacitance (RC) filter for smoothing a 
keying wave to eliminate KEY CLICKS. It func- 
tions by optimizing the rise and decay times of 
the keyed waveform. 

key clicks Excessive bandwidth of a radiotele- 
graph signal that can result when a keyed signal 
has rise and decay times that are too rapid. Pro- 
duces characteristic clicking or popping sounds, 
with resulting interference, in receivers tuned to 
frequencies near that of the transmitted signal. A 
KEY-CLICK FILTER can eliminate this. 


No click 
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keyed AGC A controlled automatic gain control 
(AGC) system in a television receiver circuit. The 
AGC acts when the horizontal sync pulse ap- 
pears; it is inactive between pulses. This prevents 
unwanted actuation of the AGC by noise tran- 
sients and picture-signal elements. 

keyed clamp A clamping circuit that uses a con- 
trol signal to determine the clamping time. 

keyed interval In a transmission system that is 
keyed periodically, an interval beginning with a 
change in state and having a duration of the 
shortest time between changes in state. 

keyed rainbow generator For testing of color- 
television receivers, a signal generator that 
produces a rainbow color pattern on the screen 
(i.e., a set of 10 vertical color bars representing 
the spectrum, with blank bars in between). The 
pattern results from gating the 3.56-MHz oscillator 
in the receiver at a frequency of 189 kHz. 
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keyer An automatic device for keying a radiotele- 
graph transmitter or wire telegraph circuit. The 
keyer can operate from perforated tape, an em- 
bossed disk, magnetic tape, or other similar 
recording. 

keyer adaptor A modulated-signal detector that 
produces a direct-current signal having an ampli- 
tude sympathetic with the modulation; it pro- 
vides the keying signal for a frequency-shift 
exciter in radio facsimile transmission. 

key escrow A controversial system in which the 
government is provided with certain components 
of decryption keys to all communications ciphers, 
according to laws that would allow the govern- 
ment to eavesdrop on private communications or 
transactions after getting a court order. The key 
components are held in a secure place, that is, in 
“escrow,” unless and until the necessary court or- 
der is obtained. See DECRYPTION KEY. 

keying 1. The modulation of a carrier by switching 
it on and off. It is commonly used in radiotelegra- 
phy. 2. The modulation of a carrier by switching 
its frequency between two defined values. It is 
also called FREQUENCY-SHIFT KEYING (FSK) 
and it is used in data transmission. 3. The mod- 
ulation of a carrier with an audio tone that is 
switched on and off. The carrier can be modu- 
lated via amplitude modulation (AM), frequency 
modulation (FM), pulse modulation, or any other 
form that will convey the audio tone. It is occa- 
sionally used in radiotelegraphy at very-high fre- 
quencies (VHF) and above. Also called audio 
keying. 4. The modulation of a carrier with an au- 
dio tone whose frequency is switched between 
two defined values. The carrier can be modulated 
via amplitude modulation (AM), frequency modu- 
lation (FM), pulse modulation, or any other form 
that will convey the audio tone. It is commonly 
used in data transmission at VHF and above. 
Also called AUDIO FREQUENCY-SHIFT KEYING 
(AFSK). 

keying chirp A rapid change in the frequency of a 
continuous-wave signal, occurring at the begin- 
ning of each code element. In the receiver, the re- 
sulting sound is a chirp. 

keying error rate In data transmission, the ratio 
of incorrectly keyed signals to the total number of 
signals keyed. 

keying filter See KEY-CLICK FILTER. 

keying frequency 1. In audio-keyed radiotelegra- 
phy, the audio frequency (tone) of the dot and 
dash signals (as opposed to the carrier fre- 
quency). 2. In radiotelegraphy, the transmission 
speed (see KEYING SPEED). 3. The number of 
times per second that a black-line signal occurs 
while an object is scanned in a facsimile system. 

keying monitor A simple detector used by an op- 
erator to listen to the keying of a radiotelegraph 
transmitter. 

keying speed The speed (in words per minute) of a 
telegraph or radio-telegraph transmission. 
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keying transients 1. Transients arising from the 
keying of a radiotelegraph transmitter or wire 
telegraph circuit. 2. Transients that arise from 
the repetitive making and breaking of any circuit. 

keyless ringing In a telephone system, ringing 
that begins as soon as the calling plug is put in 
the appropriate jack on the jack panel. 

key pulse In telephone operations, a signaling sys- 
tem in which the desired numbers are entered by 
pressing corresponding pushbuttons or keys. 

key punch A keyboard-operated machine for 
recording information by perforating a tape or 
cards. 

keyshelf A shelf that supports manually operated 
telephone switchboard keys. 

key station The master (control) station in a com- 
munications or control network. 

keystoning A form of video image distortion in 
which the top of the picture is wider than the bot- 
tom, or vice versa. Thus, the image area is shaped 
like a trapezoid, rather than a rectangle. 
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key switch 1. A lockable switch that is operated by 
inserting and turning a key in it. 2. A switch hav- 
ing a long handle that transmits motion to the 
mechanism through a cam. 3. See KEY, 1. 4. 
The separate short-circuiting switch sometimes 
mounted on the base of a telegraph key (see KEY, 
1). 5. A switch that actuates the keys of an elec- 
tronic organ. 

key-to-disk unit A keyboard-to-magnetic-disk 
data-processing unit. 

keyway A groove or slot into which a mating key 
slides to position a plug-in component (see KEY, 
2). 

keyword In information retrieval systems, the sig- 
nificant word in the title describing a document 
(e.g., in the title “A Primer on French Cuisine,” 
the word cuisine would be the keyword, the oth- 
ers having no singular significance). 

kg Abbreviation of KILOGRAM. 

kgC Abbreviation of KILOGRAM-CALORIE. 

kgm Abbreviation of KILOGRAM-METER. 
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kg/m3 Symbol for KILOGRAMS PER CUBIC ME- 
TER, the SI unit of density. 

K-H layer See KENNELLY-HEAVISIDE LAYER. 

kHz Abbreviation of KILOHERTZ. 

kick 1. To place into sudden operation, as by the 
quick, forcible closure of a switch or the rapid ap- 
plication of an enabling pulse. 2. See TRIGGER. 
3. Colloquialism for an abrupt, momentary elec- 
tric shock. 

kickback 1. The counter EMF that appears across 
an inductor when current is interrupted. 2. See 
FLYBACK. 

kickback power supply A high-voltage power sup- 
ply using the flyback principle. See FLYBACK. 

kidney joint A waveguide coupling used in radar. 
The joint is flexible, or can consist of an air gap, 
to allow rotation of the antenna. 

Kikuchi lines A characteristic spectral pattern 
produced by the electrons scattered when an 
electron beam strikes a crystal. 

killer 1. A pulse or other signal used to disable a 
circuit temporarily (e.g., a blanking pulse). 2. In 
personal computing, an application of such im- 
portance that it alone serves as the motivation for 
someone to purchase or upgrade a system. Com- 
mon examples are word processing and online 
communications. 

killer circuit 1. A circuit that disables some 
function of a system, such as the audio in a 
television receiver. 2. The blanking circuit in a 
radar receiver. 3. A circuit that prevents re- 
sponses to side-lobe signals in a repeater or 
transponder. 

Kilo Pronunciation, KEY-low. Phonetic alphabet 
code word for the letter K. 

kilo- Abbreviation, K or k. 1. A prefix meaning 
thousand(s). 2. In digital data applications, a pre- 
fix meaning 2!° (1024). 

kiloampere Abbreviation, kA. A unit of current 
equal to 1000 amperes. 

kilobit A unit of digital data equal to 2!° (1024) 
bits. Also see BIT. 

kilobyte Abbreviation, K or KB. A unit of digital 
data equal to 2!° (1024) bytes. Also see BYTE. 

kilocalorie Abbreviation, kcal. A large unit of heat; 
1 kcal equals 1000 calories. See CALORIE. 

kilocurie Abbreviation, kCi. A large unit of ra- 
dioactivity equal to 3.71 x 10% disintegrations 
per second; 1 kCi equals 1000 curies. Also see 
CURIE, MEGACURIE, MICROCURIE, and MILLI- 
CURIE. 

kilocycle See KILOHERTZ. 

kiloelectronvolt Abbreviation, keV. A large unit of 
electrical energy equal to 1000 electronvolts. See 
ELECTRONVOLT. 

kilogauss A large unit of magnetic flux density; 
1 kilogauss equals 1000 gauss or 0.1 tesla. 

kilogram Abbreviation, kg. The SI base unit of 
mass; it is equal to 1000 grams. 

kilogram-calorie The heat required to raise 1 kilo- 
gram of water 1°C. 
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kilogram-meter Abbreviation, kgm. A unit of me- 
chanical energy (work); 1 kgm is the energy re- 
quired to raise a mass of 1 kilogram vertically by 
a distance of 1 meter (equal to 7.2334 foot- 
pounds). Also see JOULE. 

kilohertz Abbreviation, kHz. A unit of frequency; 
1 kHz equals 1000 Hz. 

kilohm Symbol, kQ. A unit of high resistance, re- 
actance, or impedance; 1 kQ equals 1000 ohms. 

kilojoule Abbreviation, kJ. A unit of energy or 
work; 1 kJ equals 1000 joules. See JOULE. 

kilolumen Abbreviation, klm. A unit of luminous 
flux equal to 1000 lumens. See LUMEN. 

kilomega- See GIGA-. 

kilomegahertz See GIGAHERTZ. 

kilometer Abbreviation, km. A large metric unit of 
linear measure; 1 km equals 1000 meters (3280.8 
feet). 

kilo-oersted Abbreviation, kOe. A unit of magnetic 
field strength; 1 kOe equals 1000 oersteds. See 
OERSTED. 

kiloroentgen Abbreviation, kr. A large unit of ra- 
dioactive radiation; 1 kr equals 1000 roentgens. 
see ROENTGEN. 

kilorutherford Abbreviation, krd. A large unit of ra- 
dioactivity equal to 10° disintegrations per second. 

kilovar A compound term coined from kilo- and 
VAR (the abbreviation of volt-amperes reactive). It 
is equal to a reactive power of 1000 watts. 

kilovar-hour A large unit of reactive electrical en- 
ergy, equivalent to 1000 reactive watts mani- 
fested for a period of one hour. 

kilovolt Abbreviation, kV. A unit of high voltage; 
1 kV equals 1000 V. 

kilovolt-ampere Abbreviation, kVA. A unit of high 
power that gives the TRUE POWER in a direct- 
current circuit and the APPARENT POWER in an 
alternating-current circuit; 1 KVA equals 1000 W. 
Also see DC POWER. 

kilovolt-ampere reactive See KILOVAR. 

kilovoltmeter A voltmeter designed to measure 
thousands of volts (kilovolts). 

kilowatt Abbreviation, kW. A unit of high power; 
1 KW equals 1000 watts. Also see WATT. 

kilowatt-hour Abbreviation, kWh. A common unit 
of electrical energy; 1 kWh equals 1000 watt 
hours, or the equivalent of 1000 watts dissipated 
for a period of one hour. Also see ENERGY, 
KILOWATT-HOUR, POWER, WATT-HOUR, and 
WATT-SECOND. 

kilowatt-hour meter A motorized meter for 
recording (electrical) power consumption in kilo- 
watt-hours. Also see KILOWATT-HOUR. 

kinematograph A motion picture camera. Also 
called CINEMATOGRAPH and KINETOGRAPH. 

kine 1. See KINESCOPE, 1. 2. See KINESCOPE 
RECORDING. 

kinescope 1. The picture tube in a television re- 
ceiver. 2. See KINESCOPE RECORDING. 

kinescope recorder A film or tape apparatus for 
recording television pictures. 
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kinescope recording A motion-picture or video- 
tape made from the screen (or taken from the cir- 
cuit) of a television picture tube. 

kinetic energy The energy associated with parti- 
cles, bodies, or electric charge carriers in motion. 

kinetograph See KINEMATOGRAPH. 

kinetoscope A motion-picture projector. 

kiosk A computer and peripherals set up for the 
purpose of multimedia use by the general public. 
It generally uses a touch screen for inputting data 
and must be ruggedly constructed to tolerate 
rough treatment. 

Kirchhoff's first law The sum of the currents flow- 
ing out of a point in a direct-current circuit 
equals the sum of the currents flowing into that 
point. 

Kirchhoff's laws (Gustav Robert Kirchhoff, 1824- 
1887) Two laws of electric circuits that account 
for the behavior of certain networks. See KIRCH- 
HOFF’S FIRST LAW and KIRCHHOFF’S SECOND 
LAW. 
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Kirchhoff's second law The algebraic sum of all 
the voltage drops around a direct-current circuit 
(including supply voltages) is always equal to 
Zero. 

kit A selection of components, associated equip- 
ment, supplies (such as wire and hardware), and 
instructions for constructing a piece of electronic 
equipment. 

kite-supported antenna A longwire antenna that 
uses a kite as a support for the far (nonstation) 
end. A tether is used to reduce the chance that 
the kite will fly away with wire attached. It was 
used by Marconi in early experiments with radio. 
Radio amateurs and shortwave listeners some- 
times use this scheme at low and medium 
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frequencies. It is a dangerous antenna because of 
electrostatic buildup, a tendency to attract light- 
ning, the possibility of its breaking loose, and the 
risk that it might contact utility lines. 

kJ Abbreviation of KILOJOULE. 

k-line programming A method by which an artifi- 
cially intelligent robot can learn as it does a job, 
so it will have an easier time doing the same job 
in the future. The robot controller actually learns 
from the robot's mistakes. 

Klipsch horn A loudspeaker that includes a folded 
low-frequency horn housed in a corner enclosure. 

kim Abbreviation of KILOLUMEN. 

kludge 1. A crude, useless, or grossly inefficient 
machine or process. 2. A hastily contrived proto- 
type of a circuit or device, put together for the 
purpose of testing a concept, but not intended as 
a representative of a production unit. 

klydonograph A device that photographically 
records the voltage gradient in the presence of an 
electric field. 

klystron A microwave tube whose operation is 
based on the velocity modulation of an electron 
beam by buncher and cavity reentrant cavities. 


Coupling loop Terminals 
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klystron 
klystron amplifier A microwave amplifier using a 
klystron. 
klystron harmonic generator A frequency- 


multiplying power amplifier using a klystron. It is 
used at microwave radio frequencies. 

klystron oscillator A klystron operated as a self- 
excited microwave oscillator. 

klystron repeater A microwave amplifier in which 
a klystron inserted in a waveguide boosts the am- 
plitude of an incoming signal. 

km Abbreviation of KILOMETER. 

knee 1. A sharp bend in a response curve for a de- 
vice, usually indicating the onset of conduction, 
saturation, cutoff, pinchoff, or limiting action. It 
applies especially to semiconductor diodes and 
transistors. 2. The characteristics of a device 
when it is operated at a point in the vicinity of a 
sharp bend in its response curve. 

knee noise Electrical noise generated by rapidly 
repeating current fluctuations at the knee in a 
Zener diode. 
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knife-edge diffraction The lessening of atmo- 
spheric signal attenuation when the signal 
passes over a sharp obstacle and is diffracted. 

knife switch A switch composed of one or more flat 
blades roughly resembling knife blades, which 
are slid firmly between the jaws of pinching con- 
tacts to close a circuit. 

knob 1. A (usually round and insulated) finger dial 
for adjusting a variable electronic component, 
such as a potentiometer, variable capacitor, or 
rotary switch. 2. A solid round insulator usually 
having a low diameter to height ratio. 3. A small 
ball- or rod-shaped electrode or protuberance. 

knocker A fire-control radar subassembly of syn- 
chronizing and triggering circuits. 

knockout An area in a metal box or chassis that is 
easily removed by tapping or knocking to provide 
an opening. 

knot A unit of speed, corresponding to 1 nautical 
mile per hour. A speed of 1 knot is about 1.15 
statute miles per hour; a speed of 1 statute mile 
per hour is about 0.868 knots. It is used by 
mariners for specifying speeds at sea, and also 
occasionally by meteorologists in specifying wind 
speeds. 

knowledge The data in a computer and in mass- 
storage media, accumulated over time and capa- 
ble of being put to practical use. 

kOe Abbreviation of KILO-OERSTED. 

Kolster decremeter An absorption wavemeter 
with a movable scale; it permits measurement of 
the decrement of a radio wave. 

Kooman antenna A unidirectional antenna con- 
sisting of stacked, full-wave, center-fed driven el- 
ements, and a reflecting screen. 

Korner Killer Trade name for an acoustically ab- 
sorbent object that reduces sound echoes that 
can occur in enclosed rooms. The name results 
because the device works best when placed in a 
corner (where two walls meet). 

Kovar An alloy of cobalt, iron, and nickel. It is used 
mostly in glass-to-metal seals because it has 
characteristics of both kinds of material. 

Kozanowski oscillator A positive-grid vacuum- 
tube UHF oscillator circuit using two tubes 
having cylindrical elements, and a pair of 
parallel-wire tanks. 

Kr Symbol for KRYPTON. 

kr Abbreviation of KILOROENTGEN. 

K radiation X rays emitted from an atom when an 
electron becomes a K electron. 

kraft paper Strong brown paper used for insula- 
tion and as the dielectric of paper capacitors. 

Kramer system A system of three-phase motor 
control providing constant horsepower, and 
having a direct-current (dc) motor coupled to the 
shaft of a wound-rotor three-phase induction mo- 
tor. The dc supply for the motor also supplies a 
rotary converter. The speed-control rheostat is 
connected in series with the field of the motor and 
the dc power supply. 
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Kraus antenna A bidirectional, flat-top beam an- 
tenna consisting of a pair of closely spaced 
dipoles. Several such sections can be connected 
in series by crisscrossing the wires at voltage 
loops. 

krd Abbreviation of KILORUTHERFORD. 

Kryptol A mixture of clay, graphite, and silicon 
carbide. It is used in electric heater elements be- 
cause of its low resistance and high melting 
point. 

krypton Symbol, Kr. An inert, gaseous element. 
Atomic number, 36. Atomic weight, 83.80. Kryp- 
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ton is present in trace amounts in the earth’s at- 
mosphere. 

K scan In radar operations, a modified A-scan 
used in aiming antennas in which two pips are 
displayed; their relative amplitudes indicate the 
antenna-aiming error. 

K series A series of spectral lines for the shortest 
wavelengths of radiation from the innermost elec- 
tron shell of a radiating atom. 

KSR Abbreviation of keyboard send-receive unit. 

Ku band A band of microwave frequencies between 
approximately 12 and 18 GHz. 

Kundt’s law The index of refraction of a medium 
does not change continuously with wavelength in 
the absorption bands. 

Kundt tube A device used to measure the speed of 
sound in gases under various conditions. Sus- 
pended particles in the gas form standing waves 
that can be easily seen. Knowing the frequency of 
the disturbance and the distance between nodes 
of the standing waves, the speed can be deter- 
mined. The pressure and density of the gas, as 
well as temperature and humidity, affect the 
speed. 

kurchatovium See RUTHERFORDIUM. 

kV Abbreviation of KILOVOLT. 


kVA Abbreviation of KILOVOLT-AMPERE. 
kVAR Abbreviation of REACTIVE KILOVOLT- 
AMPERE. 


kVARh Abbreviation of KILOVAR-HOUR. 
kW Abbreviation of KILOWATT. 
kWh Abbreviation of KILOWATT-HOUR. 
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L 1. Symbol for INDUCTANCE. 2. Symbol for 
MEAN LIFE. 3. Abbreviation of LOW. 4. Resem- 
bling the capital letter L in physical shape. 
5. Symbol for LAPLACE TRANSFORM. 

1 1. Symbol for LENGTH. 2. Abbreviation of LITER. 
3. Subscript for LOW. 4. Abbreviation of LUMEN; 
also abbreviated lm (preferred) and lum. 

La Symbol for LANTHANUM. 

label 1. A symbolic group of characters that identi- 
fies an area of memory, an item of data, a file, or 
a record. 2. A name assigned to a source program 
instruction step to identify the step as a coding 
entry point, or to make the step usable as a refer- 
ence point for entry to the routine or subroutine 
in which it appears. 

label group A collection of labels, usually of the 
same type, held in an operating system. 

label identifier Within a label, a character set 
used to name the kind of item labeled. 

label record A record identifying a file recorded 
on a magnetic storage medium (e.g., magnetic 
tape). 

label set A collection of labels having a common la- 
bel identifier. 

labile oscillator A frequency-controlled local oscil- 
lator. 

laboratory conditions The environmental, me- 
chanical, and electrical parameters characteristic 
of controlled conditions. Actual operating condi- 
tions can be much different. 

laboratory-grade instrument An instrument hav- 
ing the high accuracy and stability that suit it to 
precision measurements in a laboratory. Also 
called PRECISION INSTRUMENT. Compare 
SERVICE-TYPE INSTRUMENT. 
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laboratory power supply A regulated direct- 
current source whose adjustable output is less 
than 10 kV at no more than 500 W. 

laboratory standard See PRIMARY STANDARD 
and SECONDARY STANDARD. 

labyrinth speaker A loudspeaker whose enclosure 
la wooden cubicle) includes a folded pipe or 
acoustic transmission line (behind the speaker); 
the inner walls are lined with a sound-absorbent 
material. When the pipe, which is open-ended, is 
half as long as the wavelength of the frequency 
being reproduced, the sound emerging from the 
open end is in phase with that radiated by the 
front of the speaker and, therefore, reinforces it. 

laced wiring Circuit wiring in which wires or ca- 
bles run parallel in bundles that are tied together 
with LACING CORD. 

lacing cord Strong, sometimes waxed cord used to 
tie together wires running parallel in a bundle. 
Also see LACED WIRING. 

lacquer disk See CELLULOSE-NITRATE DISK. 

lacquer-film capacitor A fixed capacitor with a 
plastic film dielectric; the film is applied as liquid 
lacquer to the metal foil. 

lacquer master A master recording made on a 
CELLULOSE-NITRATE DISK. 

lacquer original See LACQUER MASTER. 

ladar Abbreviation of LASER DOPPLER RADAR. 
Also abbreviated lopplar. 

ladder attenuator See LADDER-TYPE ATTENUA- 
TOR. 

ladder filter A form of delay line or filter. It gener- 
ally consists of series and parallel impedances, 
either in a balanced or unbalanced form. 

ladder line See AIR-INSULATED LINE. 
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ladder network A network consisting of several L 
sections in cascade. See L SECTION, 1, 2, 3. 
ladder-type attenuator An attenuator consisting 
of a ladder network equipped with a switching 
circuit for selecting the output at various sec- 

tions. 


= Ó 
Input Output 
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ladder-type attenuator 


LAFOT Coded weather broadcasts aired every six 
hours by the U.S. Weather Bureau through ma- 
rine radiotelephone broadcasting stations for the 
Great Lakes region. 

lag In computations relating the phase of alternat- 
ing-current signals, the extent to which one 
quantity follows another in time (e.g., the current 
lags the voltage by 90 degrees in a pure inductive 
reactance). Compare LEAD. 


Lagging 
wave 


lag 


lagged-demand meter A meter with a built-in time 
delay. 

lagging current Current that follows voltage (in 
time). Also see LAG. 

lagging load A load in which current lags behind 
voltage (i.e., an inductive load). Compare LEAD- 
ING LOAD. 
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lag network A phase-shifting circuit containing 
series-resistance and shunt-capacitance arms. It 
produces a lagging phase shift. Compare LEAD 
NETWORK. 

lambda wave An electromagnetic disturbance that 
travels along the surface of an object. An example 
is the surface wave characteristic of low- 
frequency propagation. 

lambert Symbol, L. The centimeter-gram-second 
(cgs) unit of luminance, equal to the brightness of 
an ideal diffusing surface that radiates or reflects 
light at 1 lumen per square centimeter. The SI 
(preferred) unit of luminance is the candela per 
square meter (cd/m?); 1 lambert equals 104 
cd/m?. Also see CANDELA. 

Lambert’s law of illumination The illumination 
of a surface by a point light source is inversely 
proportional to the square of the distance be- 
tween the surface and the source. If the surface 
is not perpendicular to the rays, the illumination 
is proportional to the cosine of the angle of inci- 
dence. 

laminated armature An armature for a motor or 
generator, made of stacked laminations. 

laminated contact A switch contact consisting of 
a number of laminations—each contacting a con- 
ducting counterpart. 

laminated core A core for a transformer, choke, re- 
lay, or similar device, made of stacked laminations. 

laminated disk A layered recording disk. 

laminated pole A pole within a motor, generator, 
relay, electromagnet, or similar device, made of 
stacked laminations. 

lamination 1. A relatively thin sheet of metal cut 
to a required shape to be stacked with other sim- 
ilar sheets to form a laminated core or pole. 2. A 
relatively thin sheet of plastic that is bonded to- 
gether and heat-formed with other similar sheets 
to produce a sheet or piece of desired thickness 
and strength. 

lamp A device for converting electrical energy into 
visible light. The term includes a number of de- 
vices (e.g., arc lamp, fluorescent tube, incandes- 
cent lamp, mercury-vapor lamp, and neon 
bulb). 

lamp-bank resistor A makeshift heavy-duty re- 
sistor consisting of several incandescent lamps 
arranged so that they can be switched in vari- 
ous series, parallel, and series-parallel combi- 
nations to vary the resistance provided by the 
filaments. 

lampblack Carbon obtained from soot deposited 
by a smoky flame. The substance is used as the 
basic material for some resistors. 

lamp cord A two-wire insulated cord, used with 
low-wattage alternating-current appliances at 
117 volts. The wire is usually stranded copper 
equivalent to American Wire Gauge (AWG) #16. 

lamp dimmer See DIMMER. 

lamp driver A usually single-stage circuit for am- 
plifying a small pulse to drive an indicator lamp. 
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lamp extractor A special tool used to insert or ex- 
tract miniature lamps for electronic equipment. 

lamp jack A receptacle with a spring release that 
holds a small incandescent bulb. The bulb is re- 
moved and replaced by pushing and twisting. 


lamp jack 


lamp-type expander A volume expander in which 
the tungsten filament in an incandescent lamp 
serves as the nonlinear resistor. 

lamp-type readout For counters, calculators, and 
digital meters, a readout device in which each 
digit is indicated by a lamp. 

LAN Abbreviation of LOCAL AREA NETWORK. 

land 1. The flat, reflective surface between pits on 
a compact disc (CD). Compare PIT, 1. 2. The thin 
vinyl wall between grooves on a phonograph 
record. 3. A bonding point in a microcircuit. 4. 
Pertaining to earthbound communications sta- 
tions. 

Land camera See POLAROID CAMERA. 

landing beacon The aircraft landing-beam trans- 
mitter. Also see LANDING BEAM. 

landing beam A highly directional airport radio 
signal beamed upward to guide aircraft landing 
during conditions of poor visibility. 

landline A telephone or telegraph circuit com- 
pleted with wires. 

landmark beacon Any beacon that is not an air- 
way or airport beacon. 

land mobile service Two-way radio service be- 
tween a base station and mobile land vehicles, or 
among mobile land vehicles. 

land mobile station A radio station aboard a mo- 
bile, earthbound vehicle. 

land return Ground reflection of radar signals 
back to the transmitter. 

land station A fixed ground station. 

Langevin ion An electrically charged particle, such 
as a grain of dust or droplet of water, resulting 
from the accumulation of ions. 

Langmuir dark space In a luminous gas dis- 
charge, the dark region around a negatively 
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charged probe inserted into the positive column. 
Compare CROOKES’ DARK SPACE. 

Langmuir's law See CHILD'S LAW. 

language In digital-computer operations, any one 
of the detailed systems for representing data, in- 
structions, and procedures through the use of 
symbols and symbol sequences. See MACHINE 
LANGUAGE, ASSEMBLY LANGUAGE, COBOL, 
FORTRAN, and BASIC. 

language laboratory An electronic contribution to 
the teaching and learning of languages. It con- 
sists of recordings in a language being studied 
and all the equipment associated with recording, 
playback, and monitoring. Students listen to the 
speech of experts in the language record, listen 
to, and later erase their own utterances in the 
language. 

language translation 1. The conversion of state- 
ments in one computer language to equivalent 
statements in another. 2. The conversion of one 
written natural language into another (e.g., French 
to Russian) by means of a computer program. 

language translator 1. An assembly program, 
compiler, or other routine used for translation be- 
tween computer languages. 2. A high-level pro- 
gram that allows a computer to translate one 
written natural language into another (e.g., Chi- 
nese to Italian). 

L antenna See INVERTED-L ANTENNA. 

lantern battery A moderate-sized electrochemical 
battery usually rated at 6 volts. Derives its name 
from its original use as a power source for portable 
lamps. One type has spring contacts on the top. 
Another type has thumbscrew terminals. The non- 
rechargeable battery consists of 4 zinc-carbon 
or alkaline cells in series. Some varieties are 
rechargeable, consisting of nickel-cadmium (NiCd) 
or nickel-metal-hydride (NiMH) cells. This type of 
battery can provide enough energy to operate a 
low-power radio transceiver. Two units connected 
in series, or four units in series-parallel, make a 
12-volt battery that can power a small portable 
Citizen Band (CB) or amateur radio station. 

lanthanum Symbol, La. An elemental metal of the 
rare-earth group. Atomic number, 57. Atomic 
weight, 138.906. 

lanyard A wire or cable used to quickly pull apart 
the halves of a quick-disconnect connector. 

lap A device used for grinding piezoelectric crystals 
for resonance at a desired frequency. 

lap dissolve The simultaneous fading out of one 
televised scene while another is fading in so that 
one is apparently dissolving into the next. It is 
also applicable to motion pictures. 

lapel microphone A small microphone that is 
clipped to a lapel of a user’s jacket or coat. 

lap joint An overlapping splice of two conductors. 

Laplace transform Symbol, L. An operator that re- 
duces the work of solving certain differential 
equations by permitting them to be handled by 
simpler algebraic methods. 
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lapping Fine-tuning quartz crystal plates by mov- 
ing them over a flat plate coated with a liquid 
abrasive. 

laptop computer See NOTEBOOK COMPUTER. 

lap winding In a motor or generator armature, a 
winding in which the opposite ends of each coil 
are connected to the adjoining segments of the 
commutator. 

lap wrap 1. A form of asbestos cloth wire insula- 
tion. 2. A method of wrapping with electrical tape, 
in which there is considerable overlap among the 
turns of the tape. 

large calorie See KILOGRAM-CALORIE. 

large loop antenna A single-turn open or closed 
loop, usually having a circumference of 0.5 wave- 
length or 1 wavelength. With a half-wavelength 
open or closed loop, maximum radiation occurs 
in the plane of the loop. A full-wavelength closed 
loop exhibits maximum radiation and response 
along the axis. This type of antenna can be used 
for wireless transmitting and receiving appli- 
cations. Either the open or the closed half- 
wavelength loop exhibits a slight power loss 
relative to a dipole, but the full-wavelength loop 
shows a small gain over a dipole in its favored 
directions. Compare SMALL LOOP ANTENNA. 

large-scale integration Abbreviation, LSI. The in- 
clusion of more than 100 transistors, performing 
various individual, but interrelated circuit func- 
tions, on a single integrated-circuit chip. 

large signal A relatively high-amplitude signal that 
traverses so large a part of the operating charac- 
teristic of a device that nonlinear portions of the 
characteristic are usually encountered. Compare 
SMALL SIGNAL. 

large-signal analysis The rigorous study of cir- 
cuits and devices that process large signals. 

large-signal component 1. A coefficient or param- 
eter such as amplification, transconductance, or 
dynamic resistance, measured under conditions 
of large-signal operation. Also see LARGE SIGNAL 
and LARGE-SIGNAL EQUIVALENT CIRCUIT. 2. A 
device designed for operation at high signal 
levels. 

large-signal equivalent circuit For a given tran- 
sistor circuit, the equivalent circuit at high signal 
levels (i.e., at amplitudes approaching saturation 
and cutoff levels). Also see EQUIVALENT CIR- 
CUIT. 

large-signal operation The use of a circuit or de- 
vice at signal levels sufficiently high so that non- 
linear portions of the characteristic are usually 
encountered. Compare SMALL-SIGNAL OPERA- 
TION. 

large-signal transistor See POWER TRANSISTOR. 

large-signal voltage gain In an integrated-circuit 
amplifier, the voltage gain under open-loop condi- 
tions, determined as the difference in the output 
voltage divided by the difference in the input volt- 
age. It is usually specified in volts per millivolt or 
volts per microvolt. 
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Larmor orbit The path followed by a charged par- 
ticle in a constant magnetic field. Because of in- 
teraction between the external field and the field 
generated by the particle, the charged particle 
travels in a circular path. 

laryngaphone See THROAT MICROPHONE. 

LASCR Abbreviation of LIGHT-ACTIVATED SILI- 
CON-CONTROLLED RECTIFIER. 

LASCS Abbreviation of LIGHT-ACTIVATED SILI- 
CON-CONTROLLED SWITCH. 

lase To emit coherent electromagnetic energy in 
the visible-light spectrum. See LASER. 

laser Acronym for light amplification by stimulated 
emission of radiation. A device that produces co- 
herent radiation in the visible-light range, that is, 
between 750 and 390 nanometers (one nanome- 
ter is 10° meter). Some devices that produce co- 
herent radiation in the infrared, ultraviolet, or 
X-ray parts of the spectrum are also referred to as 
lasers. Lasers can be either continuous or pulsed, 
and are characterized by coherent, monochro- 
matic emissions. The peak intensity ranges from 
a few microwatts to many megawatts. 
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laser beam The radiation from a laser—especially 
if the divergence is very low, that is, the rays are 
almost perfectly parallel, resulting in minimal di- 
vergence. 

laser-beam communication A form of coherent 
infrared or optical communication in which a 
laser beam is the link between transmitting and 
receiving stations. Also see LASER, LASER 
DIODE, and LIGHT-BEAM COMMUNICATION. 

laser capacitor An energy-storage capacitor used 
to discharge-fire the exciter lamp of a laser. Also 
see LASER. 

laser cavity An optical-resonant cavity that results 
in the emission of coherent light. 

laser cutting A method of using a laser for sever- 
ing materials. 

laser diode A special form of semiconductor light- 
emitting diode (LED), usually of the gallium- 
arsenide type, that emits coherent light when a 
voltage is applied to its terminals. Also see LASER. 
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laser disk A method of reproducing sound in 
which a laser is used to recover the sound from a 
compact disk. 

laser Doppler radar Acronyms, ladar or lopplar. A 
form of Doppler radar using the light beam of a 
laser instead of radio waves. 

laser eye surgery A method of repairing the retina 
of the eye without cutting the eyeball, using laser 
beams to push loose retina tissue back into 
place. 

laser gun A colloquial term for a weapon that 
makes use of a laser as a device of destruction. 

laser optical videodisc system A system in which 
a low-powered laser reads audio and video infor- 
mation from a videodisc and delivers it to a televi- 
sion receiver. 

laser ranger A radar-like device using intense light 
(instead of microwaves). 

laser show A three-dimensional, midair display 
having motion, made by using lasers in various 
combinations. 

laser surgery The application of a laser in 
medicine for the purpose of assisting in, or actu- 
ally performing, operations on human subjects. 

laser welding Welding (especially of tiny pieces) 
with the heat produced by a laser beam. 

lasing The emission of coherent electromagnetic 
energy in the visible-light spectrum. See LASER. 

lat Abbreviation of LATITUDE. 

latch 1. A feedback loop in a symmetrical digital 
circuit, such as a flip-flop, used to maintain a 
given state. 2. A simple logic-circuit storage ele- 
ment that consists of two gates as a unit. 3. To 
maintain a closed (energized) state in a pair of re- 
lay contacts after initial energization from a sin- 
gle electrical pulse. See LATCHING RELAY. 

latching current In a thyristor, the minimum 
value of anode current (slightly higher than the 
holding current) that will sustain conduction im- 
mediately after switch-on. 

latching relay An electromechanical or fully elec- 
tronic relay that locks into whichever mode it is 
energized for (on or off). 
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latch-on relay See LOCKING RELAY. 

latchup In a transistor switching circuit, the ab- 
normal condition in which the collector voltage 
remains at its switched-on level after the transis- 
tor is switched to cutoff from saturation. 

latch voltage The input voltage at which a flip-flop 
changes states. 

late contacts Relay contacts that are operated fol- 
lowing the movement of other contacts during the 
relay’s operation. 

latency 1. The time taken by a digital computer to 
deliver information from its memory. 2. In a serial 
storage system, the access time less the word 
time. 

latent image 1. In a storage tube, a stored image 
that is not yet visible. 2. An image stored in the mo- 
saic of an iconoscope. 3. The image that will appear 
when photographic film or paper is developed. 

lateral chromatic aberration An aberration af- 
fecting the sharpness of off-axis color television 
images. 

lateral compliance In phonograph reproduction, 
the ease with which the stylus can move laterally 
as it follows the groove. Also see COMPLIANCE 
and LATERAL RECORDING. 

lateral-correction magnet In a color picture tube, 
a magnet operated with a set of pole pieces at- 
tached to the focus element of the blue gun; it 
controls horizontal positioning of the blue beam 
for convergence. 

lateral magnet See 
MAGNET. 

lateral recording A disc recording in which the 
groove undulates from side to side. Compare 
VERTICAL RECORDING. 

latitude Abbreviation, lat. Angular distance mea- 
sured around the earth’s circumference to the 
north and south from the equator. Compare 
LONGITUDE. 

latitude effect The tendency of the earth’s mag- 
netic field to decrease the number of charged 
subatomic particles that reach the surface of the 
earth near the equator, as compared with the 
number reaching the surface at other latitudes. 

Latour alternator See BETHENOD ALTERNATOR. 

lattice 1. The orderly internal pattern (matrix) of 
atoms in a crystal. Also see CRYSTAL LATTICE. 
2. A symmetrical arrangement of components in 
a network (such as an attenuator, a filter, or a 
bridge circuit). 

lattice filter A lattice network having reactance in 
its arms that makes it a selective circuit. 

lattice network See LATTICE, 2. 

lattice section See LATTICE, 2. 

lattice structure See LATTICE, 1. 

lattice winding See UNIVERSAL WINDING. 

laue diagram A pattern of spots on a photographic 
plate produced by the scattering of high energy 
radiation as it falls on a thin crystal. This pattern 
is used to determine the nature of the crystal 
material. 
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launching The energy transference from a cable 
into a waveguide. 

lavalier microphone A small microphone that can 
be hung from the user’s neck on a cord or chain. 

law 1. A general, verifiable statement that describes 
the behavior of entities or the relationships be- 
tween phenomena or concepts. The product of in- 
ductive reasoning that follows many observations 
and controlled experiments (e.g., first law of 
thermodynamics, inverse-square law, Kirchhoff's 
laws, and Ohm’s law. 2. The nature of the change 
of a dependent variable, particularly as depicted 
by a response curve (e.g., square law). 

LAWEB Civilian weather bulletins issued every six 
hours from ship and shore positions along the 
Great Lakes during the sailing season. 

lawn mower 1. A facsimile term for a helix record- 
ing mechanism. 2. A radar receiver preamplifier. 

law of a curve See LAW, 2. 

law of averages In probability and statistics, a 
principle stating that for a large sampling of 
events, the numerical probability value will be 
more closely approached than when the sampling 
is small. Compare LAW OF LARGE NUMBERS. 

law of charges Different electric charges attract 
each other, and similar charges repel each other. 

law of electric charges See LAW OF CHARGES. 
law of electromagnetic induction See LENZS 
LAW. 

law of electrostatic attraction See COULOMB’S 
LAWS. 

law of electrostatic repulsion See COULOMB’S 
LAWS. 

law of first wavefront In acoustics, a rule stating 
that the perceived direction from which a sound 
arrives is determined by the first wavefront that 
reaches the listener’s ears. 

law of induction See FARADAY’S LAW. 

law of inverse squares See INVERSE-SQUARE 
LAW. 

law of large numbers In probability and statistics, 
a principle stating that with a large sample, the 
sample average will approximate the population 
average. It is often erroneously called LAW OF 
AVERAGES. 

law of magnetism Different magnetic poles attract 
each other, and similar magnetic poles repel each 
other. 
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law of natural decay See EXPONENTIAL DE- 
CREASE. 

law of natural growth See EXPONENTIAL IN- 
CREASE. 

law of normal distribution Gauss’ law of the fre- 
quency distribution of a repetitive function, de- 
scribing the probability of deviations from the 
mean. 

law of octals Chemical activity occurs between two 
atoms lacking eight valence electrons, and con- 
tinues until the requirement of eight electrons is 
satisfied for all but the first orbit, where only two 
electrons are required. Of interest in the study of 
semiconductors. 

law of radiation See QUANTUM THEORY. 

law of reflection For a ray of energy striking a 
smooth reflective surface, the angle of reflection 
is equal to the angle of incidence, with respect to 
a plane tangent to the surface at the point of inci- 
dence. 

Lawrence accelerator See CYCLOTRON. 

lawrencium Symbol, Lr (occasionally Lw). A short- 
lived radioactive element produced artificially 
from californium. Atomic number, 103. Atomic 
weight, about 260. 

lay See DIRECTION OF LAY. 

layer 1. A complete coil winding consisting of turns 
laid side by side (not on top of each other). 2. Ina 
semiconductor device, a region having unique 
electrical properties (e.g., n layer). 3. A region 
of the ionosphere. See IONOSPHERIC LAYERS. 
4. The tape on a reel or in a cassette, encompass- 
ing one complete turn (rotation). 5. In general, a 
single stratum of a stratified medium. 

layer-to-layer transfer In a roll of magnetic tape, 
unwanted transfer of data between adjacent 
turns on the reel. If severe, this transfer can 
cause drop-in or drop-out in a computer. In audio 
applications, it can sometimes be heard as a de- 
layed echo or a faint sound occurring just prior to 
the actual recorded sound. 

layer winding A coil winding in which the turns 
are arranged in two or more concentric layers. 

layerwound coil An inductor wound in layers, one 
on top of the other. Also see LAYER, 1. Compare 
SINGLE-LAYER COIL. 

layout The arrangement of components on a chas- 
sis, printed circuit board, or panel. 

lazy-H antenna An antenna consisting of two ver- 
tically stacked collinear elements, producing both 
horizontal and vertical directivity. 

Lb Abbreviation of LAMBERT; also, L (preferred). 

Ib Abbreviation of POUND. 

L band A radio-frequency band extending from 390 
MHz to 1.55 GHz. For subdivisions of this band, 
see Lc BAND, Lp BAND, Lx BAND, Li BAND, Lp 
BAND, Ls BAND, Lr BAND, Lx BAND, Ly BAND, 
and Lz BAND. 

LC 1. Abbreviation of LIQUID CRYSTAL; also ab- 
breviated lix. 2. Abbreviation of INDUCTANCE- 
CAPACITANCE. 3. Symbol for LC CONSTANT. 


de 
Gy 


5059F-pL-396-423 


4/10/01 9:14 AM Page 402 


402 L carrier + lead frame 


L carrier In a telephone system, a carrier having a 
frequency between approximately 68 kHz and 10 
MHz. It can be used in wire-transmission or radio 
links. 

Lc band A section of the L BAND extending from 

465 MHz to 510 MHz. 
bridge See INDUCTANCE-CAPACITANCE 

BRIDGE. 

LC constant Abbreviation, LC. The product of the 
inductance and capacitance required for reso- 
nance at a given frequency. 

LCD Abbreviation of LIQUID-CRYSTAL DISPLAY. 

LC filter See INDUCTANCE-CAPACITANCE FIL- 
TER. 

L circuit See L NETWORK. 

LC meter See INDUCTANCE-CAPACITANCE ME- 
TER. 
LCR See 

TANCE. 

LC ratio Ina tuned circuit, the ratio of inductance 
to capacitance. 

LCR bridge See IMPEDANCE BRIDGE, 1. 

La Symbol for DISTRIBUTED INDUCTANCE. 

LDF See LOW-FREQUENCY DIRECTION FINDER. 

L display Also called L scan. A radar display in 
which the target appears as two horizontal 
traces, one extending from a vertical timebase to 
the right, the other to the left. 

lead Pronunciation, leed. 1. A conductor (usually 
a wire) leading to or emerging from a terminal or 
electrode. 2. In computations relating phase, the 
extent to which one quantity precedes another 
(e.g., current leads voltage by 90 degrees in a 
pure capacitance). Compare LAG. 

lead Pronunciation, led. Symbol, Pb. A heavy 
metallic element. Atomic number, 82. Atomic 
weight, 207.2. It can be used as a shield against 
atomic radiation, and has various applications in 
electronics (e.g., as electrodes in batteries and as 
a component of solder). See LEAD-ACID BAT- 
TERY, FUSE, and SOLDER. 


LC 


INDUCTANCE-CAPACITANCE-RESIS- 


lead, 2. 
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lead-acid battery A set of two or more lead-acid 
cells connected in series, usually housed in a 
common enclosure. Some batteries of this type, 
notably automotive batteries, are made from sets 
of lead-acid cells having a free-flowing liquid acid. 
Other cells have a semisolid “paste” electrolyte. 
These batteries are popular in consumer elec- 
tronic devices that require a moderate amount of 
current. They are also used in uninterruptible 
power supplies (UPSs) for personal computers. 
See LEAD-ACID CELL. 

lead-acid cell A rechargeable electrochemical cell 
having an electrolyte of sulfuric acid. The elec- 
trodes are lead (negative) and lead dioxide (posi- 
tive). Produces about 1.5 volts under no-load 
conditions when fully charged. A large cell of this 
type can store several tens of ampere-hours. 
Smaller units have less capacity but more versa- 
tility. Their main advantage is reasonable cost, 
considering that they can be charged and dis- 
charged many times. 
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lead cell 1. A lead-acid cell. 2. A lead-sulfide pho- 
tocell; see LEAD SULFIDE, 1. 

lead dress See DRESS. 

leader 1. The blank section at the beginning of a 
magnetic tape. It is usually made of plastic. 2. A 
record, preceding a group of records, that identi- 
fies the group and provides other data pertinent 
to the group. 3. In a lightning stroke, the initial 
movement of electrons or positive ions, creating 
the ionized path that allows discharge. 

lead frame The metal frame holding the leads 
of a circuit package (DIP) in place before 
encapsulation. 
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lead-in The wire connecting an antenna to a re- 
ceiver or transmitter. 

leading current Current that precedes voltage in 
time. Also see LEAD. 

leading edge The rising edge of a pulse; compare 
TRAILING EDGE. 

leading ghost A twin television image to the left of 
the original on the screen. 

leading load A load in which current leads voltage 
(i.e., a capacitive load). 

lead-in groove Around the outer edge of a phono- 
graph record, a blank spiral groove that leads the 
stylus into the first groove of the recording. Com- 
pare LEAD-OUT GROOVE. 

leading whites In a television picture, an abnor- 
mal condition in which the leading (left) edge of a 
black object has a white border. 

leading-zero suppression In a digital meter, the 
blanking out of all zeros to the left of the decimal 
point. 

lead-in spiral See LEAD-IN GROOVE. 

lead-in tube A tube of insulating material, such as 
plastic or ceramic, used to conduct an antenna 
lead-in through a wall. 

lead-in wire 1. A single wire, used as a feed line for 
a shortwave receiving antenna. 2. The feed line 
for a television receiving antenna. 3. A feed line 
for a transmitting antenna. 

lead network A phase-shift circuit containing series 
capacitance and shunt resistance; it produces a 
leading phase shift. Compare LAG NETWORK. 

lead-out groove Around the inner edge of a phono- 
graph record, a blank spiral groove leading into 
the eccentric or locked groove. 

lead-over groove On a phonograph record con- 
taining several recorded tracks, a blank groove 
that conducts the stylus from the end of one 
recording to the beginning of the next. 

lead screw 1. A threaded rod that guides the cutter 
across the surface of a disc during its recording. 
2. In facsimile transmission, a threaded shaft 
that moves the drum or scanning mechanism 
lengthwise. 

lead sulfate Formula, PbSO,. An insulating com- 
pound formed in a LEAD-ACID CELL by the 
chemical action between the lead in the plates 
and the sulfuric-acid electrolyte. If the sulfate is 
not broken down during charging of the cell, it 
will eventually ruin the cell. 

lead sulfide Formula, PbS. A compound of lead 
and sulfur used as the light-sensitive material in 
some photoconductive cells. 

lead zirconate titanate A synthetic piezoelectric 
material. 

leaf electroscope An electroscope using a pair of 
gold leaves or a single gold leaf and a solid strip of 
metal. 

leak 1. The loss of energy through a stray path not 
intended for conduction. 2. A point from which 
energy is lost through a stray path not intended 
for conduction. 


lead-in + least-significant digit 403 


leakage 1. The small current that flows through an 
electrical insulator. 2. The electromagnetic field 
that is radiated or received by a feed line that 
should theoretically have 100-percent shielding. 

leakage current The zero-signal current flowing 
across a reverse-biased semiconductor junction. 

leakage flux Collectively, magnetic lines of flux 
around a transformer that do not link the pri- 
mary and secondary coils. 

leakage inductance Self-inductance caused by 
LEAKAGE FLUX. Leakage inductance is effec- 
tively in series with the primary or secondary 
winding of a transformer. 

leakage resistance 1. In an imperfect insulator, 
the ohmic resistance, calculated by dividing the 
voltage across the insulator by the current flow- 
ing through the insulator. 2. The quotient of 
voltage and current in a reverse-biased semi- 
conductor junction. 

leakage radiation Radiation from parts of a system, 
as compared with that from the true radiator. 

leakage reactance Inductive reactance caused by 
leakage inductance in the primary or secondary 
circuit of a transformer. 

leakance The conductance of an insulating mate- 
rial, measured in siemens. It is equal to the recip- 
rocal of the leakage resistance in ohms. 

leaky 1. Descriptive of a capacitor in which the di- 
electric material is not a perfect insulator. 2. De- 
scriptive of imperfect shielding in a coaxial 
transmission line. 3. Descriptive of a waveguide 
with imperfect shielding. 

leaky dielectric See LEAKY INSULATOR. 

leaky insulator An insulator that conducts signifi- 
cant current at a specified (test) voltage. 

leaky waveguide A waveguide that has imperfect 
shielding, allowing some electromagnetic field to 
escape. 

leapfrogging In radar, a phasing process that 
eliminates false echoes resulting from the signals 
of other radar sets. 

leapfrog test A test performed on different loca- 
tions by a computer program in memory; it moves 
to another memory area to continue tests on 
other locations. 

learning The ability of an artificially intelligent ma- 
chine to improve or expand its knowledge with 
time. This can occur as a result of accumulation 
of information; it can also occur in systems that 
track their errors to avoid repeating them. 

leased line A communications circuit reserved ex- 
clusively for a specific user. 

least-significant bit Abbreviation, LSB. The digit 
with the lowest place value in a binary number. 

least-significant character Abbreviation, LSC. In 
positional notation, the extreme right-hand char- 
acter in a group of significant characters. See 
POSITIONAL NOTATION. 

least-significant digit Abbreviation, LSD. The 
digit in a number that is at the extreme right (i.e., 
the one having the lowest place value). 
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least upper bound The smallest value of a param- 
eter that can be obtained without changing some 
characteristic of a circuit, program or system. 

Lecher frame A sturdy assemblage of LECHER 
WIRES. 
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Lecher lines See LECHER WIRES. 

Lecher oscillator A self-excited radio-frequency 
oscillator using Lecher wires in place of an induc- 
tance-capacitance (LC) tank circuit. Also see 
LINE-TYPE OSCILLATOR. 

Lecher wires A circuit segment consisting of two 
parallel wires or rods joined by a coupling loop on 
one end, the other end being open. A short- 
circuiting bar is moved along the wires to vary the 
effective length of the circuit. Radio-frequency en- 
ergy is inductively coupled into the system 
through the loop, and the bar is slid along to var- 
ious response points, as indicated by a meter or 
lamp coupled to the wires. The frequency can be 
determined by measuring the distance between 
adjacent response points. It is used at very-high 
frequencies (VHF), ultra-high frequencies (UHF), 
and microwave frequencies. Also called Lecher 
frame and Lecher lines. 

Leclanche cell See DRY CELL, 1. 

LED See LIGHT-EMITTING DIODE. 

LED phototransistor isolator An optoelectronic 
isolator in which the light source is a light- 
emitting diode and the light-sensitive component 
is a phototransistor. 

LEDE Abbreviation for LIVE END/DEAD END. 

LEF See LIGHT-EMITTING FILM. 

left-hand lay See DIRECTION OF LAY. 

left-hand motor rule See FLEMING’S LEFT-HAND 
RULE. 

left-hand polarized wave See COUNTERCLOCK- 
WISE-POLARIZED WAVE. 

left-hand taper Potentiometer or rheostat taper in 
which most of the resistance is in the counter- 
clockwise half of rotation as viewed from the 
front. Compare RIGHT-HAND TAPER. 

left justified An item of data that occupies consec- 
utive locations in storage, starting at the left- 
hand end of its area; empty locations might 
appear consecutively at the right-hand end if the 
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item needs fewer positions than have been pro- 
vided. 

left shift A shift operation in which the digits of a 
word are displaced to the left; the effect is multi- 
plication in an arithmetic shift. 

leg 1. Any one of the distinct branches of a circuit 
or network; also called ARM or BRANCH. 2. In a 
computer program, a path in a routine or sub- 
routine. 

L electron In certain atoms, an electron whose or- 
bit is outside of, and nearest to, the orbit of the K 
electrons. 

Lenard rays See CATHODE RAYS. 

length 1. The number of bits or characters in a 
record, word, or other data unit. 2. The end- 
to-end dimension of a device, circuit, line, etc. 
3. The start-to-finish duration of a time interval. 

length to fault In cable or line measurements from 
the home station, the distance (i.e., the cable or 
line length) to the point at which a fault, such as 
a short circuit or ground, is located. 

lens 1. A usually circular piece of transparent ma- 
terial with one or both surfaces curved in cross 
section, used (through its refractive properties) to 
focus or spread rays that pass through it. Lenses 
for visible light must be transparent, but those 
for other radiation, such as radio waves, need not 
transmit light. Also see ANTENNA LENS. 2. In a 
cathode-ray tube, one or more high-voltage elec- 
trodes for focusing an electron beam to a fine 
point on the screen. 

lens antenna See ANTENNA LENS. 

lens disk A NIPKOW DISK having a lens in each 
hole. 

lens speed The light-transmitting ability of a lens, 
given as an f-stop number: the lens' focal length 
divided by its diameter. 

lens turret A multiple-lens mount on a camera 
that can be rotated for quick lens interchange. 

LEO Acronym for LOW EARTH ORBIT. 

LEO satellite system A set of several dozen low 
earth orbit (LEO) satellites in polar orbits spaced 
strategically around the globe such that, for any 
point on the earth, there is always at least one 
satellite in range. The satellites can relay mes- 
sages throughout the fleet. Any two points on the 
surface are always able to make contact through 
the satellites. 

Lepel discharger See QUENCHED SPARK GAP. 

letter-identification word See PHONETIC ALPHA- 
BET CODE WORD. 

letters patent See PATENT. 

letters shift In a text communications terminal, a 
control character that causes all of the following 
characters to occur in the lower case. This can be 
an automatic or a manual control character. 

let-through current The current conducted by a 
circuit breaker during a short-circuit. 

level-O security In communications, the complete 
lack of security measures. Anyone can listen in 
on a conversation at any time, provided they are 
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willing to spend the money and/or time to obtain 
the necessary equipment. Examples are amateur 
(“ham”) radio and Citizens’ Band (CB) voice com- 
munications. 

level-1 security Also called wire-equivalent secu- 
rity. In communications, the implementation of 
security measures such that the circuit is pro- 
tected to the extent of a typical hard-wired link. 
The encryption is anticipated to be unbreakable 
for at least 12 months, and preferably for 
24 months or more. The technology is updated 
at least every 12 months, and preferably every 
6 months. 

level-2 security Also called commercial-level secu- 
rity. In communications, the implementation of 
security measures such that the circuit is 
deemed safe for ordinary commercial transac- 
tions. The encryption is anticipated to be of such 
a nature that engineers believe it would take a 
hacker at least 10 years, and preferably 20 years 
or more, to break the cipher. The technology 
should be updated at least every 10 years, but 
preferably every 3 to 5 years, and more often if 
possible. 

level-3 security Also called mil-spec security. In 
communications, the implementation of security 
involving the most sophisticated forms of encryp- 
tion and personnel restriction that a government 
can muster. 

level 1. The amplitude at which a device is func- 
tioning or at which a phenomenon occurs (e.g., 
collector-current level, or received signal level). 
2. The minimum amplitude at which a pheno- 
menon occurs; also called threshold amplitude. 3. 
A functional plateau or echelon. 

level clipper See CLIPPER. 

level compensator 1. An automatic gain control 
(AGC) that effectively reduces amplitude varia- 
tions in a received signal. 2. An automatic gain 
control in telegraph receiving equipment. 

level control 1. The adjustment of amplitude or 
threshold. 2. A potentiometer or other variable 
component for adjusting the amplitude or thresh- 
old of a quantity. 

level indicator See VOLUME INDICATOR. 

level translator Any circuit or device that alters 
the voltage levels of input signals. An example is 
a converter that changes positive-logic signals to 
negative-logic signals. 

level-triggered flip-flop A flip-flop that responds 
to voltage level, rather than to the frequency of an 
input signal. 

lever switch 1. A switch designed for rapid making 
and breaking of a circuit. 2. A radiotelegraph key. 

Lewis antenna A form of antenna used at ultra- 
high and microwave frequencies. It resembles a 
horn antenna. 

Leyden bottle See LEYDEN JAR. 

Leyden jar [Leyden, Holland (also Leiden), site of 
the invention in 1745 by Peiter van Musschen- 
broek, 1692-1761.] The first practical capacitor. 


ÓN 
Aly 


level-O security + life 405 


In modern form, it is a glass jar covered inside 
and out with metal foil and has a rod topped by a 
metal ball that touches the inner foil. It is still 
used occasionally in classrooms for demonstrat- 
ing static electricity. The Leyden jar was co- 
invented by van Musschenbroek and invented 
independently by E. G. von Kleist of Pomerania, 
among others. 
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Leyden phial See LEYDEN JAR. 

Leyden vial See LEYDEN JAR. 

LF Abbreviation of LOW FREQUENCY. 

Ly band A section of the L BAND extending from 
1.35 to 1.45 GHz. 

L fitting See ELL. 

LHD Abbreviation of LOAD/HAUL/DUMP. 

Li Symbol for LITHIUM. 

librarian program A computer program controlling 
a LIBRARY. 

library In digital-computer and data-processing 
operations, the permanent storage of data or in- 
structions. Also called permanent mass storage. 

libration fading In earth-moon-earth (EME) com- 
munications, also known as moonbounce, rapid 
and deep fading, accompanied by phase modula- 
tion, that takes place because the moon does not 
always show the earth exactly the same portion of 
its surface. The moon “wobbles” slightly back and 
forth on its axis. This causes changes in the rela- 
tive phases of signals reflected from the topo- 
graphic features (mountains, in particular) on the 
lunar surface. 

licrystal An acronym from liquid and crystal. See 
LIQUID CRYSTAL. 

lidar See LIGHT DETECTION AND RANGING. 

lie detector See POLYGRAPH. 

life 1. The duration of useful service (or of opera- 
tion before failure) of electronic equipment. 2. For 
a non-rechargeable cell or battery, the length of 
time it will last in a given application before it 
must be discarded and replaced. 3. In robotics 
and artificial intelligence (AI), a general term that 
refers to qualitative similarities between ma- 
chines and animate creatures, including human 
beings. 
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life test An assessment of the life of electronic 
equipment—either by means of full-time test 
runs or accelerated time tests. 

lifetime See CARRIER LIFETIME. 

lifter A device in a magnetic tape recorder that 
removes the tape from the recording and play- 
back heads under fast-forward and rewind con- 
ditions. 

light Visible electromagnetic radiation occurring in 
the wavelength band of about 750 nanometers 
(red light) to 390 nanometers (violet light). In- 
cluded sometimes in the category of light are in- 
frared and ultraviolet rays. 

light-activated silicon-controlled rectifier Ab- 
breviation, LASCR. A silicon-controlled rectifier 
that functions both as a photosensor and a heavy- 
duty bistable electronic switch, allowing high cur- 
rents to be switched by means of a light beam. 

light-activated silicon-controlled switch Abbre- 
viation, LASCS. A pnpn device that acts simulta- 
neously as photocell and electronic switch. 

light adaption 1. The process whereby the eye ad- 
justs itself to an increase or decrease in illumina- 
tion. 2. Similar action in photoelectric devices. 
3. The length of time required for the eye to adjust 
itself to an increase or decrease in illumination. 

light amplifier A solid-state amplifier using an in- 
put electroluminescent cell and an output photo- 
cell, or some similar pair of components. The 
device is essentially an optoelectronic coupler 
with gain. 

light-beam communication A system of commu- 
nication in which a beam of light between trans- 
mitting and receiving stations is modulated or 
interrupted to convey intelligence. A laser is com- 
monly used because it has minimal beam diver- 
gence, allowing maximum communication range. 

light-beam meter An electric meter using a 
LIGHT-BEAM POINTER. 

light-beam pointer A slender beam of light that re- 
places the pointer in a moving-coil meter. The 
light comes from a small incandescent lamp and 
is reflected by a mirror attached to the coil; when 
the coil moves, a spot of light moves over the scale 
of the meter. 

light-beam receiver The receiver in a LIGHT- 
BEAM COMMUNICATION system. 

light-beam recorder A graphic recorder using a 
light-beam pointer. In this device, a small spot of 
light traces a pattern on moving photographic 
film, which is subsequently developed to produce 
a permanent record. 

light-beam transmitter The transmitter 
LIGHT-BEAM COMMUNICATION system. 

light cable A cable, consisting of numerous thin 
optical fibers, through which light can be trans- 
mitted for communication or control purposes. 
See, for example, LIGHT-WAVE TELEPHONY. 

light chopper A device that modulates a light 
beam by interrupting it repetitively. 
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light detection and ranging Acronym, lidar. A 
navigation and surveillance system in which laser 
light scans in a manner similar to that of RADAR. 

light dimmer See DIMMER. 

lighted pushbutton See LIGHTED SWITCH. 

lighted switch A pushbutton switch containing a 
pilot light that glows to show when the switch is 
on. Also called illuminated switch. 

light-emitting diode Abbreviation, LED. A semi- 
conductor device that emits visible light when for- 
ward biased. Also see LASER DIODE. 

light-emitting film A thin phosphor film that 
becomes luminescent when a high-frequency 
voltage is applied across its surface. Also see 
ELECTROLUMINESCENCE and ELECTROLUMI- 
NESCENT CELL. 

light flasher An electronic circuit or simple auto- 
matic flasher switch for flashing a lamp at regular 
intervals. 

light flicker See LOAD FLICKER. 

light flux See LUMINOUS FLUX. 

light hood See HOOD. 

light-induced electricity See PHOTOELECTRIC- 
ITY. 
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light load A load that is a fraction of the usual 
value for a given application. That is, its resis- 
tance or impedance is several times higher than 
normal. 

light meter An electronic instrument for measur- 
ing the intensity of light. It generally consists of 
a photodiode, a battery, and a direct-current mi- 
croammeter connected in series. A direct- 
current amplifier can be used to increase the 
sensitivity. 

light microsecond A unit of electrical distance; 
the distance that light, or any electromagnetic 
disturbance, travels in free space in 1 microsec- 
ond. Approximately equal to 300 meters. 

light modulation Variation of the instantaneous 
brightness of a visible light beam in synchroniza- 
tion with the instantaneous amplitude of a mod- 
ulating signal. Also see LIGHT MODULATOR. 

light modulator A device with which a beam of 
light can be modulated by an electrical signal. 

light negative Pertaining to negative photocon- 
ductivity, the decrease in conductivity of a photo- 
sensitive material under illumination. Compare 
LIGHT POSITIVE. 

lightning The discharge that occurs between posi- 
tive and negative poles in the atmosphere. Com- 
mon in and near areas where heavy rainfall is 
occurring. It also can occur in snow storms, in 
sand storms, and over erupting volcanoes. Gen- 
erally, the negative pole is in a cloud and the pos- 
itive pole is at the surface of the earth, resulting 
in a flow of electrons from cloud to ground. Some 
lightning occurs as a flow of electrons from 
ground to cloud, or between two clouds. Such 
discharges sometimes attain current levels of 
more than 1,000,000 amperes. 

lightning arrester A device that bypasses high- 
voltage pulses from most nearby lightning dis- 
charges to the earth, helping to protect electronic 
equipment connected to an outdoor antenna or 
power line. Is not a total guarantee of protection, 
however. 

lightning conductor 1. A system for protecting 
buildings from lightning strikes. A common sys- 
tem includes a lightning rod, heavy conductor, 
and ground rod. The ground rod is placed at least 
six feet from the base of a building and is at least 
eight feet long. 2. The conductor between the 
lightning rod and ground rod in a system, as de- 
fined in 1. 

lightning detector See KERAUNOGRAPH and 
KERAUNOPHONE. 

lightning rod A protective device mounted on the 
outside of structures, consisting of a pointed, 
grounded metal rod that will conduct a lightning 
discharge to earth. 

lightning strike A direct hit of an object by a light- 
ning stroke. It usually causes extensive damage 
to electrical and electronic equipment through 
which the discharge passes. 
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lightning stroke The discharge that occurs with 
lightning. The peak current is typically several 
tens of thousands of amperes, but in some cases 
can exceed 1,000,000 amperes. A stroke can con- 
sist of one discharge or several individual dis- 
charges in rapid succession. 

lightning switch See GROUND SWITCH. 

light-operated relay See PHOTOELECTRIC RE- 
LAY. 

light-operated switch A PHOTOELECTRIC RE- 
LAY, or a switch operated by such a relay. 

light pen A probe containing a tiny photosensor in 
its tip. The tip of the light pen is touched to the 
screen of a cathode-ray tube to sense the beam 
when it passes the spot of contact. It is used as 
an input device in some computers and termi- 
nals. 

light pipe 1. An OPTICAL FIBER. 2. A cable con- 
sisting of numerous optical fibers in a bundle. 
See FIBEROPTICS, 1. 

light positive Pertaining to positive photoconduc- 
tivity, when the conductivity of a photosensitive 
material increases under illumination. Compare 
LIGHT NEGATIVE. 

light quantum See PHOTON. 

light ray A thin beam of light. Theoretically, a ray 
emerges from a point source (i.e., it has no width). 

light receiver See LIGHT-BEAM RECEIVER. 

light relay A photoelectric device that operates a 
relay, according to fluctuations in the intensity of 
a light beam. 

light-sensitive cathode Also called photocathode. 
A cathode that emits electrons when exposed to 
light. 

light-sensitive diode A semiconductor diode us- 
able as a photoconductive cell. Such diodes are 
available as both junction and point-contact 
types. 

light-sensitive material A photoconductive or 
photoemissive substance. 

light-sensitive resistor See PHOTOCONDUCTIVE 
CELL. 

light sensor 1. A light-sensitive device, such as 
a photocell, photodiode, phototransistor, or 
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phototube. 2. A light-sensitive substance, such 
as cesium, selenium, silicon, cadmium selenide, 
or lead sulfide. 

light source Any generator of light. Under some 
conditions, the source is regarded as a point. 

light spectrum See ELECTROMAGNETIC THE- 
ORY OF LIGHT. 

light-spot scanner Also called flying-spot scanner. 
A television camera using (as a source of illumi- 
nation) a spot of light that scans what is to be 
televised. 

light transmitter See LIGHT-BEAM TRANSMIT- 
TER. 

light valve 1. An electromechanical device for 
varying the intensity of light passing through its 
adjustable aperture. 2. See KERR CELL. 

light-wave telephony Telephone communication 
by means of modulated-light transmission, usu- 
ally through an OPTICAL FIBER. 

light-year Abbreviation, lt-yr. Pertaining to astron- 
omy, a unit of distance equal to the distance trav- 
eled by light in one year in a vacuum: 9.460 55 x 
101% meters (5.878 x 101? miles). 

likelihood In probability and statistics, the chance 
that an event will occur or that an outcome will 
be realized. Also see PROBABILITY, 1, 2. 

lim Abbreviation of LIMIT. 

Lima Pronunciation, LEE-ma. Phonetic alphabet 
word for the letter L. 

limen A unit that has been proposed as the mini- 
mum audible change in frequency that can be de- 
tected by at least half of a group of listeners. 

limit 1. The lowest or highest frequency in a band. 
2. In mathematics, a fixed value that a variable 
approaches. 3. The upper and lower extremes in 
any performance range or value range. 

limit bridge A bridge used to check a component 
(e.g., resistance, capacitance, or inductance) in 
terms of the tolerance limits, rather than the 
nominal (named) value, of that component. Also 
see BRIDGE, 2. 

limited integrator A circuit that integrates two in- 
put signals until the corresponding output signal 
exceeds a certain limit. 

limited stability A characteristic of a circuit or 
system, allowing proper operation only if the in- 
put signal and applied voltages are within certain 
maximum and minimum limits. 

limiter A device or circuit whose output-signal am- 
plitude remains at some predetermined level, de- 
spite wide variations in input-signal amplitude. 

limiting The restriction of the maximum peak am- 
plitude of a signal to a designated level. 

limiting amplifier An amplifier that automatically 
holds the output-signal level to a prescribed value. 

limiting current In electrolysis, the highest cur- 
rent that conducts under certain conditions of 
ion concentration. This current depends on the 
electrolyte material, the concentration of the elec- 
trolyte in solution, the electrode substance, and 
the size of the electrolytic cell. 
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limiting error The anticipated maximum value of 
the absolute error in a computation. 

limiting resistor See CURRENT-LIMITING RESIS- 
TOR. 

limiting resolution As a measure of video image 
resolution, the maximum number of lines for pic- 
ture height that can be discriminated on a test 
chart. 

limit switch A switch that is actuated when a 
monitored quantity (e.g., current, voltage, or illu- 
mination) reaches the limit of its range. 

line 1. A wire, cable, or waveguide, along which 
electrical or electromagnetic energy travels from 
one defined place to another. 2. One lengthwise 
path in which a force, such as electricity or mag- 
netism, is evidenced. Such a line of flux has theo- 
retically zero width. 

line advance 1. The physical separation between 
the centers of adjacent scanning lines in a televi- 
sion system. 2. Line feed in a text data transmis- 
sion system. 

line amplifier An amplifier in a telephone line or 
similar channel, or one feeding such a line from 
the input end. 

linear 1. In a straight line. 2. In the manner of a 
straight line. Thus, linear response is indicated 
when one quantity varies directly with another; 
the graph of this response is a straight line (i.e., 
one of constant slope). 3. The characteristic of a 
signal that is a replica of another (e.g., an ampli- 
fier output signal of the same waveform as that of 
the input signal). 

linear absorption coefficient A number express- 
ing the extent to which the intensity of an X-ray 
beam is reduced per centimeter of the material 
through which it passes. 

linear accelerator A device in which subatomic 
particles are accelerated in a straight line 
through a long tube. This action is in contrast 
with that occurring in a circular accelerator, such 
as a CYCLOTRON. 

linear algebra A branch of mathematics that deals 
with the solving of linear equations or sets of lin- 
ear equations. 
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linear amplifier 1. An amplifier for which a linear 
relationship exists between input and output pa- 
rameters (e.g., a high-fidelity audio amplifier). 
2. A class-AB radio-frequency power amplifier that 
does not distort the envelope of an amplitude- 
modulated (AM) or single-sideband (SSB) signal. 
It is commonly used by amateur radio operators. 

linear array A directional antenna having equally 
spaced, in-line elements. 

linear circuit 1. A circuit whose output is a faith- 
ful reproduction of the input. See LINEAR AMPLI- 
FIER, 1 and LINEAR DETECTOR. 2. A circuit 
whose performance is linear. See LINEAR RE- 
SPONSE, 1. 

linear decrement In a damped wave, a constant 
decrease in amplitude with time, as opposed to a 
decrease that is a logarithmic or otherwise non- 
linear function of time. Compare DECREMENT. 

linear detector A detector whose output/input re- 
lationship is linear. Also see LINEAR, 2, 3; LIN- 
EAR CIRCUIT, 1; and LINEAR RESPONSE, 1, 2, 
3. 

linear differential transformer A device that con- 
verts the physical position of an object into an 
output voltage or current. The voltage or current 
is directly proportional to the displacement. 

linear distortion Amplitude distortion in which 
the output and input signal envelopes are dispro- 
portionate (in the absence of spurious frequen- 
cies). 

linear equation See FIRST-DEGREE EQUATION. 

linear function 1. In Cartesian two-space, a func- 
tion of the form y = mx + b, where the coordinates 
are (x,y), the slope is m (any real number) and bis 
the point on the y axis at which the graph crosses 
the axis. 2. Any function in any number of di- 
mensions whose graph appears as a straight line 
in the Cartesian system of coordinates. 
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linear IC See LINEAR INTEGRATED CIRCUIT. 
linear integrated circuit An integrated circuit de- 
signed for analog operations (such as signal 
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amplification, oscillation, nondigital regulation, 
analog instrumentation, and similar applica- 
tions). Compare DIGITAL INTEGRATED CIRCUIT. 

linearity 1. The degree to which performance or 
response approaches the condition of being lin- 
ear, expressed in percent or parts per million. 
Also see LINEAR AMPLIFIER, 1; LINEAR CIR- 
CUIT, 1, 2; LINEAR OSCILLATOR, 1; LINEAR RE- 
SPONSE, 1, 2, 3; and LINEAR TAPER. 2. In a 
cathode-ray-tube image, absence of compression 
or stretching of any portion of the image; that is, 
an undistorted reproduction. 

linearity control In a cathode-ray-tube display, 
the potentiometer used to correct image linearity. 
See LINEARITY, 2. 

linearity error 1. The difference between a theo- 
retically linear function and the actual function, 
as observed under experimental conditions. 
2. The degree of nonlinearity in an amplifier that 
is supposed to be linear. 

linear modulation 1. Modulation in which the 
instantaneous amplitude of the input signal is 
directly proportional to the instantaneous ampli- 
tude of the output signal. 2. Modulation in which 
the instantaneous amplitude of the input signal 
is inversely proportional to the instantaneous 
amplitude of the output signal. 3. Modulation in 
which the instantaneous amplitude of the input 
signal is directly proportional to the frequency or 
phase deviation of the output signal. 

linear motor A motor in which the stator and rotor 
are parallel and straight. 

linear oscillator 1. An oscillator whose alternat- 
ing-current output amplitude varies linearly with 
its direct-current input. 2. A line-type oscillator. 

linear programming A method of determining the 
optimum value for a certain set of linear equa- 
tions. Generally, this is done by finding the point 
on a plane in space closest to some point not on 
the plane. 

linear quantizing A method of quantizing in which 
all of the intervals are of equal size or duration. 
An example is a linear analog-to-digital converter 
circuit. 

linear reflex detector See INFINITE-IMPEDANCE 
DETECTOR. 

linear response 1. A response in which the value 
of the dependent variable is equal or directly pro- 
portional to the value of the independent variable. 
Thus, the graph of the response function is a 
straight line over the range of normal operating 
values. Compare LOGARITHMIC RESPONSE, 1 
and SQUARE-LAW RESPONSE. 2. A type of re- 
sponse in which a quantity (Such as current) 
varies directly with another quantity (such as 
voltage). Compare LOGARITHMIC RESPONSE, 2. 
3. Low-distortion response. Also see HIGH FI- 
DELITY. 

linear scale A scale in which all of the divisions 
represent the same differential and are equally 
spaced. On a linear scale, a given difference 
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always has the same physical length, no matter 
where on the scale it appears. For example, the 
interval between 3 and 4 on a linear scale is the 
same as any interval between x and x + 1, where 
x is any real value on the scale. 

linear sweep In a television or oscilloscope circuit, 
the scanning of the electron beam across the 
screen at a constant speed. Also see LINEAR, 1; 
LINEAR RESPONSE, 1; and LINEARITY, 2. 

linear taper In a potentiometer or rheostat, resis- 
tance variation that is directly proportional to 
shaft rotation. Thus, half the total resistance cor- 
responds to movement of the shaft over half the 
arc of full rotation. Compare LOG TAPER. Also 
see TAPER. 

linear time base For an oscilloscope, the base pro- 
vided by sweeping the electron beam horizontally 
at a uniform rate. Also see LINEAR SWEEP. 

linear track On a video tape, the track that con- 
tains audio information that accompanies the 
video data. It was so named because it is a single, 
straight track, in contrast to the video tracks, 
which are angled. 

linear tracking In a turntable system, a design 
scheme in which the lateral movement of the sty- 
lus, as the disc is played, occurs in a straight line, 
rather than in an arc. 

linear transformer A radio-frequency transformer 
consisting of a section of transmission line. 

linear variable differential transformer Abbrevi- 
ation, LVDT. A differential transformer exhibiting 
linear response. Also see LINEAR RESPONSE, 1, 
2. 
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line balance The degree of electrical similarity be- 
tween transmission line conductors, or between a 
conductor and ground. 

line-balance converter A device used to isolate 
the outer conductor at the end of a coaxial line 
from ground. 

line characteristic distortion Fluctuations in the 
duration of received signal impulses in text data 
communications, caused by changing current 
transitions in the wire circuit. 

line circuit The telephone system relay equipment 
associated with stations connected to a switch- 
board. 

line code A code between the digits in processing 
equipment and the pulses representing the digits 
in a line transmission. 

line conditioning In data communications, the 
modification of private or leased lines by adding 
compensating reactances to reduce amplitude 
variations or phase delays over a band of fre- 
quencies. 

line contact stylus A needle used to reproduce 
stereo high-fidelity sound from vinyl discs. It has 
a characteristic oblate ellipsoidal shape. 

line coordinate A symbol identifying a specific row 
of cells in a matrix; a specific cell can be located 
with an additional column coordinate. 

line cord A flexible two- or three-wire insulated ca- 
ble connecting equipment to the power line by 
means of a plug that mates to a standard electri- 
cal outlet. 

line current 1. Current flowing from a power line 
into equipment. 2. Current flowing in a transmis- 
sion line. 3. Current flowing into a parallel- 
resonant circuit. 

line diffuser A circuit that creates minor vertical 
oscillations of the spot on a television screen, 
making the individual scanning lines less notice- 
able. 

line driver An integrated circuit capable of trans- 
mitting logic signals through long lines. 

line drop The voltage drop along a line supplying 
power to a device. 

line equalizer See EQUALIZER. 

line fault A discontinuity in a transmission line, 
resulting in signal loss at the receiving end of a 
circuit. 

line feed In a text data transmission system, the 
movement of the paper, platen, or cursor to allow 
for printing or displaying an additional line of 
text. 

line filter 1. A circuit that can be inserted in the 
utility power cord of an appliance, device, or sys- 
tem for transient suppression and the minimiza- 
tion of electromagnetic interference (EMI). The 
filter employs series inductors, parallel capaci- 
tors, and in some cases, a clamping device. In- 
stalled between a radio transmitter and the 
utility lines, such a filter can choke off radio- 
frequency (RF) current and help keep utility 
wiring from acting as an antenna. Installed in the 


de 


5059F-pL-396-423 


4/10/01 9:14 AM Page 411 


ÓN 


Chokes 


To equipment 


To wall outlet 


line filter 


power cords of home entertainment equipment, 
such as stereo audio amplifiers, line filters can 
keep RF from entering the apparatus through 
the power supply. 2. A circuit containing paral- 
lel capacitors and/or series inductors, installed 
in a twisted-pair telephone line to reduce or 
eliminate the effects of EMI and transients in a 
telephone set. 

linefinder A switching device that finds one of a 
group of calling telephone lines and connects it to 
a trunk, connector, or selector. 

line frequency 1. The frequency of power-line volt- 
age in the United States, 60 Hz. 2. The rate at 
which the horizontal lines are traced in a video 
image. Also see HORIZONTAL FREQUENCY. 

line group 1. A group of signals sent by wire trans- 
mission. 2. The frequency spectrum occupied by 
a group of signals sent by wireless transmission. 

line leakage Resistance between insulators of two 
wires in a telephone line loop. 

line loss The sum of energy losses in a transmis- 
sion line. 

lineman A technician who works mainly with tele- 
phone or telegraph lines. 

line matching transformer A device that provides 
an impedance match in an audio circuit, and also 
can adapt balanced to unbalanced audio trans- 
mission lines (or vice versa). 

line noise 1. Electrical noise (as received by a ra- 
dio) arising from fluctuations of current or voltage 
in a power line. 2. Noise in a data transmission 
line. 

line of flux 1. A line (usually curved) depicting the 
points of equal-intensity field strength in the 
vicinity of an electric charge or a charged body. 
Also see FLUX. 2. A line depicting the points of 
equal-intensity field strength in the vicinity of a 
magnetic pole or a magnetized body. Also see 
FLUX. 

line-of-sight communication Radio communica- 
tions between points located so that a straight 
line between them does not pass through the 
earth, or through any major obstructions. Also 
see LINE-OF-SIGHT DISTANCE. 
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line-of-sight distance The maximum distance 
over which an ultra-high-frequency (UHF) or mi- 
crowave signal can be directly transmitted along 
the surface of the earth. It is slightly more than 
the maximum optical line-of-sight distance. 

line oscillator See LINE-TYPE OSCILLATOR. 

line plug The plug terminating a line cord. Also see 
MALE PLUG. 

line printer A machine that prints the results of a 
computer run, line by line. 

line radio See WIRED RADIO. 

line regulation Automatic stabilization of power- 
line voltage. 

line-sequential system The color television sys- 
tem in which the image is reproduced by means 
of primary color lines (red, green, and blue) se- 
quentially beamed across the screen of the pic- 
ture tube. Compare DOT-SEQUENTIAL SYSTEM 
and FIELD-SEQUENTIAL SYSTEM. 

lines of cleavage See CLEAVAGE. 

lines oscillator See LINE-TYPE OSCILLATOR. 

line supervision In electronic security systems, a 
method of monitoring circuit characteristics to 
detect possible tampering. 

line switch 1. The main power-line switch to a sys- 
tem. 2. Within a piece of electronic equipment, 
the switch that opens and closes the circuit to the 
incoming power line. 

line-type amplifier A radio-frequency amplifier in 
which the tuned circuits are transmission lines 
consisting of parallel wires, rods, or tubing, or of 
coaxial cable sections. 

line-type oscillator A radio-frequency oscillator in 
which the tuned circuits are transmission lines 
consisting of parallel wires, rods, or tubing, or of 
coaxial cable sections. 

line unit In a wire data transmission system, the 
terminal unit, or device that converts the text sig- 
nals into electrical impulses and vice versa. 

line voltage 1. The voltage between the conductors 
in a power line. 2. The voltage between the con- 
ductors of a transmission line. 

line-voltage drop See LINE DROP. 

line-voltage monitor See POWER-LINE MONI- 
TOR. 

linguistics The study of languages, 
structure, symbology, and phonetics. 

link 1. The small coupling coil used in link cou- 
pling. 2. A communication path between two ra- 
dio facilities for the purpose of extending the 
range of one, as between a remote pickup point 
and a broadcast transmitter. 3. A data connec- 
tion between two different computers. 4. The act 
or process of creating a signal path or data con- 
nection, as defined in 1, 2, or 3. 5. In a digital 
computer, a branch instruction, or an address in 
such an instruction, used to leave a subroutine to 
return to some point in the main program. 

linkage Coupling between separated conductors or 
devices through the medium of electric or mag- 
netic lines of flux. 
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link circuit A closed-loop coupling circuit having 
two coils of a few turns of wire; each coil is placed 
near one of the circuits to be coupled. 

link coupling Low-impedance coupling via a small 
(usually one-turn) input or output coil fed by a 
twisted pair or a coaxial line. 


link coupling 


linked subroutine A subroutine, entered by a 
branch instruction from a main routine, that ex- 
ecutes a branch instruction returning control to 
the main routine. 

link fuse A fuse consisting of an exposed length of 
fuse wire. 

link neutralization Neutralization achieved by 
out-of-phase current fed back via link coupling 
from the output to the input of an amplifier. Also 
called INDUCTIVE NEUTRALIZATION. 

lin-log receiver A radar receiver whose amplitude 
response is linear for small signals, but logarith- 
mic for large ones. 

lip microphone A small microphone operated 
close to or in contact with the lips. 

liquid A state of matter characterized by a level of 
molecular motion intermediate between that of 
gases and solids; liquids have the ability (like 
gases) to take the shape of a container and are only 
slightly compressible. Compare GAS, PLASMA, 
and SOLID. Also see STATE OF MATTER. 

liquid absorption For a solid material, such as di- 
electric, the ratio of the weight of liquid absorbed 
by the material to the weight of the material. 

liquid capacitor See WATER CAPACITOR. 

liquid cell See ELECTROLYTIC CELL. 

liquid conductor See ELECTROLYTE. 

liquid cooling Use of circulating water, oil, or 
other fluid to remove heat from components or 
equipment, such as microprocessors or power 
amplifiers. 

liquid crystal A liquid exhibiting some of the char- 
acteristics of a crystal. Also see NEMATIC CRYS- 
TAL and SMECTIC CRYSTAL. 

liquid-crystal display Abbreviation, LCD. A flat- 
panel display noted for its thin profile, light 
weight, and low power consumption. The sim- 
plest devices are used in calculators, meters, 
wristwatches, and radios. More sophisticated 
displays are used in computers and portable 
video units. This type of display can operate at a 
much lower voltage than a cathode-ray tube 
(CRT). This makes it ideal for portable electronic 
systems in which batteries are used. Older 
displays of this type can be difficult to read from 
certain viewing angles. This situation has 
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improved in recent years with the advent of 
active-matrix, also known as thin-film-transistor 
(TFT), displays. 

liquid-filled transformer A transformer filled with 
a protective liquid insulator, such as oil. 

liquid-flow alarm An electronic circuit that actuates 
an alarm when the flow of a liquid through pipes or 
other channels changes from a desired rate. 

liquid-flow control A servo system that automati- 
cally maintains or corrects the rate of liquid flow 
through pipes or other channels. 

liquid-flow gauge See LIQUID-FLOW METER. 

liquid-flow indicator See LIQUID-FLOW METER. 

liquid-flow meter An instrument that indicates 
the rate at which a liquid moves through pipes or 
other channels. 

liquid-flow switch In a liquid-cooled system, a 
switch that actuates an alarm when the liquid 
slows or stops. 

liquid-jet oscillograph A graphic recorder using 
an ink-jet galvanometer to trace the pattern ona 
paper chart. 

liquid laser A laser in which the active material is 
a liquid. 

liquid-level alarm An electronic device that actu- 
ates visual or audio signal devices when the sur- 
face of a liquid inside a tank rises or falls to a 
predetermined level. 

liquid-level control A servo system that automati- 
cally maintains the liquid in a tank at a predeter- 
mined level. 

liquid-level gauge An electronic system that pro- 
vides direct readings of the level of a liquid in a 
tank. 

liquid-level indicator See LIQUID-LEVEL GAUGE. 

liquid-level meter See LIQUID-LEVEL GAUGE. 

liquid load See WATER LOAD. 

liquid-pressure alarm An electronic circuit that 
actuates an alarm when the pressure of a liquid 
changes. 
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liquid-pressure control A servo system that auto- 
matically maintains or corrects liquid pressure in 
pipes or other channels. 

liquid-pressure gauge See LIQUID-PRESSURE 
METER. 

liquid-pressure indicator See LIQUID-PRESSURE 
METER. 

liquid-pressure meter An instrument that pro- 
vides direct readings of liquid pressure in a pipe 
or other channel. 

liquid-pressure switch A switch that actuates an 
external circuit or device when the pressure of a 
liquid changes. 

liquid rheostat See WATER RHEOSTAT. 

liquid valve See ELECTROMECHANICAL VALVE. 

liser An oscillator that produces an extremely pure 
microwave carrier signal. 

LISP A digital-computer language written in the 
form of lists. A program can be directly inter- 
preted as data, and vice versa. The entire lan- 
guage is derived from a few basic functions. 
Programs are easy to debug. It is used in artificial 
intelligence (AD) research. Also see LANGUAGE. 

Lissajous figure Any one of several curves result- 
ing from the combination of two harmonically re- 
lated sine waves. These figures are familiar in 
electronics; they are obtained when signals are 
applied simultaneously to both axes of an oscillo- 
scope. It is also called Lissajous pattern. 

list 1. To print serially the records in a file or in 
memory. 2. To print (instruct a computer to dis- 
play) every item of input data in a program. 3. A 
one-dimensional array of numbers. 

listener fatigue Physiological symptoms, such as 
headaches, caused by prolonged listening to cer- 
tain sounds (e.g., a pure sine wave or poorly re- 
produced music). 

listening angle In stereo sound reproduction, the 
angle between the speakers, with respect to the 
listener. This angle can vary from zero to 180 de- 
grees. Larger angles result in increased apparent 
channel separation. 

listening test The subjective evaluation of audio 
equipment by listeners. 

liter Abbreviation, l. A metric unit of volume equal 
to 1.0567 U.S. liquid quarts or 0.908 U.S. dry 
quart. A liter is the volume of 1 kilogram of water 
at 4 C and under a pressure of 1 pascal. 

literal operands It is usually applicable to source 
language instructions, operands that specify the 
value of a constant, rather than an address ofa 
location in which the constant is stored. 

lithium Symbol, Li. An element of the alkali-metal 
group, and the lightest elemental metal. Atomic 
number, 3. Atomic weight, 6.941. 

lithium battery See LITHIUM CELL. 

lithium cell A type of electrochemical cell with ex- 
ceptional energy-to-mass ratio and long shelf life. 
There are several variations in the chemical 
makeup; they all contain lithium, a light, highly 
reactive metal. These units can be manufactured 
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to supply 1.5 to 3.5 volts, depending on the par- 
ticular chemistry used. These cells can last for 
years in very-low-current applications such as 
memory backup. 

Litzendraht wire See LITZ WIRE. 

Litz wire A woven wire having a number of copper 
strands, each separately enameled to insulate it 
from the others. The wire is woven so that inner 
strands come to the surface at regular intervals. 
It is noted for its low losses at radio frequencies. 

live 1. Electrically activated (i.e., sustaining volt- 
age or current). 2. Being broadcast as it occurs. 
3. Acoustically reflective, as in a LIVE ROOM 
(contrasted with one that is acoustically ab- 
sorbent). 

live end 1. In a recording or broadcasting studio, 
the part of the room in which the acoustic con- 
centration is greatest. 2. In a utility circuit, the 
wire or terminal that carries 117 volts alternating 
current (the ungrounded end). 

live end/dead end Pertaining to a room that is 
acoustically reflective (live) at one end, and 
acoustically absorbent (dead) at the other end. 

live room A room with little or no acoustically ab- 
sorbent material in its ceiling, walls, and floor, 
with the result that echoes and reverberation are 
pronounced. Compare DEAD ROOM. 

lix Abbreviation of LIQUID CRYSTAL. 

Lx band A section of the L BAND that extends from 
1.150 to 1.350 GHz. 

L, band A section of the L BAND that extends from 
510 to 725 MHz. 

LLL Abbreviation of LOW-LEVEL LOGIC. 

Im Preferred abbreviation of LUMEN. 

Im/ft? Abbreviation of lumens per square foot. Also 
see LUMEN. 

Im-hr Abbreviation of LUMEN-HOUR. 
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Im/m? Abbreviation of lumens per square meter. 
Also see LUMEN and LUX. 

Im/W Abbreviation of lumens per watt, a unit of lu- 
minosity. Also see LUMEN. 

In Representation of the natural (base-e) logarithm 
function (see NAPIERIAN LOGARITHM). Also 
written loge. 

L network An impedance-matching circuit, filter, 
or attenuator whose schematic representation re- 
sembles an inverted letter L. 

LO Abbreviation of LOCAL OSCILLATOR. 

lo Abbreviation of low, usually as a prefix or sub- 
script. Also abbreviated L. 

load 1. Also called electrical load. A device or circuit 
that is operated by the electrical power output of 
another device or circuit. Examples: speaker, light 
bulb, power amplifier, antenna system. 2. Also 
called mechanical load. The mechanical power 
output demanded of a machine—especially a mo- 
tor. 3. To fill an internal computer storage with in- 
formation from an external storage [e.g., from a 
magnetic disk to a computer’s random access 
memory (RAM)]. 4. To add inductors and/or ca- 
pacitors to an antenna system to alter the charac- 
teristics of the system—especially the resonant 
frequency. 5. To adjust the output circuit of a 
radio-frequency power amplifier for optimum 
energy transfer to the antenna system. 

load-and-go Automatic coding in which a user's 
(Source) program is translated automatically into 
machine language and stored. 

load capacitance 1. The capacitance present in an 
electrical load (see LOAD, 1). 2. A capacitance 
used as an electrical load. 

load capacity 1. In pulse-code modulation, the 
level at which a sine-wave signal has peaks coin- 
ciding with the plus/minus virtual decision val- 
ues of the encoder. 2. The maximum number of 
signals that a medium or line can carry without 
serious degradation of reception. 

load circuit 1. The circuit that forms the load, or 
power-consuming portion, of a system. 2. A cir- 
cuit that facilitates transfer of power to a load. 

load coil See WORK COIL. 

load current The current flowing in a load. See 
LOAD. 

load division A method of connecting two or more 
power sources to a single load, for optimum 
power transfer. 

loaded antenna An antenna incorporating a 
LOADING COIL and/or LOADING DISK to in- 
crease its electrical (effective) length. See LOAD- 
ING COIL and LOADING DISK. 

loaded line A transmission line in which inductors 
or capacitors are inserted at appropriate points to 
alter the characteristics of the line. 

load end The end of a transmission line to which a 
radiator or receiver is connected. 

load flicker Fluctuations in the brightness of 
lamps, caused by intermittent loading of the 
power line by other devices. 
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load/haul/dump Abbreviation, LHD. A remote- 
controlled or computer-controlled robot used in 
mining and construction work. Under the direc- 
tion of a human operator or a computer, it loads, 
hauls, and dumps materials (hence its name). It 
can use various navigation methods, including 
beacons, computer maps, position sensors, and 
vision systems. 

load impedance Symbol, Z,. The impedance pre- 
sented by a load connected to a generator or other 
source. 

loading 1. The matching of source impedance to 
load impedance, usually by means of the intro- 
duction of an inductance or capacitance into the 
load itself. 2. Any form of impedance matching. 
3. The addition of inductance and/or capacitance 
to an antenna system to alter the characteristics 
of the system—especially the resonant frequency. 
4. The modification of the acoustic impedance of 
a loudspeaker. 

loading coil An inductor inserted in a circuit to in- 
crease its total inductance or to provide some 
special effect, such as canceling capacitive reac- 
tance. See LOADED ANTENNA and PUPIN COIL. 

loading disk Also called capacitance hat. A metal 
disk mounted atop a vertical antenna to increase 
its effective length and thereby lower its resonant 
frequency. It also increases the bandwidth of the 
system. 
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loading factor The ratio of source impedance to 
load impedance before the introduction of loading 
circuits. 

loading inductance 1. The inductance present in 
a load. 2. An inductance used as a load. 

loading routine Also called loading program. A 
routine permanently in memory; it allows a pro- 
gram to be loaded into memory from an external 
storage medium. 

load life The longevity of a device in terms of the 
number of hours it can withstand its full power 
rating. 

load line In a group of voltage-current (EJ) curves, 
a line connecting points of equal resistance (E/D 
that are equal to a particular value of load resis- 
tance (impedance). 

load power The power dissipated in a load. 

load regulation Automatic stabilization of load re- 
sistance (impedance) at a constant value. 

load resistance 1. The resistance present in a 
load. 2. A resistance used as load. 

load stabilizer A device for holding load current or 
load voltage to a constant value. 

loadstone Alternate spelling of LODESTONE. 

load termination The load connected to the out- 
put of a circuit or device as the terminal element 
in a circuit or system. 

load voltage The voltage developed across a load. 

load-voltage stabilization Automatic regulation of 
load voltage. 

load wattage See LOAD POWER. 

lobe In the directivity pattern of a transducer, a fig- 
ure, such as a circle or ellipse enclosing an area 
of intensified response. Applicable especially to 
antennas. 


lobe (pattern of 
horizontal half-wave antenna) 
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lobing 1. In a transmitting or receiving antenna, 
the effect of ground reflection, resulting in phase 
reinforcement (lobes) at some elevation angles 
and phase opposition (nulls) at other angles. 
2. The pattern of secondary maxima in the 
radiation response of a directional antenna. 

local action Electrolysis between separate areas of 
a single electrode immersed in an electrolyte. The 
action is caused by impurities at different spots 
in the electrode metal, causing one spot to act as 
an anode and the other as a cathode, thereby cre- 
ating a small battery cell. 

local alarm In security applications, a visible 
and/or audible alarm that can be seen and/or 
heard easily throughout the protected zone. 

local area network Abbreviation, LAN. A group of 
computers and/or terminals that are linked to- 
gether within a relatively small geographic area, 
such as a college campus. Interconnections are 
usually made via cable. There are several differ- 
ent configurations, called topologies. 

local battery In wire telephony, a battery installed 
on the subscriber's premises. 

local broadcast station A standard broadcast sta- 
tion licensed in the local service. See LOCAL 
CHANNEL and LOCAL STATION. 

local channel A channel in the standard ampli- 
tude-modulation (AM) broadcast band, intended 
to serve only the area near the station. Transmit- 
ter power and operating time are restricted to 
prevent long-distance propagation. 

local control The control of a radio transmitter 
from the site (in contrast to remote control). 

local feature focus In robotic systems, the use of 
only a small portion of the available image data to 
perform a function. The robot computer recog- 
nizes and acts on the data it needs, disregarding 
the rest. 

local feedback Feedback within a circuit stage. 

localizer A radionavigation transmitter whose sig- 
nal guides aircraft to the centerline of a runway. 

local oscillator Abbreviation, LO. In a wireless 
transmitter, one of the oscillators that contributes 
to the signal that is ultimately modulated and 
transmitted. The LO output is mixed with the out- 
put of a variable-frequency oscillator (VFO). The 
LO frequency can be switchable at increments of 
several hundred kilohertz (500 kHz and 1000 kHz 
are typical), facilitating band changes when mixed 
with the VFO output. In some transmitters, the 
LO can operate at a single, fixed frequency if the 
VFO tunes over an exceptionally wide range. 

local program A program that originates at the 
same single broadcast station from which it is 
transmitted. 

local reception The reception of signals from local 
stations. Compare LONG-DISTANCE COMMUNI- 
CATIONS. 

local side The group of circuits and components 
associated with a communications terminal ata 
given location. 
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local station A station situated within the same 
general area as the receiver, as opposed to a dis- 
tant station. 

local system library A computer program library 
containing standard software associated with a 
specific system. 

local transmission The sending of signals to re- 
ceivers in the same general locality as the trans- 
mitter, as opposed to long-distance transmission. 

local trunk In a telephone system, the intercon- 
necting line between local and long-distance 
lines. 

location In digital computer operation, a memory 
position (often a register) specified by an address 
and usually described in terms of the basic stor- 
age unit a particular system uses (e.g., a charac- 
ter is a location in a character-oriented machine). 

location counter A register in the control section 
of a computer containing the address of the in- 
struction being executed. 

locked groove A continuous blank groove around 
the inside of a phonograph record. When the disc 
is done playing, this groove keeps the stylus from 
running into the label or sliding across the disc. 

locked oscillator 1. A fixed-frequency oscillator, 
such as a crystal-controlled oscillator. 2. See 
BRADLEY DETECTOR. 

lock-in A state of synchronism, as when a self- 
excited oscillator is synchronized (locked-in) with 
a standard-frequency generator. 

lock-in amplifier A detector that makes use of a 
balanced amplifier. The output is the difference 
between the collector or drain currents of the two 
devices. 

locking circuit See HOLDING CIRCUIT. 

locking relay See LATCHING RELAY. 

lock-in relay See LATCHING RELAY. 

lock-out 1. To prevent a hardware unit or routine 
from being activated (e.g., when there would be a 
conflict between operations using the same areas 
of memory). 2. A safeguard against an attempt to 
refer to a routine in use. 

lock-up relay An electromagnetic relay that can be 
locked in the actuated state nonmechanically 
(i.e., by means of an electromagnet or permanent 
magnet). 

locus The set of all points located by stated condi- 
tions (e.g., the locus of secondary points that are 
all equidistant from a primary point is a sphere). 

lodestone A natural magnet; a form of the mineral 
magnetite. Also spelled loadstone. 

log 1. Abbreviation of LOGARITHM. 2. A continu- 
ous record of communications kept by a station, 
or a record of the operation of an equipment. 

logio Abbreviation of common logarithm (base-10 
logarithm). Also called Briggsian logarithm. 

logarithm Abbreviation, log. The power y to which 
a fixed number a, called the base, must be raised 
to equal a given number x. Suppose x = a’, where 
a, x, and y are real numbers. Then, log,x = y. The 
most common logarithmic bases are 10 and the 
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transcendental number e, approximately equal 
to 2.71828. See COMMON LOGARITHM and 
NAPIERIAN LOGARITHM. 

logarithmic amplifier An amplifier whose output- 
signal amplitude is proportional to the logarithm 
of the input-signal amplitude. 

logarithmic curve A graphical representation of a 
logarithmic function, having the form y = k log, x, 
where k is a nonzero real-number constant, and 
ais a positive real number (the logarithmic base). 

logarithmic decrement See DECREMENT. 

logarithmic graph Also called log-log graph. A 
graph in which the x and y axes are both in- 
cremented logarithmically. Compare SEMILOG- 
ARITHMIC GRAPH. 

logarithmic horn A horn whose diameter varies 
directly, according to the logarithm of the dis- 
placement along the axis. See HORN. 

logarithmic mean See GEOMETRIC MEAN. 

logarithmic meter A current meter or voltmeter 
whose deflection is proportional to the logarithm 
of the quantity under measurement. The incre- 
ments on the scale of such an instrument are 
closer together in the upper portion. 

logarithmic rate of decay See EXPONENTIAL DE- 
CREASE. 

logarithmic rate of growth See EXPONENTIAL 
INCREASE. 

logarithmic response 1. Response in which the 
value of a dependent variable is at every point 
proportional to the logarithm of the independent 
variable. 2. A type of response in which a quan- 
tity (Such as current) varies directly with the log- 
arithm of another quantity (such as voltage). 

logarithmic scale A graduated scale in which the 
coordinates are positioned, according to the loga- 
rithm of the actual distance from the origin. 


logarithmic voltmeter See LOGARITHMIC 
METER. 
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log. Abbreviation of logarithm to the base e (the 
NAPIERIAN LOGARITHM). Also written ln. 

logic 1. In digital circuits, the mathematics dealing 
with the truth or falsity of statements (repre- 
sented by variables) and their combinations. Also 
see SYMBOLIC LOGIC. Generally, “truth” is rep- 
resented by the binary digit 1, and “falsity” is rep- 
resented by the binary digit O. 2. Collectively, the 
switching circuits and associated hardware for 
implementing digital functions (see 1), such as 
AND, NAND, NOR, OR, etc. 

logical decision During a computer program run, 
a choice between alternatives based on specified 
conditions. For example, one alternative pathina 
routine might be selected because an intermedi- 
ate result was negative. 

logical diagram A schematic diagram showing the 
interconnection between gates of a logic circuit. 

logical equivalence The condition in which two 
logical statements have identical truth value for 
all possible combinations of truth value of their 
constituents. 

logical file A data set composing one or several 
logical records. 

logical implication For logical statements x and y, 
the condition that y is true whenever x is true: If 
x, then y. 

logical operation 1. An operation using logical op- 
erators: AND, NOR, OR, and NAND. 2. A process- 
ing operation in which arithmetic is not involved 
(e.g., a shift). 

logical operator A word or symbol representing a 
logic function operating on one or more operands. 
Examples: NOT, OR, AND, NOR, and NAND. 

logical shift A shift operation in which digits in a 
word are moved to the left or right in circular fash- 
ion; digits displaced at one end of the word are re- 
turned at the other. Also called CYCLIC SHIFT. 

logic array In logic circuits, a redundant arrange- 
ment of identical components in a single package. 

logic circuit In digital systems, a gating or switch- 
ing circuit that performs such logical operations 
as AND, NAND, NOR, OR, and XOR. It can use 
diodes, transistors, charge-coupled devices, tun- 
nel diodes, thyristors, ferroelectric elements, mag- 
netic-core elements, or a combination of these. It 
usually consists of diodes and transistors fabri- 
cated onto an integrated-circuit (IC) chip. 
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logic comparison An operation in which two op- 
erands are compared for equal value. 

logic connectives Words connecting operands in a 
logic statement; the truth or falsity of the state- 
ments can be determined from their content and 
the connectives’ meanings. 

logic diagram 1. A graphic representation of a 
logic function (e.g., AND, NAND, NOR, OR, and 
XOR). 2. The design of a device or system repre- 
sented by graphic symbols for logic elements and 
their relationships. 
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A B C AB+C 
0 0 0 1 
0 0 1 0 
0 1 0 1 
0 1 1 0 
1 0 0 1 
1 0 1 0 
1 1 0 1 
1 1 1 1 
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logic diode See COMPUTER DIODE. 

logic flowchart The logical steps in a program or 
subroutine represented by a set of symbols. 

logic function An expression for an operation in- 
volving one or a combination of logic operators. 

logic gate See LOGIC CIRCUIT. 

logic input current In an integrated circuit, the 
input current to the logic gate at a certain voltage 
value. 

logic input levels The range of voltages over which 
the logic trip level occurs, from low to high or high 
to low. It is usually expressed in volts for the low 
state and the high state; for example, low is -1 to 
+2 volts, high is +4 to +6 volts. 

logic instruction A command to execute a logical 
function. 

logic level 1. One of the two logic states O or 1 (on 
or off, high or low). 2. Of the two logic states, that 
which represents the “true” condition. 3. The volt- 
age amplitude of digital signals in a logic system. 

logic probe A test probe with a built-in amplifier 
and (usually) indicating LEDs; its tip is touched 
to various test nodes in a digital logic circuit to 
trace logic levels and pulses. 
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logic relay See BISTABLE RELAY. 

logic swing In a logic circuit, the difference be- 
tween the voltage corresponding to the high state 
and the voltage corresponding to the low state. 

logic symbol 1. A symbol used to represent a logic 
element in a circuit diagram. 2. A symbol used to 
represent a logic connective. 

log-log graph See LOGARITHMIC GRAPH. 

LOGO A high-level computer programming lan- 
guage used for robot control and as an education 
aid. It is especially useful for teaching children 
how to operate computers and computerized 
robots. Statements are simple enough so that 
elementary-school children can learn to write 
short programs. 

log-periodic antenna Also called log-periodic dipole 
array (LPDA). A broad-spectrum, multiband direc- 
tional antenna in which the lengths and spacing of 
the radiator and elements increase logarithmically 
from one end of the antenna to the other. 

log polar navigation A computerized navigation 
system in which polar-coordinate data is con- 
verted into rectangular-coordinate data. In the 
transformation process, the logarithm of the ra- 
dius (range) is taken. This results in improved 
image resolution at close range, although it sacri- 
fices resolution at greater ranges. 

log taper Ina potentiometer or rheostat, resistance 
variations that correspond to the logarithm of 
shaft rotation, or vice versa. Compare LINEAR 
TAPER. Also see TAPER. 

long Abbreviation of LONGITUDE. 

long-distance communication 1. Radio commu- 
nication between stations separated by distances 
too great for ground-wave propagation to be effec- 
tive. 2. In telephone service, communications 
that require the dialing of an area code in addi- 
tion to the local exchange number. 

long-distance loop A direct telephone line con- 
necting a subscriber’s station to a long distance 
switchboard. 

long-distance reception Reception of radio sig- 
nals from stations beyond the range of ground- 
wave propagation. See also LONG-DISTANCE 
COMMUNICATION, 1. 

long-distance transmission Transmission of ra- 
dio signals to points beyond the range of ground- 
wave propagation. See also LONG-DISTANCE 
COMMUNICATION, 1. 

longitude Abbreviation, long. Angular displace- 
ment, measured in degrees around the earth’s 
circumference, to the east and west of the prime 
meridian that passes through Greenwich, En- 
gland. Compare LATITUDE. Also see MERIDIAN. 

longitude effect The variation (caused by the 
earth’s rotation and magnetic field) of the 
strength of cosmic rays arriving at different longi- 
tudes on the surface of the earth. 

longitudinal current Current flowing in the same 
direction in the parallel wires of a pair (the return 
circuit is via ground). 
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longitudinal parity Parity associated with bits 
recorded on one track of a magnetic storage 
medium to indicate whether the number of bits is 
even or odd. 

longitudinal redundancy A computer condition, 
generally affecting magnetic tape records, in 
which the bits in each track of a record do not 
meet the required parity, as determined by a 
LONGITUDINAL REDUNDANCY CHECK. 

longitudinal redundancy check A parity check 
performed on a block of characters or bits (for ex- 
ample, on a track of a magnetic disk). A parity 
character is generated and transmitted as the 
last character of the block; thus, each longitudi- 
nal block has either even or odd parity. 

longitudinal wave A wave in which the movement 
of particles in a medium is parallel with the di- 
rection of propagation. 
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long line 1. A single-wire antenna whose length is 
greater than the length of the wave fed to it for 
propagation. Also see LONG-WIRE ANTENNA. 
2. In wire telegraphy, an electrical line that has 
great physical length. 3. In electronics theory, a 
transmission line of indeterminate length, but 
whose characteristics remain stable and pre- 
dictable to infinity. 

long-persistence screen A cathode-ray-tube 
screen on which the image remains for a time af- 
ter the electron beam has passed. 

long-play Abbreviation, LP. Descriptive of phono- 
graph discs designed to play at 33.3 revolutions 
per minute (rpm). Also see MICROGROOVE 
RECORD. 

long-play record See MICROGROOVE RECORD. 

long-range navigation See LORAN. 

long-range radar Radar that can detect targets at 
distances of 200 miles or more. 

long skip lonospheric radio-wave propagation, 
usually via the F layer, between or among sta- 
tions separated by large geographic distances. 
The wave angles of departure (from transmitting 
stations) and arrival (at receiving stations) are 
very small relative to the horizon. Compare 
SHORT SKIP. 

long-term drift Gradual change in the value of a 
quantity, such as voltage or frequency, observed 
over a long period, in contrast to that noted for a 
brief interval. Compare SHORT-TERM DRIFT. 

long-term input offset voltage stability Ex- 
pressed in microvolts per month. The extent to 
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which the input offset voltage in an integrated cir- 
cuit stays stable over long periods of time. 

long-term stability Stability reckoned over a pe- 
riod of weeks, months or years, as contrasted to 
that noted for brief intervals of time (minutes or 
hours). 

long throw A speaker design term that describes a 
woofer moving through long excursions; the ob- 
jective is to provide good low-frequency response 
with low distortion. 

long waves Low-frequency radio waves, particu- 
larly those in the frequency range of 30 kHz to 
300 kHz (10 km to 1 km). 

long-wire antenna A horizontal or sloping wire an- 
tenna measuring a full wavelength or more and 
fed at a high-current point or at one end. As the 
wire is made longer, the main radiation/response 
lobes get more nearly in line with the antenna, 
and their amplitudes increase. As the wire is 
made shorter, the main lobes get farther from the 
axis of the antenna, and their amplitudes de- 
crease. This antenna can produce high gain and 
excellent low-angle radiation, provided it is 
straight, is at least several wavelengths long, and 
is clear of obstructions. However, it cannot be ro- 
tated conveniently to change the direction in 
which maximum gain occurs. Also, a great deal of 
real estate is needed at medium and high fre- 
quencies. 

lookup A computer programming technique in 
which a data item identified by a key is selected 
from an array. 

loop 1. An electrical circuit consisting of elements 
connected in series. 2. In a standing-wave sys- 
tem, a maximum-response point (e.g., current 
loop and voltage loop). Compare NODE, 2. 3. See 
LOOP ANTENNA. 4. A signal path (e.g., feed- 
back loop). 5. A one- or two-turn coil for low- 
impedance coupling. Also see LINK, 1. 6. In a 
computer program run, the repetitious execution 
of a series of instructions that terminates when 
some specified condition is satisfied by a rela- 
tional test, at which point the next instruction in 
the main program is obeyed. 

loop antenna 1. A small portable receiving an- 
tenna in the form of a wire coil. 2. A half-wave 
conductor bent into a circle or square. The con- 
ductor is broken at the point opposite the feed 
point. It can be used for transmitting and receiv- 
ing. 3. A full-wavelength, continuous conductor 
bent into a circle or square. It can be used for 
transmitting and receiving. 

loop checking A method of checking the accuracy 
of data transmitted over a data link by returning 
signals received at one terminal to the transmit- 
ting terminal for comparison with the original 
data. 

looped amplification See FEEDBACK FACTOR. 

looping plug A double phone-plug unit for simul- 
taneously plugging into two phone jacks. Com- 
pletes (loops) the circuit between the two jacks. 


looping plug 


loop-input signal A signal introduced into a feed- 
back control loop. 

loop pulsing The regular, intermittent breaking of 
the direct-current path at the transmitting end of 
a transmission line; also called DIAL PULSING. 

loop resistance The resistance of the electrical 
path around a complete loop (See LOOP, 1). 

loop response time In a security system, the 
length of time between the first sensing of an ab- 
normal condition (e.g., an intrusion) and the 
recognition of that condition by the controller. 

loopstick antenna See FERRITE-ROD ANTENNA. 

loop test A means of locating a discontinuity in a 
circuit by creating a closed loop, including the 
suspected fault point. 

loose coupling Coupling that transfers only small 
amounts of energy, as when a primary and sec- 
ondary coil are spaced so far apart that the coef- 
ficient of coupling is small. Compare CLOSE 
COUPLING. 

loosely coupled twin In computer operations, a 
system in which two processors, each having its 
own operating system, are used with switches so 
that they can use common peripherals. Also see 
SWITCH. 

lopplar Acronym for laser Doppler radar. Also ab- 
breviated as ladar. 

lorac A radio-navigation system that operates by 
means of phase comparison. Similar to LORAN. 
Trade name of Seismograph Service Corporation. 

loran A long-range radionavigation system in 
which two pairs of ground stations transmit 
pulsed signals that are used by aircraft and ships 
to determine their positions. The name is an 
acronym for long-range navigation. 

loran C A radionavigation system that operates at 
a frequency of 100 kHz. It operates on the hyper- 
bolic principle. 

loran D A radionavigation system similar to loran 
C. It is used by aircraft, operates independent of 
ground stations, and prevents unwanted enemy 
detection of aircraft position. 

Lorentz force For a charge Q moving with velocity 
v in a magnetic field B and an electric field E, the 
force F = Q(E + (v x B)). 
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loss Energy that is dissipated without doing useful 
work in a circuit or system. See POWER LOSS. 

loss angle For an insulating material, 90 degrees 
minus the PHASE ANGLE. 

loss index For an insulating material, the product 
of the POWER FACTOR and the DIELECTRIC 
CONSTANT. 

lossless data compression A process in which 
the number of bits in a data file is reduced by 
eliminating redundancies, without sacrificing 
any of the precision or detail in the file. Com- 
pression of text and programs must usually be 
lossless. Image compression need not generally 
be lossless. Compare LOSSY DATA COMPRES- 
SION. 

lossless line A perfect transmission line (i.e., one 
having no resistance loss, no dielectric loss, and 
no radiation loss). It is not realizable in practice, 
but useful in some theoretical calculations. 

loss tangent See DISSIPATION FACTOR, 1. 

lossy data compression A process in which the 
number of bits in a data file (especially a digital 
image) is reduced by eliminating redundancies, 
with some sacrifice of precision or detail. In image 
compression, some loss can usually be tolerated, 
allowing larger compression ratios than would be 
possible if zero loss were mandatory. Lossy com- 
pression is not generally acceptable for text files 
and programs. Compare LOSSLESS DATA COM- 
PRESSION. 

lossy line A line or cable having comparatively 
high or excessive attenuation per unit length. 

loudness The amplitude of sound, especially in au- 
dio reproduction equipment, such as a high- 
fidelity stereo amplifier. Also called VOLUME. 

loudness control See COMPENSATED VOLUME 
CONTROL. 

loudness curves See AUDIBILITY CURVES. 

loudness switch/button In a high-fidelity audio 
amplifier, a switch or button that can be actuated 
when music is played at low loudness. Increases 
the volume of the bass relative to the midrange 
and treble. 

loudspeaker A transducer that converts electrical 
impulses into sound waves of sufficient volume to 
be heard easily by a number of listeners situated 
at some distance from the device. Also called 


speaker. 

loudspeaker damping See DAMPED LOUD- 
SPEAKER. 

loudspeaker dividing network See CROSSOVER 
NETWORK. 


low 1. The logical digit O. 2. Of relatively small 
magnitude (e.g., LOW VOLTAGE and LOW- 
FREQUENCY). 3. In a rechargeable cell or battery, 
the condition of being near the end of the dis- 
charge cycle. 

low band 1. The low or lowest frequency band 
used in communications, testing, or processing 
in a given situation. 2. Television channels 2 to 
6 (54 to 88 MHz). 3. In two-way radio opera- 
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tions, those radio channels between 30 MHz 
and about 70 MHz. 

low battery 1. The condition of a battery needing 
replacement or recharging. 2. An indicating de- 
vice that shows when a battery needs to be re- 
placed or recharged. 

low-battery bias current The current into a desig- 
nated pin of an integrated circuit required for 
proper operation of the LOW-BATTERY INDICA- 
TOR. 

low-battery indicator A device, such as a light- 
emitting diode (LED) and associated circuitry, 
that gives a visible indication of the condition of 
LOW BATTERY. 

low-capacitance probe A test probe in which ca- 
pacitance has been minimized to reduce loading 
and detuning of the circuit under test. 

low earth orbit Acronym, LEO. An artificial satellite 
orbit that is comparatively low in altitude, resulting 
in a short orbital period (in some cases less than 2 
hours). See also LEO SATELLITE SYSTEM. 

low-energy criterion See VON HIPPEL BREAK- 
DOWN THEORY. 

lower sideband Abbreviation, LSB. In an ampli- 
tude-modulated wave, the lower band of frequen- 
cies equal to the difference between the carrier 
frequency and the modulating frequency. Com- 
pare UPPER SIDEBAND. 

lower sideband suppressed carrier Abbreviation, 
LSSC. A single-sideband transmission technique 
in which the lower sideband is transmitted, 
but the upper sideband and carrier are sup- 
pressed. Compare DOUBLE SIDEBAND SUP- 
PRESSED CARRIER and UPPER SIDEBAND 
SUPPRESSED CARRIER. 
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lowest usable frequency Abbreviation, LUF. The 
lowest frequency that can be used successfully at 
a given time for communication via the iono- 
sphere. Compare MAXIMUM USABLE FRE- 
QUENCY. 

low filter A highpass filter that removes low- 
frequency audio noise from the modulating wave- 
form of a broadcast station. The result is a lower 
level of transmitted hum and rumble. 

low-frequency Abbreviation, LF. 1. Pertaining to 
radio frequencies in the band from 30 kHz to 300 
kHz (wavelengths from 10 kilometers to 1 kilome- 
ter). Also see RADIO SPECTRUM. 2. Pertaining to 
audio frequencies below 500 Hz. 

low-frequency compensation 1. In video- 
amplifier design, special measures, such as use 
of high coupling and bypass capacitances, to 
boost low-frequency gain. 2. Use of special circuits 
to increase the low-frequency response of an audio 
amplifier. Also see BASS BOOST, 1, 2. 

low-frequency direction finder Abbreviation, 
LDF. A direction finder operated in or below the 
standard amplitude-modulation (AM) broadcast 
band, that is, below 1.605 MHz. 

low-frequency padder See OSCILLATOR PAD- 
DER. 

low-frequency parasitics Parasitic oscillations of 
a frequency lower than that being processed by 
the amplifier or generated by the oscillator in 
which they occur. 

low-level 1. A logic term for the more negative of 
the two (binary) logic levels. 2. Having an ampli- 
tude that is below that normally available in com- 
parable circuits or systems. 3. In computer 
operations, pertaining to programming languages 
(such as assembly language or machine lan- 
guage) that control the machine, but do not di- 
rectly interface with the operator. 

low-level audio signal In audio operations, a sig- 
nal that has not been amplified by any means 
(e.g., the output of a dynamic microphone). Com- 
pare HIGH-LEVEL AUDIO SIGNAL. 

low-level contact A switch or relay contact intended 
for use with low values of current and voltage. 

low-level input current 1. A test used to check an 
input pull-up resistor in an integrated circuit to 
ensure that the fan-in is as specified. 2. The cur- 
rent flowing from an input when the highest low- 
level output voltage specified is applied to the 
input of the device. 

low-level language A computer programming lan- 
guage in which each instruction has only one 
equivalent machine code. Examples are machine 


language and assembly language. Compare 
HIGH-LEVEL LANGUAGE. 
low-level logic Abbreviation, LLL. In digital- 


computer operations, any logic system that 
operates at low voltage or current levels. 

low-level modulation Modulation of a radio or 
television transmitter at a stage preceding the fi- 
nal radio-frequency (RF) power amplifier. 
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low-level output current 1. A test to ascertain 
that the fan-out and current-sinking capability of 
an integrated circuit are as specified. 2. The cur- 
rent flowing into an output with input conditions 
that cause the output to be at logic low. 

low-level signal 1. A signal with small amplitude. 
2. A signal with peak-to-peak voltage so low that 
it does not drive an amplifier circuit out of the lin- 
ear range of operation. 

low-loss material A material, particularly a dielec- 
tric, having low electrical loss at a given fre- 
quency. Also see LOSS. 

low-noise Pertaining to circuits, especially weak- 
signal communications receiving amplifiers and 
converters, designed to generate the smallest 
possible amount of internal noise. 

low-noise down converter In a satellite television 
receiving system, a circuit that converts the sig- 
nals from the dish antenna to frequencies that 
correspond to the channels on a conventional 
television set. 

low order The lesser-value place(s) of characters or 
digits in the hierarchy of a group (number or 
word). For example, 5 and 6 are low-order digits 
in the number 123,456. 

low-order position The extreme right-hand (least 
significant) position in a number or word. 

low-pass filter A combination of capacitance, in- 
ductance, and/or resistance, intended to produce 
large amounts of attenuation above a certain fre- 
quency and little or no attenuation below that fre- 
quency. The frequency at which the transition 
occurs is called cutoff. At cutoff, the power atten- 
uation is 3 dB with respect to the minimum at- 
tenuation. At frequencies below cutoff, the power 
attenuation is less than 3 dB. At frequencies 
above cutoff, the power attenuation is more than 
3 dB. The simplest circuit consists of a series in- 
ductor or a parallel capacitor. The inductance- 
capacitance (LC) circuit has a combination of 
series inductors and parallel capacitors. In the 
resistance-capacitance (RC) circuit, resistors are 
substituted for the inductors. Compare BAND- 
PASS FILTER, BAND-REJECTION FILTER, 
HIGH-PASS FILTER. 

low power Abbreviation, LP. Power considerably 
lower than that ordinarily encountered in a 
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particular application. The term is arbitrary; sev- 
eral hundred watts might be regarded as low 
power in one situation, whereas a fraction of a 
watt would be implied in another. 

low-print recording tape Magnetic tape that is 
less susceptible to print-through than conven- 
tional tape. 

low Q For a component or circuit, a low quotient for 
the ratio of reactance to resistance (X/R). This is a 
relative term because a particular Q value consid- 
ered low in one situation might be high in other 
circumstances. Also see FIGURE OF MERIT, 1. 

low tension See LOW VOLTAGE. 

low voltage 1. A voltage considerably lower than 
that ordinarily encountered in a particular appli- 
cation. The term is arbitrary; several hundred 
volts might be regarded as low in one situation, 
and a fraction of a volt would be implied in an- 
other. 2. In a television receiver, the supply volt- 
age applied to all points other than the 
high-voltage circuit or the picture tube. 

low-voltage rectifier In a television receiver, the 
rectifier that supplies power for the low-voltage 
stages. See LOW VOLTAGE, 2. 

LP 1. Abbreviation of LOW POWER. 2. Abbreviation 
of LONG PLAY. 3. Abbreviation of low pressure. 

L pad An attenuator consisting of one series arm 
and one shunt arm, arranged in such a way that 
the schematic representation of the circuit re- 
sembles an inverted capital letter L. It is noted for 
its constant input resistance or impedance as the 
amount of attenuation is varied. 

LPB Abbreviation of LIGHTED PUSHBUTTON. 

Lp band A section of the L BAND extending from 
390 to 465 MHz. 

Ipm Abbreviation of lines per minute: the output 
speed of a line printer. 

IpW Abbreviation of lumens per watt; Im/W is pre- 
ferred. 

Lr Symbol for LAWRENCIUM. 

L+R,L-R The sum and difference of the left (L) 
and right (R) channel signals in a stereo high- 
fidelity sound system. The L + R signal is the in- 
phase combination of the two channels; the L- R 
signal is the out-of-phase combination. 

Lregulator See L-TYPE VOLTAGE REGULATOR. 

LRR Abbreviation of LONG-RANGE RADAR. 

LR time constant See INDUCTANCE-RESIS- 
TANCE TIME CONSTANT. 

LSA diode Abbreviation for limited-space-charge- 
accumulation diode. A solid-state diode that acts 
as a microwave oscillator. 

LSB 1. Abbreviation of LOWER SIDEBAND. 2. Ab- 
breviation of LEAST-SIGNIFICANT BIT. 

Ls band A section of the L band that extends from 
900 to 950 MHz. 

LSC Abbreviation of LEAST-SIGNIFICANT CHAR- 
ACTER. 

LSD Abbreviation of LEAST-SIGNIFICANT DIGIT. 

L section 1. A filter section whose schematic rep- 
resentation has the general shape of an inverted 
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capital letter L. 2. An attenuator circuit whose 
schematic representation has the general shape 
of an inverted capital letter L. 3. A network sec- 
tion consisting of a series (input) impedance arm 
and a shunt (output) impedance arm. See L PAD. 
4. A right-angle bend in coaxial cable (see ELL). 

LSI See LARGE-SCALE INTEGRATION. 

LSSC Abbreviation of LOWER SIDEBAND SUP- 
PRESSED CARRIER. 

L; band A section of the L BAND extending from 
780 to 900 MHz. 

LTROM Abbreviation of LINEAR-TRANSFORMER 
READ-ONLY MEMORY. 

L-type antenna See INVERTED-L ANTENNA. 

L-type voltage regulator A simple voltage regula- 
tor containing a series current-limiting resistor 
and shunt regulator (zener diode, VR tube, volt- 
age-dependent resistor, etc.). The schematic 
representation resembles an inverted capital 
letter L. 


Unreg 


L-type voltage regulator 


It-yr Abbreviation of LIGHT-YEAR. 

Lu Symbol for LUTETIUM. 

Lucalox General Electric’s translucent ceramic; its 
chief constituent is polycrystalline alumina. The 
material has many applications in electro-optics. 

Lucite Trade name for METHYL METHACRYLATE 
RESIN. 

Luddites During the Industrial Revolution, people 
who sabotaged automated factory equipment be- 
cause they believed the machines would put 
them out of work. The word comes from the name 
of Ned Ludd, their supposed leader. The term is 
sometimes applied nowadays to people who fear 
computers, robots, and other technological inno- 
vations because of real or imagined threats to 
personal job security. 

LUF Abbreviation of LOWEST USABLE FRE- 
QUENCY. 

lug 1. A contact attached to the end of a wire lead 
to facilitate connection to a binding post. 2. A 
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contact attached to a terminal strip, to which 
wire leads are soldered. 

lum Abbreviation of LUMEN. The preferred (SI) 
form is Im. 

lumen Abbreviation, lm, and sometimes | or lum. 
The SI unit of luminous flux; it is equal to the 
light that is emitted in one steradian (the unit 
solid angle) by a uniform point source of one can- 
dela. Also see CANDLE POWER, ILLUMINANCE, 
LUMINOUS INTENSITY, SOLID ANGLE, and 
STERADIAN. 

lumen-hour Abbreviation, Im-hr. The amount of 
light that a source having a luminous flux of one 
LUMEN delivers in a time period of one hour. 

luminaire A complete and self-contained lighting 
system, for television-studio use or photographic 
use. The kit includes all of the needed parts and 
accessories. 

luminance The amount of light emitted or scat- 
tered by a surface. This property is expressed in 
candelas per square meter (cd /m?). 

luminance channel In a color television circuit, 
the channel that processes the Y SIGNAL. 

luminance signal See Y SIGNAL. 

luminescence The production of visible light, but 
not heat, by a material stimulated by radiation or 
electron bombardment. See ELECTROLUMINES- 
CENT CELL and LUMINESCENT SCREEN. 

luminescent cell See ELECTROLUMINESCENT 
CELL. 

luminescent screen A cathode-ray tube whose 
screen is coated with a material that glows under 
the influence of ionizing radiation, X rays, or elec- 
tron beams. 

luminiferous ether See ETHER, 1. 

luminosity The luminous efficiency of radiant en- 
ergy, as given by the ratio of luminous flux to ra- 
diant flux (lumens per watt) for a specific 
wavelength. 

luminosity factor Abbreviated K, and expressed in 
lumens per watt. The luminous intensity divided 
by the actual radiant intensity at a given wave- 
length of visible light. 

luminous energy The energy in visible electromag- 
netic radiation. 

luminous flux The rate of transfer or flow of lumi- 
nous energy. 

luminous intensity Luminous flux through a unit 
solid angle, expressed in candelas. Also see CAN- 
DELA. 

lumistor An amplifier or coupling device in which 
the input signal varies the brilliance of a lamp, 
electroluminescent cell, or light-emitting diode, 
and a photocell (or other light-sensitive device) 
picks up the fluctuating light and uses it to mod- 
ulate an output current. In a compact lumistor, 
the light-emitting and light-sensing components 
are separate layers in a wafer or block of material. 
Compare LIGHT AMPLIFIER. 

lumped Pertaining to a property that is concen- 
trated at or around a single point, rather than be- 
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ing distributed through a circuit (e.g., lumped ca- 
pacitance and lumped inductance). 

lumped capacitor See DISCRETE CAPACITOR. 

lumped component A discrete component (i.e., 
one that is self-contained). Compare DISTRI- 
BUTED COMPONENT. 

lumped constant The total value of any single 
electrical property in an electrical or electronic 
component. 

lumped-constant delay line A delay line having dis- 
crete capacitance and inductance components. 
Compare DISTRIBUTED-CONSTANT DELAY LINE. 

lumped impedance A reactance and/or resistance 
manifested in a definite location. Examples are 
ordinary components, such as capacitors, induc- 
tors, and resistors. 

lumped inductor See DISCRETE INDUCTOR. 

lumped parameter Any circuit parameter that can 
be considered as a discrete parameter—even if it 
is not made up of a single component. 

lumped resistor See DISCRETE RESISTOR. 

lutetium Symbol, Lu. A metallic element of the 
rare-earth group. Atomic number, 71. Atomic 
weight, 174.967. 

lux The unit of illuminance, equivalent to one LU- 
MEN per square meter. 

Luxemberg effect The generation of interference 
by cross-modulation of two or more signals 
whose paths intersect in the same region of the 
ionosphere. 

luxmeter A device for measuring visible illumi- 
nance. 

LV Abbreviation of LOW VOLTAGE. 

LVDT Abbreviation of LINEAR VARIABLE DIFFER- 
ENTIAL TRANSFORMER. 

Lw Symbol for LAWRENCIUM; more commonly Lr. 

Ix Abbreviation of LUX. 

Lx band A section of the L BAND that extends from 
950 MHz to 1.15 GHz. 

Ly band A section of the L BAND that extends from 
725 to 780 MHz. 

Lz band A section of the L BAND that extends from 
1.450 to 1.550 GHz. 

LZT Abbreviation of LEAD ZIRCONATE-TITANATE, 
a ceramic used in electronics. 
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M 1. Abbreviation of prefix MEGA-. 2. Symbol for 
MUTUAL INDUCTANCE. 3. Symbol for MODI- 
FIED INDEX OF REFRACTION. 

m 1. Abbreviation of prefix MILLI-. 2. Symbol for 
MASS. 3. Abbreviation of METER. 4. Abbrevia- 
tion of MILE. (Also, mi.) 5. Symbol for MODULA- 
TION COEFFICIENT. 

m? Abbreviation of square meter, the SI unit of 
area. 

m3 Abbreviation of cubic meter, the SI unit of vol- 
ume. 

MA 1. Abbreviation of MAGNETIC AMPLIFIER. 
(Also, magamp.) 2. Abbreviation of MEGAMPERE. 

mA Abbreviation of MILLIAMPERE. 

Mache unit A unit of radioactivity equivalent to 
13.47 disintegrations per second (3.64 x 1071 
curie) per liter. It represents the concentration of 
radon gas per liter (when all radiation is ab- 
sorbed) that will result in a saturation current of 
10% esu (not to be confused with MACH NUM- 
BER). 

machine address See ABSOLUTE ADDRESS. 

machine code See MACHINE LANGUAGE. 

machine cycle In a machine whose operation is 
periodic, a complete sequence constituting a pe- 
riod of operation. 

machine error In a computer or data-processing 
system, an error attributable to a hardware fail- 
ure, rather than to a software fault. 

machine instruction A computer program in- 
struction written in MACHINE LANGUAGE. 

machine knowledge General term for data stored 
in an artificially intelligent computer system, and 
the ability of the computer to use that data in 
meaningful ways. 


machine language Computer program instruc- 
tions and data represented in binary form. In the 
hierarchy of programming languages, it is the 
lowest; the computer works directly with it. All 
high-level languages are translated to machine 
language by an assembler, compiler, interpreter, 
or monitor system. 

machine learning In artificial intelligence, a com- 
puter's ability to learn through repeated calcula- 
tions for particular problems. 

machine logic 1. The way that a computer’s func- 
tional parts are interrelated. 2. The facility 
whereby a computer solves problems. 

machine operation The performance by a com- 
puter of a built-in function (e.g., subtraction). 

machine operator A person participating in imple- 
menting and overseeing the processing of com- 
puter programs. 

machine word In computer operations, the ad- 
dress of a memory location composed of the full 
number of bits normally handled by each register 
of the machine. 

machining In industrial robotics, the mechanical 
modification of parts during assembly. Examples: 
drilling, welding, sanding, polishing, and paint- 
ing. 

Mach number For a medium such as air, the ratio 
of the speed of a body in motion to the speed of 
sound in the medium. (Not to be confused with 
MACHE UNIT.) 

macro 1. A control shortcut, in which a function 
requiring the actuation of several switches is ab- 
breviated, via a microcomputer, so that it can be 
executed by actuating only one or two switches. 
2. Abbreviation of MACROINSTRUCTION. 
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macro- Prefix denoting extremely large. Compare 
MICRO-. 

macro assembly program An assembly program 
whose source statements are translated to sev- 
eral machine-language instructions. 

macroinstruction A source program instruction 
that becomes several machine-language instruc- 
tions when operated on by a compiler. 

macroknowledge In artificial intelligence, knowl- 
edge in the large sense (i.e., knowledge about in- 
formation). Example: a set of definitions in an 
expert system. Compare MICROKNOWLEDGE. 

macroprogram A computer program consisting of 
macroinstructions. 

macrosonics The theory and applications of high- 
amplitude sound waves. 

madistor A component that produces changes in 
current by means of magnetic-field effects. It is 
used as an oscillator or amplifier. 

MADT Abbreviation of MICROALLOY DIFFUSED 
TRANSISTOR. 

MAG Abbreviation of MAXIMUM AVAILABLE GAIN. 

magamp Acronym for MAGNETIC AMPLIFIER. 

magazine A tape or film cartridge. 

magenta One of the primary pigments used in 
color printers. It has a pinkish-red hue. 

magnal CRT base An 11-pin base typical of many 
cathode-ray tubes. 

magnesium Symbol, Mg. A metallic element. 
Atomic number, 12. Atomic weight, 24.305. 

magnesium fluoride phosphor A substance used 
as a phosphor coating on the screen of a very- 
long-persistence cathode-ray tube. The fluores- 
cence and phosphorescence are orange. 

magnesium silicate phosphor A substance used 
as a phosphor coating on the screen of a cathode- 
ray tube. The fluorescence is orange-red. 

magnesium tungstate phosphor A substance 
used as a phosphor coating on the screen of a 
cathode-ray tube. The fluorescence is very light 
blue. 

magnet A device or body of material that has the 
ability to attract to itself pieces of iron and other 
magnetic metals, and the ability to attract or re- 
pel other magnets. Also see ELECTROMAGNET, 
PERMANENT MAGNET, and TEMPORARY MAG- 
NET. 

magnet armature See KEEPER. 

magnet battery A group of several magnets placed 
together in parallel (i.e., with similar poles touch- 
ing or resting nearby) to act as a single magnet. 

magnet charger A device that produces an intense 
magnetic field for restoring weakened magnets or 
for making new magnets. 

magnetic 1. Pertaining to MAGNETISM. 2. Pos- 
sessing MAGNETISM. 3. Capable of being magne- 
tized. 2. See MAGNETIC MATERIAL. 

magnetic air-gap A space between two magnetic 
poles, either the same (in which case the force is 
repulsive) or opposite (in which case the force is 
attractive). 
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magnetic amplifier An iron-core device that uses 
the principle of the saturable reactor to obtain 
amplification. In its simplest form, it consists of 
input and output coils wound on a core of 
square-loop magnetic metal. The input coil con- 
sists of two identical windings connected in 
series-opposition so that currents in the output 
winding cannot induce voltage in the input wind- 
ing. The output coil is connected in series with a 
load and an alternating-current (ac) supply. A 
small ac signal applied to the input winding 
causes a large change in the impedance of the 
output winding and, therefore, a large change in 
the voltage across the load. 


dc U 
control-signal 
input 


magnetic amplifier 


magnetic analysis See MASS SPECTROMETER. 

magnetic attraction 1. The force that causes a 
magnetic pole to draw to itself an opposite mag- 
netic pole. Thus, a north pole attracts a south 
pole, and a south pole attracts a north pole. Com- 
pare MAGNETIC REPULSION. 2. The force that 
causes a magnetic pole to draw to itself a piece of 
magnetic material, such as iron or steel. 

magnetic axis A straight line joining the poles of a 
magnet. 

magnetic bearing The azimuth, or compass direc- 
tion, measured with respect to magnetic north 
(the direction of the north geomagnetic pole). It is 
usually expressed in degrees and can be read di- 
rectly from a compass. 

magnetic azimuth An azimuth bearing relative to 
magnetic north (the direction of the north geo- 
magnetic pole). 

magnetic balance An instrument for measuring 
the force, either attractive or repulsive, between 
two objects that are magnetized, or between a 
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magnet and a magnetic substance. The device 
can also be used for measuring the intensity of a 
magnetic field, either from a permanent magnet, 
an electromagnet, or from the earth. 

magnetic bias A steady magnetic force applied to 
another magnetic field to set the latter's quies- 
cent point (e.g., sensitizing a relay by using a per- 
manent magnet to lower the relay draw-in point). 

magnetic blowout 1. The extinction of an electric 
arc by a strong magnetic field. 2. The apparatus 
for accomplishing the action described in 1. 

magnetic bottle A container envisioned for atomic 
fusion reactions, and that would consist of a 
magnetic field. Conventional containers cannot 
withstand the extremely high temperatures in- 
volved in atomic fusion. 

magnetic braking See 
BRAKING. 

magnetic bridge An instrument comparable to the 
WHEATSTONE BRIDGE, used to measure mag- 
netic permeability. 

magnetic bubble memory See BUBBLE MEM- 
ORY. 

magnetic capacity The maximum magnetization a 
given material can receive. 

magnetic card A computer storage medium in the 
form of a card that can be selectively magnetized 
or imprinted with magnetic ink to represent data. 

magnetic cartridge A variable-reluctance phono- 
graph pickup. As the stylus moves in the groove, 
the vibrations are translated into electric cur- 
rents by a magnet and coil. 

magnetic centering Centering the beam in a tele- 
vision picture tube by means of an electromag- 
netic focusing coil, a permanent magnet, or both. 

magnetic character A letter, numeral, or other 
symbol written or printed in (visible) magnetic ink 
for its automatic sensing or reading in computing 
and signaling operations. 

magnetic circuit The closed path determined by a 
line of magnetic flux or by a set of lines of flux. 

magnetic clutch A clutch in which the magnetism 
of one rotating member causes a second member 
to lock in and rotate. There need not be physical 
contact between the two. 

magnetic coil The winding in an electromagnet or 
similar device. 

magnetic compass A direction-indicating device 
using a horizontally suspended magnetic needle 
as the indicator. The needle tends to point in the 
direction of the north geomagnetic pole. Com- 
pare GYROCOMPASS. 

magnetic component See ELECTROMAGNETIC 
COMPONENT. 

magnetic conductivity See PERMEABILITY. 

magnetic constant The absolute permeability of 
free space. It is approximately 1.26 x 10° H/m. 

magnetic controller A controller that uses electro- 
magnets for some of its functions. 

magnetic core The iron core of an electromagnet, 
choke, transformer, relay, or similar device. 


ELECTROMAGNETIC 


magnetic coupling See INDUCTIVE COUPLING. 

magnetic course In navigation, a course refer- 
enced to geomagnetic north, rather than geo- 
graphic north. 

magnetic crack detector See ELECTROMAG- 
NETIC CRACK DETECTOR. 

magnetic creeping A gradual increase in the mag- 
netization of a material under the influence of a 
steady magnetizing force. 

magnetic cycle 1. For a material in an alternating 
magnetic field, the change in magnetic flux as a 
function of time. 2. The change in the magnetic- 
field polarity of the earth. This polarity reverses 
every few thousand years. 

magnetic damping The production of a damping 
effect or drag in a machine or meter by means of 
magnetic action on a moving member, in accor- 
dance with LENZ’S LAW. 

magnetic declination See DECLINATION. 

magnetic deflection See ELECTROMAGNETIC 
DEFLECTION. 

magnetic density The concentration of magnetic 
flux in a region, expressed as the number of lines 
per unit area of cross section. 

magnetic dip At a particular location on the 
earth’s surface, the angle between the terrestrial 
magnetic field and a horizontal line. 

magnetic dipole 1. A molecule or particle with a 
north and south magnetic pole. 2. Any pair of ad- 
jacent north and south magnetic poles. 

magnetic direction finder Abbreviation, MDF. A 
type of compass operated by an electric signal de- 
livered by a gyrostabilized magnetic-compass 
movement. 

magnetic disk A rotating disk coated with a layer 
of magnetic material for the recording, storage 
and retrieval of information. They are available in 
various sizes, configurations, and storage capaci- 
ties. Commonly used with personal computers. 
Also see DISKETTE and HARD DISK. 

magnetic doublet See DOUBLET, 2. 

magnetic drive A device in which mechanical 
movement is conveyed from one moving part to 
another by means of a magnetic clutch. 

magnetic drum See DRUM. 

magnetic effect of electric current The presence 
of a magnetic field around a conductor carrying 
electric current. 

magnetic equator Also called geomagnetic equator. 
An imaginary circle around the earth, along which 
a magnetic needle shows no dip. It is near, but 
slightly displaced from, the geographic equator, 
and is midway between the geomagnetic poles. 

magnetic feedback Feedback by means of induc- 
tive coupling between the output and input cir- 
cuits of a system. It can be positive or negative. 

magnetic field The space around a magnetic pole 
or magnetized body in which magnetic energy 
acts. 

magnetic field intensity See MAGNETIC INTEN- 
SITY. 
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magnetic field strength See MAGNETIC INTEN- 
SITY. 

magnetic-field viewer A device for visually exam- 
ining a magnetic field. It consists of a clear plas- 
tic watchcase filled with iron-oxide particles in 
liquid suspension. When it is placed within a 
magnetic field, the particles align themselves in 
the direction of the magnetic lines of flux. 

magnetic-film memory A magnetic memory in 
which memory cells consist of a thin film (thick 
film in some instances) of a magnetic material de- 
posited on a substrate. Information is written into 
and read out of the cell through coils. Also called 
thin-film memory. 

magnetic flip-flop A bistable multivibrator using 
magnetic amplifiers or square-loop cores in place 
of transistors. 

magnetic flux The intensity of a magnetic field 
through a given area. The unit of magnetic flux is 
the weber, and the symbol is F. It can loosely be 
expressed as the number of lines passing through 
a region of a certain area or of a unit area, such 
as one square meter. See FLUX. 

magnetic flux density See FLUX DENSITY. 

magnetic flux linkage The passage of magnetic 
lines of flux through separate materials or cir- 
cuits, thereby coupling them magnetically. 

magnetic focusing See ELECTROMAGNETIC FO- 
CUSING. 

magnetic force The force exerted by a magnet on a 
body of magnetic material, or on another magnet, 
within its field. 

magnetic friction 1. See HYSTERESIS, 1. 2. The 
resistance experienced by a magnetic material 
moving in a magnetic field. 
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magnetic gap A space separating the materials in 
a magnetic circuit. This break is either an air 
space or one filled with a comparatively thin piece 
of nonmagnetic material (e.g., the gap in a choke- 
coil core). 

magnetic head See MAGNETIC PICKUP HEAD 
and MAGNETIC RECORDING HEAD. 

magnetic hysteresis See HYSTERESIS, 1. 

magnetic inclination See MAGNETIC DIP. 

magnetic induction 1. The magnetization of a 
magnetic material, such as iron or steel, when it 
is placed in a magnetic field. 2. The induction of 
an alternating voltage in a conductor by a nearby 
alternating magnetic field. Also see ELECTRO- 
MAGNETIC INDUCTION. 

magnetic ink Writing or printing ink that is a sus- 
pension of finely divided particles of magnetic 
material. Also see MAGNETIC CHARACTER. 

magnetic instability 1. The tendency of a mag- 
netic recording medium to deteriorate with time. 
2. Any fluctuation in the intensity of a magnetic 
field. 

magnetic intensity The free-space strength of a 
magnetic field at a particular point. Specifically, 
the force (in dynes) that the magnetic field would 
exert on a unit magnetic pole placed at that point. 

magnetic iron oxide See MAGNETITE. 

magnetic leakage The usually undesired exten- 
sion of magnetic flux beyond the confines of a 
magnetic body, such as the core of a choke. 

magnetic lens See ELECTROMAGNETIC LENS. 

magnetic line of flux See LINE OF FLUX, 2. 

magnetic load An electromagnetic device operat- 
ing on the output of an electrical source. Such de- 
vices include actuators, alarms, electromagnets, 
magnetic tapes and disks, relays, and loudspeak- 
ers. 

magnetic loudspeaker See MAGNETIC SPEAKER, 
1, 2. 

magnetic material 1. A material, such as mag- 
netite, that exhibits natural magnetism. 2. A ma- 
terial, such as iron or steel, that is capable of 
being magnetized. 

magnetic media Any medium that stores data as 
tiny magnetic fields; in particular, MAGNETIC 
DISK or MAGNETIC TAPE. 
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magnetic memory 1. See RETENTIVITY. 2. A dig- 
ital memory circuit using magnetic fields to store 
data bits. Example: BUBBLE MEMORY. 

magnetic meridian The circle of the celestial 
sphere that passes through the zenith and 
earth's magnetic poles. 

magnetic mine A naval mine detonated by a mag- 
netic switch that is closed by the proximity of the 
steel hull of a ship. 

magnetic modulator A core-type device that is 
somewhat similar to a magnetic amplifier used 
for amplitude modulation. Modulating current 
passes through the control winding, and the car- 
rier current through the output winding. 

magnetic moment Unit, joule per tesla. For a 
magnet, the product of pole strength and the dis- 
tance between poles. 

magnetic needle The pivoted magnetic pointer in 
a magnetic compass. 

magnetic north See NORTH MAGNETIC POLE. 

magnetic oxide Iron oxide used as the sensitive 
coating of magnetic recording tape. 

magnetic pickup 1. A phonograph pickup of the 
variable-reluctance type (see VARIABLE-RELUC- 
TANCE PICKUP). 2. A magnetic transducer (such 
as a phono cartridge, tape recording head, or 
similar input element). 

magnetic-pickup head In a tape recorder, the 
transducer that receives up magnetic impulses 
from the passing tape and converts them into al- 
ternating currents. These currents are amplified 
to obtain the original sound. Compare MAG- 
NETIC RECORDING HEAD. 

magnetic-plate wire Wire in which a magnetic 
metal has been plated on top of a nonmagnetic 
metal. 

magnetic poles 1. The points in a MAGNET at 
which the magnetic lines of flux converge. 2. The 
points on the earth at which the geomagnetic 
lines of flux converge. See NORTH MAGNETIC 
POLE and SOUTH MAGNETIC POLE. 

magnetic pressure See MAGNETOMOTIVE 
FORCE. 

magnetic printing 1. Also called magnetic print- 
through. In a recording material, such as mag- 
netic tape, the transfer of information from one 
part of the material to another part (or from one 
medium to another) by the magnetic field of the 
recorded material. This phenomenon, which is 
also called PRINT-THROUGH, sometimes occurs 
in recording tape on a reel. 2. Conventional 
lithography, letterpress, or other reproduction 
process in which MAGNETIC INK is used. 

magnetic print-through See MAGNETIC PRINT- 
ING, 1. 

magnetic probe A loop or coil inserted in an elec- 
tromagnetic field to sample the magnetic compo- 
nent. See, for example, WAVEGUIDE PROBE. 
Compare ELECTRIC PROBE. 

magnetic recording 1. The recording of sounds or 
data by varying the magnetization of a medium, 


ÓN 
Aly 


Modulating 
waveform 
Tape 


————— 
Motion of tape 


magnetic recording 


such as a magnetic disk or tape. 2. A magnetic 
medium on which data has been recorded. 

magnetic recording head In a tape recorder, the 
transducer that receives current impulses 
(analogs of the original sound vibrations) from an 
amplifier and converts them into magnetic im- 
pulses that magnetize spaces on the passing 
tape. Compare MAGNETIC PICKUP HEAD. 

magnetic recording medium 1. A magnetic cylin- 
der, disk, drum, tape, or wire used in the record- 
ing of sound or data. 2. The sensitive material 
with which any of these is coated. 

magnetic relay A relay having a permanent mag- 
net in whose field a coil, bar, or reed moves to 
open or close a pair of contacts. 

magnetic remanence See RESIDUAL MAG- 
NETISM. 

magnetic repulsion The force that causes a mag- 
netic pole to push away a similar magnetic pole, 
although they are not in mutual contact. Thus, 
two north poles repel each other, and so do two 
south poles. Compare MAGNETIC ATTRACTION. 

magnetic-resonance accelerator See CYCLO- 
TRON. 

magnetics 1. Collectively, magnetic components 
and equipment. 2. Collectively, magnetic materi- 
als. 3. A branch of physics dealing with magnets 
and magnetism. 

magnetic saturation The condition in which a 
magnetic material passes all of the magnetic lines 
of flux that its permeability allows. Increasing the 
intensity of the magnetizing force will produce no 
increase in magnetization. 

magnetic scan See ELECTROMAGNETIC DE- 


FLECTION. 

magnetic screen See ELECTROMAGNETIC 
SHIELD. 

magnetic shield See ELECTROMAGNETIC 


SHIELD and MAGNETIC SHIELDING. 
magnetic shielding 1. Enclosing a magnetic field 
to confine its flux, thus preventing interaction 
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with outside bodies. 2. Devices (such as boxes, 
cans, or shells of iron, steel, or a magnetic alloy) 
used for the purpose described in 1. 

magnetic shift register A shift register using mag- 
netic flip-flops. 

magnetic shunt A device that allows the useful 
magnetic flux of an instrument's magnet to be 
controlled. The device consists of a piece of mag- 
netic material near the magnet in an electrical 
measuring instrument. 

magnetic south See MAGNETIC SOUTH POLE. 

magnetic speaker 1. A loudspeaker that is essen- 
tially an enlarged earphone with a horn that con- 
veys and intensifies the sound from the vibrating 
diaphragm. 2. A loudspeaker in which the vibra- 
tion of a diaphragm or reed in the field of a per- 
manent magnet is conveyed by a pin to a paper or 
composition cone. Compare DYNAMIC SPEAKER. 

magnetic storage 1. A data bank or memory that 
stores information in the form of magnetic fields. 
2. The data on a magnetic tape or disk. 

magnetic storm A disturbance in the earth's mag- 
netic field that typically follows a solar flare. Of- 
ten causes interference to radio communications 
at low, medium and high frequencies. 

magnetic strip A strip of powdered iron or ferrite 
on the back of an identification card, bank cash 
card, or credit card, that carries a code to identify 
the account number and verify that the secret en- 
try code (if any) is correct, or that the credit is 
good. 

magnetic susceptibility See SUSCEPTIBILITY. 

magnetic switch 1. In security systems, a switch 
kept open by the presence of a magnet attached 
to a door, window, or other movable object. When 
the object is moved, the magnet moves away from 
the switch, closing the switch and actuating an 
alarm. 2. A REED SWITCH operated by a mag- 
netic field. 

magnetic tape Plastic tape coated with a film of 
magnetic material; it can be magnetized along its 
length to record sounds, video signals, and com- 
puter information. 

magnetic-tape core A strip of magnetic metal 
wound spirally to create a toroid (donut) shape. 
Such construction is sometimes used in choke or 
transformer cores. Also see TOROID. 

magnetic tape deck See TAPE DECK. 

magnetic tape drive See TAPE TRANSPORT. 

magnetic tape head See MAGNETIC PICKUP 
HEAD and MAGNETIC RECORDING HEAD. 

magnetic tape library In a computer installation, 
the place where magnetic tape files are kept, or 
magnetic tape files and the records needed to uti- 
lize them. 

magnetic tape parity As a safeguard against los- 
ing information bits during the transfer of infor- 
mation between magnetic tape and a memory 
device, a technique in which an extra bit is gener- 
ated and added to characters under certain con- 
ditions, to make the output uniform temporarily. 
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Lack of uniformity in output then serves as an er- 
ror indicator. The original quantity is recovered 
by dropping the extra bit following a parity check. 

magnetic tape reader A tape deck for playing back 
data on magnetic tape. 

magnetic tape recorder A recorder-reproducer 
using magnetic tape. 

magnetic test coil See SEARCH COIL. 

magnetic thick film A film of magnetic material at 
least 10° meter in thickness, deposited on a sub- 
strate. Compare MAGNETIC THIN FILM. 

magnetic thin film A film of magnetic material, 
less than 10° meter in thickness, deposited on a 
substrate. Compare MAGNETIC THICK FILM. 

magnetic transducer A transducer that uses a 
coil, magnet, or both, to convert displacement 
into variable magnetic fields or electric currents. 
Common varieties are the inductance type, trans- 
former type, and generator type. Compare 
CAPACITIVE TRANSDUCER, CRYSTAL 
TRANSDUCER, and INDUCTIVE TRANSDUCER. 

magnetic tuning In a microwave oscillator, a 
means of tuning in which a ferrite rod in the cav- 
ity resonator is made to have adjustable magneti- 
zation so that the resonant frequency of the 
cavity varies and the frequency of the oscillator is 
thus adjustable. It is also used at ultra-high fre- 
quencies (UHF) and occasionally at very-high fre- 
quencies (VHF). 

magnetic-vane meter See IRON-VANE METER. 

magnetic vector In an electromagnetic field, the 
vector representing the magnetic component. It is 
perpendicular to the electric vector. 

magnetic viscosity A property of certain materi- 
als, described in terms of the time required to 
magnetize a given substance to a specified level. 

magnetic whirl One of the circular magnetic lines 
of flux around a straight conductor that carries 


electric current. 
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magnetic wire The thin wire used in wire record- 
ing and playback. See WIRE RECORDER. 

magnetism The property of having or causing a 
magnetic field. It occurs when magnetic dipoles 
are aligned and when electric charge carriers are 
in motion. 

magnetite A natural magnetic oxide of iron. Also 
called LODESTONE. 

magnetization curve A curve depicting the mag- 
netization of a material versus the applied mag- 
netizing force. See, for example, HYSTERESIS 
CURVE. 

magnetizer A device for magnetizing magnetic ma- 
terials, as in the making of permanent magnets. 
Also see MAGNET CHARGER. Compare DEMAG- 
NETIZER. 

magnetizing current 1. A current that sets up a 
magnetic field of useful intensity. 2. The half- 
cycle of an alternating current or the polarity of a 
direct current flowing through a coil wound ona 
permanent magnet (as in a headphone, perma- 
nent-magnet loudspeaker, or polarized relay) that 
increases magnetic field strength. Compare DE- 
MAGNETIZING CURRENT. 3. The field current of 
a dynamo. 

magnetizing force 1. Magnetomotive force (in 
gilberts) divided by spatial distance (in meters). 2. 
The intensity of a magnetic field that causes a 
material to become magnetized. 

magnet keeper See KEEPER. 

magnet meter See MAGNET TESTER. 

magnet motor See PERMANENT-MAGNET MOTOR. 

magneto See PERMANENT-MAGNET GENERATOR. 

magnetocardiogram Abbreviation, MCG. A record, 
made by a MAGNETOCARDIOGRAPH, of the pul- 
sating magnetic field of the heart. It is used as a 
diagnostic aid. 

magnetocardiograph An instrument that pro- 
duces a record of the pulsating magnetic field 
generated around the torso by natural ion cur- 
rents in the heart. 

magnetoelectric generator See MAGNETOGEN- 
ERATOR. 

magnetofluid mechanics See MAGNETOHYDRO- 
DYNAMICS. 

magnetofluidynamics See MAGNETOHYDRODY- 
NAMICS. 

magnetogasdynamics See MAGNETOHYDRODY- 
NAMICS. 

magnetoionic duct A propagation path for radio 
waves between two points that have the same 
geomagnetic longitude on the surface of the 
earth. The radio waves tend to travel with the ge- 
omagnetic lines of flux at some frequencies under 
certain conditions. 

magnetoionics The study of the effects of the geo- 
magnetic field on the propagation of radio waves. 

magnetogenerator See PERMANENT-MAGNET 
GENERATOR. 

magnetograph An instrument for automatically 
recording a magnetic field. 
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magnetohydrodynamic generator A device using 
magnetohydrodynamic principles to generate 
electric power directly from gases. In the genera- 
tor, a hot gas is passed through an intense mag- 
netic field; a pair of collector plates picks up 
electrons from the ionized gas. 

magnetohydrodynamic gyroscope A gyroscope 
whose spin is obtained by a rotating magnetic 
field circulating a conducting fluid, such as mer- 
cury, around a closed loop. Also see MAGNETO- 
HYDRODYNAMICS. 

magnetohydrodynamic power generator See 
MAGNETOHYDRODYNAMIC GENERATOR. 

magnetohydrodynamics Abbreviation, MHD. The 
theory and application of phenomena produced 
by electrically conductive fluids and gases in elec- 
tric and magnetic fields. 

magnetometer An instrument for measuring the 
strength and direction of magnetic fields. 

magnetomotive force Abbreviation, mmf. Unit, 
ampere. The phenomenon that is sometimes de- 
scriptively called magnetic pressure. It is analo- 
gous to electromotive force (and to water 
pressure) and is the agent that produces a mag- 
netic field. 

magneton See BOHR MAGNETON. 

magneto-optical rotation The tendency of a mag- 
netic field to rotate the plane of polarization of 
light passing through a substance. Also see 
KERR MAGNETO-OPTICAL EFFECT. 

magneto-optical technology A computer data- 
storage technology that uses lasers to guide the 
read/write head in a magnetic disk drive. This 
greatly increases the amount of data that can be 
effectively stored on, and retrieved from, a mag- 
netic disk. 

magneto-optical valve See KERR MAGNETO- 


OPTICAL EFFECT. 

magnetopause The high-altitude limit of the MAG- 
NETOSPHERE. 

magnetoplasmadynamics See MAGNETOHYDRO- 
DYNAMICS. 


magnetoresistance The phenomenon whereby the 
resistance of a material, such as a semiconduc- 
tor, changes when it is exposed to a magnetic 
field. Also see MAGNETORESISTOR. 

magnetoresistor A material (such as bismuth 
wire, indium antimonide, or indium arsenide) 
whose resistance varies with the strength of a 
magnetic field in which it is placed. 

magnetosphere In the upper atmosphere, a region 
extending thousands of kilometers from the 
earth, in which charged particles are trapped by 
the earth's magnetic field. 

magnetostatic field A stationary magnetic field, 
such as that produced by a permanent magnet. 

magnetostriction The expansion or contraction of 
a bar or rod of magnetic material (such as Invar, 
Monel metal, Nichrome, nickel, or Stoic metal) in 
proportion to the strength of an applied magnetic 
field. Magnetostrictive vibration in such a rod is 
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comparable to piezoelectric vibration in a quartz 
crystal. 

magnetostriction filter See ULTRASONIC FIL- 
TER, 1. 

magnetostriction oscillator An oscillator whose 
frequency is controlled by a magnetostrictive rod 
(see MAGNETOSTRICTION). The dimensions of 
the rod and the type of metal it contains deter- 
mine its vibration frequency and, accordingly, the 
operating frequency of the oscillator. 
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magnetostrictive delay line A delay line in which 
the signal is propagated through a magnetostric- 
tive rod. Also see MAGNETOSTRICTION. 

magnetostrictive microphone A microphone in 
which sound vibrations produce changes in a 
magnetostrictive element, which, in turn, are 
converted into output-voltage changes. Also see 
MAGNETOSTRICTION. 

magnetostrictive transducer A transducer in 
which some phenomenon, such as vibration or 
pressure, produces changes in a magnetostriction 
element, which in turn are converted into output- 
voltage changes. Also see MAGNETOSTRICTION. 

magnet protector See KEEPER. 

magnetrode The trademark of a radio-frequency 
device for externally producing hyperthermia (el- 
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evated temperature) inside the body, as in heat- 
ing a cancerous tumor for therapeutic purposes. 

magnetron A microwave vacuum tube consisting 
of a diode (with a cylindrical anode) through 
which the field of a powerful external permanent 
magnet passes. The magnetic field causes elec- 
trons leaving the cathode to travel in spiral paths 
between the electrodes. This action gives the tube 
a negative-resistance characteristic, resulting in 
oscillation when the tube is connected in an ap- 
propriate circuit. Some magnetrons have a built- 
in resonant cavity. 
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magnet steel A high-retentivity alloy of chrom- 
ium, cobalt, manganese, steel, and tungsten, 
used in the manufacture of permanent magnets. 

magnet tester An instrument used to measure the 
flux of a magnet. Also see FLUXMETER. 

magnet wire Insulated wire (usually solid copper) 
of 14 to 40 gauge, so called because of its original 
major use in winding the coils of electromagnets. 

magnitude 1. General expression for degree, size, 
or extent. 2. Signal strength (amplitude). 3. For a 
number or vector quantity, the absolute value or 
length. 4. A measure of the relative or absolute 
brightness of celestial objects. 

mAh Abbreviation of milliampere-hour. 

main British expression for the alternating-current 
(ac) utility power available in a house or building. 

main bang 1. In a radar display, the pip or pulse 
resulting from the actual transmitted signal. This 
pulse is blanked out. 2. In a spectrum analyzer, 
the pip corresponding to a frequency of zero, and 
caused by the local oscillator. 

mainframe 1. The chassis containing the central 
processor and arithmetic and logic circuits for a 
large computer. 2. The general term for a large, 
powerful computer. 

main lobe Also called major lobe. In a directional 
antenna system, the portion of the directivity pat- 
tern representing the greatest transmitted signal 
gain and/or the greatest received signal re- 
sponse. Also see MINOR LOBE, SIDE LOBE. 

main memory The principal (immediate process) 
memory unit in a digital computer or data- 
processing system. 
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main path Ina computer program, the sequence of 
instruction execution disregarding the execution 
of subroutines. 

main program The part of a computer program 
other than a subroutine. 

main routine See MAIN PROGRAM. 

mains 1. In a power-distribution center, the lines 
that supply the entire system. An example is the 
set of lines leading into a house. 2. The utility wires 
and associated outlets in a house or building. 

maintenance The process of keeping a system, cir- 
cuit, or component in operating condition, with 
minimal down time. 

maintenance routine A computer program used 
by computer service personnel for diagnosis dur- 
ing a regular service interval. 

major beats The principal beats produced in a 
beat-note system; they are usually the sum 
and/or difference of two fundamental frequen- 
cies. Compare MINOR BEATS. 

major face In a hexagonal quartz crystal, one of 
the three larger faces. Compare MINOR FACE. 

majority carrier The predominant charge carrier 
in processed semiconductor material. Electrons 
are the majority carriers in n-type material; holes 
are the majority carriers in p-type material. Com- 
pare MINORITY CARRIER. 

majority logic A logic gate in which the output is 
high whenever the majority of its inputs is high, 
regardless of which inputs are high. Thus, in a 
five-input gate of this type, the output is high 
when any three or more of the inputs are high. 

major lobe See MAIN LOBE. 

major loop The principal path for the circulation of 
information or control signals in an electronic 
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system (e.g., major feedback loop). Compare MI- 
NOR LOOP. 

make 1. The closing of a pair or set of contacts. 
2. To close a pair or set of contacts. 

make-before-break contacts A pair of contacts in 
which the movable arm closes with the next con- 
tact before breaking with the previous one. Com- 
pare BREAK-BEFORE-MAKE CONTACTS. 

make time The time required for a relay to latch 
completely, or for a switch (either mechanical or 
electronic) to close completely. Compare BREAK 
TIME. 

male plug A plug having one or more protruding 
contacts in the form of pins, blades, or prongs. 
Compare FEMALE PLUG and HERMAPHRO- 
DITIC PLUG. 


male plug 


Malter effect The tendency for a layer of semicon- 
ductor having a high secondary emission ratio to 
become positively charged when bombarded by 
electrons. This occurs when a thin insulator sep- 
arates the semiconductor from a metal plate. The 
insulator must be very thin (on the order of 107” 
meters). This results in a potential difference of 
up to about 100 volts. 

manganese Symbol, Mn. A metallic element. 
Atomic number, 25. Atomic weight, 54.938. 

manganese-dioxide depolarizer In a dry cell, 
manganese dioxide mixed with powdered carbon, 
the mixture being a depolarizing agent. Also see 
DEPOLARIZER. 

manganin A low-temperature-coefficient alloy 
used in making wire for precision resistors. A typ- 
ical composition is: copper (84 percent), man- 
ganese (12 percent), and nickel (4 percent). 

manipulator A robot arm and end effector, as used 
in mechanical processes. 

man-made interference See HUMAN-MADE IN- 
TERFERENCE. 

man-made static See HUMAN-MADE INTERFER- 
ENCE. 

manometer An instrument for measuring gas or 
vapor pressure—especially at low levels. 

manpack A portable radio transceiver that can be 
used while walking. 

mantissa 1. The portion of a logarithm to the right 
of the decimal point. Thus, in 3.952502 (logio 
8964), the mantissa is 0.952502. 2. The fixed 
point part of a number in scientific notation; 
thus, in 4 x 10°, the mantissa is 4. 

manual 1. Actuated or operated directly by me- 
chanical means, rather than automatically. 2. A 
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book, or a set of online information files, detailing 
the operation and maintenance procedures for a 
device or system. 

manual input Use ofa keyboard, mouse, trackball, 
or other electromechanical input device to enter 
data into a computer program or system. 

manual operation In data processing, an opera- 
tion in which automatic machines are not in- 
volved. 

manual telegraphy Telegraphy that consists sig- 
nals transmitted by a hand-operated key and 
recorded by hand (pen, pencil, or typewriter). 

manual tuning Tuning performed entirely by ad- 
justing variable circuit components by hand. 

manual word generator A device by which an op- 
erator can originate information words for input 
into computer memory. 

manufacturing automation protocol In a factory 
using computer-controlled robots, the set of stan- 
dards for data communication between the 
robots and the controller and /or between individ- 
ual robots. It keeps the factory operating 
smoothly. 

MAR Abbreviation of MEMORY-ADDRESS REGIS- 
TER. 

Marconi antenna A quarter-wave radio transmit- 
ting or receiving antenna operated against an 
earth ground. 

Marconi effect The undesired tendency of an en- 
tire receiving antenna system, including lead-in 
or feeders, to act as a MARCONI ANTENNA. 

margin 1. A gap or space between two objects, 
such as adjacent plates of a capacitor. 2. Clear- 
ance. 3. The maximum error that can be tolerated 
without risk of improper or abnormal operation. 
4. In a teletypewriter, the range of adjustments in 
which the error frequency is acceptable. 

marginal relay A relay having a small difference 
between its on and off currents or voltages. 

marginal test As performed on equipment in a 
computer installation, a test to either determine 
the cause of an intermittent malfunction, or ver- 
ify an equipment’s operating tolerances. 

marine broadcast station A coastal station that 
broadcasts information of interest to shipping: 
time, weather, ocean currents, etc. 

marine radio Radio communications between 
seagoing vessels or between vessels and shore 
stations. 

marine radiobeacon station A land-based radio- 
navigation station whose transmitted signals are 
used for taking bearings. 

mariner’s compass See MAGNETIC COMPASS. 

mark 1. In telegraphy, the dot or dash portion of a 
character, as opposed to the dead space between 
such portions. 2. The intelligence part of a simi- 
lar signal (such as sound, light, etc.). 3. The high 
(logic 1) state represented by a binary bit, as op- 
posed to the low (logic O) state. 4. A character 
identifying the end of a data set. Also called 
MARKER (see MARKER, 2). 
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marker 1. A pip that indicates a particular fre- 
quency on a response curve displayed on an os- 
cilloscope screen. 2. A character that identifies 
the end of a data set. Also called MARK (see 
MARK, 4). 

marker beacons Individual coded-signal transmit- 
ters placed along a radio range and indicating 
features of the course marked by them. 

marker frequency 1. A known frequency that can 
be used to identify a spot-frequency harmonic of 
a frequency-standard signal. 2. A known accu- 
rate signal used to identify the limit of a radio 
band. 3. The frequency at some point on a re- 
sponse curve as identified by a marker pip (see 
MARKER). 

marker generator An oscillator that supplies a 
marker pip (see MARKER). 

mark hold In telegraphy, an unmodulated signal 
meaning information is not being sent. 

mark reading The reading by an optical scanning 
device of marks made in specific areas of a docu- 
ment; the process also includes the marks’ con- 
version to digital signals for input to a computer. 

mark scanning See MARK READING. 

mark sensing A process similar to MARK READ- 
ING, except that the marks are sensed electri- 
cally. 

marker trap A wave trap that supplies a dip-type 
marker pip when used in conjunction with a ra- 
dio-frequency test oscillator (see MARKER). 

market scanner Also called bar-code reader. A de- 
vice that scans a black-bar binary label printed 
on a carton or other package (or magazine), and 
indicates the price of the merchandise on the 
readout of the checkout register. 

mark-to-space ratio In radiotelegraphy, the ratio 
of the duration (mark) of a dot to the interval 
(space) between successive dots. 

Marx generator An impulse-type high-voltage 
direct-current generator circuit in which several 
capacitors are charged in parallel through a high- 
resistance network. When the capacitor voltage 
reaches a critical high value, discharge occurs in 
series through spark gaps, producing a high- 
voltage pulse for each discharge. 

maser A low-noise microwave amplifying device in 
which a microwave input signal causes high- 
energy-state molecules of ammonia or ruby to fall 
to the low-energy state and, as a result, to emit 
large amounts of energy as an output signal. The 
name is an acronym for microwave amplification 
by stimulated emission of radiation. 
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mask 1. A kind of stencil through which plating, 
electrodeposition, or diffusion can be done. 
2. The viewing screen, or GRATICULE, of an oscil- 
loscope. 3. To obliterate a signal with a stronger 
one. 4. A bit or character pattern used to change 
or extract bit positions in another pattern. 

masking 1. The use of a MASK of any type. 2. The 
tendency of one effect or phenomenon to obscure 
another. It applies especially in audio systems, 
where certain sounds impair the ability of a lis- 
tener to hear other sounds that occur at the same 
time. 3. The extent to which one effect or phe- 
nomenon obscures another. 

Masonite Masonite Corporation's tough fiberboard 
used for panels and bases of some electronic 
equipment. 

mass The quantity of matter in a body. Like weight, 
mass is expressed in kilograms in the metric (SI) 
system and in pounds in the English system. For 
a given piece of material, mass can be determined 
by dividing the weight by the acceleration of grav- 
ity. 

mass data Data in excess of the maximum amount 
that can be stored in the main (internal) storage 
unit of a digital computer (i.e., that which can 
only be accommodated by external media such as 
magnetic disks or tapes). 

mass-energy equation Energy (E) is the product of 
a given mass (m) and the square of the speed of 
light (c: E = mæ. It is also called the Einstein 
equation. 

mass number 1. Symbol, A. A number represent- 
ing the total of neutrons and protons in the nu- 
cleus of an atom. The approximate mass of an 
atom is equal to A x m,, where m, is the total pro- 
ton (rest) mass. 2. The number indicating the 
sum of nuclear protons and neutrons in an atom. 
It is usually written following the symbol for the 
atom: thus, U238 is uranium having 238 nucle- 
ons. An isotope of an element will have a different 
mass number than that of the normal atom. 

mass of electron at rest Symbol, me. The amount 
of matter in an electron; me 9.1093897 x 
10°! kg. 

mass of neutron at rest Symbol, m,. The mass of 
a neutron in the nucleus of an atom; m, 
1.6749286 x 10°?’ kg. 

mass of proton at rest Symbol, m,. The mass 
of a proton in the nucleus of an atom; my 
1.6726231 x 10°?’ kg. 

mass resistivity 1. The resistance of a wire one 
meter long having a mass of one gram. It varies, 
depending on the composition of the wire. 2. The 
resistance of a wire one mile long having a weight 
of one pound. It varies, depending on the compo- 
sition of the wire. 

mass spectograph An instrument used to ana- 
lyze chemical compounds and mixtures in 
terms of their distinctive mass spectra, exhib- 
ited by ionized samples of the materials in a 
magnetic field. 
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mass spectrometer Abbreviation, MS. An instru- 
ment that permits rapid analysis of chemical 
compounds via the MASS SPECTRUM. 

mass spectrum An electron spectrum that can be 
used to identify a chemical element. Different ele- 
ments have nuclei with different charge-to-mass 
ratios. This results in each element having a 
unique mass spectrum. 

mass storage Ina computer system, a magnetic or 
optical storage medium capable of holding large 
amounts of data. Examples: magnetic diskette, 
magneto-optical diskette, external hard disk, 
compact-disk read-only memory (CD-ROM), and 
magnetic tape. 

mass unit See ATOMIC MASS UNIT. 

master 1. The primary or main element or device 
in a system. 2. A primary data medium or record- 
ing from which copies are made. 3. A primary 
reference standard. See the following several 
definitions. 

master clock 1. In a digital computer, the primary 
generator of timing pulses. 2. A standard time 
clock that drives other (slave) clocks, or to which 
clocks of lesser accuracy can be referred. 

master console In a computer system, an equip- 
ment with panel instruments and controls, which 
permits operations to be governed, monitored, 
and controlled by a human operator. 

master control 1. The main control circuit in a 
system. 2. A point from which signals or pro- 
grams are distributed in a communications or 
broadcast system. 

master data Also called archives. In a computer 
record, data elements that remain unaltered for a 
long time, and from which copies are made. 

master file A computer file of data used routinely 
and remaining unchanged for a long time. 

master gain control The principal gain control in 
an audio amplifier or mixer [i.e., the one used to 
adjust the gain (volume) of the entire system]. 

master instruction tape Magnetic tape on which 
various related computer programs are recorded. 

master library tape See MASTER PROGRAM FILE. 

master oscillator Abbreviation, MO. The main os- 
cillator in an electronic system (e.g., the oscillator 
stage in an oscillator-amplifier type of radio 
transmitter). This oscillator can be either self- 
excited or crystal-controlled. 

master oscillator-power amplifier Abbreviation, 
MOPA. A type of transmitter or signal generator 
in which a frequency-determining oscillator 
drives a power amplifier, which in turn delivers 
an output signal. Because the oscillator is iso- 
lated from the output load, this arrangement has 
greater stability than one in which the oscillator 
alone supplies power to the load. 

master pattern The etching pattern used for man- 
ufacture of a batch of identical printed-circuit 
boards. 

master program file A reel of magnetic tape on 
which is recorded the programs regularly used in 
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a data-processing installation. It is also called 
master library tape. 

master record In a data-processing system, the 
current record (usually stored on a disk or tape) 
that will be used for the next computer run. 

master relay A relay that operates other (slave) re- 
lays. Compare SLAVE RELAY. 

master station See KEY STATION. 

master switch A switch that can actuate or deac- 
tuate an entire installation or system. 

master tape 1. In sound recording and reproduc- 
tion, a magnetic tape that contains material from 
which other tapes and discs can be made. 2. In 
automation, a magnetic tape on which is 
recorded the basic signal sequence for controlling 
a process and other recorders. 3. In data pro- 
cessing, a magnetic tape that must not be erased. 

master volume control See MASTER GAIN CON- 
TROL. 

masurium See TECHNETIUM. 

MAT Abbreviation of MICROALLOY TRANSISTOR. 

match 1. To mate devices, signals, impedances, 
etc. for optimum compatibility in terms of signal 
transfer, equipment interfacing, and other opti- 
mizing qualities. 2. The condition of being com- 
patibly mated, physically or electrically. 

matched components Circuit components (capac- 
itors, coils, diodes, resistors, transistors, etc.) 
that are carefully selected for similar or particu- 
larly compatible operating characteristics. 

matched filter 1. A filter with input and output 
impedances matched to the input line and output 
load, respectively. 2. A filter designed for separat- 
ing a signal with a particular waveform from 
other signals and noise. 

matched impedance A usually non-reactive 
impedance that has the same value as that of an- 
other impedance with which it is operated. Maxi- 
mum power is transferred between impedances 
that are matched. 

matched load A purely resistive load, the im- 
pedance of which is the same as the character- 
istic impedance of the feed line. This results in 
optimum power transfer from the line to the load. 

matched pair A pair of matched components of- 
fered in a single package. 

matched transmission line A transmission line 
terminated in a purely resistive impedance whose 
value is identical to the characteristic impedance 
of the line. Such a line transfers all of its energy 
to its load without reflection; no standing waves 
are on the line. 

matching pad An inductance-capacitance (LC) 
network for matching the impedance of a load to 
the output impedance of a signal generator. 

matching stub See STUB. 

matching transformer An audio-frequency (AF) or 
radio-frequency (RF) transformer used to match 
one purely resistive impedance to another. 

matchtone A transistorized, single-frequency au- 
dio oscillator that can be used to monitor trans- 
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mitted radiotelegraph signals. The carrier wave 
from the transmitter is rectified by a small semi- 
conductor diode, whose direct-current output 
powers the oscillator. 

Mateucci effect The generation of a potential dif- 
ference in a helically wound, ferromagnetic wire 
when its magnetization fluctuates. 

mathematical check A test of the validity of the 
result of an arithmetic process (by using alternate 
methods, for example). 

mathematical logic 1. A branch of mathematics 
that involves the theoretical behavior of various 
systems of reasoning. 2. See BOOLEAN ALGE- 
BRA. 3. See DIGITAL LOGIC. 

mathematical model See MODEL, 2. 

mathematical subroutine Within a computer pro- 
gram, a subroutine serving as an arithmetic func- 
tion (i.e., one for performing an operation not 
integral to the monitor program). 

matrix 1. A high-speed switching or memory array 
used in counters and computers. 2. Generally, 
any two-dimensional array of objects. 3. A device 
for solving linear simultaneous equations, con- 
sisting of a rectangular array of coefficients. 

matrix printer See WIRE PRINTER. 

mat switch A form of PRESSURE SENSOR used in 
some security systems. When weight appears on 
the mat, switches close, actuating an alarm. 

matter The building material of the universe that 
occupies space and has mass that can be mea- 
sured. See, for illustration, ATOMIC THEORY and 
STATES OF MATTER. 

matter waves See DE BROGLIE WAVES. 

max Abbreviation of MAXIMUM. 

maxima Points along a curve at which a function 
reaches a local maximum value. Also see MAX- 
IMA AND MINIMA. 

maxima and minima 1. The loops and nodes of 
current or voltage on an antenna or transmission 
line. 2. The lobes and nulls in a directivity pat- 
tern. 3. The bright and dark bands in a visible- 
light interference pattern. 4. In radar reflections, 
regions of localized maximum and minimum 
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intensity. 5. The study and solution of maximum, 
minimum, and inflection points on the curve of a 
function. 

maximal flatness For an amplifier or network, the 
condition in which peaks are not present in the 
normal passband response. 

maximum Abbreviation, max. The highest value in 
a range or set. Also see MAXIMA AND MINIMA 
and PEAK. 

maximum available gain Abbreviation, MAG. The 
amplification provided by a circuit or device 
whose input and output impedances are correctly 
matched to source and load. 

maximum current 1. Symbol, Im or Imax: The high- 
est value reached by an alternating-current half- 
cycle or by a pulse current. Also called PEAK 
CURRENT. 2. The highest value of current in a 
series of current values. 

maximum power 1. Symbol, Pm or Pmax The high- 
est value of power that an equipment can be 
called upon to supply. 2. The highest value of 
power in a series of measurements or calcula- 
tions. 

maximum-power discharge current For a cell or 
battery, the current at which the greatest amount 
of power is delivered. 

maximum power output See MAXIMUM POWER, 
1. 

maximum power transfer The condition in which 
the largest amount of power is delivered by a 
source to a load. 

maximum power transfer theorem Maximum 
power is transferred from a generator to a load 
when the impedance of the load equals the inter- 
nal impedance of the generator. Compare COM- 
PENSATION THEOREM, NORTON’S THEOREM, 
RECIPROCITY THEOREM, SUPERPOSITION 
THEOREM, and THEVENIN’S THEOREM. 

maximum rating 1. The highest value of a quantity 
(e.g., current, voltage, or power) that can safely be 
used with a given device. 2. The highest value of a 
quantity afforded by a given device (e.g., maximum 
capacitance of a variable capacitor). 
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maximum record level 1. In a magnetic tape, 
magnetic disk, or phonograph disc, the highest 
amplitude of input signal that can be recorded 
with an acceptable amount of distortion. 2. The 
recording-head current or power that results in 
third-harmonic distortion of three percent. 

maximum signal level 1. In an amplitude-modu- 
lated signal, the peak power. 2. In an amplitude- 
modulated facsimile or television system, the 
amplitude that results in a black or white picture 
(depending on whether the highest amplitude 
produces black or white). 

maximum undistorted power output Abbrevia- 
tion, MUPO. The highest power that an active am- 
plifying device will deliver before significant 
distortion occurs. 

maximum usable frequency Abbreviation, MUF. 
The highest frequency that can be used success- 
fully at a given time, between two specific geo- 
graphic locations, for communication via the 
ionosphere. 

maximum voltage 1. Abbreviation, En, Emax. Vm, 
or Vmax The peak value reached by an alternat- 
ing-current voltage half-cycle, or by a voltage 
pulse. 2. The highest value of voltage in a series 
of voltage measurements or calculations. 

maximum wattage See MAXIMUM POWER. 

maxterm form In mathematical calculations, the 
factored form of a function, expressed as a prod- 
uct of sums. For example, the maxterm form of 
f(x) = x? + 5x + 6 is AX = (x + 2) (x + 3). 

maxwell Symbol, Mx. The cgs unit of magnetic 
flux, equivalent to one line of flux or 10-$ weber. 

Maxwell bridge A four-arm alternating-current 
bridge for measuring inductance against a stan- 
dard capacitance. 

Maxwell’s equations A set of four equations devel- 
oped by James Clerk Maxwell in 1864 and 1873, 
describing vector quantities pertaining to points in 
space subjected to varying electric and magnetic 
forces. Through his classic presentation, Maxwell 
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predicted the existence of electromagnetic waves, 
whose later discovery made radio possible. 

Maxwell's law Also called Maxwell's rule. Every 
part of an electric circuit is acted upon by a force 
tending to move it in the direction that results in 
the maximum magnetic flux being enclosed. 

maxwell-turn A unit of magnetic coupling (linkage) 
equal to 1 maxwell per turn of wire in a coil linked 
by magnetic flux. Also see MAXWELL. 

mayday In radiotelephony, a word spoken as an 
international distress signal equivalent to SOS in 
radiotelegraphy. The word is the phonetic equiva- 
lent of the French m'aidez (help me). 

MB Abbreviation of MIDBAND. 

Mb Abbreviation of MEGABAR. 

MBB Abbreviation of MAKE BEFORE BREAK. 

MBM Abbreviation of magnetic bubble memory. 

MBO Abbreviation of MONOSTABLE BLOCKING 
OSCILLATOR. 

MBS Abbreviation of magnetron beam switching. 

mc 1. Symbol for MILLICURIE (mCi is preferred). 
2. Symbol for METER-CANDLE. 

Mc 1. Symbol for MEGACURIE (MCi is preferred). 
2. Obsolete abbreviation of megacycle(s), a term 
superseded by MEGAHERTZ. 

MCG Abbreviation of MAGNETOCARDIOGRAM. 

McLeod gauge An instrument for measuring gas 
under low pressure. A measured volume of the 
gas under test is first compressed (to a lower 
known volume) to a pressure more easily mea- 
sured via a mercury manometer and the applica- 
tion of Boyle’s law. 

MCM Abbreviation of MONTE CARLO METHOD. 

McProud test A simple test for checking the track- 
ing efficiency of a phonograph pickup and arm for 
microgroove discs. 

Mc/s Obsolete abbreviation of megacycle(s) per 
second, a term superseded by MEGAHERTZ. 

MCS 1. Abbreviation of Master of Computer Sci- 
ence. 2. Abbreviation of missile control system. 

MCW Abbreviation of MODULATED CONTINUOUS 
WAVE. 

Md Symbol for MENDELEVIUM. 

MDAS Abbreviation of medical data acquisition sys- 
tem. 

m-derived filter A filter whose inductance (L) and 
capacitance (C) values are derived by multiplying 
those of a constant-k filter by a factor m between 
zero and 1. This factor is a function of the ratio 
Si/f-. where fj is the frequency of infinite attenua- 
tion, and f. is the cutoff frequency. This type of fil- 
ter exhibits sharper response than the equivalent 
constant-k filter. 

MDI Abbreviation of MAGNETIC DIRECTION INDI- 
CATOR. 

M-display See M-SCAN. 

MDS Abbreviation of MINIMUM DISCERNIBLE 
SIGNAL. 

me Symbol for MASS OF ELECTRON AT REST. 

Meacham oscillator A highly stable radio- 
frequency oscillator consisting of an amplifier 


ÓN 
Aly 


Maxwell’s equations + measurand 437 


RF 


amplifier OU put 


Crystal 


Meacham oscillator 


provided with a feedback circuit containing a 
four-arm bridge, one arm of which is a quartz 
crystal, and another, a tungsten-filament lamp 
acting as a nonlinear resistor. Also called bridge- 
stabilized oscillator. 

mean 1. A general term meaning average. 2. See 
ARITHMETIC MEAN. 3. See GEOMETRIC MEAN. 

mean charge 1. In an object that is nonuniformly 
charged, the average charge per unit distance, 
area, or volume. 2. In a capacitor carrying a fluc- 
tuating current, the average amount of charge 
held by the plates. 

mean free path 1. In acoustics, the average dis- 
tance that sound waves travel before striking a 
barrier or reflecting surface. 2. The average dis- 
tance that sound waves travel between reflections 
(echoes) in a chamber. 3. In a gas tube, the aver- 
age of all the free paths of electrons at a specified 
temperature. 

mean life 1. Symbol, L. The average life of a ra- 
dioactive substance [i.e., the time taken for 1/e 
(e = base of natural logarithms) of the substance 
to disintegrate]. 2. The time required for excess car- 
riers injected into a semiconductor to recombine 
with carriers of opposite sign. Also called average 
life. 

mean proportional See GEOMETRIC MEAN. 

mean time before failure Abbreviation, MTBF. 
The average length of time that a component or 
system will perform before the first failure occurs. 
It is generally specified in hours. 

mean time between failures Abbreviation, MTBF. 
The average length of time that a component or 
system will perform before failure occurs—either 
initially or after repair or replacement. It is gener- 
ally specified in hours. 

measured A quantity that is presented to an in- 
strument for measurement. 

measured service Any service in which charges 
are assessed per unit-time usage block. Online 
computer services are a common example. In 
some cases, other factors, such as distance, af- 
fect the cost per unit time; most long-distance 
telephone services fall into this category. 

measurand Any quantity that is measured with an 
instrument. 
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measurement 1. The process by which the magni- 
tude, extent, or duration of a parameter is found. 
2. The value of a parameter, as obtained, accord- 
ing to 1. 

measurement error The difference between the 
measured value of a quantity and its true value. 
Also see NEGATIVE ERROR OF MEASUREMENT 
and POSITIVE ERROR OF MEASUREMENT. 

measurement range In a measuring device, the 
range within which the error is smaller than a 
specified value. 

mechanical analogs Familiar mechanical devices, 
systems, or effects with which certain electrical 
counterparts can be compared for ease in teach- 
ing or understanding (e.g., inductance compared 
with mass, capacitance with elasticity, voltage 
with pressure, and current with velocity). 

mechanical axis In a quartz crystal, the axis per- 
pendicular to the faces of the hexagon. Also see 
Y-AXIS, 2. 

mechanical bandspread Bandspread tuning ob- 
tained by reduction-ratio gearing of the tuning 
mechanism. Compare ELECTRICAL BAND- 
SPREAD. 

mechanical bias 1. A steady pull applied by a 
spring to the armature of a relay to sensitize it by 
decreasing the distance that the armature must 
move to close the contacts. 2. Bending of a relay 
frame to position the armature closer to the mag- 
net for the purpose defined in 1. 

mechanical damping Damping action obtained 
entirely by mechanical devices (such as weights, 
dashpots, etc.). 

mechanical equivalent of heat The amount of 
mechanical work required to produce a unit 
quantity of heat. For example, 4.183 joules can 
be converted into 1 calorie of heat. 

mechanical equivalent of light The expression of 
luminous energy in equivalent power units. In 
practical measurements, this is taken as the total 
power output of a lamp minus the power ab- 
sorbed by a transparent jacket used to remove 
the infrared and ultraviolet rays. 

mechanical filter See ULTRASONIC FILTER, 1. 

mechanical joint A union of electrical conductors 
consisting exclusively of a junction or splice made 
without brazing, soldering, or welding. 

mechanical load An electromechanical device that 
uses the output of an electrical source. Such de- 
vices include actuators, brakes, clutches, meters, 
motors, and relays. 

mechanical rectifier A vibrator or commutator 
used to change an alternating current into a 
direct current by selecting and passing only 
positive or negative half-cycles. Also see 
ELECTROMECHANICAL RECTIFIER. 

mechanical scanner 1. A mechanical device for 
scanning an object or scene and breaking it into 
horizontal lines that are converted to signals. 2. A 
device that scans the reproducer lamp in a me- 
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chanical television receiver. See, for example, 
NIPKOW DISK. 

mechanical switch A switch actuated by moving 
or sliding a lever, pressing a button, or otherwise 
applying mechanical pressure. 

mechanical time constant For a torque motor, 
the ratio of moment of inertia to damping factor. 
Compare ELECTRICAL TIME CONSTANT. 

mechanical wave filter See ULTRASONIC FIL- 
TER, 1. 

mechanics The branch of physics concerned with 
forces and motion and the laws of gases and liq- 
uids. It is subdivided into kinematics and kinet- 
ics. 

mechatronics Combination of the words mechan- 
ics and electronics, referring to the use of elec- 
tromechanical devices (especially robots) in 
manufacturing. The term was originally coined in 
Japan. 

median 1. The middle value in a sequence of num- 
bers. For example, in the series: 1, 2, 3, 4, 5, 6, 7, 
the median is 4. Compare ARITHMETIC MEAN 
and GEOMETRIC MEAN. 2. In a statistical distri- 
bution, the value s in the domain so that the area 
under the curve for all values less than s is equal 
to the area under the curve for all values greater 
than s. 

medical electronics See ELECTROMEDICAL EN- 
GINEERING. 

medical robot 1. A robot used in a doctor’s office, 
or in a hospital to assist doctors and nurses. 
There are various applications, some of which 
have provoked controversy (e.g., robotic surgical 
assistant). It generally performs simple, noncriti- 
cal tasks. It has been suggested as a means of en- 
tertaining hospital patients—especially children. 
2. See BIOMECHANISM. 

medium Inacomputer system, that storage device 
onto or into which data is recorded for input into 
memory (e.g., magnetic disk, magnetic tape, opti- 
cal disk, etc.). 

medium-frequency Abbreviation, MF. Pertaining 
to frequencies in the range 300 kHz to 3 MHz, 
representing wavelengths from 1000 meters to 
100 meters. 

medium of propagation The substance (or vac- 
uum) through which electromagnetic energy is 
transmitted (e.g., outer space, the atmosphere, or 
a dielectric material). 

medium-scale integration A method of manufac- 
turing integrated circuits, in which there are at 
least 10, but less than 100, individual gates on 
each chip. Abbreviated MSI. 

medium-scan television A television (TV) com- 
munications medium in which the scanning 
rate is slowed down compared to regular (fast- 
scan) TV, but is faster than the commonly used 
slow-scan TV. It provides some conception of 
motion, although not as realistic as fast-scan 
TV. 
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medium tension Medium voltage. A relative term, 
but generally referring to common alternating- 
current utility voltage (e.g., 117 volts or 234 
volts). 

medium wave Abbreviation, MW. Pertaining to 
wavelengths corresponding to medium frequen- 
cies (see MEDIUM-FREQUENCY) (i.e., those in 
the 100- to 1000-meter range). 

meg 1. Colloquialism for MEGOHM(s). 2. Colloqui- 
alism for MEGABYTE(s). 

mega- Abbreviation, M. 1. A prefix meaning mil- 
lion(s), (i.e., 10% or 1,000,000). 2. In digital data 
applications, a prefix meaning 22° or 1,048,576. 

megabar Abbreviation, Mb. A cgs unit of high pres- 
sure. 1 Mb = 10€ bars = 10!! pascals. Also see 
BAR, 1. 

megabit A unit of digital data equal to 
(1,048,576) bits. Also see BIT. 

megabyte Abbreviation, M or MB. A unit of digital 
data equal to 2% (1,048,576) bytes. Also see BYTE. 

megacurie Abbreviation, MCi. A large unit of ra- 
dioactivity equal to 3.71 x 108 disintegrations per 
second; 1 MCi = 10% curies. Also see CURIE. 

megacycle See MEGAHERTZ. 

megaelectronvolt Abbreviation, MeV. A large unit 
of electrical energy; 1 MeV = 10% eV. Also see 
ELECTRONVOLT. 

megahertz Abbreviation, MHz. A unit of frequency; 
1 MHz = 10% Hz = 1,000,000 Hz. 

megampere Abbreviation, MA. A unit of high cur- 
rent; 1 MA = 10% A = 1,000,000 A. 

megaphone 1. A hand-held microphone/ampli- 
fier/loudspeaker used to amplify the voice of a 
person who must be heard over an appreciable 
area. 2. A simple horn for amplifying the voice. 

megarutherford Abbreviation, Mrd. A large unit of 
radioactivity equal to 1 trillion (1017) disintegra- 
tions per second; 1 Mrd = 10€ rd = 1,000,000 rd. 
Also see RUTHERFORD. 

megavolt Abbreviation, MV. A unit of extremely 
high voltage; 1 MV = 10® V = 1,000,000 V. 

megavolt-ampere Abbreviation, MVA. A unit of ex- 
tremely high reactive power; 1 MVA = 10° VA = 
1,000,000 VA. Also see VOLT-AMPERE. 

megawatt Abbreviation, MW. A unit of high power; 
1 MW = 10% W = 1,000,000 W. Also see WATT. 

megawatt-hour Abbreviation, MWh. A large unit of 
electrical energy or of work; 1 MWh = 10% Wh = 
1,000,000 Wh = 3.6 x 109 joules. Also see WATT- 
HOUR. 

megger An instrument containing an internal 
high-voltage direct-current power supply, used 
for measuring high values of resistance. Compare 
MEGOHMMETER. 

meg-mike 1. Colloquialism for MEGOHM-MICRO- 
FARAD(s). 2. Colloquialism for MEGOHM- 
FARAD(s). 

megohm Symbol, M. A unit of high resistance, re- 
actance, or impedance; 1 M = 10% ohms = 
1,000,000 ohms. 
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megohm-farads For a large capacitor, the product 
of leakage resistance (megohms) and capacitance 
(farads). Also see MEGOHM-MICROFARADS. 

megohmmeter A special ohmmeter for measuring 
resistances in the megohm range. 

megohm-microfarads Fora capacitor, the product 
of leakage resistance (megohms) and capacitance 
(microfarads). The figure is an expression for the 
relative insulation resistance of a capacitor. 

Meissner circuit An oscillator tuned by means of 
LECHER WIRES (parallel-conductor resonant cir- 
cuits). It is used primarily at ultra-high frequen- 
cies (UHF). 
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Meissner effect In a superconductive material, the 
abrupt loss of magnetism when the temperature 
of the material is reduced to a value below that 
required for superconductivity. 

Meissner oscillator See MEISSNER CIRCUIT. 

meitnerium Symbol, Mt. Also called unnilenium 
(Une). Atomic number, 109. The most common 
isotope has atomic weight 266. Classified as a 
transition metal. It is human-made and not 
known to occur in nature. 

mel An expression of apparent or perceived sound 
pitch. A tone of 1 kHz, at a level of 40 dB, with re- 
spect to the threshold of hearing, represents 1 
mel. The perceived pitch depends, to some extent, 
on the intensity of the sound, as well as on the 
actual frequency. 

M electron In certain atoms, one of the electrons 
whose orbits are outside of and nearest to those 
of the L electrons. 

meltback process The technique of remelting a 
doped semiconductor material and allowing it to 
refreeze to form a grown junction. 

meltback transistor A grown-junction transistor 
produced by the MELTBACK PROCESS. 
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melting point Abbreviation, mp. The temperature 
at which a solid starts becoming liquid at a pres- 
sure of one atmosphere. Compare FREEZING 
POINT and MIXTURE MELTING POINT. 

memory 1. The section of a digital computer that 
records and holds data until it is necessary. In 
personal computers, the term generally refers to 
RANDOM-ACCESS MEMORY and READ-ONLY 
MEMORY, contained in integrated circuits (ICs). 
Compare STORAGE. 2. See MEMORY DRAIN. 

memory address register In computer storage, a 
register in which is stored the address of 
operands in other locations. 

memory area A portion of computer memory re- 
served for a specific type of data. Also called area. 

memory capacity As a function of the number of 
memory locations available, the number of bytes 
that can be stored. It is usually specified in kilo- 
bytes, megabytes, or gigabytes. Also see GIGA- 
BYTE, KILOBYTE, and MEGABYTE. 

memory cycle 1. The period of execution of a se- 
quence of operations. 2. The complete opera- 
tional cycle for inputting data to memory or 
retrieving it. 

memory dialing In a telephone set, a feature that 
allows rapid dialing of stored digits. The simplest 
version is the “redial” feature, in which the most 
recently dialed number is rapidly dialed at the 
touch of a button. Some sets can store several dif- 
ferent numbers, usually including area codes, 
and sometimes country codes as well. 

memory drain Also called battery memory. A phe- 
nomenon occasionally exhibited by nickel- 
cadmium cells and batteries, in which the useful 
ampere-hour capacity is reduced even though the 
unit is not physically damaged. The depth of the 
charge cycle decreases to a fraction of its rated 
value. The problem can usually be overcome by 
discharging the cell or battery fully, then recharg- 
ing fully, and repeating the process several times. 
See also NICKEL-CADMIUM. 

memory dump In computer operations, to either 
print out what is stored in some of or all of the 
memory locations or transfer the data from a 
bank of memory cells to some external storage 
medium. 

memory effect See MEMORY DRAIN. 

memory guard In a computer, hardware or soft- 
ware that keeps certain memory locations from 
being addressed by a program being run. 

memory location In a computer memory, a place 
where an information unit (word or character) 
can be stored; the stored information can be re- 
trieved by appropriate addressing instructions. 

memory organization packets In artificial intelli- 
gence (AI) and expert systems, a method of ar- 
ranging computer memory into general rules or 
statements. The statements are used by software 
to derive models, forecasts, diagnoses, etc. 

memory power Computer memory efficiency in 
terms of data processing (cycle) speed. 
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memory protection A hardware device in a multi- 
ple programming computer that prevents pro- 
grams from being altered by other operating 
programs in the installation. 

memory register In a digital computer, a register 
used in all instruction and data transfers be- 
tween the memory and other sections of the ma- 
chine. 

memory unit See MEMORY. 

mendelevium Symbol, Md. A radioactive element 
produced artificially. Atomic number, 101. 
Atomic weight, 258 (approx.). 

menu In computer operations, a list of commands 
for using various functions of the system. 

MEP Abbreviation of mean effective pressure. 

mercuric iodide Formula, Hgl. A compound 
whose crystals are useful at room temperature as 
detectors in high-resolution gamma-ray spec- 
troscopy. 

mercury Symbol, Hg. A metallic element. Atomic 
number, 80. Atomic weight, 200.59. The only 
metal that is liquid at room temperature. It is 
used extensively in switches, certain high-voltage 
rectifiers, high-vacuum pumps, and thermome- 
ters. 

mercury arc The arc discharge occurring in mer- 
cury vapor between solid or liquid (mercury) elec- 
trodes. The discharge emits ultraviolet radiation. 

mercury-arc rectifier A heavy-duty rectifier tube 
utilizing ionized mercury vapor. The two general 
types are MERCURY-VAPOR RECTIFIER and 
MERCURY-POOL RECTIFIER. 

mercury battery Also called mercuric-oxide bat- 
tery. A set of two or more mercury cells stacked 
one atop the other, electrically connected in se- 
ries. The resulting battery has a cylindrical 
shape. A set of four cells provides approximately 
5.4 volts under no-load conditions; a battery of 
seven cells provides 9.5 volts; a battery of nine 
cells provides 12 volts. See MERCURY CELL. 

mercury cadmium telluride Formula HgCdTe. 
An alloy used as a semiconductor in certain tran- 
sistors, integrated circuits, and infrared detec- 
tors. 

mercury cell Also called mercuric-oxide cell. An 
electrochemical cell having a button-like shape, 
small enough to fit inside a wristwatch. The 
unit is housed in a steel container and has a 
mercuric-oxide cathode, amalgamated-zinc anode, 
and potassium hydroxide and zinc-oxide elec- 
trolyte. The potential difference under no-load 
conditions is 1.35 volts, with a high ratio of 
stored energy per unit mass. The cell has a flat 
discharge curve; the voltage remains essentially 
constant until the charge is almost depleted, and 
then the voltage drops rapidly. There has been a 
decrease in the use of mercury cells and batteries 
in recent years, because mercury is toxic. Unless 
these cells are discarded in a special way, the 
mercury from them can cause dangerous con- 
tamination of soil and water. 
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mercury delay line A delay line in which delay is 
obtained by propagating the signal through a 
pipe of mercury. 

mercury diffusion pump A vacuum diffusion 
pump using mercury vapor. 

mercury displacement relay A form of switching 
relay in which the electrical contact is made by 
moving mercury. 

mercury-jet switch A multipoint switch using a jet 
of mercury instead of the conventional wiper arm, 
for high-speed operation and reduced wear. 

mercury memory A recirculating memory using a 
mercury delay line. Also see DELAY LINE and 
DELAY-LINE MEMORY. 

mercury-pool cathode In certain industrial elec- 
tron tubes, such as the ignitron, a cathode elec- 
trode consisting of a pool of mercury. 

mercury-pool rectifier A type of mercury-arc rec- 
tifier whose cathode is a pool of mercury. In one 
type, the arc is initiated by tilting the tube mo- 
mentarily to bring the mercury into contact with 
a third electrode, thus causing a starting current 
to flow through the pool. In another type, the ig- 
nitron, a starter electrode is in continual contact 
with the mercury. 

mercury pump See MERCURY DIFFUSION PUMP. 

mercury rectifier See MERCURY-POOL RECTI- 
FIER and MERCURY-VAPOR RECTIFIER. 

mercury relay A relay in which at least one of the 
contacts is mercury. 

mercury storage See MERCURY MEMORY. 

mercury switch A switch consisting essentially of 
two or more stiff wire electrodes and a drop of 
mercury hermetically sealed in a glass tube. Tilt- 
ing the tube causes the mercury to flow toward 
one end, where it immerses the electrodes, pro- 
viding a conductive path between them. 

mercury-vapor lamp A glow lamp emitting blue- 
green light that causes ionization of mercury va- 
por by an electric current. 

mercury-vapor rectifier A tube-type high-voltage 
diode rectifier containing a small amount of mer- 
cury that vaporizes and ionizes during tube oper- 
ation. 

mercury-vapor tube 1. See MERCURY-VAPOR 
LAMP. 2. See MERCURY-VAPOR RECTIFIER. 

mercury-wetted reed relay A reed relay in which 
the reeds are wetted with mercury in a pool by 
capillary action. The film of mercury forms a tiny 
bridge when the reeds open; when this bridge sep- 
arates, a clean, high-speed break occurs without 
contact bounce. Compare DRY-REED SWITCH. 

merge 1. In computer operations, to make a single 
set or file from two or more record sets. 2. In word 
processing, to create a corrected master record- 
ing from two input media: the original master 
recording and the recording that contains the 
corrections. 

meridian 1. A great circle passing through earth's 
geographic poles and a given point on the surface 
of the earth. 2. A line of longitude on a map or 
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globe. Also see TIME ZONE, ZERO MERIDIAN, 
and ZONE TIME. 

mesa A flat-topped, protruding region in a semi- 
conductor wafer. The mesa is produced by etch- 
ing the surrounding part of the material. Some 
bipolar transistors are manufactured in this way. 

mesa diffusion A method of manufacturing bipo- 
lar transistors. The different semiconductor ma- 
terials are first diffused together. Then part of the 
resulting wafer is etched away, resulting in a 
mesa shape. 

mesa transistor A diffused planar transistor in 
which the silicon area around the base has been 
etched away to reduce collector-to-base capaci- 
tance; the base-emitter region remains elevated 
like a high plateau (mesa). 
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MESFET A form of field-effect transistor combining 
depletion-mode and enhancement-mode proper- 
ties. A Schottky barrier forms the gate electrode. 

mesh 1. A combination of the elements that form a 
closed path in a network. 2. The closed figure 
(such as the delta or star) obtained by connecting 
polyphase windings together. 3. A grid, screen, or 
similar structure in a vacuum tube. 

mesh equations Equations describing fully the 
current and voltage relations in a network of 
meshes (see MESH, 1). 

Mesny circuit A push-pull ultra-high-frequency 
(UHF) oscillator whose gate or base tank is a pair 
of parallel wires short-circuited by a slider; the 
drain or collector tank is a similar pair of wires. 
The frequency is varied by moving the sliders 
along the wires. 

mesochronous A condition for signals in which 
significant instants pass at identical average 
speeds, such as bits per second. 

meson An unstable nuclear particle first observed 
in cosmic rays. A meson can be electrically posi- 
tive, negative, or neutral. Its mass lies between 
that of the electron and proton. 
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mesotron See MESON. 

message 1. In communications, a body of infor- 
mation sent from a source (transmitter) to a des- 
tination (receiver). 2. Data entered into a 
transaction-processing system. 

message exchange In a digital communications 
channel, a hardware unit that carries out certain 
switching functions that would otherwise have to 
be done by a computer. 

message switching system A data communica- 
tions system having a central computer that re- 
ceives messages from remote terminals, stores 
them, and transfers them to other terminals as 
needed. 

metadyne See DC GENERATOR AMPLIFIER. 

metal An elemental material that exhibits several 
familiar properties (such as luster, ductility, mal- 
leability, good electrical and heat conductivity, 
relatively high density, and the ability to emit 
electrons). Common examples are aluminum, 
copper, gold, lead, and silver. Compare METAL- 
LOID and NONMETAL. 

metal-base transistor A bipolar transistor in 
which the base is a metal film, and the emitter 
and collector are films of n-type semiconductor 
material. 

metal-ceramic construction The building of cer- 
tain electronic components by bonding ceramic 
parts to metal parts. Also see CERMET. 

metal-film resistor A fixed or variable resistor in 
which the resistance element is a film of a metal 
alloy deposited on a substrate such as a plastic or 
ceramic. 

metal finder See METAL LOCATOR. 

metallic binding forces In a crystal, the binding 
electrostatic force between cations and electrons. 
Also called electron-gas binding forces. 

metallic bonding See BONDING, 1 and METALLIC 
BINDING FORCES. 

metallic circuit A circuit, such as a two-wire tele- 
phone line, in which earth ground is not a part of 
the circuit. Compare GROUND-RETURN CIR- 
CUIT. 

metallic crystal A crystal substance in which pos- 
itive ions and free electrons exist; it is, therefore, 
a good electrical conductor. 

metallic insulator A short-circuited quarter-wave 
section of transmission line that acts as an insu- 
lator at the quarter-wavelength frequency. 

metallicize To make a circuit fully metallic, as 
when two wires are used instead of one wire and 
a ground connection. (Not to be confused with 
METALLIZE.) 

metallic rectifier A dry rectifier using a metal disk 
or plate coated with a material (such as selenium, 
an oxide, or a sulfide). 

metallic tape Recording tape made from metal, 
rather than from plastic. Noted for its excellent 
audio-reproduction characteristics. 

metallize To treat, coat, or plate with a metal. (Not 
to be confused with METALLICIZE.) 
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metallized capacitor A capacitor in which each 
face of a dielectric film is metallized to form con- 
ductive plates. 

metallized-paper capacitor A paper-dielectric ca- 
pacitor whose plates are metal areas electrode- 
posited on each side of a paper film. 

metallized-polycarbonate capacitor A fixed ca- 
pacitor in which the dielectric is a polycarbonate 
plastic film, and the plates are metal areas elec- 
trodeposited on each face of the film. 

metallized resistor See METAL-FILM RESISTOR. 

metal locator An electronic device for locating 
metal deposits, pipes, or wires underground, in 
walls, or under floors. It operates via the distur- 
bance that these objects cause to a radio- 
frequency or magnetic field. 

metalloid An element that has some of the proper- 
ties of a metal. Examples of metalloidal elements 
widely used in electronics are antimony, arsenic, 
germanium, silicon, and tin. 

metal master See ORIGINAL MASTER. 

metal negative See ORIGINAL MASTER. 

metal-oxide resistor A resistor in which the resis- 
tance material is a film of tin oxide deposited on a 
substrate. 

metal-oxide semiconductor field-effect transis- 
tor Abbreviation, MOSFET. A field-effect tran- 
sistor in which the gate electrode is not a pn 
junction (as in the junction field-effect transis- 
tor), but a thin metal film insulated from the 
semiconductor channel by a thin oxide film. 
Gate-control action is entirely electrostatic. Also 
called insulated-gate field-effect transistor. Also 
see DEPLETION-TYPE MOSFET, DEPLETION- 
ENHANCEMENT-TYPE MOSFET, and EN- 
HANCEMENT-TYPE MOSFET. 

metal-oxide varistor A VOLTAGE-DEPENDENT 
RESISTOR in which the resistance material is a 
metallic oxide, such as zinc oxide. 

metal-plate rectifier See METALLIC RECTIFIER. 

metal tube A vacuum tube housed in a metal en- 
velope for self-shielding and mechanical rugged- 
ness. 

metamer A visible-light beam that is identical in 
color (hue), but different in concentration (satu- 
ration), with respect to a reference color. 

meteor-burst signals Momentary signals, or in- 
creases in signal strength, resulting from reflec- 
tion of electromagnetic energy from meteor 
ionization trails. See METEOR SCATTER, 1. 

meteor ionization trail A cloud of ions left in the 
upper atmosphere as a meteor passes. This cloud 
tends to reflect radio signals at certain frequen- 
cies for a short period of time. During a meteor 
shower, there could be a sufficient number of 
such trails to allow continuous over-the-horizon 
communication when other over-the-horizon 
modes are unusable. 

meteorograph An instrument for the simultane- 
ous measurement of various meteorological phe- 
nomena such as temperature, humidity, etc. 
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meteorology The science of the atmosphere, espe- 
cially the study of weather and climate. (Not to be 
confused with METROLOGY.) 

meteor-scatter propagation The reflection of radio 
signals from the ionized trails produced by mete- 
ors as they pass through the upper atmosphere. 
This can result in over-the-horizon radio commu- 
nication or reception. A meteor produces a trail 
that persists for a few tenths of a second up to sev- 
eral seconds, depending on the size of the meteor, 
its speed, and the angle at which it enters the at- 
mosphere. This is not sufficient time for the trans- 
mission of very much information, but during a 
meteor shower, ionization can be almost continu- 
ous. Meteor-scatter propagation has been ob- 
served at frequencies considerably above 30 MHz. 

meteor-trail reflections Momentary reflection of 
signals by the ionized trails of meteors passing 
through a signal path. 
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meter 1. An instrument for measuring and indi- 
cating the value of a particular quantity. See, for 
example, CURRENT METER and VOLTMETER. 
2. Abbreviation, m. A unit of linear mea- 
sure and of electrical wavelength, equivalent to 
1.65076373 x 10° wavelengths (in a vacuum) of the 
radiation corresponding to the transition between 
the two levels of the krypton-86 atom, and 
approximately equal to 39.37 inches. 3. To supply 
in specific increments or by a governed amount. 

meter alignment See VISUAL ALIGNMENT. 

meter-ampere A unit of transmitted radio signal 
intensity. Determined by multiplying the antenna 
current (in amperes) by the height (in meters) of 
the antenna above ground. 

meter-candle Abbreviation, mc. A metric unit of il- 
luminance, equivalent to the illumination on a 
surface 1 meter from a light source of 1 candle 
power. Compare FOOT-CANDLE and LUX. 

meter equivalent The number of meters equal to a 
given English measure of length (e.g., the meter 
equivalent of 3 feet is approximately 0.9144). 
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meter-kilogram-second Abbreviation, mks. The 
system of units in which the meter is the stan- 
dard unit of length, the kilogram is the standard 
unit of mass, and the second is the standard unit 
of time. Compare CENTIMETER-GRAM-SECOND 
and INTERNATIONAL SYSTEM OF UNITS. 

meter multiplier See MULTIPLIER RESISTOR. 

meter protector A nonlinear resistor, such as a 
varistor or semiconductor diode, used to prevent 
overswing in an electric meter by limiting the cur- 
rent flowing through it. 

meter rating The maximum reading on a meter, at 
or below which the accuracy is within a specified 
limit, but above which the error might exceed 
that limit. 

meter rectifier A light-duty semiconductor diode 
or bridge circuit, used to change alternating cur- 
rent (ac) to direct current (dc) for deflection of a 
D'Arsonval-type de milliammeter or microamme- 
ter. 

meter relay A sensitive relay that is essentially a 
moving-coil meter, whose pointer closes against a 
stationary contact mounted at some point along 
the scale. 

meter resistance Symbol, Rm. The internal resis- 
tance of an electric meter. In a simple D'Arsonval 
meter, it is the resistance of the movable coil. In 
more-complicated meter circuits, it is the resis- 
tance of the parallel combination of the coil and 
METER SHUNT. 

meter scale factor See SCALE FACTOR, 1. 

meter sensitivity See VOLTMETER SENSITIVITY. 

meter shunt A resistor connected in parallel with 
an ammeter, milliammeter, or microammeter to 
increase the range of currents that the device can 
measure. 

meter torque See DEFLECTING TORQUE. 

meter-type relay See METER RELAY. 

methyl methacrylate resin Also known by the 
trade name Lucite. A plastic insulating material. 
Dielectric constant, 2.8 to 3.3. Dielectric 
strength, 20 kV/mm. 

metre Abbreviation, m. Alternate spelling of meter 
when used to specify displacement or wave- 
length. See METER, 2. 

metric system The decimal system of weights and 
measures based on the meter, kilogram, and sec- 
ond. Also see CENTIMETER-GRAM-SECOND, 
METER-KILOGRAM-SECOND, and INTERNA- 
TIONAL SYSTEM OF UNITS. 

metric ton Abbreviation, MT. A metric unit of 
weight equal to 1000 kilograms or 1.1023 English 
tons. 

metric waves British designation for electromag- 
netic energy having wavelengths ranging from 10 
meters down to 1 meter, corresponding to fre- 
quencies from 30 MHz up to 300 MHz. 

metrology The science of weights and measures, 
including electrical standards and electronic in- 
struments and measurements. (Not to be con- 
fused with METEOROLOGY.) 
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metronome A mechanical or electronic device that 
produces audible beats (ticks). It is commonly 
used in setting the tempo for music, and for au- 
dibly timing certain processes. 

MeV Abbreviation of MEGAELECTRONVOLT({(s). 

MEW Abbreviation of MICROWAVE EARLY WARN- 
ING. 

mF Abbreviation of MILLIFARAD. 

MF 1. Abbreviation of MEDIUM FREQUENCY. 
2. Abbreviation of MIDFREQUENCY. 

MFD Abbreviation of MAGNETOFLUID DYNAMICS 
(see MAGNETOHYDRODYNAMICS). 

MFSK Abbreviation of MULTIPLE FREQUENCY- 
SHIFT KEYING. 

Mg Symbol for MAGNESIUM. 

mg Abbreviation of MILLIGRAM. 

MGD Abbreviation of MAGNETOGASDYNAMICS 
(see MAGNETOHYDRODYNAMICS). 

MHD Abbreviation of MAGNETOHYDRODYNAM- 
ICS. 

MHD generator See MAGNETOHYDRODYNAMIC 
GENERATOR. 

MHD gyroscope See MAGNETOHYDRODYNAMIC 
GYROSCOPE. 

MHD power generation See MAGNETOHYDRO- 
DYNAMIC GENERATOR. 

mho Obsolete term for the standard unit of electri- 
cal conductance. See SIEMENS. 

mhp Abbreviation of MILLIHORSEPOWER. 

MHz Abbreviation of MEGAHERTZ. 

mi Abbreviation of MILE. (Also, m.) 

MIC Abbreviation of MICROWAVE INTEGRATED 
CIRCUIT. 

mic Abbreviation of MICROPHONE. 

mica A dielectric mineral of complex silicate compo- 
sition, easily separated into numerous thin, trans- 
parent sheets. It is widely used as a capacitor 
dielectric and high-temperature electrical insula- 
tor. Dielectric constant, 2.5 to 7. Dielectric 
strength, 50 to 220 kV/mm. Also see MUSCOVITE. 

mica capacitor A component that is made by alter- 
nately stacking metal sheets and layers of mica, 
or by applying silver ink to sheets of mica. The 
metal sheets are wired together into two meshed 
sets, forming the two terminals of the capacitor. 
This type of capacitor is noted for low loss. Voltage 
ratings can be up to several thousand volts if 
thick sheets of mica are used. But these capaci- 
tors are physically bulky in proportion to their ca- 
pacitance. The main application is in radio 
receivers and transmitters. Compare CERAMIC 
CAPACITOR, ELECTROLYTIC CAPACITOR, 
PAPER CAPACITOR, PLASTIC-FILM CAPACITOR, 
TANTALUM CAPACITOR. 

MICR Abbreviation of MAGNETIC INK CHARAC- 
TER RECOGNITION. 

micro- 1. A prefix meaning MILLIONTH(S) (i.e., 
108). 2. A prefix meaning extremely small (as in 
microstructure). Compare MACRO-. 

microalloy diffused transistor Abbreviation, 
MADT. A MICROALLOY TRANSISTOR having a 
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uniform base region that is diffused into the 
wafer before the emitter and collector electrodes 
are produced by alloying. 

microalloy transistor Abbreviation, MAT. A tran- 
sistor having tiny emitter and collector electrodes 
that are formed by alloying a thin film of impurity 
material with a collector pit and emitter pit facing 
each other on opposite surfaces of the semi- 
conductor wafer. Also see SURFACE-BARRIER 
TRANSISTOR. 

microammeter A usually direct-reading instru- 
ment used to measure current in the microam- 
pere range. Also see CURRENT METER. 

microampere A small unit of current, equal to 10° 
(0.000001) A. 

microbalance A sensitive electronic weighing de- 
vice. One type uses one or more servo amplifiers 
for the balancing operation. 

microbar A cgs unit of low pressure, equal to 10° 
b or 0.1 pascal. Also see BAR, 1 and MILLIBAR. 

microbarograph A barograph that is sensitive to 
small changes in pressure. 

microbeam An energy beam (ray) having extremely 
small cross section. 

microcircuit An extremely small circuit fabricated 
upon and within a substrate, such as a semicon- 
ductor chip. Also see INTEGRATED CIRCUIT. 

microcode 1. See MICROINSTRUCTION. 2. A code 
for MICROPROGRAMMING. 

microcomponent A tiny component in an elec- 
tronic circuit. Examples are the resistors, capaci- 
tors, diodes, and transistors fabricated onto an 
integrated-circuit chip. 
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microcomputer 1. A computer contained within 
a single integrated circuit (IC). The simplest 
such devices perform elementary functions and 
are available for a few dollars. More sophisti- 
cated devices control radio receivers and trans- 
mitters, television sets, automobiles, aircraft, 
and robots. The most advanced devices can be 
programmed to provide electrical impulses to 
control erratically functioning body organs, 
move the muscles of paralyzed persons, and 
transcribe speech to writing or vice versa. Com- 
pare MICROPROCESSOR. 2. In general, any 
small computer. 

microcrystal A crystal that is invisible to the 
naked eye. 

microcurie A small unit of radioactivity equal to 
3.71 x 10* disintegrations per second or 10° 
curie. Also see CURIE. 

microelectrode 1. An electrode used in MICRO- 
ELECTROLYSIS. 2. A tiny electrode, especially 
one of those used in integrated circuits and in 
certain biological applications. 

microelectrolysis Electrolysis of tiny amounts of 
material. Also see ELECTROLYSIS, 1. 

microelectronic circuit 1. A tiny electronic circuit 
other than an INTEGRATED CIRCUIT (i.e., one 
assembled in a small space with small discrete or 
integrated components). 2. See MICROCIRCUTT. 

microelectronic device See MICROELECTRONIC 
CIRCUIT. 

microelectronics The branch of electronics deal- 
ing with extremely small components and circuits 
fabricated on substrates. Also see INTEGRATED 
CIRCUIT. 

microelectrophoresis Electrophoresis of single 
particles. 

microelectroscope A very sensitive electroscope 
used to detect minute quantities of electricity. 

microelement A tiny component (capacitor, resis- 
tor, coil, semiconductor device, or transformer) 
mounted on a wafer and used in a MICROCIR- 
CUIT. 

microelement wafer A microwafer on which a mi- 
croelement is mounted or deposited. 

microfarad Abbreviation, uF. A unit of capacitance 
equal to 10% (0.000001) F. 

microfarad meter 1. A dynamometer-type meter 
that indicates the value of a capacitor directly in 
microfarads. Such instruments operate from 
an alternating-current power line. 2. A direct- 
reading capacitance meter. 

microfiche A method of storing printed informa- 
tion on small film cards. The pages are reduced 
and arranged in order from left to right and top to 
bottom. The card is inserted into a projecting ma- 
chine to allow retrieval of the information. The 
photographic method is similar to that used in 
MICROFILM. 

microfilm A method of storing printed or photo- 
graphic information. The pages are reduced and 
arranged sequentially on a strip of film, usually 
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35-mm size. The film is inserted into a projecting 
device for retrieval of the information. 

microgalvanometer A highly sensitive GALVA- 
NOMETER. 

microgauss A magnetic unit equal to 
(0.000001) gauss. 

microgram A metric unit of weight or mass equal 
to 10 (0.000001) gram. 

microgroove record A phonograph disc with a 
very fine groove (200 to 300 per inch), designed 
for playback at 33% revolutions per minute (rpm). 

microhenry Symbol, uH. A unit of inductance, 
equal to 10° (0.000001) H. 

microhm Symbol, uQ. A unit of low resistance, re- 
actance, or impedance, equivalent to 10° 
(0.000001) ohm. 

microhm-centimeter A unit of low resistivity, 
equal to 10° (0.000001) ohm-cm. See OHM- 
CENTIMETER and RESISTIVITY. 

microhmmeter An instrument for measuring ul- 
tra-low resistance. Such an instrument must 
have a special provision for canceling the effects 
of contact and lead resistance. 

microinch A unit of linear measure equal to 10° 
(0.000001) inch. 

microinstruction A machine-code instruction 
that controls the operation of a computer directly 
(i.e., it is a “wired-in” instruction, or one set by 
DIP switches, independent of programs loaded 
into the machine). 

microknowledge In artificial intelligence (AI), de- 
tailed machine knowledge. It includes logic rules, 
computer programs, and data in memory. Com- 
pare MACROKNOWLEDGE. 

microliter A unit of volume, 
(0.000001) liter. 

microlock A special form of phase-locked-loop 
system, used especially with radar to improve the 
signal-to-noise ratio. 

micromanipulator A machine that permits han- 
dling tiny parts in very small areas. An example of 
its use is in placing connections close together in 
microcircuits. 

micrometer 1. An instrument for measuring very 
small thicknesses, diameters, etc. 2. Also called 
micron. The SI unit of length, equal to 10° 
(0.000001) meter, or 10° (0.001) millimeter. 

micromho See MICROSIEMENS. 

micromicro- See PICO-. 

micromicrofarad See PICOFARAD. 

micromicrohenry See PICOHENRY. 

micromicron A unit of linear measure equal to 
10712 meter, or 10-6 (0.000001) micrometer. 

micromillimeter See NANOMETER. 

microminiature Pertaining to an extremely small 
body, component, or circuit; the last adjective in 
the sequence of those describing size: standard, 
small, midget, miniature, subminiature, and mi- 
crominiature. 

micromodule A small, encapsulated circuit, con- 
sisting of smaller components. The components 
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can be discrete, can consist of integrated circuits, 
or can be a combination of both. The module is 
easily removed and replaced by means of a plug- 
in socket. 

micron See MICROMETER. 

microphone A transducer that converts sound 
waves, especially speech and music, into electri- 
cal voltage analogs. 

microphone amplifier A sensitive, low-distortion, 
low-noise amplifier used in voice wireless trans- 
mitters and public address systems. Most ampli- 
fiers of this type have a tailored frequency 
response, passing audio between about 300 Hz 
nd 3000 Hz, and attenuating audio outside this a 
range. The range 300 Hz to 3000 Hz is sufficient 
to convey intelligible voice signals, and also allows 


for audio-frequency-shift keying (AFSK) and 
slow-scan television (SSTV) audio input. 

+12 V 
ie Output 


microphone amplifier 


microphone boom A device used to hang a micro- 
phone, with the base out of the way. It is often 
used in radio broadcasting. 

microphone hummer See HUMMER. 

microphone input In an audio amplifier, a jack or 
other receptacle provided for connection to an ex- 
ternal microphone. It can also be used with other 
low-level audio apparatus. The jack is connected 
to a MICROPHONE AMPLIFIER that provides 
high gain with minimum internal noise. 

microphone oscillator See HUMMER. 

microphonics Ringing (electrical noises) set up by 
the vibration of a component having loose or mov- 
able elements. For example, ringing noises are 
generated in some circuit boards when they re- 
ceive a physical blow. 
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microphonograph A recorder of very low-intensity 
sound. 

microphonoscope An electronic stethoscope, us- 
ing amplification to enhance the response. 

microphotograph An extremely small photograph, 
often of a pattern or mask used in producing 
transistors and integrated circuits. Not to be con- 
fused with photomicrograph, a photograph taken 
through a microscope. 

microphotometer A sensitive instrument for mea- 
suring small-area light intensity. 

microphysics The branch of physics concerned 
with atoms, molecules, and subatomic particles. 

micropower Extremely small amounts of power— 
especially the very low direct-current supply 
power required by some transistors. 

microprocessor The integrated circuit (IC), also 
known as a chip, that coordinates the actions of a 
computer and does the calculations. It is located 
on the motherboard (Sometimes called the logic 
board). These devices get more powerful every 
year. Physically, this translates to an increasing 
number of digital switching transistors per chip. 
The number of digital switches that can be fabri- 
cated onto a semiconductor chip of a particular 
size is ultimately limited by the structure of mat- 
ter. Compare MICROCOMPUTER. 

microprogram 1. In computer operations, a rou- 
tine of microinstructions that provides a com- 
puter a specific function, independent of those 
established by programs being run or by the 
monitor program. Also see MICROINSTRUCTION. 
2. In the direction of a computer, use of a routine 
that is stored specifically in the memory, instead 
of elsewhere. 

microprogramming In the direction of a com- 
puter, the use of a routine that is stored specifi- 
cally in the memory, instead of elsewhere. 

micropulsation Also called micropulse. A pulse of 
extremely short duration. 

microradiometer A sensitive detector of heat and 
infrared radiation, consisting essentially of a 
thermopile carried by the moving coil of a gal- 
vanometer. 

microrutherford A unit of radioactivity equal to 
one disintegration per second or 10° (0.000001) 
rutherford. Also see RUTHERFORD. 

microsecond A unit of time measure equal to 10° 
(0.000001) second. 

microsiemens A unit of conductance equal to 10° 
(0.000001) siemens. 

microspectrophotometer An extremely sensitive 
spectrophotometer for examining light from tiny 
areas. 

microstrip A microwave component that is, in ef- 
fect, a single-wire transmission line operating 
above ground. 

microsyn A device that translates rotational posi- 
tion into an electrical signal. Similar to a 
SELSYN. It is used for such purposes as rotator- 
direction reading. 
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microsystems electronics The technology of elec- 
tronic systems using tiny electronic components. 
Also see INTEGRATED CIRCUIT, MICROELEC- 
TRONIC CIRCUIT, MICROELEMENT, MICRO- 
ELEMENT WAFER, and MICROWAFER. 

microvolt A unit of low voltage, equal to 10° 
(0.000001) volt. 

microvolter An accurate, external attenuator 
(usually for an audio signal generator) providing 
stepped and continuously variable output in mi- 
crovolts and millivolts. 

microvoltmeter A usually direct-reading instru- 
ment used to measure voltages in the microvolt 
range. An input amplifier boosts the test voltage 
sufficiently to deflect the indicating meter. 

microvolts per meter A unit of radio-frequency 
(RF) field strength. It refers to the RF voltage (in 
microvolts) between an antenna and ground, di- 
vided by the height of the antenna (in meters) 
above ground. Compare MILLIVOLTS PER ME- 
TER. 

microvolts per meter per mile A means of ex- 
pressing absolute radio-frequency (RF) field 
strength. Generally, the numerical value is based 
on the field strength, in MICROVOLTS PER ME- 
TER, at a distance of 1 statute mile (5280 feet) 
from the source. 

microwafer A wafer of insulating material, such as 
a ceramic, on which one or more microelements 
are mounted and terminals deposited or plated. 

microwatt A unit of low power, especially electrical 
power, equal to 10® (0.000001) watt. 

microwattage See MICROPOWER. 

microwattmeter An instrument for measuring 
power in the microwatt range. Such an instru- 
ment obtains its sensitivity from a built-in input 
amplifier. 

microwave See MICROWAVES. 

microwave security system A circuit using mi- 
crowave radio-frequency energy to detect intrud- 
ers. When an object moves within the field, the 
intensity of the field changes at one or more 
pickup sensors, triggering an alarm. 

microwave acoustics See ACOUSTOELECTRON- 
ICS and ACOUSTIC DELAY LINE. 

microwave dish A dish antenna for use at mi- 
crowave frequencies. 

microwave early warning Abbreviation, MEW. A 
high-power early warning radar system that af- 
fords large traffic-handling capacity and long 
range. 

microwave filter A bandpass filter built into a 
waveguide for use at microwave frequencies. 

microwave frequencies The general expression 
for radio frequencies above the ultra-high range, 
that is, 3 GHz or more, but below the frequencies 
of infrared energy. This corresponds to radio 
wavelengths of 10 centimeters or less. 

microwave integrated circuit Abbreviation, MIC. 
An integrated circuit designed for use at mi- 
crowave frequencies. 


microwave lens See WAVEGUIDE LENS. 

microwave mirror A reflector of microwaves. 

microwave oven A device consisting essentially of 
a radio-frequency heater using a magnetron 
oscillator. It produces microwave energy that 
causes heating of certain substances via excita- 
tion of the molecules. 

microwave plumbing Collectively, the wave- 
guides, tees, elbows, and similar fixtures and 
connections used in microwave setups. 

microwave radio relay The use of microwaves to 
relay radio, television, and control signals from 
point to point. 

microwave refractometer An instrument using 
microwaves (around 10 GHz) to measure the re- 
fractive index of the atmosphere. 

microwave region See MICROWAVE FREQUEN- 
CIES and MICROWAVES. 

microwave relay See MICROWAVE RADIO RELAY. 

microwave relay system A series of microwave 
transmitter-receiver stations for relaying commu- 
nications in several line-of-sight hops. 

microwaves Radio-frequency electromagnetic en- 
ergy at wavelengths shorter than about 10 cen- 
timeters, but longer than the wavelengths of 
infrared energy. See also MICROWAVE FRE- 
QUENCIES. 

microwave spectrum See MICROWAVE FRE- 
QUENCIES and MICROWAVES. 

microwave transistor A transistor whose semi- 
conductor properties and special fabrication en- 
able it to operate at microwave frequencies. 

microwave tube A KLYSTRON, MAGNETRON, or 
similar tube, used to generate or amplify mi- 
crowave radio-frequency signals. 

midband Abbreviation, MB. The region whose lim- 
its are immediately above and below a MIDFRE- 
QUENCY; the limits are usually specified for a 
particular case. 

midband frequency See MIDFREQUENCY. 

midfrequency The center frequency in a specified 
band of frequencies. 

midget Of reduced size (smaller than small and 
larger than miniature). 

MIDI Acronym for MUSICAL INSTRUMENT DIGI- 
TAL INTERFACE. 

midpoint voltage The voltage at the terminals ofa 
cell or battery when it has been discharged 
halfway (i.e., when the amount of energy used up 
is equal to the amount of energy remaining). 

midrange Pertaining to audio frequencies in the 
middle of the human hearing range, where the 
ear is the most sensitive. These frequencies lie be- 
tween the BASS and TREBLE. 

midrange horn A MIDRANGE SPEAKER equipped 
with a flared horn to give the device a unidirec- 
tional sound-emission pattern. It is used primar- 
ily in high-power systems and by popular music 
bands or high-end audio enthusiasts. 

midrange speaker A loudspeaker operating most 
efficiently at frequencies in the middle of the 
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audio spectrum. Such a speaker is intermediate 
in performance between a WOOFER and a 
TWEETER. 

midsection The center section of a multisection fil- 
ter having an odd number of sections; thus, the 
second section of a three-section filter. 

migration See ION MIGRATION. 

mike 1. See MICROPHONE. 2. See MICROFARAD. 
3. See MICROMETER. 

MIL Abbreviation of military. 

mil 1. A small unit of linear measure; 1 mil = 10° 
(0.001) inch = 0.0254 mm. 2. Thousand, as in n 
parts per mil. 

mile Abbreviation, m or mi. A large unit of linear 
measure, 1 mi = 1.609 km = 5280 feet. 

military robot A robot designed and used for the 
purpose of executing some task in warfare. The 
two general types are: human-operated and 
computer-controlled. An example of a human- 
operated military robot is an aircraft that is flown 
by remote control by a ground-based pilot. The 
same robot, or a whole fleet of them, might be 
flown by a computer using sophisticated EXPERT 
SYSTEMS. 

mill A telegraph operator’s typewriter. 

Miller oscillator A crystal oscillator circuit in 
which the crystal is connected between the con- 
trol electrode and ground. The tuned tank is con- 
nected in the output circuit. The internal 
capacitance of the active device provides feedback 
coupling. Sometimes called conventional crystal 
oscillator. 


milli- Abbreviation, m. A prefix meaning thou- 


sandth(s): 107 (0.001). 
| Output 
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milliammeter A usually direct-reading instrument 
for measuring current in the milliampere range. 
Also see CURRENT METER. 

milliampere Abbreviation, mA. A unit of current 
equal to 10° (0.001) ampere. 

milliampere-hour Abbreviation, mAh. A unit of 
low current drain or charging rate, equal to 10° 
(0.001) ampere-hour. Also see AMPERE-HOUR 
and BATTERY CAPACITY. 

millibar Abbreviation, mb. A unit of low pressure 
equal to 10° (0.001) bar or = 100 pascals. 

millicurie Abbreviation, mCi. A small unit of ra- 
dioactivity equal to 3.71 x 107 disintegrations per 
second, or 107 (0.001) curie. Also see CURIE. 

millifarad Abbreviation, mF. A seldom-used unit of 
capacitance, equal to 10° (0.001) farad or 1000 
microfarads. 

milligram Abbreviation, mg. A metric unit of 
weight equal to 10 (0.001) gram. 

millihenry Abbreviation, mH. A unit of induc- 
tance, equal to 10 (0.001) henry. 

millihorsepower Abbreviation, mhp. A unit of 
power equal to 10° (0.001) horsepower or 0.746 
watt. Also see HORSEPOWER. 

millilambert Abbreviation, mL. A small unit of 
brightness equal to 10% (0.001) lambert. 

milliliter Abbreviation, ml. A metric unit of volume 
equal to 10° (0.001) liter. 

millimaxwell Abbreviation, mMx. A small unit of 
magnetic flux equal to 10° (0.001) maxwell or 
1071! weber. 

millimeter Abbreviation, mm. A metric unit of lin- 
ear measure equal to 10° (0.001) meter or 
0.03937 inch. 

millimeter equivalent The number of millimeters 
equal to a given English measure fraction (e.g., 
the millimeter equivalent of %s inch is 7.937). 

millimeter waves Wavelengths between 0.6 and 
10 mm (frequencies from 30 to 500 GHz). 

millimicro See NANO-. 

millimicrofarad See NANOFARAD. 

millimicrohenry See NANOHENRY. 

millimicron Abbreviation, mm. A unit of wavelength 
equal to 10° micron or one nanometer (10? meter). 

millimilliampere See MICROAMPERE. 

millimole Abbreviation, mmol. A unit in chemistry 
equal to 10° (0.001) mole. 

milliohm A small unit of resistance, reactance, or 
impedance, equal to 10 (0.001) ohm. 

milliohmmeter An ohmmeter for measuring resis- 
tances in the milliohm range. 

million electronvolt(s) See 
VOLT. 

milliphot A unit of illumination equal to 10° 
(0.001) phot. 

millipuffer See PUFFER. 

milliradian Abbreviation, mrad. A unit of angular 
measure equal to 10 (0.001) radian. 

milliroentgen Abbreviation, mr. A small unit of ra- 
dioactive dosage; 1 mr = 10° (0.001) roentgen = 
2.57976 x 107” Ci/kg. 
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millirutherford Abbreviation, mrd. A small unit of 
radioactivity equal to 1000 disintegrations per 
second; 1 mrd = 10° (0.001) rutherford. 

millisecond Abbreviation, ms or msec. A small 
unit of time equal to 10-3 (0.001) second. 

millitorr Abbreviation, mT. An obsolete unit of low 
pressure equal to 10° (0.001) torr, or 0.133322 
pascal. Also see TORRICELLI. 

millivolt Abbreviation, mV. A unit of voltage equal 
to 103 (0.001) volt. 

millivoltmeter A usually direct-reading instru- 
ment for measuring low electric potential. Its 
sensitivity is provided by a high-gain amplifier 
operated ahead of the indicating meter. 

millivolt potentiometer Abbreviation, MVP. A po- 
tentiometer-type null instrument for accurately 
measuring small direct-current voltages, such as 
those delivered by a thermocouple. Also see PO- 
TENTIOMETRIC VOLTMETER. 

millivolts per meter Abbreviation, mV/m. A unit 
of radio-frequency (RF) field strength. It refers to 
the RF voltage (in millivolts) developed between 
an antenna and ground, divided by the height (in 
meters) of the antenna above ground. Compare 
MICROVOLTS PER METER. 

milliwatt Abbreviation, mW. A unit of power equal 
to 107 (0.001) watt. 

milliwattmeter An instrument for measuring 
power in milliwatts. Such instruments usually 
obtain their sensitivity from a built-in preampli- 
fier. 

Mills cross A radio-telescope antenna, consisting 
of two collinear or phased arrays with a common 
intersecting lobe. The result is high resolution. 

mil-spec security See LEVEL-3 SECURITY. 

min 1. Abbreviation of MINIMUM. 2. Abbreviation 
of MINUTE. 

mineral An element or compound that occurs nat- 
urally in the earth’s crust. Most minerals are 
crystalline and many of these have found use in 
electronics. Some have been produced artificially. 

mineral oil A natural liquid insulant derived from 
petroleum. Dielectric constant, 2.7 to 8.0. Power 
factor, 0.08 to 0.2 percent at 1 kHz. 

mineral-oil capacitor An oil capacitor whose pa- 
per dielectric has been impregnated with mineral 
oil, which is also the filler. 

miniature Very small (smaller than midget and 
larger than subminiature). 

miniature cell An electrochemical cell of very 
small size (e.g., a button cell of the kind used in 
cameras and watches). 

miniaturization The technology of minimizing the 
physical size of a circuit or system, while main- 
taining its ability to accomplish a given task. 

minicalculator A pocket-size electronic calculator. 

minicomputer General term for a computer that is 
more sophisticated than a MICROCOMPUTER, 
but less powerful than a MAINFRAME. 

mini connector A jack or plug having two or three 
conductors, and measuring 4 (0.125) inch in di- 
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ameter. It is commonly used with audio equip- 
ment. 

minifloppy A smaller than standard flexible mag- 
netic disk (floppy). 

minima Points along a curve at which a function 
reaches a local minimum value. Also see MAXIMA 
AND MINIMA. 


Local 
minima 


minima 


minimum Abbreviation, min. The smallest value in 
a range or set. Also see MAXIMA AND MINIMA. 

minimum detectable signal A signal whose inten- 
sity is just higher than the threshold of detection. 

minimum discernible signal Abbreviation, MDS. 
The lowest input-signal amplitude that will pro- 
duce a discernible output signal in a radio re- 
ceiver. 

miniscope A very-small-sized, lightweight oscillo- 
scope. 

minitrack A system used to track an earth satel- 
lite, using signals transmitted to the satellite by a 
line of ground radio stations. 

minometer A radioactivity-measuring instrument 
composed of an ionization chamber and a string 
galvanometer. 

minor beats Secondary or extraneous beats pro- 
duced in a beat-note system, caused by various 
sum and difference frequency byproducts of the 
heterodyne process. Compare MAJOR BEATS. 

minor bend A bend in a rectangular waveguide, 
made without twisting. 

minor cycle See WORD TIME. 

minor face In a hexagonal quartz crystal, one of 
the three smaller faces. Compare MAJOR FACE. 

minority carrier The type of charge carrier present 
in relatively small numbers in a processed semi- 
conductor material. Electrons are minority carri- 
ers in p-type material; holes are minority carriers 
in n-type material. Compare MAJORITY CAR- 
RIER. 

minor lobe In a directional antenna system, any 
lobe other than the main lobe(s). Such a lobe rep- 
resents reduced sensitivity and/or power gain 
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relative to the main lobe. Also see MAIN LOBE, 
SIDE LOBE. 

minor loop A subordinate path for the circulation 
of information or control signals in an electronic 
system (e.g., minor feedback loop). Compare MA- 
JOR LOOP. 

minute 1. Abbreviation, min. A unit of measure of 
time equal to 60 seconds or %o hour. 2. Also called 
minute of arc. Symbol (‘). A unit of arc measure 
equal to %o angular degree or 60 seconds. 3. Gen- 
eral term meaning “extremely small.” 

MIR Abbreviation of memory-information register. 

mirror 1. A device consisting chiefly of a highly 
polished or silvered surface that reflects a large 
part of the radiation (such as light) striking it. 
2. Radar-interference material (see CHAFF). 3. To 
reflect, as by a mirror. 

mirror galvanometer A galvanometer in which a 
mirror is moved by the coil. The mirror either re- 
flects a spot of light along an external scale, or it 
reflects the scale, which is then read through a 
small telescope. 

mirror-galvanometer oscillograph See 
TROMECHANICAL OSCILLOSCOPE. 

mirror image 1. An image or curve that is exactly 
reversed relative to a straight line or flat plane, 
compared to a reference image or curve. Compare 
BILATERAL SYMMETRY. 2. For a quarter-wave 
Marconi antenna, the extra quarter-wave element 
supplied by the earth. 3. For an antenna at a dis- 
tance d above a ground plane, an effective an- 
tenna at an equal distance d below the ground 
plane. 
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mirror-reflection echo A false radar echo or set of 
echoes, caused by reflection of the radar beam 
from a plane surface prior to its encountering the 
target or targets. The beam can also be reflected 
from one target to another. 

mirror-type meter A meter whose movable coil 
carries a small mirror (rather than a pointer) that 
reflects a beam of light to produce a spot on a 
translucent scale. 

misaligned head In a tape recorder, a record or a 
pickup head that is incorrectly oriented, with re- 
spect to the passing tape. 

misfire Failure of a gas tube or mercury-arc tube 
to ignite at the correct instant. 
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misleading precision In electronic calculations 
and data recording, greater precision than the in- 
struments or conditions justify. Also see SIGNIF- 
ICANT FIGURES. 

mismatch The condition resulting from joining two 
circuits, or connecting a line to a circuit, in which 
the impedances are substantially different. 

mismatched impedances Impedances that are 
unequal, and thus do not satisfy the conditions 
for maximum power transfer. 

mismatch factor Fora load not perfectly matched 
to a driving circuit, the ratio of current flowing in 
the load to the current that would flow in the load 
if its impedance were perfectly matched to the 
output impedance of the driving circuit. 

mismatch loss For a load that is mismatched to a 
source, the ratio P;/P2, where P; is the power a 
matched load would absorb from the source, and 
Pz is the power actually absorbed by the mis- 
matched load. 

mistor A variable-resistance device, used to detect 
the presence of a magnetic field and to measure 
magnetic-field strength. 

MIT Abbreviation of MASTER INSTRUCTION TAPE. 

mix 1. To produce a beat signal (either the sum or 
the difference frequency) from two input signals. 
2. The proportion of powdered iron and other in- 
ert substances in a ferromagnetic transformer 
core. Different mixes result in different operating 
characteristics. 

mixdown A method of combining recorded sound 
from two or more audio tracks, and recording the 
result onto an audio tape or disc. It is used to cre- 
ate special audio effects. 

mixed-base notation A number system in which 
the base (radix) alternates between two digit posi- 
tions. Also called mixed radix notation. 

mixed calculation A mathematical calculation or 
expression in which more than one operation is 
used. 

mixed modulation Modulation of several kinds co- 
existing in a system. Thus, a small amount of un- 
desired frequency modulation might accompany 
amplitude modulation, or vice versa. 

mixed number A number having integral (whole) 
and fractional parts (e.g., 3.14159). 

mixer 1. A device, such as a transistor or semicon- 
ductor diode, used to mix two input signals and 
deliver an output equal to their difference and/or 
sum (see MIXING). 2. See AUDIO MIXER. 3. Any 
device that combines two or more signals, yield- 
ing one output signal whose nature is determined 
by the characteristics of the circuit. 

mixer noise Electrical noise that occurs in a 
MIXER. 

mixing Combining several signals so that some de- 
sired mixture of the original signals is obtained. 
Compare MODULATION. 

mixture 1. A combination of two or more signals 
that retain their characteristics—even when they 
interact to produce beat-frequency products. 2. A 
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diffusion of one substance throughout another, 
without a solution or a chemical reaction result- 
ing. 

mixture melting point Abbreviation, mmp. The 
temperature at which a mixture of solid sub- 
stances starts turning into a liquid at 1 atmo- 
sphere of pressure. This melting point depends 
upon the melting points of the substances and 
their relative concentration in the mixture. Also 
see MELTING POINT and MIXTURE. 

mks Abbreviation of METER-KILOGRAM-SECOND. 

mL Abbreviation of MILLILAMBERT. 

ml Abbreviation of MILLILITER. 

mm Abbreviation of MILLIMETER. 

mmf Abbreviation of MAGNETOMOTIVE FORCE. 

mmol Abbreviation of MILLIMOLE. 

mmp Abbreviation of MIXTURE MELTING POINT. 

mmy Abbreviation of MONOSTABLE MULTIVI- 
BRATOR. 

Mn Symbol for MANGANESE. 

m, Symbol for MASS OF NEUTRON AT REST. 

mnemonic 1. Pertaining to MEMORY or to mem- 
ory systems. 2. A memory code or device. 

mnemonic code In computer operations, a pro- 
gramming code, such as assembly language, 
that, although easily remembered by the pro- 
grammer, requires subsequent conversion to ma- 
chine language. 
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mntr Abbreviation of MONITOR. (Also, mon.) 

MO Abbreviation of MASTER OSCILLATOR. 

Mo Symbol for MOLYBDENUM. 

mobile communications 1. Radio communica- 
tions between or among stations on board mov- 
ing or stationary land, waterborne, or airborne 
vehicles. 2. Radio communications between at 
least one fixed station and one or more moving or 
stationary land, waterborne, or airborne sta- 
tions. 

mobile radio service See MOBILE COMMUNICA- 
TIONS. 

mobile receiver A radio, television, or other re- 
ceiver aboard a moving or stationary land, water- 
borne, or airborne vehicle. 

mobile-relay station A fixed station that receives a 
signal from a MOBILE STATION and retransmits 
it to one or more other mobile stations. 

mobile station A station installed and operated 
aboard a moving or stationary vehicle. The vehi- 
cle might be on land, under water, or in the air. 
Compare PORTABLE STATION. 

mobile transmitter A radio, television, or other 
transmitter aboard a moving or stationary vehi- 
cle. The vehicle might be on land, under water, or 
in the air. 

mobility See CARRIER MOBILITY. 

mockup See DUMMY, 1. 

mod 1. Abbreviation of MODULATOR. 2. Abbrevia- 
tion of MODULUS. 3. Abbreviation of MODIFICA- 
TION. 

mode 1. One of the ways a given resonant system 
can oscillate. 2. One of the ways that electromag- 
netic energy can be propagated through a device 
or system. See MODES OF PROPAGATION. 
3. The method via which intelligence is conveyed 
in a communications or broadcast signal. See 
EMISSION MODE. 4. Resonance of sound waves 
within an acoustic chamber. 

mode coupling The exchange or interaction of en- 
ergy between identical modes (see MODE, 1, 2). 

mode filter A waveguide filter that separates 
waves of different propagation mode, but of the 
same frequency (see MODES OF PROPAGATION). 

model 1. A working or mockup version of a circuit, 
system, or device, illustrative of the final version. 
2. A mathematical representation of a process, 
device, circuit, or system. Example: the Ruther- 
ford model of the atom. 

modeling The creation of an object in three-dimen- 
sional computer graphics. 

modem See MODULATOR-DEMODULATOR. 

mode purity In a modulated radio-frequency sig- 
nal, the condition in which no undesirable types 
of modulation exist. For example, a frequency- 
modulated signal in which there is zero ampli- 
tude modulation. 

moderator A substance, such as graphite or 
heavy water, used to slow neutrons in an atomic 
reactor. Also see ACCELERATOR, 1 and REAC- 
TOR, 2. 
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modes of propagation The configurations in 
which microwave energy can be transmitted 
through a WAVEGUIDE. 

modes of resonance In a microwave cavity, the 
configurations in which resonant oscillation can 
exist, depending on the way the cavity is excited. 

modification 1. Changing the configuration of a 
circuit, device, or system, usually to a minor ex- 
tent, to tailor its characteristics for a specific pur- 
pose. 2. Changing some aspect of a signal for a 
specific purpose (e.g., reducing the emission 
bandwidth to allow more signals to fit within a 
given band of frequencies). 3. In computer opera- 
tions, changing program addresses and instruc- 
tions by performing logic and arithmetic on them, 
as if they were data. Also see PROGRAM MODIFI- 
CATION. 

modified alternate mark inversion A signal that 
is similar to alternate mark inversion (AMD, but 
contains certain differences that are specified by 
a rigorous set of standards for the particular sig- 
nal. 

modifier A data item used to change a computer 
program instruction so that it can be used to im- 
plement different successive operations. Also see 
PROGRAM MODIFICATION. 

modifier register See INDEX REGISTER. 

modify To perform a MODIFICATION to a circuit, 
device, system, signal, program address, etc. 

moding A fault characterized by oscillation of a 
MAGNETRON in undesirable modes. 

modular technique See BUILDING-BLOCK TECH- 
NIQUE. 

modulated amplifier A usually high-frequency 
amplifier whose output is varied in some way for 
the purpose of conveying intelligence. Compare 
MODULATED OSCILLATOR. In the amplitude 
modulation of an amplifier, there is little or no 
disturbance of the carrier frequency. Also see 
MODULATION. 

modulated beam 1. An electron beam (as in a 
cathode-ray tube), whose intensity is varied by a 
desired signal. 2. A light beam whose intensity is 
varied for communications or control purposes. 

modulated carrier A carrier wave whose ampli- 
tude, frequency, or phase is varied to convey in- 
telligence. 

modulated continuous wave Abbreviation, mcw. 
A high-frequency carrier wave modulated by a 
continuous, lower-frequency wave, as in MCW 


telegraphy. 

modulated CW See MODULATED CONTINUOUS 
WAVE. 

modulated electron beam See MODULATED 
BEAM, 1. 


modulated light beam See MODULATED BEAM, 
2. 

modulated oscillator A usually high-frequency 
oscillator whose output is varied in some way to 
convey intelligence. Compare MODULATED AM- 
PLIFIER. Also see MODULATION. 
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modulated-ring pattern See GEAR-WHEEL PAT- 
TERN and SPOT-WHEEL PATTERN. 

modulated stage A transmitter, amplifier, or oscil- 
lator in which the signal information is impressed 
on the carrier. 

modulated wave See MODULATED CARRIER. 

modulatee A stage or circuit upon which modula- 
tion is impressed (e.g., a MODULATED AMPLI- 
FIER or a MODULATED OSCILLATOR). 

modulating electrode 1. In an oscilloscope, an 
electrode (usually the intensity electrode) to which 
a signal can be applied to intensity-modulate 
the electron beam. 2. In a cathode-ray tube, the 
electrode to which the video signal is applied. 

modulating signal Intelligence that modulates a 
carrier (e.g., binary data in radioteletype, or mu- 
sic in broadcasting). 

modulation Combining two signals with the result 
that some aspect of one signal (the carrier) is var- 
ied by and in sympathy with the other (the mod- 
ulating signal). Usually, the carrier has a 
frequency considerably higher than that of the 
modulating signal. 

modulation bars A form of television interference 
in which an amplitude-modulated signal causes 
horizontal bars, alternating light and dark, to ap- 
pear on the picture screen. The higher the modu- 
lating frequency, the closer together the bars 
appear. In severe cases, the bars completely oblit- 
erate the picture. 

modulation capability The maximum percentage 
of modulation a transmitter will permit before 
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nonlinearity occurs. Also see MODULATION LIN- 
EARITY. 

modulation characteristic For an amplitude- 
modulated wave, the ratio of the instantaneous 
amplitude of the modulated signal to the instan- 
taneous modulating voltage. 

modulation code In a modulated transmitter, a 
system of modulation in which certain signal 
variations or pulses represent particular charac- 
ters. Examples are ASCII, BAUDOT CODE, and 
MORSE CODE. 

modulation coefficient Symbol, m. A figure ex- 
pressing the depth (extent) to which a signal is 
amplitude-modulated. For a signal in which the 
upward modulation is equal to the downward 
modulation, m = (Em - EJ/E., where E. is the 
peak-to-peak voltage of the unmodulated signal, 
and Em is the peak-to-peak voltage of the modu- 
lated signal. For full (100%) modulation, m= 1. 

modulation depth See DEPTH OF MODULATION. 

modulation distortion 1. In a modulated signal, 
envelope distortion introduced by the modulation 
process or by the receiver circuit. 2. External 
cross modulation (see CROSS MODULATION, 1). 

modulation envelope See ENVELOPE, 1. 

modulation-envelope distortion Undesirable dis- 
tortion in the ENVELOPE of the modulating intel- 
ligence in an amplitude-modulated or single-side- 
band signal at the output of a radio transmitter. 

modulation factor See MODULATION COEFFI- 
CIENT. 

modulation frequency Abbreviation, fm. The fre- 
quency of a modulating signal. 

modulation linearity In a modulated signal, the 
degree to which the instantaneous signal ampli- 
tude or frequency follows the instantaneous am- 
plitude of the modulating signal. 

modulation meter See PERCENTAGE-MODULA- 
TION METER. 

modulation monitor 1. A linear detector with a 
pickup coil (or antenna) and headphones for lis- 
tening to an amplitude-modulated signal. 2. See 


PERCENTAGE-MODULATION METER. 3. A de- 
vice that displays the modulation characteristics 
of a signal (e.g., the envelope for amplitude mod- 
ulation and single sideband or the frequency-vs. 
time function for frequency modulation). 

modulation noise See NOISE BEHIND THE SIG- 
NAL. 

modulation percentage A measure of the extent 
to which a signal is amplitude modulated. It is ex- 
pressed as the MODULATION COEFFICIENT 
multiplied by 100. 

modulation ratio For a modulated signal, the quo- 
tient M,/M, where M, is the percentage of radi- 
ated-signal modulation, and M; is the percentage 
of current modulation. 

modulator A device or circuit for modulating a car- 
rier. 

modulator cell See KERR CELL. 

modulator crystal A transparent piezoelectric crys- 
tal to which a signal voltage can be applied to mod- 
ulate a beam of polarized light passing through it. 

modulator-demodulator Also called modem. 1. A 
device that converts binary data to audio- 
frequency-shift-keyed (AFSK) analog signals, and 
vice-versa. It is commonly used to interface com- 
puters and terminals with telephone lines and ra- 
dio transceivers. 2. A circuit or device, such as a 
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biased diode or diode bridge, that can perform ei- 
ther modulation or demodulation. 

modulator driver An amplifier stage that delivers 
excitation current, voltage, or power to a modula- 
tor stage. 

module An assembly containing a complete self- 
contained circuit (or subcircuit), often miniatur- 
ized and made for plug-in operation. 

modulometer Any instrument, such as a percent- 
age-modulation meter, used to measure the de- 
gree of modulation of a signal. Often, it can also 
measure other signal characteristics (e.g., carrier 
shift, extraneous amplitude modulation, and ex- 
traneous frequency modulation). 

modulo n check In computer operations, a tech- 
nique for verifying the validity of a number used 
as an operand. The number being so checked is 
divided by another number to provide a remain- 
der (check digit) that goes with the number. After 
the number is, for example, transmitted through 
some part of a computer system, it is again di- 
vided by the original divisor, and if the remainder 
is the check digit, the data has retained its in- 
tegrity. 

modulus 1. Absolute magnitude. Also see ABSO- 
LUTE VALUE and IMPEDANCE. 2. Abbreviation, 
mod. In computer operations, a whole number 
that indicates the number of states a counter se- 
quences through in each cycle. 3. Abbreviation, 
mod. A number (constant or coefficient) express- 
ing the degree to which some property is pos- 
sessed by a material or body (e.g., modulus of 
elasticity, shear modulus, and bulk modulus). 4. A 
constant by which a logarithm to one base must 
be multiplied to obtain a logarithm of the same 
number to another base. 

modulus of elasticity The stress-to-strain ratio in 
a material under elastic deformation. 

moire In a television or facsimile picture, an effect 
produced by the convergence of straight lines. 
When the lines are nearly parallel to the scanning 
lines, the converging lines appear irregular. 

moisture meter See ELECTRIC HYGROMETER 
and ELECTRONIC HYGROMETER. 

mol Abbreviation of MOLE. 

molar conductance See MOLECULAR CONDUC- 
TANCE. 

molar polarization Any molecule in an electric 
field undergoes a small displacement of the posi- 
tive and negative electrical centers. This results 
in an electric dipole. 

molar solution A solution, such as an electrolyte, 
containing 1 mol of solute per liter of solvent. 
Compare NORMAL SOLUTION. 

mold 1. To form matter into a desired shape, as by 
pouring liquefied material into a container or liq- 
uefying the material in the container, then allow- 
ing the liquid material to solidify. In hot molding, 
the material is melted in the container and then 
cooled to hardness; in cold molding, the material 
is shaped without heat and it solidifies with time. 


2. The hollow container used to shape a material, 
as in 1. 

molded capacitor A capacitor that is molded into 
a protective body of insulating material. Also see 
MOLD, 1, 2 and MOLDED COMPONENT. 

molded ceramic capacitor A ceramic-dielectric 
capacitor enclosed in a molded housing. Also 
see MOLD, 1, 2; MOLDED CAPACITOR; and 
MOLDED COMPONENT. 

molded coil See MOLDED INDUCTOR. 

molded component A part (such as a capacitor, 
coil, or resistor) that is completely enclosed in a 
protective material (such as a plastic) that is 
molded around it. Also see MOLD, 1, 2. 

molded electrolytic capacitor A solid-dielectric 
electrolytic capacitor enclosed in a molded hous- 
ing. Also see MOLD, 1, 2; MOLDED CAPACI- 
TOR; MOLDED COMPONENT; and SOLID- 
ELECTROLYTIC CAPACITOR. 

molded glass capacitor A glassplate-dielectric ca- 
pacitor enclosed in a molded glass housing. Also 
see GLASS CAPACITOR; MOLD, 1, 2; MOLDED 
CAPACITOR; and MOLDED COMPONENT. 

molded inductor An inductor that is molded into a 
protective housing of insulating material. Also see 
MOLD, 1, 2 and MOLDED COMPONENT. 

molded mica capacitor A mica-dielectric capaci- 
tor enclosed in a molded housing. Also see MICA 
CAPACITOR; MOLD, 1, 2; MOLDED CAPACITOR; 
and MOLDED COMPONENT. 

molded mud A molding compound that has infe- 
rior electrical characteristics. Also see MOLD, 1, 
2 and MOLDED COMPONENT. 

molded paper capacitor A paper-dielectric capac- 
itor enclosed in a molded housing. Also see 
MOLD, 1, 2; MOLDED CAPACITOR; MOLDED 
COMPONENT; and PAPER CAPACITOR. 

molded porcelain capacitor A capacitor enclosed 
in a body of molded porcelain. Also see MOLD, 1, 
2; MOLDED CAPACITOR; MOLDED COMPO- 
NENT; and PORCELAIN. 

molded resistor A resistor that is molded in a pro- 
tective housing of insulating material. Also see 
MOLD, 1, 2 and MOLDED COMPONENT. 

molded transistor A transistor that is encapsu- 
lated in a protective molding compound, such as 
epoxy resin. Also see MOLD, 1, 2 and MOLDED 
COMPONENT. 

mole Abbreviation, mol. 1. The amount of sub- 
stance in a system containing as many specified 
entities (atoms, molecules, ions, subatomic parti- 
cles, or groups of such particles) as there are 
atoms in 12 grams of carbon 12. 2. It is also 
called the Avogadro constant. A unit of quantity 
in chemistry, equal to approximately 6.022 x 
1023, 

molectronics See MOLECULAR ELECTRONICS. 

molecular circuit See MONOLITHIC INTE- 
GRATED CIRCUIT. 

molecular conductance For a solution, such as 
an electrolyte, the product of specific conductivity 
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and the volume (in liters) of a solution that con- 
tains 1 gram molecule of the solute. Also see 
SOLUTE; SOLUTION, 1; and SOLVENT, 1, 2. 

molecular conductivity See MOLECULAR CON- 
DUCTANCE. 

molecular electronics The technique of process- 
ing a single block of material so that separate ar- 
eas perform the functions of different electronic 
components. The entire block constitutes a cir- 
cuit (e.g., a MONOLITHIC INTEGRATED CIR- 
CUIT). 

molecular magnets According to the molecular 
theory of magnetism, the elemental magnets 
formed by individual molecules. 

molecular theory of magnetism Each molecule in 
a piece of magnetic metal is itself a magnet (pos- 
sessing a north and a south pole). These tiny 
magnets are thought to be normally oriented at 
random, but when the material is magnetized by 
an external force, they align themselves with each 
other. 

molecular weight Abbreviation, mol wt. In a 
molecule of a substance, the sum of the atomic 
weights of the constituent atoms. 

molecule The basic particle of a compound; each 
molecule usually contains two or more atoms. 
For example, the formula AgNO; represents silver 
nitrate, each molecule of which contains one 
atom of silver (Ag), one atom of nitrogen (N), and 
three atoms of oxygen (O). 

moletronics See MOLECULAR ELECTRONICS. 

mol wt Abbreviation of MOLECULAR WEIGHT. 

molybdenum Symbol, Mo. A metallic element. 
Atomic number, 42. Atomic weight, 95.94. It is 
used in the grids and plates of certain vacuum 
tubes. 

moment The tendency to produce motion around 
a point, as by torque, or the product of a quantity 
and the distance to a point. The moment of force 
is expressed as the product Fd, where F is force 
and d is distance. 

momentary-contact switch A switch that main- 
tains contact only while it is held down. Such a 
device is usually a pushbutton switch, although it 
might be a toggle switch, a slide switch, or a lever 
switch. 

momentary switching Switching of short dura- 
tion, often characterized by a quick make and 
break immediately following activation of the 
switch. Compare DWELL SWITCHING. 

moment of inertia For a torque motor, the inertia 
of the armature around the axis of rotation. Also 
see MOMENT. 

mon 1. Abbreviation of MONITOR. 2. Abbreviation 
of MONAURAL. 

monatomic 1. Pertaining to a molecule with only 
one atom. 2. Pertaining to a molecule with only 
one replaceable atom or radical. 

monatomic molecule A molecule having a single 
atom (e.g., argon, helium, and neon). Compare 
DIATOMIC MOLECULE. 
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monaural 1. Pertaining to an audio system having 
one Channel. 2. Pertaining to hearing with one 
ear, as opposed to BINAURAL. 

monaural recorder A single-track recorder, as op- 
posed to a stereophonic recorder. 

Monel metal An alloy of nickel (67%), copper 
(28%), iron, manganese, and other metals (5%). 
Its resistivity is approximately 42 microhm- 
centimeters at 20°C. 

monimatch An amateur version of the reflected- 
power meter and SWR meter. 


RF 
output 


RF 
input 


monimatch 


moniscope A special cathode-ray tube that pro- 
duces a stationary picture for testing television 
equipment. Its name is a contraction of monitor 
and scope. 

monitor 1. A device that allows the sampling of a 
signal or quantity. Examples: line-voltage monitor, 
television monitor, and modulation monitor. 2. A 
cathode-ray-tube (CRT) computer display. 

monitor head A separate playback head included 
in some tape recorders for listening to the tape as 
it is being recorded. 

monitoring The act, process, or technique of ob- 
serving an action while it is in progress or check- 
ing a quantity while it is varying. Examples: 
carrier monitoring, modulation monitoring, and 
line-voltage monitoring. 

monitoring amplifier An auxiliary amplifier used 
in monitoring an audio-frequency system. 

monitoring antenna A usually small pickup an- 
tenna used with a signal monitor or monitoring 
receiver. 

monitoring key In a telephone system, a device 
used to listen to a two-way conversation. 

monitoring receiver A radio or television receiver 
used specifically to monitor a transmission di- 
rectly. 

monitoring station Ina security system, a central 
control location from which personnel can ob- 
serve the input from sensors, cameras, and other 
devices at remote locations throughout the se- 
cured area. 

monitor system A computer program usually 
stored in the read-only memory (ROM) supplied 
by the hardware vendor. It controls the imple- 
mentation of programs written by the user, and 
the operation of peripherals associated with 
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program runs and inputting or outputting data to 
or from memory. Also called executive program. 

monkey chatter The characteristic sound of a sin- 
gle-sideband (SSB) signal when the receiver is 
mistuned, or when the receiver is set for the 
wrong sideband. 

monk's cloth A coarse drapery fabric sometimes 
used to soundproof the walls and ceiling of a ra- 
dio studio or recording booth. 

mono See MONAURAL. 

mono- Prefix meaning single. 

monobrid circuit An integrated circuit in which 
either several monolithic IC chips are intercon- 
nected to form a larger, single-package circuit, or 
monolithic IC chips are interwired with thin-film 
components into a single-package circuit. The 
name is a contraction of monolithic hybrid. 

monochromatic 1. Being of one color (hue) in na- 
ture. 2. Being of a single wavelength in nature 
(pertaining to radiation of any kind). 3. Pertaining 
to black-and-white television. 

monochromaticity Consisting of one color of visi- 
ble light. The brightness can vary from black to 
maximum. 

monochromatic power density At a given tem- 
perature, the energy radiated per square centime- 
ter of blackbody surface per second per unit 
wavelength range. Also see BLACKBODY and 
BLACKBODY RADIATION. 

monochromatic sensitivity Sensitivity to light of 
one color only. 

monochrome television Black-and-white televi- 
sion. 

monoclinic crystal A crystal having three axes of 
unequal length; two of them intersect obliquely 
and are perpendicular to the third [e.g., the type 
of crystal found in one form of sulfur (monoclinic 
sulfur)]. 

monocrystalline material See SINGLE-CRYSTAL 
MATERIAL. 

monode A one-element device, such as a filament- 
type lamp, thermistor, voltage-dependent resis- 
tor, barretter, etc. 

monogroove stereo A method of making a stereo- 
phonic phonograph disc in which both channels 
are recorded as a single groove. 

monolayer A thin film having a thickness of one 
molecule. 

monolithic integrated circuit An integrated cir- 
cuit (IC) formed in a single block or wafer of semi- 
conductor material. The name is derived from the 
Greek monolithos (“one stone”). Compare HY- 
BRID INTEGRATED CIRCUIT and THIN-FILM IN- 
TEGRATED CIRCUIT. 

monometallic Containing or using only one metal. 

monomolecular film See MONOLAYER. 

monophonic recorder See SINGLETRACK RE- 
CORDER. 

monophonic system A single-channel sound sys- 
tem. Compare STEREO SYSTEM. 
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monopole antenna See QUARTER-WAVE MONO- 
POLE. 

monopulse In radar and electronic-navigation op- 
erations, using one pulse to determine azimuth 
and elevation simultaneously. 

monorange speaker A loudspeaker that repro- 
duces most of the full audio range. Also called ex- 
tended range speaker. Compare TWEETER and 
WOOFER. 

monostable Having one stable state. 

monostable blocking oscillator Abbreviation, 
MBO. A blocking oscillator that behaves some- 
what like a one-shot multivibrator. The oscillator 
delivers a single output pulse each time it re- 
ceives an input (trigger) pulse. 

monostable multivibrator A multivibrator that 
delivers one output pulse for each input (trigger) 
pulse. Also called one-shot circuit and single-shot 
multivibrator. Compare ASTABLE MULTIVIBRA- 
TOR and BISTABLE MULTIVIBRATOR. 
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monostatic reflectivity The property whereby, for 
certain reflectors (such as a tricorner reflector), 
all incident rays are reflected in exactly the oppo- 
site direction from which they arrive. 

monotone A sound or series of sounds having a 
single, constant pitch (frequency). 

monotonicity In a digital-to-analog converter, a 
condition where the output either remains the 
same or increases for any single increase in the 
input code. 

monovalent See UNIVALENT. 
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Monte Carlo method 1. The use of statistical sam- 
pling in the approximate solution of an engineer- 
ing problem. 2. In computer operations, the 
construction of mathematical models from ran- 
domly selected components taken from represen- 
tative statistical populations. 

Moog synthesizer An electronic device that can be 
made to simulate virtually any sound, including 
that of musical instruments and the human 
voice, through the use of several audio oscilla- 
tors, whose output can be controlled to produce 
tones of various harmonic content, duration, at- 
tack, and decay periods. 

moonbounce Also called earth-moon-earth (EME). 
Radio communication, usually at very-high fre- 
quencies (VHF) or ultra-high frequencies (UHF), 
in which the moon is used as a passive reflector. 
This is a popular mode among some amateur ra- 
dio operators. 


moon bounce 


MOPA Abbreviation of MASTER OSCILLATOR/ 
POWER AMPLIFIER. 

morphological electronics See 
ELECTRONICS. 

Morse 1. See MORSE CODE. 2. Telegraphy (wire or 
radio). 3. To signal by means of the Morse code. 

Morse code Either of two similar binary codes 
used in radio and wire telegraphy. It uses short 
pulses (dots or dits) and long pulses (dashes or 
dahs) to represent letters of the alphabet, numer- 
als, and punctuation marks. It usually refers to 
the CONTINENTAL CODE, but occasionally it 
refers to the AMERICAN MORSE CODE. 

MOS Abbreviation of metal-oxide-semiconductor. 

mosaic 1. See PHOTOMOSAIC. 2. The pattern of 
tiny photoelectric particles in a television cam- 
era tube that convert the image into electric 
charges. 

mosaic crystal A form of imperfect crystal. The de- 
fects have certain properties, one of which is to 
cause additional energy levels in semiconductor 
materials manufactured from such crystals. 

MOS capacitor A capacitor using metal-oxide- 
semiconductor (MOS) technology. It is used in 
MOS integrated circuits. A silicon substrate 
forms one electrode (generally p-type material). 
An oxide layer forms the dielectric. An electrode 
forms the other plate of the capacitor. The capac- 
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itance might be variable by changing the applied 
voltage at the metal gate electrode. 

MOSFET Abbreviation of METAL-OXIDE- 
SEMICONDUCTOR FIELD-EFFECT TRANSISTOR. 

MOSROM Abbreviation of metal-oxide-semiconduc- 
tor read-only memory (see READ-ONLY MEM- 
ORY). 

MOST Abbreviation of metal-oxide-semiconductor 
transistor. 

most significant character Abbreviation, MSC. In 
positional number representation, the leftmost 
character in a significant group, such as a word. 

most significant digit Abbreviation, MSD. In a 
number, the leftmost digit that is not zero (zero 
being insignificant in this context). 

mother 1. A term or prefix referring to a compo- 
nent that supports (or appears to support) other 
similar components (e.g., MOTHERBOARD). 2. A 
term referring to the source from which samples 
or components are derived (e.g., MOTHER CRYS- 
TAL). 3. A mold that has been electroformed from 
a master phonograph disc. 

motherboard In a computer or data-processing 
device, the circuit board on which most of the 
main circuitry is mounted. 

mother crystal A natural quartz crystal from 
which is produced the piezoelectric plates and 
other components used in electronics. 

motion detector A device for sensing the move- 
ment or stopping of a body, such as a rotating 
shaft. Various sensors are used in different de- 
tectors: magnetic, photoelectric, capacitive, etc. 

motion frequency The natural frequency (espe- 
cially that of oscillation) of a servo. 

Motion Picture Experts Group Abbreviation, 
MPEG. A data-compression standard used for 
animated digital video. It is useful in computer 
videoconferencing and telecommuting, and for 
the development of multimedia presentations. 

motion-picture pickup In television operations, a 
camera (and the technique for using it) for pick- 
ing up scenes directly from motion-picture film. 

motion sensor In security systems, a set of de- 
vices that produces an output signal whenever 
anything moves within a certain area. Such 
equipment might use infrared, ultrasound, 
microwaves, capacitive effects, thermal sensors, 
air-current detectors, sound detectors, video 
cameras, or a combination of these. 

motor 1. A machine for converting electrical en- 
ergy into mechanical energy. 2. The driving 
mechanism of a loudspeaker. 

motorboard The basic mechanism of a tape 
recorder, embodying motor, flywheel, capstan, 
rollers, etc., assembled on a board or panel. 

motorboating A repetitive, low-frequency popping 
or puffing noise sometimes observed in malfunc- 
tioning audio circuits. It was so named because 
of its resemblance to the sound of a motorboat. 

motorboating filter In an audio amplifier 
circuit, a simple filter installed to prevent 
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MOTORBOATING caused by unwanted positive 
feedback. Also see DECOUPLING FILTER. 

motor capacitor See MOTOR-RUN CAPACITOR 
and MOTOR-START CAPACITOR. 

motor constant The ability, expressed numeri- 
cally, of a torque motor to convert electric input 
power into torque. 

motor converter An electromechanical device for 
converting alternating current to direct current. 

motor-driven relay An electromechanical relay 
whose contacts are opened and closed by a rotat- 
ing motor. 

motor effect Magnetic force between adjacent cur- 
rent-carrying conductors. 

motor-generator A combination of motor and gen- 
erator in a single machine assembly. A common 
arrangement is a low-voltage motor turning a 
high-voltage generator. The machine shafts can 
be coupled, or the motor can turn the generator 
through a belt, chain, or gear train. 

motor meter A meter in which the movable ele- 
ment is essentially a continuously rotating motor. 
See, for example, KILOWATT-HOUR METER. 

motor-run capacitor A power-factor-boosting ca- 
pacitor connected (together with its auxiliary 
winding) in parallel with the main winding in an 
induction motor. Also see CAPACITOR MOTOR. 

motor-speed control A method of controlling the 
speed of a motor by varying the magnitude 
and/or phase of its current. Electronic devices 
usually use diode, diac, or triac circuits. 

motor-start capacitor A capacitor that, with an 
auxiliary winding, is switched into a motor circuit 
during the starting period, and is automatically 
disconnected (with the winding) after the motor 
reaches normal running speed. Also see CAPACI- 
TOR MOTOR. 

motor starter See STARTING BOX. 

mould See MOLD. 

mount 1. A mechanical device with which a com- 
ponent is attached to a circuit board or chassis. 
2. The attachment of a circuit board to a 
chassis. 3. The hardware with which an an- 
tenna is attached to a mast. 4. The hardware 
with which a microphone is attached to a boom 
or other support. 5. In general, any attaching 
hardware. 

Mountain standard time Abbreviation, MST. Lo- 
cal mean time at the 105th meridian west of 
Greenwich. Also see GREENWICH MEAN TIME, 
STANDARD TIME, TIME ZONE, and COORDI- 
NATED UNIVERSAL TIME. 

mounting flange The portion of a speaker frame, 
usually made of metal, that is equipped with 
holes for attachment to a cabinet or panel. 

mouse A pointing device commonly used with per- 
sonal computers. It is about the size of a candy 
bar. The computer operator moves the display 
pointer or cursor by sliding the mouse on a flat 
surface. Functions and commands are executed 
by pressing a button (clicking) on the device. 
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mouth The radiating end of a horn (antenna, loud- 
speaker, etc.). 

MOV Abbreviation of METAL-OXIDE VARISTOR. 

movable-coil meter See D'ARSONVAL METER. 

movable-coil modulator See ELECTROMECHANI- 
CAL MODULATOR. 

movable contact The traveling contact in a relay 
or switch. Compare FIXED CONTACT. 

movable-iron meter See IRON-VANE METER. 

movies on demand In television, a system that 
makes it possible for subscribers to choose the 
programs they want to see, and also to choose the 
viewing times for the programs. 

moving-coil galvanometer A galvanometer whose 
movable element is a coil of fine wire suspended 
or pivoted between the poles of a magnet. 

moving-coil microphone See DYNAMIC MICRO- 
PHONE. 

moving-coil motor The driving mechanism of a 
moving-coil DYNAMIC SPEAKER. 

moving-coil pickup See DYNAMIC PICKUP. 

moving-coil speaker See DYNAMIC SPEAKER. 

moving-conductor microphone See VELOCITY 
MICROPHONE. 

moving-diaphragm meter A headphone used as a 
sensitive indicator in alternating-current bridge 
measurements. 

moving element In an electromechanical device, 
the portion that moves physically under variable 
operating conditions. 

moving-film camera An oscilloscope camera in 
which the film is drawn past the lens continu- 
ously at a constant speed, rather than being ad- 
vanced frame by frame, as in a motion-picture 
camera. 

moving-iron meter See IRON-VANE METER. 

moving-vane meter See IRON-VANE METER. 

mp Abbreviation of MELTING POINT. 

m, Symbol for MASS OF PROTON AT REST. 

MPEG Abbreviation for MOTION PICTURE EX- 
PERTS GROUP. 

MPG Abbreviation of microwave pulse generator. 

mph Abbreviation of miles per hour. Also, mi/h. 

MPO Abbreviation of maximum power output. 

mps 1. Abbreviation of meters per second. Also, 
m/s. 2. Abbreviation of miles per second. Also, 
mi/s. 

MPT Abbreviation of MAXIMUM POWER TRANS- 
FER. 

MPX Abbreviation of MULTIPLEX. 

MR Abbreviation of MEMORY REGISTER. 

mrad Abbreviation of MILLIRADIAN. 

MRIA Abbreviation of Magnetic Recording Industry 
Association. 

mrm Abbreviation of milliroentgens per minute. 

MS Abbreviation of MASS SPECTROMETER. 

m?/s Abbreviation of meters squared per second. 
The unit of kinematic viscosity. 

M scan In radar operations, a modified A-scan dis- 
play in which a pedestal signal is moved along the 
base line to a point where it coincides with the 
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base line of the reflected signal to determine the 
distance to the target. 

msec Abbreviation of MILLISECOND. Also, ms. 

msg Abbreviation of MESSAGE. 

MSI Abbreviation of MEDIUM SCALE INTEGRA- 
TION. 

MST Abbreviation 
TIME. 

MT Abbreviation of METRIC TON. 

MTR Abbreviation of MAGNETIC TAPE RE- 
CORDER. 

mtr Alternate abbreviation of METER. 

MTS Abbreviation for MULTICHANNEL TELEVI- 
SION SOUND. 

M-type backward-wave oscillator A broadband, 
voltage-tuned oscillator in which the electrons in- 
teract with a backward traveling radio-frequency 
wave. Compare O-TYPE BACKWARD-WAVE OS- 
CILLATOR. 

mu Symbol, u. 1. Abbreviation of the prefix MI- 
CRO-. 2. Expression for AMPLIFICATION 
FACTOR. 3. Expression for PERMEABILITY. 
4. Expression for MICRON. 5. Expression for ELEC- 
TRIC MOMENT. 6. Expression for INDUCTIVITY. 
7. Expression for MAGNETIC MOMENT. 8. Ex- 
pression for MOLECULAR CONDUCTIVITY. 

u 1. Symbol for MU. 

uA Abbreviation of MICROAMPERE. 

UB Symbol for BOHR MAGNETON. 

ub Abbreviation of MICROBAR. 

uCi Abbreviation of MICROCURIE. 

Ue Symbol for ELECTRON MAGNETIC MOMENT. 

uF Abbreviation of MICROFARAD. 

ug Abbreviation of MICROGRAM. 

uH Abbreviation of MICROHENRY. 

uin Abbreviation of MICROINCH. 

ul Abbreviation of MICROLITER. 

umm Abbreviation of micromillimeter (see NANO- 
METER). 

Un Symbol for NUCLEAR MAGNETON. 

lo Symbol for FREE-SPACE PERMEABILITY CON- 
STANT. 

Up Symbol for PROTON MAGNETIC MOMENT. 

uP Abbreviation of MICROPROCESSOR. 

urd Abbreviation of MICRORUTHERFORD. 

uS Abbreviation of MICROSIEMENS. 

us Abbreviation of MICROSECOND. (Also, usec.) 

uV Abbreviation of MICROVOLT. 

uV/m Abbreviation of MICROVOLTS PER METER. 

uW Abbreviation of MICROWATT. 

MUF Abbreviation of MAXIMUM USABLE FRE- 
QUENCY. 

mu factor See MU, 2. 

mu law In communications, a companding stan- 
dard generally used in the United States and 
Canada. 

Muller tube A tube that conducts by means of ion- 
ization of an internal gas. It is used for radiation 
detection. 

multiaddress In a computer, a multiple memory 
location. 
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multiband amplifier A radio-frequency power am- 
plifier capable of operation on more than one fre- 
quency band. The bands are often (but not 
always) harmonically related. Compare WIDE- 
BAND AMPLIFIER. 

multiband antenna A single antenna, such as one 
used in amateur radio and television reception, 
operated in several frequency bands or channels. 
The bands are often (but not always) harmoni- 
cally related. 
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multiband device A device (Such as a tuner, re- 
ceiver, transmitter, or test instrument) that oper- 
ates in several selectable frequency bands. 

multiband oscilloscope See WIDEBAND OSCIL- 
LOSCOPE. 

multiband receiver A communications receiver 
capable of operation on more than one frequency 
band. Such a receiver might, but does not neces- 
sarily, provide continuous coverage over a wide 
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range of frequencies. Compare WIDEBAND RE- 
CEIVER. 

multicasting The use of two frequency-modulation 
(FM) broadcast stations, or one FM station and 
one television station, to broadcast separately the 
two channels of a stereo program. The program is 
picked up simultaneously with two receivers. 

multicavity magnetron A magnetron whose an- 
ode block has two or more cavities. 

multicellular horn A loudspeaker in front of which 
are placed rectangular cells through which the 
sound passes. 

multichannel Pertaining to a radio-communica- 
tion system that operates on more than one 
channel at the same time. The individual chan- 
nels might contain identical information, or they 
might contain different signals. 

multichannel analyzer A test instrument, such as 
a spectrum analyzer, that splits an input into 
several channels for testing. 

multichannel television sound Abbreviation, 
MTS. In television broadcasting, audio transmit- 
ted on more than one channel to provide stereo 
sound to subscribers. 

multichip circuit A MICROCIRCUIT composed of 
interconnected active and passive chip-type com- 
ponents. 

multichip integrated circuit An INTEGRATED 
CIRCUIT composed of circuit elements on sepa- 
rate, interconnected chips. 

multicontact switch A switch having more than 
two contacting positions. 

multicoupler An impedance-matching device used 
to couple several receivers to a single antenna. 

multielement antenna A directive antenna having 
more than one element. Such antennas include 
phased arrays and parasitic arrays. Common ex- 
amples are the LOG-PERIODIC ANTENNA, the 
QUAD ANTENNA, and the YAGI ANTENNA. 

multiemitter transistor 1. A bipolar transistor 
having more than one emitter. 2. A bipolar power 
transistor having several emitters connected in 
parallel in the transistor structure. 

multiframe A set of frames in a signal that are ad- 
jacent to each other in time (consecutive) and po- 
sitioned according to an alignment signal. 

multigun CRT A cathode-ray tube (CRT) having 
more than one electron gun. 

multihop propagation Propagation of a radio wave 
by several successive reflections between the 
ionosphere and the surface of the earth. 

multilayer circuit A circuit consisting of several 
sections printed or deposited on separate layers, 
which are subsequently stacked in a sandwich- 
like manner. 

multilayer coil A coil in which the turns of wire 
are wound in several complete layers, one on top 
of the other. Compare SINGLE-LAYER COIL. 

multilevel password protection See HIERARCHI- 
CAL PASSWORD PROTECTION. 


multimedia 1. In computing, the use of video, 
voice, music, electromechanical control, and/or 
data transfer at the same time. Useful in educa- 
tion, entertainment, business, and gaming appli- 
cations. 2. The use of voice, images, data, and/or 
video in a communications system or network, 
and, in particular, in wireless applications. An ex- 
ample is videoconferencing between a corporate 
office and the user of a handheld computer 
equipped with a wireless modem. 

multimedia computer A personal computer de- 
signed especially for multimedia use. It includes 
a sound board, speakers, a microphone, and a 
CD-ROM (compact-disk read-only memory) drive. 
It often has a large-screen, high-resolution moni- 
tor (17 inches or greater diagonal measure). 

multimeter A meter that allows measurement of 
different quantities (e.g., current, voltage, and re- 
sistance); the functions are usually made avail- 
able through a selector switch. 

multimode operation 1. In radio communication, 
the use of two or more transmitters simultane- 
ously, operating in different modes [e.g., one us- 
ing single-sideband (SSB) and another using 
frequency modulation (FM)]. 2. The transmission 
of visible light or infrared energy through an opti- 
cal fiber in more than one mode at the same time. 
3. The operation of any device in more than one of 
its modes simultaneously. 

multipactor A microwave switching tube capable 
of operating at high power levels. Characterized 
by high operating speed. 

multipath cancellation A phenomenon sometimes 
observed in radio-wave propagation. Separate sig- 
nal components arrive at the receiver in equal am- 
plitude, but opposite phase. Also see MULTIPATH 
FADING and MULTIPATH RECEPTION. 

multipath delay In MULTIPATH RECEPTION, the 
lag between signal components arriving over dif- 
ferent paths. 

multipath effect Ata receiver, the difference in ar- 
rival time of multipath signals. Also see MULTI- 
PATH DELAY. 

multipath fading In radio communication, varia- 
tions in the received signal that result from phas- 
ing various components of the transmitted signal 
that are propagated over different paths. At low, 
medium, and high frequencies, this effect is usu- 
ally the result of ionospheric fluctuation. At very- 
high and ultra-high frequencies, it could occur as 
a result of changes in the state of the intervening 
atmosphere or, occasionally, reflection from ob- 
jects, such as aircraft. 

multipath reception Reception of a signal over 
more than one path. This often results in fading 
(see MULTIPATH FADING) and other undesirable 
effects, such as ghosting in television reception. 

multipath transmission 1. Transmission of a sig- 
nal over two or more paths. Also see MULTIPATH 
RECEPTION. 2. See MULTIHOP PROPAGATION. 
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multiphase system See POLYPHASE SYSTEM. 

multiple access system A timesharing data pro- 
cessing system that can be used by a number of 
people at remote locations, usually through pe- 
ripherals other than conventional terminals (e.g., 
cash registers linked to a computer system for in- 
ventory control). 

multiple-address code In computer operations, an 
instruction code that requires the user to specify 
the address of more than one operand per in- 
struction. 

multiple address instruction A computer pro- 
gram instruction specifying the address of more 
than one operand. 

multiple break 1. Interruption of a circuit at sev- 
eral points. 2. Contact bounce. 

multiple-chip circuit See HYBRID INTEGRATED 
CIRCUIT. 

multiple connector In a flowchart, a symbol 
showing the merging of several flowlines. 

multiple ionization Successive ionization, as 
when an ion repeatedly collides with electrons. 
Also see DOUBLE IONIZATION. 

multiple-length number In computer operations, 
a number occupying more than one register. 

multiple-loop feedback system A feedback sys- 
tem using more than one feedback loop. An 
example is a tunable audio amplifier (see 
PARALLEL-TEE AMPLIFIER) in which a negative- 
feedback path provides tuning, while a positive- 
feedback path sharpens selectivity. 

multiple modulation See COMPOUND MODULA- 
TION. 

multiple precision arithmetic An arithmetic pro- 
cess using several words (bit groups) for an 
operand to ensure accuracy. 

multiple programming 1. Computer operation in 
which several programs in memory share periph- 
erals and processor time. 2. Programming a 
computer so that several logic or arithmetic 
operations can be carried out at the same time. 

multiple-purpose meter See MULTIMETER. 

multiple-purpose tester A multimeter sometimes 
combined with some other instrument, such as a 
test oscillator. 

multiple reel file In a data-processing system, a 
magnetic tape data file of more than one reel. 
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multiple speakers A group of more than two loud- 
speakers, usually operated from a single ampli- 
fier system. 

multiple-stacked broadside array A stacked ar- 
ray in which a number of collinear elements are 
stacked above and below each other. Also see 
BROADSIDE ARRAY and COLLINEAR AN- 
TENNA. 

multiple station Descriptive of a communications 
network in which more than one terminal is used. 

multiple-unit steerable antenna A shortwave an- 
tenna system intended to prevent or minimize the 
effects of fading in received signals. It consists 
principally of a number of rhombic antennas 
feeding the receiver. The system utilizes the vari- 
ous waves arriving at different angles. An electric 
steering system causes the antennas to be se- 
lected automatically in the best combination and 
with their outputs in the proper phase. Also see 
DIVERSITY RECEPTION. 

multiple winding See DRUM WINDING. 

multiplex Pertaining to a communications or 
broadcasting system in which multiplexing is 
used. See MULTIPLEXING, 1, 2, 3. 

multiplex adapter A special circuit (or auxiliary 
unit) used in frequency-modulated radio re- 
ceivers for stereophonic reception from a station 
transmitting a multiplex broadcast. Also see 
MULTIPLEXING, 1 and MULTIPLEX STEREO. 

multiplex code The transmission of multiple sig- 
nals over a single medium, using a code (such as 
Morse, Baudot, or ASCII). See MULTIPLEXING, 2, 
3. 

multiplex data terminal A computer terminal act- 
ing as a modem by virtue of its accepting and 
transferring signals between its input/output de- 
vices and a data channel. 

multiplexer A device that allows two or more sig- 
nals to be transmitted simultaneously on a single 
carrier wave, communications channel, or data 
channel. See MULTIPLEXING, 2, 3. 

multiplexing 1. A process in which a compara- 
tively low-frequency carrier is modulated, then 
mixed with a signal that has a higher frequency. 
Also see SUBCARRIER and SUBSIDIARY COM- 
MUNICATION AUTHORIZATION. 2. The simulta- 
neous transmission of numerous relatively 
low-frequency signals on a single carrier having a 
higher frequency. Also called frequency-division 
multiplexing. 3. The transmission of numerous 
signals on a single channel by breaking each sig- 
nal into timed fragments (intervals) and transmit- 
ting the fragments in a rotating sequence. Also 
called time-division multiplexing. 4. In certain dig- 
ital light-emitting-diode (LED) displays, the light- 
ing of various parts of the display in a rapidly 
rotating sequence. 

multiplex stereo The use of multiplexing to broad- 
cast both channels of a stereophonic program on 
a single carrier wave. See MULTIPLEXING, 1, 2. 
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multiplex telegraphy 1. A system of wire telegra- 
phy in which two or more messages are sent si- 
multaneously in one or both directions. 2. A 
system of radiotelegraphy in which two or more 
messages can be sent simultaneously on the 
same carrier wave. 

multiplex telephony 1. A system of wire tele- 
phony in which two or more messages can be 
sent simultaneously in one or both directions 
over the same line. 2. A system of radiotelephony 
in which two or more messages can be sent si- 
multaneously on the same carrier wave. 

multiplication 1. The arithmetic process whereby 
a certain factor is added to itself the number of 
times indicated by another factor (the multiplier). 
2. A method of increasing a quantity, magnitude, 
or rate by some desired factor. See, for example, 
FREQUENCY MULTIPLIER and VOLTAGE MUL- 
TIPLIER. 

multiplier 1. See FREQUENCY MULTIPLIER. 
2. See VOLTAGE MULTIPLIER. 3. A circuit or 
device for performing arithmetic multiplication. 
4. See VOLTMETER MULTIPLIER. 

multiplier amplifier A frequency-multiplying am- 
plifier (such as a doubler, tripler, or quadrupler), 
whose output circuit is tuned to an integral mul- 
tiple of the input frequency. Compare STRAIGHT- 
THROUGH AMPLIFIER. 

multiplier phototube See PHOTOMULTIPLIER 
TUBE. 

multiplier prefix A prefix that, when affixed to the 
name of a quantity (e.g., Hertz and byte) indicates 
the amount, usually a power of 10 or a power of 
2, by which that quantity is to be multiplied. Also 
called prefix and prefix multiplier. See PREFIXES 
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table in Appendix B. Also see, for example, 
GIGA-, KILO-, MEGA-, MICRO-, MILLI-, NANO-, 
and PICO-. 

multiplier probe 1. A resistor-type test probe for a 
voltmeter, which increases the range of the meter 
and, therefore, acts as a voltmeter multiplier. 2. A 
voltage-multiplier type of test probe for a voltmeter, 
which multiplies the test voltage before it is applied 
to the instrument (e.g., voltage-doubler probe). 

multiplier register In a computer, a register that 
retains a number during a multiplication opera- 
tion. 

multiplier resistor A resistor connected in series 
with a current meter (usually a milliammeter or 
microammeter) to make it a voltmeter. Also called 
VOLTMETER MULTIPLER. 

multiplier tube See PHOTOMULTIPLIER TUBE. 

multipoint circuit A transmission circuit or sys- 
tem, in which information can be entered or re- 
trieved at two or more locations. 

multipoint distribution service In radio broad- 
casting, the transmission of programs via mi- 
crowave links from a central facility to various 
local stations. 

multipolar Pertaining to the presence of more than 
two magnetic poles. 

multipolar machine A motor or generator having 
a number of poles in its armature and field. 

multiposition relay A relay having more than two 
positions of closure. See, for example, SELECTOR 
RELAY. 

multiposition switch A switch having more than 
two contacting positions. See, for example, SE- 
LECTOR SWITCH and STEPPING SWITCH. 

multiprocessing 1. In a computer system, the 
running of more than one program at once. 
2. The use of more than one microprocessor 
simultaneously in a single computer. Also called 
parallel processing. 3. See TIME SHARING. 

multiprogramming Also called multitasking. In a 
computer system, a technique that allows two or 
more programs to be executed at the same time. 


de 


5059F-pM-424-465 


4/10/01 9:19 AM Page 463 


ÓN 


multipurpose meter + Musical Instrument Digital Interface 463 


multipurpose meter An electric meter that per- 
forms several functions, usually available 
through a function selector. Examples: VOLTAM- 
METER, VOLT-OHMMETER, and VOLT-OHM- 
MILLIAMMETER. 

multirange instrument An instrument provided 
with several separate ranges, usually selectable 
by range switching (e.g., five-range voltmeter, 
two-scale ammeter, and four-band oscillator). 

multisection filter A filter having two or more se- 
lective sections connected in cascade. 


multisegment magnetron See MULTICAVITY 
MAGNETRON. 

multiskip propagation See MULTIHOP PROPAGA- 
TION. 


multistage device A device having several stages 
operating in cascade or otherwise coordinated 
with each other (e.g., a five-stage amplifier). 

multistage feedback Feedback (positive or nega- 
tive) between several stages in a system, as op- 
posed to feedback between the output and input 
of a single stage. 

multistage oscillation Oscillation resulting from 
positive feedback between or among two or more 
stages of an amplifier chain, as opposed to oscil- 
lation occurring between the output and input of 
a single amplifier stage. 

multistage X-ray tube An X-ray tube providing 
electron acceleration by means of successive 
ring-shaped anodes—each biased to a higher 
voltage than the preceding one. 

multiswitch A switch having a number of poles 
and contacts. 

multitester An instrument, such as a multimeter 
or a combined signal generator and oscilloscope, 
that performs a number of different test func- 
tions. 

multitrack recording 1. A recording on two or 
more tracks (e.g., multitrack disk and multitrack 
tape). 2. Making a recording on a tape or disc 
with two or more tracks. 

multiturn loop antenna A small loop antenna 
(whose diameter measures less than approxi- 
mately 10 degrees of phase in free space) that has 
two or more turns of wire or tubing. The loop has 
significant inductance. A capacitor, connected in 
parallel or in series with the loop, can produce a 
narrowband frequency response. 

multiturn potentiometer A potentiometer whose 
shaft must be rotated through several complete 
revolutions to cover the full resistance range. 

multivalent Having a valence greater than 2. Com- 
pare UNIVALENT. 

multivibrator A circuit usually containing two tran- 
sistors in a resistance-capacitance (RC) coupled 
amplifier, whose output is capacitance-coupled to 
the input. The two stages switch each other alter- 
nately in and out of conduction at a frequency de- 
termined by the Rand C values. Also see ASTABLE 
MULTIVIBRATOR, BISTABLE MULTIVIBRATOR, 
and MONOSTA-BLE MULTIVIBRATOR. 
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multiwire antenna An antenna having more than 
one wire in the radiating section. In early flat-top 
antennas, such wires were usually connected to- 
gether at one end. 

multiwire doublet antenna A doublet antenna 
having more than one wire in its radiator. A com- 
mon form is the folded dipole, in effect two closely 
spaced dipole radiators connected together at 
both ends, one being center-fed. 

Mumetal A high-permeability alloy of iron and 
nickel, valued especially for use as a magnetic 
shield for cathode-ray tubes. 

Munsell color system A system for specifying col- 
ors in terms of hue, saturation, and brilliance, 
according to charts. Also see COLOR MATCHING. 

Muntz metal See YELLOW METAL. 

MUPO Abbreviation of MAXIMUM UNDISTORTED 
POWER OUTPUT. 

Murray-loop bridge A specialized form of Wheat- 
stone bridge in which two of the resistance arms 
are supplied by a two-wire line (such as a tele- 
phone line). By means of resistance measure- 
ments made with the bridge, the distance from an 
office or station to a ground fault on the line can 
be determined. 

MUSA Abbreviation of multiple-unit steerable an- 
tenna. 

muscovite Formula, KH2Alo(SiO.)3. A high-grade 
variety of mica having low dielectric loss. 

Musical Instrument Digital Interface Acronym, 
MIDI. A computer language used in electronic 
music. It “tells” the computer when to play a note, 
how long to play it, and how loud to play it. It also 
sets the tempo of the music, based on how long a 
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quarter-note lasts. It controls the operation of a 
music synthesizer, and allows two or more syn- 
thesizers to communicate. 

musical quality See TIMBRE. 

musical scale A series of tones between a given 
tone and its second harmonic, scaled in intervals 
of % octave. The most common example can be 
found on a piano. Variations exist (e.g., 13-note 
scale, six-note scale, and five-note scale). 

music chip An integrated circuit for producing 
various musical effects (such as tones, percus- 
sion, etc.). 

music power For a power amplifier, the short-term 
output power obtained in the reproduction of mu- 
sic waveforms, in contrast to root-mean-square 
(rms) or effective power output. 

music synthesizer A set of oscillators, usually op- 
erated with a computer, used to create or playing 
electronic music. Also see MOOG SYNTHESIZER 
and MUSIC INSTRUMENT DIGITAL INTERFACE. 

music under Pertaining to low-volume, continu- 
ous, background music, often added to presen- 
tations, radio and television advertisements, 
educational programs, etc. 

muting 1. Disabling a receiver or amplifier under 
no-signal or weak-signal conditions. 2. Softening 
or muffling a sound. 
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muting circuit 1. An interference-preventing de- 
vice that automatically shuts off a radio receiver 
during the operation of a transmitter, and vice 
versa. 2. A squelch circuit. 3. In a stereo receiver, 
an electronic element that cuts off all audio when 
no signal is present or when the receiver is being 
tuned between carriers. 

muting switch A switch or relay that cuts off a re- 
ceiver during periods of transmission, or when re- 
ception is not desired. Generally, a cutoff voltage 
is applied to one of the intermediate-frequency 
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stages to accomplish muting. In some cases, the 
audio-frequency circuit is disabled. 

mutual antenna coupling Electromagnetic cou- 
pling between or among antennas when they are 
placed too close together. Usually, it is an unde- 
sirable phenomenon. 

mutual capacitance Inherent capacitance be- 
tween two conductors. 

mutual-capacitance attenuator An attenuator 
that, in its simplest form, is essentially a 
shielded, two-plate variable capacitor. 

mutual conductance See TRANSCONDUCTANCE. 

mutual impedance An impedance shared by two 
or more branches of a circuit. 

mutual inductance Symbol, M. Unit, henry. The 
property shared by neighboring inductors or in- 
ductive devices that enables induction to occur. A 
mutual inductance of 1 henry is present when a 
current change of 1 ampere per second in one in- 
ductor induces 1 volt across another inductor. 
Also see INDUCTANCE. 

mutual-inductance attenuator An attenuator 
consisting essentially of two coupled coils (input 
and output), whose spacing can be gradually 
changed. 

mutual-inductance bridge See CAREY-FOSTER 
MUTUAL-INDUCTANCE BRIDGE. 

mutual induction The action whereby the mag- 
netic field produced by alternating current in one 
conductor produces a voltage in another isolated 
conductor. 

mutual interference 1. See ADJACENT- 
CHANNEL INTERFERENCE. 2. Any kind of 
interference between or among radio-frequency 
communications circuits. 

mutually exclusive events Two or more events (or 
data points) so that the occurrence of one pre- 
vents the occurrence of the other(s). That is, two 
events cannot take place simultaneously. 

MV 1. Abbreviation of MEGAVOLT. 2. Abbreviation 
of MULTIVIBRATOR. 

mV Abbreviation of MILLIVOLT. 

MV Abbreviation of MEDIUM VOLTAGE. 

MVA Abbreviation of MEGAVOLT-AMPERE. 

mV/m Abbreviation of millivolts per meter. 

mVP Abbreviation of MILLIVOLT POTENTIOME- 
TER. 

MW Symbol for MEGAWATT. 

mW Symbol for MILLIWATT. 

mw Abbreviation of MEDIUM WAVE. 

MWH Abbreviation of MEGAWATT-HOUR. 

mW RTL Abbreviation of milliwatt resistor-transis- 
tor logic or low-power resistor-transistor logic. 

Mx Abbreviation of MAXWELL. 

Mycalex Trade name for an insulating material 
consisting of mica bonded with glass. Dielectric 
constant, 6 to 8. Resistivity, 101% ohm-cm. 

Mylar A DuPont registered trademark. A tough, 
plastic insulating material commonly used as a 
magnetic tape base. Dielectric constant, 2.8 to 
3.7. Dielectric strength, 7000 V/mil. 
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Mylar capacitor A capacitor in which the dielectric 
film is Mylar. 

Mylar tape Magnetic recording tape using a Mylar 
film as the substrate. 

mym Abbreviation of MYRIAMETER. 

myoelectricity 1. Bioelectric pulses of 10- to 
1000-mV amplitude produced by muscular activ- 
ity and detectable by electrodes attached to the 
skin. Also see ELECTROMYOGRAM, ELEC- 
TROMYOGRAPH, and ELECTROMYOGRAPHY. 2. 
The study of phenomena, as defined in 1. 
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myogram See ELECTROMYOGRAM. 

myograph See ELECTROMYOGRAPH. 

myography See ELECTROMYOGRAPHY. 

myriameter Abbreviation, mym. A metric unit of 
linear measure equal to 10 kilometers (104 me- 
ters). 

myriametric waves British designation for elec- 
tromagnetic energy having wavelengths from 
100 kilometers down to 10 kilometers, corre- 
sponding to frequencies from 3 kHz up to 
30 kHz. 
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N 1. Symbol for NUMBER. 2. Symbol for NITRO- 
GEN. 3. Abbreviation for NEWTON. 4. Abbrevia- 
tion of NUMBER (also, No.). 5. Symbol for the set 
of natural (counting) numbers (0, 1, 2, 3, .). 

1. Abbreviation of prefix NANO-. 2. Symbol for 
NUMBER. 3. Symbol for a term (e.g., a multiplier) 
having an assigned value. 4. Symbol for part of 
an expression or operator (as in 2n, n- 1, nê, etc.). 
5. Symbol for INDEX OF REFRACTION. 6. Sym- 
bol for amount of substance (unit, mole). 

NA 1. Abbreviation of not available (as on a specifi- 
cations sheet). 2. Abbreviation of not applicable. 

Na Symbol for AVOGADRO'S CONSTANT. 

Na Symbol for SODIUM. 

nA Abbreviation of NANOAMPERE. 

NAB Abbreviation of NATIONAL ASSOCIATION OF 
BROADCASTERS. 

NAB curve In audio-frequency operations, the 
standard magnetic tape playback equalization 
curve developed by the National Association of 
Broadcasters (NAB). 

NAE Abbreviation of National Academy of Engineer- 
ing. 

NAND circuit Also called NOT-AND circuit. A binary 
digital circuit whose output is high (logic 1) if any 
of the input signals are low (logic 0); the output is 
low only when all the inputs are high. The perfor- 
mance of the NAND circuit is the inverse of that of 
the AND circuit. 

NAND gate A gate that performs the function of a 
NAND circuit. 

nano- Abbreviation, n. A prefix meaning bil- 
lionth(s) (i.e., 1079). 

nanoampere Abbreviation, nA. A unit of current; 
1 nA equals 10? ampere. 


NAND circuit 


nanofarad Abbreviation, nF. A unit of capacitance; 
1 nF equals 10? farad. 

nanohenry Abbreviation, nH. A unit of low induc- 
tance; 1 nH equals 10° henry. 

nanometer Abbreviation, nm. A unit of short wave- 
length or displacement; 1 nm equals 10? meter. 

nanosecond Abbreviation, ns. A time interval of 
10° second. 

nanotechnology The design and construction of 
superminiature electronic and electromechanical 
devices. For example, microscopic, computer- 
controlled robots might someday be used as pro- 
grammable antibodies to fight infectious diseases, 
or to build integrated circuits, atom by atom. 

nanovolt Abbreviation, nV. A unit of low voltage; 
1 nV equals 10? volt. 

nanovoltmeter A sensitive voltmeter for measur- 
ing potential in the nanovolt range. 
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nanowatt Abbreviation, nW. A unit of low power; 
1 nW equals 10° watt. 

nanowattmeter A meter for measuring power in 
the nanowatt range. 

NAP Abbreviation of nuclear auxiliary power. 

napier See NEPER. 

Napierian base Symbol, e. An irrational number, 
equal to approximately 2.718282, and used as 
the NAPIERIAN LOGARITHM base. 

Napierian logarithm Abbreviation, In or loge. A 
logarithm to the base e (see NAPIERIAN BASE). 
Also called NATURAL LOGARITHM. Compare 
COMMON LOGARITHM. 

NAPU Abbreviation of nuclear auxiliary power unit. 

narrative A computer program statement that, 
rather then being an instruction, merely de- 
scribes the purpose of what follows (usually the 
steps in a routine or a block of instructions) as a 
debugging or program modification aid. In a pro- 
gram written in BASIC, such a statement is pre- 
ceded by the abbreviation REM, for remark. Also 
called COMMENT. 

narrowband 1. A frequency band in which the dif- 
ference between upper and lower limits is small 
compared with bandwidths typical of the service 
specified. 2. Pertaining to a radio-frequency emis- 
sion whose bandwidth is limited or restricted. 3. 
Pertaining to a circuit or device that operates over 
a comparatively small range of frequencies. 4. In 
a digital network, a channel having a bandwidth 
of 64 kbps or less. 

narrowband amplifier An amplifier whose pass- 
band is restricted to a fraction of the frequency 
spread common to the amplifier’s application. 

narrowband FM See NARROWBAND FREQUENCY 
MODULATION. 

narrowband frequency modulation Abbreviation, 
NBFM or NFM. Frequency modulation in which 
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the maximum instantaneous frequency deviation 
is no greater than the highest modulating fre- 
quency. 

narrowband interference Signal interference 
whose bandwidth is narrow, compared with that 
of the circuit affected. 

narrowband voice modulation Abbreviation, 
NBVM. A scheme via which an analog voice signal 
is compressed into a band of frequencies nar- 
rower than that normally required for effective 
communication. 

narrow bandwidth Pertaining to a radio-frequency 
emission whose bandwidth is comparatively nar- 
row (e.g., a small fraction of the available spec- 
trum space in the frequency band being used). 

narrow-sector recorder A directional radio re- 
ceiver for locating sources of atmospheric noise. 

NARTB Abbreviation of National Association of Ra- 
dio and Television Broadcasters. 

NAS Abbreviation of National Academy of Sciences. 

National Association of Broadcasters Abbrevia- 
tion, NAB. A countrywide organization of radio 
and television broadcasters. 

National Bureau of Standards Abbreviation, NBS. 
An agency in the U.S. that maintains values for 
physical constants in the Standard International 
(SD System of Units. It also maintains radio 
broadcast stations that transmit standard time 
and frequency signals. 

National Electrical Manufacturers Association 
Abbreviation, NEMA. A countrywide organization 
of manufacturers of electrical and electronic 
equipment and supplies. 

National Electric Code Abbreviation, NEC. Safety 
regulations and procedures issued by the Na- 
tional Fire Protection Association for the installa- 
tion of electrical wiring and equipment in the 
United States. Although the code is advisory from 
the Association’s standpoint, it is enforced to var- 
ious degrees by local authorities. 

National Television Standards Committee Ab- 
breviation, NTSC. A U.S. organization of television 
companies and other interested organizations. It 
developed the original black-and-white and color 
television standards that were approved by the 
Federal Communications Commission. 

natural-decay curve See EXPONENTIAL DE- 
CREASE. 

natural antenna frequency The fundamental res- 
onant frequency of an electromagnetic antenna. 

natural disintegration 1. The decay of a radioac- 
tive substance as a result of the continuous emis- 
sion of particles and rays. 2. Also called half life. 
The time required for half of a quantity of a ra- 
dioactive substance to decay into a different iso- 
tope or element. 

natural electricity 1. Atmospheric electricity. 
2. The electricity in living organisms, that is, BIO- 
ELECTRICITY. 

natural frequency See NATURAL RESONANT 
FREQUENCY. 
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natural-growth curve See EXPONENTIAL IN- 
CREASE. 
natural interference Interference from atmo- 


spheric and celestial sources, as opposed to hu- 
man-made interference. 

natural language A spoken or written human lan- 
guage (such as French or Japanese), as opposed 
to a computer language (such as machine lan- 
guage, C++, or LISP). Translation between natu- 
ral language and machine language is important 
in optical character recognition, speech recogni- 
tion, and speech synthesis. 

natural logarithm See NAPIERIAN LOGARITHM. 

natural magnet A material, such as magnetite 
(lodestone), found in nature and exhibiting per- 
manent magnetism. 

natural magnetism Magnetism found in some 
natural materials (see NATURAL MAGNET) and in 
the earth itself. 

natural number 1. Any nonnegative whole num- 
ber, that is, a member of the set N = (0, 1, 2, 3,...). 
2. See NAPIERIAN BASE. 

natural period The time required for one complete 
wave cycle to occur in a device at its NATURAL 
RESONANT FREQUENCY. 

natural radiation Noise in the form of radiation 
emitted by natural radioactive substances, cosmic 
rays, etc. Also called BACKGROUND RADIATION. 

natural resonance Resonance resulting from the 
unique physical constants of a body, circuit, or 
system. Also see NATURAL RESONANT FRE- 
QUENCY. 

natural resonant frequency 1. The frequency at 
which a circuit or device responds with maximum 
amplitude to applied signals. 2. The frequency at 
which a circuit or device generates maximum en- 
ergy. 3. The frequency at which an object vibrates 
at maximum amplitude. 

natural wavelength The wavelength correspond- 
ing to the NATURAL RESONANT FREQUENCY of 
a circuit, device, or object. 

nautical mile A nautical unit of linear measure 
equal to 1.852 kilometers (1.1508 statute miles). 

nav 1. Abbreviation of navigation. 2. Abbreviation 
of navigational. 

Navaglobe A radionavigation system used at very- 
low or low frequencies over long distances. 

NAVAIDS Abbreviation of NAVIGATIONAL AIDS. 

navar A radar system in which a ground radar 
scans the immediate vicinity of an airport, ob- 
serves the flight activity, and transmits such ob- 
servations to aircraft in flight. The name is a 
contraction of the term navigation and ranging. 

navigation aid An electronic device or system, 
such as radar or radio direction finding, that as- 
sists in the navigation of vehicles on land, at sea, 
or in the air. 

navigation beacon A beam that provides aircraft 
and ships with navigational aid. 

NAWAS Abbreviation of National Attack Warning 
System. 
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Nb Symbol for NIOBIUM. 

nb Abbreviation of NARROWBAND. 

NBFM Abbreviation of NARROWBAND FRE- 
QUENCY MODULATION. Also abbreviated NFM. 

NBS Abbreviation for NATIONAL BUREAU OF 
STANDARDS. 

NBTDR Abbreviation of narrowband time-domain 
reflectometry. 

nbw Abbreviation of NOISE BANDWIDTH. 

NC 1. Abbreviation of NORMALLY CLOSED. 2. On 
drawings, abbreviation of no connection. 3. Ab- 
breviation of NUMERICAL CONTROL. 

N/C Abbreviation of NUMERICAL CONTROL. 

nc Abbreviation of no connection. 

n-channel junction field-effect transistor Abbre- 
viation, NFET. A junction field-effect transistor in 
which the gate junction is formed on a bar or die 
of n-type semiconductor material. 
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n-channel MOSFET A metal-oxide-semiconductor 
(MOS) field-effect transistor in which the channel 
is n-type material. 

NCMT Abbreviation of NUMERICALLY CONTROL- 
LED MACHINE TOOL. 

NCS Abbreviation of net control station(s). 

N curve A _ negative-resistance voltage-current 
curve having a shape roughly resembling an up- 
percase letter N. Compare S CURVE. 

Nd Symbol for NEODYMIUM. 

N display A radar display in which the target is 
represented by a pair of vertical blips, whose am- 
plitude indicates target direction and whose posi- 
tion along the horizontal base line (as determined 
by lining up a pedestal signal with the blips) is 
read from the pedestal-adjustment calibration. 

n-doped zinc-oxide ceramic A nonlinear- 
resistance material used in the manufacture of 
some voltage-dependent resistors. 

NDR Abbreviation of NONDESTRUCTIVE READ. 

NDT Abbreviation of NONDESTRUCTIVE TEST. 

Ne Symbol for NEON. 

near-end crosstalk Crosstalk originating at, or 
near, the telephone subscriber line in which the 
interference is noticed. 

near field 1. The radiation field within a radius of 
1 wavelength from a transmitting antenna. 2. The 
sound field near a loudspeaker or other repro- 
ducer. 

near infrared Pertaining to electromagnetic radia- 
tion of 3 to 30 micrometers in wavelength. 
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near ultraviolet That part of the ultraviolet spec- 
trum nearest the visible light wavelengths. These 
are the least-penetrating ultraviolet rays. They 
are also called soft ultraviolet. 

near video on demand In television, a local service 
in which various programs/videos are broadcast 
at specified times. 

near zone See NEAR FIELD, 1. 

NEB Abbreviation of noise equivalent bandwidth. 

NEC Abbreviation of NATIONAL ELECTRIC CODE. 

necessary bandwidth The minimum bandwidth 
needed (with a given emission) to transmit infor- 
mation at a required rate and of a required qual- 
ity. In general, as data speed increases (as 
measured in bits per second, baud, or words per 
minute), the minimum required bandwidth in- 
creases. For slow-speed Morse code signals, it 
can be as small as a few Hertz; for fast-scan tele- 
vision, it is several megahertz. 

neck The straight portion of a cathode-ray-tube 
(CRT) envelope (i.e., the part between the base 
and the flared portion). 

NEDA Abbreviation of National Electronic Distribu- 
tors’ Association. 

needle 1. The stylus of a phonograph cartridge. 
2. The pointer of an indicating meter. 3. One of 
the electrodes in a voltage-measuring spark gap 
(see NEEDLE GAP). 4. The slender, pointed metal 
tip of a test probe. 

needle chatter See NEEDLE TALK. 

needle drag In disc recording and reproduction, 
friction between the needle (stylus) and disc. Also 
called stylus drag. 

needle electrode See NEEDLE, 3, 4. 

needle gap A spark gap composed of two needles 
having an adjustable air gap between their 
points. An unknown high voltage is measured in 
terms of the gap width necessary for sparking. 

needle memory A computer memory in which 
the dual-state elements are thin magnetic nee- 
dles. 

needle pointer The pointer of a meter or compass. 

needle pressure See VERTICAL STYLUS FORCE. 

needle probe See NEEDLE-TIP PROBE. 

needle scratch In disc recording and reproduc- 
tion, noise resulting from vibration of the needle 
(stylus) because of an irregular groove surface. 
Also called surface noise. 

needle talk Direct radiation of sound by the stylus 
of a phonograph pickup. Also called needle chatter. 

needle telegraph A telegraph in which the Morse 
code characters are converted into magnetic nee- 
dle deflections. 

needle test point See NEEDLE, 4. 

needle-tip probe A test probe that terminates ina 
sharp point. Also see NEEDLE, 4. 

needle voltmeter See NEEDLE GAP. 

neg Abbreviation of NEGATIVE. 

negate 1. To insert the NOT operation in front of a 
digital expression. 2. To change logic 1 to logic O 
(high to low) or vice versa. 
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negation The logical NOT operation (see NOT) in 
digital systems. Also see NAND CIRCUIT, NOR 
CIRCUIT, NOR GATE, NOT CIRCUIT, and NOT- 
OR CIRCUTT. 

negation element In a computer system, a device 
that can give the reverse of a condition, event, or 
signal. 

negative 1. Possessing NEGATIVE ELECTRIFICA- 
TION. 2. In voice communications, a word often 
used for “no,” especially when interference is pre- 
sent or signals are weak. 3. Pertaining to a real 
number less than zero. 4. An image whose shad- 
ings are opposite to those in the scene. 

negative acceleration A decrease in speed or ve- 
locity; also called deceleration. 

negative acknowledgment character In a hand- 
shaking or forward-error-correction (FEC) sys- 
tem, a response by the receiving station that 
indicates a missed bit or bits. 

negative angle 1. An angle in the third or fourth 
quadrant in a system of rectangular coordinates. 
2. An angle measured clockwise from the positive 
x-axis in a rectangular coordinate system. Com- 
pare POSITIVE ANGLE. 

negative bias A steady, negative direct-current volt- 
age or current applied continuously to an elec- 
trode of a device, such as a transistor to establish 
the operating point. Compare POSITIVE BIAS. 

negative bus See NEGATIVE CONDUCTOR. 

negative charge An electric charge consisting of a 
quantity of NEGATIVE ELECTRIFICATION. Also 
see CHARGE, 1; ELECTRIC CHARGE; and UNIT 
ELECTROSTATIC CHARGE. Compare POSITIVE 
CHARGE. 

negative conductor The conductor or wire con- 
nected to the negative terminal of a current, 
power, or voltage source. Compare POSITIVE 
CONDUCTOR. 

negative electricity See NEGATIVE CHARGE and 
NEGATIVE ELECTRIFICATION. 

negative electrification Electrification character- 
ized by an excess of electrons. For example, when 
a glass rod is rubbed with a silk cloth, the cloth 
becomes negatively charged because electrons 
are transferred from the glass to the cloth. Simi- 
larly, when a neutral atom acquires an extra elec- 
tron, the atom becomes negatively charged 
because it has an excess of electrons. Compare 
POSITIVE ELECTRIFICATION. 

negative electrode 1. An electrode connected to 
the negative terminal of a current, power, or volt- 
age source. 2. The negative output terminal of a 
current, power, or voltage source, such as a bat- 
tery or generator. 

negative error of measurement An error of mea- 
surement in which the difference between a mea- 
sured value and the true or most probable value 
is negative. Compare POSITIVE ERROR OF MEA- 
SUREMENT. 

negative exponent In mathematical notation, an 
exponent indicating that a number is to be raised 
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to a negative power. Raising a number x to a neg- 
ative power -n means taking the reciprocal of the 
number raised to the power n. That is, x" = 1/x"; 
for example, 10°? = 1/10? = 1/100 = 0.01. 
negative feedback Feedback that is out of phase 
with the input signal. Also called INVERSE FEED- 
BACK, DEGENERATION, and DEGENERATIVE 
FEEDBACK. Compare POSITIVE FEEDBACK. 
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negative-feedback amplifier An amplifier in 
which negative feedback is used to improve per- 
formance or modify response. 

negative function A trigonometric function having 
the negative sign. In a rectangular coordinate 
system, the sine function is negative in the third 
and fourth quadrants, the cosine in the second 
and third, and the tangent in the second and 
fourth. Compare POSITIVE FUNCTION. 

negative gain A misnomer for FRACTIONAL GAIN, 
arising because fractional gain can be expressed 
in negative decibels. 

negative ghost Ina television picture, a ghost with 
negative (see NEGATIVE, 4) shading. 

negative ground Ina direct-current power system, 
the connection of the negative pole to common 
ground. 

negative image 1. A picture in which the blacks, 
whites, and shades in between are the reverse of 
those in the scene (see NEGATIVE, 4). 2. An ab- 
normal image that has the reverse shading de- 
scribed in 1. 

negative impedance An impedance that displays 
the same behavior as that of NEGATIVE RESIS- 
TANCE. 

negative ion An atom with an excess of electrons 
and, consequently, a net negative charge. Also 
called ANION. Compare POSITIVE ION. 

negative-ion generator A device for generating 
negative ions and circulating them into the sur- 
rounding air. This is believed by some people to 
be beneficial to health. 

negative lead See NEGATIVE CONDUCTOR. 

negative-lead filtering Power-supply filtering in 
which the choke coils and capacitors are in the 
negative direct-current lead, rather than in the 
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positive lead (the usual position). One advantage 
of this arrangement is the lower insulation re- 
quirement of the choke. 

negative light modulation In television image 
transmission, the condition in which transmitted 
power is increased by a decrease in the initial in- 
tensity of light. Compare POSITIVE LIGHT MOD- 
ULATION. 

negative line See NEGATIVE CONDUCTOR. 

negative logic 1. Binary logic in which a high neg- 
ative state represents logic 1, and a low negative 
state represents logic O. 2. Binary logic in which 
a low positive state represents logic 1, and a high 
positive state represents logic O. Compare POSI- 
TIVE LOGIC. 

negative measurement error See NEGATIVE ER- 
ROR OF MEASUREMENT. 

negative modulation Amplitude-modulated televi- 
sion transmission in which the transmitted 
power decreases as image brightness increases. 
Compare POSITIVE MODULATION. 

negative modulation factor For an amplitude- 
modulated wave having unequal positive and 
negative modulation peaks, a ratio expressing the 
maximum negative deviation from the average for 
the envelope. Compare POSITIVE MODULATION 
FACTOR. 

negative number A real number less than zero 
(i.e., one to which the minus sign is assigned). 

negative peak The maximum negative instanta- 
neous current or voltage in an alternating- 
current waveform. 

negative-peak voltmeter An electronic meter for 
measuring the NEGATIVE PEAK voltage of an al- 
ternating-current waveform. 

negative phase-sequence relay A relay that re- 
sponds to the negative phase sequence in a 
polyphase circuit. Compare POSITIVE PHASE- 
SEQUENCE RELAY. 

negative picture modulation See NEGATIVE 
MODULATION. 

negative picture phase In a television signal, the 
picture-signal voltage swing from zero to nega- 
tive, in response to an increase in brightness. 
Compare POSITIVE PICTURE PHASE. 

negative plate The negative member of a battery 
cell; electron flow is from the plate through the 
external circuit. 

negative pole See NEGATIVE ELECTRODE, 1, 2. 

negative positive zero Abbreviation, NPO. Pertain- 
ing to temperature-compensating capacitors hav- 
ing a temperature coefficient of capacitance that 
changes sign within a specified temperature range. 

negative potential 1. The potential measured at a 
negative electrode, with respect to the positive 
electrode or to ground. 2. Potential less than that 
of the earth as a reference. 

negative resistance 1. A decrease in voltage across 
a device as the current through it increases, and 
an increase in voltage as the current decreases. 
2. A decrease in current through a device as the 
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voltage across it increases, and an increase in 
current as the voltage decreases. This is opposite to 
the behavior of an ohmic (positive) resistance. Also 
see N-CURVE, NEGATIVE-RESISTANCE REGION, 
NEGATIVE RESISTOR, and S CURVE. 
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negative-resistance amplifier A simple circuit in 
which a negative-resistance device, such as a 
TUNNEL DIODE, cancels the positive resistance 
of the circuit, causing amplification or oscillation. 

negative-resistance device See NEGATIVE RE- 
SISTOR. 

negative-resistance diode 1. See TUNNEL DIODE. 
2. A reverse-biased germanium diode (and occa- 
sionally a silicon diode) that exhibits NEGATIVE 
RESISTANCE. 3. A special diode tube that, when 
operated at ultrahigh frequencies, exhibits nega- 
tive resistance because of transit-time effects. 

negative-resistance magnetron A split-anode 
magnetron operated at a combination of anode 
voltage and magnetic field strength correspond- 
ing to cutoff; it exhibits negative resistance to 
voltage applied symmetrically between the anode 
halves. The frequency of oscillation is determined 
by an external tank circuit. 

negative-resistance oscillator An oscillator that 
consists of a negative-resistance device con- 
nected across a tuned circuit. The arrangement 
oscillates because the negative resistance cancels 
the positive resistance (losses) of the tuned cir- 
cuit. See, for example, NEGATIVE-RESISTANCE 
MAGNETRON and TUNNEL-DIODE OSCILLA- 
TOR. 

negative-resistance region In certain devices, a 
portion of the voltage-versus-current curve hav- 
ing negative slope (i.e., the current decreases as 
the voltage increases, or vice versa). Also see N 
CURVE, NEGATIVE RESISTANCE, and S CURVE. 

negative-resistance repeater A repeater that pro- 
duces gain by means of NEGATIVE RESISTANCE 
effects. 

negative resistor Any device exhibiting NEGATIVE 
RESISTANCE. 
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negative space charge The cloud of electrons 
(negative particles) in the region surrounding an 
emitter, such as the hot cathode of a vacuum 
tube. 

negative temperature coefficient Abbreviation, 
NTC. A number expressing the amount by which 
a quantity (such as the rating of a component) de- 
creases when the temperature is raised. The coef- 
ficient is stated as a percentage, or as a certain 
number of parts per million (ppm) per degree 
temperature rise. Compare POSITIVE TEMPERA- 
TURE COEFFICIENT and ZERO TEMPERATURE 
COEFFICIENT. 

negative terminal See NEGATIVE ELECTRODE, 
2. 

negative torque In an electric motor, a torque that 
acts against the operating torque. 

negative transmission In a television or facsimile 
system, the condition in which brighter light cor- 
responds to lower transmitted power, and dimmer 
light corresponds to higher transmitted power. 

negative valence The valence of a negative ion. 
Also see VALENCE. 

negator A logical NOT element [i.e., one that out- 
puts the complement of an input bit (1 for O and 
vice-versa)]. 

negatron The term that specifically differentiates 
the familiar ELECTRON from a POSITRON (posi- 
tive electron). 

NEI Abbreviation of noise equivalent input. 

neighborhood node A local site at which a fiberop- 
tic television (video) signal is converted to a cable 
signal. 

NEL Abbreviation of National Electronics Laboratory. 

NELA Abbreviation of National Electric Light Associ- 
ation. 

Nelectron In certain atoms, an electron whose or- 
bit is outside of, and nearest to, those of the M 
electrons. 

NEMA Abbreviation of National Electrical Manufac- 
turers’ Association. 

nematic crystal A normally transparent liquid 
crystal that becomes opaque when an electric 
field is applied to it, and becomes transparent 
again when the field is removed. The crystal ma- 
terial is cut in the form of a letter or numeral and 
provided with a reflecting backplate for display 
readouts in calculators, watches, and various 
electronic devices. 

nematic-crystal display A device in which an elec- 
trically controlled film of nematic-crystal material 
is used to transmit and interrupt light from a 
lamp or from a reflecting mirror, in this way dis- 
playing characters in whose shape the film has 
been formed. 

nematic liquid In a liquid-crystal display (LCD), a 
normally clear liquid that becomes opaque in the 
presence of an electric field. 

nemo A radio or television program that is picked 
up from a location outside the studio. Also called 
field pickup or remote. 


de 


5059F-pN-466-487 


4/10/01 9:21 AM Page 472 


472 neodymium + neper 


neodymium Symbol, Nd. A metallic element of the 
rare-earth group. Atomic number, 60. Atomic 
weight, 144.24. 

neodymium-YAG laser A laser that uses neo- 
dymium and yttrium-aluminum-garnet (YAG) 
crystal. It is used in medical applications, such as 
surgery and various other jobs where high preci- 
sion is required. Generally, it is a low-to-medium- 
power laser. 

neomatachograph An instrument used in psy- 
chology to measure complex reaction time. Com- 
pare NEOMATACHOMETER. 

neomatachometer An instrument used in psy- 
chology to measure simple reaction time. Com- 
pare NEOMATACHOGRAPH. 

neon Symbol, Ne. An inert-gas element. Atomic 
number, 10. Atomic weight, 20.179. Neon, pre- 
sent in trace amounts in the earth's atmosphere, 
is used in some glow tubes, readout devices, and 
indicator lamps. 

neon bulb A (usually small) neon-filled gas diode. 
It has a characteristic pink glow and is ignited by 
a firing voltage for the particular unit. Also called 
neon glow lamp and neon tube. 

neon-bulb flip-flop A flip-flop circuit (bistable mul- 
tivibrator) using two neon bulbs as the bistable 
components. 

neon-bulb gate A gate circuit containing a neon 
bulb biased below the firing point. A trigger voltage 
added to the bias voltage raises the applied voltage 
and fires the bulb, producing an output pulse. 

neon-bulb logic Logic circuits composed of neon- 
bulb gates. 

neon-bulb memory See NEON-BULB STORAGE. 

neon-bulb multivibrator A multivibrator using 
two neon bulbs as the switching components. 

neon-bulb oscillator A simple relaxation oscillator 
consisting essentially of a neon bulb, capacitor, 
resistor, and direct-current supply. The frequency 
of the sawtooth-wave output depends principally 
on the capacitance and resistance values. The 
maximum operating frequency is limited to about 
5 kHz by the deionization time of the gas. 

neon-bulb overmodulation indicator The appli- 
cation of a neon-bulb overvoltage indicator 
as a monitor for amplitude-modulated radio- 
frequency signals. The bulb flashes each time the 
modulation percentage exceeds a predetermined 
value. Also called neon-bulb modulation alarm. 

neon-bulb overvoltage indicator A relatively sim- 
ple circuit in which a neon bulb flashes each time 
a voltage monitored by the circuit exceeds a pre- 
determined value. The flash shows that the por- 
tion of the voltage presented to the bulb has 
exceeded the firing potential. 

neon-bulb peak indicator See 
OVERVOLTAGE INDICATOR. 

neon-bulb ring counter A ring counter composed 
of neon-bulb flip-flops. The maximum counting 
speed is limited by the deionization time of the neon 
bulbs to approximately 300 events per second. 
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neon-bulb sawtooth generator A relatively simple 
relaxation oscillator using a neon bulb, capacitor, 
and resistor. The output is a sawtooth wave, 
whose frequency is determined principally by the 
capacitance and resistance values. 

neon-bulb scale-of-two circuit A scale-of-two cir- 
cuit (frequency halver) using neon bulbs as the 
bistable elements. 

neon-bulb storage A storage (memory) device com- 
posed of neon bulbs. A fired bulb (representing a 
bit of stored information) remains fired until 
turned off by an erase signal. 

neon-bulb stroboscope A stroboscope in which a 
neon bulb supplies the light flashes. The circuit is 
essentially that of the neon-bulb oscillator, the 
flash rate being continuously variable by an ad- 
justable frequency control. 

neon-bulb voltage regulator A simple circuit uti- 
lizing the constant voltage drop across a fired 
neon bulb as a regulated voltage. The usual cir- 
cuit configuration is a neon bulb and current- 
limiting resistor in series with a power supply. 

neon-bulb volume indicator A neon-bulb over- 
voltage indicator used in some tape recorders to 
show when the volume exceeds a predetermined 
level—especially when the volume is high enough 
to cause an unacceptable amount of distortion. 

neon glow lamp See NEON BULB. 

neon lamp See NEON BULB. 

neon pilot lamp A neon bulb used as a pilot lamp 
operated from the power-line circuit of an elec- 
tronic equipment. Also called neon pilot light. 

neon tube See NEON BULB. 

NEP Abbreviation of NOISE EQUIVALENT POWER. 

NEPD Abbreviation of noise equivalent power den- 
sity. 

neper Abbreviation, Np. A Napierian-logarithmic 
unit expressing a ratio of power levels; Np = log. 
(P,/P.)'/*, where P; and Ps are the power values 
being compared and e is the Napierian logarithm 
base, equal to approximately 2.71828. The neper 
is related to the decibel (dB), a similar unit based 
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on common logarithms, in the following manner: 
1 Np = 8.686 dB; 1 dB = 0.1151 Np. 

neptunium Symbol, Np. A radioactive metallic ele- 
ment produced artificially. Atomic number, 93. 
Atomic weight, 237.05. 

Nernst effect The appearance of a voltage between 
the opposite edges of a metal strip that is con- 
ducting heat longitudinally when the strip is 
placed in a magnetic field perpendicular to the 
plane of the strip. 


B field a 
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Nernst-Ettinghausen effect In a piezoelectric crys- 
tal, the tendency for a temperature gradient to ex- 
ist as a result of applied electromagnetic fields. 

Nernst lamp An incandescent lamp in which the 
filament material is a mixture of magnesia and 
certain rare oxides (such as yttria). A surround- 
ing current-carrying coil heats the filament, low- 
ering its resistance and causing it to glow, after 
which it continues to operate on a low current. 

nerve center The most essential part of a control 
system or communication network. 

nerve current In an animal organism, the small 
electrical current that flows along nerve fibers. 

nervous breakdown The upset of a function in a dig- 
ital computer (which becomes disabled as a result). 

NESC Abbreviation of National Electrical Safety 
Code. 
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nested loops See NESTING. 

nesting In digital computers and data processing, 
the inclusion of one or more loops or subroutines 
inside a larger loop or subroutine. Nested loops, 
for example, can be used to assign values to 
double-subscripted variables. 

NET Abbreviation of noise equivalent temperature. 

net 1. An effective, useful, or resultant quantity 
(e.g., NET CAPACITANCE). 2. Colloquialism for 
communications network. See NETWORK, 2. 

net authentification A password or other special 
identification used in a radio network. 

net capacitance The resultant capacitance in a 
circuit in which capacitances act in combination 
with each other. 

net component The total value of two or more pas- 
sive components of the same sort. See, for exam- 
ple, NET CAPACITANCE, NET CURRENT, NET 
IMPEDANCE, NET INDUCTANCE, NET POWER, 
NET REACTANCE, NET RESISTANCE, and NET 
VOLTAGE. 

net current The current flowing in a circuit in 
which currents aid or oppose each other. 

net gain For an amplifier, the amount of gain re- 
maining after all losses in the device have been 
subtracted. 

net impedance The impedance of a circuit in 
which impedances act in combination with each 
other. 

net inductance The inductance of a circuit in which 
inductances act in combination with each other. 

net loss For an amplifier or other system, the alge- 
braic sum of gains and losses between two points 
in the system. 

net power The resultant power observed when 
power signals aid or oppose each other in a single 
circuit or system. 

net radiometer A device for measuring the differ- 
ence in intensity between radiation entering the 
earth's surface and radiation leaving it. This is 
generally visible light or infrared radiation from 
the sun. 

net reactance Symbol, X;. The combined inductive 
reactance (X,) and capacitive reactance (Xo) in a 
circuit or device. 

net resistance The resistance of a circuit in which 
resistances act in combination with each other. 

net voltage The resultant voltage at a point where 
voltages aid or oppose each other. 

network 1. A circuit arrangement of electronic 
components, sometimes redundant in its design 
[e.g., resistance-capacitance (RC) network]. 2. A 
group of interconnected computers, communica- 
tions stations, or other facilities, often organized 
for simultaneous operation and data transfer. 
3. To conduct research or gather information 
using a group of interconnected computers, 
communications stations, or other facilities. 

network analog A circuit or circuits representing 
variables and used to express and solve a mathe- 
matical relationship between the variables. 


de 


5059F-pN-466-487 


4/10/01 9:21 AM Page 474 


474 network analysis + neutral wire 


network analysis The rigorous examination of a 
network to determine its properties and perfor- 
mance. Compare NETWORK SYNTHESIS. 

network analyzer An analog or digital circuit for 
simulating and analyzing a network (see NET- 
WORK, 1) by means of measurements and calcu- 
lations from the model so obtained. 

network assurance The construction and opera- 
tion of a network in such a manner that failures 
can be quickly and easily located and corrected. 

network calculator An analog or digital device for 
determining the component values and perfor- 
mance of a given network (see NETWORK, 1). 

network constant The value of a passive compo- 
nent (capacitance, inductance, resistance, etc.) 
used in a network (see NETWORK, 1). 

network filter A transducer that passes or rejects 
signals, depending on their frequency. 

network interface unit Abbreviation, NIU. A de- 
vice, provided to each subscriber, that connects 
telephones, television sets, and personal comput- 
ers to an electrical or fiberoptic cable. Envisioned 
as an integral component of the multimedia IN- 
FORMATION SUPERHIGHWAY. 

network provisioning The control of a network by 
means of computer software, rather than via 
manual rearrangement of system devices. 

network relay 1. A relay that provides protection 
of the circuits in a network (see NETWORK, 1); a 
circuit breaker. 2. In a communications network 
(see NETWORK, 2), the reception and retransmis- 
sion of a message by a human operator. 

network synthesis The design and fabrication ofa 
network (see NETWORK, 1) by rigorous engineer- 
ing methods to achieve a prescribed performance. 

network theorems See COMPENSATION THEO- 
REM, MAXIMUM POWER TRANSFER THEOREM, 
NORTON’S THEOREM, RECIPROCITY THEO- 
REM, SUPERPOSITION THEOREM, and 
THEVENIN’S THEOREM. 

network topology The analysis of networks (see 
NETWORK, 1) with signal-flow diagrams. Compo- 
nents of the diagram represent signal paths, open 
loops, closed loops, and node points. 

network transfer function A function describing 
the overall processing of energy by a network (see 
NETWORK, 1); it is equal to V/V; where V; is the 
input voltage and V, is the output voltage of the 
network. 

Neuman’s law A property of mutual inductances. 
For a given orientation and environment for two 
inductors, the value of the mutual inductance 
does not change, regardless of the magnitude, 
frequency, or phase of the currents in the coils. 
That is, mutual inductance is subject only to the 
physical environment surrounding the coils. 

neuristor A two-terminal semiconductor device 
that simulates the behavior of a neuron (nerve 
cell) and allows machines to duplicate some of 
the neurological phenomena observed in the hu- 
man body. 
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neuroelectricity Low-voltage electricity in the ner- 
vous system of a human being or animal. 

neuron A nerve cell in a living organism. 

neurosurgery assistance robot An electrome- 
chanical device, controlled by a human operator 
and assisted by computers, that helps to perform 
simple neurosurgical operations requiring ex- 
treme precision and steadiness. One procedure 
for which a robot has been used is the drilling of 
holes in the skull prior to brain surgery. 

neutral 1. Having no electric charge; thus, an 
atom is normally neutral because its internal 
positive charges neutralize its internal negative 
charges. 2. Devoid of voltage (e.g., a neutral line). 
3. Pertaining to a chemical, especially a solution, 
that is neither acidic nor alkaline. 

neutral bus See NEUTRAL WIRE. 

neutral circuit 1. A deenergized circuit (i.e., a 
“dead” one). 2. In a teletypewriter system, a cir- 
cuit in which current flows in one direction. 

neutral conductor See NEUTRAL WIRE. 

neutral ground A ground connection to a neutral 
wire or to the neutral point of a circuit. 

neutralization The process of balancing out posi- 
tive feedback in an amplifier to prevent self- 
oscillation. Also see NEUTRALIZING CAPACITOR 
and NEUTRALIZING COIL. 

neutralization indicator A neon bulb or radio- 
frequency meter used during neutralization of an 
amplifier. When the amplifier is properly neutral- 
ized, the bulb or meter will show zero signal with 
no input to the amplifier, indicating that the cir- 
cuit is not oscillating. 

neutralize To eliminate positive feedback in a ra- 
dio-frequency amplifier. 

neutralized amplifier An amplifier in which neu- 
tralization has been performed to prevent self-os- 
cillation. 

neutralizing capacitor In a capacitively neutral- 
ized circuit, a small capacitor that serves as a 
coupler of signal energy from the output back 
to the input in reverse phase, to cancel self- 
oscillation of the circuit. 

neutralizing circuit Any component or set of com- 
ponents that is used to neutralize a radio- 
frequency amplifier. 

neutralizing coil In an inductively neutralized cir- 
cuit, a small coupling coil that picks up signal en- 
ergy from the output and applies it in reverse 
phase to the input, to cancel circuit self-oscillation. 

neutralizing tool A nonconducting screwdriver- 
like device for adjusting a neutralizing capacitor 
or coil. It is usually made of fiber or plastic. 

neutralizing voltage The feedback voltage that can- 
cels self-oscillation in the process of neutralization. 

neutralizing wand See NEUTRALIZING TOOL. 

neutral line See NEUTRAL WIRE. 

neutral relay See UNPOLARIZED RELAY. 

neutral wire In a polyphase power-transmission 
system, the line (wire) that does not carry current 
until the system is unbalanced. 
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neutrodon See NEUTRODYNE. 

neutrodyne A radio-frequency amplifier that is 
neutralized by feeding energy through a small ca- 
pacitor from a tap on the secondary coil of the 
collector or drain output transformer back to the 
base or gate. 

neutron An uncharged atomic particle having a 
mass approximately equal to that of the proton. 
The neutron is present in the nucleus of every 
atom, except that of hydrogen. 

neutron age 16.7% of the mean square displace- 
ment of a neutron as it moves through a specified 
energy range. 

neutron rest mass See MASS OF NEUTRON AT 
REST. 

new candle See CANDELA. 

newton (Sir Isaac Newton.) Symbol N. The SI unit 
of force. A force of 1 newton imparts an acceler- 
ation of 1 meter per second per second to a 
mass of 1 kilogram. The newton is equal to 10° 
dynes. 

Newton’s laws of motion Three natural laws dis- 
covered in 1686 by Sir Isaac Newton. First law: A 
body at rest or in motion tends to remain in that 
state, unless it is acted upon by some force. Sec- 
ond law: A body tends to accelerate or decelerate 
when it is acted upon by a force, the acceleration 
or deceleration being directly proportional to the 
force and inversely proportional to the mass of 
the body. Third law: For every action or acting 
force, there is an equal and opposite reaction or 
reacting force. 

nexus An interconnection point in a system. 

NF Abbreviation of NOISE FIGURE. 

nF Abbreviation of NANOFARAD. 

NFET Abbreviation of N-CHANNEL JUNCTION 
FIELD-EFFECT TRANSISTOR. 

NFM Abbreviation of NARROWBAND FREQUENCY 
MODULATION. Also abbreviated NBFM. 

NFM reception Reception of a signal having NAR- 
ROWBAND FREQUENCY MODULATION. Stan- 
dard discriminators and ratio detectors can be 
used. Slope detection can be achieved with an 
amplitude-modulation (AM) receiver by tuning 
slightly to one side of the center frequency of the 
FM signal. 

NFM transmission Transmission of a signal via 
NARROWBAND FREQUENCY MODULATION. A 
simple method consists of frequency modulating 
the master oscillator of the transmitter at the 
modulation frequency. Phase modulation can 
also be used. 

NFPA Abbreviation of National Fire Protection Asso- 
ciation (see NATIONAL ELECTRIC CODE). 

NFQ Abbreviation of night frequency. 

NG 1. Abbreviation of NEGATIVE GLOW. 2. Abbre- 
viation of no good, used for marking inoperative 
or malfunctioning components. 

nH Abbreviation of NANOHENRY. 

nhp Abbreviation of NOMINAL HORSEPOWER. 

Ni Symbol for NICKEL. 
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nibble In computer operations, a four-bit word. 

NICAD Acronym for NICKEL-CADMIUM. 

NiCd Chemical symbol for NICKEL-CADMIUM. 

Nichrome A nickel-chromium alloy used in the 
form of a wire or strip for resistors and heater el- 
ements. 

nickel Symbol, Ni. A metallic element. Atomic 
number, 28. Atomic weight, 58.69. Nickel is fa- 
miliar as an alloying metal in some resistance 
wires and as the material used in some electron- 
tube elements. 

nickel-cadmium Acronym, NICAD. Chemical 
symbol, NiCd. A mixture used in certain 
rechargeable electrochemical cells and batteries. 
In recent years, these cells and batteries have 
been largely replaced by nickel-metal-hydride 
(NiMH) and lithium-based units. These batteries 
must be disposed of in a special way because of 
the toxic cadmium they contain. Compare 
NICKEL-METAL-HYDRIDE. 

nickel-cadmium battery 1. A battery of nickel- 
cadmium cells. 2. Loosely, a nickel-cadmium 
cell. See also NICKEL-CADMIUM. 

nickel-cadmium cell A small, rechargeable, electro- 
chemical cell. The anode is cadmium, the cathode 
is nickel hydroxide, and the electrolyte is potas- 
sium hydroxide. See also NICKEL-CADMIUM. 
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nickel hydroxide Chemical symbol, NiOH. A com- 
pound used in certain rechargeable electrochemi- 
cal power supplies. Examples are nickel-cadmium 
(NiCd or NICAD) and nickel-metal-hydride (NiMH) 
batteries, used in older notebook computers. 

nickel-iron Chemical symbol, NiFe. A mixture used 
for a specialized rechargeable electrochemical cell 
in which the active positive plate material consists 
of nickel hydroxide. The active negative plate mate- 
rial is powdered iron oxide mixed with cadmium, 
and the electrolyte is potassium hydroxide. 
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nickel-iron battery See EDISON BATTERY. 

nickel-metal-hydride Chemical symbol, NiMH. A 
mixture used in certain rechargeable electrochem- 
ical cells and batteries. This type of cell or battery 
is less likely than nickel-cadmium units to develop 
battery memory or memory drain, in which the 
ampere-hour capacity is reduced because of repeated 
partial discharging. In addition, the chemicals in 
NiMH cells and batteries are less toxic than those 
in NICADs. Compare NICKEL-CADMIUM. 

nickel-metal-hydride battery 1. A small, 
rechargeable, nickel-based electrochemical bat- 
tery, similar to the nickel-cadmium (NICAD) type. 
2. Loosely, a nickel-metal-hydride cell. See 
NICKEL-METAL-HYDRIDE. 

nickel-metal-hydride cell A small, rechargeable, 
nickel-based electrochemical cell, similar to the 
nickel-cadmium type. See also NICKEL-METAL- 
HYDRIDE. 

nickel-oxide diode A diode fabricated from nickel- 
oxide semiconductor material. 

nickel silver An alloy of copper, nickel, and zinc, 
sometimes used for making resistance wire. Also 
called GERMAN SILVER. 

Nicol prism An optical component for producing or 
analyzing plane-polarized light. It consists of two 
prisms of Iceland spar cemented together. Light 
entering the device strikes the interface, where 
the ordinary ray is totally reflected and the ex- 
traordinary ray passes through, both rays being 
plane-polarized perpendicular to each other. 

NIDA Abbreviation of numerically integrating differ- 
ential analyzer. 

NIF Abbreviation of NOISE IMPROVEMENT FAC- 
TOR. 

NiFe Chemical symbol for NICKEL-IRON. 

night effect A phenomenon sometimes observed 
at frequencies below approximately 500 kHz. Di- 
rection-finding signals received between sunset 
and the following sunrise appear to come from a 
transmitter that moves slowly back and forth. 

night-effect errors In radio direction-finding, in- 
accurate or uncertain readings resulting from the 
NIGHT EFFECT. 

night range The distance over which signals from 
a given transmitter are consistently received after 
sunset. 

ni junction In a semiconductor device, the junction 
between an n-type layer and an intrinsic layer. 

nil 1. Colloquialism for negligible. 2. British ex- 
pression for zero. Also, nought. 3. Colloquialism 
for nothing. 

NiMH Chemical 
HYDRIDE. 

niobium Symbol, Nb. A metallic element chemi- 
cally resembling tantalum. Atomic number, 41. 
Atomic weight, 92.91. 

NIPO Abbreviation of negative input/positive output. 

NIR Abbreviation of NEAR INFRARED. 

nit In digital-computer operations, a unit of data 
equal to 1.44 bits. 


for NICKEL-METAL- 
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nitrocellulose See CELLULOSE NITRATE. 

nitrogen Symbol, N. A gaseous element. Atomic 
number, 7. Atomic weight, 14.007. Nitrogen is 
the most-abundant component (about 78%) of 
the Earth's atmosphere. 

NIU Abbreviation of NETWORK INTERFACE UNIT. 

Nixonite A trade name for cellulose acetate, a 


plastic. 

Nixonoid A trade name for cellulose nitrate, a 
plastic. 

NJCC Abbreviation of National Joint Computer Con- 


ference. 

n layer A semiconductor layer doped to provide 
current carriers that are predominantly elec- 
trons. Compare P LAYER. 

n-level logic 1. A multilevel form of logic, with n 
different possible states. 2. In a computer, the 
connection of up to n logic gates. 

NLR 1. Abbreviation of nonlinear resistance. 2. Ab- 
breviation of NONLINEAR RESISTOR. 

NLS Abbreviation of NO-LOAD SPEED. 

N/m? Abbreviation of newtons per meter squared 
(pascals). 

Nm?/kg Newton meters squared per kilogram, the 
SI unit of the gravitational constant. 

NMAA Abbreviation of National Machine Accoun- 
tants Association. 

NMOS A metal-oxide semiconductor device made 
on a p-type substrate whose active carriers, elec- 
trons, migrate between n-type source and drain 
contacts. 

NMR 1. Abbreviation of NUCLEAR MAGNETIC 
RESONANCE. 2. Abbreviation of NORMAL- 
MODE REJECTION. 

n-n junction In a semiconductor device, especially 
an integrated circuit, the junction between two 
n-type regions having somewhat different proper- 
ties (sometimes designated nı and ny). 

NO Abbreviation of NORMALLY OPEN. 

No Symbol for NOBELIUM. 

No. Abbreviation of NUMBER. 

no-address instruction In digital computer opera- 
tions, an instruction requiring no reference to 
storage or memory for its execution. 

nobelium Symbol, No. A radioactive element pro- 
duced artificially. Atomic number, 102. Atomic 
weight, approximately 259 (varies with isotope). 

Nobili’s rings See ELECTRIC RINGS. 

noble Chemically inert or inactive. For example, 
noble metals oxidize less rapidly than base met- 
als. 

noble gas An inert rare gas (such as argon, helium, 
krypton, neon, or xenon). It is used in electronic 
glow devices. 

noble metal A comparatively nonreactive metal 
(such as gold, silver, or platinum). 

noctovision A television transmission system us- 
ing infrared rays instead of visible light to scan 
the object. This makes it possible to televise im- 
ages in complete visual darkness (hence, the pre- 
fix nocto-, meaning “night”). 
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no-charge machine fault time Unproductive com- 
puter time resulting from errors or a malfunction. 

nodal point See NODE. 

node 1. The terminal point at which two or more 
branches of a circuit meet, or a point that is 
common to two circuits. 2. In a standing-wave 
system, a zero point or minimum point, e.g., 
current node. Compare LOOP, 1. 3. A database 
management system expression defining the 
location of information about a record, user, 
field, etc. 4. A point at which a satellite crosses 
the equator. See also ASCENDING NODE, DE- 
SCENDING NODE. 
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nodules 1. Oxide particles that protrude above the 
surface of magnetic tape. 2. In a planar pattern 
describing radiation or pickup characteristics (as 
for antennas, microphones, loudspeakers), a 
small peak aligned in a direction other than that 
of the main lobe. 

no-field release In the starting box for a shunt mo- 
tor, the electromagnet that normally holds the 
arm in full-running position; it is connected in se- 
ries with the field winding. When the field current 
is lost, the arm is released, disconnecting the ar- 
mature for safety. Compare NO-VOLTAGE RE- 
LEASE. 

noise 1. A random-frequency current or voltage 
signal extending over a considerable frequency 
spectrum and having no useful purpose, unless 
it is intentionally generated for test purposes. 
2. Dissonant, interferential sound; unlike harmo- 
nious sound, it is disagreeable. 3. In audio oper- 
ations, unwanted hiss and/or hum. 4. Extra bits 
or bytes that must be removed from digital data 
before it can be useful. 

noise abatement The elimination or reduction of 
noise intensity—especially a measure in a pro- 
gram concerned with noise pollution in the envi- 
ronment. 

noise analysis The measurement of the amplitude 
and spectral distribution of noise and the deter- 
mination of its character. 

noise analyzer An instrument for evaluating the 
nature of noise in a communications system. See, 
for example, NOISE METER. Noise analyzers are 
sometimes adapted for vibration analysis. 


noise-balancing system A bridge circuit inserted 
between a receiver and antenna for balancing out 
interferential signals resulting from nearby 
power-line leaks or similar causes. 

noise bandwidth Abbreviation, NBW. A figure ob- 
tained by dividing the area under the power- 
output-vs.-frequency curve of a device by the 
power amplitude at the noise frequency of interest. 

noise behind the signal Noise caused by, but ex- 
clusive of, a signal. 

noise blanker A device that cuts off one of the inter- 
mediate-frequency stages of a radio receiver during 
a noise pulse. The noise blanker is effective against 
high-amplitude impulses of short duration. 

noise-canceling antenna A specialized receiving 
antenna system that uses two elements, one in- 
tended for receiving primarily the desired sig- 
nal(s) and the other intended for receiving 
primarily local human-made noise. The outputs 
from the two elements are combined so that the 
noise impulses appear out of phase, but of equal 
amplitude. Because one element is located in a 
favorable position for reception of desired sig- 
nals while the other element is not, the desired 
signals do not cancel at the receiver input. As a 
result, the signal-to-noise ratio is greatly 
improved, compared with the use of the signal 
antenna alone. 


Signal 
antenna 


To receiver 


Noise balance phase 


Noise antenna 


noise-canceling antenna 


noise-canceling microphone A microphone that 
discriminates against background sounds. It is 
usually directional and relatively insensitive, re- 
quiring the user to talk directly into it at close 
range. 

noise clipper A biased-diode circuit used as an 
automatic noise limiter. The device cuts off all 
signals above a predetermined amplitude on the 
theory that noise peaks are high-level transients 
in an otherwise uniform signal. Noise is reduced 
at the sacrifice of system reproduction fidelity. 

noise criteria An expression for the level of ambi- 
ent acoustic noise. 

noise current Noise-generated current. 
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noise-current generator A noise generator that 
supplies a useful current. Compare NOISE- 
VOLTAGE GENERATOR. 

noise digit A digit (usually zero) generated during 
normalization of a floating-point number. See 
NORMALIZE. 

noise diode A reverse-biased semiconductor diode 
that produces a standard noise voltage. 

noise elimination The nearly complete removal of 
noise effects from a system. Noise can never be 
eliminated altogether because the movement of 
electrons and atoms generates some electrical 
and thermal noise. However, in some digital sys- 
tems, the effects of noise can be almost totally 
overcome. Compare NOISE SUPPRESSION. 

noise equivalent power Abbreviation, NEP. The 
power that produces an rms signal-to-noise ratio 
of 1 in a detector. 

noise factor For a circuit, especially a communica- 
tions receiver or weak-signal amplifier, the ratio 
R,/R2, where R; is the signal-to-noise power ratio of 
an ideal circuit, and R2 is the signal-to-noise ratio of 
the circuit under test. Compare NOISE FIGURE. 

noise figure The NOISE FACTOR of a circuit, ex- 
pressed in decibels. If N is the noise factor ex- 
pressed as a ratio, then noise figure Nag can be 
determined by Nas = 10 log;¡0N. 

noise filter A filter designed to suppress noise that 
would otherwise enter an electronic circuit (e.g., a 
power-line noise filter). 

noise floor 1. In a receiver, the level of noise in mi- 
crovolts that determines the weakest signal that 
can be heard or accurately received. 2. In a spec- 
trum analyzer, the level of noise that determines 
the weakest signal that will be visibly displayed. 
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noise floor, 2. 


noise generator A device for generating precise 
amounts of noise voltage for test purposes. 

noise grade 1. The relative level of radio- 
frequency background noise, over all electro- 
magnetic frequencies, in a particular geographic 
location. The noise grade is generally lowest 
near the poles and highest near the equator. 
2. The mathematical function of relative electro- 
magnetic noise intensity versus latitude and 
longitude. 

noise immunity The degree to which a circuit or 
device is insensitive to extraneous energy—espe- 
cially noise signals. 

noise-improvement factor Abbreviation, NIF. For 
a radio receiver, the ratio SN¡/SN,, where SN; is 
the input signal-to-noise ratio and SNo is the out- 
put signal-to-noise ratio. 

noise killer 1. See AUTOMATIC NOISE LIMITER. 
2. See NOISE FILTER. 3. See NOISE BLANKER. 

noiseless alignment See VISUAL ALIGNMENT. 

noise level 1. The amplitude of ambient electrical 
noise generated outside an electronic system of 
interest. 2. The amplitude of electrical noise gen- 
erated in an electronic system of interest. 3. The 
intensity of ambient acoustic noise. 

noise limiter See AUTOMATIC NOISE LIMITER. 

noise margin In a binary logic circuit, the differ- 
ence between operating and threshold voltages. 

noise-measuring set See NOISE METER. 

noise meter An instrument for measuring acous- 
tic noise level. It consists essentially of a sensi- 
tive, multirange voltmeter provided with a 
microphone, amplifier, and attenuators. The me- 
ter scale reads noise level directly in decibels. 


noise meter 


noise power The power component of a noise 
signal. 

noise power ratio The ratio of noise power at the 
output of a circuit (such as a receiver) to the noise 
power at the input. 

noise pulse A random short-duration noise burst 
whose amplitude exceeds the average peak noise 
level. 

noise quieting In a radio receiver, the reduction 
(in decibels) of background noise, with respect to 
a signal of interest. 

noise ratio See NOISE POWER RATIO. 

noise-reducing antenna A receiving antenna hav- 
ing a balanced transmission line and usually 
some form of noise-balancing system for reducing 
electrical noise picked up by the antenna. 
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noise reduction See NOISE SUPPRESSION. 

noise residue The residual output (see NULL 
VOLTAGE, 1) of a balanced bridge, caused en- 
tirely by noise. 

noise silencer A noise-limiting circuit that re- 
moves noise-pulse transients with little or no ef- 
fect on the signal from which the noise is 
removed. Compare NOISE CLIPPER. 

noise source See NOISE GENERATOR. 

noise spike See NOISE PULSE. 

noise suppression 1. In communications, the re- 
duction of noise amplitude to a level that is non- 
competitive with desired signals. 2. In audio 
recording and reproduction, reduction of un- 
wanted noise (e.g., hiss) to the greatest extent 
possible without degrading the fidelity of the de- 
sired audio. Compare NOISE ELIMINATION. 

noise suppressor A device for eliminating electri- 
cal noise or reducing its amplitude. See, for ex- 
ample, AUTOMATIC NOISE LIMITER and NOISE 
BLANKER. 

noise temperature Ata given frequency, the tem- 
perature of a passive system that has the same 
noise power per unit bandwidth as that observed 
at the terminals of a device under test. 

noise voltage The voltage component of an electri- 
cal noise signal. 

noise-voltage generator A signal generator that 
supplies an alternating-current waveform con- 
taining random-frequency pulses of relatively 
uniform distribution over a given frequency spec- 
trum. Compare NOISE-CURRENT GENERATOR. 

noisy mode During normalization of a floating- 
point number, the generation of digits, excluding 
zero, as part of the fixed-point part (see NOR- 
MALIZE). 

NOL 1. Abbreviation of National Ordnance Labora- 
tory. 2. Abbreviation of Naval Ordnance Laboratory. 

no-load current 1. Output-electrode current (e.g., 
drain, plate, or collector current) when a device is 
not delivering output to an external load. 2. Cur- 
rent flowing in the primary winding of an un- 
loaded transformer. 

no-load losses Losses in an unloaded transformer 
(see NO-LOAD CURRENT, 2). 

no-load speed The rotational speed of an unloaded 
motor. 

no-load voltage The open-circuit output voltage of 
a power supply, amplifier, generator, or network. 

nominal 1. Named, rated, or specified. The nominal 
value of a speaker, for example, might be 8 ohms, 
even though the actual impedance value depends 
on the frequency of the applied signal. 2. Approx- 
imate, and specified as a typical example only, for 
the purpose of identifying the operating or value 
range. For example, an automotive circuit might 
have a nominal rating of 12 volts—even though it 
can be operated at 10 volts to 14.6 volts. 

nominal band In a facsimile signal, the waveband 
extending between zero and the maximum fre- 
quency of modulation. 
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nominal bandwidth 1. For a filter, the difference 
fea — fer. where fei is the nominal lower cutoff fre- 
quency and fiz is the nominal upper cutoff fre- 
quency. 2. For an allocated communication 
channel, the total bandwidth, including upper 
and lower guard frequencies. 3. The intended and 
specified bandwidth of a given channel, regard- 
less of the bandwidth of the signal on that fre- 
quency at any given time. 


Channel 


X Channel 
Y 


Amplitude 


oa > Nominal Nominal mae 
bandwidth bandwidth 
nominal bandwidth, 2 


nominal capacitance The rated (“label”) value of a 
capacitor. Also see NOMINAL VALUE. 

nominal current The rated (“nameplate”) value of 
required current or of current output. Also see 
NOMINAL VALUE. 

nominal horsepower The rated (“nameplate”) 
horsepower of a machine, such as a motor. Also 
see NOMINAL VALUE. 

nominal impedance The rated impedance of a cir- 
cuit or device. Also see NOMINAL VALUE. 

nominal inductance The rated (“label”) value of a 
coil’s inductance. Also see NOMINAL VALUE. 

nominal line pitch In a television raster, the aver- 
age center-to-center separation between adjacent 
lines. 

nominal line width 1. For a television raster, the 
factor 1/n, where n is the number of lines per 
unit width for the direction in which the lines 
progress. 2. In facsimile, the average center-to- 
center separation of scanning or recording lines. 

nominal power factor The rated (“nameplate”) 
value of power factor of a device. Also see NOMI- 
NAL VALUE. 

nominal power rating The rated (“nameplate”) 
value of power output, power drain, or power dis- 
sipation. Also see NOMINAL VALUE. 

nominal Q The rated (“nameplate”) value of Q ofa 
capacitor, inductor, transformer winding, or tank 
circuit. Also see NOMINAL VALUE. 

nominal rating See NOMINAL, 1, 2. 

nominal resistance The rated (“label”) value of a re- 
sistor or similar device. Also see NOMINAL VALUE. 

nominal speed The highest speed of a data- 
processing unit or system, disregarding slowdowns 
because of factors other than computational op- 
erations. 

nominal value A named, specified, rated, or la- 
beled value, given without reference to tolerance. 
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This can differ significantly from the actual value. 
For example, the nominal value of a capacitor 
might be 100 pF; but if the tolerance is +10 per- 
cent, the actual capacitance might be any value 
between 90 pF and 110 pF. 

nominal voltage 1. The rated (“nameplate”) value 
of required voltage or of voltage output. Also see 
NOMINAL VALUE. 2. Ina cell or battery, the MID- 
POINT VOLTAGE. 

nomogram See ALIGNMENT CHART. 

nomograph See ALIGNMENT CHART. 

nomography The geometric representation of a 
mathematical function or relation by means of 
alignment charts. 

nonaccountable time The period during which a 
computer system is unavailable to the user (be- 
cause of a power outage, for example). 

nonarithmetic shift See LOGICAL SHIFT. 

nonblinking meter A digital meter that does not 
alternate, or oscillate, between two different val- 
ues when the measured parameter is between 
two discrete values. Instead, the display is 
rounded off to the nearest value, and the display 
remains at that value continuously. 

nonblocking system In a telephone communica- 
tions network, a system that ensures a circuit 
will be completed when necessary. That is, at no 
time is it impossible for a connection to be made. 
Under conditions of extremely heavy usage, the 
quality of communications might be degraded, 
but the connection will not be cut off. 

nonbridging contact In a switch or relay, a mov- 
able contact that leaves one stationary contact 
before contacting another. 

nonchargeable battery A primary battery (i.e., one 
that cannot ordinarily be recharged). An example 
is a battery of common zinc-carbon or alkaline 
cells. 

noncoherent Pertaining to electromagnetic radia- 
tion in which the wave disturbances are not all 
precisely aligned in frequency and phase. 

nonconductor See DIELECTRIC. 

noncontact temperature measurement The use 
of infrared or optical electronic equipment to 
measure the temperature of bodies without 
touching them. 

noncorrosive flux A solder flux that does not cor- 
rode the metals to which solder is applied. 

noncrystalline Pertaining to materials that pos- 
sess none of the characteristics of crystals. Com- 
pare CRYSTALLINE MATERIAL. 

nondestructive read In digital computer and 
counter operation, the process of reading data 
without erasing it as a result. The name is also 
applied to the readout device. 

nondestructive test Abbreviation, NDT. A test 
that does little or no irreversible harm to the test 
sample. Compare DESTRUCTIVE TEST. 

nondeviated absorption Absorption that slows 
waves by a negligible amount; also, normal sky- 
wave absorption. 
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nondirectional antenna An antenna that displays 
equally intense radiation or equally sensitive re- 
ception in all directions within a specified plane. 
An example is a vertical dipole antenna, which is 
nondirectional in the horizontal plane. 

nondirectional microphone A microphone that 
responds equally well to sound from any direc- 
tion; an omnidirectional microphone. 

nondissipative load A purely reactive load. In 
such a load, the only power consumed is that 
which is dissipated in the inherent resistance 
(losses) of the load. 

nondissipative stub A stub that exhibits only slight 
losses; it consumes no power, except that dissi- 
pated in small, inherent losses. Also see STUB. 

nonelectrical Not electrical in nature. The term is 
commonly used to designate the mechanical 
parts of electromechanical systems, such as 
robots and servomechanisms. 

nonelectrolyte A substance that does not ionize in 
water solution. Compare ELECTROLYTE. 

nonelectronic meter A meter that uses no elec- 
tronic devices (such as transistors, liquid crys- 
tals, light-emitting diodes, or integrated circuits). 
Also called conventional meter. 

nonequivalence operation See EXCLUSIVE-OR 
OPERATION. 

nonerasable storage In digital-computer and 
data-processing operations, storage media that 
cannot be erased under ordinary circumstances. 
A common example is CD-ROM (compact-disk 
read-only memory). 

nonferrous metal A metal or alloy that does not 
contain iron, and is not related to iron in the 
sense that it is not attracted to magnets. 

nonflammable Pertaining to a material that is re- 
sistant to burning. 

nonharmonic frequency A frequency that has no 
integral numerical relationship to another fre- 
quency of interest. Compare HARMONIC FRE- 
QUENCY. 

nonharmonic oscillations Parasitic oscillations 
that do not occur at the fundamental frequency 
nor at any harmonic frequency of an oscillator or 
amplifier in which they appear. 
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nonillion The number 10%, so called because 
when written out, the number contains nine 
groups of three zeros (following the first 1000). 

noninductive capacitor A wound capacitor in 
which the edges of one of the spiral windings are 
connected together to minimize the inductance of 
the roll. Compare INDUCTIVE CAPACITOR. 

noninductive resistor A wirewound resistor con- 
structed so that the magnetic field of the coil is 
self-canceling. Therefore, the inductance is prac- 
tically eliminated. 

noninterlaced scanning In the display of a video 
image, the presentation of all the raster lines in a 
single scan. It is commonly used in cathode-ray- 
tube (CRT) computer monitors. This process min- 
imizes “jerkiness” in rapidly moving images. 

noninverting connection Connection to the non- 
inverting input of a differential or operational am- 
plifier. Also see NONINVERTING INPUT. Compare 
INVERTING CONNECTION. 

noninverting input In a differential or operational 
amplifier, the input that provides an output sig- 
nal in phase with the input. Compare INVERTING 
INPUT. 

noninverting transponder In a communications 
satellite, a transponder in which the downlink 
band is “rightside-up” in frequency relative to the 
uplink band. That is, the highest downlink fre- 
quency corresponds to the highest uplink fre- 
quency, and the lowest downlink frequency 
corresponds to the lowest uplink frequency. 
Compare INVERTING TRANSPONDER. Also see 
DOWNLINK, TRANSPONDER, UPLINK. 

nonionic 1. Possessing none of the properties of 
ions. 2. Electrically neutral. 

nonionizing radiation Electromagnetic radiation 
that does not cause ionization of gases under a 
given set of conditions. Examples: radio signals, 
television signals, and visible light. 

nonlinear 1. Pertaining to components, circuits, or 
devices in which the instantaneous output signal 
amplitude is not directly proportional to the in- 
stantaneous input signal amplitude. The graph of 
instantaneous output versus instantaneous in- 
put is a curve, not a straight line. Example: 
CLASS-C AMPLIFIER. 2. Pertaining to compo- 
nents, circuits, or devices in which a specified 
value is not directly proportional to some other 
specified value. Example: NONLINEAR CAPACI- 
TOR. 

nonlinear 
BRIDGE. 

nonlinear capacitor A capacitor whose value 
varies nonlinearly with applied voltage. Also see 
VOLTAGE-VARIABLE CAPACITOR, 1, 2. 

nonlinear coil See SATURABLE REACTOR. 

nonlinear dielectric A material (such as pro- 
cessed barium-strontium titanate) whose dielec- 
tric constant varies with applied voltage. 

nonlinear distortion Distortion caused by nonlin- 
ear response of an amplifier or component. This 


bridge See VOLTAGE-SENSITIVE 
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causes different parts of the signal to be amplified 
or transmitted by different amounts; therefore, 
the amplitude variations in the output signal dif- 
fer from those in the input signal. 

nonlinear inductor See SATURABLE REACTOR. 

nonlinearity 1. The condition of being NONLIN- 
EAR. In an amplifier, this means that the output 
signal is not a faithful reproduction of the input 
signal, and distortion occurs. 2. A measure of the 
extent to which a circuit is nonlinear. Expressed 
as a percentage of peak-to-peak full-scale output, 
the maximum extent to which the output differs 
from a perfect reproduction of the input. 

nonlinearity error An error in received signals re- 
sulting from nonlinearity in one or more of the 
stages in the communications circuit. 

nonlinear mixing The mixing of signals as a result 
of the nonlinear response of a device (such as a 
semiconductor diode operated in its square-law 
region) through which they are passed simultane- 
ously. Also see MIXER and MIXING. 

nonlinear network A circuit that produces distor- 
tion in an input waveform; the output and input 
waves are not related by a linear function. 

nonlinear quantizing A method of signal quantiz- 
ing in which the intervals are not all the same size 
or duration. 

nonlinear resistor A resistor whose value 
varies with applied voltage. Also see VOLTAGE- 
DEPENDENT RESISTOR. 

nonlinear response Any response for which the 
corresponding plot is not a straight line; doubling 
the independent variable, for example, does not 
double the dependent variable. 

nonloaded Q See UNLOADED Q. 

nonmagnetic 1. Possessing no magnetism. 2. In- 
capable of being magnetized. 

nonmathematical Pertaining to materials and 
methods that rely upon physical description and 
qualitative procedures instead of mathematical 
development, prediction, and quantitative proce- 
dures. 

nonmetal An elemental material devoid of the prop- 
erties exhibited by metals (e.g., luster, good ductil- 
ity, electrical conductivity, heat conductivity, and 
malleability). Examples: carbon, phosphorus, sul- 
fur. Compare METAL and METALLOID. 

nonmetallic conduction Collectively, ionic con- 
duction in liquids and gases, conduction in 
dielectrics by small leakage currents, and 
thermionic conduction in a vacuum. 

nonmicrophonic Without microphonic properties, 
e.g., a nonmicrophonic integrated circuit does not 
produce electrical ringing when physically struck. 

nonnumeric character A character that is not a 
numeral, i.e., a symbol or letter. 

nonohmic response 1. Nonlinear resistance or re- 
actance. Compare OHMIC RESPONSE. 2. See 
NEGATIVE RESISTANCE. 

nonoscillating detector A detector devoid of posi- 
tive feedback action and, therefore, unable to 
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generate a signal on its own. Compare OSCIL- 
LATING DETECTOR. 

nonplanar 1. Existing in three spatial dimensions. 
2. Pertaining to a circuit that cannot be fabri- 
cated on a two-dimensional board without the 
use of jumper wires. 

nonpolar 1. Having no pole(s). 2. Pertaining to 
atoms that share electrons to complete their 
outer shells. 3. Not polarized nor requiring polar- 
ization. Example: a 100-pF disk ceramic capaci- 
tor is nonpolar because it can be used in circuits 
without consideration of voltage polarity. 

nonpolar crystal A crystal in which lattice points 
are identical. 

nonpolarized electrolytic capacitor An elec- 
trolytic capacitor that has no definite negative 
and positive terminals and, consequently, can be 
used in alternating-current circuits, as well as in 
direct-current circuits. See also NONPOLAR, 3. 
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nonpolarized reactor A saturable reactor in which 
the lines of flux produced in the three-leg core by 
the coils on the two outer legs oppose each other 
in the center leg. When direct current (dc) is 
passed through the coil on the center leg to satu- 
rate the core, operation remains the same for ei- 
ther de polarity. Compare POLARIZED REACTOR. 

nonpolarized relay See UNPOLARIZED RELAY. 

nonprint code In telegraphy, a code used to start 
teleprinter functions excluding printing. 

nonreactive circuit A circuit containing pure re- 
sistance only. 

nonrechargeable battery See NONCHARGEABLE 
BATTERY. 

nonrecurrent Pertaining to phenomena that do 
not repeat periodically. Thus, a single sweep in an 
oscilloscope is nonrecurrent. 

nonrecurrent sweep See NONREPETITIVE SWEEP. 

nonregenerative detector A detector having no 
regenerative feedback. Such a detector is stable, 
but relatively insensitive. Compare REGENERA- 
TIVE DETECTOR. 

nonregenerative receiver A radio receiver in 
which no local signal whatever is generated. 


nonrepetitive phenomena See NONRECURRENT. 

nonrepetitive sweep In an oscilloscope, a single 
horizontal sweep of the electron beam, initiated 
either by the operator or by the signal under ob- 
servation. Also called SINGLE SWEEP. Compare 
RECURRENT SWEEP. 

nonreset timer A timer that must be reset manu- 
ally. 

nonresident routine A computer routine not per- 
manently stored in memory. Compare RESIDENT 
ROUTINE. 

nonresonant 1. Pertaining to a resonant circuit or 
device operated at some frequency other than one 
of its resonant frequencies. Thus, reactance is 
present at the operating frequency. See RESO- 
NANCE. 2. Pertaining to a circuit or device that 
exhibits pure resistance (without reactance) over 
a wide range of frequencies. 

nonresonant lines Transmission lines so dimen- 
sioned and operated that they do not resonate at 
the operating frequency. 

nonresonant load An alternating-current load 
that is either purely resistive or is detuned from 
the fundamental and harmonic frequencies of the 
source from which it is operated. 

nonreturn to zero In the magnetic recording of 
digital data, the system in which the current flow- 
ing in the write-head coil is sustained (i.e., does 
not return to zero) after the write pulse. 

nonsalient pole A nonprojecting (often flush) pole. 
Compare SALIENT POLE. 

nonsaturated color 1. Visible light that consists of 
energy at more than one wavelength. 2. A color that 
contains some white, in addition to the pure color. 

nonsaturated logic A logic circuit in which tran- 
sistors are prevented from saturating. This re- 
sults in higher operating speed than SATURATED 
LOGIC using the same transistors. 

nonshorting switch A multiple-throw switch that 
disconnects one circuit before completing an- 
other; that is, no two poles are ever connected si- 
multaneously. 

nonsinusoidal waveform A waveform whose curve 
cannot be represented by the equation y = c sin 
a(x + b), where a, b, and c are constants, y is the 
dependent variable (usually instantaneous am- 
plitude or frequency), and x is the independent 
variable (usually time), for any real-number val- 
ues of a, b, and c. Examples: BACK-TO-BACK 
SAWTOOTH, SAWTOOTH, and SQUARE WAVE. 
The COSINE WAVE is sinusoidal, being a SINE 
WAVE shifted in phase by 90 degrees. 

nonsymmetrical wave See ASYMMETRIC WAVE. 

nonsynchronous Unrelated in cyclic quality to 
other such qualities in the system. 

nonsynchronous network A communications net- 
work in which the clocks are not all synchronized. 

nonsynchronous vibrator A power-supply vibra- 
tor that is essentially a single-pole, double-throw 
switch providing no mechanical rectification. 
A separate rectifier must be used. Compare 
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VIBRATOR-TYPE RECTIFIER. Also see VIBRA- 
TOR-TYPE POWER SUPPLY. 

nontechnical Pertaining to circuits, devices, sys- 
tems, or phenomena described in lay terms, using 
concise graphics and little or no mathematics. An 
example is the simplified explanation of the oper- 
ation of a spread-spectrum radio transmitter. 

nontonal components See NOISE, 3. 

nontrigger voltage For a thyristor, the maximum 
gate-to-cathode voltage that can be applied with- 
out triggering the device. The amplitude of inter- 
ferential signals, including noise, must be below 
this level to prevent accidental triggering. 

nonuniform field An electric or magnetic field 
whose intensity is not the same at all points. 

nonvolatile memory Memory whose data is re- 
tained even when power is removed for extended 
periods. This type of memory requires no backup 
power source. The main advantage of this type of 
memory is the fact that the data is not lost in case 
of a power interruption. Memory should not be 
confused with storage. Magnetic, magneto- 
optical, or optical disks (including hard drives) are 
storage media, not memory. Memory data can be 
stored and retrieved much faster than storage 
data, because memory uses no mechanical parts. 
Also see RANDOM-ACCESS MEMORY, READ- 
ONLY MEMORY. Compare VOLATILE MEMORY. 

nonvolatile storage A computer storage medium 
in which the data does not require a source of 
power to be retained. Examples: MAGNETIC 
DISK, MAGNETIC TAPE, and COMPACT-DISK 
READ-ONLY MEMORY. 

no-op instruction An instruction that commands 
a computer to perform no operation, other than 
to proceed to the following instruction. 

NOR circuit Also called NOT-OR CIRCUTT. In com- 
puter and control operations, a circuit that deliv- 
ers a zero output signal, except when two or more 
input signals are zero. The NOR circuit function 
is the inverse of that of the OR circuit. 

NOR gate A gate that performs the functions of a 
NOR circuit. 

norm The average or ambient condition. 


NOR circuit 


normal 1. Pertaining to the most commonly ob- 
served set of conditions or parameters. 2. Stan- 
dard. 3. Perpendicular; oriented at right angles. 
4. Pertaining to a NORMAL DISTRIBUTION. 
5. Pertaining to a NORMAL SOLUTION. 6. Pertain- 
ing to an atom at its lowest energy state. See 
NORMAL STATE OF ATOM. 

normal curve See BELL-SHAPED CURVE. 

normal distribution In a statistical evaluation, a 
probability distribution represented by the so- 
called bell-shaped curve. The maximum probabil- 
ity occurs at the 50-percent value. 

normal-distribution curve See BELL-SHAPED 
CURVE. 

normal electrode A standard electrode used in 
electrode-potential measurements. 

normal fault An unintended path between the hot 
terminal of a load and ground. 

normal fault plus grounded neutral fault A com- 
bination of NORMAL FAULT and GROUNDED 
NEUTRAL FAULT. 

normal glow discharge In a glow-discharge tube, 
the discharge region between the Townsend dis- 
charge and the abnormal glow in which current 
increases sharply, but a constant voltage drop is 
maintained across the tube. 

normal impedance A transducer’s input imped- 
ance when the load impedance is zero. 

normal induction curve A saturation curve for a 
magnetic material. Also see BOX-SHAPED LOOP 
and SATURABLE REACTOR. 

normalize In computer programming, to use float- 
ing-point numbers to modify the fixed-point part 
of a number so that it is within a desired range. 

normalized admittance The quantity 1/Z,, where 
Zn is NORMALIZED IMPEDANCE. 

normalized frequency The unitless number repre- 
sented by the ratio f/f, where f, is a reference fre- 
quency and fis a frequency of interest. Response 
plots are sometimes conveniently drawn on the 
basis of normalized frequency, the reference (or 
resonant) frequency being indicated as 1, twice 
the reference frequency as 2, etc. 

normalized impedance A value of impedance di- 
vided by the characteristic impedance of a wave- 
guide. 

normally closed Abbreviation, NC. Pertaining toa 
switch or relay whose contacts are closed when 
the device is at rest. Compare NORMALLY OPEN. 

normally open Abbreviation, NO. Pertaining to a 
switch or relay whose contacts are open when the 
device is at rest. Compare NORMALLY CLOSED. 

normal mode Pertaining to a device or system op- 
erated in its usual or most common manner. 

normal mode A state of acoustic resonance in an 
enclosure, such as a speaker cabinet or a room. 

normal-mode rejection Abbreviation, NMR. In a 
digital direct-current voltmeter, the level of noise 
on the applied voltage that will be rejected by the 
instrument. Compare COMMON-MODE REJEC- 
TION. 
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normal position In a switch or relay, the state of 
the contacts when the device is at rest. 

normal solution A solution, such as an electrolyte, 
in which the amount of dissolved material is 
chemically equivalent to 1 gram-atomic weight 
of hydrogen per liter of the solution. Compare 
MOLAR SOLUTION. 

normal state of atom The condition in which an 
atom is at its lowest energy level. For the hydro- 
gen atom, for example, the state in which the 
electron is in the lowest-energy orbit. 

normal-through A feature in an audio PATCH BAY 
or PATCH PANEL that connects two sockets by 
default. The top socket and the one immediately 
below it are connected, even when a patch cord is 
not plugged into either of them. 

northern lights See AURORA. 

north magnetic pole The north pole of the equiva- 
lent bar magnet constituted by the EARTH’S 
MAGNETIC FIELD. The north magnetic pole lies 
close to the geographic north pole. Compare 
SOUTH MAGNETIC POLE. 

north pole 1. See NORTH MAGNETIC POLE. 
2. The earth’s geographic north pole. 3. See 
NORTH-SEEKING POLE. 

north-seeking pole Symbol, N. The so-called 
north pole of a magnet. When the magnet is sus- 
pended horizontally, this pole points in the direc- 
tion of the earth’s north magnetic pole. Compare 
SOUTH-SEEKING POLE. 

Norton’s equivalent An equivalent circuit based 
on NORTON’S THEOREM, replacing a Thevenin 
equivalent for a current-actuated device, such as 
a bipolar transistor. Also see THEVENIN’S THEO- 
REM. 

Norton’s theorem With reference to a particular 
set of terminals, any network containing any 
number of generators and any number of con- 
stant impedances can be simplified to one con- 
stant-current generator and one impedance. The 
equivalent circuit will deliver to a given load the 
same current that would flow if the output 
terminals of the original circuit where short- 
circuited. Compare COMPENSATION THEOREM, 
MAXIMUM POWER TRANSFER THEOREM, 
RECIPROCITY THEOREM, SUPERPOSITION 
THEOREM, and THEVENIN’S THEOREM. 

NOT In binary logic, an operation that changes 
high to low and vice versa. Also see NAND CIR- 
CUIT, NOR CIRCUIT, NOR GATE, NOT CIRCUIT, 
and NOT-OR CIRCUIT. 

NOT-AND circuit See NAND CIRCUIT. 

notation The way that numbers, quantities, or for- 
mulas are represented (e.g., binary notation, Pol- 
ish notation, and scientific notation). 

notch A dip in frequency response, typical of a 


band-suppression (band-elimination) filter or 
other frequency-rejection circuit. Compare 
PEAK, 3. 


notch amplifier An amplifier containing a notch 
filter or other arrangement that permits it to re- 
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ject one frequency or a given band of frequencies 
while passing all higher and lower frequencies. 

notch antenna An antenna with a slot in the radi- 
ating surface, for the purpose of obtaining a di- 
rectional response. 

notcher See NOTCH FILTER. 

notcher-peaker A circuit or device that can be set 
to perform either as a NOTCH FILTER or PEAK 
FILTER. 

notch filter A circuit that exhibits high attenua- 
tion at and near a single frequency and little or no 
attenuation at all other frequencies. This type of 
device is used in some radio communications re- 
ceivers, and can reduce interference caused by 
strong, unmodulated carriers within the pass- 
band. The notch frequency is adjustable, so that 
the deep null can be tuned to any frequency 
within the receiver passband. A properly de- 
signed circuit can produce attenuation in excess 
of 40 dB in the center of the notch. Some sophis- 
ticated types, especially audio designs, can pro- 
vide more than 60 dB of attenuation at the notch 
frequency. Audio notch filters employ operational 
amplifiers with resistance-capacitance (RC) cir- 
cuits. In some audio notch filters, the notch 
width (sharpness) and frequency are both ad- 
justable. Compare BAND-REJECTION FILTER. 

notch gate In radar, a gate that determines the 
minimum and maximum range. 

notch sweep An oscilloscope sweep that expands 
only a small portion (notch) of the pattern on the 
screen, leaving the portions on either side of the 
notch untouched. Thus, the first dozen or so 
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cycles might appear at the normal sweep speed, 
the next two cycles expanded, and the remaining 
two or three at normal sweep speed. 

NOT circuit A logic circuit that provides an output 
pulse when there is no input pulse, and vice 
versa. Also called COMPLEMENTER, NEGATOR, 
and INVERTER. 

note See BEAT NOTE. 

notebook computer A portable personal com- 
puter, also called a laptop computer. It is about 
the size of a typical three-ring notebook, and gen- 
erally contains a DISKETTE DRIVE, a HARD 
DISK, a MODEM, and attachments for peripher- 
als, such as printers. It uses rechargeable batter- 
ies and can be operated for approximately two to 
six hours between battery charges. 

NOT gate A digital circuit that inverts a logical con- 
dition—either from high (logic 1) to low (logic O) or 
vice versa. Also called an inverter. 

NOT-OR circuit A logical OR CIRCUIT combined 
with a NOT CIRCUIT. 

novelty calculator See SPECIAL-PURPOSE CAL- 
CULATOR. 

November Phonetic alphabet code word for the let- 
ter N. 

novice 1. A beginner class of amateur radio li- 
cense. 2. Any beginner or inexperienced practi- 
tioner. 

no-voltage release In the starting box for a shunt 
motor, the electromagnet that normally holds the 
arm in full-running position. It is connected di- 
rectly across the power line to disconnect the mo- 
tor in the event of power failure. When the arm is 
released, it falls to its off position, thereby pre- 
venting burnout that would result if the motor 
were left connected to the line in the full-running 
position when power resumed. Compare NO- 
FIELD RELEASE. 

noys scale A scale of apparent acoustic noise, 
based on a linear function instead of the more 
common logarithmic function. 

Np 1. Symbol for NEPTUNIUM. 2. Abbreviation of 
NEPER. 

N, Symbol for number of primary turns in a trans- 
former. 

n-phase system A polyphase system having n 
phases. 

npin transistor A junction transistor having an in- 
trinsic layer between a p-type base and an n-type 
collector. The emitter is a second n-type layer on 
the other side of the base. 

N plant See NUCLEAR POWER PLANT. 

n-plus-one address instruction A computer pro- 
gram instruction containing two addresses, one 
of which specifies the location of an upcoming in- 
struction to be executed. 

NPM Symbol for counts per minute. 

npnp device A semiconductor switching device 
having three junctions. Examples: FOUR-LAYER 
DIODE, and SILICON-CONTROLLED RECTI- 
FIER. Also called pnpn device. 
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npn transistor A bipolar transistor in which the 
emitter and collector layers are n-type semicon- 
ductor material, and the base layer is p-type 
semiconductor material. Compare PNP TRAN- 
SISTOR. 

NPO Abbreviation of NEGATIVE POSITIVE ZERO. 

NPO capacitor A fixed capacitor exhibiting temper- 
ature-compensating ability over a wide tempera- 
ture range, in which the coefficient has negative, 
positive, and zero values. 

NPS Symbol for counts per second. 

N radiation X rays emitted as a result of an elec- 
tron becoming an N electron. 

NRD Abbreviation of NEGATIVE-RESISTANCE 
DIODE. 

N region See N LAYER. 

NRZ Abbreviation of NONRETURN TO ZERO. 

N, Symbol for number of secondary turns in a 
transformer. 

ns Abbreviation of NANOSECOND. 

N scan See N DISPLAY. 

N scope Colloquialism for a radar set using an N 
DISPLAY. 

nsec Alternate abbreviation of NANOSECOND. 

Ns/m? Newton-seconds per meter squared, the 
unit of dynamic viscosity. 

n-space A coordinate system in n variables. It is 
generally of mathematical interest. The coordi- 
nates are written (x), X2, x3, ....X,) and are called 
ordered n-tuples. 

NSPE Abbreviation of National Society of Profes- 
sional Engineers. 

NTC Abbreviation of NEGATIVE TEMPERATURE 
COEFFICIENT. 

nth harmonic An unspecified harmonic, having a 
frequency of n times the fundamental frequency, 
where nis some positive integer. Also see HAR- 
MONIC and HARMONIC FREQUENCY. 

nth term An unspecified term in a mathematical 
sequence or series. 

NTP Abbreviation of NORMAL TEMPERATURE 
AND PRESSURE. 

NTSC Abbreviation of National Television Stan- 
dards Committee. 

NTSC color signal The color-television signal spec- 
ified by the National Television Systems Commit- 
tee. In the signal, the phase of a 3.58-MHz signal 
varies with the instantaneous hue of the trans- 
mitted color, and the amplitude varies with the 
instantaneous saturation of the color. 

NTSC triangle On a chromaticity diagram, a trian- 
gle whose sides encompass the range of colors 
obtainable from the additive primaries. 

NTSC-type generator A special radio-frequency 
signal generator for color-television tests. It pro- 
vides separate, individually selected color bars 
that are fully saturated. The signals are strictly in 
accordance with NTSC standards. 

n-type conduction In a semiconductor, current 
flow consisting of electron movement. Compare 
P-TYPE CONDUCTION. 
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n-type material Semiconductor material that has 
been doped with a donor-type impurity and, con- 
sequently, conducts a current via electrons. Ger- 
manium, for example, when doped with arsenic, 
becomes n-type. Compare P-TYPE MATERIAL. 

n-type semiconductor See N-TYPE MATERIAL. 

nuclear battery See ATOMIC BATTERY. 

nuclear bombardment In nucleonics, the bom- 
barding of the nucleus of an atom with subatomic 
particles, usually neutrons. 

nuclear charge The net positive charge of the nu- 
cleus of an atom. 

nuclear clock A chronometer based on the rate of 
disintegration of a radioactive material. 

nuclear energy Energy resulting from the splitting 
of the nucleus of an atom or from the fusion of 
nuclei. Also see ATOMIC ENERGY, ATOMIC 
POWER, NUCLEAR FISSION, NUCLEAR FUSION, 
NUCLEAR REACTOR, and NUCLEUS. 

nuclear fission A nuclear reaction resulting from 
the bombardment of nuclei in the atoms of cer- 
tain radioactive materials. The bombardment 
with neutrons creates two new nuclei (by split- 
ting) and several new neutrons that split several 
other nuclei, producing still more nuclei and neu- 
trons, etc. The result is a chain reaction that can 
lead to a violent explosion if not checked. Com- 
pare NUCLEAR FUSION. 

nuclear force A strong attraction that holds to- 
gether pairs of nucleons in an atomic nucleus. 
This prevents an electric charge of protons from 
driving the nucleus apart. Nuclear force acts only 
over very minute distances. At greater distances, 
electrostatic repulsion is stronger. 

nuclear fusion A nuclear reaction resulting from 
the violent collision of the nuclei of the atoms of a 
hydrogen isotope (such as deuterium) at ex- 
tremely high temperature. The process produces 
more energy than does NUCLEAR FISSION, and 
leaves no hazardous radioactive waste. 

nuclear magnetic resonance An atomic phe- 
nomenon in which a particle, such as a proton, in 
a steady magnetic field “flips over” when an alter- 
nating magnetic field is applied perpendicular to 
the steady field. 

nuclear magnetic resonance imaging Abbrevia- 
tion, NMRI. The use of NUCLEAR MAGNETIC 
RESONANCE effects to produce a picture of inter- 
nal body organs. Using computers, three- 
dimensional renditions can be generated. It is 
useful in medicine as a diagnostic aid. 

nuclear medicine A branch of medicine involving 
the use of radioactive isotopes in diagnosing and 
treating disease. A radioactive isotope is put 
inside the body and it tends to accumulate in 
certain areas. Abnormal concentration of 
radioisotopes might indicate abnormal body ac- 
tivity in a certain area. 

nuclear pile See NUCLEAR REACTOR. 

nuclear power plant A power-generating plant us- 
ing a NUCLEAR REACTOR. 


ÓN 


nuclear reaction 1. A reaction in which a heavy 
atomic nucleus is split into two or more lighter nu- 
clei, with an accompanying release of radiant en- 
ergy. Also called NUCLEAR FISSION. 2. A reaction 
in which two or more light nuclei combine to form 
a heavier nucleus, accompanied by the release of 
radiant energy. Also called NUCLEAR FUSION. 

nuclear reactor 1. A device in which nuclear fis- 
sion can be initiated and controlled. At the center 
of the reactor is a core of nuclear fuel, such as a 
fissionable isotope of uranium. The core is sur- 
rounded by a graphite moderator jacket that is, in 
turn, surrounded by a coolant jacket; the whole 
is surrounded by a thick concrete shield. Neu- 
tron-absorbing rods are inserted through various 
walls to different depths in the fuel to control the 
reaction. Also called atomic pile. 2. A controlled 
nuclear fusion device, not yet perfected, but un- 
der development. It would provide all the benefits 
of an atomic pile (fission reactor), but would be 
more efficient and would not produce hazardous 
radioactive waste. 

nuclear recoil An observable vibration of an 
atomic nucleus when it disintegrates. 

nuclear resonance The condition wherein a nu- 
cleus absorbs a gamma ray emitted by an identi- 
cal nucleus. 

nuclear service robot A remotely controlled (tele- 
operated) robot used for general work in environ- 
ments where the level of radioactivity is too high 
for humans (e.g., the maintenance of a nuclear 
reactor). It could also be used, if necessary, for 
such tasks as disarming nuclear warheads and 
cleaning up after a nuclear accident. 

nucleon A proton or neutron in the nucleus of an 
atom. 

nucleonics The branch of physics concerned with 
nucleons and nuclear phenomena. The name is 
an acronym for nuclear electronics. 

nucleon number See MASS NUMBER. 

nucleus The center or core of an atom. Contains 
neutrons, protons, and other particles. The net 
electric charge of the nucleus is positive, and is 
equal to the sum of the negative charges of the or- 
bital electrons of the atom. 

null 1.The condition of zero output current or volt- 
age resulting from adjusting or balancing a cir- 
cuit, such as a bridge. 2. A local minimum in an 
interference pattern or directivity pattern. 

null balance In potentiometric-measuring circuits 
for comparing one voltage to another, the balance 
condition in which no current flows through the 
galvanometer. 

null current In potentiometric-measuring circuits 
for comparing one voltage to another, the gal- 
vanometer current remaining at null when the 
null point is not fully zero. 

null detection Direction finding by means of an 
antenna with a bidirectional or unidirectional 
null response. 

null detector See BRIDGE DETECTOR. 
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null frequency The frequency at which a fre- 
quency-sensitive circuit, such as a Wien bridge or 
twin-tee network, can be balanced. 

null meter See BRIDGE DETECTOR. 

null method See ZERO METHOD. 

null point In a balanced circuit, such as a bridge 
or potentiometer, the point of zero output voltage 
(or current) or minimum output voltage (or cur- 
rent). 

null potentiometer 1. The variable resistor that 
constitutes one arm of a four-arm bridge and is 
used to balance the bridge. 2. A potentiometric 
circuit using the null method to compare one volt- 
age with another. Also see POTENTIOMETER, 2. 

null setting 1. The setting of a bridge circuit or 
other null device that balances the circuit. 2. The 
electrical zero setting of an electronic voltmeter. 

null voltage 1. In a conventional bridge, the out- 
put voltage remaining when the bridge is set for 
its best null. 2. For a voltage-sensitive bridge, the 
input voltage that will produce zero output volt- 
age. 

number The mathematical representation of a 
quantity. It is generally used in electronics to de- 
note coefficients, magnitudes, component values, 
frequencies, etc. 

number cruncher A computer with great compu- 
tational power, but one not necessarily able to 
process large amounts of data (Such as payroll in- 
formation). 

number system A systematic sequence of num- 
bers based on a radix and a logical arrangement. 
See, for example, BINARY NUMBER SYSTEM and 
DECIMAL NUMBER SYSTEM. 

numeral A member of a digit set in a number sys- 
tem. 

numerical analysis A mathematical approach to 
solving problems numerically, including finding 
the limits of error in the results. 
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numerical code A code having a character set re- 
stricted to digits. 

numerical control A method of programming 
computer-controlled mechanical devices, used in 
some early robots. An automated system in which 
number sequences fed to a digital computer 
cause it to control machines or processes in a 
manufacturing operation. 

nV Abbreviation of NANOVOLT. 

nW Abbreviation of NANOWATT. 

nybble A piece of digital information that is larger 
than a bit and smaller than a byte. Compare 
GULP. 

Nylon The trade name for a synthetic fiber-forming 
polyamide, useful for electrical insulation. 

Nyquist criterion of stability With reference toa 
NYQUIST DIAGRAM for a feedback amplifier, the 
amplifier is stable if the polar plot of loop amplifi- 
cation for all frequencies from zero to infinity is a 
closed curve that neither passes through nor en- 
closes the point 1 +0. 

Nyquist diagram A graph of the performance of a 
reactive feedback system (such as a degenerative 
amplifier) that depicts the variation of amplitude 
and phase of the feedback factor with frequency. 
The plot is polar and accounts for the real and 
imaginary components. 


(Imaginary) 


x (Real) 


Nyquist diagram 


Nyquist noise rule The power dissipated in a re- 
sistor because of thermal noise at a given fre- 
quency. The derivative of frequency, with respect 
to power, is equal to the absolute temperature 
times the Boltzmann constant. 

N zone See N LAYER. 
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O 1. Symbol for OXYGEN. 2. Abbreviation of OUT- 
PUT. 

o 1. Symbol for OUTPUT. (Also, OUT; both are used 

as subscripts.) 2. Symbol for ORIGIN. 

Symbol for OXYGEN. 

Oz Symbol for OZONE. 

OAT Abbreviation of OPERATING AMBIENT TEM- 
PERATURE. 

object code 1. In a computer system, the machine- 
language output of the compiler, directed 
to the computer. 2. In a computer, the high-level 
output of the compiler, directed to the operator. 
3. The assembly language, directed to the com- 
piler for translation between machine language 
and high-level language and vice versa. 

object language The computer language that a 
compiler derives from a high-level (source) lan- 
guage (such as C++, LISP, etc.); it is usually ma- 
chine language, but it can be an intermediate 
code that requires further conversion. 

object-oriented graphics Also called vector graph- 
ics. In computer graphics, the use of equations to 
represent curves in a coordinate plane to define 
shapes, rather than defining the shapes pixel-by- 
pixel. 

object-oriented language A computer program 
that uses on-screen objects, called icons, to rep- 
resent commands. A movable device, such as a 
mouse or trackball, is used to move an arrow or 
other pointer to the icon; then a button is pressed 
to carry out the function indicated by the icon. 

object-oriented programming Abbreviation, OOP. 
A computer programming language that builds 
sophisticated programs from basic programs 
called modules. 
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object program A machine or high-level language 
version of a user's computer program, as pro- 
duced by a compiler. 

object recognition In robotic systems, any 
method used to identify specific objects, accord- 
ing to characteristics, such as shape, texture, 
weight, etc. Common schemes use bar-code la- 
bels and machine vision. More-complex methods 
make use of pattern-recognition programs. 

oblique-incidence transmission Transmission of 
radio signals via ionospheric reflection. 

oblique mode In acoustics, a resonance within a 
room that involves all four walls, the floor, and 
the ceiling. 

oboe A system of radar navigation in which a pair 
of ground stations measures the distance to an 
airborne transponder beacon and then transmits 
the information to the aircraft. 

obsolescence-free Pertaining to a design or pro- 
cess that is not likely to become obsolete in the 
near future. Compare OBSOLESCENCE-PRONE. 

obsolescence-prone Pertaining to a design or pro- 
cess subject to being soon outdated. Compare 
OBSOLESCENCE-FREE. 

OBWO Abbreviation of O-TYPE BACKWARD-WAVE 
OSCILLATOR. 

o/c Abbreviation of OPEN CIRCUIT. 

occluded gas Gas that has been absorbed or ad- 
sorbed by solid material, such as glass or metals, 
and that must be eliminated during the evacua- 
tion of an electronic device, such as a vacuum 
tube. Also see OUTGASSING. 

occultation 1. The passage of the moon or other 
planetary body in front of a more distant celestial 
object, resulting in the cutting off of electromag- 
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netic radiation from that object. 2. The eclipsing 
of one object by another. 

occupied band A frequency band used by at least 
one transmitting station regularly. 

occupied bandwidth For a given emission, the 
continuous band of frequencies (f2 — fı) for which 
the mean (average) radiated power above f2 and 
below fı is 0.5 percent of the total mean radiated 
power. 

occupied orbit In an atom, an orbit in which an 
electron is present. 

Ocean Phonetic alphabet code word for the letter O. 

OCR Abbreviation of OPTICAL CHARACTER REC- 
OGNITION. 

oct Abbreviation of OCTAL. 

octal Abbreviation, oct. Based on the number eight. 
See, for example, OCTAL NUMBER SYSTEM. 

octal digit One of the figures in the group O 
through 7 used in the OCTAL NUMBER SYSTEM. 

octal notation See OCTAL NUMBER SYSTEM. 

octal number system The base-eight system of 
number notation. It uses digits O through 7. 
Compare BINARY NUMBER SYSTEM and DECI- 
MAL NUMBER SYSTEM. The octal system is often 
used as shorthand for otherwise-cumbersome bi- 
nary numbers. The binary number is separated 
into groups of three digits from right to left; each 
such group is then converted into its decimal 
equivalent, with the result being the octal form of 
the binary number [e.g., binary 111 001 011 = oc- 
tal 713 (111 = decimal 7; 001 = decimal 1; and 
011 = decimal 3)]. 


Decimal Octal 
0 0 
1 1 
2 2 
3 3 
4 4 
5 5 
6 6 
7 7 
8 10 
9 11 

10 12 
11 13 
12 14 
13 15 
14 16 
15 17 
16 20 


octal number system 


octal-to-decimal conversion Conversion of num- 
bers in the octal number system to numbers in 
the more-familiar decimal number system. 
This is done by expressing the octal number ser- 
ially in powers of eight. Thus, octal 12 = (1 x 8!) + 
(2 x 89) = 8 + 2 = decimal 10. 
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octant One-eighth of a circle; therefore, 45 de- 
grees, or 0.5 quadrant. 

octave 1. The range of frequencies between a given 
frequency (f) and twice that frequency (2f). 
2. The range of frequencies between a given fre- 
quency (f) and half that frequency (1/2). 

octave band A band of frequencies one octave wide 
(see OCTAVE). 

octave-band noise analyzer A noise analyzer hav- 
ing bandpass-filter channels whose center fre- 
quencies are one octave apart. 

octave-band pressure level Sound pressure level 
within an OCTAVE BAND. 

octave pressure level See OCTAVE-BAND PRES- 
SURE LEVEL. 

OCTL Abbreviation of OPEN-CIRCUITED TRANS- 
MISSION LINE. 

octonary signal An eight-level signaling code. 

octonary system See OCTAL NUMBER SYSTEM. 

OD Abbreviation of OUTSIDE DIAMETER. 

odd-even check A method of checking the integrity 
of data transferred in a computer system, in which 
each word carries an extra digit to show whether 
the sum of ones in the word is odd or even. 

odd harmonic In a complex waveform, a harmonic 
that is an odd-numbered multiple of the funda- 
mental frequency (e.g., third harmonic, fifth har- 
monic, etc.). Compare EVEN HARMONIC. 

odd-harmonic intensification In a complex wave- 
form, emphasis of the amplitude of odd harmon- 
ics, with respect to that of even harmonics, a 
property of some multivibrators and nonsinu- 
soidal waves. 

odd line In a conventional television picture, one 
of the 262.5 odd-numbered horizontal lines 
scanned by the electron beam in developing the 
odd-line field. Compare EVEN LINE. 

odd-line field On a conventional television screen, 
the complete field obtained when the electron 
beam has traced all the odd-numbered lines. 
Compare EVEN-LINE FIELD. 

odd-line interlace See ODD-LINE FIELD. 

odd parity check A computer check for an odd 
number of ones or zeros in digital data. 

Odex Trade name for a series of autonomous 
robots developed by Odetics, Inc. They use legs 
for locomotion. Noted for their ability to maneu- 
ver in places that most robots cannot reach. 

odograph An electromechanical or electronic plot- 
ter that traces the path of a vehicle on a map, or 
on the image of a map as portrayed on a display 
screen. 

odometer An electromechanical device that indi- 
cates the speed of, and distance covered by, a 
moving vehicle or robot. Some such devices give a 
constant position indication, via mathematical 
integration of the measured velocity (speed and 
direction), relative to time. It can function in one, 
two, or three dimensions. 

odometry A method of speed, velocity, and/or po- 
sition sensing. It is commonly used in mobile 
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vehicles and mobile robots. The most- 
sophisticated systems give a constant indication 
of position on the basis of a starting point (origin) 
and mathematical integration of the velocity 
(speed and direction), with respect to time. It can 
function in one, two, or three dimensions. 

Oe Symbol for OERSTED. 

oersted Symbol, Oe. The cgs unit of magnetic field 
intensity; 1 Oe = 79.58 A/m. Formerly the unit of 
reluctance. 

off-air alarm A device that gives a visible or audi- 
ble indication when the carrier of a transmitter is 
lost. In its most rudimentary form, the device 
consists of a radio-frequency relay that actuates 
a bell, buzzer, horn, or lamp. 

off-center display A radar display whose center 
point does not correspond to the location of the 
antenna. 

off-center-fed antenna An antenna in which a 
feeder is attached to one side of the center point 
of the radiator. See, for example, WINDOM AN- 
TENNA. 

off-center feed The connection of a feed line to an 
antenna radiator at some point other than the 
physical center of the radiator. 


M4 31/4 


off-center feed 


off delay The interval during which a circuit re- 
mains on after the control signal has been 
switched off. Compare ON DELAY. 

off-ground 1. An above- or below-ground operating 
voltage. 2. The ground return for a voltage, as de- 
fined in 1, not common with the system ground. 

offhook In a telephone system, the condition in 
which the receiver is removed from its receptacle, 
or in which the line is otherwise engaged (e.g., a 
fax machine or modem is in use). 

off isolation A measure of the extent to which an 
open switch isolates the output from the input, 
specified as the output voltage divided by the in- 
put voltage. For percentage, multiply this quan- 
tity by 100. The ideal value is zero (or zero 
percent). 

off-limit In a stepping relay, a condition in which 
the armature has gone past the limit of its travel. 

offline 1. In a computer installation, equipment 
that is not controlled by the central processor. 
2. In computers and data processing, operations 
that are not under the direct real-time control of 
a central processor. 3. A computer memory facil- 
ity or device not connected to a central processor. 
4. In personal computing, the use of a computer 
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by itself (i.e., not connected in a network). Com- 
pare ONLINE. 

offline editing In video production, a process in 
which copies are made of the original recording; 
these copies are edited in a trial-and-error 
scheme to develop the final presentation. Com- 
pare ONLINE EDITING. 

offloading The use of computers and/or robots to 
perform repetitive, mundane tasks, leaving peo- 
ple free to do more interesting things. Example: a 
personal robot that mows the lawn. 

off-on operation See ON-OFF OPERATION. 

off period 1. The interval during which an on-off 
circuit or device is off. 2. The time during which 
an equipment is shut down. 

offset An imbalance between the halves of a nor- 
mally symmetrical circuit, such as that of a dif- 
ferential amplifier. Also see OFFSET CURRENT 
and OFFSET VOLTAGE. 

offset adjustment range The change in offset volt- 
age, in millivolts or in microvolts, that can be af- 
fected by means of the external offset adjustment 
circuit(s). 

offset current For an operational amplifier, the in- 
put current when the offset voltage is zero. 

offset voltage For an operational amplifier, the 
particular value of direct-current bias voltage re- 
quired at the input to produce zero output volt- 
age. 

off state 1. The condition of an on-off circuit or de- 
vice, such as a flip-flop, that is off. Compare ON 
STATE, 1. 2. The condition in which a circuit or 
device is shut down. Compare ON STATE, 2. 

off-state voltage The voltage drop across a semi- 
conductor device, such as a diode, rectifier, or 
thyristor, when the device is in its normal off 
(nonconducting) state. Compare ON-STATE 
VOLTAGE. 

off-target jamming In radio or radar jamming, the 
use of a remote jamming transmitter that will not 
betray the location of the base station. 

off time The period during which no useful work is 
being performed, as of equipment when it is not 
functioning because of a circuit breakdown. 

OGL Abbreviation of OUTGOING LINE. 

OGO Abbreviation of orbiting geophysical observa- 
tory. 

ohm Symbol, Q. The basic unit of resistance, reac- 
tance, or impedance. A resistance of 1 ohm 
passes a current of 1 ampere in response to an 
applied emf of 1 volt. 

ohmage Electrical resistance or resistivity ex- 
pressed in ohms. 

ohm-centimeter A unit of volume resistivity (see 
RESISTIVITY): the resistance of a centimeter 
cube of the material under measurement. Also 
see MICROHM-CENTIMETER. 

ohmic component A resistive or reactive circuit or 
device exhibiting an OHMIC RESPONSE. 

ohmic contact A usually very-low-resistance con- 
nection between two materials that provides 
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bilateral linear conduction. It exhibits none of the 
properties of a rectifying junction or a nonlinear 
resistance. 

ohmic heating 1. Heating caused by current pass- 
ing through a resistive material (i.e., HR losses in 
the material). 2. In an electric field, heat gener- 
ated by charged particles when they collide with 
other particles. 

ohmic loss Loss resulting from the direct-current 
resistance in a circuit or transmission line. 

ohmic region The portion of the response curve of 
a negative-resistance device that exhibits positive 
(ohmic) resistance. The E-I curve of a tun- 


nel diode, for example, has two such positive- 
slope regions with a negative-slope (negative- 
resistance) region between them. 


py Nonohmic 
> s (negative-resistance) 
a N region 
E Ohmic ae Ohmic 


region region 


Voltage 


ohmic region 


ohmic resistance A resistance exhibiting OHMIC 
RESPONSE. 

ohmic response Response that follows OHM’S 
LAW: I = E/R. In strictly ohmic devices, neither 
resistance nor reactance changes with current or 
voltage. Compare NONOHMIC RESPONSE. 

Ohmic value Electrical resistance expressed in 
ohms, or in multiples or fractions of ohms (kilo- 
hms, megohms, milliohms, etc.) 

ohmmeter An instrument for the direct measure- 
ment of electrical resistance. It usually consists 
of a milliammeter or microammeter, a battery, 
and several switchable resistors having very close 
tolerances. The scale is calibrated in ohms; the 
switch selects multiplier factors (e.g., x100, 
x10,000, x1,000,000). The scale is usually re- 
versed (i.e., O is at the extreme right and “infinity” 
is at the extreme left). 

ohmmeter zero 1. The condition of proper adjust- 
ment of an ohmmeter, indicating zero resistance 
for a direct short circuit. 2. The potentiometer, or 
other control, used for adjusting an ohmmeter to 
obtain a reading of zero with a short circuit. 

ohm-mile A rating meaning 1 mile of wire having a 
resistance of 1 ohm. 

ohms adjust The rheostat or potentiometer used to 
set the pointer of an ohmmeter before it is used to 
take resistance readings. 
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Range 
switch 


Unknown 
resistance 


Voltmeter 


ohmmeter 


Ohm's law The statement of the relationship 
among current, voltage, and resistance. In a 
direct-current circuit, current varies directly 
with voltage and inversely with resistance: I= E/R, 
where I is the current in amperes, E is the volt- 
age in volts, and Ris the resistance in ohms. For 
alternating current, Ohm’s law states that I = 
E/X = E/Z, where X is reactance and Z is 
impedance. 

ohms per square The resistance (in ohms) between 
two parallel edges of a square of thin-film resis- 
tance material. 

ohms-per-volt A specification that indicates the 
sensitivity and impedance of a voltmeter. In gen- 
eral, the higher the rating, the better. When mea- 
suring voltage in high-impedance circuits, the 
rating should be as high as possible. Field-effect- 
transistor (FET) voltmeters and vacuum-tube 
voltmeters have the highest ratings. 

oil-burner control An electronic system for start- 
ing and stopping the operation of an oil burner to 
prevent puffback and to interrupt the supply 
when the flame becomes erratic. 

oil calorimeter A calorimeter used to measure 
power in terms of the rise in temperature of oil 
heated by the electrical energy of interest. 

oil capacitor A capacitor impregnated or filled 
with oil, such as high-grade castor or mineral oil. 
Also see OIL DIELECTRIC. 

oil circuit breaker A circuit breaker filled with a 
high-grade insulating oil for cooling and arc elim- 
ination. 

oil-cooled transformer A heavy-duty transformer, 
through which oil is circulated for heat removal 
and arc prevention. 

oil dielectric A highly refined oil used as an elec- 
trical insulating material (e.g., between the plates 
of a capacitor). Familiar examples are castor oil, 
mineral oil, and the synthetic oil chlorinated 
diphenyl. 

oil diffusion pump See OIL PUMP. 
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oiled paper Insulating paper impregnated with oil 
for waterproofing and to increase its dielectric 
strength. 

oil-filled cable A cable whose insulation is impreg- 
nated with oil that can be maintained at a con- 
stant pressure. 

oil-filled capacitor See OIL CAPACITOR. 

oil-filled circuit breaker See OIL CIRCUIT 
BREAKER. 

oil-filled transformer A transformer whose case is 
filled with an insulating oil. 

oil fuse cutout A fuse cutout that is filled with an 
insulating oil. Compare OPEN-FUSE CUTOUT. 

oil-immersed transformer See OIL-FILLED TRANS- 
FORMER. 

oil-impregnated capacitor See OIL CAPACITOR. 

oil pump A vacuum diffusion pump using oil in- 
stead of mercury. Also see DIFFUSION PUMP. 

oil switch A switch enveloped by insulating oil. 

OLRT Abbreviation of online real time (operation). 

OM Amateur radio jargon for OLD MAN: chief 
(male) operator, or husband of female operator. 

omega A phase-dependent radionavigation system 
using single-frequency, time-shared, ICW trans- 
missions from two or more locations. 

omnibearing A navigational bearing obtained by 
means of OMNIRANGE. 

omnibearing converter An electromechanical de- 
vice in which an OMNIRANGE signal and vehicle 
heading information are combined, the output 
being a signal that is fed to a meter. 

omnibearing indicator Abbreviation, OBI. An om- 
nibearing converter with a dial and pointer. 

omnibearing line In an OMNIRANGE system, one 
of the imaginary lines extending from the geo- 
graphic center of the omnirange. 

omnibearing selector A device that can be set 
manually to a selected omnibearing. 

omniconstant calculator A calculator that adds 
or multiplies numbers in succession in such a 
manner as to arithmetically or geometrically in- 
crease the exponent as a single button is repeat- 
edly pressed. 

omnidirectional 1. Pertaining to a device that 
responds equally well to acoustic or electro- 
magnetic energy from any direction in three 
dimensions. 2. Pertaining to a device that radi- 
ates acoustic or electromagnetic energy equally 
well in any direction in three dimensions. 3. Also, 
NONDIRECTIONAL. Pertaining to an antenna 
that intercepts or radiates equally well in any az- 
imuth (horizontal) direction. 

omnidirectional antenna See NONDIRECTIONAL 
ANTENNA. 

omnidirectional hydrophone A hydrophone that 
picks up underwater sounds coming from any di- 
rection. 

omnidirectional microphone A microphone that 
picks up sounds coming from any direction. 

omnidirectional radio range See OMNIRANGE. 

omnidirectional range See OMNIRANGE. 


ÓN 


omnidirectional range station Abbreviation, 
ORS. A radionavigation station for OMNIRANGE 
service. 

omnigraph A Morse-code generator that operates 
via marked or perforated paper tape. 

omnirange A radionavigation system in which 
each station in a chain broadcasts a beam in all 
directions. It usually operates at very-high fre- 
quencies (VHF) or ultra-high frequencies (UHF). 
Pilots of aircraft home on a particular station by 
tuning it in and noting its bearings. 

OMR Abbreviation for OPTICAL MARK RECOGNI- 
TION. 

on air See ON THE AIR. 

on-call channel An assigned radio channel of 
which exclusive, full time use is not demanded. 

on-course curvature In navigation, the rate at 
which the course of a vehicle deviates with refer- 
ence to the distance along the true course. 

on-course signal A single-tone-modulated signal 
indicating to an aircraft pilot following a radio 
beam that the flight is substantially on course. 

on current See ON-STATE CURRENT. 

on delay An interval during which a circuit re- 
mains off after an actuating signal has been sup- 
plied. Compare OFF DELAY. 

on-demand system A system, especially in com- 
puter and data-processing operations, that deliv- 
ers information or service immediately upon 
request. 

ondograph An electromechanical device that 
graphically draws alternating-current waveforms 
on paper. 

ondoscope A radio-frequency (RF) energy detector 
that consists of a neon bulb attached to the end 
of an insulating rod. When a bulb is held in an in- 
tense RF field, the field energy ionizes the gas in 
the bulb, causing it to glow without direct con- 
nection to the RF circuit. 

one-address code In computer programming, a 
code in which the address in an instruction refers 
to only one memory location. 

one condition See ONE STATE. 

one-digit adder See HALF ADDER. 

one-element rotary antenna A directional an- 
tenna consisting of a radiator only (no directors 
or reflectors) that can be rotated. A straight, rigid, 
half-wave rotatable dipole is the most common 
configuration. 

one-for-one compiler A compiler that generates 
one machine language instruction from one 
source language instruction. 

one-input terminal In a flip-flop, the input termi- 
nal that must be energized to switch the circuit to 
its logic 1 output. 

one-level address See ABSOLUTE ADDRESS. 

one-level subroutine In a computer program, a 
subroutine in which no reference is made to other 
subroutines. 

one-lunger Colloquialism for a radio transmitter 
consisting entirely of a one-transistor oscillator. 
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one output See ONE STATE. 

one-output signal The signal that results from 
reading a computer memory unit that is in the 
logic 1 state. 

one-output terminal In a flip-flop, the output ter- 
minal that is energized when the circuit is in its 
logic 1 state. 

one-plus-one address A method of computer pro- 
gramming in which instructions contain two ad- 
dresses and an operation, the addresses referring 
to the location of the next instruction and the lo- 
cation of the data to be used. 

ones complement Binary notation in the radix- 
minus-one-complement form. 

one shot See MONOSTABLE MULTIVIBRATOR. 

one-shot circuit See MONOSTABLE MULTIVI- 
BRATOR. 

one-shot multivibrator See MONOSTABLE MUL- 
TIVIBRATOR. 

one-sided wave A waveform consisting of only neg- 
ative or positive half-cycles. Example: a rectified 
alternating-current signal. 

one state Also, logic 1 state. The high, on, or true 
logic state of a bistable device, such as a flip-flop. 
Compare ZERO STATE. In binary notation, the 
one state is represented by the digit 1. 

one-third-octave band A frequency band that is % 
octave wide; that is, the difference between 
the upper-frequency limit (f2) and the lower- 
frequency limit (fı) is one-third of an octave. Also 
see OCTAVE BAND. 

one-to-one assembler An assembler computer 
program that produces a machine language in- 
struction as a result of translating a source- 
language statement. 

one-to-one correspondence A mapping between 
two sets A and B so that every element in set A 
has exactly one correspondent in B, and every el- 
ement in B has exactly one correspondent in A. 

O network A four-impedance network containing 
two series (upper and lower) arms and two shunt 
(input and output) arms. 


Output 


O network 


one-way communication 1. The transmission of a 
message to one or more stations that receive only. 
Compare TWO-WAY COMMUNICATION. 2. See 
BROADCASTING. 

one-way conduction See UNILATERAL CONDUC- 
TIVITY. 
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one-way radio See ONE-WAY COMMUNICATION. 

one-way repeater In wire telephony, a device that 
amplifies and retransmits a signal in the direc- 
tion the signal was traveling when it arrived at 
the repeater. Compare TWO-WAY REPEATER. 

one-way valve A diode or rectifier (British varia- 
tion). 

on interval See ON TIME. 

online 1. Descriptive of equipment under the con- 
trol of a central processor. 2. Pertaining to opera- 
tions being controlled by a central processor. 
3. Relating to a computer storage device indepen- 
dent of a central processor. 4. In personal com- 
puting, the use of a computer in a network (e.g., 
with a modem for operation on the Internet). 
Compare OFFLINE. 

online data reduction Processing data as it enters 
a computer system. 

online editing In video production, the final phase 
of editing. The original recording (not copies) is 
used to prepare the presentation, based on the 
trials that were performed using the copies. Com- 
pare OFFLINE EDITING. 

online service A computer network accessible via 
telephone lines, television cable systems, and/or 
radio. It is generally available to owners of per- 
sonal computers. It provides such services as 
electronic mail, special-interest forums, news, 
weather, sports, shopping, and general informa- 
tion. 

on-off keying Keying, as in radiotelegraphy and 
wire telegraphy, by switching a signal source on 
and off to form dots and dashes or a binary code, 
rather than alternately changing the amplitude or 
frequency of the signal. 

on-off operation A switching operation, especially 
that performed by nonmechanical (fully elec- 
tronic) circuits. 

on-off ratio 1. For a circuit or device, the ratio of 
off time to on time. 2. For a pulse, the ratio of 
pulse duration to the dead space between pulses. 

on-off switch 1. In electronic equipment, the 
switch by which the equipment can be started or 
stopped. It can be, but is not necessarily, the 
power-line or B-plus switch. 2. An electronic cir- 
cuit or stage that is designed to operate as a con- 
ventional switching element when triggered by an 
appropriate signal. 

on period See ON TIME. 

ONR Abbreviation of Office of Naval Research. 

on resistance See ON-STATE RESISTANCE. 

on state 1. For a switch or switching device (such 
as a flip-flop), the condition of the device when it 
conducts current or delivers an output voltage. 
Compare OFF STATE, 1. 2. The condition of a cir- 
cuit or device that is activated for operation. 
Compare OFF STATE, 2. 

on-state current The current flowing through a 
semiconductor device (Such as a diode, rectifier, 
or thyristor) when it is conducting. Also see ON- 
STATE VOLTAGE. 


de 


5059F=p0-488=509 


4/10/01 9:24 AM Page 494 


494 on-state resistance + open-frame machine 


on-state resistance The resistance of a voltage- 
dependent resistor that is conducting current. 

on-state voltage The voltage drop across a semi- 
conductor device (such as a diode, rectifier, or 
thyristor) when the device is conducting current. 
Also see ON-STATE CURRENT. 

on the air 1. The state of a radio station that is 
transmitting. 2. In broadcasting, the condition in 
which the transmitter is operational and the 
sound and/or video from the studio is being dis- 
seminated. 

on time The length of time a switch or switching 
device (such as a flip-flop) remains on. 

on voltage See ON-STATE VOLTAGE. 

OOP Abbreviation of OBJECT-ORIENTED PRO- 
GRAMMING. 

op 1. Abbreviation of OPERATE. 2. Abbreviation of 
operator (see OPERATOR, 1). 3. Abbreviation of 
OPERATION. 4. Abbreviation of operational. 

opacimeter 1. An instrument for measuring the 
extent to which a material blocks light. 2. An in- 
strument, such as a field-strength meter, used to 
measure the effectiveness of an electrical shield- 
ing material in blocking radio waves, X rays, or 
other radiation. 

opacity The condition of being opaque. This ap- 
plies to all forms of radiation. For example, a 
material can be opaque to light rays, but be 
transparent to radio waves, or it can be transpar- 
ent to gamma rays while being opaque to alpha 
particles. 

opamp See OPERATIONAL AMPLIFIER. 

op code Abbreviation of OPERATION CODE. 

open-air line See OPEN-WIRE LINE. 

open-back cabinet A loudspeaker enclosure in 
which the space behind the speaker is open to the 
room. 

open capacitance The value of a variable capacitor 
whose rotor plates have been rotated completely 
out of mesh with the stator plates. Compare 
CLOSED CAPACITANCE. 

open-center display A radar display in which a 
ring around the center indicates zero range. 

open-chassis construction A method of assem- 
bling electronic equipment by mounting compo- 
nents and wiring them on an unenclosed chassis, 
often without a front panel. Similar to breadboard 
construction. 

open circuit 1. A discontinuous circuit (i.e., one 
that is broken at one or more points and, conse- 
quently, cannot conduct current nor present a 
voltage at its extremities). Compare CLOSED 
CIRCUIT. 2. Pertaining to no-load conditions, for 
example, the open-circuit voltage of a battery. 
3. For a bipolar transistor, the operating character- 
istics under independent input and output condi- 
tions. 

open circuit breaker A circuit breaker whose con- 
tacts are open. 

open-circuit current Current flowing in the pri- 
mary winding of an unloaded transformer. 
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open-circuited line See OPEN-CIRCUITED 
TRANSMISSION LINE. 

open-circuited transmission line Abbreviation, 
OCTL. An unterminated transmission line in 
which the conductors at the far end are not con- 
nected together. 

open-circuit impedance For a transmission line 
or a four-terminal network, the input or driving- 
point impedance when the output end of the line 
or network is open-circuited. 

open-circuit jack A telephone jack that introduces 
a break in a circuit until a plug connected to a 
closed external circuit is inserted. 

open-circuit plug See OPEN PLUG. 

open-circuit resistance For a four-terminal net- 
work, the input or driving-point resistance when 
the output end of the network is unterminated. 

open-circuit signaling A system of signaling in 
which no current flows until the signal circuit is 
in active operation. In a simple telegraph circuit, 
for example, current flows only when the key is 
pressed (to form a dot or dash). 

open-circuit alarm system A security system in 
which all the actuating sensors are normally 
open and connected in parallel. When one of the 
sensors is actuated, it closes, causing a short cir- 
cuit that triggers the alarm. 

open-circuit voltage See NO-LOAD VOLTAGE. 

open-collector configuration In an integrated cir- 
cuit, an output scheme utilizing no internal pull- 
up resistor. Wired-OR outputs can thus have 
opposite states without risk of damage to the de- 
vice. 

open component An open-circuit component (e.g., 
an open diode, coil, resistor, etc.). 

open core A magnetic core having a cylindrical 
shape. A disadvantage of this core configuration, 
in some applications, is that much of the mag- 
netic flux extends outside the core. Compare 
CLOSED CORE. 

open-core choke A choke coil wund on an open 
core. Also called OPEN-CORE INDUCTOR. Com- 
pare CLOSED-CORE CHOKE. 

open-core transformer A transformer wound on 
an open core. Compare CLOSED-CORE TRANS- 
FORMER. 

open-delta connection See VEE-CONNECTION 
OF TRANSFORMERS. 

open-ended Pertaining to a circuit or device that 
can be built upon without modifying its original 
configuration. 

open-end stub A stub that is neither short- 
circuited nor terminated at its far end. 

open-end stub tuning Adjustment of an OPEN- 
END STUB, by pruning its length, for optimum 
operation at a given frequency. 

open-entry contact In a connector, an unpro- 
tected, opening contact of the female type. 

open feeder See OPEN-WIRE LINE. 

open-frame machine See OPEN GENERATOR and 
OPEN MOTOR. 
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open-fuse cutout A type of enclosed-fuse cutout 
having an exposed fuse holder and support. Com- 
pare OIL FUSE CUTOUT. 

open generator An unsealed generator (i.e., one 
that has openings in its housing for air circula- 
tion). 

open line 1. See OPEN-WIRE LINE. 2. See OPEN- 
CIRCUITED TRANSMISSION LINE. 

open loop 1. In a control system, a feedthrough 
path having no feedback and that is not self- 
regulating. 2. In an operational amplifier, the 
configuration in which there is no feedback, and 
in which the device operates at maximum gain. 
3. A loop within a program from which the com- 
puter automatically exits after a specific number 
of iterations. 
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open-loop bandwidth The bandwidth of an open- 
loop device, such as an amplifier, without feed- 
back. Also see OPEN LOOP. 

open-loop control system A control system hav- 
ing no feedback and that is not self-regulating. 
An example is a fluid-level gauge that indicates 
the height of fluid in a tank, but that cannot cor- 
rect the level automatically. Compare CLOSED- 
LOOP CONTROL SYSTEM. 

open-loop differential voltage gain For a differ- 
ential amplifier, the overall voltage gain (when ei- 
ther input is used) when the amplifier has no 
feedback. 

open-loop gain The overall gain (ratio of output to 
input) of an open-loop device, such as an ampli- 
fier without feedback. Also see OPEN LOOP. 

open-loop input impedance The input impedance 
of an open-loop device, such as an amplifier with- 
out feedback. Also see OPEN LOOP. 

open-loop output impedance The output impe- 
dance of an open-loop device, such as an ampli- 
fier without feedback. Also see OPEN LOOP. 

open-loop output resistance The output resis- 
tance of an open-loop device, such as an amplifier 
without feedback. Also see OPEN LOOP and 
OPEN-LOOP IMPEDANCE. 

open-loop system 1. A circuit in which the input 
and output currents are independent. 2. A robot 
that does not use a servo system. It depends en- 
tirely on alignment and precision for positioning 
accuracy. 3. An electromechanical device that 
does not use corrective feedback. 


open-loop voltage gain The overall voltage gain of 
an open-loop amplifier (i.e., one having no feed- 
back). Also see OPEN LOOP. 

open magnetic circuit A magnetic circuit in 
which a complete path is not provided for mag- 
netic flux. See, for example, OPEN CORE. Com- 
pare CLOSED MAGNETIC CIRCUIT. 

open motor An unsealed motor (i.e., one that has 
openings in its housing for air circulation). 

open-phase protection Use of an automatic de- 
vice, such as an open-phase relay, to interrupt 
the power to a polyphase system when one or 
more phases are open-circulated. 

open-phase relay Ina polyphase system, a protec- 
tive relay that opens when one or more phases 
are open-circuited. Also see OPEN-PHASE PRO- 
TECTION. 

open plug A phone plug to which no external con- 
nections are made; it is used to hold the blades of 
a jack as if they were plugged in. 

open-reel A tape-recording system in which the 
tape, during record or playback condition, is 
wound into a take-up reel that is physically sepa- 
rate from the tape reel. Also called reel-to-reel 
arrangement. 

open relay 1. A relay in its open-contact state. 2. A 
relay having an open-circuited coil. 3. An unen- 
closed relay. 

open routine In computer operations, a routine 
that can be inserted directly into a larger routine 
and requires no link to the main program. 

open subroutine In computer operations, a sub- 
routine that can be inserted into a larger in- 
structional sequence and must be recopied 
whenever it is required. Also called direct-insert 
subroutine. 

Open Systems Interconnection Reference Model 
Abbreviation, OSI-RM. A standard set of proto- 
cols for computer network communication. It 
consists of seven levels, also called layers: physi- 
cal layer, link layer, network layer, transport 
layer, session layer, presentation layer, and appli- 
cation layer. 

open temperature pickup A temperature trans- 
ducer that must be placed directly in contact with 
the monitored medium. 

open volume Pertaining to the maximum-gain op- 
eration of a sound-reproducing system (i.e., oper- 
ation at full volume). 

open wire 1. An unterminated wire. 2. A wire sup- 
ported above the surface of the earth and often 
ungrounded. 3. See OPEN-WIRE LINE. 

open-wire feeder See OPEN-WIRE LINE. 

open-wire line A transmission line or feeder usu- 
ally consisting of two straight, parallel wires held 
apart by bars of low-loss insulating material at 
regular intervals along the line. 

open-wire loop A branch line connected to a main 
open-wire line. 

open-wire transmission line See OPEN-WIRE 
LINE. 
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open-wire wavemeter See LECHER WIRES. 

operand In computer operations, a quantity that 
enters into or results from an operation. 

operate 1. To manipulate according to an estab- 
lished procedure (e.g., to operate an instrument). 
2. To perform according to specifications, in the 
sense that an electronic circuit functions. 

operate current A signal current or trigger current 
required to actuate a device. Compare OPERATE 
VOLTAGE. 

operate delay See OPERATE TIME, 1. 

operate interval See OPERATE TIME, 2. 

operate time 1. The interval starting after the ap- 
plication of an operate current or voltage to a de- 
vice, and ending when the device operates. 2. The 
period during which an electronic equipment is in 
operation. Also see OPERATING TIME, 1. 

operate voltage The signal voltage or trigger volt- 
age required to actuate a device. Compare OPER- 
ATE CURRENT. 

operating ambient temperature Abbreviation, 
OAT. The maximum or recommended tempera- 
ture in the space immediately surrounding an 
equipment in operation. 

operating angle In an amplifier circuit, the excita- 
tion-signal cycle, in degrees, during which drain, 
collector, or plate current flows. Class-A ampli- 
fiers operate for 360 degrees of the input signal 
cycle; class-AB amplifiers operate for more than 
180 degrees, but less than 360 degrees of the in- 
put signal cycle; class-B amplifiers operate for 
180 degrees of the input signal cycle; class-C am- 
plifiers operate for less than 180 degrees of the 
input signal cycle. 

operating bias In a circuit containing transistors, 
diodes, or vacuum tubes, the value(s) of direct- 
current bias required for normal operation. 

operating code The code used by the operator in a 
computer or data-processing system. 

operating conditions The environment in which a 
circuit or system functions in normal use. 

operating current The current required by a de- 
vice during its operation. Compare IDLING CUR- 
RENT. 

operating cycle The sequence of events in the op- 
eration of a device. For example, the repetitive op- 
eration of a neon-bulb relaxation oscillator is a 
sequence of three events: (1) slow charge of ca- 
pacitor, (2) firing of bulb, and (3) abrupt dis- 
charge of capacitor. 

operating frequency 1. The fundamental fre- 
quency at which a circuit or device is operated. 2. 
The frequency of the current, voltage, or power 
delivered by a generator. 

operating frequency range 1.The range of operat- 
ing frequencies, expressed as a minimum and 
maximum, for a communications receiver, trans- 
mitter, or transceiver. 2. For an integrated-circuit 
oscillator, the minimum and maximum fre- 
quency, and all frequencies in between, at which 
the device is guaranteed to operate. 
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operating life The maximum period (from seconds 
to years) over which a device will operate before 
failure (from which it usually cannot recover). 
Compare SHELF LIFE. 

operating line A line drawn across a family of 
curves depicting the performance of a device. It 
intersects each curve at a single point and graph- 
ically displays the performance of the device for a 
given condition. Thus, an operating line on a fam- 
ily of output curves for a transistor might depict 
operation with a given load resistor. 
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operating overload The extent and/or duration of 
overload to which an equipment can be exposed 
during customary operation, and still continue to 
properly function. 

operating point On the response curve for a de- 
vice, the point indicating the quiescent level of 
operation (such as determined by a fixed bias 
voltage or current). An alternating-current signal 
applied at this point oscillates above and below 
the point as a mean. 

operating-point shift A movement of an operating 
point due to faulty operation of a circuit or device, 
or to a value change in some critical component. 

operating position 1. The control point in a sys- 
tem, [i.e., the place where an operator (see OPER- 
ATOR, 1) normally functions]. 2. The actual or 
recommended physical orientation of a device 
during its operation (e.g., a vertical operating po- 
sition for a power vacuum tube). 

operating power 1. The power actually used by a 
device during its operation. 2. The antenna power 
of a radio station. 

operating ratio For a given period, the ratio t,/t, 
where t, is the time during which an equipment is 
operating correctly, and t is the duration of the 
period. 
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operating station In a computer installation, one 
or more consoles for the control of a data- 
processing system by an operator. 

operating system Abbreviation, OS. In a computer, 
a set of programs that oversee the functioning of 
the hardware and application software. It works 
with the basic input/output system (BIOS). 

operating temperature The actual or recom- 
mended temperature of a device during its opera- 
tion. 

operating-temperature range For a given device, 
the spread between maximum and minimum val- 
ues of operating temperature. 

operating time 1. The interval during which an 
equipment is in operation. 2. The period corre- 
sponding to OPERATING ANGLE. 

operating-time characteristic For a coil-type re- 
lay, the relationship between operating time and 
operating power. 

operating voltage The voltage required by a de- 
vice, or measured at the device, during its opera- 
tion. Compare IDLING VOLTAGE. 

operation 1. The working of a circuit or device (i.e., 
its performance). 2. A process usually involving a 
sequence of steps (e.g., a mathematical operation). 

operational amplifier Also called an op amp. A 
specialized linear integrated circuit (IC) that con- 
sists of several transistors, resistors, diodes, and 
capacitors, interconnected to produce gain over a 
wide range of frequencies. A single amplifier can 
comprise an entire IC, or an IC can contain sev- 
eral amplifiers. The dual op amp and the quad op 
amp are common variants. Some ICs contain one 
or more amplifiers in addition to other circuits. 
The devices can be used with resistance-capaci- 
tance (RC) network combinations to build active 
filters for use at audio frequencies. 

operational differential amplifier An OPERA- 
TIONAL AMPLIFIER preceded by a DIFFEREN- 
TIAL AMPLIFIER. 

operational readiness In statistical analysis, the 
probability that a system will, at a certain time, 
be correctly operating or ready to operate. 

operational reliability Reliability determined em- 
pirically from a study of the actual operation of a 
device or system under controlled conditions. 
Also called ACHIEVED RELIABILITY. 

operational transconductance amplifier Abbre- 
viation, OTA. An integrated-circuit amplifier that 
differs from the conventional operational ampli- 
fier in that its output current is proportional to its 
input-signal voltage. 

operation code In computer operations, the part 
of an instruction that specifies an operation. 

operation decoder In a digital computer, the cir- 
cuit that reads an OPERATION CODE and directs 
other circuitry in the execution of the code. 

operation envelope See WORK ENVELOPE. 

operation number In computer programming, a 
number that indicates the position in the pro- 
gram of a particular operation or subroutine. 
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operation part In a computer program, the part 
of an instruction containing the OPERATION 
CODE. 

operation register Ina digital computer, the regis- 
ter that stores the operation code of an instruc- 
tion. 

operations research A branch of computer engi- 
neering, devoted to the solution and/or optimiza- 
tion of functions of many variables. 

operation time The interval between the instant of 
application of all voltages to a circuit, and the in- 
stant when the current reaches a specified per- 
centage of its final steady value. 

operator 1. A person who performs an operation 
(see OPERATE, 1). 2. In mathematics, a symbol 
indicating an operation (e.g., j, +, —, x, etc.). 

operatorj See J OPERATOR. 

opposition 1. The state of two quantities that are 
180 degrees out of phase with each other. 2. A 
state in which two effects or quantities operate 
against each other in some manner (e.g., physi- 
cally, mathematically, electrically, etc.). 

opt Abbreviation of OPTICAL. 

Optacon An electronic aid for the blind. It has a 
camera that scans printed matter and a device 
that forms corresponding raised letters that can 
be read, as would Braille, with the fingertips. The 
name is a contraction of optical to tactile con- 
verter. 

optical 1. Generating or sensing visible light. 
2. Visible electromagnetic radiation in the range 
of approximately 390 to 750 nanometers wave- 
length. 

optical ammeter A type of OPTICAL PYROMETER 
that measures the current flowing through the fil- 
ament of an incandescent lamp. 

optical antenna A photosensitive device intended 
for the reception of modulated-light or modu- 
lated-infrared signals. Usually consists of a 
convex lens or a concave reflector and a 
semiconductor photodetector. 
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optical axis The z-axis of a quartz crystal (see 
Z-AXIS, 4). 

optical character reader A device that uses OPTI- 
CAL CHARACTER RECOGNITION to discern 
printed characters. 
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optical character recognition Abbreviation, OCR. 
In computer and data-processing operations, the 
reading of alphabetical, numerical, and other 
characters from hard copy (usually printed mat- 
ter) by photoelectric methods. It converts the 
characters into digital data that can be stored in 
computer memory, on disks and tapes, and 
transmitted via digital communications net- 
works. It can also allow a computer or robot to 
read signs, maps, etc. 

optical communications One-way or two-way 
communications via modulated visible light. It 
can be conducted through optical fibers, the 
atmosphere, water, or any other transparent 
medium. 

optical coupler A coupling device consisting es- 
sentially of a light source (actuated by an input 
signal) mounted in an opaque housing with a 
light-sensitive device (that delivers the output 
signal). In its simplest form, the arrangement 
consists of a light-emitting diode (LED) and a 
photodiode. 


optical coupler 


optical detector An integrated-circuit (IC) that 
provides light-to-voltage conversion. Its direct- 
current output voltage is proportional to the in- 
tensity of light impinging on its sensor. 

optical encoder An electronic device that mea- 
sures the extent to which a mechanical shaft has 
rotated. It can also measure the rate of rotation 
(angular speed). It consists of a light-emitting 
diode (LED), a photodetector, and a disk with al- 
ternate light and dark bands (chopping wheel). It 
is commonly used in digital controls and jointed 
robot arms. 

optical fiber A glass or plastic medium through 
which light is propagated for optical-communica- 
tions purposes. The refractive characteristics of 
the fiber keep the visible light inside. 

optical lever A device for amplifying the effect of a 
small rotation. The rotating member carries a 
small mirror that reflects a light beam over a 
curved scale, the distance through which the 
light spot travels on the scale being proportional 
to the distance between the scale and the rotating 
mirror. In this way, the deflection on the scale is 
several times the length of the arc described by 
the mirror, the rotation being thus amplified. 

optical link See OPTICAL COUPLER. 

optical mark recognition A method of data trans- 
fer that involves the use of optical techniques. 

optical maser See LASER. 
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optical mode The vibration mode that produces an 
oscillating dipole in a crystal lattice. 

optical pattern A Christmas-tree-like pattern pro- 
duced by parallel rays of light striking a phono 
disk. Also see DIFFRACTION. 

optical playback See OPTICAL SOUND REPRO- 
DUCER. 

optical pyrometer A pyrometer for measuring the 
temperature of a hot body in terms of the inten- 
sity and color of light it emits. 

optical scanner An electronic device that converts 
hard-copy text and graphics into digital form 
suitable for processing and storage in a com- 
puter. There are several types; the most common 
resembles a small photocopy machine and is 
known as a flatbed scanner. See OPTICAL SCAN- 
NING. 

optical scanning An electronic process that con- 
verts hard-copy text and graphics into digital 
form suitable for processing and storage in a 
computer. Text scanners work in conjunction 
with specialized software. The optical scanner 
and software together form the equivalent of au- 
dio speech recognition and sound interpretation. 
Usually, scanners are employed to convert 
printed matter to digital data. However, scanning 
technology can also be used at a distance, for ex- 
ample, by a robot for the purpose of reading road 
signs. 

optical sound recorder A photoelectric machine 
for recording sound on photographic film. Also 
see OPTICAL SOUND RECORDING. 

optical sound recording A system for recording 
sound on photographic film, as in sound motion 
pictures. The sound is picked up by a microphone 
and amplified to vary the intensity of a light 
source. The film passing this modulated beam be- 
comes exposed to a variable-width or variable- 
density track corresponding to the modulation 
(see VARIABLE-DENSITY SOUND RECORD and 
VARIABLE-WIDTH SOUND RECORD). When de- 
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veloped film is played back, its sound track mod- 
ulates a light beam in the reproducer by actuating 
a photocell or phototube to produce the audio sig- 
nal, which is then amplified. 

optical sound reproducer A photoelectric ma- 
chine for reproducing sound on film. A light beam 
in the device is modulated by the passing sound 
track, and it, in turn, modulates photocell or pho- 
totube current, which is amplified to drive a loud- 
speaker. Also see OPTICAL SOUND RECORDING. 

optical system Collectively, the functional ar- 
rangement of lenses, mirrors, prisms, and related 
devices in optoelectronic apparatus. 

optical tachometer An optoelectronic instrument 
for measuring (by means of reflected-light varia- 
tions) the speed of a body, such as a rotating 
shaft, without electrical or mechanical attach- 
ments to the latter. 

optical thermometer See OPTICAL PYROMETER. 

optical twinning A kind of defect in which two 
types of quartz occur in the same crystal. Com- 
pare ELECTRICAL TWINNING. 

optical type font A special type (printing) style 
designed for use with OPTICAL CHARACTER 
RECOGNITION equipment. 

optical wand A pencil-like optical probe, used to 
read bar codes from a printed page and translate 
the codes into information that is then loaded 
into a computer or calculator. 

optic axis See OPTICAL AXIS. 

optic flow See EPIPOLAR NAVIGATION. 

optics 1. The science of light, its measurement, 
application, and control. 2. A system of lenses, 
prisms, filters, or mirrors used in electronics to 
direct, control, or otherwise modify light rays. 

optimization The adjustment or manipulation of 
the elements of a process or system for the best 
operation or end result. 

optimize 1. To manipulate a set of variables or pa- 
rameters for the best possible performance of a 
circuit or system. 2. To maximize the value of a 
multivariable function. 

optimum angle of radiation Fora given altitude of 
the ionosphere, the angle, with respect to the 
horizon, at which a radio signal should be trans- 
mitted from a specific geographic location to pro- 
vide optimum reception at some other specific 
location. This angle varies, depending on the alti- 
tude of the ionospheric layer from which signals 
are returned, the distance between the transmit- 
ting and receiving stations, and the number of 
hops taken by the signal between the earth and 
the ionosphere. 

optimum bunching In a velocity-modulated tube, 
such as a klystron, the bunching associated with 
maximum output. 

optimum collector load The ideal load impe- 
dance (see OPTIMUM LOAD) for a particular tran- 
sistor operated in a specified manner. 

optimum coupling The degree of coupling be- 
tween two circuits tuned to the same frequency 
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that results in maximum energy transfer. Also 
called CRITICAL COUPLING. 

optimum current The value of current that pro- 
duces the most-effective performance of a circuit 
or device. 

optimum frequency See OPTIMUM WORKING 
FREQUENCY. 

optimum load The value of load impedance that 
produces maximum transfer of power from a gen- 
erator or amplifier. 

optimum plate load The ideal load impedance (see 
OPTIMUM LOAD) for a particular electron tube 
operated in a specified manner. 

optimum Q The most effective figure of merit for a 
capacitor, inductor, or tuned circuit at a specified 
frequency. 

optimum reliability The value of reliability that 
ensures minimum project cost. 

optimum voltage The value of voltage that results 
in the most effective performance of a circuit or 
device. 

optimum working frequency In radio transmis- 
sion involving reflection from the ionosphere, the 
frequency of use that results in the most reliable 
communication between two points. 

optoelectronic coupler An assembly consisting of 
an LED and a phototransistor. An input signal 
causes the diode to glow, and the light activates 
the transistor, which in turn delivers an output 
signal of higher amplitude than that of the input 
signal. 

optoisolator A light-emitting diode (LED) or in- 
frared-emitting diode (IRED) and a photodiode 
combined in a single package with a transparent 
gap between them. The LED or IRED converts an 
electrical signal to visible light or IR; the photodi- 
ode changes the visible light or IR back into an 
electrical signal. This device eliminates interstage 
impedance reflections that can plague systems 
that employ electronic coupling. Even the most 
drastic changes in load impedance have no effect 
on the impedance “seen” by the signal source. 
The devices can also protect expensive equipment 
against electrical transients; for example, in 
telephone-line modems used with personal 
computers. 

optoelectronics A branch of electronics that in- 
volves the use of visible light for communications 
or data-transfer purposes. 

optoelectronic transistor A transistor having an 
electroluminescent emitter, transparent base, 
and photoelectric collector. 

optophone A photoelectric device for converting 
light into sounds of proportionate pitch to enable 
blind persons to “see” by ear. 

Orange Book Trade name (Sony and Philips) for a 
specialized format for compact-disc recordable 
(CD-R) computer data storage media. It allows 
recording of data onto, as well as retrieval of data 
from, an optical compact disc. See also GREEN 
BOOK, RED BOOK, and YELLOW BOOK. 
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orange peel On a phonograph disc, a mottled sur- 
face that produces high background noise; so 
called from its resemblance to an orange peel. 

orbit 1. Also called shell. The median path of an 
electron around the nucleus of an atom. 2. The 
circular or elliptical path of an artificial satellite 
(e.g., a communications satellite) around the 
earth. 3. The elliptical path of the moon around 
the earth. 4. The elliptical path of the earth or an- 
other planet around the sun. 5. Any closed, usu- 
ally circular or elliptical path, that an object 
follows around another object. 

orbital-beam multiplier tube An electron- 
multiplying UHF oscillator or amplifier tube in 
which a positively charged electrode focuses 
electrons in a circular path. 

orbital electron An electron in orbit around the 
nucleus of an atom. 

orbital period The length of time required by a 
satellite to go around a celestial body, usually the 
earth. It can vary from about 90 minutes for very 
low orbits to months or even years for orbits be- 
yond that of the moon. The moon’s period is 
about a month. 

OR circuit Also called inclusive-OR circuit. In dig- 
ital systems and other switching circuits, a logic 
gate whose output is high (logic 1) when any of 
the input signals is high. The output is low (logic 
0) only when all of the inputs are low. Compare 
AND CIRCUIT. 
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order 1. An instruction to a digital computer. 
2. Sequence. 

OR element See OR CIRCUIT. 

ordered pair A set of two variables or numbers 
that can be mapped one-to-one onto a set of 
points in a plane. The most familiar example is 
(x,y), used to depict the Cartesian (rectangular) 
coordinate system on which characteristic curves 
and other functions are plotted. 

order of interference The position of an interfer- 
ence fringe that depends on whether the interfer- 
ence arises from one, two, three, or more 
wavelength differences. Generally, the first fringe 
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results from a difference of one wavelength, the 
second fringe from a difference of two wave- 
lengths, etc. The center fringe indicates that the 
two signals are exactly in phase; that is, the dif- 
ference is zero wavelengths. 

order of logic 1. A mathematical expression for 
the complexity of a system of logic. 2. The relative 
speed with which logical information is processed 
in a system. 

order tone A warning signal to receiving operators 
in the form of a tone transmitted over a trunk 
preceding the transmission of an order. 

ordinary ray Asa result of the double refraction of 
electromagnetic waves, the member of a pair of 
rays that follows the usual laws of refraction. Also 
see O WAVE. Compare EXTRAORDINARY RAY. 

ordinary wave See O WAVE. 

ordinate In the rectangular coordinate system, a 
point located on the vertical axis. 

organ 1. A computer subsystem. 2. An electronic 
device used for the purpose of generating music. 

organic decay See EXPONENTIAL DECREASE. 

organic electricity Electricity in the living tissues 
of animals and plants. 

organic growth See EXPONENTIAL INCREASE. 

organic semiconductor A semiconductor material 
consisting of, or combined with, some compound 
of carbon. 

OR gate See OR CIRCUIT. 

orientation 1. The direction or position of an ob- 
ject in space, expressed in terms of coordinate 
values. 2. In a teleprinter, the calibration or 
alignment that determines the speed of response 
to a received character. 

orientation of quartz plates See CRYSTAL AXES 
and CRYSTAL CUTS. 

orifice An opening or window, such as that in a 
loudspeaker enclosure or waveguide, through 
which energy is transmitted. 

origin 1. The starting point in a coordinate system. 
2. Relative to address modification in computer 
operations, an address to which a modifier is 
added to derive a variable operand address. 

original lacquer In disc-recording operations, an 
original recording made on a lacquer-surfaced 
disc that is subsequently used to make a master. 

original master In disk recording, the master disc 
produced from a wax or lacquer disc (see ORIGI- 
NAL LACQUER) by means of electroforming. 

origin distortion The change in the shape of a 
wave as it swings through zero (polarity). 

OR operation See OR CIRCUIT. 

ORS Abbreviation of OMNIDIRECTIONAL RANGE 
STATION. 

orthicon A television camera tube somewhat simi- 
lar to the iconoscope, but which provides internal 
amplification of light and, accordingly, can be 
used in dimmer places than the iconoscope. Light 
amplification is provided by an arrangement sim- 
ilar to that of a photomultiplier tube. 

orthiconoscope See ORTHICON. 
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orthoacoustic recording 1. A system of disc 
recording in which the inherent differences 
between high-frequency recording and low- 
frequency recording are compensated to provide 
reproduction that more closely resembles the 
actual sound. 2. A disc made by the method 
defined in 1. 

orthogonal axes Perpendicular axes [e.g., those in 
a Cartesian (rectangular) coordinate system]. 

Os Symbol for OSMIUM. 

OS Abbreviation of OPERATING SYSTEM. 

osc Abbreviation of OSCILLATOR. 

OSCAR Abbreviation for Orbiting Satellite Carrying 
Amateur Radio. A satellite with a transponder 
that has an uplink in one amateur band and a 
downlink in another amateur band. 

osciducer See OSCILLATING TRANSDUCER. 

oscillate 1. To fluctuate in amplitude in a uniform 
manner. 2. To vary above and below a specified 
value at a constant rate. 

oscillating arc A small arc, especially one pro- 
duced by slow-opening relay contacts, that gener- 
ates high-frequency oscillations. 

oscillating circuit A closed circuit containing in- 
ductance, capacitance, and inherent resistance, 
in which energy passes back and forth between 
inductor and capacitor at a frequency determined 
by the inductance (L) and capacitance (C) values. 

oscillating crystal 1. A piezoelectric plate main- 
tained in a state of oscillation in a circuit. See, for 
example, CRYSTAL OSCILLATOR and QUARTZ 
CRYSTAL. 2. An oscillating semiconductor diode 
(see NEGATIVE-RESISTANCE DIODE, 1, 2). 

oscillating current See OSCILLATORY CURRENT. 

oscillating detector A detector provided with pos- 
itive feedback; therefore, it is capable of gener- 
ating a signal of its own. Compare 
NON-OSCILLATING DETECTOR. 

oscillating diode 1. A semiconductor diode biased 
into its negative-resistance region so that it oscil- 
lates in a suitable circuit. 2. An oscillating tunnel 
diode. 3. Any of several microwave diodes, such 
as the IMPATT diode, which will oscillate in a 
suitable system. 4. See MAGNETRON. Also see 
DIODE OSCILLATOR. 

oscillating field An alternating electric or mag- 
netic field. 

oscillating rod A rod of magnetostrictive metal 
maintained in a state of oscillation in a circuit. 
See, for example, MAGNETOSTRICTION and 
MAGNETOSTRICTION OSCILLATOR. 

oscillating transducer A transducer in which an 
input quantity varies a frequency proportionately 
from its center value. 

oscillating wire A wire of magnetostrictive metal 
maintained in a state of oscillation in a circuit. 
See, for example, MAGNETOSTRICTION and 
MAGNETOSTRICTION OSCILLATOR. 

oscillation The periodic change of a body or quan- 
tity in amplitude or position (e.g., oscillation of a 
pendulum, voltage, or crystal plate). 
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oscillation constant For an oscillating induc- 
tance-capacitance (LC) circuit, the expression 
(LC)'/?, where Lis the inductance in henrys and C 
is the capacitance in farads. The reciprocal of the 
OSCILLATION NUMBER. 

oscillation control A manual or automatic device 
for adjusting the frequency or amplitude of the 
signal generated by an oscillator. 

oscillation efficiency The ratio, as a percentage, 
of the alternating-current (signal) power output of 
an oscillator (Pouw) to the corresponding direct- 
current power input (Pin). Efficiency = 100P out! Pin. 

oscillation number For an oscillating circuit, the 
number of complete oscillation cycles that occur 
in 6.28 (2 pi) seconds. 

oscillation test 1. A test of an oscillator to deter- 
mine if a signal is being generated. 2. A test for 
transistors wherein the transistor is used as an 
oscillator to give a rough indication of its condi- 
tion in terms of oscillation amplitude. 

oscillation transformer A tank coil of a radio 
transformer—especially one that includes an out- 
put coupling coil. 

oscillator A device that produces an alternating 
or pulsating current or voltage electronically. 
The term is sometimes used to describe any 
alternating-current-producing device other than 
an electromechanical generator. 

oscillator circuit The specific manner in which 
the components of an OSCILLATOR are intercon- 
nected. The three general types are: positive- 
feedback, negative-resistance, and relaxation. 

oscillator coil A tapped coil that provides the input 
and output windings required for an oscillator cir- 
cuit. Such coils are used in signal generators, os- 
cillators, and superheterodyne receivers. 

oscillator-doubler A circuit consisting of an oscil- 
lator and a frequency doubler (e.g., a crystal os- 
cillator whose output frequency is twice the 
crystal frequency). 

oscillator drift A usually gradual change in fre- 
quency of an oscillator caused by such factors as 
warmup time, voltage variations, capacitance 
change, inductance change, or change in transis- 
tor characteristics. 

oscillator frequency The fundamental frequency 
at which an oscillator operates. It can be deter- 
mined by a tuned circuit, crystal, cavity, section 
of waveguide or transmission line, or by a resis- 
tance-capacitance circuit. 

oscillator harmonic interference In a super- 
heterodyne receiver, interference that is the beat 
product of local oscillator harmonics and received 
signals. 

oscillator interference Radio-frequency interfer- 
ence caused by signals from the high-frequency 
oscillator of a receiver. 

oscillator keying Keying by making and breaking 
the signal output, direct-current (dc) power, or dc 
bias of the oscillator stage of a radiotelegraph 
transmitter. 
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oscillator-mixer 1. A combination stage in which 
a transistor functions as a local oscillator and 
mixer in a receiver or test instrument. 2. A device 
designed specifically to function as a local oscilla- 
tor and mixer. 

oscillator-mixer-detector 1. In a superhetero- 
dyne receiver, a stage in which the functions of 
high-frequency oscillator, mixer, and first detec- 
tor are performed by a single transistor. 2. A de- 
vice designed specifically to function as a local 
oscillator, mixer, and detector. 

oscillator-multiplier A single circuit that serves si- 
multaneously as an oscillator and frequency mul- 
tiplier. See, for example, OSCILLATOR-DOUBLER. 

oscillator padder In a superheterodyne receiver, a 
small, limited-range variable capacitor connected 
in series with the oscillator coil for tracking oscil- 
lator tuning at the low end of a band. Compare 
OSCILLATOR TRIMMER. 

oscillator power supply 1. The direct-current or 
alternating-current power supply for an oscilla- 
tor. 2. See OSCILLATOR-TYPE POWER SUPPLY. 

oscillator radiation The emission of radio- 
frequency energy by the oscillator stage of a 
superheterodyne receiver. Also see OSCILLATOR 
INTERFERENCE. 

oscillator-radiation voltage The radio-frequency 
voltage at the antenna terminals of a super- 
heterodyne receiver that results from signal emis- 
sion by the oscillator stage. 

oscillator stabilization 1. The automatic compen- 
sation of an oscillator circuit for the frequency 
drift resulting from changes in temperature, cur- 
rent, voltage, or component parameters. 2. The 
automatic stabilization of the operating point of 
an oscillator circuit against variations resulting 
from changes in temperature, supply current or 
voltage, or component parameters. 
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oscillator synchronization The locking of an os- 
cillator in step with another signal source, such 
as a frequency-standard generator. 

oscillator tracking In a superheterodyne receiver, 
the constant separation of the oscillator fre- 
quency from the signal frequency by an amount 
equal to the intermediate frequency at all settings 
of the tuning control. 

oscillator transmitter A radio transmitter con- 
sisting only of a radio-frequency oscillator and its 
power supply. The oscillator can be modulated in 
various ways [e.g., on-off keying, frequency-shift 
keying, voice amplitude modulation (AM), voice 
frequency modulation (FM)]. 

oscillator trimmer In a superheterodyne receiver, 
a small, limited-range capacitor connected in 
parallel with the oscillator coil for tracking oscil- 
lator tuning at the high end of a band. Compare 
OSCILLATOR PADDER. 

oscillator tuning The separate, often ganged, tun- 
ing of the oscillator stage in a circuit. 


Variable 
tuned 
circuit 
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oscillator-type power supply A high-voltage, 
direct-current (dc) power supply in which a radio- 
frequency (RF) oscillator generates a low-voltage 
alternating current (ac). This ac voltage is 
stepped up by an RF transformer, and is finally 
rectified to obtain high-voltage dc. 

oscillator-type transmitter See 
TRANSMITTER. 

oscillator wavelength The fundamental wave- 
length at which an oscillator operates. It is 
usually expressed in meters, centimeters, or 
millimeters. It can be determined by a tuned cir- 
cuit, crystal, cavity, section of waveguide or 
transmission line, or by a resistance-capacitance 
circuit. 

oscillatory current A current that alternates peri- 
odically, particularly the current in an induc- 
tance-capacitance (LC) tank circuit that results 


OSCILLATOR 
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from the oscillation of energy back and forth be- 
tween the inductor and capacitor. 

oscillatory discharge An electrical discharge, 
such as that of a capacitor, that sets up an OS- 
CILLATORY CURRENT. 

oscillatory surge A current or voltage surge that 
includes both positive and negative excursions. 

oscillatory transient See OSCILLATORY SURGE. 

oscillistor A device consisting essentially of a bar 
of semiconductor material positioned in a mag- 
netic field; it will produce oscillations under cer- 
tain conditions. 

oscillogram 1. The image produced on the screen 
of an oscilloscope. 2. A permanent, usually pho- 
tographic, record made from the screen of an os- 
cilloscope. 

oscillograph 1. An instrument that makes a per- 
manent record (photograph or pen recording) of a 
rapidly varying electrical quantity. Also called 
recorder (see RECORDER, 2). Compare OSCILLO- 
SCOPE. 2. An obsolete term for OSCILLOSCOPE. 

oscillograph recorder A direct-writing recorder 
(see RECORDER, 2). 

oscillography The use of a graphic oscillation 
recorder (OSCILLOGRAPH). 

oscillometer A device used for determining the 
peak amplitude of an oscillation. 

oscilloscope An instrument that presents for 
visual inspection the pattern representing 
variations in an electrical quantity. Also see 
CATHODE-RAY OSCILLOSCOPE. Compare OS- 
CILLOGRAPH. 

oscilloscope camera A special high-speed, short- 
focus camera with fixtures for attachment to an 
oscilloscope to record images from the screen. 
Standard and instant-film types are available. 

oscilloscope differential amplifier An amplifier 
that processes the difference between two sig- 
nals, for the purpose of displaying on an oscillo- 
scope or oscillograph. 

oscilloscope tube A cathode-ray tube for use in an 
oscilloscope. It contains an electron gun, acceler- 
ating electrode, horizontal and vertical deflecting 
plates, and a fluorescent screen. 

Os-Ir Symbol for OSMIRIDIUM. 

OSI-RM Abbreviation of OPEN SYSTEMS INTER- 
CONNECTION REFERENCE MODEL. 

OSL Abbreviation of orbiting space laboratory. 

osmiridium Symbol, Os-Ir. A natural alloy of os- 
mium and iridium. 

osmium Symbol, Os. A metallic element of the 
platinum group. Atomic number, 76. Atomic 
weight, 190.2. 

osmotic pressure The force that causes the posi- 
tive ions to pass out of a solution toward a metal 
body immersed in an electrolyte. Also see 
HELMHOLTZ DOUBLE LAYER. 

OSO Abbreviation of orbiting solar observatory. 

osteophone A bone-conduction hearing aid. 

OTA Abbreviation of OPERATIONAL TRANSCON- 
DUCTANCE AMPLIFIER. 
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OTL Abbreviation of OUTPUT-TRANSFORMER- 
LESS. 

O-type backward-wave oscillator Abbreviation, 
OBWO. A backward-wave oscillator using har- 
monics having opposing phases. 

ounce Abbreviation, oz. A unit of weight equal to %6 
pound or 28.35 grams. 

ounce-inch Abbreviation, oz-in. A unit of torque 
equal to the product of a force of 1 ounce anda 
moment arm of 1 inch. Compare POUND-FOOT. 

outage 1. Loss of power to a system. 2. Loss of a 
received signal. 

outboard components 1. Discrete components 
(capacitors, coils, resistors, or transformers) con- 
nected externally to an integrated circuit. 2. Dis- 
crete components connected externally to any 
existing electronic device. 

outcome In statistical analysis, the result of an ex- 
periment or test. An outcome can be numerical or 
nonnumerical. 

outdoor antenna An antenna erected outside, 
usually high above the surface of the earth clear 
of obstacles. It generally provides superior perfor- 
mance compared with an INDOOR ANTENNA. 
Also reduces the probability of radio-frequency 
interference (RFI) when used for transmitting. 

outdoor booster A signal preamplifier mounted on 
an outdoor television receiving antenna for im- 
proved reception. 

outdoor transformer A weatherproof distribution 
transformer installed outside the building it ser- 
vices. 

outer conductor The outer metal cylinder or 
jacket of a coaxial cable or coaxial tank. Compare 
INNER CONDUCTOR. 

outgassing 1. In the evacuation of electronic de- 
vices, such as vacuum tubes, the removal of oc- 
cluded gases from glass, ceramic, and metal by 
means of slow baking and by flashing an internal 
metal getter (such as one of magnesium). 2. The 
production of gases in certain electrochemical 
cells and batteries during the final stage of charg- 
ing. 

outgoing line A power or signal line that leaves a 
device, facility, or stage. Compare INCOMING 
LINE. 

outlet A female receptacle that delivers a signal or 
operating power to equipment plugged into it. 

outline flowchart In computer operations, a pre- 
liminary flowchart showing how a program will be 
divided into routines and segments, input and 
output functions, program entry points, etc. 

out-of-line coding Instructions for a computer 
program routine stored in an area of memory 
other than that in which the routine’s program is 
stored. 

out of phase Pertaining to the condition in which 
the alternations or pulsations of two or more sep- 
arate waves or wave phenomena, having identical 
frequencies, are out of step with each other. Com- 
pare IN PHASE. 
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out-of-phase current Reactive current in an alter- 
nating-current circuit (i.e., current that is out of 
phase with voltage. Also see QUADRATURE CUR- 
RENT). 

out-of-phase voltage Voltage across a reactance; so 
called because it is out of phase with the current. 

outphaser A device that converts a sawtooth wave 
to a square wave. It is used in electronic organs 
and synthesizers. 

outphasing modulation A system of modulation 
in which the sideband frequencies are shifted 
90 degrees from the phase position in an ampli- 
tude-modulated wave. The resulting constant- 
envelope wave is then amplified with high 
efficiency and low distortion by a class-C stage; 
then the signal is reconverted to an amplitude- 
modulated one by phase shifting the carrier, with 
respect to the sidebands. 

out-plant system A data-processing system in 
which a central computer receives data from re- 
mote terminals. 

output 1. Energy or information delivered by a 
circuit, device, or system. Compare INPUT, 1. 2. 
The terminals at which energy or information is 
taken from a circuit, device, or system. Compare 
INPUT, 2. 

output admittance Symbol, Y,. The internal ad- 
mittance of a circuit or device, as “seen” at the 
output terminals; the reciprocal of OUTPUT 
IMPEDANCE. Compare INPUT ADMITTANCE. 

output amplifier See FINAL AMPLIFIER. 

output area In a computer system, the portion of 
storage holding information for delivery to an out- 
put device. Also called output block. 

output axis For a gyroscope that has received an 
input signal, the axis around which the spinning 
wheel precesses. 

output block See OUTPUT AREA. 

output buffer 1. A circuit that follows an oscillator 
and reduces the effects of variable load impedance 


on the oscillator frequency or signal amplitude. 
2. An amplifier, usually with a voltage gain of 6 dB, 
that follows a video multiplexer. The amplifier 
drives a coaxial transmission line. 

output bus driver In a computer, a device that 
amplifies output signals sufficiently to provide 
signals to other devices without undue loading of 
the supply line (bus). 

output capability The maximum power or voltage 
output that a circuit can deliver without distor- 
tion or other improper operating conditions. 

output capacitance Symbol, C,. The internal ca- 
pacitance of a circuit or device, as seen at the 
output terminals. Compare INPUT CAPACI- 
TANCE. 

output capacitive loading For an operational am- 
plifier at unity gain, the maximum capacitance 
that can be connected to the output of the ampli- 
fier before phase shift increases to the point of os- 
cillation. 

output capacitor 1. In a capacitance-coupled cir- 
cuit, the output coupling capacitor. Compare IN- 
PUT CAPACITOR. 2. The last capacitor in a 
power-supply filter circuit. 

output capacity The maximum output capability 
of a device or system expressed in appropriate 
units, such as current, voltage, power, torque, 
horsepower, etc. 

output choke The last choke 
power-supply filter circuit. 


(inductor) in a 


output choke 


output circuit The circuit or subcircuit that con- 
stitutes the output portion of a network or device. 
Also see OUTPUT and OUTPUT TERMINALS. 
Compare INPUT CIRCUTT. 

output-circuit distortion Distortion in the output 
portion of a circuit or device (such as a transistor 
or transformer), usually caused by an overload or 
nonlinear response. 

output conductance Symbol, G,. The internal 
conductance of a circuit or device, as “seen” at 
the output terminals. It is the reciprocal of OUT- 
PUT RESISTANCE. Compare INPUT CONDUC- 
TANCE. 

output control 1. The gain control of an amplifier. 
2. The level control of a variable power supply. 

output coupling capacitor See OUTPUT CAPACI- 
TOR. 

output coupling 
TRANSFORMER. 


transformer See OUTPUT 
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output current 1. Symbol, Io» The current deliv- 
ered by a source, such as a battery, generator, or 
amplifier. Compare INPUT CURRENT, 1. 2. Sym- 
bol, Io». Current flowing in the output leg or elec- 
trode of a circuit or device. Compare INPUT 
CURRENT, 2. 

output device 1. A load device, such as a resistor, 
loudspeaker, lamp, relay, motor, etc., that uti- 
lizes the output energy delivered by a generator, 
amplifier, or network. 2. A device, such as an out- 
put transformer, that serves to transfer energy or 
information from a circuit or device. Compare IN- 
PUT DEVICE. 3. In computer operations, a device 
that presents the results of computer operation 
in a comprehensible form. Examples: printer, 
monitor, disk drive, tape drive, modem, etc. 

output efficiency The efficiency of a device, such 
as a generator or amplifier, in delivering an out- 
put signal. For an amplifier, the efficiency (Eff) is 
given as a percentage by the formula Eff, = 
100P,/P;, where P; is the direct-current power in- 
put, and P, is the alternating-current (signal) 
power output. 

output equipment See OUTPUT DEVICE, 3. 

output filter The direct-current filter of a power 
supply operating from alternating current. Also 
see CAPACITOR-INPUT FILTER and CHOKE- 
INPUT FILTER. 

output gap A device via which current or power is 
intercepted from an electron beam in a beam- 
power tube. 

output impedance Symbol, Zə The impedance 
“looking” into the output terminals of an ampli- 
fier, generator, or network. Compare INPUT 
IMPEDANCE. 

output indicator A device, such as an analog me- 
ter, digital meter, or bar-graph meter, that pro- 
vides a visual indication of the output-signal 
amplitude of an equipment. 

output leakage current In an open-collector inte- 
grated circuit, the current from collector to emit- 
ter with the output in the “off” condition and a 
certain specified voltage applied to the device. It 
can be expressed in milliamperes or microam- 
peres. 

output limiting A process for automatically main- 
taining the amplitude of the signal delivered by a 
generator or amplifier. See, for example, AUTO- 
MATIC GAIN CONTROL, AUTOMATIC MODULA- 
TION CONTROL, VOLUME COMPRESSION, and 
VOLUME LIMITER. 

output load See OUTPUT DEVICE, 1. 

output load current 1. The current through the 
output load of an amplifier. Generally, this cur- 
rent is expressed in root-mean-square (rms) form. 
2. The highest rms current that an amplifier can 
deliver to a load of a specified impedance. 

output meter A meter that gives a quantitative or 
qualitative indication of the output of an amplifier 
or generator. See, for example, OUTPUT-POWER 
METER. 
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output offset In an integrated circuit, the voltage 
at the output when the inputs are grounded. 

output port The output terminal of a logic device. 

output power Symbol, P,. The power deliverable by 
an amplifier, generator, or circuit. Also called 
power output. Compare INPUT POWER. 

output-power meter A type of direct-reading 
wattmeter for measuring the power output of an 
amplifier or generator. 

output regulator A circuit or device that automat- 
ically maintains the output of a power supply or 
signal source at a constant amplitude. 

output resistance Symbol, R,. The internal resis- 
tance of a circuit or device, as “seen” at the out- 
put terminals. Compare INPUT RESISTANCE. 

output routine In computer operations, a routine 
(program segment) that performs the work in- 
volved in moving data to an output device, often 
including intermediate transferals and modifying 
the data as necessary. 

output section See OUTPUT AREA. 

output sink current In an integrated circuit, for a 
specified set of conditions at the input and out- 
put, current into the output as measured in mil- 
liamperes or microamperes. 

output source current In an integrated circuit, for 
a specified set of conditions at the input and out- 
put, the current out of the output, as measured 
in milliamperes or microamperes. 

output stage The last stage of an amplifier. Deliv- 
ers the signal to the load. 

output terminals Terminals (usually a pair) asso- 
ciated with the output of a circuit or device (see 
OUTPUT, 1, 2). Compare INPUT TERMINALS. 

output tank Ina transmitter or power generator, a 
parallel-tuned combination of inductance and ca- 
pacitance in the collector, drain, or plate circuit, 
that is generally tuned to resonance at the oper- 
ating frequency. IT optimizes efficiency and cou- 
ples the signal to the load. Compare INPUT TANK. 

output transformer The output-coupling trans- 
former that delivers signal voltage or power from 
an amplifier, generator, or network to a load or to 
another circuit. Compare INPUT TRANSFORMER. 
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output-transformerless Abbreviation, OTL. Per- 
taining to an oscillator, amplifier, or generator 
that requires no output coupling transformer. 

output transistor A transistor in the final stage of 
an amplifier or generator; usually, it is a power 
transistor. 

output tube A vacuum tube in the final stage of an 
amplifier or generator; usually, it is a power tube. 

output unit See OUTPUT DEVICE. 

output voltage 1. Symbol, E, or V,. The voltage de- 
livered by a source, such as a battery, generator, 
or amplifier. Compare INPUT VOLTAGE, 2. 2. 
Symbol, E, or V,. The voltage across the output 
leg or electrode of a circuit or device. Compare IN- 
PUT VOLTAGE, 2. 

output voltage compliance In an integrated cir- 
cuit, the voltage range over which the output can 
be made to swing, while keeping the operation of 
the circuit within a certain maximum allowable 
nonlinearity limit. It is measured in volts or milli- 
volts. 

output voltage noise In an integrated circuit, the 
output noise over a given range of frequencies, as 
measured in peak-to-peak millivolts or micro- 
volts. It can also be measured as the root- 
mean-square (rms) value. 

output voltage swing In an integrated circuit with 
a specified load, the output-voltage change mea- 
sured as a difference between maximum and 
minimum in volts or millivolts. 

output voltage tracking For an integrated-circuit 
dual regulator, the difference between the abso- 
lute values of the output voltages of a dual regu- 
lator. It can be expressed as a specific voltage or 
as a percentage of the specified output voltage of 
the device. 

output winding The secondary coil of an output 
transformer. 

outside antenna See OUTDOOR ANTENNA. 

outside booster See OUTDOOR BOOSTER. 

outside diameter Abbreviation, OD. The outer- 
most diameter of a body or figure having two con- 
centric diameters (e.g., tubing or conduit). 
Compare INSIDE DIAMETER. 

outside lead See FINISH LEAD. 

outside transformer 1. See OUTDOOR TRANS- 
FORMER. 2. A transformer mounted outside of 
an equipment in whose circuit it is included. 
External mounting can eliminate hum in the 
equipment circuit, and can help to prevent 
overheating. 

oven 1. Also called crystal oven. A chamber provid- 
ing a closely controlled operating temperature for 
an electronic component, such as a quartz crys- 
tal. 2. An enclosure in which electronic equip- 
ment can be tested at selected, precise high 
temperatures. Compare COLD CHAMBER. 

overall feedback Positive or negative feedback 
around an entire system (such as a public- 
address system), as opposed to feedback confined 
to one stage or a few stages within the system. 


ÓN 


overall gain The total gain of an entire system 
(such as a multistage amplifier), as opposed to 
that of one or several stages. 

overall loudness The apparent intensity of an 
acoustic disturbance, generally measured with 
respect to the threshold of hearing, and ex- 
pressed in decibels, relative to the threshold level. 

overbiased unit A component, such as a transis- 
tor or vacuum tube, whose bias current or voltage 
is higher than the correct value for a given mode 
of operation. Compare UNDERBIASED UNIT. 

overbunching In a velocity-modulated tube, such 
as a Klystron, the condition in which the buncher 
voltage exceeds the value required for optimum 
bunching. 

overcharging In a secondary cell or battery, the 
application of charging current longer than nec- 
essary to obtain full charge. This can sometimes 
cause problems, such as cell heating. 

overcompounded generator A dynamo-type gen- 
erator having a compound field winding in which 
the series-field winding increases the field inten- 
sity beyond the point needed to maintain the out- 
put voltage. Compare UNDERCOMPOUNDED 
GENERATOR. 

overcompounding A characteristic of electrome- 
chanical motors, resulting in increased running 
speed with decreasing load resistance. 

overcoupled transformer A transformer having 
greater than critical coupling between its primary 
and secondary windings. In tuned circuits, such 
as intermediate-frequency (IF) transformers, this 
produces a double-peak response. 

overcoupling Extremely close coupling 
CLOSE COUPLING). 

overcurrent A current greater than the specified, 
nominal, or desired level. Compare UNDERCUR- 
RENT. 

overcurrent circuit breaker A circuit breaker that 
opens when current exceeds a predetermined 
value. 

overcurrent protection The use of a circuit 
breaker, relay, or other device to protect a circuit 
or system from damage resulting from an exces- 
sive flow of current. 

overcurrent relay A protective relay that opens a 
circuit when current exceeds a predetermined 
value. Compare UNDERCURRENT RELAY. 

overcutting In disc recording, the condition in 
which an excessively high amplitude signal 
causes the stylus to cut through the wall between 
adjacent grooves. Compare UNDERCUTTING. 

overdamping Damping greater than the critical 
value (see DAMPING ACTION, 2). Compare UN- 
DERDAMPING. 

overdesign Also called overengineering. 1. To use 
an unnecessarily high safety factor in the design 
of equipment. 2. To design equipment for perfor- 
mance superior to that which is required in the 
intended application. 3. A design that results 
from operations defined in 1 and 2. 
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overdrive In an analog amplifier, an undesirable 
operating condition that occurs with the applica- 
tion of excessive input signal voltage or power. 
This results in increased distortion, nonlinearity, 
excessive harmonic generation, and excessive 
output signal bandwidth. In a high-fidelity audio 
system, such a condition grossly degrades the 
quality of the sound. The amplifying device (tran- 
sistor or vacuum tube) is in or near saturation 
during part of the signal cycle. This reduces the 
efficiency of the circuit, can cause excessive col- 
lector, drain, or plate current, and can overheat 
the base-collector (B-C) junction of a bipolar 
transistor. In the worst case, it can destroy the 
component. 

overdriven amplifier See OVERDRIVEN UNIT. 

overdriven unit An amplifier, oscillator, or trans- 
ducer whose driving signal (current, voltage, 
power, or other quantity) is higher than that 
which the device can properly or efficiently han- 
dle for correct or intended operational perfor- 
mance. 

overdub In audio recording, a method of combin- 
ing two or more signals onto a single tape track. 
For example, a live voice can be recorded on a 
tape containing pre-recorded music. 

overexcited Receiving higher than normal excita- 
tion, as in radio-frequency amplifiers or alternat- 
ing-current generators. 

overflow 1. In computer or calculator operation, 
the condition in which an arithmetic operation 
yields a result exceeding the capacity of the loca- 
tion or display for a result. 2. The carry digit that 
results from the condition described in (1). 

overflow indicator 1. In a digital calculator, a dis- 
play that indicates that a numerical value is too 
large or too small to be shown with the available 
number of decimal places. 2. In data processing, 
a display that indicates the presence of too many 
bits or characters for the available storage 
capacity. 

overflow position In a digital computer, an auxil- 
iary register position for developing the overflow 
digit (see OVERFLOW, 1, 2). 

overflow record In data processing, a record that 
will not fit the storage area allotted for it, and that 
must be kept where it can be retrieved, according 
to some reference stored in its place. 

overflow storage In a calculator or computer, ex- 
tra storage space, allowing a small amount of 
overflow without loss of accuracy. 

overhanging turns The turns in the unused por- 
tion(s) of a tapped coil. 

overhead line A power or transmission line sus- 
pended above the ground between poles or tow- 
ers. 

over-horizon radar A form of radar used at high 
frequencies, in which pulses are transmitted and 
received. The signals are returned to earth via the 
ionosphere, both in the forward and reflected di- 
rections, making it possible to detect such things 
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as missile launchings from thousands of miles 
away. 

over-horizon transmission See FORWARD SCAT- 
TER. 

overinsulation Use of excessive insulation for a 
particular application. Compare UNDERINSULA- 
TION. 

over insulation The insulation (usually a strip of 
tape) laid over a wire brought up from the center 
of a coil. Compare UNDER INSULATION. 

overlap 1. The time during which two successive 
operations are performed simultaneously. 2. In a 
facsimile or television system, a condition in which 
the scanning line is wider than the center-to- 
center separation between adjacent scanning lines. 

overlap radar A long-range radar situated in one 
sector and covering part of another sector. 

overlay 1. A sheet of transparent or translucent 
material laid over a schematic diagram for the 
purpose of tracing connections that have been 
made in wiring an equipment from the diagram. 
2. In computer operations, a method whereby the 
same internal storage locations are used for dif- 
ferent parts of a program during a program run. 
It is used when the total storage requirements for 
instructions exceed the available main storage 
capacity. 

overlay transistor A double-diffused epitaxial 
transistor having separate emitters connected to- 
gether by means of diffusion and metallizing to 
increase the edge-to-area ratio of the emitters. 
This design raises the current-handling ability of 
the transistor. Also see DIFFUSED TRANSISTOR 
and EPITAXIAL TRANSISTOR. 

overload 1. Current or power drain in excess of the 
rated output of a circuit or device. 2. An excessive 
driving signal. 

overload circuit breaker See CIRCUIT BREAKER. 

overloaded amplifier A power amplifier deliver- 
ing excessive output power. Compare UNDER- 
LOADED AMPLIFIER, 2. 

overloaded oscillator An oscillator from which 
excessive power is drawn, causing instability, 
frequency shift, lowered output voltage, and 
overheating. 

overload indication Any  attention-catching 
method, such as an audible or visual alarm, for 
warning that a prescribed signal or power level 
has been exceeded. 

overload level The amount of overload that can 
safely be applied to an equipment (see OVER- 
LOAD, 1). 

overload protection The use of circuit breakers, 
relays, automatic limiters, and similar devices to 
protect equipment from overload damage by re- 
ducing current or voltage, disconnecting the 
power supply, or both. 

overload recovery time Following an overdrive at 
the input of an integrated-circuit device, the time 
required for the output to resume its normal 
characteristics. 
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overload relay A relay actuated when circuit cur- 
rent exceeds a predetermined value. Compare 
UNDERLOAD RELAY. 

overload time The maximum length of time that 
an equipment can safely be subjected to an over- 
load level of current. 

overmodulation Modulation in excess of a pre- 
scribed level—especially amplitude modulation 
greater than 100%. Compare COMPLETE MODU- 
LATION and UNDERMODULATION. 


Time 
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overmodulation alarm See OVERMODULATION 
INDICATOR. 

overmodulation indicator A device, such as a 
neon bulb, incandescent lamp, light-emitting 
diode, analog meter, or digital meter, adapted to 
give an alarm when the modulation percentage of 
a signal exceeds a predetermined value. 

overpotential See OVERVOLTAGE. 

overpower relay A relay actuated by a rise in 
power above a predetermined level. Compare UN- 
DERPOWER RELAY. 

overpressure For a pressure transducer, pressure 
in excess of the maximum rating of the device. 

override 1. To intentionally circumvent an auto- 
matic control system. 2. To bridge a functional 
stage of a system. 

overscanning The deflection of the beam of a cath- 
ode-ray tube beyond the edges of the screen. 

overshoot 1. The momentary increase of a quan- 
tity beyond its normal maximum value (e.g., the 
spike sometimes seen on a square wave because 
of the overswing of a rising voltage). 2. Momen- 
tary overtravel of the pointer of an analog meter. 

overswing See OVERSHOOT, 2. 

overtemperature protection The use of an auto- 
matic device, such as a thermal relay or thermo- 
stat, to disconnect a device from the power 
supply when the device’s temperature becomes 
excessive. 

overthrow See OVERSHOOT, 2. 

overtone See HARMONIC. 
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overtone crystal A piezoelectric quartz crystal 
that oscillates at odd multiples of the frequency 
for which it was cut. This allows crystal operation 
at frequencies otherwise obtainable only from a 
fundamental-frequency crystal ground so thin as 
to be prohibitively fragile. 

overtone oscillator A crystal oscillator using an 
OVERTONE CRYSTAL. 

overtravel See OVERSHOOT, 2. 

overvoltage A voltage higher than a specified or 
rated value. Compare UNDERVOLTAGE. 

overvoltage circuit breaker A circuit breaker that 
opens when voltage exceeds a predetermined 
value. 

overvoltage protection The use of a special cir- 
cuit or device to protect equipment from excessive 
voltage. When voltage increases beyond the over- 
voltage limit, the protective circuit causes shut- 
down. 

overvoltage relay A relay actuated when voltage 
rises above a predetermined value. Compare UN- 
DERVOLTAGE RELAY. 

overwrite In computer operations, to record new 
data over existing data (e.g., to update the files on 
a magnetic disk or tape). 

Ovshinsky effect In thin-film solid-state devices, 
the tendency for switches to have the same char- 
acteristics for currents in either direction. 

O wave One (the ordinary) of the pair of components 
into which an ionospheric radio wave is divided by 
Earth's magnetic field. Compare X WAVE. 

Owen bridge A wide-range four-arm bridge that 
measures inductance in terms of a standard ca- 
pacitance and bridge-arm resistances. 

own coding Additional program steps added to 
vendor-supplied software so that it can be modi- 
fied to fit special needs. 

ox Abbreviation of OXYGEN. 

oxidation 1. The combination of a substance with 
oxygen. Generally a slow process, such as the 
corrosion of iron or aluminum in the atmosphere. 
The process is accelerated by the presence of 
moisture and/or high temperatures. 2. The loss 
of electrons from a cell or battery during dis- 
charge. 

oxidation-reduction potential The potential at 
which oxidation occurs at the anode of an elec- 
trolytic cell, and at which reduction occurs at the 
cathode. 
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oxide-coated cathode See OXIDE-COATED EMIT- 
TER. 

oxide-coated emitter An electron-tube cathode or 
filament coated with a material, such as thorium 
oxide, for increased electron emission at low 
emitter temperatures. 

oxide-coated filament See 
EMITTER. 

oxide film 1. The thin film of iron oxide that con- 
stitutes the recording surface of a magnetic disk 
or tape. 2. The layer of copper oxide formed on 
the copper plate of a copper-oxide rectifier. 

oxide-film capacitor An electrolytic capacitor, so 
called because the dielectric is a thin oxide film. 

oxide rectifier A solid-state rectifier using a junc- 
tion between copper and copper oxide. Also called 
COPPER-OXIDE RECTIFIER. 

oximeter A photoelectric instrument for measur- 
ing the oxygen content of the blood. It operates by 
passing visible light through the earlobe, and an- 
alyzing the color and intensity of the emerging 
beam. Also called ANOXEMIA TOXIMETER. 

oxygen Symbol, O. Abbreviation, Oz. A gaseous el- 
ement. Atomic number, 8. Atomic weight, 15.999. 
Constitutes 21% of Earth’s atmosphere. It readily 
combines with various elements to form com- 
pounds (see OXIDATION). 

oxygen analyzer An electronic gas analyzer de- 
signed especially to measure oxygen content. The 
operation of this instrument is based on the para- 
magnetic properties of oxygen. 
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oxygen recombination In nickel-cadmium (NICAD) 
cells and batteries, a process in which oxygen is 
generated in the vicinity of the positive electrode, 
and is reduced with water in the vicinity of the 
negative electrode. This produces battery heating. 

oz 1. Abbreviation of OUNCE. 2. Abbreviation of 
OZONE. 

oz-in Abbreviation of OUNCE-INCH. 

ozocerite An insulating mineral wax. Dielectric 
constant, 2.2. Dielectric strength, 4 to 6 kV/mm. 
Also spelled OZOKERITE. 

ozone Symbol, Os. An allotropic form of oxygen. Its 
formula indicates that each molecule has three 
atoms. Produced by the action of ultraviolet rays 
(or electrical discharge) on oxygen, its character- 
istic odor (somewhat like weak chlorine) can often 
be detected around sparking contacts or in the 
air after a thunderstorm. 

ozone layer In the earth’s atmosphere, a layer of 
ozone gas in the upper troposphere and lower 
stratosphere. It is produced by _ ultraviolet 
radiation from space, mainly from the sun. The 
ozone layer tends to block ultraviolet radiation, 
reducing the amount that reaches the surface of 
the earth. 

ozone monitor An instrument for measuring the 
concentration of ozone in the atmosphere. One 
version measures the extent to which ultraviolet 
radiation is absorbed by a sample of air; the 
greater the absorption, the higher the ozone con- 
centration in the sample. 
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P 1. Symbol for POWER. 2. Symbol for PLATE (of a 

vacuum tube). 3. Symbol for PHOSPHORUS. 4. 

Abbreviation of PRESSURE. 5. Symbol for PRI- 

MARY. 6. Abbreviation for prefix PETA-. 7. Sym- 

bol for PERMEANCE. 8. Abbreviation of POINT. 

1. Abbreviation of prefix PICO-. 2. Subscript for 

PEAK. 3. Abbreviation of POUND. 4. Abbreviation 

of POINT (often capitalized). 5. Subscript for PRI- 

MARY. 6. Subscript for PLATE (of a vacuum 

tube). 7. Abbreviation of PITCH. 8. Abbreviation 

of PER. 

PA 1. Abbreviation of POWER AMPLIFIER. 2. Ab- 
breviation of PULSE AMPLIFIER. 3. Abbreviation 
of particular average. 4. Abbreviation of pilotless 
aircraft. (Also, P/A.) 5. Abbreviation of PUBLIC 
ADDRESS (as in PA system). 

Pa 1. Symbol for PROTACTINIUM. 2. Symbol for 
PASCAL. 

pA Abbreviation of PICOAMPERE. 

pacemaker See CARDIAC STIMULATOR. 

pacer See CARDIAC STIMULATOR. 

Pacific Standard Time Abbreviation, PST. Local 
mean time at the 120th meridian west of Green- 
wich. Also see GREENWICH MEAN TIME, STAN- 
DARD TIME, TIME ZONE, and COORDINATED 
UNIVERSAL TIME. 

pack A technique for maximizing a computer mem- 
ory device’s storage capacity, wherein more than 
one information item is stored in a single storage 
unit. Also called crowd. 

package 1. The enclosure for an electronic device 
or system. This includes a wide range of hous- 
ings, from the simple encapsulation of miniature 
transistors to forced-air-cooled enclosures for 
heavy power units. 2. To assemble and house an 


electronic equipment, or to design a housing for 
it, in accordance with good engineering tech- 
niques. 3. A computer program of general use for 
an application (e.g., payroll package). 

package count The number of discrete packaged 
circuits in a system. 

packaging density 1. See VOLUMETRIC EFFI- 
CIENCY. 2. Computer storage capacity in terms 
of the number of information units that can be 
contained on a given segment of a magnetic 
medium. Also called PACKING DENSITY. 3. 
Within a given integrated circuit, the capacity in 
terms of the number of active devices that can be 
contained on a single silicon chip. 

packet 1. A unit of digital information in PACKET 
COMMUNICATIONS. It consists of a header fol- 
lowed by a certain number of data bits or bytes. 
2. See WAVE PACKET. 3. See PACKET COMMU- 
NICATIONS. 4. See PACKET RADIO. 

packet communications A method via which data 
is exchanged through a network between or 
among people or computers. Information is sent 
and received in blocks of information called 
packets. Each packet is routed individually 
through the network according to the most effi- 
cient possible path at the time of its transit. At 
the destination, the packets are reassembled into 
the original signal. This scheme makes more effi- 
cient use of network resources than continuous- 
connection or single-path methods. However, 
when network usage is heavy, there can be a de- 
lay in the arrival of a sufficient number of packets 
to produce an intelligible received signal. 

packet radio The transmission and reception of 
PACKET COMMUNICATIONS data via radio. 
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packet switching In telephony, a method of con- 
nection in which data is exchanged between sub- 
scribers by splitting the data into units (packets). 
Each packet is sent over the optimum path at the 
time of transmission. The signal path can, and 
usually does, vary from packet to packet. At the 
destination, the packets are reassembled into the 
original singal. The connection is in effect nonex- 
istent during periods of silence (no data transmit- 
ted by either subscriber). Compare CIRCUIT 
SWITCHING. 

packing In the button of a carbon microphone, 
bunching and cohesion between the carbon gran- 
ules. 

packing density The number of discrete package 
circuits within a given surface area or volume. 

packing factor 1. See VOLUMETRIC EFFICIENCY. 
2. In computer operations, the number of bits 
that can be recorded in a given length of magnetic 
memory surface. Also called PACKING DENSITY. 

pack transmitter A portable transmitter that can 
be strapped to the operator's back. 

pack unit A portable transceiver that can be 
strapped to the operator's back or carried on an 
animal's back. 

PACM Abbreviation of pulse-amplitude code modu- 
lation. 

pad 1. An attenuator network (usually a combina- 
tion of resistors) that reduces the amplitude of a 
signal by a desired amount while maintaining 
constant input and output impedance. 2. In com- 
puter operations, to make a record a fixed size by 
adding blanks or dummy characters to it. 3. To 
lower the frequency of an inductance-capacitance 
(LC) circuit by adding capacitance to an already 
capacitively tuned network. 

padder See OSCILLATOR PADDER. 

padding capacitor See OSCILLATOR PADDER. 

padding character Ina digital communications sys- 
tem, a character that is inserted solely for the pur- 
pose of consuming time while no meaningful 
characters are sent. The insertion of such charac- 
ters maintains the synchronization of the system. 

paddle-handle switch A toggle switch the lever of 
which is a flattened rod. Compare BAT-HANDLE 
SWITCH, ROCKER SWITCH, and SLIDE SWITCH. 

PADT Abbreviation of POST-ALLOY-DIFFUSED 
TRANSISTOR. 
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page A display of text data on a computer display 
that completely fills the screen. 

page printer A computer peripheral that prints a 
message in lines on a page, according to an es- 
tablished format, rather than in a single line. 

pager 1. A public-address system used for sum- 
moning purposes. 2. See BEEPER, 2. 

page turning The successive display of pages (see 
PAGE). 

pair 1.Two wires, especially two insulated conduc- 
tors in a cable. 2. A set of two particles or charge 
carriers (e.g., electron-hole pair). 3. A set of two 
transistors or vacuum tubes, operating together 
in push-pull or parallel in a power amplifier. 

paired cable A cable consisting of separate twisted 
pairs of conducting wires. 

paleomagnetism The study of certain rocks and 
minerals to determine the nature of the earth’s 
magnetic field at the time the rocks were formed. 
When the age of the rock is determined by means 
of radioactive dating, and numerous rock sam- 
ples are found covering many different eras, the 
nature of the earth’s magnetic field can be 
graphed over time. 

palladium Symbol, Pd. A metallic element of the 
platinum group. Atomic number, 46. Atomic 
weight, 106.42. 

palletizing In industrial robots, the automatic 
placing of objects in a tray according to a com- 
puter program. 

Palm See HANDHELD COMPUTER. 

Palmer scan In radar, a method of simultaneously 
scanning the azimuth and the elevation. 

PalmPilot See HANDHELD COMPUTER. 

palmtop computer See HANDHELD COMPUTER. 

PAM Abbreviation of PULSE-AMPLITUDE MODU- 
LATION. 

Pan In radiotelephony, a spoken word indicating 
that an urgent message is to follow. It is equiva- 
lent to the XXX of radiotelegraphy. 

pan 1. To make a panoramic sweep [e.g., to sweep 
a wide area with a beam (as from an antenna), or 
to sweep a wide band of frequencies with a suit- 
able tuning circuit]. 2. A panoramic sweep made 
as defined in 1. 3. In audio engineering, to grad- 
ually shift from one audio channel to another or 
from one reproducer to another. 

pan and tilt 1. An azimuth-elevation mounting for 
a television camera. 2. The simultaneous move- 
ment of a television camera in the vertical and 
horizontal directions. 

pancake coil See DISK WINDING. 

panel A flat surface on which are mounted the con- 
trols and indicators of an equipment, for easy ac- 
cess to the operator. 

panel lamp 1. See ELECTROLUMINESCENT 
PANEL. 2. See PANEL LIGHT. 

panel light A pilot light for illuminating the front 
panel of a piece of equipment. 

panel meter A usually small meter for mounting 
on, or through an opening in, a panel. 


de 
Gy 


5059P=pP=510=565 


4/10/01 9:32 AM Page 512 


512 panic button + parallel capacitors 


panic button In a security system, a button or 
switch that immediately triggers an alarm when it 
is closed. 

panoramic adapter An external device that can be 
connected to a receiver to sweep a frequency 
band and indicate carriers on the air as pips on a 
screen at the corresponding frequency points. 
Also called pan adapter. 

panoramic display 1. A wide-angle display. 2. A 
spectrum-analyzer display that shows a wide 
range of frequencies, from zero to well above the 
maximum frequency in the monitored system. 

panoramic radar An omnidirectional radar (i.e., 
one that transmits wide-beam signals in all direc- 
tions without scanning). 

panoramic receiver A receiver that displays pips 
on a screen to show carriers on the air in a given 
frequency band. All frequencies in the band are 
presented along the horizontal axis of the screen. 

panpot A potentiometer with which panning can 
be achieved (see PAN, 3). 

pan-range A form of radar display in which target 
motion can be ascertained. 

pantography The transmission of radar information 
to a distant location for observation or recording. 

Papa Phonetic alphabet code word for the letter P. 

paper advance mechanism In a data-processing 
system, the part of a printer that moves (some- 
times by computer control) the paper through the 
printer. 

paper capacitor A component that is made by 
placing paper, soaked with mineral oil, between 
two strips of foil. The assembly is rolled up, and 
wire leads are attached to the two pieces of foil. 
Finally, the rolled-up foil and paper are enclosed 
in a cylindrical case. These components are 
sometimes found in radio-frequency (RF) elec- 
tronic equipment. They have values ranging from 
about 0.001 microfarads (uF) to 0.1 uF, and can 
handle low to moderate voltages, usually up to 
about 1000 volts. Compare CERAMIC CAPACI- 
TOR, ELECTROLYTIC CAPACITOR, MICA 
CAPACITOR, PLASTIC-FILM CAPACITOR, 
TANTALUM CAPACITOR. 

PAR Abbreviation of PRECISION 
RADAR. 

par Abbreviation of PARALLEL. 

parabola A plane curve that is the locus of points 
that are equidistant from a fixed point (the focus) 
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and a fixed straight line (the directrix). In the 
Cartesian xy-plane, the general equation is y = 
ax2 + b, where a and b are constants. 

parabola control See VERTICAL-AMPLITUDE 
CONTROL, 2. 

parabola generator A circuit for generating a 
parabolic-waveform signal. 

parabolic microphone A directional microphone 
mounted at the principal focus of a parabolic 
sound reflector; the front of the microphone faces 
the inside of the parabola. It is useful for detect- 
ing sounds from great distances. 

parabolic reflector Also called paraboloidal reflec- 
tor. A reflector having the shape of a paraboloid. 
It is particularly useful for focusing or directing 
radiation. For example, if a radiator, such as an 
antenna rod, is placed at the focus of the 
paraboloid, a beam of parallel rays will be emitted 
by the reflector. 

paraboloid The surface generated by a PARABOLA 
rotated about its axis of symmetry. 

paraffin A relatively inexpensive, easily available, 
solid, white petroleum wax. At one time, it was 
used to impregnate capacitors and coils and to 
waterproof paper used for insulating purposes. 

parallax The apparent shift in the position of a rel- 
atively nearby object when the observer moves or 
alternately blinks either eye. Thus, a pointer-type 
meter will seem to give different readings when 
viewed from different angles. Some meters have 
mirrored scales to eliminate this effect. 

parallel 1. Pertaining to the type of operation in a 
computer when all elements in an information 
item (e.g., bits in a word) are acted upon simulta- 
neously, rather than serially (one at a time). 
2. The condition in which two comparably sized 
objects or figures are equidistant at all facing 
points. 3. Pertaining to the shunt connection of 
components or circuits. 

parallel access In computer operations, inputting 
or outputting data to or from storage in whole el- 
ements of information items (a word, rather than 
a bit at a time, for example). 

parallel adder In a computer or calculator, an 
adder in which corresponding digits in multibit 
numbers are added simultaneously. Also see 
PARALLEL, 1. 

parallel antenna tuning Antenna-feeder tuning in 
which the tuning capacitor is connected in paral- 
lel with the two feeder wires. Compare SERIES 
ANTENNA TUNING. 

parallel arithmetic unit See PARALLEL ADDER. 

parallel capacitance 1. A capacitance connected 
in parallel (shunt) with some other component. 
2. The capacitance between the turns of a coil. 
Also see DISTRIBUTED CAPACITANCE. 

parallel capacitors Two or more capacitors con- 
nected in parallel (Shunt) with each other. The 
total capacitance is equal to the sum of the 
individual capacitances. Also see PARALLEL 
CIRCUIT. 
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parallel circuit A circuit in which the components 
are connected across each other (i.e., so that the 
circuit segment could be drawn showing compo- 
nent leads bridging common conductors as rungs 
would across a ladder). Compare SERIES CIR- 
CUIT. 

parallel-component amplifier An amplifier stage 
in which the active devices (transistors or vac- 
uum tubes) are connected in parallel with each 
other for increased power output. Also see PAR- 
ALLEL CIRCUIT. 

parallel-component oscillator An oscillator stage 
in which transistors are connected in parallel 
with each other for increased power output. Also 
see PARALLEL CIRCUIT. 

parallel computer A computer equipped to handle 
more than one program at a time, but not 
through the use of multiple programming or 
time-sharing. 

parallel-cut crystal See Y-CUT CRYSTAL. 

parallel-diode half-wave rectifier See PARALLEL 
LIMITER. 

parallel-fed amplifier An amplifier circuit in which 
the direct-current operating voltage is applied in 
parallel with the alternating-current output volt- 
age. Also see PARALLEL FEED. 

parallel-fed oscillator An oscillator circuit in 
which the direct-current operating voltage is ap- 
plied in parallel with the alternating-current out- 
put voltage. Also see PARALLEL FEED. 

parallel feed 1. The presentation of parallel alter- 
nating-current (ac) and direct-current (dc) volt- 
ages to a device. 2. The presentation of a dc 
operating voltage in parallel with the ac output 
voltage of a device (as in a parallel-fed amplifier or 
oscillator). Also see SHUNT FEED. 

parallel gap welding A welding technique using 
two electrodes separated by a gap. 

parallel gate circuit 1. A gate circuit using two 
bipolar transistors with parallel-connected collec- 
tors and emitters, and a common collector resis- 
tor. The input signal is applied to one base, and 
the control signal to the other. 2. A gate circuit 
using two field-effect transistors with parallel- 
connected drains and sources, and a common 
drain resistor. The input signal is applied to one 
gate, and the control signal to the other. 

parallel inductance An inductance connected in 
parallel (shunt) with some other component. 

parallel inductors Inductors connected in parallel 
and separated or oriented to minimize the effects 
of mutual inductance. Also see PARALLEL CIR- 
CUIT. 

parallel inverse feedback In a single-ended audio 
amplifier circuit, a simple system for obtaining 
negative feedback: A high resistance is connected 
from the output-transistor collector or drain to 
the driver-transistor collector or drain. 

parallel limiter A limiter (clipper) circuit in which 
the diode is in parallel with the signal. Compare 
SERIES LIMITER. 
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parallel-line tuning At ultra-high frequencies 
(UHF) and microwave frequencies, the use of two 
parallel wires or rods for tuning. A straight short- 
circuiting bar is slid along the wires to accom- 
plish tuning. 

parallelogram A two-dimensional geometric figure 
that has four sides. Opposite pairs of sides are par- 
allel. Opposite interior angles have equal measure. 


parallelogram 


parallelogram of vectors A graphic device for find- 
ing the sum of two vectors. A parallelogram is 
constructed for which the two vectors are adja- 
cent sides. The sum of the vectors is represented 
by the diagonal of the parallelogram. 

parallel operation In computer operations, the si- 
multaneous transmission of all bits in a multibit 
word over individual lines, as compared with the 
serial transmission of a word bit by bit. 
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parallel output A digital output consisting of two 
or more lines, all of which carry data at the same 
time. 

parallel processing In computer operations, the 
simultaneous processing of several different pro- 
grams through separate channels. Compare 
SERIAL PROCESSING. 

parallel Q Symbol, Q,. The figure of merit of a par- 
allel circuit of inductance, capacitance, and resis- 
tance. 

parallel resistance 1. A resistance connected in 
parallel (shunt) with some other component. 
2. The resistance between the plates of a capacitor. 
3. The resistance across a coil. 

parallel resistors Resistors connected in parallel. 
If the individual resistances are represented by 
Ri, Ro R3, ..., Rn, then total resistance R; is 
equal to 1/(1/R; + 1/Ro+1/R3+...+1/R,). Also 
see PARALLEL CIRCUTT. 

parallel resonance Resonance in a circuit consist- 
ing of a capacitor, inductor, and alternating- 
current source connected in parallel. At the 
resonant frequency, the inductive reactance is 
equal in magnitude, but opposite in effect, to the 
capacitive reactance. The capacitor current and 
inductor current are maximum, the line current 
is minimum, and the circuit impedance is maxi- 
mum. Compare SERIES RESONANCE. 

parallel-resonant circuit A resonant circuit in 
which the capacitor, inductor, and alternating- 
current source are connected in parallel. Com- 
pare SERIES-RESONANT CIRCUIT. 

parallel-resonant trap A wavetrap consisting of a 
parallel-resonant inductance-capacitance (LC) 
circuit. Compare SERIES-RESONANT TRAP. 


parallel-resonant trap 


parallel-resonant PARALLEL- 
RESONANT TRAP. 

parallel-rod oscillator An ultra-high-frequency 
(UHF) oscillator tuned by means of two straight, 
parallel quarter- or half-wave rods, one rod con- 
nected to the base or gate of a transistor, and the 
other rod connected to the collector or drain. 

parallel-rod tuning Adjustment of the resonant fre- 
quency of a section of open-wire transmission line. 
A movable shorting bar allows quarter-wave reso- 
nance. The impedance at resonance is very high. 


wavetrap See 
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parallel-series Also called series-parallel. Pertain- 
ing to an arrangement of components, usually 
similar (e.g., resistances), consisting of parallel 
circuits connected in series with each other, or of 
series circuits connected in parallel with each 
other. Usually, the component values or ratings 
are all identical, so currents and/or voltages are 
equally shared among them. Also see PARALLEL 
CIRCUIT and SERIES CIRCUIT. 

parallel-series capacitors Capacitors connected 
in PARALLEL-SERIES, usually to obtain higher 
voltage and/or current ratings than an individual 
capacitor can provide. 

parallel-series inductors Inductors connected in 
PARALLEL-SERIES and separated or oriented to 
minimize the effects of mutual inductance. 

parallel-series resistors Resistors connected in 
PARALLEL-SERIES, usually to obtain a higher 
power rating than an individual resistor can pro- 
vide. 

parallel storage In a computer, storage in which 
all information items can be made available in the 
same amount of time. 

parallel-tee amplifier A bandpass amplifier hav- 
ing a parallel-tee network in its negative-feedback 
path. The null frequency of the network deter- 
mines the pass frequency of the amplifier. 

parallel-tee measuring circuit A parallel-tee net- 
work used for measuring circuit constants. Also 
called TWIN-TEE MEASURING CIRCUIT. 

parallel-tee network A resistance-capacitance 
(RC) network containing two tee sections (with R 
and C elements opposite in the tees) connected in 
parallel. The network produces a null at one fre- 
quency. Also called TWIN-T NETWORK. 

parallel-tee oscillator A resistance-capacitance 
tuned oscillator having a parallel-tee network in 
its negative-feedback path. The null frequency of 
the network determines the oscillator frequency. 

parallel transfer A form of digital information 
transfer, consisting of two or more lines that 
carry data at the same time. 

parallel-wire line A transmission line consisting of 
two parallel wires whose separation is kept 
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constant by dielectric rods (open-wire line) or a 
solid dielectric web (ribbon line). 

parallel-wire tank In an ultra-high-frequency 
(UHF) amplifier or oscillator, a resonant circuit 
consisting of two separate parallel wires con- 
nected to the transistor(s) or tube(s) at one end, 
and short-circuited or tuned at the other end. 

paramagnet A paramagnetic substance (see PARA- 
MAGNETISM). Compare DIAMAGNET. 

paramagnetic Possessing PARAMAGNETISM. 
Compare DIAMAGNETISM. 

paramagnetism The state of having a magnetic 
permeability slightly greater than 1. Compare 
DIAMAGNETISM. 

parameter 1. An operating value, constant, or co- 
efficient that can be either a dependent or an in- 
dependent variable (e.g., a transistor-electrode 
current or voltage). 2. The ratio of one coefficient 
to another, where both are either fixed or variable 
(e.g., transconductance of a vacuum tube). 

parameter word In a computer memory, a place 
having a capacity of a word (bit group) in which is 
stored a parameter for a program. 

parametric amplifier A radio-frequency power 
amplifier based on the action of a voltage-variable 
capacitor in a tuned circuit. 

parametric amplifier diode See VARACTOR. 

parametric converter A frequency converter in 
which a parametric device, such as a varactor, is 
used to change a signal of one frequency to a sig- 
nal of another frequency. Also see PARAMETRIC 
DOWN-CONVERTER and PARAMETRIC UP- 
CONVERTER. 

parametric diode A variable-capacitance diode 
(see VOLTAGE-VARIABLE CAPACITOR, 1). 

parametric down-converter A parametric con- 
verter in which the output signal is of a lower 
frequency than the input signal. Compare 
PARAMETRIC UP-CONVERTER. 

parametric equalizer A set of audio filters similar 
to a GRAPHIC EQUALIZER, except that the cen- 
ter frequencies are adjustable, rather than fixed. 
The center frequencies are selected by the opera- 
tor; then the attenuation level (in decibels) is set 
for each frequency. It is used in audio recording 
studios. 

parametric modulation Modulation in which ei- 
ther the inductance or capacitance of a tank cir- 
cuit or coupling device is varied at the 
modulation frequency. 

parametric oscillator An oscillator that generates 
visible light energy by means of a parametric am- 
plifier and a tunable cavity. 

parametric up-converter A parametric converter 
in which the output signal is of a higher fre- 
quency than the input signal. Compare PARA- 
METRIC DOWN-CONVERTER. 

parametron See PHASE-LOCKED OSCILLATOR. 

paramistor A device consisting of several digital 
circuit elements that use parametric oscillators. 

paramp Abbreviation of PARAMETRIC AMPLIFIER. 


parallel-wire line + parasitic capacitance 515 


paraphase inverter A single-transistor phase in- 
verter in which the two out-of-phase output sig- 
nals are obtained by taking one output from the 
collector or drain, and the other output from 
the emitter or source. Thus, the 180-degree 
phase difference between collector/drain and 
emitter/source is exploited. 


+12V 


Out X 


In 


Out Y 
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parasitic See PARASITIC OSCILLATION. 

parasitic antenna See PARASITIC ARRAY, PARA- 
SITIC ELEMENT. 

parasitic array Any of several types of directional 
antenna employing parasitic elements, some- 
times in combination with phasing, to obtain di- 
rectivity and gain. Common examples include the 
Yagi and quad. Arrays with numerous parasitic 
elements (usually directors) can produce up- 
wards of 15 dBd forward gain. When several 
high-gain arrays are phased, the realizable 
gain becomes greater still. Two-element, three- 
element, and four-element arrays are common 
below 30 MHz. At very-high and ultra-high fre- 
quencies, especially above 100 MHz, bays of an- 
tennas of this type are used in satellite 
communications and radio astronomy. See PAR- 
ASITIC ELEMENT, QUAD ANTENNA, YAGI AN- 
TENNA. 

parasitic capacitance Stray capacitance. It can be 
internal or external to a circuit and can introduce 
undesirable coupling or bypassing. 
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parasitic choke A small radio-frequency choke 
coil (with or without a shunting resistor) that 
suppresses or eliminates parasitic oscillation in a 
power amplifier. 

parasitic director In a multielement directional 
antenna, a parasitic element acting as a director; 
usually, itis a few percent shorter than the driven 
element. 

parasitic element An electrical conductor that 
comprises an important part of an antenna sys- 
tem, but that is not directly connected to the feed 
line. Such elements are used for the purpose of 
obtaining directivity and power gain. They oper- 
ate via electromagnetic coupling to the driven el- 
ement(s). The principle of operation was first 
discovered by the Japanese engineers Yagi and 
Uda, who observed that antenna elements paral- 
lel to a driven element but not connected to any- 
thing, at a specific distance from the driven 
element, and having a certain length, cause the 
radiation pattern to show gain in one direction 
and loss in the opposite direction. See DRIVEN 
ELEMENT, PARASITIC ARRAY, PARASITIC DI- 
RECTOR, PARASITIC REFLECTOR. 

parasitic-element directive antenna See PARA- 
SITIC ARRAY. 

parasitic eliminator See PARASITIC SUPPRES- 
SOR. 

parasitic excitation Excitation of a beam-antenna 
element without a direct connection to the trans- 
mitter. Thus, a director or reflector element can 
be excited by the field of the radiator element. 

parasitic inductance Stray inductance (e.g., the 
internal inductance of a wirewound resistor). 

parasitic oscillation Extraneous, useless oscilla- 
tion present as a fault in an electronic circuit, 
particularly a radio-frequency power amplifier. 

parasitic reflector In a multielement beam an- 
tenna, a parasitic element acting as a reflector; 
usually, it is a few percent longer than the driven 
element. 

parasitic resistance Stray resistance (e.g., the in- 
herent, internal resistance of a multilayer coil). 

parasitic suppressor A small resistor, coil, or par- 
allel combination of the two, connected in series 
with the plate or collector of a vacuum tube or 
transistor to eliminate parasitic oscillations in a 
radio-frequency power amplifier. 

PARD Abbreviation of PERIODIC AND RANDOM 
DEVIATION. 

parity 1. At par (with respect to the even-or-odd 
state of the characters in a group). 2. Having the 
quality that the number of bits (or the number of 
similar bits) are even or odd, as intended. 

parity bit 1. In computer operations, a logic 1 
added to a group of bits so that the number of 1s 
in the group is, according to specification, even or 
odd. 2. In computer operations, a check bit that 
can be a logic 1 or O, depending on the parity (see 
PARITY, 1) of the total of 1s in the bit group being 
checked. 
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parity check A check of the integrity of data being 
transferred by adding the bits in, for example, a 
word, and then determining the parity bit needed 
and comparing that with the transmitted parity 
bit. 

parity error An error disclosed by a parity check. 

parity tree A digital device used to check parity. 

parsec Abbreviation, pc. The distance at which the 
mean radius of the earth’s orbit around the sun 
subtends an angle of 1 second of arc; 1 pc 
3.0857 x 10* kilometers or 3.2616 light years. 

part See CIRCUIT COMPONENT, 1. 

part failure The usually destructive breakdown of 
a circuit component. 

partial One of the frequencies in a complex musi- 
cal tone. It might be a harmonic of the funda- 
mental frequency, although this is not always the 
case. 

partial carry The temporary storage of some or all 
of the carry information in a digital calculation. 

particle 1. A tiny, discrete bit of matter. 2. A unit 
of matter smaller and lighter than an atom. See, 
for example, ANTIPARTICLE, ELECTRON, ME- 
SON, NEUTRETTO, NEUTRINO, NEUTRON, NU- 
CLEON, POSITRON, and PROTON. 

particle accelerator See ACCELERATOR, 1. 

particle theory of radiation In physics, a model 
that explains the nature of electromagnetic radia- 
tion (radio waves, infrared, visible light, ultravio- 
let, X rays, and gamma rays) in terms of discrete 
particles. Each particle, called a PHOTON, carries 
a certain amount of energy that depends on the 
wavelength of the radiation. 

particle velocity 1. The speed and direction of 
the particles from a source of atomic radiation. 
2. The speed and direction of the molecules in the 
medium of an acoustic disturbance. 

partitioning In computer operations, breaking 
down a large block of data into smaller blocks 
that can be better handled by the machine. 

parton model A model for atomic nuclei, in which 
protons and neutrons are made up of smaller 
particles called partons. Subparticles have been 
found, commonly called quarks. 

Pascal A high-level computer programming lan- 
guage, similar to BASIC or FORTRAN in struc- 
ture. It is used in some schools to teach computer 
programming. 

pascal Symbol, Pa. The SI (derived) unit of pres- 
sure; 1 Pa = 1 N/m? = 1.4503 x 10% Ib/in?. 

Paschen-Back effect See ZEEMAN EFFECT. 

Paschen’s law For a two-element, parallel-plate, 
gas-discharge tube, the plate-to-plate sparking 
potential is proportional to Pd, where Pis the gas 
pressure, and d is the distance between plates. 

pass amplifier A tuned amplifier having the re- 
sponse of a bandpass filter. Like the filter, the 
amplifier passes one frequency (or a narrow 
band of frequencies) readily while rejecting or 
attenuating others. Compare REJECT AMPLI- 
FIER. 
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passband The continuous spectrum of frequencies 
transmitted by a filter, amplifier, or similar de- 
vice. Compare STOPBAND. 

passband ripple Multiple low-amplitude attenua- 
tion variations within the passband of a filter or 
tuner, resulting in a ripple pattern on the nose of 
the response curve. 


Passband 
at 3 dB down 
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passivation The process of growing a thin oxide 
film on the surface of a planar semiconductor de- 
vice to protect the exposed junction(s) from con- 
tamination and short circuits. See, for example, 
PLANAR EPITAXIAL PASSIVATED TRANSISTOR 
and PLANAR TRANSISTOR. 

passive absorber A substance that reflects mini- 
mal sound energy. Examples include acoustical 
ceiling tile and thick carpeting. 

passive circuit A circuit consisting entirely of non- 
amplifying components, such as capacitors, re- 
sistors, inductors, and diodes. 

passive communications satellite A communica- 
tions satellite that reflects electromagnetic waves, 
but does not contain a transponder; that is, it 
does not receive and retransmit the signals. Also 
called passive comsat. Compare ACTIVE COM- 
MUNICATIONS SATELLITE. 

passive component A device that is basically 
static in operation (i.e., it is ordinarily incapable 
of amplification or oscillation and usually 
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requires no power for its characteristic opera- 
tion). Examples: conventional resistor, capacitor, 
inductor, diode, rectifier, and fuse. Compare AC- 
TIVE COMPONENT, 1. 

passive comsat See PASSIVE COMMUNICATIONS 
SATELLITE. 

passive decoder A decoder that responds to only 
one signal code, rejecting all others. 

passive detection In reconnaissance, detecting a 
target without betraying the location of the detec- 
tor. 

passive electric network See PASSIVE NET- 
WORK. 

passive frequency multiplier A frequency multi- 
plier that does not require a power supply, but 
operates only from the input signal energy. Usually 
consists of one or more semiconductor diodes, 
sometimes in conjunction with inductors and/or 
capacitors. The output signals appear at integral 
multiples of the input frequency. 


Tuned to harmonic 


Input Output 


passive frequency multiplier 


passive infrared sensor A device that detects in- 
frared directly, such as that given off by humans 
because of their body heat. It does not generate 
energy of any kind. It is used in some intrusion 
detection systems. 

passive mixer A signal mixer using only passive 
components (diodes, nonlinear resistors, and 
nonlinear reactances) (i.e., one without active 
components, such as transistors). Passive mix- 
ers introduce some loss. Compare ACTIVE 
MIXER. 

passive modulator A modulator using only pas- 
sive components (diodes, nonlinear resistors, and 
nonlinear reactances) (i.e., one without active 
components, such as transistors). Passive modu- 
lators introduce some loss. Compare ACTIVE 
MODULATOR. 

passive network A network composed entirely of 
passive components (i.e., one containing no gen- 
erators and providing no amplification). 

passive radiator See DRONE CONE. 

passive reflector A metal surface used to reflect 
electromagnetic energy at ultra-high and mi- 
crowave frequencies. 
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passive transponder A device that allows a ma- 
chine, such as a computer or robot, to identify an 
object. A bar-code reader is a common example. 
Magnetic labels, such as those on credit cards 
and bank cash cards, are another example. It is 
so named because it does not transmit data; it re- 
quires a sensor for data detection. 

password As a security device in computer opera- 
tions, a group of characters upon whose presen- 
tation to the system via a terminal the user is 
allowed access to memory or control of informa- 
tion. 

password retry limitation A security feature that 
prevents hackers from making repeated guesses 
at passwords in an attempt to break into a com- 
puter, network, or database. If more than three 
unsuccessful entries are made in succession, for 
example, the system will not accept further ac- 
cess attempts for a certain preprogrammed 
length of time, say 1 hour. 

paste In “dry” batteries and electrolytic capacitors, 
a gelatinous electrolyte. 

patch 1.Atemporary signal path, as between a ra- 
dio receiver and a telephone or, conversely, be- 
tween a telephone line and a radio transmitter. 
2. To make quick, usually temporary connections, 
as with a patch cord. 3. Instructions entered by 
an unconditional branch to a computer program 
for the purpose of correction. 

patch bay 1. See PATCH PANEL. 2. A set of patch 
panels. 

patch cord A flexible line of one or more conduc- 
tors with a jack or connector at each end, used to 
interconnect (patch) circuit points exposed for the 
purpose on a panel or breadboard. 

Patchett tone control A dual tone-control circuit 
using a variable series resistance-capacitance 
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(RC) filter for treble boost, and a variable shunt 
RC filter for bass boost. The input signal is ap- 
plied in parallel to both filters. The outputs are 
combined in an audio mixer. 

patching The interconnection of two or more signal 
media or lines. 

patch panel A panel on which the terminals of a 
system are accessible for interconnection, tests, 
etc. It is used especially in high-fidelity audio 
recording systems. It was once commonly used in 
manual telephone-switching applications. 

patch up 1. To replace faulty or damaged parts in 
an electronic system with roughly appropriate 
surrogates to restore operation quickly (usually 
under emergency conditions). Also see DOCTOR. 
2. To wire a circuit quickly using patch cords for 
preliminary test and evaluation. 

patent 1. A document awarded by a government 
body, giving to an inventor the exclusive right to 
exploit an invention for a specified number of 
years. Formally called letters patent. 2. The 
monopoly granted by a document, as defined 
in 1. 

path 1. The route over which current flows. 2. In 
radio and navigation, the imaginary line extend- 
ing directly between transmitter and receiver (or 
target). 3. In a computer program, the logical or- 
der of instructions. 

pathometer A form of lie detector that indicates 
changes in the electrical resistance of the human 
body. 

pattern 1. An established sequence of steps in a 
process. 2. An arrangement of terms in a matrix. 
3. The graphical representation of a varying 
quantity (e.g., an alternating-current wave pat- 
tern). 4. The image on the screen of an oscillo- 
scope, or the record traced by an oscillograph. 
5. The graphic polar representation of the radiation 
field of an antenna. 6. The arrangement of bits in 
a word or field. 

pattern recognition In machine-vision systems, a 
method of identifying an object or decoding data 
according to geometric shape. Optical character 
recognition (OCR) is an example. The machine 
recognizes combinations of shapes, and deduces 
their meanings via a computer program. 

pause editing In the editing of audio tape record- 
ings, the use of a “pause” switch to temporarily 
stop the tape when necessary. 

PAV Abbreviation of PHASE-ANGLE VOLTMETER. 

pawl Ina mechanical stepping device, as in a non- 
electric clock, a device made to engage the sloping 
sprockets on a wheel to ensure shaft rotation in 
one direction only. 

PAX Abbreviation of PRIVATE AUTOMATIC EX- 
CHANGE. 

pay-per-view Abbreviation, PPV. Television service 
in which each subscriber pays only for individu- 
ally selected programs. 

pay TV See SUBSCRIPTION TV. 

Pb Symbol for LEAD. 
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P band Aradio-frequency band extending from 225 
to 390 MHz. 

PBX Abbreviation of PRIVATE BRANCH EX- 
CHANGE. 

PC 1. Abbreviation of PERSONAL COMPUTER. 
2. Abbreviation of PRINTED CIRCUIT. 3. Abbrevia- 
tion of PHOTOCELL. 4. Abbreviation of POSITIVE 
COLUMN. 5. Abbreviation of POINT-CONTACT. 
6. Abbreviation of PERCENT (also, pct.). 7. Ab- 
breviation of PROGRAM COUNTER. 

pc 1. Abbreviation of PICOCOULOMB. Also, pC 
(preferred). 2. Abbreviation of PICOCURIE. Also, 
pCi (preferred). 3. Abbreviation of PARSEC. 

pC Abbreviation for PPCOCOULOMB. 

PCB Abbreviation of PRINTED-CIRCUIT BOARD. 

PC board See PRINTED-CIRCUIT BOARD. 

PC diode See POINT-CONTACT DIODE. 

p-channel JFET See P-CHANNEL JUNCTION 
FIELD-EFFECT TRANSISTOR. 

p-channel junction field-effect transistor Abbre- 
viation, PFET. A junction-type FET in which 
the gate junction has been formed on a bar or 
die of p-type semiconductor material. Compare 
N-CHANNEL JUNCTION FIELD-EFFECT TRAN- 
SISTOR. 

p-channel MOSFET A metal-oxide semiconductor 
field-effect transistor in which the channel is 
composed of p-type silicon. Also see DEPLETION- 
TYPE MOSFET, DEPLETION-ENHANCEMENT- 
TYPE MOSFET, and ENHANCEMENT-TYPE 
MOSFET. 

pCi Symbol for PICOCURIE. 

PCL Abbreviation of PRINTED-CIRCUIT LAMP. 

PCM Abbreviation of PULSE-CODE MODULATION. 

PCM-FM Pertaining to a carrier that is frequency 
modulated by information that is pulse-code 
modulated. Also see FREQUENCY MODULATION 
and PULSE-CODE MODULATION. 

PCM-FM-FM Pertaining to a carrier that is fre- 
quency modulated by one or more subcarriers 
that are frequency modulated by information that 
is pulse-code modulated. Also see FREQUENCY 
MODULATION and PULSE-CODE MODULATION. 

PCM level In a pulse-code-modulated signal, one 
of several different possible signal conditions. 

PCM-PM Pulse-code modulation that is accom- 
plished by varying the phase of the carrier wave. 

PC relay See PRINTED-CIRCUIT RELAY. 

PCS Abbreviation for PERSONAL COMMUNICA- 
TION SERVICE. 

PC transistor See POINT-CONTACT TRANSISTOR. 

PD 1. Abbreviation of PLATE DISSIPATION. 2. Ab- 
breviation of PULSE DURATION. 3. Abbreviation 
of PROXIMITY DETECTOR. 4. Abbreviation of 
POTENTIAL DIFFERENCE. 

Pd Symbol for PALLADIUM. 

PDA Abbreviation for personal digital assistant. See 
HANDHELD COMPUTER. 

PDAS Abbreviation of programmable data acquisi- 
tion system. 

P display See PLAN POSITION INDICATOR. 
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PDM Abbreviation of PULSE-DURATION MODULA- 
TION. 

PDM-FM Pertaining to a carrier that is frequency 
modulated by one or more subcarriers that are 
frequency modulated by pulses that are pulse- 
duration modulated. Also see FREQUENCY 
MODULATION and PULSE-DURATION MODULA- 
TION. 

PDM-FM-FM Pertaining to a carrier that is fre- 
quency modulated by one or more subcarriers 
that are frequency modulated by pulses that are 
pulse-duration modulated. Also see FREQUENCY 
MODULATION and PULSE-DURATION MODULA- 
TION. 

PDM-PM Pertaining to a carrier that is phase mod- 
ulated by pulse-duration-modulated information. 
Also see PHASE MODULATION and PULSE- 
DURATION MODULATION. 

PDT Abbreviation of PACIFIC DAYLIGHT TIME. 

PDVM Abbreviation of PRINTING DIGITAL VOLT- 
METER. 

PE 1. Abbreviation of POTENTIAL ENERGY. 2. Ab- 
breviation of PROFESSIONAL ENGINEER. 3. Ab- 
breviation of PROBABLE ERROR. 

peak 1. The maximum value of a quantity. 2. In an 
alternating-current cycle, the maximum positive 
or negative current or voltage point. 3. The fre- 
quency at which the transmission by a bandpass 
circuit or device is maximum (attenuation is 
minimum), evidenced by a maximum in the 
frequency-response curve. 

peak amplitude 1. The maximum positive or neg- 
ative current or voltage of a wave. 2. The maxi- 
mum instantaneous power of a signal. 

peak anode (plate) current The maximum instan- 
taneous current flowing in the anode (plate) cir- 
cuit of a vacuum tube. 

peak anode (plate) voltage The maximum instan- 
taneous voltage applied to the anode (plate) of a 
vacuum tube. 

peak chopper See PEAK CLIPPER. 

peak current Abbreviation, lp. The highest value 
reached by an alternating-current half-cycle or a 
current pulse. Also called MAXIMUM CURRENT. 

peak detector See PEAK PROBE. 

peak distortion 1. The maximum instantaneous 
distortion in a signal, generally expressed as a 
percentage. 2. Distortion of a modulated signal at 
envelope peaks. 

peaked sawtooth A wave composed of a sawtooth 
and peaking-pulse components. The deflection 
voltage of a magnetic-deflection cathode-ray tube 
requires this waveform to produce a current saw- 
tooth in the deflecting coils. 

peaked waveform An alternating-current wave- 
form having nearly pointed positive and negative 
half-cycles. Such a wave contains appreciable 
third-harmonic energy. 

peak envelope power Abbreviation, PEP. For a lin- 
ear radio-frequency (RF) power amplifier han- 
dling a modulated signal, the average RF output 
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power during a single RF cycle at the highest 
peak of the modulation envelope. 

peaker 1. See PEAK FILTER. 2. See PEAKING 
TRANSFORMER. 

peaker-notcher See NOTCHER-PEAKER. 

peak factor For an alternating-current wave, the 
ratio Em/Erms OY Im/ Ims. where Emis the maximum 
voltage, Ems is the effective (root-mean-square) 
voltage, Imis the maximum current, and I,m, is the 
effective current. 

peak filter A frequency-selective circuit, such as a 
bandpass filter, for producing a peak response 
(see PEAK, 3). 

peak inductor current In a switching regulator, 
the maximum instantaneous current through the 
inductor when the device is switching at its fully 
rated duty cycle. 

peaking The adjustment of a control or device for 
maximum indication on a meter or other display. 

peaking coil A small inductor used to compensate 
the frequency response of a circuit, such as a 
video amplifier or video detector. Both series and 
shunt peaking coils are used. 

peaking transformer A transformer whose output 
waveform is sharply peaked (of short duration, 
with respect to a cycle). The effect is obtained by 
means of a special core that, because it contains 
little iron, saturates easily. 

peak inverse voltage Abbreviation, PIV. Often 
used interchangeably with the term PEAK RE- 
VERSE VOLTAGE. 1. The peak value of the volt- 
age applied to a rectifier diode in the reverse 
direction. 2. The maximum value of reverse volt- 
age that a rectifier diode will tolerate according to 
its specifications. 

peak level lamp In audio recording and reproduc- 
tion, a bulb or light-emitting diode (LED) that 
illuminates when sound peaks exceed a 
predetermined amplitude. 

peak limiting 1. A method of limiting the maxi- 
mum amplitude of a signal. When the instanta- 
neous peak amplitude, either positive or negative, 
exceeds a certain value, the output is clipped at 
that value. 2. In pulse-code modulation, the ef- 
fect resulting from the application of an input sig- 
nal in excess of the virtual decision value. 

peak modulated power In an amplitude- 
modulated wave, the maximum instantaneous 
signal power (including the carrier and 
sidebands). In 100-percent sinusoidal modulation, 
the peak modulated power is four times the un- 
modulated carrier power. 
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peak point The highest current point in the cur- 
rent-voltage response curve of a tunnel diode. 
Immediately beyond this point, the current 
decreases as the applied voltage is increased, 
indicating a negative-resistance region. Compare 
VALLEY POINT. 

peak power 1. Symbol, P,. Unit, watt. Alternating- 
current power that is the product of the peak volt- 
age (Ep) and the peak current (1,). For E, in volts 
and I, in amperes, the peak power in watts is 
given by P, = Epl,. 2. The highest output power 
that an amplifier or device can produce without 
excessive distortion. 3. The maximum instanta- 
neous power that a speaker can handle without 
risk of damage. 

peak probe A voltmeter test probe containing a 
diode circuit whose direct-current output voltage 
is close to the peak value of the applied alternat- 
ing-current test voltage. 

peak recurrent forward current For a semicon- 
ductor diode, the maximum repetitive instanta- 
neous forward current as measured under 
specified conditions of operation. 

peak reverse voltage Abbreviation, PRV. In semi- 
conductor operations, the peak value of the volt- 
age applied in reverse polarity across the 
junction. It is often used interchangeably with the 
term PEAK INVERSE VOLTAGE. 

peak signal level The maximum instantaneous 
signal power or voltage specified for particular op- 
erating conditions. 

peak-to-peak Abbreviations, p-p or pk-pk. For an 
alternating-current waveform, pertaining to the 
arithmetic difference between the positive peak 
and negative peak values of current or voltage. 

peak-to-peak probe A voltmeter test probe con- 
taining a diode circuit whose direct-current out- 
put voltage is close to the peak-to-peak value of 
the applied alternating-current test voltage. 

peak-to-peak voltage The arithmetic sum of posi- 
tive and negative peak voltages in an alternating- 
current (ac) wave. Thus, a symmetrical sine-wave 
ac voltage of 115.0 V rms has a peak value of 
162.63 V and a peak-to-peak value of 325.3 V. 
Also see PEAK VOLTAGE. 
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peak torque Symbol, T,. For a torque motor, the 
maximum useful torque at maximum recom- 
mended input current. 

peak voltage Abbreviation, E,. The highest value 
reached by an alternating-current voltage half cy- 
cle, or by a voltage pulse. Also called MAXIMUM 
VOLTAGE. 

peak voltmeter 1. An alternating-current (ac) volt- 
meter that responds to the peak value of the ap- 
plied voltage. 2. An ac voltmeter that responds to 
the average value of the applied voltage—even 
though its scale reads in peak volts. 

pea lamp A miniature incandescent bulb, some- 
times used as a control-panel or meter light. 

PEC Abbreviation of PHOTOELECTRIC CELL. 

pedestal See BLANKING PEDESTAL. 

pedestal level See BLANKING LEVEL. 

pel See PIXEL. 

Peltier effect A drop below ambient temperature 
at the junction between two dissimilar metals 
when an electric current is passed through the 
junction. 

PEM Abbreviation of photoelectromagnetic. 

pen-and-ink recorder A graphic recorder in which 
a fountain-pen-type stylus inscribes an ink line 
on a paper chart. Also called pen recorder. 
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pencil 1. A beam of electrons or other particles or 
rays that either converges to, or diverges from, a 
specific point. 2. A pair of geometric entities shar- 
ing a property (e.g., lines intersecting at a single 
point). 

pendulum switch A device that closes a circuit 
when subjected to physical shock. One type con- 
sists of a dangling element resembling a pendu- 
lum, with one or more nearby contacts. 

penetrating frequency For a particular layer of 
the ionosphere, the lowest high frequency at 
which a vertically propagated wave penetrates the 
layer (i.e., it is not reflected back to earth). Also 
called CRITICAL FREQUENCY. 

penetrating radiation lonizing radiation that 
passes through otherwise opaque materials. A 
relative term; low-energy X rays are less penetrat- 
ing than high-energy X rays, which, in turn, are 
less penetrating than gamma rays. 

penetrating rays See COSMIC RAYS. 

penetration depth See DEPTH OF PENETRATION. 

pent Abbreviation of PENTODE. 

pentavalent element An element whose atoms 
have five valence electrons (e.g., antimony or ar- 
senic). 

pentode A five-electrode vacuum tube in which the 
electrodes are an anode, cathode, control grid, 
screen grid, and suppressor grid. 

pentode field-effect transistor A field-effect tran- 
sistor with three separate gates. 

pentode transistor A bipolar transistor with three 
emitters. 
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penumbra 1. That part of a shadow in which the 
light source is not fully obscured by the eclipsing 
object. 2. In a sunspot, the outer part of the spot; 
it is less dark than the inner portion. 

PEP 1. Abbreviation of PLANAR EPITAXIAL PASSI- 
VATED. 2. Abbreviation of PEAK ENVELOPE 
POWER. 

PEP diode See PLANAR EPITAXIAL PASSIVATED 
DIODE. 

PEP reading wattmeter A wattmeter that shows 
the peak envelope power output of a transmitter. 

PEP transistor See PLANAR EXPITAXIAL PASSI- 
VATED TRANSISTOR. 
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perceived level The level of a disturbance, partic- 
ularly sound, as sensed by a person. It is gener- 
ally expressed in decibels, with respect to a 
certain threshold value. The threshold is as- 
signed an intensity of O dB. 

percent An expression of a fraction, in terms of 
hundredths. A quantity of x percent indicates a 
fraction of x/100. Percent is usually abbreviated 
by the symbol %. 

percentage error The amount by which a mea- 
sured value differs from the true value, expressed 
as a percentage (the number of parts per 100 that 
the measurement is in error). 

percentage-modulation meter An instrument 
that provides direct readings of the modulation 
percentage of an amplitude-modulated signal. 
The meter scale or dial is graduated in incre- 
ments from O to somewhat more than 100 per- 
cent. 

percentage uncertainty The maximum possible 
error in a measurement, expressed as a percent- 
age of the measured value. Also see UNCER- 
TAINTY IN MEASUREMENT. 

percent distortion Symbol, %D. In the determina- 
tion of harmonic distortion, the total harmonic 
voltage expressed as a percentage of the funda- 
mental voltage, plus total harmonic voltage; %D = 
100E,,/E,, where E; is the total voltage of the har- 
monic components, and E; is the total signal volt- 
age (fundamental plus harmonics). 

percent modulation See MODULATION PER- 
CENTAGE. 

percent modulation meter See PERCENTAGE- 
MODULATION METER. 

percent ripple The amount of ripple voltage in the 
direct-current (dc) output of a rectifier or genera- 
tor, expressed as a percentage of the nominal dc 
output voltage. 

perfect crystal A crystal without defects or impu- 
rities. The atoms are arranged in a regular pat- 
tern with no faults. 

perforated board A plastic panel provided with a 
number of small holes in orderly columns and 
rows for the insertion of the pigtails of compo- 
nents, or of push-in terminals to facilitate quick 
assembly of prototype circuits. Also called perf- 
board. 

performance curve A curve depicting the behavior 
of a component or circuit under specified condi- 
tions of operation. Such a curve, for example, 
might display the variation of output power with 
input power, the variation of frequency with volt- 
age, etc. Compare CHARACTERISTIC CURVE. 

performance test A test made primarily to ascer- 
tain how a system behaves. The test is concerned 
with normal operation, whereas a diagnostic test 
is a troubleshooting procedure. Compare TROU- 
BLESHOOTING TEST. 

perigee 1. The point at which an earth-orbiting 
satellite attains its lowest altitude. It occurs once 
for every complete orbit. At this point, the satellite 
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travels faster than at any other point in the orbit. 
2. The altitude, measured from the earth's sur- 
face or the earth's center, of an earth-orbiting 
satellite at its closest approach. 

perihelion 1. The point at which a solar-orbiting 
satellite attains its lowest altitude. It occurs once 
for every complete orbit. At this point, the satel- 
lite travels faster than at any other point in the 
orbit. 2. The altitude, measured from the sun's 
surface or the sun's center, of a solar-orbiting 
satellite at its closest approach. 

perimeter protection The use of a security system 
to restrict or prevent access to a designated area, 
using sensors and/or barriers around the bound- 
aries of the area. 

period Symbol, T. Unit, second. The duration of a 
complete alternating-current cycle or of any 
cyclic event; T = 1/f, where f is the frequency 
in Hertz. Also see CYCLE, FREQUENCY, and 
HERTZ. 

periodic and random deviation Abbreviation, 
PARD. In the direct-current output of a rectifier, 
the combined PERIODIC DEVIATION, including 
ripple, noise, hum, and transient spikes. 

periodic curve A curve that repeats its shape in 
each period (e.g., a sine curve). 

periodic deviation Repetitive deviation of a quan- 
tity from its normal value (e.g., ripple in the 
direct-current output of a rectifier). 

periodic function A mathematical function that is 
represented by a periodic curve (e.g., the sine 
function y = sin x). 

periodicity In a transmission line, the tendency 
for power to be reflected at a point or points 
where the diameter of the line changes. 

periodic law The observation that when the chem- 
ical elements (see ELEMENT, 3) are arranged in 
increasing order of atomic number, their physical 
and chemical properties recur periodically. Also 
see PERIODIC TABLE. 

periodic table A table in which the chemical ele- 
ments (see ELEMENT, 3) are arranged according 
to the periodic law. The vertical columns in the 
table, labeled groups, contain elements possess- 
ing related properties (e.g., silicon and germa- 
nium in group IV). The rows, labeled periods, 
depict the periodic shift in the properties of the el- 
ements. 

peripheral 1. Pertaining to equipment accessory to 
a central system (e.g., peripheral input/output 
devices online or offline to computers, data 
recorders, and indicators). Also see ANCILLARY 
EQUIPMENT. 2. Peripheral equipment in a com- 
puter system (e.g., printers, modems, external 
disk drives, tape drives, etc.). 

peripheral buffer As part of a peripheral in a com- 
puter system, a storage unit in which data 
temporarily resides on its way to or from the 
central processing unit. Also called INPUT/ 
OUTPUT BUFFER. 

peripheral electron See VALENCE ELECTRON. 
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peripheral equipment See PERIPHERAL, 1, 2. 

peripheral interface adapter Abbreviation, PIA. 
An integrated circuit that acts as an input/out- 
put port to interface a microprocessor with pe- 
ripheral devices. 

peripheral transfer In a computer system, the 
transfer of a unit of data between peripherals, or 
between a peripheral and the central processing 
unit. 

Permalloy A high-permeability alloy of iron and 


nickel. 
permamagnetic speaker See PERMANENT- 
MAGNET SPEAKER. 


permanent magnet A body that is always magne- 
tized (i.e., without the application of electricity 
and without requiring the presence of another 
magnet). Compare TEMPORARY MAGNET. 

permanent-magnet erase Erasure of magnetic 
tape by the field of a permanent magnet. Typi- 
cally, it is a two-step process: a magnet erases 
what it can of the signal, leaving any residual 
magnetization for erasure by a second magnet. 

permanent-magnet focusing In a cathode-ray 
tube, the focusing of the electron beam by means 
of permanent magnets. 

permanent-magnet generator An electromechan- 
ical generator in which the field (either stationary 
or rotating) is provided by a multipole permanent 
magnet. Also called magneto. 

permanent-magnet loudspeaker See 
NENT-MAGNET SPEAKER. 

permanent-magnet magnetizer A magnetizer us- 
ing a permanent magnet as the magnetic-field 
source. 

permanent-magnet meter An indicating meter in 
which a movable coil rotates between the poles of 
a permanent magnet. Compare ELECTRODY- 
NAMOMETER and IRON-VANE METER. 

permanent-magnet motor A motor having a per- 
manent-magnet field. 

permanent-magnet relay A polarized relay using 
a permanent magnet. 

permanent-magnet speaker An acoustic loud- 
speaker in which the core is a strong permanent 
magnet (as opposed to a direct-current electro- 
magnet). Also see MAGNETIC SPEAKER. 

permanent storage See NONVOLATILE MEMORY. 

permeability Unit, H/m. A quantitative indicator 
of the extent to which a material concentrates 
magnetic flux: for a given constant magnetic-field 
intensity, the ratio of magnetic flux density in the 
material to the magnetic flux density in air. 

permeability curve See B-H CURVE. 

permeability-tuned oscillator A radio-frequency 
oscillator in which the frequency is varied or ad- 
justed by moving a ferromagnetic core in and out 
of the coil of an inductance-capacitance (LC) 
tuned circuit. 

permeability tuning Variation of the resonant fre- 
quency of an inductance-capacitance LC circuit 
by changing the position of a magnetic core 
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within the inductor. This type of tuning is used in 
amplifiers, oscillators, filters, and wavetraps. 

permeameter An instrument for measuring per- 
meability. 

permeance Unit, Wb/A. In a magnetic circuit, the 
ease with which a magnetic field is established. 
The reciprocal of RELUCTANCE. 

Permendur A high-permeability magnetic alloy 
containing equal parts of iron and cobalt. At sat- 
uration, the flux density of this material can be 2 
teslas (20,000 gauss). 

Perminvar A high-permeability magnetic alloy of 
cobalt, iron, and nickel. At saturation, the flux 
density of this material can approach 1.2 teslas 
(12,000 gauss). 

permittivity See DIELECTRIC CONSTANT. 

permutation A selection of several factors or ob- 
jects from a group, in a specific ordered sequence. 
For example, one of the permutations of the ele- 
ments of the set (1, 2, 3, 4, and 5) is the ordered 
sequence 4, 1, 3, 5, 2. 

permutation modulation A method of modulation 
accomplished by varying the sequence of digital 
bits. 

peroxide of lead In a lead-acid cell or battery, a 
compound of lead and oxygen that composes the 
positive electrode or electrodes. 

persistence 1. The effect whereby the retina of the 
eye continues to register a projected scene for ap- 
proximately 0.05 second after the scene disap- 
pears. This allows perception of a sequence of 
video frames as a continuous moving image. 
2. The tendency of certain phosphors to glow after 
the excitation has been removed. Thus, after the 
electron beam in a cathode-ray tube has passed 
over the screen, the phosphor might continue to 
glow for a certain time along the path traced by 
the beam. Some phosphors, such as those used 
in high-speed oscilloscopes, have virtually no 
persistence, whereas others have long persis- 
tence. 

persistent oscillations Successive oscillations of 
constant amplitude. Also called CONTINUOUS 
WAVE. 

persistor A device used at low temperatures for 
temporary memory storage that operates between 
superconducting and normal conditions. 
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personal communications service Abbreviation, 
PCS. Also called digital cellular. An enhanced 
wireless network using digital modulation, 


cellular repeaters, and facilitating telephone and 
Internet connections. Emphasis is on maximizing 
user mobility and portability, and minimizing 
blind zones. Compare CELLULAR COMMUNICA- 
TIONS. 

personal computer A small computer equipped 
with a keyboard, display, hard disk, diskette 
drive(s), a modem or fax/modem, one or more se- 
rial data ports, and one or more parallel data 
ports. They are used extensively by individuals 
and businesses for record keeping, data process- 
ing, communications, word processing, graphics, 
etc.; they are also used in schools as an educa- 
tional aid. 

personal digital assistant Abbreviation, PDA. See 
HANDHELD COMPUTER. 

personal equation The value of systematic error 
for a person observing specific phenomena or 
making measurements. 

personality Characteristics that make an intelli- 
gent computer or robot human-like. In general, 
the more powerful the computer, the more per- 
sonality it can have, depending on the installed 
software. In some cases, certain malfunctions in 
a computer can produce personality quirks. 

personal robot A usually autonomous robot in- 
tended for use by individuals. The most common 
examples are robot toys, programmable with a 
PERSONAL COMPUTER, intended for the educa- 
tion and entertainment of children. More sophis- 
ticated devices can perform domestic tasks, such 
as cleaning floors and mowing lawns. 

peta- Abbreviation, P. A prefix meaning 10°. 

petagram Abbreviation, Pg. A large unit of mass or 
force, equal to 10!° grams or 10*? kilograms. 

petameter Abbreviation, Pm. A large unit of (astro- 
nomical) distance, equal to 10!5 meters or 10! 
kilometers. 

pF Abbreviation of PICOFARAD. 

pf Symbol for POWER FACTOR. 

PFET Abbreviation of P-CHANNEL JUNCTION 
FIELD-EFFECT TRANSISTOR. 

PFM Abbreviation of PULSE-FREQUENCY MODU- 
LATION. 

PG Abbreviation of POWER GAIN. 

Pg Abbreviation of PETAGRAM. 

pH 1. Symbol for hydrogen-ion concentration. Nu- 
merically, pH is the negative logarithm of the ef- 
fective hydrogen-ion concentration in gram 
equivalents per liter. The scale runs from zero to 
14, on which 7 denotes neutrality relative to acid- 
ity vs. alkalinity; values between zero and 7 de- 
note acidity, and values between 7 and 14 denote 
alkalinity. 2. Abbreviation of PICOHENRY. 

phantom Radio interference in the form of a beat 
note (heterodyne), resulting from interference be- 
tween two strong carriers, often from local radio 
stations. When the phantom frequency lies 


within the tuning range of a receiver, the phan- 
tom can be tuned in as a separate signal. But 
when the phantom corresponds to the intermedi- 
ate frequency (IF) of the receiver, it will ride into 
the IF amplifier and be present as an untunable 
interferential signal. 

phantom channel In a properly phased high- 
fidelity stereo sound system, the apparent sound 
source centered between the left- and right-chan- 
nel loudspeakers. 

phantom circuit In wire telephony, a third circuit 
that has no wires; it results from a method (using 
repeating coils) of making two other circuits do 
the work of (this third) one. 

phantom signal Also called bogey. In a radar sys- 
tem, a signal that does not correspond to an ac- 
tual target. The origin of the phantom signal or 
echo cannot be readily determined. 

phantom target See ECHO BOX. 

phase angle Unit, degree or radian. In an alternat- 
ing-current (ac) circuit, the lag or lead between 
the instant that one alternating quantity reaches 
its maximum value and the instant that another 
alternating quantity reaches its maximum value. 
It is usually given in degrees (a complete cycle be- 
ing 360 degrees) along the horizontal axis of the 
time-versus-magnitude graph of the ac quantity. 

phase-angle voltmeter An instrument that indi- 
cates both the magnitude and phase of a voltage. 

phase coincidence For signals having the same 
frequency, the condition of their coinciding in 
terms of instantaneous amplitudes, so positive 
peaks of the first signal correspond to positive 
peaks of the second signal, and negative peaks of 
the first signal correspond to negative peaks of 
the second signal. For periodic waves that do not 
change their characteristics with time, this is the 
same thing as being shifted by an integral multi- 
ple of 360 degrees in phase. Compare PHASE 
OPPOSITION. 
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phase compensation In an operational amplifier, 
compensation for excessive phase shift in the 
feedback. 

phase compressor A push-pull phase-inverter cir- 
cuit in which a capacitor is connected between 
each collector or drain and the opposite output 
terminal to attenuate in-phase components, such 
as even-numbered harmonics. 

phase constant A figure providing the rate (in de- 
grees of phase per unit length) at which the phase 
lag of the current or voltage field component in a 
traveling wave increases linearly in the propaga- 
tion direction. 

phase corrector A circuit that returns a signal to a 
certain phase after the signal has passed through 
a circuit or medium that has caused phase dis- 
tortion. 

phased antenna See PHASED ARRAY. 

phased array Also called phased antenna. An an- 
tenna system having two or more driven elements 
fed with a certain relative phase, and spaced at a 
certain distance, resulting in a directivity pattern 
that exhibits gain in some directions and little or 
no radiation/response in other directions. Such 
an array can have two elements, producing a uni- 
directional cardioid or bidirectional figure-eight 
pattern. More complex arrays have several ele- 
ments, usually vertical antennas, strategically 
positioned and fed with signals of specified phase 
to produce a highly tailored pattern. The most so- 
phisticated systems have rotatable or steerable 
radiation/response patterns. 

phase-delay equalizer See DELAY EQUALIZER. 

phase detector See PHASE-SENSITIVE DETEC- 
TOR. 

phase diagram A graphical representation of 
waves having equal frequency, but differing in 
phase. The phase difference for two identical 
waveforms is greater than or equal to zero de- 
grees, but less than 360 degrees. 

phase difference 1. The difference (in time, angle, 
or fractional cycle) between the instants at which 
two alternating quantities reach a given value. 
2. For a dielectric, the complement of PHASE AN- 
GLE; that is, 90 degrees minus the phase angle in 
degrees. 

phase discriminator See DISCRIMINATOR, FOS- 
TER-SEELEY DISCRIMINATOR, RATIO DETEC- 
TOR, and TRAVIS DISCRIMINATOR. 

phase distortion Distortion characterized by in- 
put/output phase shift between various compo- 
nents of a signal passed by a circuit or device. 

phase inverter A resistance-capacitance-coupled 
amplifier with a single-ended input and a push- 
pull output. This circuit enables a push-pull am- 
plifier to be driven without an input transformer. 

phase-locked loop Abbreviation, PLL. An oscillator 
that combines the flexibility of a conventional 
variable-frequency oscillator (VFO) with the sta- 
bility of a crystal oscillator. The oscillator output 
is passed through a programmable divider that 
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divides the frequency by a specific integral value 
n chosen by the operator. The output frequency 
of the divider is locked, by means of a phase com- 
parator, to the signal from a crystal-controlled 
reference oscillator. As long as the output from 
the divider is exactly at the reference-oscillator 
frequency, the two signals are in phase, and the 
output of the phase comparator is zero volts dc. If 
the VCO frequency changes, the phase also 
changes, and the phase comparator produces a 
dc error voltage. The error voltage is applied to the 
VCO, causing the VCO frequency to correct itself. 
This maintains the VCO frequency at precisely n 
times the reference-oscillator frequency. 

phase-locked oscillator An oscillator in which the 
inductance or the capacitance is varied periodi- 
cally at half the driving frequency. 

phase margin In an integrated-circuit amplifier, 
the extent to which the device shifts the phase of 
a signal more or less than one-half cycle (180 de- 
grees) for a certain signal voltage. 

phase modulation Abbreviation, PM. A method of 
modulation in which the phase of the carrier cur- 
rent is varied in accordance with the instanta- 
neous modulating-signal voltage. The result is 
similar to FREQUENCY MODULATION. 

phase modulator A circuit or stage that produces 
PHASE MODULATION. 

phase multiplier A circuit used for the purpose of 
phase comparison between signals. The fre- 
quency of the measured signal is multiplied, re- 
sulting in multiplication of the phase difference. 
This improves the sensitivity of the measuring 
apparatus. 

phase opposition For signals having the same fre- 
quency, the condition of their being inverted rela- 
tive to each other in terms of instantaneous 
amplitudes, so positive peaks of the first signal 
correspond to negative peaks of the second sig- 
nal, and negative peaks of the first signal corre- 
spond to positive peaks of the second signal. This 
is not the same thing as being shifted by an odd 
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integral multiple of 180 degrees in phase, 
although in practice, with sine waves and square 
waves, the effect is the same. Compare PHASE 
COINCIDENCE. 

phase resonance See VELOCITY RESONANCE. 

phase reversal 1. The inversion of an alternating- 
current (ac) signal. The instantaneous ampli- 
tude (current or voltage) is multiplied by a 
negative constant. Thus, the positive half-cycles 
become negative, and the negative half-cycles 
become positive. 2. A phase shift of +180 
degrees (+% cycle) in an ac signal. 

phase-rotation relay See PHASE-SEQUENCE RE- 
LAY. 

phase-rotation system A system for producing 
single-sideband signals without using selective 
filters. In one such system, two balanced modula- 
tors are used. One of these receives carrier and 
modulating voltages that are 90 degrees out of 
phase with voltages that are fed to the other bal- 
anced modulator. 

phase-sensitive detector Abbreviation, PSD. A 
detector for frequency modulation (FM) and 
phase modulation (PM). It delivers a direct- 
current output voltage whose value is proportional 
to the difference in phase between a reference 
signal and the signal from a local oscillator. 

phase-sequence relay In a polyphase system, a re- 
lay or relay circuit that is actuated by voltages 
reaching maximum positive amplitude in a pre- 
determined phase sequence. Also called PHASE- 
ROTATION RELAY. 

phase shift 1. A change in the displacement, as a 
function of time, of a periodic disturbance having 
constant frequency. 2. The magnitude of a 
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change, as defined in 1, measured in fractions of 
a wavelength or in electrical degrees. 

phase-shift bridge A four-arm-bridge circuit for 
shifting the phase of an alternating-current sig- 
nal. Such a circuit is often used (with one arm 
variable) to shift the phase of the firing voltage for 
a thyratron. 

phase-shift discriminator See FOSTER-SEELEY 
DISCRIMINATOR. 

phase shifter A circuit, such as an inductance- 
capacitance (LC) or resistance-capacitance (RC) 
network, or a device, such as a Helmholtz coil or 
phase-shifting capacitor, that introduces a phase 
shift between input and output signals. 

phase-shifting capacitor A special four-stator, 
one-rotor variable capacitor that, with a trans- 
former-coupled resistance-capacitance (RC) cir- 
cuit, provides 360 degrees of continuously 
variable phase shift for one rotation of the rotor. 
The rotor plate turns like a cam under the stators 
because of the off-center insertion of the rotor 
shaft. 

phase-shift oscillator A single-stage oscillator in 
which the required 180-degree phase shift in the 
signal (fed back from output to input) is obtained 
by passing the output through a phase-shifting 
network. 

phase-shift-type distortion meter A distortion 
meter in which the output signal of a device un- 
der test is compared with a distortion-free input 
test signal. The output signal phase is shifted 180 
degrees, with respect to the input, and the two 
amplitudes are made equal. If there is no distor- 
tion, the signals cancel each other, and the result 
is zero. Any remaining signal is proportional to 
the total harmonic distortion (THD). 

phase-splitting circuit A circuit that produces, 
from a single input signal, two output signals dif- 
fering in phase. 

phase-splitting driver A PHASE INVERTER used 
as the driver of a push-pull amplifier. 

phase velocity The velocity of a wave, provided by 
the product of the frequency and the wavelength. 

phase windings In an alternating-current generator, 
windings that deliver voltages that differ in phase. 
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phasing capacitor Ina crystal filter, a small vari- 
able capacitor that constitutes one arm of a 
four-arm bridge in which the crystal is another 
arm. Adjustment of this capacitor balances the 
bridge, thus preventing the undesirable passage 
of a signal through the capacitance of the crystal 
holder. 

phenol-formaldehyde plastics A family of plastic 
insulating materials made with phenolic resin, 
and occasionally used as dielectrics and air-core 
coil forms. Some of the trade names for these ma- 
terials include Bakelite, Catalin, Durez, Durite, 
Formica, and Micarta. 

phenolic insulants See 
HYDE PLASTICS. 

phenolic resin A synthetic resin made by con- 
densing phenol (carbolic acid) with formaldehyde. 

phenomenon An event or circumstance that can 
be verified by the senses, as opposed to one sub- 
ject to theory or speculation (e.g., the phe- 
nomenon of magnetic attraction). 

Phillips gate A device that allows measurement of 
the gas pressure in a confined chamber. A cur- 
rent is passed through the gas. The magnitude of 
the current, for a given gas, is a function of the 
gas pressure and temperature. 

Phillips screw A screw with a pair of slots in its 
head. The slots are arranged like an x. Phillips 
screws are available in many different sizes, as are 
ordinary screws. The x-shaped pair of slots re- 
duces the tendency for the screwdriver to slip out 
of the screw head as the screw is rotated. 

Phi phenomenon The illusion of motion resulting 
from the rapid presentation to the eye of pictures 
showing objects in a succession of different posi- 
tions. Television and motion pictures exploit this 
illusion. Also see PERSISTENCE. 

pH meter An instrument used to measure the 
acidity or alkalinity of solutions. Also see PH, 1. 

phon A unit of apparent change in loudness dis- 
cerned by a listener. Unlike the decibel, the phon 
includes compensation for the ear’s nonlinear re- 
sponse to attendant frequency changes. At a fre- 
quency of 1 kHz, a change in loudness of 1 phon 
is the equivalent of 1 decibel. 

phone 1. Telephone (wire or radio). 2. To establish 
communication via telephone. 3. Colloquialism 
for voice communication (radiotelephone), partic- 
ularly via amateur-radio single sideband on the 
high-frequency bands (160 through 10 meters). 
4. A minimal, unique speech sound. Also called 
SOUND UNIT. 

phoneme An individual sound or syllable in the 
human voice, with a characteristic amplitude-vs. 
frequency spectral pattern. It is important in 
speech recognition and speech synthesis. Com- 
puters can be programmed to identify and tran- 
scribe these sounds; computers can also be 
programmed to generate the sounds from text 
data. 
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phone jack The female mating device for a PHONE 
PLUG. 


Ground 


Didec a, 


Signal 


phone jack 


phone monitor A simple device for listening to 
amplitude-modulated radio transmissions to 
test their quality. In its most rudimentary form, 
it consists of a pickup antenna, semiconduc- 
tor-diode detector, and high-resistance head- 
phones. 

phone patch A device for establishing a connec- 
tion (patch) between radio and wire-telephone fa- 
cilities. Also see PATCH. 

phone plug A type of plug originally designed for 
patching telephone circuits, now widely used in 
electronics and instrumentation. In its conven- 
tional form, it has a rod-shaped neck that 
serves as one contact, and a ball on the tip of 
the neck, but insulated from it, that serves as 
the other contact. Typical diameters are % inch 
and % inch. 


Ground 


Signal 


Cable 


Dielectric 
phone plug 


phone test set An instrument for checking the 
performance of a radiotelephone transmitter. The 
set combines the functions of field-strength me- 
ter, modulation indicator, and aural monitor. 
Sometimes it includes a volt-ohm-milliammeter 
for troubleshooting the transmitter. 

phonetic alphabet Words whose initial letters are 
used to identify the letters of the alphabet for 
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which they stand. These words are spoken in ra- 
diotelephony to identify letters that, if spoken by 
themselves, might not be clearly heard. 


Phonetic alphabet 


Phonetic 
(Capitals indicate 
emphasis) 

AL-fa 
BRAH-vo 
CHAR-lie 
DEL-ta 
ECK-o 
FOX-trot 
GOLF 
ho-TEL 
IN-dia 
Ju-li-ETTE 
KEE-low 
LEE-ma 
Mike 
No-VEM-ber 
OS-car 
pa-PA 
Que-BECK 
ROW-me-oh 
see-AIR-ah 
TANG-go 
YOU-ni-form 
VIC-tor 
WHIS-key 
X-ray 
YANK-key 
ZOO-loo 


Letter 
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phonetic alphabet code word In radio and wire 
telephony, a word chosen for its easy recognition 
by ear to identify the letter of the alphabet with 
which it begins. For example: Golf for G, Juliet for 
J, X-ray for X. 

phonics See ACOUSTICS, 1. 

phonocardiogram The record made by a PHONO- 
CARDIOGRAPH. 

phonocardiograph An instrument that makes a 
graphic record of heart sounds. 

phono cartridge The vibration-to-electricity trans- 
ducer (pickup) of a phonograph; it is actuated by 
the stylus (needle). Common types are ceramic, 
variable-inductance, and variable-reluctance. See 
PHONOGRAPH and PHONOGRAPH DISC. 

phonocatheter A microphone that can be inserted 
into the body for the purpose of listening to the 
functions of internal organs. 

phonograph A device for reproducing sound 
recorded on disc. It consists of a turntable, an 
amplifier, and one or more speakers. 

phonograph cartridge See PHONO CARTRIDGE. 

phonograph disc A thin, lightweight disc, usually 
made of vinyl or similar plastic, on which audio- 
frequency signals are recorded as irregularities in 
a spiral groove. In reproduction, these irregulari- 
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ties cause vibration in a PHONO CARTRIDGE as 
the turntable rotates. 

phonograph oscillator See PHONO OSCILLATOR. 

phono jack Also called RCA jack. A jack similar to 
a PHONE JACK, designed especially for the quick 
connection and disconnection of coaxial cables 
used with audio and low-frequency devices. 

phonon A unit of energy resulting from vibration, 
as of a piezoelectric crystal. 

phono oscillator A small radio-frequency (RF) os- 
cillator modulated by the audio-frequency (AF) 
voltage from a phonograph. The modulated RF 
signal is picked up by a remote radio receiver 
(usually in the same room), and the sound is re- 
produced through a loudspeaker connected to 
the receiver. 

phono plug Also called RCA plug. A plug similar to 
a PHONE PLUG, designed especially for the quick 
connection and disconnection of coaxial cables 
used with audio and low-frequency devices. 


phono plug 


phonoreception The hearing of high-frequency 
sounds. 

phonorecord A PHONOGRAPH disc. 

phonoselectroscope A special type of stethoscope, 
in which the main heartbeat is attenuated. This 
makes abnormal sounds more audible. The de- 
vice can be adjusted in various ways to listen for 
abnormalities characteristic of various heart dis- 
eases. 

phosphor A substance that glows when an elec- 
tron beam strikes it. Such a substance is used as 
a coating on the screens of cathode-ray tubes. 
See also BEAT ZINC SILICATE; CADMIUM 
BORATE, SILICATE, and TUNGSTATE; CAL- 
CIUM PHOSPHATE, SILICATE, and TUNG- 
STATE; MAGNESIUM FLUORIDE, SILICATE, and 
TUNGSTATE; ZINC ALUMINATE; ZINC BERYL- 
LIUM SILICATE; ZINC BERYLLIUM ZIRCONIUM 
SILICATE; ZINC BORATE; ZINC CADMIUM SUL- 
FIDE; ZINC GERMANATE; ZINC MAGNESIUM 
FLUORIDE; ZINC ORTHOSILICATE; ZINC OX- 
IDE; ZINC SILICATE; and ZINC SULFIDE. 

phosphor bronze A form of bronze whose elastic- 
ity, hardness, and toughness have been greatly 
improved by the addition of phosphorus. The 
metal is used for brushes, springs, switch blades, 
and contacts. 

phosphor copper An alloy of copper and phospho- 
rus used in the manufacture of PHOSPHOR 
BRONZE. 
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phosphorescence The property of some materials 
that ordinarily fluoresce to continue to glow after 
the stimulus (light or an electron beam) has been 
removed. Compare FLUORESCENCE. 

phosphorescent screen A viewing screen coated 
with a phosphor (e.g., oscilloscope screen). 

phosphorous Exhibiting the properties of phos- 
phor (e.g., glowing after stimulation with light). 
Not to be confused with PHOSPHORUS. 

phosphorus Symbol, P. A nonmetallic element of 
the nitrogen family. Atomic number, 15. Atomic 
weight, 30.974. It is used as a dopant in semi- 
conductor processing. 

phot The cgs unit of illumination: The direct illu- 
mination produced upon a  one-centimeter- 
distant surface by a uniform point source of one 
international foot-candle. Equivalent to one lu- 
men per square centimeter. 

photocathode 1. The photomosaic of a video cam- 
era tube. 2. The light-sensitive cathode in a pho- 
totube. 

PhotoCD ‘Trade name for an image-recording sys- 
tem developed by Kodak, in which photographs 
can be stored on compact discs. Viewing is ac- 
complished using personal computers. 

photocell See PHOTOELECTRIC CELL. 

photocell amplifier An amplifier used to boost the 
output of a photocell. With respect to the nature 
of the input signal, it can be an alternating- 
current (ac) or direct-current (dc) amplifier, depend- 
ing on whether the output of the photocell is 
modulated dc or pure dc. 

photochemical effect The phenomenon whereby 
certain substances undergo chemical change when 
exposed to light or other radiant energy. An exam- 
ple of such a substance is the silver bromide, silver 
chloride, or silver iodide on photographic film. 

photoconductive cell A photoelectric cell, such as 
the cadmium-sulfide type, whose resistance is 
proportional to the intensity of light impinging 
upon it. The photoconductive cell acts as a light- 
sensitive variable resistor in a current path. Also 
see PHOTOCONDUCTIVE MATERIAL. 

photoconductive effect The tendency for the elec- 
trical resistance of a substance to change when 
infrared radiation, visible light, or ultraviolet ra- 
diation strikes it. Different substances exhibit dif- 
ferent degrees of this effect. 

photoconductive material A substance that ex- 
hibits decreased electrical resistance when ex- 
posed to infrared rays, visible light, or ultraviolet. 
Some photoconductive substances are cadmium 
selenide, cadmium sulfide, germanium, lead sul- 
fide, selenium, silicon, and thallous sulfide. Also 
see ACTINOELECTRIC EFFECT. 

photoconductivity The phenomenon whereby the 
electrical resistance of certain materials (such as 
cadmium sulfide, cadmium selenide, germanium, 
selenium, and silicon) is lowered upon exposure 
to infrared rays, visible light, or ultraviolet. Also 
see PHOTOCONDUCTIVE MATERIAL. 
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photoconductor 1. See PHOTOCONDUCTIVE MA- 
TERIAL. 2. See PHOTOCONDUCTIVE CELL. 

photocurrent See PHOTOELECTRIC CURRENT. 

photo-Darlington Also, photodarlington. 1. A pho- 
totransistor fabricated as a Darlington amplifier 
for high output current. 2. A combination of pho- 
todiode (see LIGHT-SENSITIVE DIODE) and Dar- 
lington amplifier. 

photodecomposition Chemical breakdown by the 
action of radiant energy. Also called photolysis. 

photodetachment The removal of an electron from 
an atom or ion, resulting from the impact of a 
PHOTON. 

photodetector 1. An illumination meter that uses 
a PHOTOCELL. 2. See OPTOELECTRONIC COU- 
PLER. 

photodielectric effect The tendency for the dielec- 
tric constant of a substance to change when 
infrared radiation, visible light, or ultraviolet 
radiation strikes it. Different substances exhibit 
different degrees of this effect. 

photodiffusion effect See DEMBER EFFECT. 

photodiode See LIGHT-SENSITIVE DIODE. 

photodisintegration In the nucleus of an atom, 
disintegration resulting from PHOTON bombard- 
ment. 

photoelasticity The tendency for the light- 
transmission characteristics of a substance to 
change with externally applied forces. 

photoelectric alarm An alarm actuated when a 
light beam impinging on a photocell is inter- 
rupted. 

photoelectric amplifier 1. An amplifier for boost- 
ing the output of a photosensitive device. 2. An 
OPTOELECTRONIC COUPLER possessing gain. 

photoelectric cell A device that converts infrared, 
visible-light, or ultraviolet energy into electricity 
or electrical effects. It can function by producing 
a voltage (see PHOTOVOLTAIC CELL, SELENIUM 
CELL, SILICON CELL, SOLAR CELL, and SUN 
BATTERY) or by acting as a light-sensitive resis- 
tor (see LIGHT-SENSITIVE DIODE, PHOTOCON- 
DUCTIVE CELL, and SELENIUM CELL). 

photoelectric constant The quantity h/e, where h 
is Planck’s constant and e is the unit electron 
charge. 

photoelectric counter A counting device (elec- 
tromechanical or fully electronic) that counts ob- 
jects as they interrupt a light beam impinging 
upon a photocell. 

photoelectric disintegration See PHOTODISIN- 
TEGRATION. 

photoelectric effect The phenomenon whereby 
temporary changes occur in the atoms of certain 
substances under the influence of infrared, visi- 
ble light, or ultraviolet radiation. Some of these 
materials undergo a change in their electrical re- 
sistance, whereas others generate electric current 
(see, for comparison, PHOTOCONDUCTIVE MA- 
TERIAL and PHOTOVOLTAIC MATERIAL). 

photoelectric efficiency See QUANTUM YIELD. 
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photoelectric field-effect transistor See 
PHOTOFET. 

photoelectricity Electricity produced by the ac- 
tion of light on certain materials, such as cesium, 
selenium, and silicon. Also see PHOTOEMISSION 
and PHOTOVOLTAIC CELL. 

photoelectric material See PHOTOCONDUCTIVE 
MATERIAL and PHOTOEMISSIVE MATERIAL. 

photoelectric multiplier A device that internally 
amplifies the current resulting from bombard- 
ment by infrared, visible light, or ultraviolet radi- 
ation. A PHOTOMULTIPLIER TUBE is an example 
of such a device. 

photoelectric photometer An instrument that 
uses a photoelectric device for the purpose of 
measuring the intensity of infrared radiation, vis- 
ible light, or ultraviolet radiation. 

photoelectric proximity sensor A device that 
uses a light-beam generator, a photodetector, an 
amplifier, and a microprocessor to detect the 
presence of nearby objects. It is useful in robot 
guidance systems. 

photoelectric pyrometer An optical pyrometer in 
which a photocell and appropriate filters act in- 
stead of the human eye. 

photoelectric relay A relay actuated directly by a 
photocell or a photocell and amplifier. This type of 
relay is the basis of some PHOTOELECTRIC 
ALARM devices. 

photoelectric sensor 1. See ELECTRIC EYE. 
2. See PHOTOELECTRIC PROXIMITY SENSOR. 
3. See PHOTOELECTRIC CELL. 

photoelectric smoke alarm An alarm that is 
tripped by a PHOTOELECTRIC SMOKE DETEC- 
TOR when the density of smoke exceeds a safe 
level. 

photoelectric smoke control A system for making 
automatic adjustments to a burning process 
when the smoke density exceeds a prescribed 
level. The initial element in the system is a PHO- 
TOELECTRIC SMOKE DETECTOR. 

photoelectric smoke detector A smoke detector 
in which a photocell, photodiode, phototransis- 
tor, or phototube is excited by a light beam pass- 
ing through the air. The cell output current 
decreases when smoke fills the air. This current 
change trips an alarm or deflects an indicating 
meter when the density of the smoke exceeds a 
prescribed level. 

photoelectric tape reader A punched-tape reader 
using a photocell, photodiode, phototransistor, or 
phototube to sense light passing through the 
holes. 

photoelectric transducer A photocell, photodiode, 
phototransistor, or phototube used as a sensor. 

photoelectric tube See PHOTOTUBE. 

photoelectric wattmeter A power-measuring in- 
strument useful for the approximate measure- 
ment of radio-frequency power. It consists of an 
incandescent lamp sharing an opaque enclosure 
with a photovoltaic cell. The power to be mea- 


RF 
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If 


photoelectric wattmeter 


sured is applied to the lamp, which glows propor- 
tionately. The light excites the cell, causing it to 
deliver a direct current proportional to the power. 
This current deflects a milliammeter or microam- 
meter. The meter can be calibrated to read di- 
rectly in watts. 

photoelectromotive force The electromotive force 
(voltage) produced by a photovoltaic cell. 

photoelectron An electron displaced within, or 
ejected from, an atom, as the result of infrared, 
visible light, or ultraviolet radiation striking the 
atom. 

photo-emf See PHOTOELECTROMOTIVE FORCE. 

photoemission The ejection of electrons from cer- 
tain materials, such as cesium, when these mate- 
rials are exposed to infrared, visible light, or 
ultraviolet radiation. Also see PHOTOEMISSIVE 
MATERIAL. 

photoemissive material A substance that emits 
electrons when exposed to infrared, visible light, or 
ultraviolet radiation. A typical use of such a mate- 
rial is in the coating of the light-sensitive cathode 
of a phototube. The metals cesium, potassium, ru- 
bidium, and sodium are photoemissive. 

photofabrication 1. A method of circuit-board 
manufacturing. The etching pattern is placed 
over the circuit-board material, the board is 
placed in a special solution, then the assembly is 
exposed to visible light. The light interacts with 
the solution to dissolve the metal in areas ex- 
posed to the light, but not in areas covered by the 
etching pattern. 2. The technique in 1, applied to 
the manufacture of integrated circuits. 

photoFET A FIELD-EFFECT TRANSISTOR that ex- 
hibits properties similar to those of a bipolar 
PHOTOTRANSISTOR. 

photoflash See ELECTRONIC FLASH, 1. 

photoglow tube See DISCHARGE LAMP. 

photogram The permanent shadow produced by 
an object placed between a light source and pho- 
tographic paper. 

photographic exposure meter See EXPOSURE 
METER, 1. 

photographic recorder A graphic recorder that 
uses a light beam, deflected by galvanometer 
movement, that moves across photographic film 
or paper to produce a trace representing a vary- 
ing quantity. 

photographic sound recording See OPTICAL 
SOUND RECORDING. 
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photograph reception 1. The use of FACSIMILE to 
print photographs transmitted in analog form via 
wire or radio. 2. The use of a computer, equipped 
with a modem and graphics software, to display 
and/or store photographs transmitted in digital 
form via wire or radio. 

photograph transmission 1. The use of FACSIM- 
ILE to scan and send photographs in analog form 
via wire or radio. 2. The use of a computer, 
equipped with a modem and video camera or op- 
tical scanner, to digitize and send photographs 
via wire or radio. 

photoionization The ejection of electrons from 
atoms or molecules by the action of infrared, vis- 
ible light, or ultraviolet radiation. 

photoisolator See OPTOELECTRONIC COUPLER. 

photojunction cell A photocell consisting of a semi- 
conductor pn junction. The cell is useful mainly 
for its photoconductivity, although infrared, visible 
light, or ultraviolet energy striking the junction 
produces a small amount of photovoltaic action. 

photokinesis Light-induced motion, as in a RA- 
DIOMETER. 

photolithographic process A method of producing 
integrated circuits and printed circuits by pho- 
tographing (often at considerable reduction) an 
enlarged pattern of the circuit on a suitable light- 
sensitized surface of metal or semiconductor, and 
chemically etching away unwanted portions of 
the surface. 

photolysis See PHOTODECOMPOSITION. 

photomagnetic effect Light-sensitive magnetic 
susceptibility in some materials. 

photomap A photo taken of terrain from a high al- 
titude and usually overlaid with a reference grid. 

photomask In PHOTOFABRICATION, the trans- 
parent film or template on which the etching pat- 
tern is drawn. 

photometer An instrument used to compare the 
luminous intensity of two light sources. 

photometric measurement of power See PHOTO- 
ELECTRIC WATTMETER. 

photometry The science of visible-light measure- 
ment. The response of the human eye is used as 
the basis for preferred sensors (those used with 
photometric instruments, which have spectral 
sensitivity curves resembling those of the eye). 
Compare RADIOMETRY. 

photomosaic In a television camera tube, the flat 
photocathode screen on which the image is pro- 
jected by the lens system and scanning electron 
beam. The surface of the screen is covered with 
tiny light-sensitive droplets. Also see DISSECTOR 
TUBE, ICONOSCOPE, and ORTHICON. 

photomultiplier tube A type of PHOTOTUBE that 
delivers high output current for a given light in- 
tensity by utilizing the secondary emission of elec- 
trons. The initial light-sensitive cathode emits 
electrons; these strike a specially placed metal 
plate with a force that dislodges more electrons. 
These electrons, together with the initial emission, 
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are reflected to a second plate, where they dis- 
lodge still more electrons. This process continues 
from deflection plate to deflection plate through 
the tube. The final plate deflects the accumulated 
electrons to the anode (collector electrode). 

photon A quantum of radiant energy whose energy 
constant W (in joules) is equal to hf, where h is 
the PLANCK CONSTANT and fis the frequency in 
Hertz. 
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photoneutron A neutron released by PHOTODIS- 
INTEGRATION. 

photophone 1. A telephone-type communication 
system using a modulated light beam transmitted 
between stations. 2. A process for recording 
sound on motion-picture film (see OPTICAL 
SOUND RECORDING). 

photorelay See PHOTOELECTRIC RELAY. 

photoresistive cell See PHOTOCONDUCTIVE 
CELL. 

photoresistive material See PHOTOCONDUC- 
TIVE MATERIAL. 

photoresistivity See PHOTOCONDUCTIVITY. 

photoresistor See PHOTOCONDUCTOR, I, 2. 

photosensitive device A light-sensitive electronic 
device. See, for example, PHOTOCONDUCTIVE 
CELL, PHOTODIODE, PHOTOFET, PHOTOMUL- 
TIPLIER TUBE, PHOTOTRANSISTOR, PHOTO- 
TUBE, and PHOTOVOLTAIC CELL. 

photosphere The luminous layer at the surface of 
a star. 

photoswitch A light-activated switch. Some photo- 
switches contain an electromechanical relay; oth- 
ers, such as the light-activated silicon-controlled 
switch, have no moving parts. 

phototimer An electronic timer for timing photo- 
graphic processes. 

phototransistor A transistor in which current 
carriers emitted as a result of illumination con- 
stitute an input-signal current. This current is 
amplified by the transistor. The output signal 
delivered by the transistor, accordingly, is 
larger than the output of an equivalent photodi- 
ode. 

phototube An electron tube that converts light en- 
ergy into electrical energy by acting as a light- 
sensitive resistor. Characteristically, the tube 
contains an illuminated cathode coated with a 
photoemissive material, and an anode wire situ- 
ated nearby. Light energy causes electrons to be 
emitted from the cathode in amounts propor- 
tional to light intensity; the electrons are at- 
tracted by the anode, which is connected 
externally to a positive direct-current voltage. 

photovoltaic cell Also called solar cell. A semi- 
conductor diode, usually made from silicon, that 
converts visible light, infrared, and/or ultraviolet 
directly into electric current. The device consists 
of a flat P-N junction; the assembly is transparent 
so that radiant energy can fall directly on the P- 
type silicon. Metal ribbing, forming the positive 
electrode, is interconnected with tiny wires. The 
negative electrode is a metal backing, placed in 
contact with the N-type material. The component 
produces about 0.5 to 0.6 volts in direct sunlight 
under no-load conditions. 

photovoltaic material A substance that generates 
a voltage when exposed to light. The principal 
substances exhibiting this effect are silicon, sele- 
nium, and germanium. Also see ACTINOELEC- 
TRIC EFFECT. 
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photran A light-sensitive, four-layer semiconduc- 
tor device, used for switching purposes. 

physical properties The distinguishing character- 
istics of matter, apart from its chemical proper- 
ties. Included are boiling point, density, ductility, 
elasticity, electrical conductivity, hardness, heat 
conductivity, index of refraction, malleability, melt- 
ing point, specific heat, and state (solid, liquid, 
gaseous, or plasma). 

physical quantity A quantity expressing the ac- 
tual number of physical units under considera- 
tion, as compared with a dimensionless number. 
Examples: 50 volts, 39 kilometers, and 30 pico- 
farads. Compare DIMENSIONLESS QUANTITY. 

physics The science of energy and matter and their 
interactions. Physics is subdivided into several 
fields, including mechanics, thermodynamics, 
acoustics, optics, and electricity/magnetism. 
Many subdivisions are within the traditional 
fields. 

P; Symbol for INPUT POWER. 

picket fencing An effect often observed at very- 
high frequencies (VHF) and ultra-high frequen- 
cies (UHF), in which movement of the trans- 
mitting station antenna, the receiving station 
antenna, or both antennas causes rapid fading. 
The fading is the result of phase effects between 
the direct wave and indirect wave(s). These effects 
are most pronounced with vertically polarized 
antennas. 

PIA Abbreviation of PERIPHERAL INTERFACE 
ADAPTER. 

pickoff 1. To monitor a voltage, current, or other 
characteristic in an active circuit, without dis- 
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turbing the operation of the circuit. 2. A device for 
electronically monitoring linear or angular dis- 
placement. 

pickup 1. A device that serves as a sensor of a sig- 
nal or quantity. This covers a wide variety of 
items, including temperature sensors, vibration 
detectors, microphones, phonograph pickups, etc. 
2. Collectively, energy or information that is re- 
ceived (e.g., sound pickup). 

pickup arm The pivoted arm that holds the car- 
tridge and stylus of a phonograph. 

pickup cartridge See PHONO CARTRIDGE. 

pickup current 1. The current required to close a 
relay. 2. Current flowing through, or generated 
by, a pickup. 

pickup pattern The directional pattern of a micro- 
phone or other transducer that converts acoustic 
energy into electrical signals. 

pickup voltage 1. The voltage required to close a 
relay or circuit breaker. 2. The voltage delivered 
by a pickup. 

pico- 1. Abbreviation, p. A prefix meaning 1072. 
2. A prefix meaning extremely small. 

picoammeter A usually direct-reading instrument 
used to measure current in the picoampere 
range. Also see CURRENT METER. 

picoampere Abbreviation, pA. A small unit of cur- 
rent equal to 107*? ampere. 

picocoulomb Abbreviation, pC. A small unit of 
electrical quantity equal to 1071? coulomb. 

picocurie Abbreviation, pCi. A small unit of ra- 
dioactivity equal to 10°!” curie. 

picofarad Abbreviation, pF. A small unit of capaci- 
tance equal to 10°!” farad. 

picohenry Abbreviation, pH. A small unit of induc- 
tance equal to 107*? henry. 

picosecond Abbreviation, ps or psec. A small unit 
of time equal to 1071? second. 

pi coupler See COLLINS COUPLER. 

picovolt Abbreviation, pV. A small unit of voltage 
equal to 107*? volt. 

picovoltmeter A usually direct-reading electronic 
instrument used to measure electromotive force 
in the picovolt range. 

picowatt Abbreviation, pW. A small unit of power 
equal to 1071? watt. 

pictorial See PICTORIAL WIRING DIAGRAM. 

pictorial diagram See PICTORIAL WIRING DIA- 
GRAM 


pictorial wiring diagram A wiring diagram in the 
form of a drawing or photograph of the compo- 
nents, as opposed to one of circuit symbols. The 
components are shown in their positions in the 
finished equipment, and the wiring as lines run- 
ning between them. 

picture black In facsimile or television, the signal 
condition resulting from the scanning of a black 
portion of the image. 

picture detector See VIDEO DETECTOR. 

picture diagram See PICTORIAL WIRING DIA- 
GRAM. 
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picture element See PIXEL. 

picture information In a television signal, the 
variable-amplitude component (i.e., the one car- 
rying energy corresponding to the picture ele- 
ments) that fills the space between blanking 
pulses. 

picture-in-picture Abbreviation, PIP. In some tele- 
vision receivers, a feature that allows simultane- 
ous viewing of two programs. One program 
occupies the full screen, and another program 
appears in a small portion of the screen. 

picture reception 1. See PHOTOGRAPH RECEP- 
TION. 2. The reception of television signals. 

picture transmission 1. See PHOTOGRAPH 


TRANSMISSION. 2. The transmission or broad- 
casting of television signals. 

picture tube The cathode-ray tube used in a tele- 
vision receiver to display the image. Also called 
KINESCOPE. 


Housing 


Phosphor 
screen 


Electron 
gun 


Signal Deflecting 
input plates 
or 
coils 


picture tube 


pie chart See CIRCLE GRAPH. 

Pierce oscillator A simple crystal oscillator in 
which the crystal is connected directly between 
the input and output terminals of the active de- 
vice (usually a bipolar or field-effect transistor). A 
tuned inductance-capacitance (LC) circuit might 
be included, but is not required. 


Y1 
0 E RF 
output 
RFC 
B+ 
B- 


Pierce oscillator 
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pie winding A method of coil winding in which two 
or more separate, multilayer coils are connected 
in series and placed along a common axis. It is 
sometimes used in radio-frequency chokes to 
minimize capacitance among the windings. 

piezo- A prefix meaning pressure (see PRESSURE, 


piezodielectric A substance that, when stretched 
or compressed, exhibits a change in dielectric 
constant. 

piezoelectric accelerometer An accelerometer 
using a piezoelectric crystal, whose voltage out- 
put is proportional to acceleration. 

piezoelectric ceramic A ceramic material that de- 
livers a voltage when deformed, or that changes 
in shape when a voltage is applied to it. 

piezoelectric crystal A crystal (such as quartz, 
Rochelle salt, tourmaline, or various synthetics) 
that delivers a voltage when mechanical force is 
applied between its faces, or that changes its 
shape when a voltage is applied between its faces. 


piezoelectric earphone See CRYSTAL EAR- 
PHONE. 

piezoelectric filter See CRYSTAL FILTER and 
CRYSTAL RESONATOR. 


piezoelectricity Electricity produced by deforming 
(squeezing, stretching, bending, or twisting) cer- 
tain crystals, such as those of quartz, Rochelle 
salt, or tourmaline. 

piezoelectric loudspeaker See CRYSTAL LOUD- 
SPEAKER. 

piezoelectric microphone See CERAMIC MICRO- 
PHONE and CRYSTAL MICROPHONE. 

piezoelectric oscillator See CRYSTAL OSCILLA- 
TOR. 

piezoelectric pickup See CRYSTAL PICKUP. 

piezoelectric resonator See CRYSTAL FILTER 
and CRYSTAL RESONATOR. 


piezoelectric sensor See CRYSTAL TRANS- 
DUCER. 

piezoelectric transducer See CRYSTAL TRANS- 
DUCER. 


piezoid A complete piezoelectric crystal device. 

piezoresistance In certain substances, the ten- 
dency of the resistance to change with stretching 
or compression. 

piezo tweeter A tweeter of the piezoelectric type 
(see CRYSTAL LOUDSPEAKER). 

pi filter An unbalanced filter section having one 
series arm and two shunt arms; its schematic 
representation has the general shape of the up- 
percase Greek letter pi. 

piggyback component See OUTBOARD COMPO- 
NENT. 

piggyback control See CASCADE CONTROL. 

piggyback tuner A separate ultra-high-frequency 
(UHF) television tuner operated in conjunction 
with the very-high-frequency (VHF) tuner of the 
receiver. 

pigtail 1. A usually long and sometimes flexible 
lead, such as the pigtail of a fixed capacitor. 
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2. Descriptive of a device containing a long lead 
or leads, and usually mounted by such leads. 
pile 1.See VOLTAIC PILE. 2. See NUCLEAR REAC- 
TOR. 3. A battery of electrochemical cells. 4. Any 

packed group of particles or granules. 

pillow speaker A small, flat loudspeaker intended 
for use under a pillow. 

PILOT Acronym for programmed inquiry learning or 
teaching. A straightforward high-level computer 
programming language, used in computer- 
assisted instruction (CAI). 

pilot lamp See PILOT LIGHT. 

pilot light A usually small, incandescent or neon 
lamp. When glowing, it serves as a signal that a 
piece of equipment is in operation. 

pilot model A preliminary model of a circuit or de- 
vice constructed primarily to test the efficacy of a 
production process. The pilot model usually fol- 
lows the PROTOTYPE. 

pilot production The often small-scale production 
of a device in a special assembly line apart from 
the main line in a factory. 

pilot regulator A variable-gain circuit that main- 
tains a constant output—even if the input ampli- 
tude changes. 

PIM Abbreviation of PULSE-INTERVAL MODULA- 
TION. 

pi mode In a vane-anode magnetron, the mode of 
operation in which adjacent vanes have radio- 
frequency voltages of opposite polarity. 

pin 1. A semiconductor junction consisting of a 
layer of instrinsic semiconductor material situ- 
ated between n and p layers. 2. A slender, 
straight, stiff prong used as a terminal or locking 
device (see, for example, BASE PIN and BAYONET 
BASE). 

pinchoff In a junction field-effect transistor, the 
condition in which the gate voltage causes the 
two depletion regions to meet and close the chan- 
nel to obstruct drain-current flow. 

pinchoff voltage In a junction field-effect transis- 
tor, the lowest value of gate voltage that will pro- 
duce pinchoff. 

pinch roller In a tape recorder, a rubber-tired, ro- 
tating cylinder that helps to pull the tape past the 
recording and/or playback heads. 
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pincushion A type of television picture distortion 
in which each side of the raster sags toward cen- 
ter screen. Also see ANTIPINCUSHIONING MAG- 
NETS. 

pincushion-correction generator A circuit for 
generating a deflection signal to correct pincush- 
ion distortion (see PINCUSHION). One form con- 
sists of a parabola generator and op-amp-type 
differentiator. 

pin diode A silicon junction diode having a lightly 
doped intrinsic layer serving as a dielectric bar- 
rier between p and n layers. 

pi network See COLLINS COUPLER. 

ping An acoustic pulse; it can be audible sound or 
ultrasound. 

pinhole 1. A tiny hole present as a defect in a film 
of dielectric, semiconductor, or metal. 2. A tiny 
aperture that acts as a universal lens by permit- 
ting the passage of a very small bundle of light 
rays. The smaller the aperture, the greater the 
depth of field. 

pinhole detector An electronic device for finding 
pinholes in materials. Also see PINHOLE, 1. 

pin jack A jack into which a pin plug is inserted for 
quick connection. 

pink noise Acoustical noise whose amplitude is 
inversely proportional to the frequency within a 
limited frequency spectrum. In the extreme, it 
creates a hissing sound. Compare WHITE 
NOISE. 

pinout A diagram of an integrated circuit depicting 
the locations of the pins for various functions. It 
generally takes the form of a rectangle for the cir- 
cuit itself, and short lines for the pins with desig- 
nators printed next to the lines. 

pin plug A plug consisting of a slender metal pin 
inserted between the blades of a PIN JACK for a 
quick connection. The plug usually has a small 
insulated back for convenient handling. 

pin straightener A device for straightening the 
pins of a transistor, integrated circuit, or other 
electronic component. 

pin switch A switch that changes state when a 
small pin is pushed or pulled. 

pin-usage factor For an integrated circuit, the 
number of gate equivalents per package pin. Also 
see GATE EQUIVALENT. 

PIO Abbreviation of parallel input/output. 

pion A subatomic particle consisting of one quark 
and one antiquark. 

PIP Abbreviation of PICTURE-IN-PICTURE. 

pip See BLIP. 

pi pad Aresistance-type attenuator having a series 
arm, a shunt input arm, and shunt output arm; 
its name is derived from its resemblance to the 
Greek letter pi. Also see PAD. 

pipe radiator A waveguide having an open end 
from which microwave energy is radiated. 

Pirani gauge A type of vacuum gauge in which a 
heated filament, composing one arm of a four- 
arm resistance bridge, is sealed into the vacuum 
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system. The bridge is balanced before evacuation 
starts. As evacuation progresses, the heat re- 
moved from the filament becomes proportional to 
the pressure in the system, and the resistance of 
the filament changes accordingly. The bridge is 
then rebalanced, and the difference between ini- 
tial and subsequent null conditions indicate the 
extent of the vacuum when the bridge has been 
appropriately calibrated. 

pi section An unbalanced filter or tuner section 
whose schematic representation has the general 
shape of the uppercase Greek letter pi. 

pi-section coupling Use of a PI SECTION for cou- 
pling a radio transmitter to an antenna. Also see 
COLLINS COUPLER and PI-SECTION TANK. 

pi-section filter A pi section used as either a low- 
pass or high-pass filter, depending on the posi- 
tion of the capacitors in the circuit. 

pi-section tank A pi section used as the collector, 
drain, or plate tank circuit of a radio-frequency 
power amplifier, and also serving as an antenna 
coupler. 

piston 1. The movable element (cone) of a loud- 
speaker. 2. The movable, solid plunger of a trim- 
mer capacitor that consists of a plug within a 
cylinder. 

piston directivity Directivity of sound emitted by 
the piston of a loudspeaker (see PISTON, 1). As 
the frequency of the audio signal increases, radi- 
ation from a loudspeaker tends to be concen- 
trated along the axis of the piston. 

pit 1. A microscopic depression in a compact disc; 
scatters and/or absorbs light from the laser, 
rather than reflecting it. Compare LAND, 1. 2. In 
a printed-circuit board, a pockmark in a compo- 
nent or foil run. 3. A pockmark in a metallic sub- 
stance, resulting from corrosion. 

pitch 1. The frequency of a sound, either in gen- 
eral terms (e.g., low, midrange, and high) or as a 
specific quantity (e.g., 2450 Hz). 2. The distance 
between the peaks of adjacent grooves on a 
phonograph disc. 3. The distance between adja- 
cent threads of a screw. 4. The distance between 
centers of turns in a coil (see PITCH OF WIND- 
ING) 5. The number of teeth or threads per unit 
length. 6. The distance along its axis a propeller 
moves in a revolution. 7. Up-and-down motion of 
a robot end effector or other electromechanical 
device. 8. The extent or range of movement, as 
defined in 7. 
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pitch of winding In a coil, the distance from the 
center of one turn to the center of the adjacent 
turn in a single layer of winding. 

PIV Abbreviation of PEAK INVERSE VOLTAGE. 

pivot The sometimes jeweled, stationary member 
of the bearing in an analog meter movement. 

pi-wound choke A choke coil consisting of several 
series-connected sections, mounted on a single 
core and separated to reduce internal capaci- 
tance. 

pix Abbreviation of PICTURE. 

pixel Contraction of picture element. The smallest 
bit of data in a video image. Also called pel. The 
smaller the size of the pixels in an image, the 
greater the resolution for a given image area. 

pixel aspect ratio In a video image, the ratio of 
PIXEL height to pixel width. 

pix tube See PICTURE TUBE. 

PL Abbreviation for PRIVATE LINE. 

place effect An apparent change in the perceived 
pitch of a sound, caused by variations in the way 
the waves interact inside the human ear. 

planar diffusion In the production of a semicon- 
ductor device, the diffusion of all the elements 
into one face of a wafer. Consequently, connec- 
tions to the elements all lie in one plane. Also see 
EPITAXIAL PLANAR TRANSISTOR and PLANAR 
TRANSISTOR. 

planar diode A semiconductor diode, having a pn 
junction that lies entirely within a single plane. 

planar epitaxial passivated diode A junction 
diode that, like the planar epitaxial transistor, 
has been manufactured by planar diffusion, then 
passivated to protect the junction. Also see EPI- 
TAXIAL GROWTH, EPITAXY, PASSIVATION, and 
PLANAR DIFFUSION. 

PL/1 A computer programming language that is a 
hybrid of scientific and commercial types (like AL- 
GOL and COBOL), the combined features be- 
ing powerful problem-solving and mass-data- 
handling abilities. 

planar epitaxial passivated transistor A planar 
epitaxial transistor that has been passivated to 
protect the exposed junctions. Also see EPITAX- 
IAL PLANAR TRANSISTOR, PLANAR TRANSIS- 
TOR, EPITAXIAL TRANSISTOR, PASSIVATION, 
and PLANAR TRANSISTOR. 

planar transistor A transistor in which the emit- 
ter, base, and collector elements terminate on the 
same face (plane) of the silicon wafer. A thin film 
of silicon dioxide is grown on top of the wafer to 
insulate the exposed junctions after the leads 
have been attached (i.e., the transistor is passi- 
vated). 

Planck constant Symbol, h. Unit, joule-second. 
The constant of proportionality in the fundamen- 
tal law of the quantum theory, stating that 
radiant energy is composed of quanta propor- 
tional to the frequency of the radiation; h = q/f= 
6.62608 x 10°34 Jes, where q is the value of the 
quantum and fis the frequency in Hz. 
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plane of polarization The plane containing the di- 
rection of propagation and the electric field vector 
of a plane-polarized wave (see POLARIZATION, 3 
and POLARIZED LIGHT). 

plane-polarized light See POLARIZATION, 3 and 
POLARIZED LIGHT. 

plane-reflector antenna A directive antenna in 
which the reflector is a sheet of metal or a metal 
screen. In a corner-reflector antenna, the reflec- 
tor is a folded sheet, or two sheets joined along 
one edge. 

planetary electron See ORBITAL ELECTRON. 

planimeter A mechanical instrument for measur- 
ing the area of a closed figure. The outline of the 
figure is traced with the pointer of the device, and 
the area is read from a pair of dials. In this appli- 
cation, the planimeter does the work of integral 
calculus. 

PLANNER A high-level computer programming 
language sometimes used in artificial intelli- 
gence. It is a “goal-oriented” language in that it 
seeks a solution to a problem using various 
schemes, as necessary. 

plan position indicator Abbreviation, PPI. A radar 
display on whose screen small spots of light re- 
construct the scanned vicinity, revealing objects, 
such as buildings, boats, aircraft, etc. The dis- 
tance from the center of the screen to a spot de- 
picts the range of an object, and the radial angle 
reveals its bearing. 

plant In computer operations, to put the result of 
an operation specified by a routine in a storage 
location from which it will be taken for implemen- 
tation of an instruction further on in the pro- 
gram. 

plaque resistor A flat, noninductive, power resis- 
tor, often used as a dummy load during high- 
frequency power measurements. 

plasma A usually high-temperature gas that is so 
highly ionized that it is electrically conductive 
and susceptible to magnetic fields; it is recog- 
nized as one of the states of matter. Also see 
PHYSICAL PROPERTIES. 

plasma diode A diode in which a plasma sub- 
stance produces conduction in one direction, but 
not in the other. 
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plasma length See DEBYE LENGTH. 

plasma oscillation In a plasma, a form of electric- 
field oscillation of the rapidly moving electrons. 

plasma torch A torch, used for such high-heat ap- 
plications as melting metal, in which a gas is 
heated by electricity to the high temperature at 
which it becomes a plasma. 

plasmatron A form of amplifier tube sometimes 
used at ultra-high and microwave frequencies. It 
is similar to a thyratron. An inert gas is excited 
until it becomes a plasma, producing amplifica- 
tion under certain operating conditions. 

Plastacele See CELLULOSE ACETATE. 

plastic A synthetic material usually made from 
various organic compounds through polymeriza- 
tion (see POLYMERIZE). Plastics can be molded 
into solid shapes and are available as films. Ex- 
amples: celluloid, cellulose acetate, cellulose ni- 
trate, polyethylene, and polystyrene. Also see 
THERMOPLASTIC MATERIAL and THERMOSET- 
TING MATERIAL. 

plastic-film capacitor A capacitor made using 
polyester, polyethylene, or polystyrene. The 
method of manufacture is similar to that for pa- 
per capacitors when the plastic is flexible. Stack- 
ing methods can be used if the plastic is more 
rigid. The geometries can vary, and these capaci- 
tors are therefore found in several different 
shapes. Capacitance values for plastic-film units 
range from about 50 pF to several tens of micro- 
farads. Most often they are in the range of 0.001 uF 
to 10 uF. Plastic-film capacitors are employed in 
audio equipment, and also in wireless transmit- 
ters and receivers. The efficiency is good, al- 
though not as high as that for mica-dielectric 
units. Compare CERAMIC CAPACITOR, ELEC- 
TROLYTIC CAPACITOR, MICA CAPACITOR, PA- 
PER CAPACITOR, TANTALUM CAPACITOR. 

plasticizer A substance added to a plastic to make 
it softer or more flexible. 

plastic-leaded chip carrier Abbreviated PLCC. A 
surface-mounted package for an integrated cir- 
cuit. It is small in size and has high electrical and 
mechanical reliability. 

plate 1. The anode of an electron tube. 2. One of 
the electrodes of a primary or secondary battery 
cell. 3. One of the electrodes of a capacitor. 

plateau In a response curve, a region in which an 
increase in the independent variable produces no 
further change in the dependent variable. Exam- 
ple: the saturation region in a common-base 
transistor collector-current curve. 

plate blocking capacitor A capacitor connected 
between the plate of an electron tube and the 
plate tank. It allows the direct-current supply 
voltage to be applied directly to the plate without 
it passing through the tank coil, while at the 
same time preventing the tank coil from short- 
circuiting the plate power supply. The capacitor 
freely transmits alternating-current signal energy 
to the tank. 
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plate capacitance See PLATE-CATHODE CAPACI- 
TANCE. 

plate-cathode capacitance Symbol, Cpx. Unit, pF. 
The internal capacitance between the plate and 
cathode of an electron tube. Also called OUTPUT 
CAPACITANCE. 

plate characteristic For an electron tube, the fam- 
ily of plate current-vs-plate voltage curves for var- 
ious grid-bias voltages. 

plate circuit The external circuit associated with 
the plate of an electron tube. 

plate-circuit relay A direct-current relay operated 
in series with the plate of an electron tube. 

plate conductance Symbol, gp. Unit, siemens. 
Conductance of the internal plate circuit of an 
electron tube. The value of static gp is equal to the 
plate current divided by the plate voltage (Ip/ Ep). 
The value of dynamic gp is equal to the derivative 
of the static gp: djp/dgp. Plate conductance is the 
reciprocal of PLATE RESISTANCE. 

plate current Symbol, Ip. Direct current flowing in 
the plate circuit of an electron tube. 

plate-current shift A change in the plate current 
of a radio-frequency power amplifier during am- 
plitude modulation. The action discloses faulty 
operation because the average plate current 
should remain constant during modulation. 

plate dissipation Abbreviation, PD. Unit, watt. 
Power expended in the plate of an electron tube. 
For an unloaded tube, PD = Eplp, where Ep is the 
direct-current (dc) plate voltage in volts, and Ip is 
the de plate current in amperes. For a loaded 
tube, PD = P, — P, where P, is the alternating- 
current (ac) power output of an amplifier or 
oscillator in which the tube operates, and P, is the 
dc plate power input. 

plated magnetic wire A wire with a ferromagnetic 
outer coating on a core that is not magnetic. 
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plated-wire memory See WIRE MEMORY. 

plate-grid capacitance Symbol, Cpo or Cap. Unit, 
pF. The internal capacitance between the plate 
and control grid of an electron tube. Also called 
INTERELECTRODE CAPACITANCE and FEED- 
BACK CAPACITANCE. 

plate load The power-consuming load into which 
the plate circuit of an electron tube operates. In 
an intermediate stage of a multistage amplifier, 
this load is the grid circuit of the following tube. 

plate load impedance Symbol, Zp. Unit, ohm. Ina 
tube circuit, the (output) impedance that is ac- 
connected between the plate and ground, or dc- 
connected between the plate electrode and dc 
plate power supply. 

plate meter A direct-current ammeter or mil- 
liammeter that indicates the plate current of an 
electron tube. 

plate modulation A method of AMPLITUDE MOD- 
ULATION in which a modulating voltage is super- 
imposed on the direct-current plate voltage of a 
higher-frequency amplifier or oscillator. 

platen The “roller” in a teletypewriter or impact 
printer. It supports the paper against impact by 
the print head; it also helps to move the paper 
through the machine. 

plate-neutralized amplifier A vacuum-tube radio- 
frequency power amplifier in which a neutralizing 
capacitor is connected between the control grid 
and the free end of a center-tapped plate-tank 
coil. 

plate power Symbol, Pp. Unit, watt. Power in the 
plate circuit of an electron tube; Pp = Eplp, where 
Ep is the plate voltage in volts and Ip is the plate 
current in amperes. 

plate power input See PLATE POWER. 

plate power output The output signal power deliv- 
ered by the plate circuit of an electron tube. Com- 
pare PLATE POWER INPUT. 

plate power supply The (usually direct current) 
power supply that furnishes energy to the plate of 
an electron tube. 

plate pulse modulation A method of obtaining 
pulse modulation by injecting high-voltage pulses 
into the plate circuit of a vacuum-tube amplifier. 

plate relay A relay operated in series with the plate 
of an electron tube. 

plate resistance Symbol, rp. Unit, ohm. Resistance 
of the internal plate circuit of an electron tube. 
The static value of rp is equal to Ep/Ip, where Ep is 
the plate voltage in volts, and Ip is the plate cur- 
rent in amperes. The dynamic value is dEp/dlp. 

plate saturation In an electron tube, the point at 
which, while plate voltage is increasing, the plate 
attracts all the electrons emitted by the cathode 
(i.e., the point beyond which no further signifi- 
cant increase in plate current results from a fur- 
ther increase in plate voltage). 

plate-screen capacitance Symbol, Cps. Unit, pF. 
The internal capacitance between the plate and 
screen grid of an electron tube. 
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plate-screen modulation A method of AMPLI- 
TUDE MODULATION in which the modulating 
voltage is superimposed simultaneously on the 
direct-current plate and screen voltages of a 
higher-frequency amplifier or oscillator. 

plate series compensation In an audio amplifier, 
the use of a plate decoupling circuit to obtain a 
fixed amount of bass boost. 

plate shunt compensation The addition of a net- 
work to the plate-output circuit of a tube to boost 
the bass response of an amplifier. 

plate spacing 1. The distance between plates in a 
fixed capacitor. This dimension is usually the 
same as dielectric thickness. 2. The distance be- 
tween plates in a variable capacitor. Also called 


capacitor air gap. 
yA / Plate 
Dielectric 
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plate supply voltage Symbol, Egg. The output volt- 
age of a plate power supply. 

plate tank A resonant inductance-capacitance 
(LC) circuit operated from the plate of an electron 
tube. 

plate tank capacitance The capacitance required 
to tune a PLATE TANK to resonance. 

plate tank inductance The inductance of the coil 
in a PLATE TANK. 

plate tank Q Figure of merit (see Q) of a plate tank, 
a function of the load resistance and the tank in- 
ductance-to-capacitance (L/C) ratio. 

plate tank voltage The audio-frequency or radio- 
frequency voltage developed across the plate tank 
of an electron-tube circuit. 

plate tuning Tuning an electron-tube circuit by 
varying the capacitance, inductance, or both in 
the plate tank. 

plate tuning capacitance See PLATE TANK CA- 
PACITANCE. 

plate tuning inductance See PLATE TANK IN- 
DUCTANCE. 

plate-type capacitor A capacitor having flat metal 
plates, rather than concentric cylinders, a cylin- 
der and rod, etc. 
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plate voltage Symbol, Ep. The direct-current volt- 
age applied to the plate of an electron tube. 

plate winding 1. An inductor connected in series 
between the plate of a vacuum tube and the pos- 
itive power-supply voltage. 2. The primary wind- 
ing of a plate-circuit output transformer. 

platiniridium A natural alloy of PLATINUM and 
IRIDIUM. 

platinotron A form of traveling-wave vacuum tube 
used as an amplifier at ultra-high and microwave 
frequencies. There are two output connections. 

platinum Symbol, Pt. A precious metallic ele- 
ment. Atomic number, 78. Atomic weight, 
195.08. It is sometimes used for plating of relay 
and switch contacts, and for certain parts of 
vacuum tubes. 

platinum metals The rare metals IRIDIUM, OS- 
MIUM, PALLADIUM, PLATINUM, RHODIUM, and 
RUTHENIUM. They do not react readily with 
other elements. 

platinum-tellurium thermocouple A thermocou- 
ple using the junction between platinum and tel- 
lurium wires; it is used in thermocouple-type 
meters. 

platter 1. One of the individual disks in a com- 
puter HARD DISK drive. 2. The rotating turntable 
in a PHONOGRAPH. 

playback The reproduction of recorded material in 
audio-tape, audio-disc, video-tape, or video-disc 
systems. 

playback computer system A personal computer 
and associated peripherals, equipped for repro- 
ducing multimedia that has been recorded on 
CD-ROM. 

playback head Ina magnetic recorder/reproducer, 
the head that picks up the signal from the tape or 
disc for reproduction. Also called read head and 
play head. 

playback loss In disc recording, the difference (at a 
particular point on the disc) between the recorded 
level and the reproduced level. 

player A semiconductor layer that is doped to pro- 
vide current carriers that are predominantly 
holes. Compare N LAYER. 

player A device or system that reproduces (plays 
back) data from a tape or disc, but cannot be 
used to record data onto the tape or disc. 

play head See PLAYBACK HEAD. 

playthrough The condition in which an amplifier 
delivers a small output signal when the gain con- 
trol is set to zero. 

PLC Abbreviation of POWER-LINE COMMUNICA- 
TION. 

PLCC Abbreviation of PLASTIC-LEADED CHIP 
CARRIER. 

plethysmograph A medical-electronic device that 
allows the monitoring of the amount of blood in 
different parts of the body. 

PLL Abbreviation of PHASE-LOCKED LOOP. 

PLM Abbreviation of pulse-length modulation (see 
PULSE-DURATION MODULATION). 
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PLO Abbreviation of PHASE-LOCKED OSCILLA- 
TOR. 

plot 1. A curve depicting the variations of one 
quantity, with respect to another. 2. To generate, 
print, or display a curve of the type defined in 1. 

plotter A machine that plots (see PLOT, 2) auto- 
matically, often by the direction of a computer. 

PL tone encoder An audio oscillator and modula- 
tor that cause a subaudible-tone modulation of a 
signal for use in restricted communications sys- 
tems. 

plug A usually male quick-connect device that can 
be inserted into a JACK to make a circuit connec- 
tion, or be pulled out of the jack to break the con- 
nection. See, for example, MALE PLUG, PHONE 
PLUG, POWER PLUG, and POLARIZED POWER 
PLUG. 

plug-and-jack connection A connection made by 
inserting a PLUG into a JACK. 

plug fuse A fuse provided with an Edison base for 
screwing into a socket. 

pluggable Capable of being completely removed 
from the rest of the system without the need for 
removing any wiring. Pluggable components and 
circuit boards simplify the servicing of electronic 
equipment. 

plug-in See PLUG-IN COMPONENT and PLUG-IN 
UNIT. 

plug-in capacitor A capacitor with pins or ferrules 
that can be quickly inserted into, or removed 
from, a socket. 

plug-in coil A coil wound on a form having pins 
that can be quickly inserted into, or removed 
from, a socket. 

plug-in coil form An insulating form with base 
pins that mate with socket terminals so that a 
coil wound on the form can be quickly inserted 
into, or removed from, a circuit. 

plug-in component A component or module, such 
as a transistor, capacitor, coil, lamp, etc., pro- 
vided with pins, clips, or contacts for easy inser- 
tion into, or removal from, a circuit. See, for 
example, PLUG-IN CAPACITOR, PLUG-IN COIL, 
PLUG-IN FUSE, PLUG-IN LAMP, PLUG-IN ME- 
TER, PLUG-IN RESISTOR, PLUG-IN TRANS- 
FORMER, and PLUG-IN UNIT. 

plug-in fuse A cartridge fuse having a metal ferrule 
on each end for insertion into a matching clip for 
easy installation and removal. 


plug-in fuse 


plug-in lamp A lamp with base pins for quick in- 
sertion into, or removal from, a socket. 

plug-in meter A meter with pins or banana plugs for 
quick insertion into, or removal from, a circuit. 
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plug-in resistor A resistor with pins or ferrules for 
quick insertion into, or removal from, a socket. 

plug-in transformer A small transformer with pins 
for quick insertion into, or removal from, a 
socket. 

plug-in unit A unit, such as a tuned circuit, ampli- 
fier, or meter, that has pins or contacts for easy 
insertion into, or removal from, a larger piece of 
equipment. 

plumber’s delight An antenna whose construc- 
tion, including that of the mast, is entirely of 
metal rods or tubing, with no insulating parts. 
Short circuits and grounds are prevented by 
making all attachments and joints at points that 
are at zero voltage, with respect to the standing- 
wave pattern. 

Plumbicon A television camera tube, similar to the 
VIDICON, with a lead-oxide target. It is noted for 
high sensitivity. The image lag time is shorter 
than in the conventional vidicon. 

plumbing Collectively, the waveguides, tees, el- 
bows, and similar pipelike devices and fixtures 
used in microwave setups. 

plunger-type meter A meter in which an iron or 
steel plunger is pulled into a coil by the mag- 
netism produced by a current flowing in the coil. 
The plunger is attached to a pointer that moves 
over the scale. 

plutonium Symbol, Pu. A radioactive metallic ele- 
ment that is artificially produced. Atomic num- 
ber, 94. Atomic weight, approximately 244. 

PM 1. Abbreviation of PERMANENT MAGNET. 
2. Abbreviation of PULSE(D) MODULATOR. 
3. Abbreviation of post meridian. 4. Abbreviation 
of PHASE MODULATION. 

Pm 1. Symbol for PROMETHIUM. 2. Abbreviation 
of PETAMETER. 

Pm Symbol for MAXIMUM POWER. 

PME Abbreviation of photomagnetoelectric. 

PMG Abbreviation of PERMANENT-MAGNET GEN- 
ERATOR. 

PMM Abbreviation 
MAGNETIZER. 
PMOS Abbreviation of P-CHANNEL METAL-OXIDE 

SEMICONDUCTOR. 

PMU Abbreviation of portable memory unit. 

PN 1. Abbreviation of POLISH NOTATION. 2. Ab- 
breviation of POSITIVE-NEGATIVE (often lower- 
case). 

pn Abbreviation of POSITIVE-NEGATIVE. 

pn boundary See PN JUNCTION. 

pnip transistor A junction transistor having an in- 
trinsic layer between an n-type semiconductor 
base and one of the p-type semiconductor layers. 

pneumatic computer A computer that uses fluid 
logic [i.e., one in which information is stored and 
transferred by the flow of a fluid (gas or liquid) 
and pressure variations therein]. 

pn junction The boundary between p-type and n- 
type semiconductor materials in a single block or 
wafer of the materials. The junction cannot be 
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duplicated by merely touching two pieces of ma- 
terial (one n-type and one p-type) together, how- 
ever smooth their mating faces. 

pn-junction diode A diode consisting of the junc- 
tion between p-type and n-type regions in the 
same wafer of semiconductor material. 

PNM Abbreviation of PULSE-NUMBERS MODULA- 
TION. 

pnpn device See NPNP DEVICE. 

pnp transistor A bipolar junction transistor in 
which the emitter and collector layers are p-type 
semiconductor material, and the base layer is 
n-type semiconductor material. Compare NPN 
TRANSISTOR. 

Po Symbol for POLONIUM. 

Po Symbol for OUTPUT POWER or POWER OUT- 
PUT. 

POGO Abbreviation of polar orbiting geophysical 
observatory. 

point 1. A dot indicating the place of separation 
between the integral and fractional parts of a 
number (e.g., decimal point). Also called RADIX 
POINT. 2. A precisely defined location in three- 
dimensional space that has theoretically zero 
length, zero width, and zero depth (e.g., focal 
point). 3. The place on a graph in any number of 
dimensions, at which two or more curves or coor- 
dinates intersect. 4. A set of operating conditions 
for a component, device, or system (e.g., cutoff 
point, operating point). 5. A defined condition at 
which some specific physical phenomenon occurs 
(e.g., melting point). 

point charge An electric charge imagined to oc- 
cupy a single point in space; thus, it has neither 
area nor volume. 

point contact The point at which the sharply 
pointed tip of a wire or rod conductor touches a 
second conductor (e.g., the contact between a 
“cat whisker” and a semiconductor wafer). 

point-contact diode A semiconductor diode hav- 
ing a fine wire (“cat whisker”), whose point is in 
permanent contact with the surface of a wafer of 
semiconductor material, such as germanium or 
silicon. 

point-contact junction The pn junction electro- 
formed under the point at which the “cat 
whisker” touches the semiconductor wafer in a 
point-contact diode or transistor. 

point-contact transistor A transistor having two 
fine wires (“cat whiskers”) that serve as the emitter 
and collector electrodes. The pointed tips of the 
wires are nearly in contact with (a few mils apart 
from) the surface of a wafer of semiconductor ma- 
terial, such as germanium. The semiconductor 
serves as the base electrode. This device was a pre- 
decessor of the JUNCTION TRANSISTOR. 

point counter A Geiger counter tube in which the 
central electrode is a pointed, fine wire. Also see 
PROPORTIONAL COUNTER. 

point defect 1. In a semiconductor substance or 
piezoelectric crystal, the absence of an atom from 
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its place in the lattice structure. 2. The presence 
of an extra atom in the lattice structure. 

point effect The tendency of an electrical dis- 
charge to occur more readily at a sharp point 
than at a blunt surface (as of an electrode). 

pointer A pointed blade, stiff wire, or inscribed line 
on a transparent blade; it moves over a scale to 
indicate a setting or the value of a quantity. Also 
called NEEDLE. 

pointer-type meter An analog meter in which a 
pointer moves over a calibrated scale. 

point impedance 1. The impedance observed at a 
given point in a circuit. 2. In a transmission line, 
the intensity of the electric field divided by the in- 
tensity of the magnetic field at a given point. 

points of saturation For a magnetic core, satura- 
tion as evidenced by a leveling-off of the positive 
and negative halves of the magnetization curve. 

point source A source from which electromagnetic 
radiation emanates, and that appears as a geo- 
metric point from a great distance. 

point mode Descriptive of cathode-ray-tube dis- 
play operation (in a computer system), in which 
data is portrayed as plotted dots. 

point-to-point communication Communication 
between two stations whose location can be pre- 
cisely specified. 

point-to-point motion A method of robot arm 
movement in which the device can attain only 
certain positions. The coordinates of each stop- 
ping point are stored in the robot controller (com- 
puter) memory. 

point-to-point station A radio station that pro- 
vides POINT-TO-POINT COMMUNICATION. 

point-to-point wiring A method of wiring an elec- 
tronic circuit in which wires are run directly be- 
tween the terminals or components, usually by 
the shortest practicable route. It is used mainly 
in high-voltage circuits, such as power amplifiers. 
Compare CABLED WIRING. 

poise The cgs unit of absolute viscosity; 1 poise is 
the absolute viscosity of a fluid that requires a 
shearing force of 1 dyne to move a 1-sq-cm area 
of one of two parallel layers of the fluid (1 cm 
apart) with a velocity of 1 cm per second, with re- 
spect to the other layer. The comparable SI unit is 
the newton-second per meter squared (N - s/m?); 
1 poise = 0.1 N-s/tm?. 

polar axis 1. In a crystal, the axis of rotation not 
perpendicular to a reflection plane. 2. The 
straight line connecting epicenters of electric, 
magnetic, or gravitational poles in a system. 
3. The axis about which the earth or another 
planet rotates. 

polar coordinate conversion See POLAR COOR- 
DINATE TRANSFORMATION. 

polar-coordinate geometry A two-dimensional 
system for movement of industrial-robot arms. It 
is based on a system of POLAR COORDINATES, 
in which a radius and a direction angle are as- 
signed to each point in the working plane. 
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polar coordinates The magnitude and direction of 
a vector in a defined plane, listed as a radius 
(magnitude) in combination with an angle (direc- 
tion) between the vector and the polar axis. 


(7,8) 


Origin: r = 0 


polar coordinates 


polarimeter An instrument for measuring the 
amount of polarized light in a ray that is only par- 
tially polarized. 

polariscope An instrument used in the observation 
or testing of materials under POLARIZED LIGHT. 

polarity 1. The condition of being electrically posi- 
tive or negative. 2. The condition of being mag- 
netically north or south. 3. The orientation of the 
positive and negative poles in a battery or power 
supply relative to a circuit. 4. The orientation of a 
magnetic field, relative to the surrounding envi- 
ronment. 

polarity blanking See POLARITY INHIBIT. 

polarity inhibit In some instruments, especially 
those having automatic polarity, the automatic 
blanking of the polarity sign. 

polarity-sensitive relay A direct-current relay ac- 
tuated only when coil current flows in one direc- 
tion. One of the simplest versions is a relay 
having a semiconductor diode connected in series 
with its coil. 

polarity shifter A potentiometer connected to two 
direct-current sources so that a pair of output 
terminals has plus and minus polarities at one 
extreme of potentiometer adjustment, and minus 
and plus at the other extreme. At the center of the 
range, the output voltage is zero. 

polarity switch A double-pole, double-throw 
switch connected between a pair of direct-current 
input terminals so that the polarity of a pair of 
output terminals can be interchanged. 

polarization 1. In a radio wave, the orientation of 
the electric lines of flux, with respect to the sur- 
rounding environment (e.g., horizontal polariza- 
tion and vertical polarization). 2. The disabling of 
a battery cell by the formation of insulating gas 
on one of the plates. 3. The condition in which 
transverse waves of light are confined to a specific 
(e.g., horizontal or vertical) plane. 
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polarization diversity A form of reception in 
which two separate receivers, tuned to the same 
signal, are connected to independent antennas. 
One antenna is vertically polarized and the other 
is horizontally polarized. The result is a reduction 
in fading caused by ionospheric effects on the po- 
larization of the incoming signal. 


Both antennas 
at least 1/2 apart 


Horizontal antenna 


polarization diversity 


polarization error In the operation of a loop an- 
tenna (e.g., that of a direction finder), null error 
caused by waves arriving with polarization oppo- 
site that of the loop (thus, vertically polarized 
waves at a horizontal-plane loop, and vice versa). 

polarization fading In radio reception, a form of 
fading that results from changes in the polariza- 
tion of the arriving signal with respect to the re- 
ceiving antenna. When the polarization of the 
arriving signal coincides with that of the receiving 
antenna, the received signal strength is maxi- 
mum. When the received-signal polarization is at 
right angles to the receiving antenna, the signal 
strength is minimum. 

polarization modulation A method of impressing 
information on a signal by changing the polariza- 
tion of the radiated electromagnetic field. 

polarization selectivity For a photoemissive sur- 
face, the condition in which the ratio of photocur- 
rents for two different angles of plane polarization 
of the light incident to the surface differs from the 
ratio of the corresponding amounts of light 
absorbed by the surface. Also see PHOTO- 
EMISSION; PHOTOEMISSIVE MATERIAL; and 
POLARIZATION, 3. 

polarized capacitor A conventional electrolytic ca- 
pacitor, so called because one particular terminal 
must be connected to the more positive of the two 
connection points. Compare NONPOLARIZED 
ELECTROLYTIC CAPACITOR. 

polarized light Visible light waves whose electric 
lines of flux are confined more or less to a single 
plane. This effect can be obtained via filtering; it 
also occurs naturally under certain conditions. 
Scattered sunlight is polarized to some extent by 
the atmosphere. Light is polarized to some extent 
when it reflects from a plane surface. Also see PO- 
LARIZING FILTER. 
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polarized plug A plug that can be inserted into a 
socket or receptacle in only one way to ensure 
safe and foolproof operation. 


Larger pin 
is ground 


polarized plug 


polarized power plug A polarized plug for connec- 
tion of equipment to an alternating-current utility 
power source. 

polarized reactor A saturable reactor in which the 
lines of flux produced in the three-leg core by the 
coils on the two outer legs are added in the center 
leg. Consequently, the flux can reinforce or op- 
pose the controlling current in the coil on the 
center leg, depending on the direction of the cur- 
rent. Compare NONPOLARIZED REACTOR. 

polarized receptacle A receptacle constructed so 
that it can receive a plug in only one way, thus 
preventing incorrect connections. 


Larger pin 
socket is 
ground 


polarized receptacle 


polarized relay A relay actuated by one polarity of 
direct current, or by one particular phase of al- 
ternating current. Such a relay sometimes con- 
tains an armature-centering permanent magnet. 

polarized socket See POLARIZED RECEPTACLE. 

polarized X rays X-ray waves whose electric lines 
of flux are more or less oriented in a specific 
plane, as when they are scattered by carbon 
blocks. See, for illustration, POLARIZATION, 3 
and POLARIZED LIGHT. 

polarizing filter A light filter that consists essen- 
tially of microscopic heraphathite plastic plate. 
The plate can be rotated to cause light passing 
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through it to be polarized in any particular plane 
between horizontal and vertical, depending on 
the degree of rotation. Also see POLARIZED 
LIGHT. 

polarography In chemistry, a form of qualitative or 
quantitative analysis utilizing IE curves obtained 
when the voltage is gradually increased across a 
solution in ELECTROLYSIS. 

polar orbit An orbit that carries a satellite over the 
geographic polar regions of the earth. This type of 
orbit is oriented at, or nearly at, 90 degrees with 
respect to the equator, and can have a period 
ranging from about 90 minutes to several weeks 
or even months. Low-earth-orbit (LEO) satellites 
generally have such orbits. 


Satellite 
Je orbit 


Earth 


Equator 


polar orbit 


polar-orbiting satellite Any satellite in a POLAR 
ORBIT. 

polar planimeter See PLANIMETER. 

polar relay See POLARIZED RELAY. 

polar response The horizontal-plane directional 
response of an antenna or other transducer. 

pole 1. An extremity or terminus that possesses 
POLARITY. Examples: magnetic pole and electric 
pole. 2. The movable member of a switch. 3. One 
of the frequencies at which a transfer function 
becomes infinite. 

pole face The smooth end surface of a pole piece. 

pole piece 1. A section of specially shaped iron or 
steel that is attached to a magnetic core. 2. Half 
of a two-piece magnetic core that terminates in a 
pole. 
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pole shoe In an electric motor, the section of the 
field pole nearest the armature. 

poles of impedance For a reactive network, the 
frequencies at which the impedance is infinite. 
Compare ZEROS OF IMPEDANCE. 

poles of network function The values at which a 
network function is infinite. Compare ZEROS OF 
NETWORK FUNCTION. 

poles of transfer function The frequencies at 
which a transfer function becomes infinite. Com- 
pare ZEROS OF TRANSFER FUNCTION. 

police robot A proposed robotic machine, either 
autonomous or remotely controlled (teleoper- 
ated), that would be used to assist in law enforce- 
ment, particularly in dangerous operations. 

poling The deliberate adjustment of electromag- 
netic-field polarity. 

Polish notation In Boolean algebra, a form of no- 
tation wherein the variables in a statement are 
preceded by the operators. 

polling In data transmission, a technique in which 
channels being shared by more than one termi- 
nal are tested to find one over which data is 
coming in, or to ascertain which is free for 
transmission. 

polonium Symbol, Po. A radioactive metallic ele- 
ment. Atomic number, 84. Atomic weight, ap- 
proximately 209. 

polychromatic radiation 1. Visible-light radiation 
having more than one wavelength; in particular, 
covering a broad range of wavelengths. 2. Elec- 
tromagnetic radiation over a broad band of wave- 
lengths. 

polycrystalline material A substance, such asa 
semiconductor, of which even a very small 
sample consists of a number of separate cry- 
stals bound tightly together. Compare SINGLE- 
CRYSTAL MATERIAL. 

polydirectional microphone See OMNIDIREC- 
TIONAL MICROPHONE. 

polyelectrolyte An ELECTROLYTE having high 
molecular weight. 

polyester A resin made by reacting a dihydroxy al- 
cohol with a dibasic acid. 

polyester backing A polyester tape on the surface 
of which iron oxide is deposited to yield a mag- 
netic recording tape. 

polyethylene A plastic insulating material. Dielec- 
tric constant, 2.2. Dielectric strength, 585 V/mil. 

polyethylene disc A phonograph disc made of 
polyethylene. 

polygonal coil A coil wound on a form having a 
polygonal, rather than circular cross section. 
Some polygonal forms have as many as 12 sides 
in cross section. 

polygraph An instrument for measuring and 
recording electrical signals proportional to blood 
pressure, skin resistance, breathing rate, and 
other reactions that vary under emotional stress. 
Also called LIE DETECTOR. Compare PATHOME- 
TER. 
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polymer A compound that is the product of poly- 
merization, resulting from the chemical union of 
monomers. Also see POLYMERIZE. 

polymerize To unite monomers or polymers of the 
same kind to form a molecule having a higher 
molecular weight. 

polyphase In alternating-current circuits, pertain- 
ing to the existence or generation of two or more 
specific electrical phases. Compare SINGLE 
PHASE. 

polyphase antenna An antenna consisting of two 
dipole radiators mounted perpendicular to each 
other at their midpoint and excited 90 degrees 
out of phase. The radiation pattern is approxi- 
mately circular in the plane of the elements. Also 
called TURNSTILE ANTENNA. 


90° Phase shift 


polyphase antenna 


polyphase generator 1. A dynamo-type generator 
of polyphase power (two-phase, three-phase, 
etc.). 2. See POLYPHASE OSCILLATOR. 

polyphase oscillator An oscillator circuit that gen- 
erates polyphase alternating current. The circuit 
contains separate oscillators for each phase. A 
three-phase circuit, for example, has three sym- 
metrical oscillators with matched inductance and 
capacitance values. 

polyphase power 1. The total dissipated power in 
a polyphase alternating-current circuit. 2. Poly- 
phase alternating current provided for utility pur- 
poses. 

polyphase rectifier A rectifier of polyphase alter- 
nating current generally obtained from a three- 
phase power line through a transformer. The 
several common circuits usually contain a diode 
for each phase. Such rectifiers offer the advan- 
tage of higher ripple frequency than is obtainable 
by single-phase operation. For a three-phase rec- 
tifier, for example, the ripple frequency is three 
times the line frequency; for a six-phase rectifier, 
it is six times the line frequency. 

polyphase system An alternating-current circuit 
in which voltages or currents are normally out of 
phase with each other by some fixed amount. Fa- 
miliar types are two-phase and three-phase. 

polyphase transformer An  alternating-current 
transformer specifically designed for use in cir- 
cuits that have two or more simultaneous current 
phases. 
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polypropylene A plastic material commonly used 
as an electrical insulator. Dielectric constant, 
2.0. Dielectric strength, 600 V/mil. 

polyrod antenna A tapered dielectric antenna, 
usually made of polystyrene, for directional mi- 
crowave transmission. 

polysilicon A polycrystalline form of silicon (see 
POLYCRYSTALLINE MATERIAL). 

polystyrene A clear, colorless thermosetting-type 
plastic. It is widely used as an insulating material 
in radio-frequency circuits and, to some extent, 
as a dielectric film in fixed capacitors. Dielectric 
constant, 2.4 to 2.9. Dielectric strength, 20 to 28 
kV/mm. 

polystyrene capacitor A high-Q capacitor 
which the dielectric film is polystyrene. 

polyvinyl chloride Abbreviation, PVC. A plastic 
insulating material. Dielectric constant, 3.6 to 
4.0. Dielectric strength, 800 V/mil. 

pool cathode In an industrial electron tube, a 
cathode consisting of a pool of mercury. 

pool-cathode tube An industrial electron tube us- 
ing a pool cathode. Examples: excitron, ignitron, 
and mercury-arc rectifier. 

popcorn noise A temperature-dependent, random- 
shot electrical noise. In a radio receiver or audio 
circuit, this noise resembles the sound of popping 
corn. It occurs in some operational amplifiers. 

population In statistical analysis, the total group 
of items, quantities, or values under considera- 
tion. Sometimes called universe. 

porcelain A hard, white, usually glazed ceramic 
used as a dielectric and insulant. Dielectric con- 
stant, 6 to 7.5. Dielectric strength, 40 to 100 
V/mil. Also called china. 

porcelain capacitor A ceramic-dielectric capacitor 
in which the dielectric is composed of porcelain or 
a related substance. 

porcelain insulator An electric insulator fabri- 
cated from porcelain. 

porch See BACK PORCH and FRONT PORCH. 

port 1. In a circuit, device, or system, a point at 
which energy or signals can be introduced or ex- 
tracted in a particular manner (e.g., two-port cir- 
culator and I/O port). 2. An aperture in a 
loudspeaker enclosure. 

portable-mobile station See MOBILE STATION. 

portable station A communications station that 
can be carried from one location to another. A 
portable station differs from a mobile station in 
that a portable station does not usually operate 
while in motion, whereas a mobile station does. 

ported reflex enclosure A loudspeaker cabinet 
with openings that facilitate bass (low-frequency) 
sound reproduction. 

pos 1. Abbreviation of POSITIVE. 2. Abbreviation 
of POSITION. 

position 1. The location of a point or object with re- 
spect to one or more (usually fixed) references. 
2. The setting of an adjustable device, such as a 
potentiometer, rotary switch, or variable capacitor. 
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positional notation A method of representing 
numbers in which the number is indicated by the 
positions and value of the component digits. The 
decimal number system belongs in this category 
(e.g., the decimal number 1284.67 is equal to 1 x 
108 +2 x 10?+8x10'+4x 100+6x10!1+7x 


1072). 

positional number system See POSITIONAL NO- 
TATION. 

positional representation See POSITIONAL NO- 
TATION. 


position-control potentiometers In an oscillo- 
scope, potentiometers used to control the voltage 
applied to the horizontal and vertical deflecting 
plates to position the spot on the screen. Also see 
CENTERING CONTROL. 

position controls See POSITION-CONTROL PO- 
TENTIOMETERS. 

position feedback In a servo or other control sys- 
tem, feedback current, or voltage that is propor- 
tional to the position assumed by a member. 

position fixing The determination of a position 
from the intersection on a map of two lines derived 
from the direction-finding pickups of two trans- 
mitting stations. Also see DIRECTION FINDER. 

position indicator In a tape recorder, a counter 
whose numbered wheels revolve when the reels 
do, thus aiding in locating a desired spot on the 
tape. Also called tape counter. 

positioning circuit The circuit associated with a 
horizontal or vertical centering control (see CEN- 
TERING CONTROL). 

position sensing 1. In robotics and navigation 
systems, a method of determining location, rela- 
tive to the surrounding environment. 2. Any 
method via which a robot can accurately deter- 
mine the location(s) of its end effector(s). 

position sensor An electronic circuit that detects 
physical displacement, and transmits a signal 
proportional to the displacement. 

positioning control See CENTERING CONTROL. 

positive 1. Possessing positive (plus) direct- 
current electrical polarity. 2. Pertaining to real 
numbers greater than zero. 3. A photographic 
image whose shadings are the same as those in 
the scene. 

positive angle 1. In a system of rectangular coor- 
dinates, an angle in the first or second quadrant. 
2. In rectangular coordinates, an angle measured 
counterclockwise from the positive x-axis. 
Compare NEGATIVE ANGLE. 

positive bias A positive voltage or current applied 
continuously to an electrode of a device (as to a 
transistor base) to maintain the device’s operat- 
ing point. Compare NEGATIVE BIAS. 

positive bus See POSITIVE CONDUCTOR. 

positive charge An electrical charge characterized 
by having relatively fewer electrons than a nega- 
tive charge. Also see CHARGE, 1; ELECTRIC 
CHARGE; and UNIT ELECTROSTATIC CHARGE. 
Compare NEGATIVE CHARGE. 
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positive conductor The conductor or line con- 
nected to the positive terminal of a current, 
voltage, or power source. Compare NEGATIVE 
CONDUCTOR. 

positive electricity See POSITIVE CHARGE and 
POSITIVE ELECTRIFICATION. 

positive electrification Electrification character- 
ized by a deficiency of electrons. For example, 
when a glass rod is rubbed with a silk cloth, the 
rod becomes positively charged because electrons 
are rubbed off the glass onto the silk. Similarly, 
when an atom loses an electron, it becomes elec- 
trified positively because it has a deficiency of elec- 
trons. Compare NEGATIVE ELECTRIFICATION. 

positive electrode 1. An electrode connected to 
the positive terminal of a current, voltage, or 
power source. 2. The positive terminal of a cur- 
rent, voltage, or power source, such as a battery 
or generator. 

positive electron See POSITRON. 

positive element See POSITIVE ELECTRODE, 1. 

positive error of measurement An error of mea- 
surement in which the difference between a mea- 
sured value and the true or most probable value 
is positive. Compare NEGATIVE ERROR OF MEA- 
SUREMENT. 

positive exponent A positive superscript indicat- 
ing that a number (x) is to be raised to the posi- 
tive nth power. Thus, in the expression xn, the 
value of nis greater than zero. Compare NEGA- 
TIVE EXPONENT. 

positive feedback Feedback that is in phase with 
an input signal. Also called REGENERATION and 
REGENERATIVE FEEDBACK. Compare NEGA- 
TIVE FEEDBACK. 


Feedback 
resistor 


Input 
Output 


h 


positive function A function having the positive 
sign. In the rectangular coordinate system, the 
trigonometric sine function is positive in the first 
and second quadrants, the cosine in the first and 
fourth, and the tangent in the first and third. 
Compare NEGATIVE FUNCTION. 

positive ghost In a television picture, a ghost with 
positive shading (see POSITIVE, 3). Also see 
GHOST. 


positive feedback 
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positive-going Pertaining to a signal whose value 
is changing in a positive direction. This is not re- 
stricted to signals of actual positive polarity; a 
decreasing negative voltage, for example, is 
positive-going as it falls in the direction of zero— 
even if it never crosses the zero line. 

positive grid In an electron tube, a control grid 
whose bias or signal voltage is positive, with re- 
spect to the cathode. 

positive-grid oscillator A microwave oscillator cir- 
cuit in which the control grid of a triode tube is 
operated at a positive direct-current potential, 
and the plate at a negative potential. Electrons 
move back and forth between cathode and plate, 
through the grid, and thus give rise to an oscillat- 
ing current. 

positive ground A direct-current electrical system 
in which the positive power-supply terminal is 
connected to the common ground. It is not gener- 
ally used in North America. 

positive half-alternation See POSITIVE HALF- 
CYCLE. 

positive half-cycle That half of an alternating- 
current cycle in which the current or voltage in- 
creases from zero to maximum positive and re- 
turns to zero. 

positive image 1. A picture in which the blacks, 
whites, and grays correspond to those in the actual 
scene (see POSITIVE, 3). 2. A normal television pic- 
ture (i.e., one that has the shading described in 1). 

positive ion An atom that has a deficiency of elec- 
trons and, consequently, exhibits a net positive 
charge. Also called CATION. 

positive lead See POSITIVE CONDUCTOR. 

positive light modulation In television transmis- 
sion, the condition in which transmitted power 
increases as the light intensity increases. Com- 
pare NEGATIVE LIGHT MODULATION. 

positive line See POSITIVE CONDUCTOR. 

positive logic 1. Binary logic in which a low posi- 
tive state represents logic O, and a high positive 
state represents logic 1. 2. Binary logic in which 
a high negative state represents logic O, and a low 
negative state represents logic 1. Compare NEG- 
ATIVE LOGIC. 

positive magnetostriction A form of MAGNE- 
TOSTRICTION in which the physical size of a 
substance is directly proportional to the intensity 
of the surrounding magnetic field. 

positive measurement error See POSITIVE ER- 
ROR OF MEASUREMENT. 

positive modulation In amplitude-modulated 
television transmission, the increase in transmit- 
ted power when the brightness of the scene in- 
creases. Compare NEGATIVE MODULATION. 

positive modulation factor For an amplitude- 
modulated wave having unequal positive and 
negative peaks, a ratio expressing the maximum 
positive deviation (increase) from the average 
value of the envelope. Compare NEGATIVE MOD- 
ULATION FACTOR. 
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positive number A real number, whose value is 
greater than zero. Compare NEGATIVE NUMBER. 

positive peak The maximum amplitude of a posi- 
tive half-cycle or positive pulse. 

positive-peak clipper A peak clipper that levels off 
the positive half-cycle of an alternating-current 
wave to a predetermined level. 

positive-peak modulation Amplitude modulation 
of the positive peaks of a carrier wave. 

positive-peak voltmeter An electronic voltmeter 
for measuring the amplitude of the positive peak 
of an alternating-current (ac) wave. In its sim- 
plest form, it consists essentially of a direct- 
current (dc) microammeter with a diode oriented 
to pass the positive half-cycle. A series capacitor 
in the circuit is charged to approximately the 
peak value of the applied ac voltage. Compare 
NEGATIVE-PEAK VOLTMETER. 


Discharge 
switch 


positive-peak voltmeter 


positive phase-sequence relay A phase-sequence 
relay that responds to the positive phase se- 
quence in a polyphase circuit. Compare NEGA- 
TIVE PHASE-SEQUENCE RELAY. 

positive picture modulation See POSITIVE MOD- 
ULATION. 

positive picture phase In a television signal, the 
swinging of the picture-signal voltage from zero to 
positive, in response to an increase in brightness 
in the scene. Compare NEGATIVE PICTURE 
PHASE. 

positive plate 1. The positive member of an elec- 
trochemical cell or battery. Electrons flow to this 
plate from the negative plate, through the exter- 
nal circuit. 2. A vacuum-tube plate that is biased 
positively, as in a conventional tube circuit. 

positive pole See POSITIVE ELECTRODE, I, 2. 

positive potential 1. The voltage at a positive elec- 
trode (with respect to the negative electrode). 
2. Voltage greater than that at ground as a refer- 
ence. 

positive power See POSITIVE EXPONENT. 

positive resistance Ohmic resistance (see OHMIC 
RESPONSE). Compare NEGATIVE RESISTANCE. 

positive resistor A resistor whose value does not 
change with current or voltage changes. Compare 
NEGATIVE RESISTOR. 
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positive temperature coefficient Abbreviation, 
PTC. A number expressing the amount by which a 
quantity (such as the value of a component) in- 
creases when temperature is increased. The coef- 
ficient is stated as a percentage of the rated value 
per degree, or in parts per million per degree. 
Compare NEGATIVE TEMPERATURE COEFFI- 
CIENT and ZERO TEMPERATURE COEFFICIENT. 

positive transmission In facsimile or television, a 
form of amplitude modulation in which the pic- 
ture brightness is directly proportional to the sig- 
nal strength at any given instant of time. 

positive valence The valence of a positive ion. 

positron A positively charged particle having the 
same mass as that of the electron, and the same 
magnitude of electric charge, but positive (instead 
of negative). Sometimes called positive electron. 

post See BINDING POST. 

post- Prefix meaning “following, 
or “behind.” 

post-accelerating electrode In a cathode-ray 
tube, the high-voltage electrode that produces 
POST-DEFLECTION ACCELERATION of the elec- 
tron beam. Also called INTENSIFIER ELEC- 
TRODE. 

postacceleration See POST-DEFLECTION ACCEL- 
ERATION. 

post-alloy-diffused transistor Abbreviation, 
PADT. A transistor in which electrodes are dif- 
fused into the semiconductor wafer after other 
electrodes have been alloyed. 

post-conversion bandwidth The bandwidth of a 
signal after it has been converted from one fre- 
quency to another. 

post-deflection accelerating electrode See 
POST-ACCELERATING ELECTRODE. 

post-deflection acceleration In a cathode-ray 
tube, the intensification of the electron beam 
following beam deflection. Also see POST- 
DEFLECTION CRT. 

post-deflection CRT An oscilloscope tube pro- 
vided with a high-voltage intensifier electrode in 
the form of a ring encircling the inside flare of the 
tube, between the deflecting plates and the 
screen. The deflected electron beam is acceler- 
ated by this electrode. This arrangement allows 
the beam to be deflected at low velocity and high 
sensitivity, then to be accelerated for a brighter 
image. 

post edit The editing of data in a computer output. 

postemphasis See DEEMPHASIS. 

post-equalization 1. In sound recording and re- 
production, equalization during playback. Com- 
pare PREEQUALIZATION. 2. See DEEMPHASIS. 

postmortem An investigation into the cause of 
failure of a circuit, device, or system. 

postmortem dump At the end of a computer pro- 
gram run, a dump to supply information for de- 
bugging purposes. 

post office box A type of wheatstone bridge that 
contains resistance coils in a special box. The 


” 66 


subsequent to,” 


coils are connected so that they can be replaced 
by shorting connectors. 

pot 1. See POTENTIOMETER. 2. See DASHPOT. 
3. Abbreviation of POTENTIAL. 4. To encapsulate a 
circuit in a potting compound, such as epoxy resin. 

potassium Symbol, K. A metallic element of the al- 
kali-metal group. Atomic number, 19. Atomic 
weight, 39.098. 

potassium chloride Formula, KCl. A compound 
used as a phosphor coating on the screen of a 
nearly permanent-persistence cathode-ray tube. 
The fluorescence is magenta or white, as is the 
phosphorescence. 

potassium cyanide Formula, KCN. A highly toxic 
salt that is an electrolyte in some forms of elec- 
troplating. 

potassium dihydrogen phosphate Abbreviation, 
KDP. An inorganic ferroelectric material. 

pot core A magnetic core for a coil, made of ferrite 
or of powdered iron, consisting of a central rod, a 
surrounding potlike enclosure, and a lid. The rod 
passes through the center of the coil, and the pot 
and lid completely enclose the coil. This arrange- 
ment provides a completely closed magnetic cir- 
cuit and coil shield. 


Slot for 
coil 


pot core 


potential See ELECTROMOTIVE FORCE. 

potential barrier The electric field produced on 
each side of a semiconductor junction by minor- 
ity carriers (i.e., by holes in the n-layer and elec- 
trons in the p-layer) that face each other across 
the junction, but cannot diffuse across the junc- 
tion and recombine. 

potential coil The shunt coil in a conventional 
wattmeter. 

potential difference See 
FORCE and VOLTAGE. 

potential divider See VOLTAGE DIVIDER. 

potential drop 1. A voltage difference between two 
points in a circuit. 2. The voltage across a resis- 
tor in a direct-current circuit. 

potential energy Energy resulting from the posi- 
tion of a body or particle (e.g., the energy stored 


ELECTROMOTIVE 
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in something lifted against gravity and held in its 
new position) or from the position of charges (e.g., 
the energy stored in a charged capacitor). Com- 
pare KINETIC ENERGY. 

potential gradient See VOLTAGE GRADIENT. 

potential profile A rectangular-coordinate display 
of the VOLTAGE GRADIENT across a body (e.g., 
the cross section of a transistor). 

potential transformer A small step-up trans- 
former for increasing the range of an alternating- 
current voltmeter. 

potentiometer 1. A variable resistor used as a volt- 
age divider. The input voltage is applied across the 
entire resistance element and the output voltage 
is taken from the wiper, relative to one end of the 
element. One end is usually grounded (at zero po- 
tential). 2. A null device whose operation is based 
on a variable resistor, and is used for precise volt- 
age measurements. The unknown voltage is ap- 
plied to the input of a variable resistor whose 
settings are known with great accuracy; the resis- 
tance is adjusted for an output voltage that ex- 
actly equals the voltage of a standard cell (as 
indicated by a null between the two voltages). The 
unknown voltage is then determined from the re- 
sistance and the standard-cell voltage. 

potentiometer noise In a current-carrying poten- 
tiometer, electrical noise generated when the 
wiper blade rubs against the resistance element, 
or by contact between the blade and element. 

potentiometric recorder A type of graphic 
recorder. It consists essentially of a resistance- 
calibrated potentiometer, a standard cell, and a 
galvanometer. When an unknown voltage (Ey is 
applied to the input terminals of the potentiome- 
ter and the potentiometer is set for null, E, = Es 
(R2/R;), where Es is the voltage of the standard 
cell, R1 is the input resistance of the potentiome- 
ter, and R2 is the output resistance of the poten- 
tiometer. 

Potier diagram An illustration of the phase rela- 
tionship between current and voltage in an alter- 
nating-current circuit that contains reactance. 

POTS Acronym for plain old telephone service, 
meaning basic service without optional features 
(such as call waiting, conference calling, call for- 
warding, etc.). 

potted circuit A circuit embedded in plastic or 
wax to protect it against the environment, and/or 
to minimize the effects of physical vibration (see 
POTTINQ). 

potted component An electronic part embedded 
in a suitable plastic or wax to protect it against 
the environment, and/or to minimize the effects 
of physical vibration (see POTTING). 

potting A process of embedding a component or 
circuit in a solid mass of plastic or wax held in a 
container. The process is similar to encapsula- 
tion, except that in potting, the container (enve- 
lope) remains as part of the assembly. Compare 
ENCAPSULATION. 
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potting material A substance, such as a resin or 
wax, used for potting electronic gear. Also called 
potting compound. 

pound 1. Abbreviations, lb, p. A unit of weight 
equal to 16 avoirdupois ounces. 2. Abbreviation, 
Ibf. A unit of force approximately equal to 4.448 
newtons. 3. Abbreviation, lbm. A unit of mass ap- 
proximately equal to 0.4536 kilogram. 

poundal A unit of force equal to approximately 
13825.5 dynes or 0.138255 newton. One poundal 
is the force that, when acting for one second, will 
impart a speed of one foot per second to a one- 
pound mass. 

pound-foot Abbreviation, lb-ft. A unit of torque 
equal to the product of a force of one pound and 
a moment arm of one foot. Compare OUNCE- 
INCH. 

pounds per square inch absolute Abbreviation, 
psia. Absolute pressure (i.e., the sum of atmo- 
spheric pressure and the pressure indicated by a 
gauge). Compare POUNDS PER SQUARE INCH 
GAUGE. 

pounds per square inch gauge Abbreviation, 
PSIG. The value of pressure indicated by a gauge, 
without correction for atmospheric pressure. 
Compare POUNDS PER SQUARE INCH ABSO- 
LUTE. 

powdered-iron core A magnetic core consisting of 
minute particles of iron, each coated with a film 
to insulate it from others, molded into a solid 
mass. Because of its low eddy-current loss, this 
type of core is usable in radio-frequency trans- 
formers and coils, where it increases the induc- 
tance of the winding. 

power 1. Symbol, P. Unit, watt. The rate of doing 
work, or producing or transmitting energy. In 
direct-current circuits, and in alternating-current 
circuits containing no reactance, power is the 
product of the root-mean-square current and 
voltage. See, for example, AC POWER, APPARENT 
POWER, DC POWER, KILOVOLT-AMPERE, 
POWER FACTOR, REACTIVE KILOVOLT- 
AMPERE, REACTIVE VOLT-AMPERE, TRUE 
POWER, VOLT-AMPERE, WATT, and WATTLESS 
POWER. 2. The product obtained by multiplying 
a quantity x by itself n times, written xn. For ex- 
ample, 24 = 2 x 2 x 2 x 2 = 8; here, 8 is the fourth 
power of 2. Compare ROOT, 1. 3. The exponent in 
an expression, as defined in 2. 

power amplification 1. The amplification of a sig- 
nal having a certain power (wattage) to produce a 
signal having greater power. 2. The signal power 
increase, expressed as a ratio or as a figure in 
decibels, resulting from the process defined in 1. 
Also called POWER GAIN. 

power amplification ratio See POWER AMPLIFI- 
CATION, 2 and POWER GAIN. 

power amplifier An amplifier that delivers useful 
amounts of power to a load, such as one or more 
speakers. Compare CURRENT AMPLIFIER and 
VOLTAGE AMPLIFIER. 
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power-amplifier device A high-current tube or 
transistor designed especially for high power 
output. Such a device does not always provide 
significant voltage amplification, but always pro- 
vides power amplification. Compare VOLTAGE- 
AMPLIFIER DEVICE. 

power at peak torque Symbol, Pp. For a torque 
motor, the input power in watts needed for peak 
torque at stall at a winding temperature of 25 de- 
grees Celsius. 

power attenuation 1. A reduction of power level. 
2. See POWER LOSS. 

power bandwidth For a high-fidelity audio ampli- 
fier, the difference between the maximum and 
minimum frequencies at which the amplifier can 
produce at least 50 percent of its maximum 
power output, with less than a certain amount of 
total harmonic distortion (usually 10 percent). 

power blackout A situation in which all electric 
power is lost to utility subscribers in a defined re- 
gion. 

power consumption 1. For a direct-current de- 
vice, the normal operating voltage multiplied by 
the normal drawn current. 2. For an alternating- 
current circuit, the root-mean-square voltage 
multiplied by the root-mean-square current. 

power control The adjustment of the output volt- 
age of a power supply, usually by means of a vari- 
able autotransformer, silicon-controlled rectifier, 
thyratron, or similar device. 

power cutoff frequency Symbol, feo. The frequency 
at which the power gain of a transistor drops 3 dB 
below its low-frequency value. 

power derating For a temperature higher than the 
specified ambient temperature, a deliberate re- 
duction of the power dissipated by a component 
or device. This is done to prevent failure of the 
component or device. Also see DERATING, DER- 
ATING CURVE, and DERATING FACTOR. 

power difference An expression of the power lost 
in a circuit when power is absorbed by a dielectric 
material. 

power diode A heavy-duty diode that is usually 
used in power-supply service. Also called rectifier 
diode. 
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power dissipation Abbreviation, PD. The power 
consumed by a device during normal operation. 
This power is not available in the electrical output 
of the device. An example is the direct-current 
power dissipated in the collector circuit of a high- 
fidelity audio amplifier. 

power divider A circuit that distributes power, ina 
predetermined manner, among various loads. 

power drain The amount of power drawn by a de- 
vice. It can be operating power or standby power. 

power dump See DUMP, 2. 

power equations Variations of the basic power 
equation: P = EI = E?/R = PR, where P is the 
power in watts, E is the voltage in volts, I is the 
current in amperes, and R is the resistance in 
ohms. 

power factor Abbreviation, PF. In an alternating- 
current circuit, the ratio (expressed either as a 
decimal or a percentage) of true power (power ac- 
tually consumed) to apparent power (simple 
product of voltage and current). The power factor 
is equal to the cosine of the phase angle. Also see 
AC POWER. 

power-factor balance In a capacitance bridge, a 
separate null adjustment for the internal resis- 
tance component of a capacitor under measure- 
ment. The dial of the variable component for this 
adjustment reads directly in percent power factor 
in some bridges. 

power-factor correction To raise the power factor 
of an inductive circuit by inserting a parallel ca- 
pacitance. In power circuits, this affords im- 
proved economy of operation because the current 
drain is brought more in line with that of a resis- 
tive circuit. 

power-factor meter An instrument that gives di- 
rect readings of power factor (lead or lag). One 
such meter uses a dynamometer-type movement 
(see ELECTRODYNAMOMETER) in which the ro- 
tating element consists of two coils fastened to- 
gether at right angles. 

power-factor regulator A device that regulates the 
power factor of an alternating-current line. 

power-factor relay An alternating-current relay 
actuated by a rise or fall in power factor, with re- 
spect to a predetermined value. 

power frequency 1. See POWER-LINE FRE- 
QUENCY. 2. The frequency of an alternating- 
current generator. 3. The output frequency of a 
power inverter (see INVERTER, 1). 

power-frequency meter An instrument for mea- 
suring power-line frequency. It can use elec- 
tromechanical devices, or can directly count the 
number of alternations per second. 

power gain Abbreviations, PG or PGag. The extent 
to which power is increased by a power amplifier. 
It can be expressed as the ratio of power output to 
power input as PG = P,/P;, or in decibels as 
PGap = 10 log¡0(P./P). 

power grid An aggregation of power-generating 
stations, transmission lines, and associated 
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equipment, usually extending over hundreds of 
miles and embracing several communities, so op- 
erated that individual members can deliver power 
to the system or draw power from it, according to 
local demand. 

power ground The power-supply ground for a cir- 
cuit or system. 

power-handling capacity 1. The amount of power 
that a device can dissipate, either continuously or 
intermittently, without suffering damage. 2. The 
maximum input power that can be tolerated by an 
amplifier transistor or tube without overheating. 

power hyperbola For a semiconductor device or 
vacuum tube, a curve plotted from the device's 
current and voltage values, which provide the 
power value when multiplied (e.g., a 2-watt curve 
for the direct-current collector input of a power 
transistor). 

power input See INPUT POWER. 

power-input control The adjustment of the output 
of a power supply by varying the alternating- 
current input to the power transformer. Usually, 
a variable autotransformer is operated ahead of 
the power transformer. See, for example, 
VARIABLE TRANSFORMER and VARIAC. 

power inverter See CHOPPER POWER SUPPLY. 

power-level indicator 1. See DB METER. 2. See 
OUTPUT POWER METER. 

power line The line through which electrical en- 
ergy is received by a subscriber. 

power-line communication Abbreviation, PLC. 
Carrier-current telephony or telegraphy over 
power lines that are common to transmitting and 
receiving stations. Also see WIRED WIRELESS. 

power-line filter 1. A heavy-duty radio-frequency 
(RF) filter inserted in the power line close to a de- 
vice that generates RF energy, such as a radio 
transmitter. It prevents transmission of RF en- 
ergy via the power line. 2. An RF filter inserted in 
the power line, where it enters the power supply 
of a sensitive electronic device, such as a com- 
puter or high-fidelity audio amplifier. It prevents 
RF energy on the power line from entering the de- 
vice via the power supply. 

power-line frequency The frequency of the alter- 
nating current and voltage available over com- 
mercial power lines. In the United States, it is 
60 Hz; in some countries, it is 50 Hz. 

power-line monitor An expanded-scale alternat- 
ing-current voltmeter for the continuous moni- 
toring of power-line voltage. 

power-line pickup The interception of radio- 
frequency energy by utility power lines acting as 
receiving antennas. This energy can enter a sensitive 
electronic device, such as a computer or a high- 
fidelity audio amplifier, via the power supply. 

power loss The power dissipated in a component. 
It generates heat while doing no useful work. 
Represents energy loss, except when the genera- 
tion of heat is the end purpose. 
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power-loss factor Symbol, F,. In interstage cou- 
pling, the ratio of available power (with the cou- 
pling network in place) to the available power 
when the network is disconnected. 

power meter See WATTMETER. 

power modulation factor In amplitude modulation, 
the ratio of the peak power to the average power. 

power oscillator A heavy-duty oscillator delivering 
useful power output. 

power output See OUTPUT POWER. 

power-output meter See OUTPUT POWER ME- 
TER. 

power pack An external power-line-operated unit 
supplying alternating or direct current for the op- 
eration of electronic equipment. 

power pentode A heavy-duty pentode vacuum tube 
designed to deliver relatively high output power. 

power plug A plug for insertion into a power-line 
outlet. 

power programmer A device that adjusts radar 
output power, in accordance with the target dis- 
tance. 

power rating 1. The specified power required by an 
equipment for normal operation. 2. The specified 
power output of a generator or amplifier. 

power reactive See REACTIVE VOLT-AMPERE. 

power rectifier A heavy-duty semiconductor diode 
used to rectify alternating current for power- 
supply purposes. 

power relay A heavy-duty relay designed to switch 
significant amounts of power. The heavy contacts 
and armature require high actuating current; 
this necessitates a larger coil than is used in 
lighter-duty relays. 

power resistor A heavy-duty resistor (i.e., one de- 
signed to carry large currents without overheating). 

power stack A selenium rectifier consisting of a 
number of rectifier plates stacked in series for 
higher voltage handling. 

power supply 1. A device, such as a generator ora 
transformer-rectifier-filter arrangement, that pro- 
duces the power needed to operate an electronic 
equipment. 2. A reserve of available power (e.g., 
the power line, an installation of batteries, etc.). 

power-supply filter A low-pass filter that is used 
to remove the ripple from the output of a power- 
supply rectifier. See, for example, BRUTE-FORCE 
FILTER. 

power-supply rejection ratio The ratio of the out- 
put-voltage change for an amplifier, oscillator, or 
other circuit, to the change in power-supply volt- 
age. It is determined on an instantaneous basis. 

power-supply sensitivity In an operational ampli- 
fier, sensitivity of the offset to variations in the 
power-supply voltage. 

power surge 1. A momentary increase in the volt- 
age on a utility line. 2. An abnormally high volt- 
age that sometimes exists for the first several 
milliseconds after utility power is restored follow- 
ing a blackout. 
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power switch The switch for controlling power to a 
piece of equipment. Also see ON-OFF SWITCH. 
power switching Switching operating power on 
and off. There are two principal methods: One in- 
volves making and breaking the connections be- 
tween equipment and the power line; the other 
involves making and breaking the output of a 
line-operated or battery-type power supply. 

power tetrode A heavy-duty tetrode vacuum 
tube designed to deliver relatively high output 
power. 

power-to-decibel conversion Abbreviation, Pap. 
Power expressed in decibels, with respect to a ref- 
erence power level. Determined by the formula 
Pas = 10 logio(P,/Prep), where P, is the given power 
level and Pe is the reference power level. 

power transfer 1. The passage of power from a 
generator to a load. 2. The passage of power from 
one circuit to another. 

power transfer theorem See MAXIMUM POWER 
TRANSFER THEOREM. 

power transformer A transformer designed solely 
to supply operating power to electronic equip- 
ment—either directly or through a rectifier-filter 
circuit. Because a power transformer is used at 
low (power-line) frequencies, its core does not re- 
quire the high-grade iron used in audio trans- 
formers, nor are special winding techniques 
needed to reduce the leakage inductance and in- 
terwinding capacitance. 

power transistor A heavy-duty transistor designed 
for power-amplifier and power-control service. 

power triode A heavy-duty triode vacuum tube de- 
signed to deliver relatively high output power. 

power tube A heavy-duty electron tube designed to 
deliver useful amounts of power. See, for exam- 
ple, POWER PENTODE, POWER TETRODE, and 
POWER TRIODE. 

power unit 1. A power supply (see POWER SUP- 
PLY, 1). 2. A unit of power measurement. See, 
for example, KILOWATT, MEGAWATT, MICRO- 
WATT, MILLIWATT, PICOWATT, and WATT. 
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power user In personal or business computing, a 
serious user who has extensive, up-to-date 
knowledge of hardware and software. 

power winding In a magnetic amplifier or sat- 
urable reactor, the output winding (i.e., the wind- 
ing through which the controlled current flows). 

Poynting vector In an electromagnetic wave, the 
vector product of instantaneous electric intensity 
and magnetic intensity. 

PP Abbreviation of peripheral processor. 

PP 1. Symbol for PLATE POWER. 2. Symbol for 
PEAK POWER. 

ppb Abbreviation of parts per billion. 

PPI Abbreviation of PLAN POSITION INDICATOR. 

pp junction In a semiconductor wafer, the bound- 
ary between two p-type regions that have some- 
what different properties. 

PPM Abbreviation of PULSE-POSITION MODULA- 
TION. 

ppm 1. Abbreviation of parts per million. 2. Abbre- 
viation of pulses per minute. 

pps Abbreviation of pulses per second. 

ppt Abbreviation of parts per thousand. 

PPV Abbreviation of PAY PER VIEW. 

Pr Symbol for PRASEODYMIUM. 

practical component A circuit component consid- 
ered in proper combination with the stray compo- 
nents inherent in it. Thus, a resistor has residual 
inductance and capacitance, an inductor has 
residual capacitance and resistance. Compare 
IDEAL COMPONENT. 

practical units A set of physical/electrical units 
especially suited to a particular application. For 
example, in direct-current electrical applications, 
practical units are the AMPERE, OHM, VOLT, 
and WATT. 

praetersonics See ACOUSTOELECTRONICS; 
ACOUSTIC DELAY LINE; SURFACE-WAVE AM- 
PLIFIER; SURFACE-WAVE FILTER. 

pragilbert The unit of MAGNETOMOTIVE FORCE 
in the absolute mks (Giorgi) system. 

pragilbert per weber The unit of RELUCTANCE in 
the absolute mks (Giorgi) system. 

praoersted The unit of MAGNETIZING FORCE in 
the absolute mks (Giorgi) system. 

praseodymium Symbol, Pr. A metallic element of 
the rare-earth group. Atomic number, 59. Atomic 
weight, 140.908. 

preaccelerating electrode In the electron gun ofa 
cathode-ray tube, the high-voltage electrode that 
provides initial acceleration to the electron beam. 

pre-alarm signal An audio and/or visual indicator 
that an alarm will sound if an area is not cleared 
within a short time. An example is a voice record- 
ing in a car alarm system (e.g., “Stand back!”). 

preamplifier 1. A high-sensitivity, low-noise am- 
plifier that usually uses a high-gain field-effect 
transistor (FET) and is used to enhance the 
sensitivity of a radio communications receiver. 
They are especially used at frequencies above 
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approximately 15 MHz, where most of the noise 
comes from the receiver, rather than from outside 
sources. 2. A low-noise amplifier used for boost- 
ing weak signals for television reception. 3. A low- 
noise, low-level amplifier used for boosting signal 
levels from transducers, such as microphones or 
photocells. 

prebiased relay A relay through which is main- 
tained a steady current that is just lower than 
that needed to close the relay. The actuating sig- 
nal, then, need only be a small amount of addi- 
tional current. 

precedence effect See FUSION, 1. 

precipitation 1. Water falling from the atmosphere 
in some form (rain, snow, hail, or sleet). See PRE- 
CIPITATION STATIC. 2. The amount of precipita- 
tion occurring in a given period of time at a 
specific location. 3. Separation of a solid material 
from a solution, as a result of a chemical or phys- 
ical action. 

precipitation static 1. Radio noise that some- 
times occurs when it rains or snows. It can be 
mistaken for artificially generated noise. 2. Radio 
noise caused by atmospheric electricity arising 
from rain, snow, ice crystals, hail, or dust clouds, 
through which an aircraft carrying the radio flies. 

precipitator See DUST PRECIPITATOR. 

precipitron See DUST PRECIPITATOR. 

precision 1. Pertaining to electronic hardware, es- 
pecially test instruments and measuring devices, 
designed and built to function with a high degree 
of accuracy. 2. The relative accuracy of a meter or 
other indicating device. 3. The accuracy of the re- 
sults of an experiment, test, or measurement. 

precision approach radar A radar aimed along the 
approach path to guide an aircraft during ap- 
proach. 

precision instrument An instrument possessing 
high accuracy and stability (i.e., one capable of 
reproducing readings or settings for various trials 
under set circumstances). 

precision potentiometer 1. A POTENTIOMETER 
possessing highly accurate resistance calibra- 
tion, linearity, and repeatability of settings. 2. A 
potentiometer-type voltage-measuring instru- 
ment. 
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preconduction current 1. The cutoff current in a 
transistor. 2. In a thyratron, the small (anode) 
current flowing before the tube is fired. 

predetermined counter A counter programmed to 
count to a desired number and stop. 

predistortion See PREEMPHASIS. 

pre-Dolby 1. To record a tape with DOLBY com- 
pression. 2. A tape that has been recorded with 
Dolby compression. 

preemphasis In frequency modulation, the intro- 
duction of a rising-response characteristic (re- 
sponse rises as modulation frequency increases). 
Compare DEEMPHASIS. 

preequalization 1. In sound recording and repro- 
duction, equalization during recording. 2. See 
PREEMPHASIS. 

preferred values of components A number sys- 
tem used by the Electronics Industries Associa- 
tion (EIA) for establishing the values of 
composition resistors and small fixed capacitors. 

prefix multiplier See MULTIPLIER PREFIX. 

prefix notation As used with complex expressions 
involving many operators and operands, a type of 
notation in which the expressions, rather than 
containing brackets, are given a value, according 
to the relative positions of operators and 
operands. 

preform 1. A small wafer, usually dry-pressed 
from powdered plastic, from which the body of a 
component, such as a capacitor or resistor, is 
heat-molded. Also called a pill or biscuit. 2. The 
preformed slab used in molding a phonograph 
disc. 3. To shape a moldable circuit before fixing 
the final configuration or package. 

preliminary information For manufactured elec- 
tronic components, data that is released prior to 
the actual availability of the device. Subject to 
change when units are produced. 

premix A molding compound of reinforced plastic. 

prerecorded disc A phonograph disc on which a 
recording has been made (i.e., a recorded disc). 

prerecorded tape Magnetic tape on which a pro- 
gram or data has been recorded. Also called 
RECORDED TAPE. 

p region See P LAYER. 

prescaler A device operated ahead of a counter to 
establish a new, usually higher-frequency, range 
over which frequency measurements can be 
made. 

preselector A tuned or untuned radio-frequency 
amplifier operated ahead of a radio or television 
receiver to boost the sensitivity of the receiver. 

presence 1. In sound reproduction, the quality of 
being true to life. 2. The effect of boosted upper- 
midrange frequencies in music. 

preset counter A pulse counter that delivers one 
output pulse for a number of successive input 
pulses, determined by the settings of counter- 
circuit controls. Thus, a preset counter might 
give an output pulse for each train of 125 input 
pulses. 


de 
Gy 


5059P=pP=510=565 


4/10/01 9:33 AM Page 553 


ÓN 


preset element In automation and control, an ele- 
ment that can be preset to a given level or value, 
and to which other elements can then be referred. 

preset switch In the circuit of a PRESET COUN- 
TER, a multiposition rotary switch that can be set 
to determine the number of input pulses that 
must be received for the circuit to deliver one 
output pulse. 

preshoot A downward-moving transient pip that 
sometimes precedes the rise of a pulse. 
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preshoot amplitude The peak voltage of a PRE- 
SHOOT, measured from the zero line to the valley 
of the preshoot. 

preshoot time The width of a PRESHOOT, mea- 
sured along the horizontal base line (time axis). 

pressing 1. A process by which phonographic 
discs are fabricated from plastic. 2. A disc 
pressed from plastic. 

press-to-talk microphone A microphone that 
uses a PRESS-TO-TALK SWITCH for actuation. 

press-to-talk switch A switch in a microphone or 
on the end of a control cord. It is used to actuate 
a transmitter, telephone, or recorder when the 
operator wishes to speak. 

pressure Abbreviation, P or p. 1. Force per unit 
area. It can be expressed in any appropriate units 
of force and area (e.g., newtons per square meter, 
pounds per square inch, grams per square cen- 
timeter, etc.). 2. The application of force over part 
or all of a surface. 3. Compression. 4. See TEN- 
SION, 1. 

pressure amplitude The pressure caused by an 
acoustic disturbance. It is usually measured in 
dynes per square centimeter. 

pressure capacitor An enclosed fixed or variable 
capacitor, whose breakdown voltage increases 
when the air pressure rises inside the container. 

pressure contact 1. Electrical contact made by 
pressing two conducting surfaces together (to 
complete a circuit). 2. A contact for obtaining the 
condition described in 1. 

pressure-gradient microphone See PRESSURE 
MICROPHONE. 

pressure microphone A microphone that receives 
sound waves at only one side of its diaphragm. 
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This one-sided exposure results in the displace- 
ment of the diaphragm by an amount proportional 
to the instantaneous pressure of the sound waves. 

pressure pad In a tape recorder, a small pad that 
holds the tape against one of the heads. 

pressure pickup See PRESSURE TRANSDUCER. 

pressure roller In a tape recorder, a rubber-tired 
roller that presses the tape against the capstan. 

pressure sensor A device that detects the presence 
of, and/or measures, physical force within a spe- 
cific area. One simple device uses two metal 
plates separated by electrically resistive foam. 
Pressure compresses the foam and reduces the 
resistance between the plates. This resistance 
change can be detected and measured. 

pressure switch A switch that is opened or closed 
by a change in pressure within a system. 

pressure transducer A sensor for converting pres- 
sure into proportionate current or voltage. Some 
use strain gauges; others use piezoelectric crys- 
tals, potentiometers, and other variable elements. 

pressure zone A region of high air pressure that is 
immediately adjacent to a surface reflecting an 
acoustic (sound) wave. 

pressure-zone microphone A microphone equip- 
ped with a deflector that helps to guide acoustic 
energy toward the diaphragm. 

prestore To place data in memory before it is in- 
tended for use. 

pretuned stage A stage, such as one in an inter- 
mediate-frequency amplifier or single-frequency 
receiver, that is preset to a frequency, rather than 
being continuously tuned. 

prf Abbreviation of PULSE REPETITION FRE- 
QUENCY. 

pri Abbreviation of PRIMARY. 

primaries See PRIMARY COLORS. 

primary 1. See PRIMARY WINDING. 2. See PRI- 
MARY STANDARD. 

primary battery A battery composed of primary 
cells. 

primary block A fundamental group of channels in 
pulse-code modulation, combined by means of 
time-division multiplexing. 

primary capacitance 1. The distributed capaci- 
tance of the primary winding of a transformer 
whose secondary winding is unloaded. Compare 
SECONDARY CAPACITANCE, 1. 2. A series or 
shunt capacitance used to tune the primary coil 
of a radio-frequency transformer. Compare SEC- 
ONDARY CAPACITANCE, 2. 

primary cell An electrochemical cell that does not 
require, and generally will not accept, an electri- 
cal charge in order to function. Once it has been 
discharged, the cell must usually be thrown 
away. Compare STORAGE CELL. Also see CELL, 
DRY CELL, and STANDARD CELL. 

primary circuit 1. The circuit associated with the 
primary winding of a transformer. 2. The circuitry 
associated with the input to a device or system. 

primary coil See PRIMARY WINDING. 
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primary colors See COLOR PRIMARY. 

primary current The current flowing in the pri- 
mary winding of a transformer. Also called 
TRANSFORMER INPUT CURRENT. Compare 
SECONDARY CURRENT. 

primary electron The electron possessing the 
greater energy after a collision between two elec- 
trons. Compare SECONDARY ELECTRON. 

primary emission Emission arising directly from a 
source, such as the cathode of an electron tube. 
Compare SECONDARY EMISSION. 

primary frequency standard A device that gener- 
ates unmodulated signals at precise frequencies. 
It generally uses a highly stable crystal oscillator 
that can be referred to a time standard and peri- 
odically corrected. A string of multivibrators, to- 
gether with harmonic amplifiers and buffers, 
divide, and multiply the fundamental crystal fre- 
quency. The resulting signals provide markers for 
calibrating receivers and test equipment. Com- 
pare SECONDARY FREQUENCY STANDARD. 
Also see PRIMARY STANDARD. 

primary impedance 1. The impedance of the pri- 
mary winding of a transformer whose secondary 
winding is unloaded. Compare SECONDARY 
IMPEDANCE, 1. 2. An external impedance pre- 
sented to the primary winding of a transformer. 
Compare SECONDARY IMPEDANCE, 2. 

primary inductance The inductance of the pri- 
mary winding of a transformer whose secondary 
winding is unloaded. Compare SECONDARY IN- 
DUCTANCE. 

primary kVA The kilovolt-amperes in the primary 
circuit of a transformer. Compare SECONDARY 
KVA. 

primary measuring element A detector, sensor, 
or transducer that performs the initial conversion 
in a measurement or control system. Such an el- 
ement converts a phenomenon into a signal that 
can be transmitted to appropriate instruments 
for translation and evaluation. 

primary power Power in the primary circuit of a 
transformer. Also see PRIMARY KVA and PRI- 
MARY VA. Compare SECONDARY POWER. 

primary radiator 1. The driven element of a direc- 
tive antenna system that incorporates parasitic 
elements. 2. The driven element of a directive an- 
tenna that uses a reflector, such as a screen or 
dish. 

primary resistance The direct-current resistance 
of the primary winding of a transformer. Compare 
SECONDARY RESISTANCE. 

primary standard A usually stationary source ofa 
quantity (e.g., capacitance, frequency, time, in- 
ductance, resistance, etc.). This source is so pre- 
cise, and is maintained with such care, that it 
can be used as a universal reference. Compare 
SECONDARY STANDARD. 

primary turns Symbol, N,. The number of turns in 
the primary winding of a transformer. Compare 
SECONDARY TURNS. 


ÓN 


primary utilization factor Abbreviation, UF,. For 
a transformer in a rectifier circuit, the ratio of 
direct-current power output to primary volt- 
amperes. Numerically, the primary utilization 
factor is higher than the secondary utilization 
factor, but is less than 1. Also see SECONDARY 
UTILIZATION FACTOR and UTILITY FACTOR. 

primary VA The volt-amperes in the input circuit 
of a transformer. Compare SECONDARY VA. 

primary voltage The voltage across the primary 
winding of a transformer. Also called transformer 
input voltage. Compare SECONDARY VOLTAGE. 

primary winding The normal or usual input wind- 
ing of a transformer. Also called primary coil. 
Compare SECONDARY WINDING. 

prime meridian See ZERO MERIDIAN. 

prime mover A machine, such as a gas engine, 
steam engine, or water turbine, that converts a 
natural force or material into mechanical power. 

primitive oscillation period In a complex oscilla- 
tion waveform, the shortest period for which a 
definite repetition occurs; the highest fundamen- 
tal frequency. 

principal axis The line passing through the center 
of the spherical part of a lens, mirror, or dish re- 
flector. 

principal focus The focal point of rays arriving 
parallel to the principal axis of a lens, mirror, or 
dish reflector. 
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principal mode See DOMINANT MODE. 

principal ray The path described by an electron en- 
tering an electron lens parallel to the lens’ axis, or 
by an electron leaving this lens parallel to the axis. 

print 1. The material transferred from a typewriter 
onto paper. 2. The command, in a computer sys- 
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tem, that causes data to be placed on paper or 
onto the output screen. 3. The alphanumeric out- 
put of a computer or data terminal. 

printed capacitor A two-plate capacitor formed on 
a printed circuit. 

printed circuit A pattern of conductors (corre- 
sponding to the wiring of an electronic circuit) 
formed on a board of insulating material, such as 
a phenolic, by photo-etching, silk-screening of 
metallic paint, or by the use of pressure-sensitive 
preforms. The leads or pins of discrete compo- 
nents are soldered to the printed metal lines at 
the proper places in the circuit, or the compo- 
nents can be formed along with the conductors. 
Also see ETCHED CIRCUIT. 

printed-circuit board A usually copper-clad plas- 
tic board used to make a printed circuit. 

printed-circuit lamp A baseless lamp having flex- 
ible leads for easy soldering or welding to a 
printed circuit. 

printed-circuit relay A usually small relay pro- 
vided with pins or lugs for easy solder connection 
to a printed circuit. 

printed-circuit switch A rotary switch whose con- 
tacts and contact leads are printed on a substrate. 

printed-circuit template Also called etching pat- 
tern. A drawing for the purpose of making 
printed-circuit boards by photographic means. 

printed coil A flat, spiral coil formed on a printed 
circuit. 
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printed component A component formed on the 
substrate of a printed circuit. See, for example, 
PRINTED CAPACITOR, PRINTED COIL, and 
PRINTED RESISTOR. 

printed display See DATA PRINTOUT, 2. 

printed element See PRINTED COMPONENT. 

printed inductor See PRINTED COIL. 

printed resistor A resistor printed or painted ona 
printed circuit. 

printed wiring The printed or etched metal lines 
that serve as the conductors in a printed circuit. 

printer In computer and calculator operations and 
in measurement procedures, a readout device 
that prints a permanent record of output data. 
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There are several types, including the dot-matrix 
printer, the daisy-wheel printer, the inkjet printer, 
and the laser printer. Some printers, such as the 
daisy-wheel type, can render only text data; 
others, such as the laser type, can print high- 
resolution graphic images, sometimes in color. 

printing calculator 1. An electronic calculator 
that supplies a printed record of the results of a 
calculation. 2. For a programmable calculator, 
the results, a record of program steps, and plots 
of curves. 

printing digital voltmeter Abbreviation, PDVM. A 
digital voltmeter that delivers a printed record of 
a voltage reading, in addition to the usual digital 
readout of the voltage. 

printing telegraph 1. A telegraph that prints the 
received message on a tape or page. 2. See TELE- 
TYPEWRITER. 

printing wheel See PRINT WHEEL. 

print format The form of data transmitted by a 
computer program to a printer (e.g., plain text, 
graphics, color graphics, etc.). 

printout See DATA PRINTOUT, 1, 2. 

print-through In prerecorded magnetic tape on a 
reel or cassette, the transfer of magnetism be- 
tween layers of the rolled-up tape. 

print wheel In a daisy-wheel printer, the rotatable 
wheel on whose rim the letters, numbers, and 
other symbols are inscribed in relief. 

priority indicator In data transmission, a code 
that specifies the order of importance of a mes- 
sage in a group of messages to be sent. 

priority processing In multiple programming op- 
erations, a system for ascertaining the order of 
processing for different programs. 

privacy code 1. A subaudible tone used in cord- 
less telephone systems to reduce the chances of 
interference between phones operating on the 
same channel in close proximity. 2. A subaudible 
tone used in radio transmissions, especially in 
conjunction with repeaters, to allow only those 
stations with the proper code to be received. 3. A 
tone-burst sequence at the beginning of a trans- 
mission that actuates a receiver, allowing only 
those stations with the proper code to be re- 
ceived. 

privacy equipment Devices, such as speech 
scramblers and digital encryption programs, that 
provide some measure of secrecy in communica- 
tions. 

privacy switch In a telephone amplifier, a switch 
(usually a pushbutton) for muting outgoing mes- 
sages. 

private automatic exchange Abbreviation, PAX. A 
dial telephone system for use within an organiza- 
tion and having no connection to the central of- 
fice. Compare PRIVATE BRANCH EXCHANGE. 

private branch exchange Abbreviation, PBX. A 
telephone system, complete with a private manu- 
ally operated switchboard and individual tele- 
phone sets, installed and operated on private 
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premises but having trunk-line connection to the 
central office. Compare PRIVATE AUTOMATIC 
EXCHANGE. 

private line 1. A communication circuit in which 
the use is limited, by electronic means, to certain 
subscribers. 2. A subaudible-tone system used to 
restrict access to a communications system. The 
tone frequency is predetermined. For access to 
the system, a transmitted signal must contain 
the tone of the appropriate subaudible frequency, 
in addition to the voice or other information. 

probability 1. The branch of mathematics con- 
cerned with the likelihood of an event's occur- 
rence. It has many applications in quality control 
and physics. 2. The mathematical likelihood that 
an event will occur. 

probable error Abbreviation, PE. The value of error 
above and below which all other error values are 
equally likely to occur. 

probe 1. A usually slender pencil-like implement 
with a pointed metal tip and a flexible, insulated 
lead. It is used to contact live points in a circuit 
under test (e.g., voltmeter probe and oscilloscope 
probe). 2. A device used to sample a radio- 
frequency voltage or current at a desired point 
(e.g., WAVEGUIDE PROBE). 3. A pickup device 
shaped like a probe for insertion into close 
quarters (e.g., PROBE THERMISTOR). 

probe meter See PROBE-TYPE VOLTMETER. 

probe thermistor A thermistor of slender con- 
struction for insertion into an area in which the 
temperature is to be monitored or controlled. 

probe thermocouple A thermocouple in the form 
of a slender probe for insertion into close quarters 
for temperature sensing or temperature control. 

probe tip See PROD. 

probe-type voltmeter A voltmeter installed in a 
long probe or wand. Kilovoltmeters are some- 
times constructed in this fashion, with a long 
multiplier resistor housed in the probe. 

probing A process for locating, or determining the 
existence of, external artificial interference (e.g., 
power-line noise) in a radio communications cir- 
cuit. 

problem-oriented language Any high-level com- 
puter programming language that allows the user 
to write programs as statements in terms appli- 
cable to the field of interest (e.g., COBOL's state- 
ments in English for problems relating to 
business). 

problem reduction In artificial intelligence, a pro- 
cess in which problems are made easier by break- 
ing them down into smaller logical parts. 

process control The control of a process, such as 
one of manufacturing, by means of computers. 

processor 1. A circuit or device used to modify 
a signal in response to certain requirements 
(e.g., clipper and waveshaper). 2. See DATA- 
PROCESSING MACHINE. 3. See CENTRAL PRO- 
CESSING UNIT. 4. See MICROPROCESSOR. 

prod The metal tip of a probe (see PROBE, 1). 
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product 1. The result of mixing or heterodyning of 
two or more signals. 2. The result of modulating 
one signal with another. 3. The result of combin- 
ing or processing a signal or signals in a specified 
manner. 4. The saleable end result of a manufac- 
turing process. 5. The result obtained when two 
or more quantities are multiplied by each other. 

product detector A detector circuit whose output 
is the product of two signals applied simultane- 
ously to the circuit. In a single-sideband receiver, 
for example, one of the signals is the incoming 
signal; the other, the signal from the local beat- 
frequency oscillator. 
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production lot A manufactured set of compo- 
nents, circuits, or systems, intended for sale. All 
of the units in the lot are identical. The finished 
product is suitable (presumably) for consumer 
use. 

production unit One unit in a production lot; a 
finished unit, ready for use by a consumer. 

product modulator A modulator whose output is 
equal or proportional to the product of carrier 
voltage and modulating voltage. 

product of sine waves The result of multiplying 
one sine wave by another with attention being 
paid to the power factor. In the case of a resistive 
circuit, where the power factor is equal to 1, all 
voltage-current (EJ) products are positive, and are 
equal to the true power. A product wave has neg- 
ative half-cycles when the circuit contains reac- 
tance. 

professional engineer A person licensed by a state 
board of examiners to work independently as an 
engineering. Also see PE and REGISTERED PRO- 
FESSIONAL ENGINEER. 

program 1. In computer operations, a detailed se- 
quence of instructions representing an algorithm 
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(the necessary steps in solving a problem) that 
can be implemented by a computer. 2. The con- 
tent of a radio or television broadcast during a 
specified period of time. 3. In audio recording, the 
composite output from the mixer, used to make 
the master tape or disc. 

program address counter See 
REGISTER. 

program amplifier A broadcast preamplifier used 
at the studio or a remote location. 

programatics The study of computer programming. 

program circuit In wire telephony, a circuit capa- 
ble of handling music and other audio data that 
covers a wide band of frequencies. 

program compatibility The condition in which a 
program written for one computer can be used 
with another computer having a different archi- 
tecture. 

program controller In a central processor, a unit 
that controls the sequence and execution of pro- 
gram instructions. 

program counter See CONTROL REGISTER. 

program file A flexible reference system for soft- 
ware library maintenance. 

program flowchart A representation of a computer 
program in the form of a flowchart. Each function 
and transition point is indicated by a box in the 
chart. A user can follow the flowchart and deter- 
mine the outcome of the program for any given 
set of input parameters. 

program library A collection of computer or pro- 
grammable-calculator programs. Usually, it 
means the collection of programs used in a given 
computer system, often a software package sup- 
plied by the hardware vendor. It might also be a 
catalog of programs with instructions for their use. 

programmable calculator A calculator that can be 
programmed to perform a chain of operations in a 
given order repetitively. 

programmable read-only memory In a computer, 
a read-only memory (ROM) that can store a pro- 
gram. 

program maintenance The ongoing correcting, 
updating, and modification of computer pro- 
grams belonging to a system. 

programmed dump A dump that occurs during a 
program run, according to a program instruction. 

programmed halt During a computer program 
run, a temporary cessation resulting from an in- 
terrupt or halt instruction. 

programmed instruction See MACRO INSTRUC- 
TION. 

programmed timer See CYCLE TIMER. 

programmer A person who writes computer pro- 
grams. 

program modification 1. In computer program- 
ming operations, a change in the effect of instruc- 
tions and addresses during a program run by 
performing arithmetic and logical operations on 
them. 2. Rewriting, or adding a patch to, a com- 
puter program. Also see PATCH, 3. 
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program register See CONTROL REGISTER. 

program segment A unit within a computer pro- 
gram that is stored with others in memory at the 
time of the program's execution, or sometimes, as 
overlays loaded individually when the entire pro- 
gram exceeds memory capacity. 

program specification A description of the steps 
involved in the solution of a problem, from which 
a programmer devises a computer program. 

program step An instruction in a computer pro- 
gram. 

program tape In computer operations, a magnetic 
or paper tape that contains programs for a sys- 
tem or application. 

program timer 1. A programmed timer (see CY- 
CLE TIMER). 2. A timing unit that controls the 
duration of a program. 

progressive scanning Non-interlaced television 
raster scanning, in which the lines are traced 
from top to bottom in succession. Conventional 
television broadcasting uses INTERLACED 
SCANNING. 

progressive wave A wave disturbance that travels 
through a theoretically perfect homogeneous 
medium. This can be a compression (longitudi- 
nal) wave, a transverse wave, or an electromag- 
netic wave. 

projected cutoff For an amplifier circuit, the oper- 
ating point at which crossover distortion van- 
ishes. The direct-current bias voltage (grid or 
gate) required for projected cutoff is somewhat 
lower than the value corresponding to conven- 
tional cutoff of plate or drain current. 

project engineering A field of engineering dealing 
with the coordination of a complete project. 

projection television Large-screen television for 
viewing by a relatively large group, usually ac- 
complished via a projection tube and optical sys- 
tem. 

projection tube A cathode-ray tube, especially a 
television picture tube, capable of producing a 
bright image that can be projected onto a large 
screen by means of a lens system. 

projector 1. A device that transmits a visible image 
onto a surface for reproduction. 2. In general, any 
device that transmits a signal into space. 

PROLOG Acronym for programming in logic. A 
high-level computer programming language, sim- 
ilar to LISP, used in artificial intelligence. The op- 
erator inputs facts and rules; the computer, in 
effect, derives theorems from the facts by follow- 
ing the logical rules. 

PROM Abbreviation of PROGRAMMABLE READ- 
ONLY MEMORY. 

promethium Symbol, Pm. A metallic element of 
the rare-earth group, produced artificially. 
Atomic number, 61. Atomic weight, approxi- 
mately 145. Formerly called illinium. 

promethium cell A radioactive battery cell using 
an isotope of promethium. Radioactive particles 
from this substance strike a phosphor, causing it 
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to glow. Self-generating photocells then convert 
this light into electricity. 

PROM programmer An electronic device that can 
store a computer program in a PROGRAM- 
MABLE READ-ONLY MEMORY (PROM). It uses a 
built-in keyboard. 

prompt In computer operations, a message re- 
ceived by an operator from an operating system 
or an individual program. For example, in disk 
operating system (DOS), it could be the statement 
“Bad command or file name.” 

prompting In computer or programmed-calculator 
operations, the entry of a special, required vari- 
able when the machine halts and awaits such en- 
try. 

prong See PIN. 

prony brake An arrangement for measuring the 
mechanical power output of a rotating machine. 
It is a special form of friction brake consisting of 
a band passed around a pulley on the rotating 
shaft of the machine under test and held at each 
end by a spring balance. 

propagation 1. The extension of energy into and 
through space. Thus, radiant energy is propa- 
gated from and by its source. 2. A phenomenon 
resulting from the extension of energy into and 
through space. Thus, radio waves can be spoken 
of as a propagation. 

propagation constant For waves transmitted 
along a line, a number showing the effect the line 
has on the wave. This is a complex figure [i.e., one 
containing a real-number component (the attenu- 
ation constant) and an imaginary-number com- 
ponent (the phase constant)]. 

propagation delay 1. Symbol, tpa In an inte- 
grated-circuit logic gate, the time taken for a logic 
signal to be propagated across the gate. 2. In dig- 
ital-circuit operation, the time required for a 
logic-level change to be transmitted through one 
or more elements. 

propagation delay-power product See DELAY- 
POWER PRODUCT. 

propagation factor The ratio E/E», where E is the 
complex electric-field strength at a point to which 
a wave has been propagated, and E, is the com- 
plex electric-field strength at the point of origin. 
Also called propagation ratio. 

propagation loss The path loss of an electromag- 
netic disturbance between the transmitting and 
receiving antennas. 

propagation mode See WAVEGUIDE MODE. 

propagation ratio See PROPAGATION FACTOR. 

propagation time In digital-circuit operation, the 
time required for a binary bit to be transferred 
from one point to another in the system. 

propagation velocity See VELOCITY OF PROPA- 
GATION. 

proportional action An action, such as amplifica- 
tion or conversion, that produces an output 
signal proportional to the input signal. 
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proportional amplifier An amplifier in which the 
instantaneous output amplitude is proportional 
to the instantaneous input amplitude. 

proportional control A voltage-regulation system 
in which the feedback correction voltage is pro- 
portional to the output-voltage error. 

proportional counter A Geiger tube having a 
pointed-wire (or ball-tipped-wire) anode. The volt- 
age developed across the load resistor is propor- 
tional to the number of ions created by the 
radioactive particles entering the tube. 

proprioceptor A set of transducers and associated 
circuitry that allows a computerized robot to con- 
stantly sense the positions of its end effectors, and 
use this data in carrying out programmed tasks. 

prosodic features Variations in voice tone and em- 
phasis that lend meaning and implication to 
spoken statements. It is important in advanced 
computer speech recognition and speech synthe- 
sis systems. Two sentences with identical wording 
can have greatly different meanings, depending on 
these factors (e.g., “You are!” versus “You are?”). 

prosthesis An electromechanical artificial human 
limb or body part. Examples: artificial legs, artifi- 
cial hands, and artificial respirators. Some such 
devices are computer-controlled; others can be 
manipulated by nerve impulses. 

protactinium Symbol, Pa. A relatively short-lived 
radioactive metallic element. Atomic number, 91. 
Atomic weight, 231.04 Formerly called protoac- 
tinium. 

protected area A region to which access is re- 
stricted, and that is secured by an alarm system, 
surveillance cameras, or other intrusion-preven- 
tion systems. 

protected location In computer storage, a loca- 
tion whose contents are protected from mutila- 
tion or erasure by making the location usable 
only by following a special procedure (e.g., using 
a password). 

protection In a multiple processing computer sys- 
tem, preventing interference between data or pro- 
grams. 

protective bias In the final power amplifier of a ra- 
dio transmitter, external direct-current bias ap- 
plied to the base, gate, or grid. Prevents runaway 
in collector, drain, or plate current when the bias 
caused by the driving signal is lost. 

protective capacitor A power-line bypass capaci- 
tor. 

protective device 1. A component that breaks a 
circuit in the event of excessive voltage or current 
from the power supply. 2. A device that prevents 
excessive power from being delivered to a load by 
a driving circuit. 

protective gap 1. A spark gap connected in paral- 
lel with a component, or between a line and 
ground as protection against high-voltage tran- 
sients and surges. 2. A spark-gap-type lightning 
arrester. 
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protective resistor 1. A bleeder resistor connected 
in parallel with a filter capacitor in a high-voltage 
direct-current power supply to discharge the ca- 
pacitor automatically, thus preventing electric 
shock. 2. A series resistor that limits the current 
going through a device. 


+ 
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protective resistor, 2. 


protector 1. A fast-acting power-disconnect de- 
vice, such as a circuit breaker or fuse, that acts to 
protect electronic equipment. 2. A device or con- 
nection, such as a safety ground or ground-fault 
interrupter, that protects an operator from elec- 
tric shock. 3. See CONTACT PROTECTOR. 

protium The light isotope of hydrogen, having an 
atomic mass of 1. 

protoactinium See PROTACTINIUM. 

protocol 1. A set of parameters for a digital com- 
munications signal. 2. The method by which a 
procedure is followed; a uniform set of governing 
regulations. It ensures proper operation of a sys- 
tem or network. 


protective resistor + pseudo-instruction 559 


proton A positively charged particle in the nucleus 
of an atom. The mass of a proton is approximately 
1840 times the mass of an electron. 

proton rest mass See MASS OF PROTON AT 
REST. 

proton-synchrotron A synchrotron that uses fre- 
quency modulation of the radio-frequency accel- 
erating voltage. It can accelerate protons to 
energies of several billion electronvolts. 

prototype The preliminary design or model of a de- 
vice or system. It is often modified numerous 
times before the final design is attained. Compare 
PILOT MODEL. 

proustite Crystalline silver arsenide trisulfide. Ar- 
tificial crystals of this compound are used in tun- 
able infrared-ray instruments. 

proximity alarm A capacitance relay used to actu- 
ate an alerting-signal device when an area is in- 
truded upon or a person is too close to a 
protected object. Also called INTRUSION ALARM. 

proximity detector See PROXIMITY SENSOR. 

proximity effect 1. The influence of high- 
frequency current flowing in one conductor on 
the distribution of current flowing in an adjacent 
conductor. 2. In an audio system, the result of 
placing a microphone too close to a person's 
mouth. Under these conditions, some spoken 
consonants (e.g., B, F, P, and T) produce clapping 
or booming sounds. 

proximity fuse An electronic device situated in the 
nose of a missile. When the missile is near the 
target, the fuse transmits a signal that is reflected 
back from the target; this reflected signal deto- 
nates the missile. 

proximity relay See CAPACITANCE RELAY. 

proximity sensing The ability of a machine, espe- 
cially a robot, to detect when an object is near. 
This is an aid in robot navigation because it pre- 
vents collisions. Some devices can measure the 
distance from a robot, or from a robotic end effec- 
tor, to a nearby object. 

proximity sensor A device that indicates the pres- 
ence of a nearby body. Such a device uses some 
form of circuit, such as that of a CAPACITANCE 
RELAY, that changes its operating characteristics 
when an object enters its field. 

proximity switch See CAPACITANCE RELAY. 

PRR Abbreviation of PULSE REPETITION RATE. 

PRV Abbreviation of PEAK REVERSE VOLTAGE. 

PS Abbreviation of POWER SUPPLY. 

ps Abbreviation of PICOSECOND. (Also, psec.) 

PSD Abbreviation of PHASE-SENSITIVE DETEC- 
TOR. 

psec Abbreviation of PICOSECOND. (Also, ps.) 

pseudocode In a computer system, an instruction 
or code symbol that affects the operation of the 
programming in an indirect manner. 

pseudo-instruction In computer programming op- 
erations, data representing an instruction and re- 
quiring translation by a compiler or assembler. 
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pseudo-offlining During input/output operations 
in a computer system, maximizing hardware by 
disconnecting slow devices from the process in 
question. 

pseudo-operation In computer operations, an op- 
eration that, rather than being performed by 
hardware, is carried out by special software or by 
macroinstruction. 

pseudo-random numbers Numbers that, although 
produced by a computer operating on an algo- 
rithm for their generation, are useful for an appli- 
cation requiring random numbers. 

pseudo-stereophonic effect A somewhat height- 
ened binaural effect obtained when two loud- 
speakers are situated, relative to the listener, so 
that a transit-time difference of 1 to 30 millisec- 
onds results. 


Level 
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psf Abbreviation of pounds per square foot. (Also, lb 

per sq ft, Ib/ft?.) 

1. Abbreviation of pounds per square inch. 

(Also, lb per sq in, lb/in?.) 

psia Abbreviation of POUNDS PER SQUARE INCH 
ABSOLUTE. 

psig Abbreviation of POUNDS PER SQUARE INCH 
GAUGE. 

psi particle A massive elementary particle that 
represents a resonance in an electron-positron 
interaction. 

PSK Abbreviation of PHASE-SHIFT KEYING. 

PSM Abbreviation of pulse-spacing modulation, 
more commonly called PULSE-INTERVAL MODU- 
LATION. 

psophometer A device used to measure noise in a 
wire communications system. It provides quanti- 
tative readings based on typical human observa- 
tions. 

psvm Abbreviation of phase-sensitive voltmeter. 


psi 
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PSWR Abbreviation of power standing-wave ratio. 

psychoacoustics A field of acoustics, overlapping 
with psychology, concerned with the effects of 
sounds on human beings. 

PT Abbreviation of Pacific Time. 

Pt Symbol for PLATINUM. 

PTC Abbreviation of POSITIVE TEMPERATURE 
COEFFICIENT. 

PtIr Symbol for PLATINIRIDIUM. 

PTM Abbreviation of PULSE-TIME MODULATION. 

PTO Abbreviation of PERMEABILITY-TUNED OS- 
CILLATOR. 

PTT Abbreviation for press-to-talk. See PRESS-TO- 
TALK MICROPHONE; PRESS-TO-TALK SWITCH. 

PTV Abbreviation of public television. 

p-type conduction In a semiconductor, current 
flow consisting of the movement of holes. Com- 
pare N-TYPE CONDUCTION. 

p-type material Semiconductor material that has 
been doped with an acceptor-type impurity and, 
consequently, conducts current mainly via hole 
migration. Germanium, for example, when doped 
with indium, becomes p-type. Compare N-TYPE 
MATERIAL. 

p-type semiconductor An acceptor-type semicon- 
ductor (i.e., one containing an excess of holes in 
its crystal lattice). 

PU Abbreviation of PICKUP. 

Pu Symbol for PLUTONIUM. 

public-address amplifier A high-gain, high-power 
audio amplifier designed especially for the repro- 
duction of speech and music at large gatherings. 

public-address system A system of sound repro- 
duction especially designed for use at large gath- 
erings indoors or outdoors. The system includes 
microphones, a public-address amplifier, loud- 
speakers, and sometimes recorders and playback 
devices. Also called PA system. 

puck drive In a tape recorder, a speed-reduction 
system for driving the flywheel from the shaft of 
the (high-speed) motor. In some machines, a rub- 
ber tire mounted on the flywheel is driven, 
through friction, by the motor shaft. In others, an 
intermediate rubber-tired wheel is placed be- 
tween the motor shaft and the rim of the flywheel. 

puffer A meter or bridge for measuring small val- 
ues of capacitance. The name comes from the 
spoken sound of pF, the abbreviation of PICO- 
FARAD. 

pulldown Descriptive of a circuit, device, or indi- 
vidual component used to lower the value (e.g., 
impedance) of a circuit to which it is connected. 

pull-in current The current required to close a re- 
lay. 

pulling 1. The abnormal tendency of one circuit to 
cause another to slip into tune with it. This often 
results from coupling (intended or accidental) 
that is too tight. Thus, when two oscillators feed a 
common circuit, such as a mixer, one might pull 
the other into tune with itself. 2. Lowering of a 
crystal frequency by an external reactance. 
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pull-in voltage The voltage required to close a re- 
lay. 

pull switch A mechanical switch actuated by a 
pulling action. 

pullup Descriptive of a circuit or component used 
to raise the value (e.g., impedance) of a circuit to 
which it is connected. 

pulsar An extremely dense, rapidly rotating col- 
lapsed star that produces radio signals at regular 
intervals. The pulse frequency varies from less 
than one hertz to several tens or hundreds of 
hertz. 

pulsating direct current A direct current that pe- 
riodically rises and falls between zero and a max- 
imum value (or between two positive or negative 
values) without changing polarity. Thus, it is pos- 
sible to have either a pulsating positive current or 
a pulsating negative current. Also see DIRECT 
CURRENT. 
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pulsating wave See PULSATING DIRECT CUR- 
RENT. 

pulse A transient signal that is usually of short du- 
ration, constant amplitude, and one polarity. A 
typical example is a narrow positive or negative 
spike. 

pulse amplifier An amplifier having wide fre- 
quency response and low distortion, used for am- 
plifying steep-sided pulses of short duration. 

pulse-amplitude modulation Abbreviation, PAM. 
A method of conveying information in wireless 
communications. A train of pulses is transmitted. 
The strength of each individual pulse varies ac- 
cording to the modulating waveform. Normally, 
the pulse amplitude increases as the instanta- 
neous modulating-signal level increases (positive 
modulation). However, this can be reversed so 
that higher audio levels cause the pulse ampli- 
tude to go down (negative modulation). 

pulse bandwidth For an amplitude pulse, the min- 
imum bandwidth occupied. The faster the rise 
and/or decay times of a pulse, the greater the 
bandwidth. The greater the pulse frequency, the 
greater the bandwidth. 

pulse code A code in which groups of pulses repre- 
sent digits. 
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pulse-code modulation Abbreviation, PCM. A 
method of conveying information in wireless com- 
munications. A train of pulses is transmitted. The 
intelligence-carrying signal is sampled periodi- 
cally and the amplitude is converted into bi- 
nary code. The code might allow for eight levels 
(000 to 111), 16 levels (0000 to 1111), 32 levels 
(00000 to 11111), or 64 levels (000000 to 111111). 

pulse-code-modulation binary code A pulse code 
used in communications not in the form of line 
transmission. Individual values are denoted by 
binary numbers. 

pulse-code modulation multiplex equipment A 
multiplexer/demultiplexer for signal conversion 
between a single signal and multiple-channel sig- 
nals. It uses both pulse-code modulation and 
time-division multiplexing. 

pulse-count divider A circuit or device that receives 
an input of a certain number of pulses (or pulses 
per second) and delivers an output that is a func- 
tion of that quantity. See, for example, DIVIDE-BY- 
SEVEN CIRCUIT and DIVIDE-BY-TWO CIRCUIT. 

pulse counter A circuit or device that indicates the 
number of pulses presented to it in a given time 
interval. 

pulse counting Counting pulses in a sequence. At 
low speed (pulse repetition rate), this can be done 
with an electromechanical dial-type counter. At 
high speed, a fully electronic circuit is required. 

pulse delay circuit A monostable multivibrator 
adapted to deliver its single output pulse a prede- 
termined time after the input pulse has been ap- 
plied. 

pulse dialing A form of telephone dialing in which 
each digit is formed by a series of pulses, usually 
at 10 to 20 Hz. The pulses are the equivalent of 
disconnecting the line for a few milliseconds. Each 
digit has the corresponding number of pulses, ex- 
cept digit O, which is formed by 10 pulses. 

pulse droop Distortion observable as a downward- 
sloping top on the oscilloscope trace of a pulse. It 
can be quantified in volts, millivolts, microvolts, 
amperes, milliamperes, or microamperes. 
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pulsed laser A laser in which flashes (pulses) of 
high-intensity light excite the lasing medium. 

pulse duration The time period during which a 
pulse exists (i.e., its width on an oscilloscope dis- 
play). 

pulse-duration modulation Abbreviation, PDM. 
See PULSE WIDTH MODULATION. 

pulse equalizer A MONOSTABLE MULTIVIBRA- 
TOR adapted to deliver pulses of equal amplitude, 
shape, and width—even when it receives trigger 
pulses of different kinds. 

pulse fall time The time required for the trailing 
edge of a pulse to fall from 90 to 10 percent of its 
peak amplitude. Compare PULSE RISE TIME. 

pulse-forming line A circuit used in radar for pro- 
ducing high-intensity pulses. Inductances and 
capacitances are combined in a long string, and 
the effect is to generate high-amplitude radio- 
frequency pulses. 

pulse-frequency modulation Abbreviation, PFM. 
See PULSE-INTERVAL MODULATION. 

pulse generator A signal generator that produces 
pulses. A general-purpose generator of this sort 
will produce pulses of adjustable amplitude, du- 
ration, shape, and repetition rate. 

pulse-height discriminator A circuit or device 
that passes only pulses whose amplitudes exceed 
a predetermined level. 

pulse interval The interval between successive 
pulses. 

pulse-interval modulation Abbreviation, PIM. 
Also called pulse-frequency modulation (PFM) or 
pulse-numbers modulation (PNM). A method of 
conveying information in wireless communica- 
tions. A train of pulses is transmitted. Every 
pulse has the same amplitude and the same du- 
ration, but their rate fluctuates with the modulat- 
ing waveform. When there is no modulation, the 
pulses are evenly spaced with respect to time. An 
increase in the instantaneous data amplitude 
might cause pulses to be sent more often (positive 
modulation) or less often (negative modulation). 

pulse inverter A single-stage, wideband, low- 
distortion, common-emitter, or common-source 
amplifier. The output-pulse waveforms are 
therefore inverted, with respect to the input-pulse 
waveforms. 

pulse jitter Ina pulse train, a disturbance charac- 
terized by random changes in the spacing be- 
tween pulses. 

pulse-length modulation See PULSE-DURATION 
MODULATION. 

pulse load The load impedance for a pulse genera- 
tor. 

pulse mode See PULSE MODULATION. 

pulse modulation See PULSE-AMPLITUDE MOD- 
ULATION, PULSE-CODE MODULATION, PULSE- 
INTERVAL MODULATION, PULSE-POSITION 
MODULATION, PULSE-WIDTH MODULATION. 

pulse modulator 1. A modulator that delivers 
power or voltage pulses for modulating a carrier. 
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2. A device that modulates pulses (see PULSE 
MODULATION, 2). 

pulse narrower A circuit or device that reduces the 
duration (width) of a pulse. 

pulse-numbers modulation Abbreviation, PNM. 
See PULSE-INTERVAL MODULATION. 

pulse operation Intermittent operation of a circuit, 
in the form of discrete pulses. 

pulse oscillator Any oscillator with an output that 
consists of a series of pulses. 

pulse-position modulation Abbreviation, PPM. A 
method of conveying information in wireless com- 
munications. A train of pulses is transmitted. The 
timing of each individual pulse varies accord- 
ing to the modulating waveform. The pulses 
occur earlier or later than the nominal (zero- 
modulation) time, depending on the instanta- 
neous amplitude of the modulating signal. 

pulse rate See PULSE REPETITION RATE. 

pulse ratio The ratio of pulse height (amplitude) to 
pulse width (duration). 

pulse regeneration Restoration of the original 
waveform and frequency to a pulse. It eliminates 
distortion caused by circuits or propagation con- 
ditions. 

pulse repetition frequency Abbreviation, PRF. 
See PULSE-REPETITION RATE. 

pulse-repetition rate Abbreviation, PRR. The 
number of pulses per unit time; usually pulses 
per second (pps). 

pulse rise time The time required for the leading 
edge of a pulse to rise from 10 to 90 percent of its 
maximum amplitude. Compare PULSE FALL 
TIME. 

pulse scaler A circuit actuated by the reception of 
a definite, predetermined number of input 
pulses. 

pulse-shaping circuit 1. A circuit for producing a 
pulse from a wave of some other shape (e.g., sine 
wave). 2. A circuit for tailoring a pulse to desired 
shape, amplitude, and duration. 

pulse spacing The interval between successive 
pulses. 

pulse-spacing modulation Abbreviation, PSM. See 
PULSE-INTERVAL MODULATION. 

pulse-steering diode In a flip-flop circuit, a diode 
through which the trigger pulse must pass to 
switch the circuit. Because of the unidirectional 
conductivity of a diode, pulses of only one polar- 
ity are passed. 

pulse stretcher 1. A shaping circuit that widens a 
pulse (i.e., increases its duration). 2. A circuit, 
such as a special monostable multivibrator, that 
generates a pulse that is wider than the trigger 
pulse. 

pulse stuffing See JUSTIFICATION, 2. 

pulse tilt The sloping of the normally flat top of a 
pulse either up or down. Also see PULSE DROOP. 

pulse time See PULSE DURATION. 

pulse-time modulation See PULSE-POSITION 
MODULATION. 
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pulse train A series of successive pulses of usually 
one kind. 

pulse transformer A transformer designed to ac- 
commodate the fast rise and fall times of pulses 
and similar nonsinusoidal waveforms. Such 
transformers often use special core materials and 
are made using special winding techniques. 

pulse transmitter 1. A device that transmits a se- 
ries of pulses. 2. A pulse-modulated transmitter. 
3. See PULSE MODULATOR. 

pulse waveform The general shape of a pulse as it 
appears on an oscilloscope display. The various 
forms range from positive or negative half- 
sinusoids, through rectangles, to thin-line spikes. 

pulse width The horizontal dimension of a pulse 
(i.e., its duration). 

pulse-width modulation Abbreviation, PWM. Also 
called pulse-duration modulation (PDM). A 
method of conveying information in wireless com- 
munications. A train of pulses is transmitted. 
The width (duration) of each individual pulse 
varies according to the modulating waveform. 
Normally, the pulse width increases as the in- 
stantaneous modulating-signal level increases 
(positive modulation). However, this can be re- 
versed so that higher audio levels cause the pulse 
width to decrease (negative modulation). 
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pump 1. In a parametric amplifier, the oscillator 
that supplies the signal that periodically varies 
the reactance of the varactor. 2. The pumping 
signal in 1. 3. To perform the operation (pump- 
ing) described in 1. 4. To increase the energy level 
of an atom or molecule (by exposing it to electro- 
magnetic radiation) to such an extent that oscil- 
lation or amplification occurs. A ruby laser, for 
example, produces its intense, coherent beam as 
a result of pumping. 5. The radiation used to 
pump an atom or molecule. 6. The device pro- 
ducing the radiation required to pump an atom or 
molecule. 
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pump frequency The frequency of a PUMP voltage. 

pumping A method of laser actuation. A series of 
pulses, at the resonant frequency of the lasing 
material, is injected to cause laser output. 

pump oscillator An oscillator for producing a 
pump voltage. 

pump voltage The voltage of a pumping signal. 
Also see PARAMETRIC AMPLIFIER and PUMP, 
1, 2. 

punch 1. A tool for cutting holes in metal chassis, 
panels, and boxes for electronic equipment. 2. 
High signal strength. 

punch-in editing In audio recording, a feature 
that allows convenient insertion of new 
material on a tape. The tape recorder can be 
switched instantly from Play to Record, and 
back again, whenever the operator wants to add 
material. 

punchthrough In a bipolar transistor, the poten- 
tially damaging condition resulting when the re- 
verse bias of the collector is increased to a voltage 
high enough to spread the depletion layer entirely 
through the base. This tends to effectively con- 
nect the emitter to the collector. 

punchthrough region The conduction region as- 
sociated with higher-than-punchthrough voltage, 
in which bipolar-transistor current is excessive. 
Also see PUNCHTHROUGH. 

punchthrough voltage The voltage that causes 
PUNCHTHROUGH in a given bipolar transistor. 

puncture voltage See BREAKDOWN VOLTAGE, 1. 

Pupin coil One of several loading coils that can be 
inserted at intervals in series with a telephone 
line to cancel line-capacitance effects and, thus, 
improve the clarity of speech. 

pure tone An audio-frequency (AF) tone having es- 
sentially no harmonic content; a sine-wave AF 
tone. 

pure wave A wave containing no distortion prod- 
ucts. 

purging The removal of an undesired gas or other 
substance from a system by introducing a mate- 
rial to displace it. 

purifier A power-line operated alternating-current 
electromagnet that can be manually rotated in 
front of a color-television picture tube to demag- 
netize the tube. Also called a DEGAUSSER. 

purity 1. In color television, complete saturation 
of a hue. 2. In a waveform, complete freedom 
from distortion. 3. The extent to which spurious 
signals are attenuated in the output of a radio or 
television transmitter. Also called spectral 
purity. 

purity adjustment In a color-television picture 
tube, adjustment of each purity control for pure 
color. 

purity coil A variable-current coil around the neck 
of a color-television picture tube that is used to 
adjust color purity. 

purity control For a purity coil, the variable resis- 
tor that controls the current for color correction. 
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purity magnet A ring-magnet collar around the 
neck of a color-television picture tube to adjust, 
by rotation, color purity. 

purple plague Corrosion that occurs when alu- 
minum and gold are placed in contact. 

pushbutton tuner A radio or television tuner uti- 
lizing pushbutton tuning. 

pushbutton tuning The tuning of a circuit to vari- 
ous frequencies in single steps by means of push- 
button switches. 

pushdown list In data processing, a method of 
amending a list. A new item entered at the top 
moves each existing item one position down. 

pushdown stack Also called first-in/last-out. A dig- 
ital read-write memory in which data bits emerge 
in reverse sequence from the order they go in. If 
data bit x enters the pushdown stack before data 
bit y, then x will come out after y. Compare 
FIRST-IN /FIRST-OUT. 

push-in terminal A circuit contact or tie point, 
usually of thin, springy material, that can be in- 
serted into a hole in a perforated board. 

push-pull Pertaining to a circuit in which two ac- 
tive devices are used, with the inputs and out- 
puts both placed in phase opposition. In the 
output circuit, even harmonics are canceled, and 
odd harmonics are reinforced. 


+12 V 


Input Output 


push-pull 


push-pull amplifier An amplifier stage in which, 
for increased power output, two active devices are 
operated 180 degrees out of phase with each 
other in opposite halves of a symmetrical circuit. 
Also see PUSH-PULL CIRCUIT. 

push-pull circuit A symmetrical circuit in which 
two active devices operate on separate halves of 
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the input-signal cycle and deliver a combined 
output signal. 

push-pull deflection In an oscilloscope, the appli- 
cation of deflection voltage to a pair of deflecting 
plates 180 degrees out of phase with each other. 
For this purpose, the output amplifier in the hor- 
izontal or vertical deflection channel is a push- 
pull stage. 

push-pull doubler See PUSH-PULL MULTIPLIER. 

push-pull microphone A set of two microphones, 
in which the audio-frequency outputs are in 
phase opposition. 

push-pull multiplier A push-pull amplifier with its 
output circuit tuned to an odd-numbered multi- 
ple of the input frequency. This circuit is unsuit- 
able for even-harmonic operation, but has some 
merit as an odd-harmonic multiplier (e.g., a 
tripler or quintupler). Also see PUSH-PUSH MUL- 
TIPLIER. 

push-pull oscillator An oscillator stage in which, 
for increased power output, two active devices are 
operated 180 degrees out of phase with each 
other in opposite halves of a symmetrical circuit. 
Also see PUSH-PULL CIRCUIT. 

push-pull/parallel amplifier An amplifier stage in 
which tubes or transistors are connected in 
push-pull/parallel for increased power output. 
Also see PARALLEL-COMPONENT AMPLIFIER, 
PUSH-PULL AMPLIFIER, and PUSH-PULL/PAR- 
ALLEL CIRCUIT. 

push-pull/parallel circuit A push-pull circuit in 
which two or more active devices are connected in 
parallel on each side of the circuit. This arrange- 
ment gives increased power output over that of 
the conventional push-pull circuit. See, for exam- 
ple, PUSH-PULL/PARALLEL AMPLIFIER and 
PUSH-PULL/PARALLEL OSCILLATOR. 

push-pull/parallel oscillator An oscillator stage 
in which active devices are connected in 
push-pull/parallel for increased power output. 
Also see PARALLEL-COMPONENT OSCILLATOR, 
PUSH-PULL OSCILLATOR, and PUSH-PULL/ 
PARALLEL CIRCUIT. 

push-pull recording A type of film sound track 
consisting of two side-by-side images 180 degrees 
out of phase with each other. 

push-pull transformer A transformer having a 
center-tapped winding for operation in a push- 
pull circuit. 

push-push Pertaining to a circuit in which two ac- 
tive devices are used, with the inputs connected 
in phase opposition, and the outputs connected 
in parallel. The result is reinforcement of the even 
harmonics, and cancellation of the fundamental 
frequency and all odd harmonics. 

push-push circuit See PUSH-PUSH MULTIPLIER. 

push-push multiplier An amplifier circuit contain- 
ing two active devices with their inputs connected 
in phase opposition and their outputs connected 
in parallel. This circuit is unsuitable for funda- 
mental-frequency and odd-harmonic operation, 
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push-push 


but has some merit as an even-harmonic multi- 
plier (e.g., a doubler or quadrupler). Also see 
PUSH-PULL MULTIPLIER. 

push-to-talk switch See 
SWITCH. 

pushup list In data processing, a method of 
amending a list, whereby new items are added at 
the end of the list; all other items retain their orig- 
inal positions. Compare PUSHDOWN LIST. 

pV Abbreviation of PICOVOLT. 

PVC Abbreviation of POLYVINYL CHLORIDE. 

pW Abbreviation of PICOWATT. 

PWM 1. Abbreviation of PULSE-WIDTH MODULA- 
TION. 2. Abbreviation of PLATED-WIRE MEM- 
ORY. 

pwr Abbreviation of POWER. 


PRESS-TO-TALK 
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Pyralin See CELLULOSE NITRATE. 

pyramidal horn antenna A rectangular horn an- 
tenna that is flared in two dimensions. The horn 
width and height both increase linearly with in- 
creasing distance (in the direction of maximum 
radiation/response) from the feed point. 

pyramidal wave See BACK-TO-BACK SAWTOOTH. 

Pyrex A heat-resistant glass having numerous ap- 
plications in electronics and chemistry. 

pyrheliometer An instrument used to measure in- 
frared radiation. 

pyroelectricity In certain crystals, electricity gen- 
erated by temperature change, and in particular, 
by the application of heat. 

pyroelectric lamp See NERNST LAMP. 

pyroelectric material A crystalline material that 
generates an output voltage when it is heated. 

pyrolysis The process whereby heat changes a 
substance into one of several different sub- 
stances by rearranging its atoms. 

pyromagnetic effect In a material or circuit, the 
combined effect of heat and magnetism. 

pyrometer An instrument, other than a ther- 
mometer, used for the measurement of tempera- 
ture. See, for example, OPTICAL PYROMETER. 

Pythagorean scale A sound scale defining a spe- 
cific type of relationship among audio tones. If x 
and y are related by the Pythagorean scale and 
are adjacent in frequency, then a specific fre- 
quency (f) exists, so x= f? and y = f?. 

Pythagorean theorem A theorem of plane geome- 
try. For a right triangle, with sides of lengths a, b, 
and c, where cis the side opposite the right angle, 
it is always true that a? + b? = c? 

p-zone See P LAYER. 

PZM Abbreviation of PRESSURE-ZONE MICRO- 
PHONE. 

PZT Abbreviation of LEAD ZIRCONATE TITANATE. 
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Q 1. The figure of merit of a capacitor, inductor, or Radiating element 


inductance-capacitance (LC) circuit, equal to the 
reactance divided by the resistance. 2. Symbol for 
electrical charge. 3. Occasional symbol for SE- b- 
LECTIVITY. 4. See Q BAND. 5. See Q OUTPUT. 
q 1. Symbol for quantity of electricity (in 
coulombs). 2. Symbol for the charge carried by an 
electron (the charge carried by a hole is repre- 


sented by -q). 3. Symbol for the value of a quan- 
tum. 

QA Abbreviation of QUALITY ASSURANCE. 

Q adjustment The separate null adjustment for 
the Q value of a component being tested in an 
impedance bridge having separate resistive and 
reactive balances. 

Q-antenna An antenna in which the transmission 
line (feeder) is matched in impedance to the cen- 
ter of the radiator by means of a Q-matching sec- 
tion. 

QAVC Abbreviation of QUIET AUTOMATIC VOL- 
UME CONTROL. 

Q band The radio-frequency band 36 to 46 GHz. It 
is subdivided as follows: Qa, 36 to 38 GHz; Q», 38 
to 40 GHz; Q., 40 to 42 GHz, Qa, 42 to 44 GHz; 
and Qe, 44 to 46 GHz. 

Q bar One of the parallel metal tubes in a 
Q-matching section. Also see Q ANTENNA. 

Q booster See Q MULTIPLIER. Feeder 

Q bridge An alternating-current bridge used prin- 
cipally to determine the Q of capacitors and 
inductors. Bridges are usually used for 
audio-frequency Q determinations; resonant-type 
Q meters are generally used for measurement of 
radio-frequency Q. Q-antenna 


Q-matching 
section 


Pm.” 
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QC Abbreviation of QUALITY CONTROL. 

QCE Abbreviation of QUALITY-CONTROL ENGI- 
NEERING or QUALITY-CONTROL ENGINEER. 

Q channel In American (NTSC) color television, the 
508-kHz-wide green-magenta color information 
transmission band. 

QCT Abbreviation of QUALITY-CONTROL TECHNI- 
CIAN. 

QCW In the local oscillator and associated circuitry 
of a color television receiver, a 3.85-MHz CW sig- 
nal of Q PHASE. 

QCW signal In a color television receiver, the com- 
ponent of the chrominance signal that is 90 de- 
grees out of phase with the in-phase component. 

Q demodulator In a color television receiver, the 
demodulator that combines the chrominance sig- 
nal and the color-burst oscillator signal to recover 
the Q signal (see Q SIGNAL, 2). 

QED 1. Abbreviation of QUANTUM ELECTRODY- 
NAMICS. 2. Abbreviation of quod erat demon- 
strandum, Latin for “which was to be 
demonstrated.” Also, Q.E.D. Often written at the 
conclusions of valid logical proofs and derivations. 

Q factor See Q. 

QFM Abbreviation of QUADRATURE MODULA- 
TION. 

QM Abbreviation of QUADRATURE MODULATION. 

Q-matching section A linear radio-frequency 
impedance-matching transformer consisting of 
two straight, rigid, parallel metal conductors that 
are used to match a feeder to an antenna. The 
section is “4 wavelength long at the operating fre- 
quency. The diameters and center-to-center 
spacing of the conductors are such that the char- 
acteristic impedance of the matching section is 
equal to the geometric mean of the feeder charac- 
teristic impedance and the radiation resistance of 
the radiator. Also see Q ANTENNA and QUAR- 
TER-WAVELENGTH MATCHING STUB. 

Q meter A usually direct-reading instrument for 
determining the Q of a capacitor, inductor, or in- 
ductance-capacitance (LC) circuit. Most Q meters 
are operated at radio frequencies, but audio- 
frequency instruments are available. 

Q modulation Amplitude modulation obtained by 
varying the effective Q of a radio-frequency tank 
circuit in step with a modulating component. See 
ABSORPTION MODULATION. 

QMQB Abbreviation of quick make/quick break. 

Q multiplier A positive-feedback (regenerative) 
amplifier that increases the effective Q of a tuned 
circuit, and thereby sharpens its response, when 
its input is connected across the tuned circuit. 

Q output The reference output of a flip-flop. 

Q phase Acolor-television carrier signal that is 147 
degrees out of phase with the color subcarrier. 

Q point The point or points at which a load line in- 
tersects a device characteristic (such as the col- 
lector curve of a transistor or plate curve of a 
tube) and that identifies the quiescent operating 
point. 
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QRD Abbreviation of QUADRATIC RESIDUE DIF- 
FUSOR. 

Q-section transformer See Q-MATCHING SEC- 
TION. 

Q signal In color television, the quadrature compo- 
nent of the chrominance signal, equal to +0.48(R- 
Y) and to +0.41(B-Y), where B is the blue camera 
signal, R is the red camera signal, and Y is the lu- 
minance signal. 

Q signals A set of three-letter groups, each begin- 
ning with the letter Q, used for simplified tele- 
graph and radiotelegraph communication, and 
sometimes rapid voice communication (in ra- 
diotelephony). Each signal represents a com- 
monly used phrase or message. 

QSL card A card verifying communication with, or 
the reception of signals from, the station sending 
the card. Such verification is common in the am- 
ateur radio service and with some shortwave 
broadcast and CB stations. 

QSO Amateur radiotelegraph abbreviation for 
TWO-WAY COMMUNICATION. 

Q spoiler A device or circuit that produces Q 
SPOILING in a laser. 

Q spoiling The technique of inhibiting laser action 
during an interval when an ion population excess 
is pumped up. When the laser is subsequently 
triggered by Q switching, a more powerful pulse 
of light results than would be otherwise obtained. 

Q switching A laser-switching action obtainable 
with Kerr cells or rotating reflecting prisms, 
which consists of holding the Q of the laser cavity 
to a low value during an ion-population buildup, 
then abruptly switching the Q to a higher value. 

Q transformer See Q-MATCHING SECTION. 

qty Abbreviation of QUANTITY. 

quad 1. A combination of four components, such as 
diodes, transistors, etc., in a single housing. The 
components are usually carefully matched. 2. Ina 
cable, a combination of four separately insulated 
conductors (sometimes, two twisted pairs) twisted 
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together. 3. Abbreviation of QUADRANT. 4. See 
QUAD ANTENNA. 5. See QUADROPHONIC. 

quad antenna A directional antenna similar to the 
Yagi, except that full-wavelength loops are used 
instead of straight elements. A two-element array 
can consist of a driven element and a reflector, or 
it can have a driven element and a director. A 
three-element system has one driven element, 
one director, and one reflector. The director has 
a perimeter of about 0.97 electrical wavelength, 
the driven element measures exactly 1 electrical 
wavelength around, and the reflector has a 
perimeter of about 1.03 electrical wavelength. Ad- 
ditional director elements can be added to the ba- 
sic three-element quad design to form arrays 
having any desired numbers of elements. The 
gain and directivity increase as the number of el- 
ements increases. Compare YAGI ANTENNA. 


Reflector 
Radiator 


Feeder 
quad antenna 


quadded cable See QUAD, 2. 

quadding Redundancy obtained by connecting 
components in series-parallel for enhanced relia- 
bility and/or increased power-handling capacity. 

quad latch A set of four interconnected flip-flops 
that is used for digital data storage. 

quadrant 1. A specific 90-degree arc of a circle. 
2. One of the four parts formed on a plane surface 
by rectangular coordinates and designated I, II, 
II, and IV in a counterclockwise direction, start- 
ing with the upper-right quadrant. 3. An altitude- 
measuring instrument. 

quadrantal deviation The part of magnetic- 
compass deviation caused by the induction of 
transient magnetism into the horizontal soft iron 
of a vessel by the horizontal component of 
terrestrial magnetism. 

quadrantal error See QUADRANTAL DEVIATION. 

quadrant electrometer An electrometer whose 
principal parts are quadrants (a pillbox-shaped 
brass chamber split into four parts) and a needle (a 
flat, bowtie-shaped aluminum vane) suspended by 
a platinized quartz fiber between the quadrants. 
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quadraphonic sound Sound recording and repro- 
duction involving four channels. 

quadraphony Music recording or playback in 
which four distinct information channels are 
used. Also called four-channel stereo. 

quadratic equation A second-degree equation 
[i.e., one in which the highest exponent is 2 (the 
square of an unknown) (e.g., ax2 + bx + c= O)]. 

quadratic residue diffusor Abbreviation, QRD. In 
acoustics, a sound-reflection grating that scat- 
ters (diffuses) sound waves almost uniformly in 
all directions. The depths of the indentations in 
the grating are determined according to a 
QUADRATIC EQUATION. 

quadrature The state of (cyclic events or points) 
being 90 degrees out of phase. 

quadrature amplifier An amplifier circuit that in- 
troduces a 90-degree phase shift. Such amplifiers 
are used in control devices, test instruments, 
transmitters, and color television receivers. 

quadrature axes The vertical axes in the complex- 
number plane (i.e., the +j and -j axes). 

quadrature carrier See Q PHASE. 

quadrature component 1. The reactive compo- 
nent of an alternating current or voltage. 2. A vec- 
tor perpendicular to a reference vector. 3. The 
imaginary-number component in a complex- 
number expression. 

quadrature current Reactive current in an alter- 
nating-current circuit. 

quadrature modulation In-phase modulation of 
two carrier components having a 90-degree phase 
difference. 

quadrature number See IMAGINARY NUMBER. 

quadrature-phase subcarrier signal See QCW 
SIGNAL. 

quadrature portion In color television, the por- 
tion of the chrominance signal having the same 
(or opposite) phase as that of the Q-signal- 
modulated subcarrier, and that is 90 degrees out 
of phase with the in-phase portion. 

quadrature sensitivity The sensitivity of a trans- 
ducer to motions in a direction that is perpendic- 
ular to the normal axis of response. 

quadrature voltage A voltage 90 degrees out of 
phase with another (reference) voltage. 

quadrilateral 1. Pertaining to an object having 
four sides. 2. A four-sided plane polygon. 

quadrillion The number 1,000,000,000,000,000 
(1015). 


Needle Quartz fiber 
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quadripartite Having four parts. 

quadripole network A _ four-terminal network, 
usually with input- and output-terminal pairs. 

quadrivalent Having a valence of 4. Tin, for exam- 
ple, is quadrivalent. Also called TETRAVALENT. 

quadruped robot A robot with four legs that can 
move independently. It offers better stability than 
three-legged designs. Functions well in mobile 
machines that must navigate irregular terrain. 

quadrupler 1. A rectifier circuit that delivers a di- 
rect-current output voltage approximately equal 
to four times the peak value of the alternating- 
current input voltage. 2. An amplifier or other cir- 
cuit that delivers an output signal of four times 
the frequency of the input signal. 

quadruplex circuit A data circuit in which two mes- 
sages are carried in each direction simultaneously. 

quadrupole 1. A combination of two dipoles, pro- 
ducing a force that varies inversely with the 
fourth power of distance. 2. A four-pole magnet 
used in some synchrotrons and linear accelera- 
tors to focus and bend a particle beam. 3. A sys- 
tem consisting of two dipoles of equal and 
opposite direct moment. 

qualification The quality-control or quality- 
assurance scheme used in the production of 
components, circuits, or systems. Certain 
minimum requirements must be met for a device 
to obtain qualification. 

qualitative test A test performed to determine the 
general mode of operation or the presence of cer- 
tain factors, without regard to numerical values. 
Compare QUANTITATIVE TEST. 

quality 1. In audio-frequency applications, fidelity 
of transmission or reproduction. 2. The degree of 
conformity of a product to specifications. 

quality assurance The outcome of measures taken 
to bring performance into conformity with specifi- 
cations. See QUALITY, 2. 

quality control The surveillance of selection, man- 
ufacturing, and testing operations to ensure con- 
formity of a product to specifications. 

quality-control engineering The branch of engi- 
neering concerned principally with the technical 
methods of quality control and statistical meth- 
ods of assessing quality (see QUALITY, 2). 

quality-control technician A technician whose 
principal duty is the performance of operations in 
the areas of incoming inspection, manufacturing 
support, and product testing. Sometimes statisti- 
cal evaluations are required. 

quality engineering A field of engineering that deals 
with quality assurance and quality control in the 
production of components, circuits, and systems. 

quality factor See Q. 

quality-factor bridge See Q BRIDGE. 

quality-factor meter See Q METER. 

quanta Plural of QUANTUM. 

quantimeter An instrument used to measure the 
quantity of X rays to which a body has been ex- 
posed. 
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quantitative test A test performed to determine 
the numerical values (and their relationships) 
connected with observable phenomena. Compare 
QUALITATIVE TEST. 

quantity 1. A parameter (e.g., collector current, 
grid voltage, etc.). 2. In calculations, a positive or 
negative real number. 3. Electrical charge, usu- 
ally specified or measured in coulombs (see 
COULOMB). Also called electrical quantity. 

quantization The conversion of a quantity having 
infinitely many possible values or levels (such as 
an analog signal) into one that can attain only a 
finite number of defined values or levels (such as 
a digital signal). The number of levels is usually 
some integral power of 2 (i.e., 2, 4, 8, 16, 32, etc.). 
This allows the levels to be represented as binary 
numbers. 
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quantization distortion Distortion introduced by 
the process of QUANTIZATION in a communica- 
tions or broadcast signal. 

quantization distortion power The level of the 
distortion in a signal resulting from QUANTIZA- 
TION. It is expressed in microwatts, milliwatts, or 
watts. It can also be expressed as a percentage, or 
as a level in decibels, relative to the power level of 
the input signal. 

quantization error The difference between the ac- 
tual values of quantities and their quantized val- 
ues. 

quantization noise Noise introduced by the pro- 
cess of QUANTIZATION in a communications or 
broadcast signal. 

quantize 1. To perform the process of QUANTIZA- 
TION. 2. To split a quantitative commodity, such 
as energy into its smallest measurable incremen- 
tal units. 

quantized pulse modulation Pulse modulation in- 
volving QUANTIZATION. Examples are PULSE- 
CODE MODULATION and PULSE-NUMBERS 
MODULATION. 
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quantizer A circuit or device that selects the digital 
subdivision into which an analog quantity is 
placed (e.g., an analog-to-digital converter). 

quantizing See QUANTIZATION. 

quantometer An instrument for measuring mag- 
netic flux. 

quantum 1. Abbreviation, Q. Plural, quanta. In 
physics, the elemental unit or particle of electro- 
magnetic energy. The energy contained in one 
such particle is directly proportional to the fre- 
quency, and inversely proportional to the wave- 
length. 2. See PHOTON. 3. Any discrete unit 
derived by QUANTIZATION. 

quantum chromodynamics A term coined by Pro- 
fessor Murray Gell-Mann for the theory of quarks 
and gluons. 

quantum counter A radiation-counter tube with a 
window for the admission of light to the cathode. 

quantum efficiency See QUANTUM YIELD. 

quantum electrodynamics A branch of quantum 
mechanics that involves the motions of electrons, 
photons, and muons caused by electromagnetic 
action. Quantum electrodynamics takes relativis- 
tic effects into account. 

quantum electronics The branch of electronics 
concerned with energy states in matter. 

quantum equivalence The principle that one elec- 
tron is emitted for each photon absorbed by a ma- 
terial (when the photon has the necessary energy). 

quantum jump The abrupt movement of a particle 
from one discrete energy state to another. 

quantum level The orbit or ring occupied by an 
electron in an atom. 

quantum mechanics A branch of physics con- 
cerned with the behavior of matter and energy, on 
the basis of observable data. 

quantum noise A noise signal arising from ran- 
dom variations in the average rate at which 
quanta impinge upon a detector. 

quantum number A number that describes the en- 
ergy level, or change in energy level, for a particle. 

quantum statistics A branch of QUANTUM ME- 
CHANICS concerned with the distribution of ele- 
mentary particles through various quantized 
energy levels. 

quantum theory The theory that the emission or 
absorption of energy by atoms or molecules oc- 
curs in discrete packages or units, rather than 
continuously. Each unit is the emission or ab- 
sorption of an energy packet called a QUANTUM. 
Thus, radiant energy is thought to be divided into 
quanta. 

quantum transition The movement of an electron 
from one energy level to another within an atom. 

quantum yield The photoelectric efficiency of a 
light-sensitive surface in terms of the number of 
electrons emitted for each absorbed quantum of 
light. 

quark A hypothetical particle having a fractional 
electrical charge; quarks are thought to be con- 
stituents of other subatomic particles. 
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quarter-deflection method A method of measur- 
ing high-frequency resistance, involving the use 
of a sine-wave signal source, a standard nonin- 
ductive variable resistor, and a square-law radio- 
frequency ammeter. 

quarter-phase See TWO-PHASE. 

quarter wave 1. The length of time corresponding 
to 90 electrical degrees in a wave disturbance. 
2. The distance in space, or along a wire or feed 
line that corresponds to 90 electrical degrees in a 
wave disturbance. 

quarter-wave antenna An antenna in which the 
radiator is an electrical quarter-wavelength long 
at the operating frequency. 
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quarter-wave attenuator In a transmission line or 
waveguide, two energy-absorbing structures sep- 
arated by an odd number of quarter wavelengths 
so that the reflection from one structure is can- 
celed by that from the other. 

quarter-wave balun A balun using quarter-wave 
elements. One form of this device consists of 
a grounded quarter-wavelength-long cylinder 
closed at one end and open at the other, for 
matching an unbalanced low-impedance line to a 
balanced high-impedance line. 

quarter wavelength Symbol, 1/4. The distance that 
corresponds to 90 degrees of phase as an electro- 
magnetic (EM) field is propagated. In free space, it 
is related to the frequency by a simple equation 


La = 246 /f 
where Lg represents 1/4 in feet, and f represents 


the frequency in megahertz. If 1/4 is expressed in 
meters, then the formula is 


Lm = 75/f 
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where L,, represents the displacement in meters. 
In general, if vis the velocity factor (expressed as 
a ratio) in a given medium, then: 
La = 246v/f 
and 
Em = 750/f 

Compare FULL WAVELENGTH, HALF WAVE- 
LENGTH. 

quarter-wavelength line A transmission line or 
feeder that is a quarter-wavelength long at the 
operating frequency. Also called quarter-wave 
line. 

quarter-wavelength matching stub An arrange- 
ment consisting of a quarter-wavelength-long 
parallel-wire section of transmission line, used 
for matching the impedance of a nonresonant 
feeder to that of an antenna. It is similar to a Q- 
MATCHING SECTION, except that flexible trans- 
mission line (e.g., ladder line) is used, rather than 
rigid metal rods or tubing. 

quarter-wave monopole A nondirectional UHF 
vertical antenna requiring no ground. The radia- 
tor is “4 wavelength long, and is an enlarged- 
diameter outer sleeve connected to the outer 
conductor of the coaxial feeder. The two sections 
simulate a half-wave antenna. 

quarter-wave plate A plate of double-refracting 
crystalline material whose thickness allows the 
introduction of a quarter-cycle phase difference 
between the ordinary and extraordinary compo- 
nents of light transmitted by it. 

quarter-wave radiator An antenna consisting of a 
single, usually straight, active element that mea- 
sures an electrical quarter wavelength from end 
to end. When operated against electrical ground, 
the element exhibits resonance. A simple quar- 
ter-wavelength (1/4) conductor with a high 
length-to-diameter ratio measures approximately 
95 percent of 1/4 in free space. The element can 
be much shorter than free-space 1/4 yet remain 
resonant when operated against electrical ground 
if inductance is inserted in series with the radia- 
tor. The element can be much longer than free- 
space 1/4 yet remain resonant when operated 
against electrical ground if distributed capaci- 
tances are inserted in series with the radiator. 

quarter-wave resonance Resonance at the operat- 
ing frequency in a quarter-wave antenna. 

quarter-wave resonant line A section of transmis- 
sion line (such as open-wire line or coaxial cable) 
that is a quarter-wavelength long at the operating 
frequency. Such a section is useful in impedance 
matching and in various radio-frequency tests 
and measurements. 

quarter-wave stub See QUARTER-WAVE TRANS- 
FORMER. 

quarter-wave support In a coaxial line, a quarter- 
wave metal stub that can be used, instead of an 
insulator, to separate the inner and outer con- 
ductors. 
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quarter-wave termination In a waveguide, a set of 
two metal barriers separated by 90 electrical de- 
grees. One barrier totally reflects the energy strik- 
ing it. The other barrier allows some energy to 
pass through. Resonance occurs in the space be- 
tween the barriers. 

quarter-wave transformer A quarter-wave reso- 
nant line short-circuited at one end by an ad- 
justable slider. This arrangement is useful for 
radio-frequency impedance matching. 

quarter-wave transmission line See QUARTER- 
WAVE LINE. 

quartic equation A fourth-degree equation of the 
form ax? + bx? + cx? + dx + e=0, where a, b, c, d, 
and e are constants. Also called BIQUADRATIC 
EQUATION. 

quartz A mineral that is a variety of natural silicon 
dioxide, or an artificially grown material of the 
same sort. In the natural state, quartz occurs in 
hexagonal crystals having pyramidal ends. It has 
various uses in electronics; one of the most com- 
mon is the manufacture of piezoelectric crystals. 

quartz bar A comparatively large, thick piezoelec- 
tric quartz plate used in standard-frequency os- 
cillators and in sharply tuned low-frequency 
filters. Common resonant frequencies are 50 kHz, 
100 kHz, and 1000 kHz. 

quartz crystal A natural or artificial piece of 
quartz cut to specific dimensions, usually self- 
contained in a solder-in or plug-in enclosure. The 
device acts as a highly stable selective circuit. It 
exhibits a sharp resonance at the frequency for 
which it is cut, and at harmonics of this fre- 
quency. It is used as the frequency-determining 
element in precision oscillators. 

quartz-crystal oscillator See CRYSTAL OSCILLA- 
TOR. 

quartz-crystal 
ONATOR. 

quartz delay line An acoustic delay line using 
quartz to transmit the sound waves. 

quartz-fiber electroscope An electroscope using a 
gold-plated quartz fiber, instead of gold leaves. 

quartz-halogen lamp An incandescent, usually 
low-voltage lamp used in automotive headlights, 
and in some home and office lighting appliances. 
It provides greater efficiency than conventional 
incandescent lamps. 

quartz lamp A mercury-vapor lamp with a trans- 
parent quartz (instead of glass) envelope. Unlike 
glass, quartz readily passes the ultraviolet rays 
generated by the mercury discharge. 

quartz lock A circuit that uses a CRYSTAL OSCIL- 
LATOR to regulate frequency, timing, or speed. It 
is used in electronic clocks and watches, televi- 
sion receivers, synthesized radio receivers, trans- 
mitters, transceivers, high-fidelity turntables, etc. 

quartz oscillator See CRYSTAL OSCILLATOR. 

quartz plate A piezoelectric plate cut from a quartz 
crystal. The plate is itself often called a crystal. 
Also see CRYSTAL AXES and CRYSTAL CUTS. 


resonator See CRYSTAL RES- 
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quartz resonator See CRYSTAL RESONATOR. 

quartz timepiece A watch or clock having as its 
control element a time-determining quartz crys- 
tal. 

quasi- A prefix meaning “to some extent” or “simi- 
lar to,” as in quasi-optical radio wave (a radio 
wave that behaves like a light ray). 

quasi-bistable circuit A trigger-operated multivi- 
brator. It operates as a flip-flop when the trigger 
frequency is sufficiently high. 

quasi-instruction In a computer program, a data 
item appearing as an encoded instruction, but 
that is not acted upon. 

quasi-linear feedback system A system in which 
the feedback elements are nearly linear, but not 
entirely linear. 

quasi-negative Pertaining to a voltage that is 
negative, with respect to some other voltage, but 
whose absolute polarity is positive. For example, 
+0.5 volt is quasi-negative, with respect to 
+5.5 volts. 

quasi-optical Behaving like light. The term is used 
to describe certain extremely short radio waves or 
other radiations that, like light rays, follow line- 
of-sight paths and can be directed, reflected, re- 
fracted, or diffused. 

quasi-optical path A line-of-sight path followed by 
very short radio waves, such as microwaves. 

quasi-positive Pertaining to a voltage that is posi- 
tive, with respect to some other voltage, but 
whose absolute polarity is negative. For example, 
-0.5 volt is quasi-positive, with respect to 
-5.5 volts. 

quasi-random A set of numbers considered to be 
random, but chosen according to an algorithm. 

quasi-rectangular wave A wave whose shape ap- 
proaches that of a rectangular wave, but that 
possesses a small amount of tilt and/or curva- 
ture. 

quasi-scientific A term that is sometimes applied 
to the design of electronic systems or to the ap- 
praisal of circuit behavior, using an intuitive, 
rather than analytical approach. 

quasi-sine wave A waveform that is not a perfect 
sine curve, but is close enough to be considered 
sinusoidal, for all practical purposes. 

quasi-single sideband A modulated waveform that 
somewhat resembles single sideband, in which 
parts of both sidebands are present. 

quasi-square wave A waveform that is not a per- 
fect square, but is close enough to be considered 
square for all practical purposes. It is sometimes 
applied to a rectangular wave when a square 
wave is desired. 

quasi-technical A term sometimes applied to qual- 
itative tests, as opposed to quantitative tests. 

quaternary 1. Pertaining to a base-4 number 
system. 2. Of an atom, joined to carbon atoms for 
four bonds. 3. The fourth member of a 4-unit set. 

Quebec Phonetic alphabet code word for the 
letter Q. 
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quench 1. To suddenly bring to an end (e.g., to 
quench an oscillation). 2. To cool quickly, as in 
the quenching of a heated metal object. 3. To ex- 
tinguish the discharge in a gas tube. 

quench capacitor A capacitor that prevents a 
spark from arcing across an inductor when cur- 
rent flow abruptly stops. 

quench frequency See 
QUENCY. 

quenching action Typical operation of a superre- 
generative circuit, in which regeneration is in- 
creased to nearly the point of oscillation and then 
reduced; this action is repeated at an ultrasonic 
frequency and results in very high sensitivity. 
Also see QUENCHING FREQUENCY, QUENCH 
OSCILLATOR, and SUPERREGENERATIVE CIR- 
CUIT. 

quenching frequency The frequency at which re- 
generation in a superregenerative circuit is in- 
creased and decreased. 

quench oscillator In some superregenerative cir- 
cuits, the separate ultrasonic oscillator that pro- 
duces the required quenching action. 

quench resistor A resistor in a quenching network 
that prevents a spark from occurring across an 
inductor when current flow stops. 

queue A list of data, steps in a process, or com- 
mands awaiting execution in a specific order. 

queuing theory A branch of mathematical elec- 
tronics, dealing with the optimum order in which 
steps should be executed to obtain a particular 
end result. 

quibinary code In computer operations, a binary- 
coded decimal system in which each decimal digit 
is represented by seven bits occupying places 
whose values are 8, 6, 4, 2, O, 1, and O. 

quibinary decade circuit A decade counter con- 
sisting of a ring-of-5, followed by a single binary 
stage. 

quick break An operating characteristic of a 
switch, relay, or circuit breaker whereby the con- 
tacts open rapidly—even when the actuating cur- 
rent or mechanical force is slow-acting. 

quick-break fuse A fuse in which the wire melts 
and breaks almost instantly when the current 
rating is exceeded. Also called quick-blow fuse. 
Compare SLOW-BLOW FUSE. 
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quick-break switch A switch that opens rapidly— 
even if its handle or lever is moved slowly by the 
operator. This action minimizes arcing and pre- 
vents chatter. Compare QUICK-MAKE SWITCH. 

quick charge The process of charging a battery, 
such as a nickel-cadmium (NICAD) or nickel- 
metal-hydride (NiMH) type, at a relatively rapid 
rate, at high charging current. It is sometimes 
used to charge a battery from a state of almost to- 
tal discharge. Compare TRICKLE CHARGE. 

quick-disconnect The characteristic of a connec- 
tor that enables its mating halves to be separated 
quickly and simply, to break the circuit in which 
it is situated. 

quickening liquid A solution of mercuric cyanide or 
mercuric nitrate, into which objects can be dipped 
prior to electroplating with silver. The process en- 
sures good adhesion of the silver to the object. 

quick make An operating characteristic of a 
switch, relay, or circuit breaker, whereby the con- 
tacts close rapidly—even when the actuating cur- 
rent or mechanical force is slow acting. 

quick-make switch A switch that closes rapidly— 
even if its handle or lever is moved slowly by the 
operator. Compare QUICK-BREAK SWITCH. 

quick printer A high-speed printer, used with a 
data terminal or computer. A relative term, de- 
pending on the user and the application. 

quicksilver See MERCURY. 

quick-stop control A control on tape recorders and 
some dictating machines that allows the operator 
to stop the tape, but keep the machine in the play 
or record mode. Also called pause control. 

QuickTime Trade name (Apple Computer, Inc.) for 
system software commonly used in MULTIMEDIA 
applications with personal computers. 

QUICKTRAN For multiaccess computer systems, a 
computer programming language based on FOR- 
TRAN and offering facilities, through the use of 
remote terminals, for running, testing, debug- 
ging, and compiling programs. 

quiescent carrier operation A modulation system 
in which the carrier is present only during modu- 
lation (i.e., it is suppressed at all other times). 
Also called controlled-carrier transmission. 

quiescent-carrier telephony A carrier-current 
(wired-wireless) telephone system in which the 
carrier is suppressed when there is no voice or 
alerting signal. 

quiescent component In an electronic device, a 
component that is momentarily nonfunctional. 

quiescent current Operating current (usually a di- 
rect current) flowing in a circuit or component 
during zero-signal or no-drain intervals. Also 
called IDLING CURRENT. 

quiescent operation Zero-signal operation of a de- 
vice, such as a transistor, diode, magnetic ampli- 
fier, or similar component. 
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quiescent period The no-signal interval during 
which equipment is not operating—even though 
it is energized. 

quiescent point The point on the characteristic 
curve of a transistor, diode, or similar device, de- 
noting the zero-signal operating conditions. 

quiescent push-pull Denoting a push-pull stage, 
especially an audio power-output amplifier, in 
which the direct-current signal is essentially 
zero. 

quiescent state The inactive, or resting, state of 
an active component, such as a transistor or vac- 
uum tube. 

quiescent value The zero-signal value of current 
or voltage for any component supplied with oper- 
ating power. 

quiet AGC See DELAYED AUTOMATIC GAIN CON- 
TROL. 

quiet automatic gain control See DELAYED AU- 
TOMATIC GAIN CONTROL. 

quiet automatic volume control See DELAYED 
AUTOMATIC GAIN CONTROL. 

quiet AVC See DELAYED AUTOMATIC GAIN CON- 
TROL. 

quiet battery A direct-current source specially de- 
signed and filtered to minimize noise components 
in its output. 

quieting Noise-voltage reduction in the output ofa 
frequency-modulation (FM) receiver when an un- 
modulated carrier is received. Also called noise 
quieting. 

quieting level In a frequency-modulation (FM) re- 
ceiver, the limiter threshold point. 

quieting sensitivity In a frequency-modulation 
(FM) receiver, the lowest input-signal amplitude 
at which the output signal-to-noise ratio is below 
the specified limit. 

quiet tuning A system of tuning in which the out- 
put of a receiver is muted until a station is tuned 
in properly. 

quinary code See BIQUINARY CODE. 

quinary counter A decade counter consisting of a 
five-stage ring. 

quinhydrone electrode A pH meter electrode con- 
sisting of a platinum wire in a solution of quinhy- 
drone (C,9H 90,4). Also see PH METER. 

quintillion The number 1,000,000,000,000, 
000,000 (1018). 

quintupler 1. A rectifier circuit that delivers a di- 
rect-current output voltage equal to about five 
times the peak value of the alternating-current 
input voltage. 2. A circuit that delivers an out- 
put signal at the fifth harmonic of the input sig- 
nal. 

QWERTY The standard typewriter and computer 
keyboard layout. The name is derived from the 
first several letters in the top letter row: Q, W, E, 
R, T, and Y. 
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R 1. Symbol for RESISTANCE. (Also, r.) 2. Ra- 

diotelegraph abbreviation for ROGER. 3. Symbol 

for RELUCTANCE. 4. Abbreviation of RADIUS. 

1. Symbol for ROENTGEN. 2. Symbol for correla- 

tion coefficient. 3. Abbreviation of RADIUS. (Also, 

abbreviated R.) 

re Symbol for CLASSICAL ELECTRON RADIUS. 

RA 1. Abbreviation of right ascension. 2. Abbrevia- 
tion of RANDOM ACCESS. 

rabbit ears An indoor antenna, sometimes used 
with a television receiver, consisting of two verti- 
cal whips (usually telescoping), the angle between 
which is adjustable. 

RAC Abbreviation of RECTIFIED ALTERNATING 
CURRENT. 

Rac Symbol for AC RESISTANCE. (Also, Trac.) 

race Incorrect interpretation of the clock pulses by 
a digital circuit. Also called racing. The circuit im- 
properly attempts to do many operations during 
one clock pulse, rather than a single operation. 

RACES Abbreviation of Radio Amateur Civil Emer- 
gency System. 

raceway See WIRE DUCT and WIREWAYS. 

rack An upright frame for holding equipment of 
RACK-AND-PANEL CONSTRUCTION. 

rack-and-panel construction A method of build- 
ing electronic equipment on a chassis attached 
horizontally or vertically to a vertical panel. After 
completion of a unit, the panel is fastened in 
place on a RACK. Several such panels fill the 
rack. 

rack and pinion A device used for mechanical ad- 
justment of a control, such as the tuning control 
in a radio receiver. A gear engages a serrated rod. 
As the gear is turned, the rod moves lengthwise. 
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rack up In computer operations, a way of display- 
ing data, in which a new line added to the already 
completely occupied screen bumps up what has 
forgone, thus eliminating the top line. 

racon Acronym for radar beacon. 

rad 1. A unit of ionizing radiation received by a 
body (dose) equal to 0.001 J/kg. 2. Abbreviation 
of RADIAC. 3. Abbreviation of RADIAN. 4. Abbre- 
viation of RADIO. 5. Abbreviation of RADIX. 

radar 1. A microwave system for detecting objects 
and determining their distance, direction, head- 
ing, speed, and other characteristics. Signals 
from the transmitter are reflected back to the 
transmitter site by the object, and the reflection 
(sometimes along with the transmission) is dis- 
played on a cathode-ray screen. The name is an 
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acronym for radio detection and ranging. 2. The 
theory and application of radio detection and 
ranging systems as defined in 1. 

radar altitude The distance of an aircraft above 
the surface of the earth, as determined by radar. 
This value varies with the terrain over which the 
aircraft passes. 

radar antenna Any antenna used for transmitting 
and/or receiving radar signals. 

radar astronomy The use of radar equipment to 
observe and map planets, moons, and asteroids, 
and to measure their distance from the earth or 
from a spacecraft. 

radar beacon A radar transceiver that, on receipt 
of radar signals, transmits encoded signals from 
which the operator can take a bearing. 

radar beam The cone-shaped main lobe of energy 
emitted by a radar antenna. The narrower the 
beam, the greater the resolution of the radar sys- 
tem. 

radar clutter Visual interference on a radar screen 
caused by reflections from ground or sea. 

radar countermeasures Abbreviations, RCM and 
rad CM. In wartime, any method of interfering 
with enemy radar, such as jamming or use of de- 
Coys. 

radar detector 1. A device used in automobiles 
and trucks to detect the proximity of police or 
highway-patrol radar. 2. A device used in military 
applications, especially aviation, to indicate the 
presence of radar. 

radar display The scheme via which a radar set 
portrays the relative positions of the objects that 
produce echoes. The most common is the az- 
imuth/range display, showing compass bearings 
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(usually in degrees clockwise from geographic 
north) and radius from the transmitter (usually 
in miles or kilometers). Altitude above mean sea 
level can be displayed for individual echoes. 

radar homing A method of missile homing in 
which radar is used to track a target. 

radar speed trap A radar system used by traffic 
police to spot speeding vehicles. 

radar telescope The transmission and reception 
unit used in radar astronomy. Compare RADIO 
TELESCOPE. 

RadCM Abbreviation of RADAR COUNTERMEA- 
SURES. (Also, RCM.) 

radial 1. One of several conductors used to enhance 
the performance of an unbalanced, vertical an- 
tenna. These can be constructed from wire or 
metal tubing, and generally measure one-quarter 
wavelength or more. When a vertical antenna is 
mounted at the earth's surface, the ground con- 
ductivity is improved by these conductors, which 
run outward from the base of the radiator, and are 
connected to the shield of a coaxial feed line. The 
greater the number of radials of a given length, the 
more the ground loss is reduced. Also, the longer 
the radials for a given number, the better. If a ver- 
tical radiator is mounted with its base more than 
one-quarter wavelength above the earth's sur- 
face, there need only be three or four conductors 
measuring exactly one-quarter wavelength. 
See GROUND-MOUNTED VERTICAL ANTENNA, 
GROUND-PLANE ANTENNA. 2. Pertaining to the 
distance from the center of a circle to its periphery. 
3. Pertaining to the distance from the center of a 
sphere to its surface. 4. Extending or emanating 
outward in a straight line from a defined point. 
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radial ground An earth connection composed of 
radials buried in the ground. 

radial lead A lead (pigtail) attached perpendicular 
to the axis of a component, such as a resistor or 
capacitor. 

radian Abbreviation, rad. The angle at the center of 
a circle subtended by an arc whose length is 
equal to the radius. Equal to approximately 
57.2958 degrees. 

radiance The radiant flux emitted by an object. Ra- 
diance is measured in terms of the amount of en- 
ergy contained in a unit solid angle (steradian) 
with the source at the apex. 

radians-to-degrees conversion The conversion of 
radian angular measure into degrees. To change 
radians to degrees, multiply the number of de- 
grees by 57.2958. Thus, 0.7854 radian = 45 de- 
grees. Compare DEGREES-TO-RADIANS CON- 
VERSION. 

radiant efficiency The ratio of the radiant energy 
emitted by a source to the energy consumed by 
the source. The radiant energy is generally speci- 
fied within a certain range of wavelengths. An ex- 
ample is the incandescent light bulb, which has 
relatively low radiant efficiency in the visible 
spectrum between about 750 and 390 nanome- 
ters. 

radiant energy 1. Any form of energy emitted by a 
source and propagated through space as an elec- 
tromagnetic disturbance. Included are radio 
waves, infrared, visible light, ultraviolet, X rays, 
and gamma rays. 2. Electromagnetic distur- 
bances at infrared and shorter wavelengths. 

radiant flux The rate at which radiant energy is 
emitted. 

radiation 1. The emission of energy or particles 
(e.g., waves from an antenna, X rays from an X- 
ray tube, energy from a radioactive material, heat 
from a body, etc.). 2. Radio waves, infrared, visi- 
ble light, ultraviolet, X rays, or gamma rays. 
3. lonizing emissions from radioactive substances 
(e.g., alpha particles, beta particles, neutrons, 
gamma rays, etc.). 

radiation angle The horizontal or vertical angle at 
which electromagnetic waves are radiated from 
an antenna. Measured between the central axis of 
the main lobe and the horizon, or between the 
central axis of the main lobe and geographic 
north. 

radiation belts See VAN ALLEN 
BELTS. 

radiation counter An instrument used for deter- 
mining the intensity of atomic-particle radiation, 
X rays, or gamma rays. It operates by means of 
ionization of a gas in a sealed tube. 

radiation field The portion of the electromagnetic 
field that is propagated by a radiator, as opposed 
to the induction field. 

radiation intensity For a directional radio trans- 
mitting antenna, the radiated power per stera- 
dian in a given direction. 
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radiation loss Loss of energy through radiation 
from a conductor. Also see LOSS. 

radiation pattern A graphical representation of 
the intensity of the electromagnetic field in vari- 
ous directions from a radiator, such as a trans- 
mitting antenna. It is usually shown in either the 
horizontal plane or a specific vertical plane con- 
taining the antenna. Also see LOBE. 

radiation physics The study of radiation and its 
effects on matter. Radiation physics is especially 
concerned with ionizing radiation, but it can in- 
volve any kind of particle or electromagnetic en- 
ergy. 

radiation pressure Pressure exerted on a surface 
by impinging electromagnetic radiation. 

radiation resistance The inherent resistance at 
the feed point of a resonant radio antenna. 

radiation sickness General physiological symp- 
toms resulting from a short-term overdose of 
X rays, gamma rays, or atomic-particle radia- 
tion. 

radiator 1. The element of an antenna from which 
radio energy is directly radiated, as opposed to 
the transmission line, lead-in, reflector, or direc- 
tor. 2. See LOUDSPEAKER. 

radio 1. Wireless electrical communication, i.e., by 
means of electromagnetic waves. 2. See RADIO 
RECEIVER. 3. See RADIO TRANSCEIVER. 4. See 
RADIO TRANSMITTER. 5. To communicate by ra- 
dio. 

radio- 1. A prefix meaning “pertaining to wireless 
electrical communication.” Examples: radiotele- 
phone and radiotelegraph. 2. A prefix meaning 
“using radio waves.” Examples: radiosonde, ra- 
diolocator, and radiothermics. 3. A prefix meaning 
“pertaining to using or possessing radioactivity,” 
or “pertaining to X rays.” Examples: radiograph, 
radioisotope, and radiologist. 

radioactive Having the property of emitting alpha, 
beta, and (Sometimes) gamma rays as the result 
of nuclear disintegration. Also see HALF-LIFE. 
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radioactive element A chemical element that is 
RADIOACTIVE (e.g., uranium). Also called ra- 
dioelement. 

radioactive isotope See RADIOISOTOPE. 

radioactive tracer A quantity of radioactive mate- 
rial put into a system so that its path can be mon- 
itored by means of a radiation detector. An 
example is the introduction of radioactive barium 
into the large intestine. The flow and concentra- 
tion of the barium gives an indication of the func- 
tioning of the lower intestine. 

radioactive transducer A pickup device for detect- 
ing and measuring radioactivity (e.g., Geiger- 
Mueller tube). 

radioactivity counter See GEIGER COUNTER 
and SCINTILLATION COUNTER. 

radio altitude See RADAR ALTITUDE. 

radio amateur An electronics hobbyist licensed to 
operate two-way wireless communications sta- 
tions in various assigned frequency bands, with- 
out receiving payment for services rendered. 

Radio Amateur Civil Emergency System Abbre- 
viation, RACES. A civil-defense organization of li- 
censed amateur radio stations. Also see RADIO 
AMATEUR. 

radio astronomy The observation, study, and 
analysis of radio-frequency electromagnetic emis- 
sions from bodies or points in space, and the 
study of these bodies through their radiations. 

radioautograph See AUTORADIOGRAPH. 

radio beacon 1. A radio transmitter of direction- 
finding or guidance signals. 2. Also called radio 
beam. The signals transmitted by a radio beacon, 
as defined in 1. 

radio beam 1. Antenna radiation focused in one 
direction. 2. See RADIO BEACON, 2. 

radiobiology A field of biology concerned with the 
influence of radiant energy or radioactivity on liv- 
ing organisms. 

radio broadcast A radio transmission directed to 
numerous, nonspecific receivers—especially by a 
station in the broadcast service. Also called RA- 
DIOCAST. Also see BROADCAST SERVICE, 1, 2. 

radio car An automobile equipped with a two-way 
radio. 

radio carbon Radioactive carbon (i.e., carbon 14). 

radiocast See RADIO BROADCAST. 

radio channel A single, usually narrow radio- 
frequency band within a larger band, in which 
stations are authorized to transmit signals of a 
specified type. Also see CHANNEL, 1; CHANNEL 
SEPARATION; and CHANNEL WIDTH. 

radiochemistry The chemistry of radioactive sub- 
stances. 

radio communication Wireless communication 
carried on by means of radio-frequency electro- 
magnetic waves. 

radio compass See DIRECTION FINDER. 

radioconductor A substance or body whose elec- 
trical conductivity is affected by radio waves, and 
that can be used as a sensor of such waves. 
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radio control See REMOTE CONTROL. 

radio direction finder See DIRECTION FINDER. 

radio Doppler 1. A change in the frequency of a ra- 
dio signal emitted by a source having radial mo- 
tion, with respect to the receiver. 2. An electronic 
device used to measure radial speed by means of 
the Doppler effect at radio frequencies. 

radio-electronics The branch of electronics specif- 
ically involved with wireless communications. 

radioelement See RADIOACTIVE ELEMENT. 

radio engineer A trained professional skilled in the 
physics and mathematics of radio communica- 
tions, and in the theory and application of basic 
electronics engineering and related subjects. Also 
see RADIO ENGINEERING. 

radio engineering The branch of electronics engi- 
neering devoted to the theory and operations of 
radio communication. 

radio field strength The intensity of radio waves 
at a given point. Also see FIELD INTENSITY, 2 
and RADIO MAP. 

radio frequency Abbreviation, RF. 1. Consisting 
of, or pertaining to, alternating currents at fre- 
quencies above about 9 kHz (the lowest allocated 
radio communications frequency). 2. Consisting 
of, or pertaining to, electromagnetic fields whose 
wavelengths are longer than those of infrared, 
but shorter than about 33 kilometers (corre- 
sponding to a frequency of 9 kHz). Also see RA- 
DIO SPECTRUM. 

radio-frequency amplifier 1. In a superhetero- 
dyne circuit, the channel in which the incoming 
signal is amplified. Compare INTERMEDIATE- 
FREQUENCY AMPLIFIER. 2. Broadly, an ampli- 
fier of radio-frequency signals. 

radio-frequency choke Abbreviation, RFC. A low- 
inductance coil used to block radio-frequency 
(RF) alternating currents. Many RF chokes have 
air cores; some have cores of ferrite or powdered 
iron. 


In 


+12 V 


(General bipolar circuit) 
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radio-frequency current Symbol, Irr. 2. The in- 
tensity of a generated radio-frequency (RF) signal, 
usually expressed in microamperes. 2. Loosely, 
any measurable RF signal. 

radio-frequency heating The generation of heat in 
an object by an intense radio-frequency electro- 
magnetic field. See, for example, DIATHERMY, 1; 
DIELECTRIC HEATING; and INDUCTION HEAT- 
ING. 

radio-frequency interference Abbreviation, RFI. 
1. Annoying electrical noise in radio-frequency 
(RF) amplifiers, detectors, and instruments. 
2. Undesired RF signals that compete with desired 
ones in amplifiers, receivers, and instruments. 
3. The unwanted interception and demodulation 
of a strong RF signal by an audio-frequency (AF) 
device, such as a telephone set or high-fidelity 
stereo amplifier. 

radio-frequency meter An instrument for mea- 
suring signals of RADIO FREQUENCY (9 kHz and 
above). 

radio-frequency oscillator Abbreviation, RFO. An 
oscillator (self-excited or crystal-controlled) for 
operation at radio frequencies. In such an oscilla- 
tor, stray components, efficiency, and general 
losses are of primary concern. Also see RADIO 
FREQUENCY. 

radio-frequency power Symbol, Prr. Alternating- 
current power at radio frequencies. 

radio-frequency resistance The total in-phase re- 
sistance exhibited by a conductor at radio fre- 
quencies. This opposition to current includes 
direct-current resistance and the in-phase com- 
ponents caused by skin effect, shielding, and the 
presence of dielectrics. 

radio-frequency selectivity The selectivity of a ra- 
dio-frequency (RF) channel, such as the RF am- 
plifier and first detector of a superheterodyne 
circuit. 

radio-frequency transformer Abbreviation, RF 
transformer. A device used for the purpose of 
impedance matching, antenna tuning, or inter- 
stage coupling at frequencies above the range of 
human hearing (approximately 20 kHz and up). 
The device might consist of solenoidal windings 
with an air core, solenoidal windings with a 
powdered-iron or ferrite core, or toroidal wind- 
ings with a powdered-iron or ferrite core. The 
windings are designed to minimize distributed 
capacitance and direct-current resistance. 
When no reactance is present, the impedance- 
transfer ratio is equal to the square of the turns 
ratio. Compare AUDIO-FREQUENCY TRANS- 
FORMER. 

radio-frequency transistor 1. A transistor capa- 
ble of providing significant amplification at radio 
frequencies. 2. A transistor operable at frequen- 
cies above 100 kHz. 

radiogenic Produced by radioactivity. 

radiogoniometer A radio compass (see DIREC- 
TION FINDER and GONIOMETER, 1). 
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radiogram A (usually printed out) message trans- 
mitted and received via radiotelegraphy or ra- 
dioteletype. The term is an acronym for radio 
telegram. 

radiograph 1. To contact by sending a RADIO- 
GRAM. 2. An X-ray photograph. 

radio homing 1. A method of homing that uses the 
tracking of a target on the basis of a radio signal 
emitted by that target. 2. A method of keeping a 
missile on track via radio remote control. 

radio interference 1. Interference to radio com- 
munication, from whatever cause. 2. See RADIO- 
FREQUENCY INTERFERENCE. 

radioisotope A radioactive isotope (natural or artifi- 
cial) of a normally nonradioactive chemical element 
(e.g., radioactive carbon). Also see ISOTOPE. 

radio jamming See JAMMING. 

radio knife A surgical instrument consisting essen- 
tially of a needle that forms a high-frequency arc. 
The arc simultaneously cuts and cauterizes tissue. 

radiolocation A process whereby the position of a 
vehicle, aircraft, or ocean-going vessel is deter- 
mined. The simplest method is the directional 
method. Two or three fixed receiving stations are 
used. Radio direction-finding (RDF) equipment is 
employed at each station, in conjunction with a 
transmitter aboard the vessel, to establish the 
bearings of the vessel with respect to each sta- 
tion. Radar can also be used to locate vessels. In 
wartime, enemy craft can sometimes be located 
by visual or infrared apparatus. Satellites can lo- 
cate enemy ships and missiles, in some cases 
with an error smaller than the length of the ves- 
sel itself. Compare RADIONAVIGATION. 
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radiolocator See RADAR. 

radiological system See X-RAY THERAPY SYS- 
TEM. 

radiologist A specialist skilled in RADIOLOGY. 

radiology The science embracing the theory and 
use of X rays and radioactive substances in the 
diagnosis and treatment of diseases and ail- 
ments. 

radiolucency 1. The property of a material that al- 
lows ionizing radiation to pass through it with lit- 
tle or no absorption. 2. The extent to which a 
material transmits ionizing radiation. 

radioluminescence Visible light emitted from a ra- 
dioactive material. A good example is radium; it 
was once used on wristwatch dials so that they 
could be seen in the dark. 

radiolysis Chemical decomposition brought about 
by radiation. 

radioman A radio technician or operator. 

radio map A map of a geographic area, on which 
lines are drawn connecting measured points of 
equal field strength for signals from a radio sta- 
tion at the approximate center of the area. 

radiometeorograph See RADIOSONDE. 

radiometer A device for detecting and measuring 
the strength of radiant energy. One form consists 
of a set of vanes blackened on one side and 
mounted on pivots in a partially evacuated glass 
bulb. Visible light or infrared causes the vane as- 
sembly to rotate, the speed being proportional to 
the intensity of the light. 


Glass 
envelope 


radiometer 


radiometry The science and art of measuring radi- 
ation in the infrared, visible, and ultraviolet re- 
gions of the electromagnetic frequency spectrum. 
Compare PHOTOMETRY. 
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radio micrometer See MICRORADIOMETER. 

radionavigation The use of radio apparatus, usu- 
ally in conjunction with computers, by personnel 
aboard moving vessels, for the purpose of plotting, 
correcting, and maintaining a course. The inter- 
secting-line method is simplest. Two or three 
land-based transmitters are needed. Their loca- 
tions must be accurately known. A direction- 
finding device on the vessel is used to determine 
the bearings of each of the transmitters. Aircraft 
radionavigation can be performed with the aid of 
radar. The most sophisticated radionavigation 
techniques employ the Global Positioning System 
(GPS). Computers are used to project the course 
of a craft based on its current position, its speed, 
and the direction of its movement. Course correc- 
tions are made by choosing the desired course 
and having the computer calculate speed and/or 
direction changes. Compare RADIOLOCATION. 

radio net A group of radio stations operating to- 
gether in an organization, often on or near the 
same frequency. 

radio network See RADIO NET. 

radio operator A technician licensed to operate a 
transmitter in the radio, television, or radar ser- 
vices. 

radiopaque Opaque to X rays or other ionizing ra- 
diation. Compare RADIOPARENT. 

radioparent Transparent to X rays or other ioniz- 
ing radiation. Compare RADIOPAQUE. 

radiophone See RADIOTELEPHONE. 

radiophoto A photograph transmitted and re- 
ceived by radio. Also see FACSIMILE. 

radio pill See ENDORADIOSONDE. 

radio prospecting The use of radio-frequency de- 
vices to locate underground or underwater metals 
and mineral deposits. Also see METAL LOCATOR. 

radio range A radio station providing navigational 
aid to airplanes. 

radio receiver The complete apparatus that se- 
lects, amplifies, demodulates, and reproduces a 
radio signal for purposes of communication, as 
distinct from facsimile receiver, remote-control re- 
ceiver, telemetry receiver, television receiver, etc. 

radiosensitivity 1. The property of being sensitive 
to ionizing radiation. Most photographic films 
have this property. 2. The extent to which a sub- 
stance or device is sensitive to ionizing radiation. 

radio service technician An electronics techni- 
cian skilled in the repair and maintenance of ra- 
dio equipment—especially receivers. 

radiosonde A balloon-carried combination of radio 
transmitter and transducers, for sending to a 
ground monitoring station signals revealing such 
atmospheric conditions as temperature, humid- 
ity, and pressure. It is used mainly for gathering 
meteorological data at high altitudes. 

radiosonobuoy See SONOBUOY. 

radio spectroscope A device used by radio as- 
tronomers to obtain the radio-frequency profile of 
a distant star or galaxy. It generally consists of a 
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graph, obtained by scanning the radio spectrum 
and plotting signal intensity as a function of fre- 
quency or wavelength. 

radio spectrum The continuum of frequencies 
useful for radio communication and control. 
Classified in the following manner: Very low fre- 
quency (VLF), 9 to 30 kHz; low frequency (LF), 30 
to 300 kHz; medium frequency (MF), 300 to 3000 
kHz; high frequency (HF), 3 to 30 MHz; very high 


frequency (VHF), 30 to 300 MHz; ultrahigh 
To 
infrared, 
visible light, 
ultraviolet, X rays, 
gamma rays 
eN 0.1 mm 3 THz 
Decimillimetric 
1 mm 300 GHz 
Millimetric EHF 
Microwaves 
lcm 30 GHz 
Centimetric SHF 
10 cm 3 GHz 
Decimetric UHF 
lm 300 MHz 
VHF 
Metric 
10m 30 MHz 
HF 
Decametric 
100 m 3 MHz 
MF 
Hectometric 
1km 300 kHz 
LF 
Kilometric 10 km 30 kHz 
VLE 
Myriametric 30 km 10 kHz 
100 km 3 kHz 


To lower audio 
and subaudio 


radio spectrum 
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frequency (UHF), 300 to 3000 MHz; super high fre- 
quency (SHF), 3 to 30 GHz; extremely high fre- 
quency (EHF), 30 to 300 GHz. 

radiostat See CRYSTAL FILTER. 

radio station 1. The location at which a radio 
transmitter and/or receiver is/are installed. 
2. The complete set of equipment for a radio receiv- 
ing and/or transmitting installation, including 
the studio, linking apparatus, and antennas. 3. A 
standard broadcast station. 

radio technician A professional skilled in the con- 
struction, testing, repair, and maintenance of radio 
equipment, and sometimes in its design, and who 
usually works under the supervision of a radio en- 
gineer. Also see RADIO SERVICE TECHNICIAN. 

radiotelegram See RADIOGRAM. 

radiotelegraph 1. Pertaining to the theory and ap- 
plication of, and the equipment for, Morse code 
transmission and/or reception via radio. 2. An 
installation for Morse code transmission and/or 
reception via radio. 3. The transmission and/or 
reception of Morse code signals via radio. 

radiotelegraph code See CONTINENTAL CODE. 

radiotelegraph distress signal See SOS. 

radiotelegraph monitor See KEYING MONITOR. 

radiotelegraphy The transmission and/or recep- 
tion of telegraphic communications, usually 
Morse code, by means of radio. 

radiotelephone 1. Pertaining to the theory and ap- 
plication of, and the equipment for, voice trans- 
mission and/or reception via radio. 2. An 
installation for voice transmission and/or recep- 
tion via radio. 3. The transmission and/or recep- 
tion of voice signals via radio. 

radiotelephone distress signal See MAYDAY. 

radio/telephone patch See PHONE PATCH. 

radiotelephony The transmission and/or recep- 
tion of audio signals, usually human voices, by 
means of radio. 

radio telescope A directional antenna and associ- 
ated equipment for receiving and evaluating the 
radio-frequency electromagnetic radiation from 
space—especially from celestial objects (such as 
the sun, planets, stars, nebulae, galaxies, 
quasars, etc.). See RADIO ASTRONOMY. 

radioteletype 1. Pertaining to the theory and ap- 
plication of, and the equipment for, text data 
transmission and/or reception via radio. 2. An 
installation for text data transmission and/or re- 
ception via radio. 3. The transmission and/or re- 
ception of text data signals via radio. 

radioteletypewriter A teletypewriter adapted to 
radio, rather than wire service; it is used in some 
RADIOTELETYPE installations. In recent years, 
personal computers and terminals have largely 
replaced adapted teletypewriters for this purpose. 

radiotherapy The use of X rays and/or radioactive 
substances in the treatment of disease and disor- 
ders. 

radiothermics The science of the generation of 
heat by means of radio-frequency current. 
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radiothermy See DIATHERMY. 

radio thorium Radioactive THORIUM. 

radiotracer See TRACER. 

radio transceiver A RADIO RECEIVER and RADIO 
TRANSMITTER built into a single unit, and gener- 
ally intended for use in two-way communication. 

radio transmitter The complete apparatus that 
generates radio-frequency power, modifies it with 
the data needed for communication, and delivers 
the product to an antenna for radiation into 
space. Here, the radio transmitter is distin- 
guished from similar equipment: facsimile trans- 


mitter, remote-control transmitter, telemetry 
transmitter, television transmitter, etc. 
radio-transparent material 1. A substance 


through which radio waves pass with little or no 
attenuation. 2. A substance through which 
X rays, gamma rays, or high-speed subatomic 
particles can pass with little or no attenuation. 

radiotrician Acronym for radio electrician. See RA- 
DIO SERVICE TECHNICIAN. 

radio tube 1. A VACUUM TUBE used at radio fre- 
quencies. 2. A vacuum tube used as an amplifier, 
local oscillator, detector, or mixer in an early ra- 
dio receiver. 

radiovision See TELEVISION. 

radio watch See WATCH. 

radio waves Electromagnetic waves in the RADIO 
SPECTRUM. 

radio window That portion of the radio-frequency 
electromagnetic spectrum that passes through 
the atmosphere, rather than being refracted or 
absorbed. The wavelength range is about 20 me- 
ters to 5 millimeters, or 15 MHz to 60 GHz. The 
lower limit of this range is affected by ionospheric 
conditions. The upper frequency limit depends on 
various factors, including relative humidity and 
dust content of the air. 

radium Symbol, Ra. A rare radioactive metallic 
element. Atomic number, 88. Atomic weight, 
226.025. 

radius The straight-line distance from the center of 
a circle or sphere to its periphery. 

radius vector In spherical or polar coordinates, a 
line segment drawn from the pole, or origin, and 
representing the vector magnitude. 

radix The number indicating the number of sym- 
bols in a system of numerical notation, and the 
powers of which give the place values of the sys- 
tem. Thus, 10 is the radix of the decimal system, 
and 2 is the radix of the binary system. Also 
called BASE. 

radix point In a number, the point (dot or period) 
separating the integral and fractional digits. Its 
specific name depends on the system of notation 
involved: binary point, decimal point, etc. 

radome A plastic shell housing a radar antenna— 
especially aboard an aircraft. 

radon Symbol Rn. A gaseous radioactive element 
that results from the disintegration of radium. 
Atomic number, 86. Atomic weight, 222. 
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rad/s Abbreviation of radians per second, the SI 
unit of angular velocity. 

rad/s? Abbreviation of radians per second squared, 
the SI unit of angular acceleration. 

radux A continuous-wave, low-frequency radion- 
avigation system. Position is determined by com- 
paring the phase of two signals sent from 
different locations. 

RAID Acronym for REDUNDANT ARRAY OF INDE- 
PENDENT DISKS. 

rainbow generator A test-signal generator that 
produces a full color spectrum, a pattern resem- 
bling the successive coloration of a rainbow, on 
the screen of a color-television receiver. Also see 
RAINBOW PATTERN. 

rainbow pattern A test pattern for servicing a 
color-television receiver. It consists of a full color 
spectrum, thus taking its name from its resem- 
blance to a rainbow. Also see RAINBOW GENER- 
ATOR. 

RAM Abbreviation of RANDOM-ACCESS MEM- 
ORY. 

ramp A sawtooth wave with a linear rise and a 
practically instantaneous decay; its name was 
derived from its resemblance to an incline. 


Amplitude 


Time 


ramp 


ramp generator A test-signal generator that pro- 
duces sawtooth-wave signals. Also see RAMP. 

RandD Abbreviation of research and development 
or research and design. (Also, R&D.) 

random access Abbreviation, RA. In computer and 
data-processing operations, pertaining to storage 
or memory in which data can be recovered in any 
order. 

random-access memory In computer and data- 
processing systems, a memory providing access 
time that is independent of the address. 

random deviation Irregular RIPPLE. 

random-fed antenna An antenna that uses RAN- 
DOM FEED. 

random feed A method of connecting a transmis- 
sion line to an antenna, wherein the feed point is 
not necessarily at the center and not necessarily 
at a current loop or voltage loop. This technique 
is rarely used; it generally results in some radia- 
tion from the feed line. 
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random noise Electrical noise in which the pulses 
or fluctuations have no discernible pattern of oc- 
currence (i.e., they are haphazard in frequency 
and amplitude). 

random number A number derived by chance. It is 
used in statistical analysis for various purposes. 

random number generator Hardware or software 
that provides a sequence of numbers or digits 
that are random for the purpose of a given statis- 
tical application. 

random occurrence See CHANCE OCCURRENCE. 

random variable In statistics, a variable that can 
have a number of values, each of the same prob- 
ability. 

random winding A coil winding in which the turns 
are wound haphazardly to reduce distributed ca- 
pacitance. 

range 1. The limits within which a circuit or device 
operates (i.e., the territory defined by such lim- 
its). Examples: current range, frequency range, 
and voltage range. 2. The difference between the 
upper and lower limits of deflection of a meter. 
3. The distance over which a transmitter operates 
reliably. 4. A clear area for testing antennas. 
5. The distance between a radar station and a 
target. 6. The possible values for a quantity or 
function that lie between given limits. 

range capacitor See TRIMMER CAPACITOR. 

range-height indicator Abbreviation, RHI. A radar 
display in which the horizontal axis shows dis- 
tance to the target, and the vertical axis shows el- 
evation of the target. 

range mark See DISTANCE MARK. 

range plotting The creation of a graph of the dis- 
tance (range) to objects, as a function of direction 
or orientation in two or three dimensions. Com- 
monly used in robot guidance systems. 

range resistor See TRIMMER RESISTOR. 

range sensing The measurement of distances to 
objects via electronic methods such as radar, 
sonar, vision systems, etc. Commonly used in 
robot guidance systems. 

ranging 1. Any means of determining the distance 
from a station or vehicle to an object or objects. 
2. Any of several methods for a vehicle, vessel, 
aircraft, spacecraft, or robot to navigate in its en- 
vironment by measuring, and keeping track of 
changes in, the distance between itself and one or 
more objects or beacons. 

rank 1. To arrange in a specific sequence accord- 
ing to significance. 2. A place in such a se- 
quence. 

Rankine scale A temperature scale on which the 
freezing point of water is 491.69 degrees, and the 
boiling point 671.69 degrees. Absolute zero is 
represented by O degrees. For conversion to 
kelvins, multiply degrees Rankine by 5/9. 

rapid drift A fast change of a quantity or setting 
(usually in one direction) with time. 

rapid printer See QUICK PRINTER. 


ÓN 


raser A device that produces coherent electromag- 
netic waves at radio frequencies; the radio- 
frequency equivalent of a LASER. 

raster The rectangle of light (composed of unmod- 
ulated lines) seen on the screen of a television 
picture tube when no signal is present. 

ratchet circuit See COMMUTATOR, 2 and ELEC- 
TRONIC RATCHET. 

rate action See DERIVATIVE ACTION. 

rate effect In a four-layer semiconductor device, 
the tendency for the switch to conduct undesir- 
ably as a result of a transient spike. 

rate-grown transistor See GRADED-JUNCTION 
TRANSISTOR. 

rate gyro A special gyroscope for measuring angu- 
lar rates. 

rate of change 1. The extent to which the value of 
a dependent variable changes in accordance with 
a specified change in an independent variable 
(usually time). 2. A quantitative expression of the 
speed with which a dependent variable changes, 
with respect to an independent variable (usually 
time). 

rate signal A signal whose amplitude is propor- 
tional to the derivative of a variable, with respect 
to time. 

rate time In automatic-control operations, the 
time over which the addition of DERIVATIVE AC- 
TION advances PROPORTIONAL ACTION. 

ratio-arm bridge A simple four-arm bridge in 
which the balancing potentiometer supplies the 
two arms, one on each side of the slider at all 
settings. 


ratio-arm bridge 


ratio arms Two impedance arms serving to estab- 
lish the numerical ratio of a bridge circuit. 

ratio control In automatic-control operations, a 
system in which the controlled variable is in a 
prescribed ratio to another variable. 

ratio detector A frequency-modulation (FM) sec- 
ond detector resembling the FOSTER-SEELEY 
DISCRIMINATOR, except that one of the two 
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diodes is reversed and the junction point of the 
load resistors is grounded. In an FM circuit using 
a ratio detector, no limiter is required. The ratio of 
the direct-current outputs is proportional to the 
ratio of the instantaneous signal voltages applied 
to the two diodes. 

ratio meter An instrument that compares two dif- 
ferent signals (and indirectly their sources) and 
delivers a reading of their ratio. 

rational number A number that can be expressed 
in the form a/b, where a and b are integers and b 
is not equal to zero. 

rational operation Any of the conventional arith- 
metic operations: multiplication, division, addi- 
tion, or subtraction. 

ratio of geometric progression In a geometric 
progression, the ratio of one value to the next. 

ratio of similitude The ratio of the lengths of cor- 
responding sides in similar geometric figures. 

rat race See HYBRID RING. 

raven red A variety of red oxide of iron, a commer- 
cial red paint used as the magnetic coating of 
early recording tapes. 

raw ac Unrectified alternating current (ac) or volt- 
age. 

raw data Data that has not been processed in any 
way. 

rawinsonde A RADIOSONDE tracked by a radio di- 
rection finder to determine wind velocity. The 
name is an acronym from radar wind radiosonde. 

raw tape See BLANK TAPE. 

ray 1.A line of radiant energy. Such a line (e.g., 
the path of a single photon of visible light) is 
imagined to arise from a point source and have 
zero width. 2. A thin beam of radiant energy 
(e.g., the beam of electrons in a cathode-ray 
tube). 3. A quantity of radiant energy or ionizing 
radiation (e.g, gamma ray). 4. One of numerous 
lines converging toward, or emanating from, a 
specific point. 5. A vector representing the direc- 
tion in which an electromagnetic field or acous- 
tic disturbance travels. 6. Also called half line. 
The set of points on a line consisting of a defined 
origin and all the points on one side of the origin. 
Example: the positive reactance axis in an AR- 
GAND DIAGRAM. 

Raydist A continuous-wave, medium-frequency 
radionavigation system. The position is deter- 
mined according to the phase difference between 
two signals transmitted from different locations. 

Rayleigh-Carson theorem An expression of the 
reciprocal relationship between the transmitting 
and receiving properties of an antenna. If voltage 
E applied to antenna A causes current I to flow at 
a given point in antenna B, then the same voltage 
(E) applied at that point in antenna B will produce 
identical current I (same magnitude and phase) 
at the point in antenna A, where voltage E 
originally was applied. Also see RECIPROCITY 
THEOREM. 
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Rayleigh distribution A probability-density func- 
tion, used to describe the behavior of sky-wave 
electromagnetic signals. 

Rayleigh’s law The hysteresis loss in a magnetic 
material varies in proportion to the cube of the 
magnetic induction. 

Rb Symbol for RUBIDIUM. 

Rg Symbol for BASE RESISTANCE. (Also, rz.) 

RC 1. Abbreviation of RESISTANCE-CAPACI- 
TANCE. 2. Abbreviation of RADIO-CON- 
TROLLED. 3. Abbreviation of REMOTE CONTROL. 

R. 1. Symbol for COLLECTOR RESISTANCE. (Also, 
rc.) 2. Symbol for COLD RESISTANCE. 

RCA jack See PHONO JACK. 

RCA plug See PHONO PLUG. 

RC circuit See RESISTANCE-CAPACITANCE CIR- 
CUIT. 

RC-coupled amplifier See RESISTANCE-CAPACI- 
TANCE-COUPLED AMPLIFIER. 

RC coupling See RESISTANCE-CAPACITANCE 
COUPLING. 

RC filter See RESISTANCE-CAPACITANCE FILTER. 

RCL 1. Abbreviation of RECALL. 2. Abbreviation of 
RESISTANCE-CAPACITANCE-INDUCTANCE. 

RCM Abbreviation of RADAR COUNTERMEA- 
SURES. (Also, radCM.) 

RC phase shifter See 
TANCE PHASE SHIFTER. 

RC time constant See RESISTANCE-CAPACI- 
TANCE TIME CONSTANT. 

RCTL Abbreviation of RESISTOR-CAPACITOR- 
TRANSISTOR LOGIC. 

RC tuning See RESISTANCE-CAPACITANCE TUN- 
ING. 

RCV Abbreviation for receive. (Also, rcv.) 

RCVR Abbreviation for RECEIVER. (Also, revr, rx.) 

rd Abbreviation for rutherford. 

R&D See RAND D. 

Rp Symbol for DRAIN RESISTANCE. 

Ra 1. Symbol for DIODE RESISTANCE. (Also, rq.) 
2. Symbol for DISTRIBUTED RESISTANCE. 

R-DAT Abbreviation of ROTARY DIGITAL AUDIO 
TAPE. 

Rac Symbol for DC RESISTANCE. (Also, rg.) 

RDF Abbreviation of RADIO DIRECTION FINDER. 

Re Symbol for RHENIUM. 

Re Symbol for EMITTER RESISTANCE. (Also, rz.) 

REA Abbreviation of Rural Electrification Adminis- 
tration. 

reachthrough See PUNCHTHROUGH. 

reachthrough region See PUNCHTHROUGH RE- 
GION. 

reachthrough 
VOLTAGE. 

reactance Symbol, X. Unit, ohm. The opposition 
offered to the flow of alternating current by pure 
capacitance, pure inductance, or a combination 
of the two. Reactance introduces phase shift. Also 
see CAPACITIVE REACTANCE and INDUCTIVE 
REACTANCE. Compare RESISTANCE. 


RESISTANCE-CAPACI- 


voltage See PUNCHTHROUGH 
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reactance chart A nomograph for capacitance, in- 
ductance, and frequency. 

reactance factor The ratio of the alternating- 
current resistance of a conductor to the direct- 
current resistance. The reactance factor generally 
increases as the frequency increases because of 
skin effect and because the length of the conduc- 
tor might be a sizable part of the wavelength of 
the transmitted energy. 

reactance modulator A frequency modulator us- 
ing a variable reactance, usually a varactor diode 
in the oscillator. 


AF 
in 


+ 
Varactor 
bias 
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reactance transistor A transistor used as a REAC- 
TANCE MODULATOR. 

reaction-time meter See NEOMATACHOGRAPH 
and NEOMATACHOMETER. 

reactive absorber In acoustics, a device that dissi- 
pates impinging sound waves by means of reflec- 
tion, resonance, and other effects, besides 
dissipation in the form of heat. 

reactive attenuator An attenuator that functions 
by means of reactance, rather than by means of 
resistance. 

reactive current The component of alternating 
current that is not in phase with the voltage. 
Compare RESISTIVE CURRENT. 

reactive kilovolt-ampere Abbreviation, KVAR. A 
unit of high apparent power; it is the product of 
kilovolts and amperes in a reactive component of 
a circuit. Also see APPARENT POWER, KILO- 
VOLT-AMPERE, REACTIVE VOLT-AMPERE, and 
VOLT-AMPERE. 

reactive load 1. A load device that is capacitive or 
inductive, rather than resistive. 2. A load device 
that contains reactance as well as resistance. 

reactive power See REACTIVE KILOVOLTAM- 
PERE and REACTIVE VOLT-AMPERE. 

reactive volt-ampere Abbreviation, VAR. A unit of 
apparent power; it is the product of volts and am- 
peres in a reactive component of a circuit. Also see 
APPARENT POWER, KILOVOLT-AMPERE, REAC- 
TIVE KILOVOLT-AMPERE, and VOLT-AMPERE. 
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reactor 1. An inductor, especially one having very 
low internal resistance, used principally for its in- 
ductive reactance. 2. A chamber in which the nu- 
clei of atoms are split to provide atomic energy. 
Also see NUCLEAR REACTOR. 3. In industrial 
chemistry, a vat in which reactions take place. 

read 1. In computer operations, to extract data 
from memory or a storage medium and (usually) 
transfer it to another area of memory or other 
medium. Compare WRITE. 2. In digital communi- 
cations, to transcribe data into printed form. 3. In 
radiotelegraphy, to listen to Morse-code signals 
and comprehend the text without necessarily 
writing it down. 4. To observe and note the indi- 
cation of an instrument, such as a meter. 

readability In electronic communications, the de- 
gree to which a desired signal can be recognized 
and interpreted in a given context. 

readback In a multiplexer, a feature that facilitates 
inspection of the contents of the control latch. 

reader A device that transcribes digital signals or 
markings into meaningful data. Examples: 
Morse-code reader and bar-code reader. 

read head In a magnetic memory or in a tape 
recorder or wire recorder used for data recording, 
the head that picks up the magnetic pulses from 
the drum, tape, disk, or wire. Compare WRITE 
HEAD. 

reading rate The number of input characters per 
second that a computer or other data-processing 
device handles. 

read-only memory Abbreviation, ROM. In a com- 
puter or calculator, a memory unit in which in- 
structions or data are permanently stored for use 
by the machine or for reference by the user. The 
stored information is read out nondestructively. 

readout lamp An electron tube containing several 
cathodes, filled with a gas (such as neon), and 
used as a numeric or alphanumeric display de- 
vice. Each cathode is connected to a separate pin 
on the base. A single anode is common to all 
cathodes. The cathode(s) to which a voltage is ap- 
plied glow(s), showing the shape of a numeral, let- 
ter of the alphabet, or other symbol. In recent 
years, this type of display has been replaced by 
light-emitting diodes (LEDs) and liquid-crystal 
displays (LCDs). 

readout pulse Ina random-access memory (RAM), 
a pulse applied to the word line, facilitating read- 
out of the information in a certain storage slot. 

read pulse In computer operations, a pulse that 
activates the read function (see READ). Compare 
WRITE PULSE. 

read rate The number of data units an input read 
device can transcribe per unit of time [e.g., bits 
per second (bps) and words per minute (wpm). 

readthrough 1. The reception of signals between 
transmitted pulses at the same frequency. 
2. The continuous monitoring of a signal being 
jammed. Any change in the frequency, modula- 
tion, or other characteristics of the signal can 
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then be detected, and the jamming signal 
adjusted accordingly. 

read time The period during which data is being 
transferred from a computer storage unit. 

read-write channel In computer operations, a 
channel over which activity between a central 
processing unit and a specific peripheral occurs. 

read-write head An electromagnetic transducer 
used for both reading and writing data. See READ 
and WRITE. 

read-write memory 1. A small data storage bank 
for short-term use. The contents of the memory 
are easily changed. 2. See RANDOM ACCESS 
MEMORY. 

real address See ABSOLUTE ADDRESS. 

real axis The axis of the real-number component of 
a COMPLEX NUMBER (i.e., the horizontal axis in 
an ARGAND DIAGRAM). 

real component The real-number part of a COM- 
PLEX NUMBER. 

real image The image formed on a screen when 
rays from the object converge on passing through 
a lens. Compare VIRTUAL IMAGE. 
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real number A number in the category that in- 
cludes zero, all rational numbers, and all irra- 
tional numbers. Also see COMPLEX NUMBER, 
IMAGINARY NUMBER, IRRATIONAL NUMBER, 
and RATIONAL NUMBER. 

real power The apparent power multiplied by the 
power factor in an alternating-current circuit 
containing reactance. Real power is the difference 
between the apparent power and the reactive 
power. Actual radiated or dissipated power can- 
not exceed the real power. 

real time Pertaining to the operation of a computer, 
communications, or data processing system in 
which events are represented or acted on as they 
occur. Data is processed as it becomes available, 
usually through the use of time-sharing, direct- 
access storage devices, and remote terminals. 

real-time clock A device that produces periodic 
signals that reflect the interval between events. It 
is sometimes used to indicate time of day. 

rear end The low-frequency portion of a super- 
heterodyne receiver (i.e., the intermediate- 
frequency amplifier, second detector, and 
audio-frequency amplifier). Compare FRONT END. 

rear projection A method of big-screen television 
picture reproduction. The image is focused onto a 
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translucent, flat surface. The viewer is positioned 
on the side of the screen opposite to the project- 
ing beam. 

Reaumur scale A thermometer scale on which zero 
is the freezing point of water and 80 degrees is the 
boiling point of water. Compare ABSOLUTE 
SCALE, CELSIUS SCALE, FAHRENHEIT SCALE, 
and RANKINE SCALE. 

rebecca The airborne interrogator in the British 
REBECCA-EUREKA SYSTEM. 

rebecca-eureka system A British 90-mile- 
hovering radar navigation system that consists of 
an airborne interrogator (rebecca) and a ground 
transponder beacon (eureka). 

rebroadcast The retransmission of a radio broad- 
cast simultaneously by a station other than the 
originator. Also see AUTOMATIC RELAY STATION. 

rebroadcast station See AUTOMATIC RELAY STA- 
TION. 

recalescence During the cooling of a metal, the 
sudden release of heat. Also see RECALESCENT 
POINT. Compare DECALESCENCE. 

recalescent point In a metal whose temperature is 
being lowered from a higher value, the tempera- 
ture at which heat is suddenly released. Compare 
DECALESCENT POINT. 

recall Abbreviation, RCL. In computers and calcu- 
lators, an instruction that brings material from 
the memory for examination or use. The opposite 
instruction is STORE. 

receiver 1. A device or system operated at the des- 
tination end of a communication link; it accepts a 
signal and processes or converts it for local use. 
Also see specific entries for various types of re- 
ceiver. 2. The earpiece of a telephone. 3. A radio 
broadcast-band tuner integrated with a general- 
purpose preamplifier and power amplifier, and 
containing standard jacks for input and output of 
audio signals to and from peripheral equipment. 

receiver detector In a wireless communications or 
broadcast receiver, a circuit that extracts the in- 
formation from the signal. The design depends on 
the type of emission to be received. See also DIS- 
CRIMINATOR, ENVELOPE DETECTOR, PHASE- 
LOCKED LOOP, PRODUCT DETECTOR, RATIO 
DETECTOR. 

receiver dynamic range A quantitative measure of 
the ability of a wireless receiver to maintain a 
fairly constant output, and yet to maintain its 
rated sensitivity, in the presence of signals ranging 
from very weak to extremely strong. This figure is 
specified in decibels. It is typically 100 dB or more 
in a well-engineered communications receiver. 

receiver front end The portion of a wireless com- 
munications or broadcast receiver consisting of 
the first radio-frequency (RF) amplifier, and often 
also including bandpass filters between this am- 
plifier and the antenna. The dynamic range and 
sensitivity of a receiver are determined by the per- 
formance of this stage. These two characteristics 
are among the most important for any receiver. 
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Low-noise, high-gain amplifiers are the rule. 
Field-effect transistors are commonly used. 

receiver IF chain In a wireless communications or 
broadcast receiver, the series of radio-frequency 
(RF) amplifier stages in which most of the gain 
takes place. These stages are also where the best 
possible RF selectivity is obtained. The intermedi- 
ate frequency (IF) on which the amplifiers works 
is a constant frequency. This simplifies the de- 
sign of the amplifiers to produce optimum gain 
and selectivity. Crystal-lattice filters or mechani- 
cal filters are commonly used in these stages to 
obtain the desired bandwidth and response. 

receiver mixer In a superheterodyne wireless com- 
munications or broadcast receiver, a stage that 
converts the variable input signal frequency to a 
constant intermediate frequency (IF), or a stage 
that converts the first IF to a second IF usually 
having a lower frequency. This type of circuit is 
nonlinear, and combines the signal with a carrier 
from a local oscillator (LO). The output is either 
the sum or the difference of the signal frequency 
and the LO frequency. 

receiver muting See MUTING, 1. 

receiver noise figure A quantitative measure of the 
ability of a wireless receiver to respond to desired 
signals while rejecting unwanted noise. This can 
be quantified in various ways. In general, the 
lower the noise figure, the better the sensitivity. 
Gallium-arsenide field-effect transistors (GaAs- 
FETs) are well known for the low levels of noise 
they generate, even at quite high frequencies. 
Other types of FETs can be used at lower fre- 
quencies. Bipolar transistors tend to be noisy. 
See also NOISE FACTOR, NOISE FIGURE. 

receiver post-detector stages In a wireless com- 
munications or broadcast receiver, one or more 
stages of amplification and/or filtering employed 
to refine the detector output to a form suitable for 
feeding a speaker, headset, printer, fax machine, 
slow-scan television picture tube, computer, 
electromechanical device, or other peripheral 
equipment. 

receiver primaries See DISPLAY PRIMARIES. 

receiver selectivity A quantitative measure of the 
ability of a wireless receiver to respond to a de- 
sired signal, but not to undesired ones. The fre- 
quency window is established by a preselector in 
the early RF amplification stages, and is honed to 
precision by bandpass filters in later amplifier 
stages. The preselector passes energy within a 
range of about plus-or-minus 10 percent of the 
signal frequency; other frequencies are attenu- 
ated. This reduces the chance for strong, out-of- 
band signals to impair the performance of 
the receiver. The narrowband filter in the final 
intermediate-frequency (IF) stage responds only 
to energy within the actual signal band. This 
minimizes adjacent-channel interference. In 
some receivers, yet another bandpass filter is 
used in the audio-amplifier stages. 
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receiver sensitivity A quantitative measure of the 
ability of a wireless receiver to recover weak sig- 
nals and process them into readable data. The 
most common expression is the number of signal 
microvolts that must exist at the antenna termi- 
nals to produce a certain signal-to-noise ratio 
(S/N). Sometimes, the signal-plus-noise-to-noise 
ratio (abbreviated S+N/N) is given. The front end, 
or first RF amplifier stage, of a receiver is the 
most important stage with regard to sensitivity. 
Sensitivity is directly related to the gain of this 
stage, but the amount of noise the stage gener- 
ates is even more significant. A good front end 
should produce the best possible S/N or S+N/N 
ratio at its output. All subsequent stages amplify 
the front-end noise output as well as the front- 
end signal output. 

receiving set RADIO RECEIVER. 

receiving station A station that ordinarily only re- 
ceives signals (i.e., it makes no type of transmis- 
sion). Compare TRANSMITTING STATION. 

receptacle 1. See SOCKET. 2. The half of a con- 
nector that is mounted on a support, such as a 
panel, and that is therefore stationary. 

recharge In certain cells and batteries, the restora- 
tion of chemical energy following use so that the 
device is ready to deliver its full rated electric cur- 
rent. Also see RECHARGEABLE. 

rechargeable Pertaining to a secondary cell or bat- 
tery that can accept a restoration of chemical en- 
ergy following use, and thus can be completely 
charged and discharged numerous times. Exam- 
ples: nickel-metal-hydride (NiMH) battery and 
lead-acid battery. 

reciprocal impedances See INVERSE IMPED- 
ANCES. 

reciprocal ohm See SIEMENS and MHO. 

reciprocation 1. The determination of a mathe- 
matical reciprocal value from a given value. 
2. The transmission of a message in response to 
a received message. 

reciprocity in antennas See RAYLEIGH-CARSON 
THEOREM. 

reciprocity theorem When a voltage E across 
branch A of a network causes a current I to flow 
in branch B of the network, the voltage can be ap- 
plied across branch B to cause the same value of 
current to flow in branch A. Compare COM- 
PENSATION THEOREM, MAXIMUM POWER 
TRANSFER THEOREM, NORTON’S THEOREM, 
SUPERPOSITION THEOREM, and THEVENIN’S 
THEOREM. 

recombination The refilling of holes by electrons 
in a semiconductor. 

recombination current In a transistor circuit, 
base current resulting from recombination. 

recombination rate In a semiconductor material, 
the speed at which the electrons and holes re- 
combine. It can be expressed as the time 
required for a certain proportion of charge carri- 
ers to recombine. 
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recompile In computer operations, to COMPILE 
again, usually according to program amendments 
following debugging, or to create a different form 
of a program so that it will be compatible with 
other hardware. 

record 1. See PHONOGRAPH DISC. 2. A chart de- 
livered by a graphic recorder. 3. To make one of 
the foregoing. 4. In data processing, a constituent 
of a file. 5. In data processing, a data unit por- 
traying a specific transaction. 

record blocking In data processing operations, 
making data blocks from groups of records so 
that the blocks can, in a single operation, be 
transferred to a nonvolatile storage medium, 
such as diskette or tape. 

record count A usually running total of a file’s 
records. 

recorded disc A phonograph disc on which a 
recording has been made. Also called PRERE- 
CORDED DISC. 

recorded tape Magnetic tape containing recorded 
material. Also called PRERECORDED TAPE. 
Compare BLANK TAPE. 

recorder 1. A machine for preserving sound, video, 
or data signals in the sequence in which they oc- 
cur (e.g., DISC RECORDER, TAPE RECORDER, 
and WIRE RECORDER). 2. A machine for making 
a permanent visual record (photographically or 
by stylus) of an electrical phenomenon. Exam- 
ples: DRUM RECORDER and OSCILLOGRAPH. 

record head See RECORDING HEAD. 

recording density In a magnetic storage medium, 
the number of information units (bits, bytes, etc.) 
represented by magnetized areas, per unit area or 
length. 

recording disc A phonograph record on which ma- 
terial has not been recorded, or from which 
recorded material has been removed. Compare 
PRERECORDED DISC. 

recording head In a magnetic recorder/repro- 
ducer, the head that magnetizes the medium in 
accordance with sounds or other signals. Also 
called RECORD HEAD and WRITE HEAD. Com- 
pare PLAYBACK HEAD. 

Recording Industry Association of America Ab- 
breviation, RIAA. An organization that sets stan- 
dards for audio recording and reproduction in the 
United States. 

recording instrument A measuring instrument, 
such as a voltmeter or ammeter, that makes a 
permanent record of its deflections. Also see 
RECORDER, 2. 

recording loss 1. Loss of data during a recording 
process. 2. Loss resulting from recording effi- 
ciency of less than 100 percent; audio power loss. 

recording tape Magnetic tape on which nothing 
has been recorded, or from which all data has 
been erased. Compare PRERECORDED TAPE. 

recovery time 1. Symbol, t,. The time required for 
a semiconductor pn junction to attain its high- 
resistance state when the bias voltage is suddenly 
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switched from forward to reverse. 2. The time re- 
quired for a circuit to recover from momentary 
overdrive. 3. The time required for a computer 
system to stabilize following a degenerative oper- 
ation. 4. The time required for switching a mem- 
ory from the write to the read mode. It is 
measured as the length of time from switching 
out of the write mode until meaningful signals oc- 
cur at the output. 5. In a transceiver, the time re- 
quired from the completion of a transmitted 
signal until the receiver is activated. 

rect Abbreviation of RECTIFIER. 

rectangular coordinates See CARTESIAN COOR- 
DINATES. 

rectangular scan 1. A method of beam scanning in 
a cathode-ray tube, in which the beam moves se- 
quentially in parallel lines to cover a rectangular 
region. Used in television. 2. In radar, a two- 
dimensional scan, covering a specific rectangular 
region. 

rectangular wave An alternating or pulsating cur- 
rent or voltage whose rise and decay times are es- 
sentially zero, and whose maxima and minima 
are essentially flat, but not necessarily of equal 
duration. The SQUARE WAVE is a special type of 
rectangular wave. 
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rectangular waveguide A waveguide having a rect- 
angular cross section. 

rectification The conversion of alternating current 
into pulsating direct current by any means other 
than the use of a motor-generator. Also see REC- 
TIFIER. 

rectification efficiency The ratio (expressed as a 
percentage) of the direct-current output voltage 
to the peak alternating-current input voltage of a 
rectifier. 

rectified alternating current The unfiltered, pul- 
sating direct-current output of a rectifier. It con- 
sists of the unidirectional half-cycles passed by 
the rectifier (one per cycle for half-wave rectifica- 
tion, and two per cycle for full-wave rectification). 
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rectifier Abbreviation, rect. An electronic or elec- 
tromechanical device that converts alternating 
current into pulsating direct current. 

rectifier diode A heavy-duty tube or semiconduc- 
tor diode designed primarily to change alternat- 
ing current to pulsating direct current in power 
supplies. 

rectifier filter A circuit containing parallel capaci- 
tance, sometimes in combination with series in- 
ductance, intended for smoothing out the ripple 
in the output of a power-supply rectifier. 


+ + 
Pulsating Pure DC 
DC input output 
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rectifier-filter system The rectifier plus power- 
supply-filter combination for converting alternat- 
ing current into direct current. 

rectifier photocell A photovoltaic cell consisting of 
two layers of material with a semiconductor junc- 
tion between them. The device produces direct 
current when exposed to visible light, infrared, or 
ultraviolet radiation. 

rectifier probe A diode-type probe used with a 
direct-current (dc) voltmeter to measure radio- 
frequency (RF) voltage. The diode rectifies the RF 
signal and presents to the meter a dc voltage pro- 
portional to the peak RF voltage. 

rectifier stack An assembly of separate rectifier 
disks or plates in series on a central bolt, as in 
most selenium rectifiers. 

rectifier tube A two-element electron tube, once 
commonly used for converting alternating cur- 
rent into pulsating direct current in high-voltage, 
high-current power supplies. 

rectifier-type meter See DIODE-TYPE METER. 

rectilinear chart A graphic-recorder chart in 
which the crossing coordinates are arcs, rather 
than straight lines, to correspond to the swing of 
the pen. Also see STRIP CHART. 

rectilinear scan See RECTANGULAR SCAN, 1. 

recurrent network A circuit in which several sec- 
tions of identical configuration (e.g., L sections) 
are cascaded. 

recurrent phenomenon A phenomenon that re- 
peats itself periodically. 

recurrent sweep In an oscilloscope, a repetitive 
horizontal sweep of the beam occurring at a fre- 
quency determined by the settings of the sweep 
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controls. Also called REPETITIVE SWEEP. Com- 
pare NONREPETITIVE SWEEP. 

recursion 1. Generating a complete sequence of 
functions or numbers by applying an algorithm to 
initial values in the sequence. 2. In computer 
programming and artificial intelligence, a logical 
process containing loops in calculation or reason- 
ing. 

recursive Relating to a procedure or set of steps 
that repeat endlessly. 

Red Book The first format developed for compact- 
disc data storage media, developed by Sony and 
Philips. It is commonly used in digital audio sys- 
tems. See also CD-ROM, GREEN BOOK, OR- 
ANGE BOOK, and YELLOW BOOK. 

red-green-blue Abbreviation, RGB. In video appli- 
cations, the three primary colors from which all 
other colors are derived. Also see COLOR TELE- 
VISION. 

red gun In a three-gun color-television picture 
tube, the electron gun whose (correctly adjusted) 
beam strikes only the red phosphor dots on the 
screen. 

red oxide of iron An iron oxide of the general for- 
mula Fe2O3, used as the magnetic coating of 
recording tape. Also see IRON OXIDE. 

red oxide of zinc See ZINCITE. 

red-tape operation An operation or function 
needed for organizational purposes, but that does 
not directly contribute to the completion of the 
task at hand. 

reduced instruction set computer Abbreviation, 
RISC. A computer architecture in which program 
instructions are simplified to obtain enhanced 
processing speed. It is useful especially in com- 
plex graphics, animation, multimedia, and scien- 
tific work requiring many calculations. 

reductio ad absurdum A method of obtaining a 
conclusion by proving that its negation results in 
a contradiction. It is sometimes used in computer 
programming involving mathematical proofs. 

reduction In an electrochemical cell or battery, a 
transfer of electrons to the active chemical. 

reductionism The theory that all human thought 
processes, including emotion and intuition, can 
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be reduced to digital logic, and thus can be dupli- 
cated by a sufficiently powerful computer. It is of 
interest to researchers in artificial intelligence. 

reductionist A person who subscribes to the the- 
ory of REDUCTIONISM. 

redundancy 1. The repetition of components in a 
circuit (e.g., series or parallel connection of them) 
so that one will be available for circuit operation 
if the other fails. 2. Having available more than 
one method for performing a function. 3. Having 
on hand several copies of data as a safeguard 
against data loss. 

redundancy check A check for the integrity of dig- 
itized data to which extra bits have been added 
for the purpose (e.g., parity chech). 

redundant 1. Pertaining to any two units of data 
that resemble each other in such a manner that if 
either unit is removed, no information is lost from 
the system. 2. A unit of data that contains infor- 
mation already present in the system. 

redundant array of independent disks Acronym, 
RAID. A set of data storage media used to store 
video programs. 

red video voltage In a three-gun color-television 
circuit, the red-signal voltage that actuates the 
red gun. 

reed A usually thin metal blade, leaf, or strip used 
in vibrators, reed-type relays, reed-type oscilla- 
tors, and similar devices. 

reed oscillator See REED-TYPE OSCILLATOR. 

reed relay See DRY-REED SWITCH 
MERCURY-WETTED REED RELAY. 

reed-relay logic Logic circuits using reed relays. 
Also see RELAY LOGIC. 

reed switch 1. A frequency-sensitive switch in 
which the movable contact is mounted on the tip 
of a thin, metal strip (reed). The reed is actuated 
by an alternating-current (ac) coil. The reed 
closes the contacts when the ac excitation is at its 
natural frequency. 2. See DRY-REED SWITCH. 

reed-type oscillator An electromechanical audio- 
frequency oscillator whose frequency is con- 
trolled by a vibrating metal strip (reed) instead of 
a tuning fork. Also see HUMMER. 

reed-type switch See REED SWITCH. 

reel 1. The spool around which a magnetic tape or 
video film is wound. 2. A spool containing mag- 
netic tape or video film. 

reentrant cavity A resonant cavity in which one or 
more sections are directed inward to confine the 
electric field to a small volume. 

reentrant winding A winding of wire that returns 
to its starting point—especially in a motor arma- 
ture. 

ref Abbreviation of REFERENCE. 

reference address As a point of reference, an ad- 
dress for instructions having relative addresses. 

reference amplifier A voltage-regulation device 
consisting of a transistor and Zener diode in the 
same envelope. 

reference angle 


and 


In radar, the angle of incidence of 
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the beam against a target surface, measured with 
respect to the normal (perpendicular) line at the 
surface. 

reference antenna A standard antenna, such as 
an isotropic radiator or a half-wave dipole, used 
to establish a reference for determining the rela- 
tive gain of another antenna. 

reference bias current In a reference amplifier, 
the input current that subtracts from the refer- 
ence current. It is generally measured in mi- 
croamperes. 

reference current range In a digital-to-analog con- 
verter, the difference between the maximum and 
minimum reference current for which the device 
is within specifications for resolution. 

reference diode A Zener diode whose constant 
voltage drop is used as a direct-current reference 
potential in calibrator circuits and voltage regula- 
tors. 

reference dipole See REFERENCE ANTENNA. 

reference electrode For use with a pH meter, an 
electrode that provides a reference potential. 

reference input slew rate In a digital-to-analog 
converter, the average rate of change in output 
for a given change in the reference input. It is ex- 
pressed in milliamperes or microamperes per mi- 
crosecond. 

reference level A specific value of a quantity (e.g., 
current, frequency, power, or voltage) to which 
other values of the same quantity are referred. 

reference time The point at which a trigger pulse 
attains 10 percent of its maximum amplitude. 

reference tone A standard audible tone of known 
frequency [e.g., 440 Hz (representing A below 
middle C)]. Sometimes the intensity as well, as 
the frequency, is specified. 

reference white level The television picture signal 
value representing the uppermost limit for peak 
white signals. 

Reg Symbol for EFFECTIVE RESISTANCE. 

reflectance 1. See MISMATCH FACTOR. 2. The re- 
flected part of the radiant flux striking a surface. 
It is expressed as a fraction of the total incident 
radiation. 

reflected binary code See CYCLIC CODE. 

reflected electromagnetic field In a transmission 
line, the electromagnetic energy not absorbed by 
the load when an impedance mismatch exists be- 
tween the load and the line. See INCIDENT 
POWER and REFLECTED POWER. 

reflected impedance In a coupled circuit, the 
impedance in the secondary that appears in the 
primary circuit, or vice-versa, as if it were re- 
flected through the coupling transformer. 

reflected power In a transmission line not per- 
fectly matched to a load at the feed point, an ex- 
pression of the amount of electromagnetic field 
reflected from the feed point, rather than ab- 
sorbed by the load. In general, this can be ex- 
pressed in watts or as a percentage of the 
incident power. It is not a true indicator of the 
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loss caused by the mismatch because the re- 
flected field is usually all returned again when it 
arrives back at the transmitter. 

reflected-power meter A radio-frequency instru- 
ment, connected between a source and a load, 
that can measure INCIDENT POWER and RE- 
FLECTED POWER. 

reflected ray The ray that is reflected by the sur- 
face of a body or region it strikes. Compare INCI- 
DENT RAY and REFRACTED RAY. 

reflected resistance 1. Ina transformer, the effec- 
tive resistance across the primary winding when 
a resistive load is connected to the secondary. 
2. In a transmission line, the resistance at the input 
end when a load is connected to the output end. 

reflected wave 1. An electromagnetic wave reflected 
by the ionosphere or by the surface of the earth. 
Compare INCIDENT WAVE and REFRACTED 
WAVE. Also see IONOSPHERE and IONOSPHERIC 
PROPAGATION. 2. A wave that is bounced off an 
obstruction, such as a building or mountain. 

reflecting galvanometer A galvanometer having a 
light-beam pointer. 

reflecting shell See IONOSPHERE. 

reflection 1. The turning back of a ray by a surface 
it strikes. Examples of reflecting media are the 
surface of the earth, the polished surface of a ma- 
terial, and a layer of the ionosphere. Compare 
REFRACTION. 2. The return of energy to the 
source by the mismatched end of a transmission 
line or by the end of a radiator. 

reflection error In a radar, radionavigation, or ra- 
diolocation system, an error in the reading 
caused by reflections of the signal from objects 
other than the intended signal source or object. 

reflection factor See MISMATCH FACTOR. 

reflection law When a ray strikes a smooth reflect- 
ing surface, the angle of incidence is equal to the 
angle of reflection. 


Reflected ray 


à 
\ 


Tangent plane 


Surface 


0 = Angle of incidence 


Incident ray œ = Angle of reflection 


reflection law 
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reflection loss 1. Loss caused by the reflection of 
an electromagnetic field at a discontinuity in a 
transmission line. 2. Loss that occurs when an 
electromagnetic wave is reflected from a surface 
or object. 

reflection phase grating A device that diffuses 
sound waves by diffraction effects. The acoustic 
equivalent of an electromagnetic-wave DIF- 
FRACTION GRATING. 

reflective code See GRAY CODE. 

reflectivity 1. See MISMATCH FACTOR. 2. The 
degree to which a point, plane, or surface reflects 
the radiation (light, for example) that strikes it. 

reflectometer 1. See REFLECTED-POWER ME- 
TER. 2. A type of photometer used to measure re- 
flection. 

reflector 1.A smooth, metal surface or wire screen 
for reflecting radio waves. See, for example, 
PARABOLIC REFLECTOR. 2. A length of wire, 
rod, or tubing used in a parasitic antenna to re- 
flect radio waves. Compare DIRECTOR and RADI- 
ATOR. 3. A polished surface for reflecting visible 
light or infrared rays (i.e., a mirror). 4. See RE- 
PELLER. 

reflector element See REFLECTOR, 2. 

reflector satellite A satellite whose skin reflects 
radio waves. 

reflector voltage In a reflex Klystron, the reflector- 
to-cathode voltage. 

reflex baffle A loudspeaker BAFFLE constructed 
so that some of the sound radiated to the rear of 
the diaphragm is transmitted forward (after 
phase shift) to boost acoustic radiation at some 
frequencies. 

reflex bunching In a Klystron, electron bunching 
following direct-current-field-induced reversal of 
the velocity-modulated electrons. Also see RE- 
FLEX KLYSTRON. 

reflex circuit A radio receiver circuit in which a 
single transistor is used successively for different 
functions. For example, one active device can act 
as a mixer and as a radio-frequency amplifier. 

reflex Klystron A Klystron having only one cavity. 
This cavity serves first as the buncher and then, 
as the electrons are turned around and caused to 
pass through again, as the catcher. 

refracted ray The ray that is refracted by a body or 
region through which it passes. Compare INCI- 
DENT RAY and REFLECTED RAY. 

refracted wave An electromagnetic wave that is re- 
fracted by the ionosphere. Compare INCIDENT 
WAVE and REFLECTED WAVE. Also see IONO- 
SPHERE and IONOSPHERIC PROPAGATION. 

refraction The bending of an energy ray as it 
passes through media that cause a change in the 
speed of propagation. It can occur with radio 
waves, infrared, visible light, ultraviolet, X rays, 
gamma rays, and sound waves. 

refractive index See INDEX OF REFRACTION. 

refractivity The extent of the ability to refract, given 
as the quantity (v;/U2) — 1, where v; is the phase 
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velocity in free space, and vz is the phase velocity 
in the medium through which a wave passes. 

refractory A heat-resistant, nonmetallic ceramic 
material. 

refrigerator A chamber used to maintain a circuit 
or component at a constant temperature that is 
lower than the ambient temperature. This device 
is analogous to the oven, which maintains a 
higher temperature than the surrounding 
medium. A refrigerator can be used to maintain 
precise frequency for a reference oscillator. 

regeneration 1. The processing of a distorted sig- 
nal so that it has its original characteristics. 
2. Positive feedback generally used for the purpose 
of causing oscillation, or for detection in a regen- 
erative receiver. See POSITIVE FEEDBACK. 

regeneration period The period during which the 
electron beam scans a cathode-ray tube screen to 
restore changes to the screen surface. 

regenerative amplifier An amplifier that uses re- 
generation to increase its gain and/or selectivity. 

regenerative detector A detector provided with re- 
generative feedback. Although such a detector is 
sensitive, it can be unstable. Compare NONRE- 
GENERATIVE DETECTOR. 

regenerative feedback Feedback producing re- 
generation (i.e., positive feedback). Compare DE- 
GENERATIVE FEEDBACK. 

regenerative IF amplifier An intermediate- 
frequency amplifier in which regeneration is intro- 
duced to boost sensitivity and, sometimes, 
selectivity. 

regenerative reading A method of reading data 
(see READ) so that it is automatically restored, by 
writing, to locations from which it came. 

register In computer systems, an arrangement of 
several storage devices, such as flip-flops, for 
storing a certain number of digits (a two-bit regis- 
ter, for example, requires two flip-flops). 

register capacity The range of values for quanti- 
ties that can be handled by a register. 

registered professional engineer A title granted 
by a state board of examiners to a person licensed 
to work as an engineer. 

register length The number of characters or bits 
that can be held in a register, according to its ca- 
pacity. 

registration The accurate alignment of terminals 
or other points on different components or on op- 
posite sides of a board so that when the surfaces 
containing those points are overlaid, all points 
mate precisely. 

regulated power supply A power supply whose 
output is held automatically to a constant level or 
within a narrow range, regardless of loading vari- 
ations. 

regulating transformer See VOLTAGE-REGULAT- 
ING TRANSFORMER. 

regulation 1. In general, the adjustment or control 
of a component, device, or system. 2. Automatic 
control. See, for example, SELF-REGULATION. 
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regulated power supply 


3. See CURRENT REGULATION. 4. See VOLT- 
AGE REGULATION. 

regulator 1. A device that automatically holds a 
quantity to a constant value (e.g., a voltage regu- 
lator). 2. A device via which a quantity can be var- 
ied (e.g., potentiometer, rheostat, and variable 
autotransformer). 

regulator diode A semiconductor diode—espe- 
cially a Zener diode used as a two-terminal volt- 
age regulator. 

reinitialization The setting of all lines in a micro- 
computer or microprocessor to logic zero auto- 
matically when power is removed, then reapplied. 

reject amplifier A tuned amplifier having the re- 
sponse of a band-suppression filter. Like the fil- 
ter, the amplifier rejects or severely attenuates 
one frequency (or band of frequencies) while read- 
ily passing lower and higher frequencies. Com- 
pare PASS AMPLIFIER. 

reject filter See REJECTION FILTER. 

rejection circuit A circuit performing the function 
of a REJECTION FILTER. 

rejection filter A filter that suppresses one fre- 
quency (or band of frequencies) while passing all 
other frequencies. 


Input Output 


rejection filter 


de 


5059F-pR-574-606 


4/10/01 9:42 AM Page 592 


592 


rejection notch + reluctance motor 


rejection notch A sharp dip in the transmission 
characteristic of a crystal filter. It provides rejec- 
tion-filter action at the notch frequency. Also see 
CRYSTAL RESONATOR and REJECTION FILTER. 

rejectivity The degree to which a selective circuit 
rejects an unwanted signal. Compare TRANSMIT- 
TIVITY. 

rejuvenation See REACTIVATION. 

rel Symbol, R. The cgs unit of reluctance, equiva- 
lent to gilberts per maxwell. 

relative accuracy In a measuring instrument, the 
error determined as a percentage of the actual 
value; the difference between the actual and mea- 
sured values, divided by the actual value, then 
multiplied by 100. 

relative address In the address part of a computer 
program instruction, a number specifying a loca- 
tion relative to a BASE ADDRESS. When the base 
address is added to the relative address, it yields 
the ABSOLUTE ADDRESS. 

relative error The ratio of the absolute error to the 
exact value of a quantity. 

relative gain The current, voltage, or power gain, 
measured, with respect to a reference standard. 

relative humidity Abbreviation, rh. The ratio, as a 
percentage, of the amount of moisture in the air 
to the amount the air could contain at a given 
temperature. Compare ABSOLUTE HUMIDITY. 

relative luminosity Luminosity measured with re- 
spect to a reference level. 

relative permeability The ratio of the permeability 
of a given material to the permeability of another 
material (or of the same material under different 
conditions). 

relative power Power level specified with respect 
to another (often reference) power level. 

relative uncertainty The uncertainty of a mea- 
surement divided by the measured value. The 
maximum value that this quotient can have is 1. 
Also see UNCERTAINTY IN MEASUREMENT. 

relative visibility Response of the human eye to 
light. This is relative because the eye does not see 
equally well throughout the visible spectrum. The 
peak response of the human eye is around 5.4 x 
10** Hz; this represents yellow-green light. Photo- 
electric devices have peak responses that can dif- 
fer considerably from this value. 

relativity theory See EINSTEIN’S THEORY. 

relaxation A delayed change in circuit conditions, 
as a result of change in the input. 

relaxation inverter An inverter circuit in which 
the direct-to-alternating-current conversion de- 
vice is a RELAXATION OSCILLATOR. 

relaxation oscillator An oscillator whose operation 
results from the buildup of a charge in a capaci- 
tor, followed by sudden discharge of the capacitor, 
the sequence being repeated periodically. In one 
circuit, a capacitor is connected in series with a 
resistor and a direct-current power supply, and a 
neon bulb is connected in parallel with the capac- 
itor. The output is a sawtooth wave. 
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relaxation time 1. The time required for an expo- 
nentially decreasing variable to fall to 1/e (ap- 
proximately 36.8 percent) of its initial value, 
where e is the natural-logarithm base (approxi- 
mately 2.71828). 2. For a gas, the time required 
for it to return to its original state after having 
been disturbed. 

relay 1. A signal-actuated switching device. In 
most instances, a relatively weak current or volt- 
age is used to make the relay switch a higher cur- 
rent or voltage. A relay can be electromechanical 
or fully electronic (no moving parts). See, for ex- 
ample, ELECTROMECHANICAL RELAY and 
ELECTRONIC RELAY. 2. A repeater station. 3. In 
communications, to receive a message and re- 
transmit it en route from a source to a destina- 
tion. 

relay amplifier See RELAY DRIVER. 

relay booster See RELAY DRIVER. 

relay driver A direct-current amplifier (usually one 
stage) used to actuate an electromechanical relay 
in response to a low-powered signal. 

relay flip-flop See BISTABLE RELAY. 

relay logic Abbreviation, RL. In computer and 
industrial-control operations, a logic system us- 
ing electromechanical relays as flip-flops (see 
BISTABLE RELAY). 

relay transmitter See AUTOMATIC REPEATER 
STATION. 

release time 1. The interval between the instant 
power is removed from a relay and the instant 
the armature is released sufficiently to operate 
the contacts. 2. The time between one control in- 
put becoming inactive and another becoming ac- 
tive. 3. The time required for reception to 
resume in a transceiver, once transmission has 
stopped. 4. An expression for the rapidity with 
which an automatic gain control reverts to max- 
imum sensitivity following the reception of a 
strong signal. 

reliability 1. The dependability of operation of a 
device or circuit under specified conditions. 
2. The proportion of units that still work after a 
set of units has been in use for a specified length 
of time. 

reliability engineering The branch of engineering 
devoted to the theory and application of reliabil- 
ity; based on fundamental engineering and ad- 
vanced statistical concepts. 

reluctance Symbol, R. SI unit, A/Wb; cgs unit, rel. 
In a magnetic circuit, the opposition to the estab- 
lishment of a magnetic field; it is analogous to re- 
sistance in electric circuits. 

reluctance motor An electric motor having a 
squirrel-cage rotor with some of its teeth ground 
down, and a shaded-pole or split-phase type of 
stator that supplies a rotating magnetic field. 
When starting, this motor comes up to speed like 
an induction motor, but the protruding teeth of 
the rotor then follow the field in the manner of the 
poles of a hysteresis motor. 
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reluctivity Specific reluctance (i.e., the reluctance 
of a sample of magnetic material one centimeter 
long and one square centimeter in cross section). 
Reluctivity is the reciprocal of permeability. 

rem Acronym for roentgen equivalent man, an 
amount of ionizing radiation having the same ef- 
fect on the body as a one-roentgen dose of gamma 
or X radiation. 

remagnetizer A magnetizer used principally to re- 
store weakened permanent magnets. 

remainder 1. The result of subtracting one quan- 
tity (the subtrahend) from another (the minuend). 
Also called DIFFERENCE. 2. In division, the nu- 
merical value left over after the integral part of 
the quotient has been determined; it becomes the 
fractional part when divided by the divisor. For 
example, in 25/3, the remainder is 1. 

remanence See RESIDUAL MAGNETISM. 

remanent flux density See REMANENCE. 

remodulator Any device that changes the modula- 
tion of a signal from one form to another, such as 
from frequency modulation to amplitude modula- 
tion, without loss of intelligence. 

remote alarm In security systems, an alarm that 
occurs at a location different from where an in- 
trusion occurs (e.g., at the headquarters of a se- 
curity company). 

remote control Control of distant devices by me- 
chanical means or by radio-frequency signals 
sent from a transmitter especially designed for 
the purpose; in the latter case, it is sometimes 
called radio control. 

remote-control receiver The complete device that 
selects, amplifies, and demodulates or rectifies a 
radio signal for control of a circuit or mechanism 
at a distance from the transmitter of the control 
signal. Some receivers have self-contained anten- 
nas. 

remote-control transmitter The complete device 
that generates radio-frequency power, adds to it 
the signals needed for remote control, and radi- 
ates the modified power. 

remote-control system The complete set of hard- 
ware units and software programs facilitating the 
operation of a computer or robot from a distance. 

remote data terminal In a computer system, a 
terminal connected to the central processor by a 
telephone line or radio link. It is used for the 
transfer of data without providing control of the 
system. Also called remote data station. 

remote error sensing A method of regulation used 
in some power supplies. The voltage across the 
load, or the current through the load, is deter- 
mined by remote control. The power-supply out- 
put is adjusted to compensate for losses in the 
system. 

remote job entry In computer operations, the key- 
ing-in of input data at a site physically distant 
from the central processor. 

remote tuning The electrical or radio tuning of a 
circuit or device from a distance. 


reluctivity + replacement 593 


rendering In three-dimensional computer anima- 
tion, the software process in which all the aspects 
of the model are combined to obtain the presen- 
tation. 

rep 1. Acronym for roentgen equivalent physical, 
an amount of ionizing radiation that, upon ab- 
sorption by body tissue, will develop the energy of 
a one-roentgen dose of gamma or X radiation. 
2. Colloquial abbreviation for repetition, as in rep 
rate. 3. Colloquial abbreviation for representative, 
as in service representative. 

repeatability The ability of an instrument, system, 
or method to give identical performance or results 
in successive instances. 

repeater A receiver/transmitter device that re- 
transmits a signal it receives from another 
source, often simultaneously. In this way, a sig- 
nal can be transmitted on several frequencies, or 
the service area of the original station can be ex- 
tended. Also see ONE-WAY REPEATER and TWO- 
WAY REPEATER. 


Transmit 
antenna 


Receive 
antenna 


Isolator 


Transmitter 


Receiver 


repeater station See AUTOMATIC REPEATER 
STATION and REPEATER. 

repeating decimal A decimal fraction in which 
groups of digits recur endlessly (e.g., 25/99 = 
0.252525. . .). 

repeller An electrode, especially in a velocity-mod- 
ulated tube, for reversing the direction of an elec- 
tron beam. 

repertoire The instruction set for a particular ob- 
ject or source computer programming language. 

repetition instruction In a loop in a computer 
program, an instruction that causes the repeti- 
tive implementation of one or more instructions. 

repetitive phenomenon See RECURRENT PHE- 
NOMENON. 

repetitive sweep See RECURRENT SWEEP. 

replication In an electronic system, especially in a 
computer, the redundancy of hardware units to 
provide standby facilities in case of failure. 

replacement A component or circuit that can be 
substituted directly for another; it fits exactly into 
place and functions exactly like the component it 
replaces, without modification to the equipment. 


repeater 
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report 1. The results of testing and evaluation of a 
device, organized into a written document. 2. The 
output of a computer, printed on paper for per- 
manent reference. 

report program generator Abbreviation, RPG. A 
computer programming language with which pro- 
grams can be produced for the generation of busi- 
ness reports. 

reproduce head See PLAYBACK HEAD. 

reproducing stylus A stylus for the playback of 
material from a phonograph disc. 

reproduction 1. The recovery of data from storage, 
and its presentation in original form. 2. Data ob- 
tained by the process defined in 1. 3. See PLAY- 
BACK. 

reproduction loss See PLAYBACK LOSS. 

repulsion A force that pushes objects away from 
each other, as between similar electric charges or 
similar magnetic poles. Compare ATTRACTION. 
Also see LAW OF REPULSION. 

repulsion-induction motor An alternating- 
current motor arranged to start as a REPULSION 
MOTOR and run as an INDUCTION MOTOR, but 
with better regulation than that of the latter. 

repulsion motor An _ alternating-current motor 
having an armature and commutator similar to 
those of a direct-current motor, and a stator sim- 
ilar to that of a split-phase motor, without the 
auxiliary starting winding. Repulsion caused by 
the negative half-cycle of torque is utilized to drive 
the armature, by placing the brushes in such a 
way that they close the coils only when the latter 
are in position to receive this repulsive action. 

repulsion-start motor An alternating-current mo- 
tor that starts as a REPLUSION MOTOR but at 
approximately 75 percent of full speed. Its com- 
mutator is automatically short-circuited and the 
motor runs as an INDUCTION MOTOR. Also see 
REPULSION INDUCTION MOTOR. 

request slip In computer operations, peripheral 
and memory needs for a program given in a writ- 
ten statement. 

reradiation Radiation of energy by a body that has 
been exposed to radiation, as when a receiving 
antenna retransmits a signal. 

rerecording A recording of played-back material. 

reroute 1. In computer operations, to establish new 
channels between peripherals and main memory. 
2. To establish new circuit paths, physically (as by 
changing conductor orientation) or electronically 
(as by selecting an alternate signal bus). 

rerun See ROLLBACK. 

res 1. Abbreviation of RESISTANCE or RESISTOR. 
(Also, R and r.) 2. Abbreviation of RESEARCH. 3. 
Abbreviation of RESOLUTION. 

reset 1. The clearing of a flip-flop of data in storage 
(i.e., the setting of the flip-flop to its zero state). 2. 
In a computer program, an instruction to initial- 
ize the value of a variable. 3. In a security system, 
a function that terminates an alarm signal follow- 
ing an intrusion, and renders the system opera- 
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tional again so that it can detect subsequent in- 
trusions should they occur. 

reset action 1. The return of a circuit or device to 
its normal operating condition. 2. A method of 
adjusting a circuit to compensate for the severity 
of an abnormal condition. The extent of readjust- 
ment is determined by the extent of the departure 
from normal conditions. 

reset generator A circuit or device that generates a 
pulse for resetting a flip-flop or counter. Also see 
RESET and RESET TERMINAL. 

reset pulse A pulse that resets (see RESET, 1) a 
storage cell in a computer memory. 

reset terminal In a flip-flop, the zero-input termi- 
nal. Compare SET TERMINAL. 

reset time The elapsed time between a malfunc- 
tion and the completion of the reset action. 

reset timer A device that returns a circuit or de- 
vice to its initial state after a specified time delay. 

reserve In multiple programming computer opera- 
tions, to allocate memory areas and peripherals 
for a program. 

reserve battery A battery in which the electrolyte 
is in a special standby chamber outside of the in- 
terelectrode section while the battery is on the 
shelf. When the battery is readied for service, the 
electrolyte is caused to flow into position between 
the electrodes, either by heating the battery, 
shocking it mechanically, or inverting it. 

residual amplitude modulation See INCIDENTAL 
AM. 

residual charge The electric charge remaining in a 
capacitor after it has been initially discharged. It 
results from dielectric absorption. 

residual current A current that continues to flow 
in a circuit after removing power. The duration is 
measured in nanoseconds or microseconds. 

residual frequency modulation 1. See INCIDEN- 
TAL FM. 2. Frequency modulation of the funda- 
mental frequency of a Klystron by noise or 
alternating-current heater voltage. 

residual gas Minute quantities of gas remaining in 
a vacuum tube after evacuation. 

residual magnetism Magnetism remaining in a 
material, such as iron, after the magnetizing force 
has been removed. 

residual modulation 1. Modulation of a signal by 
hum or noise. 2. See INCIDENTAL AM. 3. See IN- 
CIDENTAL FM. 

residual voltage In the output of a null device, 
such as a bridge, a usually small voltage still pre- 
sent at null and preventing zero balance. 

residue check In computer operations, the verifica- 
tion of the result of an arithmetic operation using 
the remainders generated when each operand is di- 
vided by a special number; the remainder is trans- 
mitted along with the operand as a check digit. 

resilience Also called fault resilience. The ability of 
an electronic device or system, especially a com- 
puter, to keep functioning after part of it has 
failed. 
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resin A natural or synthetic organic substance 
that is polymeric in structure and largely amor- 
phous. Various plastics are made from synthetic 
resins. 

resistance 1. Symbol, R or r. Unit, ohm. In a de- 
vice, component, or circuit, the simple opposition 
to current flow. Resistance by itself causes no 
phase shift. In a purely resistive circuit, R = E/I, 
where Ris the resistance in ohms, Eis the voltage 
in volts, and I is the current in amperes. 2. A 
property of circuits, devices, or substances that 
causes impinging energy to be dissipated by con- 
version to heat. Compare REACTANCE. 


resistance 


Per kilometer of solid copper wire for American Wire Gauge 
(AWG) 1 through 40. 


AWG ohms/km AWG ohms/km 
1 0.42 21 43 
2 0.52 22 54 
3 0.66 23 68 
4 0.83 24 86 
5 1.0 25 110 
6 1.3 26 140 
7 1.7 27 170 
8 2al 28 220 
9 ooh 29 270 

10 3.3 30 350 
11 4.2 31 440 
12 5.3 32 550 
13 6.7 33 690 
14 8.4 34 870 
15 11 35 1100 
16 13 36 1400 
17 17 37 1700 
18 21 38 2200 
19 27 39 2800 
20 34 40 3500 


resistance alloys Metallic alloys used in the man- 
ufacture of resistance wire and resistance ele- 
ments. Such alloys include CONSTANTAN, 
GERMAN SILVER, MANGANIN, MONEL METAL, 
and NICHROME. 

resistance balance A device used to balance a cir- 
cuit, by means of the insertion of resistances. 

resistance brazing A method of brazing in which 
metal is heated by passing a current through it. 
The I?R loss, or dissipated power, occurs in the 
form of heat. 

resistance bridge A bridge (see BRIDGE, 2) for 
measuring resistance only. 

resistance-capacitance Abbreviation, RC. Pertain- 
ing to a combination of resistance and capacitance 
(e.g., RESISTANCE-CAPACITANCE CIRCUIT). 

resistance-capacitance bridge 1. A four-arm null 
circuit containing only resistors and capacitors. 
Also see BRIDGE, 1. 2. An alternating-current 
bridge (see BRIDGE, 2) for measuring resistance 
and capacitance. 
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resistance-capacitance circuit A circuit contain- 
ing only resistors and capacitors. There are no in- 
ductors. 

resistance-capacitance-coupled amplifier A 
multistage amplifier circuit in which RESIS- 
TANCE-CAPACITANCE COUPLING is used be- 
tween stages and at the input and output points 
of the circuit. 

resistance-capacitance coupling Coupling, espe- 
cially between stages in a circuit, using blocking 
capacitors and supply-path resistors. 

resistance-capacitance filter A power-supply fil- 
ter or wave filter containing only resistors and ca- 
pacitors. The resistors are in the positions 
occupied by inductors in inductance-capacitance 
filters. 

resistance-capacitance-inductance Abbrevia- 
tion, RCL. Pertaining to a combination of resis- 
tance, capacitance, and inductance. 

resistance-capacitance phase shifter A phase 
shifter containing only resistors and capacitors to 
obtain the desired shift. 


Er Ec 


resistance-capacitance phase shifter 


resistance-capacitance time constant Symbol, t. 
The time constant (see ELECTRICAL TIME CON- 
STANT) of a circuit containing (ideally) only resis- 
tance and capacitance; t = RC, where t is in 
seconds, Ris in ohms, and Cis in farads. Compare 
RESISTANCE-INDUCTANCE TIME CONSTANT. 

resistance-capacitance tuning Tuning of a cir- 
cuit, such as that of an amplifier or oscillator, by 
means of a variable resistor or ganged units of 
this type. See, for example, PARALLEL-TEE AM- 
PLIFIER, PARALLEL-TEE OSCILLATOR, and 
WIEN-BRIDGE OSCILLATOR. 

resistance-coupled amplifier See RESISTANCE- 
CAPACITANCE-COUPLED AMPLIFIER. 

resistance drop The voltage drop across a resistor, 
or across the inherent resistance of a device. 

resistance-inductance Abbreviation, RL. Pertain- 
ing to a combination of resistance and inductance 
(e.g., RESISTANCE-INDUCTANCE CIRCUIT). 

resistance-inductance bridge 1. A four-arm null 
circuit containing only resistors and inductors. 
Also see BRIDGE, 1. 2. An alternating-current 
bridge (see BRIDGE, 2) for measuring resistance 
and inductance only. 

resistance-inductance circuit A circuit contain- 
ing only resistors and inductors. There are no ca- 
pacitors. 
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resistance-inductance phase shifter A phase 
shifter containing only resistors and inductors to 
obtain the desired phase shift. 
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resistance lamp An incandescent bulb inserted in 
series with a circuit to provide a dropping resis- 
tance. Such a lamp is capable of dissipating a 
large amount of power, shows very little reac- 
tance at low frequencies, and is inexpensive. 

resistance magnetometer A magnetometer whose 
operation is based upon the change of electrical 
resistance of a material (such as bismuth wire) 
placed in the magnetic field under test. 

resistance material A substance, such as carbon 
or German silver, whose resistivity is high 
enough to enable its use as a lumped resistor. 
See, for example, RESISTANCE ALLOYS and RE- 
SISTANCE METAL. 

resistance metal A metal, such as iron, whose re- 
sistivity is high enough to enable its use as a 
lumped resistor. Also see RESISTANCE ALLOYS. 

resistance pad An attenuator composed of nonin- 
ductive resistors. 

resistance standard A highly accurate and stable 
resistor used in precision measurements of resis- 
tance. Also see PRIMARY STANDARD and SEC- 
ONDARY STANDARD. 

resistance strain gauge An electrical strain gauge 
in which the stressed element is a thin resistance 
wire. 

resistance strip A strip of metallic or nonmetallic 
resistance material. Also see RESISTANCE AL- 
LOYS and RESISTANCE METAL. 

resistance temperature detector A transducer 
consisting of a specially made resistor whose re- 
sistance varies linearly with temperature. 

resistance thermometer An electronic thermome- 
ter whose operation is based on the change of re- 
sistance of a wire as it is heated or cooled. 

resistance transducer See RESISTIVE TRANS- 
DUCER. 

resistance 
TUNING. 

resistance welding An electrical or electronic 
welding process in which the workpieces are 
heated by current flowing through the inherent 
resistance of their junction. 

resistance wire Wire made of a metal or alloy that 


tuning See VARIABLE-RESISTANCE 
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exhibits significant resistivity. See, for example, 
RESISTANCE ALLOYS and RESISTANCE METAL. 

resistance-wire sensor A specific length of resis- 
tance wire, properly mounted, whose resistance 
is proportional to a sensed phenomenon (such as 
strain, temperature, presence of gas, pressure, 
etc.). See, for example, ELECTRICAL STRAIN 
GAUGE, GAS DETECTOR, and PRESSURE 
TRANSDUCER. 

resistive current The component of alternating 
current that is in phase with voltage. Also called 
WATT CURRENT. Compare REACTIVE CURRENT. 

resistive cutoff frequency Symbol, fro. The fre- 
quency beyond which a tunnel diode ceases to ex- 
hibit negative resistance. 

resistive load A load device that is essentially a 
pure resistance. 

resistive losses Losses resulting from the resis- 
tance of a circuit or device, and usually appearing 
as heat. 

resistive transducer A transducer in which the 
sensed phenomenon causes a change in resis- 
tance, which in turn produces a corresponding 
change in output current or voltage. Compare 
CAPACITIVE TRANSDUCER, CRYSTAL TRANS- 
DUCER, INDUCTIVE TRANSDUCER, MAGNETIC 
TRANSDUCER, and PHOTOELECTRIC TRANS- 
DUCER. 

resistive trimmer See TRIMMER RESISTOR. 

resistive voltage The voltage across the resistance 
component in a circuit. In an alternating-current 
circuit, the resistive voltage is in phase with the 
current. 

resistivity Symbol, r. Resistance per unit volume 
or per unit area. It can be expressed in terms of 
ohms per cubic meter or ohms per square meter. 
Also see MICROHM-CENTIMETER and OHM- 
CENTIMETER. 

resistor A device having resistance concentrated in 
lumped form. Also see RESISTANCE and RESIS- 
TIVITY. 

resistor-capacitor-transistor logic Abbreviation, 
RCTL. A form of RESISTOR-TRANSISTOR LOGIC 
in which capacitors are used to enhance switch- 
ing speed. 

resistor color code See COLOR CODE. 

resistor core A form around which a resistance 
wire can be wound for the purpose of construct- 
ing a high-power resistor. 

resistor decade See DECADE RESISTOR. 

resistor diode A usually forward-biased semicon- 
ductor diode that acts as a VOLTAGE-DEPEN- 
DENT RESISTOR. 

resistor FET See ELECTRONIC RESISTOR. 

resistor fuse See FUSIBLE RESISTOR. 

resistors in parallel See PARALLEL RESISTORS. 

resistors in parallel-series See PARALLEL- 
SERIES RESISTORS. 

resistors in series See SERIES RESISTORS. 

resistors in series-parallel See SERIES- 
PARALLEL RESISTORS. 
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resistor substitution box A self-contained assort- 
ment of common-value resistors arranged to be 
switched one at a time to a pair of terminals. In 
troubleshooting and circuit development, any of 
several useful fixed resistance values can thus be 
obtained. 

resistor transistor See ELECTRONIC RESISTOR. 

resistor-transistor logic Abbreviation, RTL. A cir- 
cuit in which the logic function is performed by 
resistors, and an inverted output is provided by 
transistors. 

resnatron A form of vacuum tube that is used as 
an oscillator and amplifier at ultra-high and mi- 
crowave frequencies. It is essentially a cavity res- 
onator. 

resolution 1. The degree to which closely adjacent 
parts of an image can be differentiated. 2. The re- 
duction of a problem by means of logical analysis. 
3. The ability of a vision or ranging system to dis- 
tinguish between objects that are close together 
in terms of radial distance, direction, or absolute 
separation. 

resolution ratio In a television image, the ratio of 
horizontal resolution to vertical resolution. 

resonance 1. The state in which the natural re- 
sponse frequency of a circuit coincides with the 
frequency of an applied signal, or vice versa, 
yielding intensified response. 2. The state in 
which the natural vibration frequency of a body 
coincides with an applied vibration force, or vice 
versa, yielding reinforced vibration of the body. 

resonance bridge An alternating-current bridge 
(see BRIDGE, 2) in which one or two arms are 
series-resonant or parallel-resonant, the other 
arms being resistances. Also see SERIES-TYPE 
RESONANCE BRIDGE and SHUNT-TYPE RESO- 
NANCE BRIDGE. 

resonance curve A graph of the insertion gain or 
loss of a component, device, circuit, or system to 


Current or voltage 


Frequency 


resonance curve 
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variations in the frequency of an applied sound or 
signal. Such curves are almost always plotted in 
rectangular coordinates with frequency as the in- 
dependent variable on the horizontal axis. The de- 
pendent variable, plotted on the vertical axis, can 
be any characteristic that displays a peak or dip 
at the resonant frequency or frequencies. In radio- 
frequency circuits, such parameters include cur- 
rent, voltage, attenuation, gain, and impedance. 

resonance theory of hearing The theory that 
sound waves pass down the auditory canal and 
cause the eardrum to vibrate. Behind the 
eardrum is a system of three bones leading to the 
cochlea. The cochlea consists of fibers that res- 
onate. Therefore, they vary in length and tension. 
Various groups of fibers are activated by different 
sounds, and the vibrations are transmitted to 
nerves leading to the brain. 

resonance radiation Electromagnetic radiation 
from an energized substance, resulting from 
movement of electrons from a higher to lower en- 
ergy level. When an electron moves from a higher 
to a lower orbit, a photon, having a definite wave- 
length, is emitted. 

resonant cavity A chamber whose size reinforces 
energy injected into it at a natural frequency, 
which is determined by the chamber’s dimen- 
sions. Such cavities can be used with acoustic or 
electromagnetic waves. 

resonant circuit A circuit whose constants are 
chosen for maximum circuit response at a given 
frequency. Examples: parallel-resonant circuit 
and series-resonant circuit. Also see RESONANCE 
and RESONANT FREQUENCY. 

resonant current Current flowing in a tuned cir- 
cuit at resonance. 

resonant feeder An antenna feeder that is reso- 
nant at the operating frequency. 

resonant filter A filter containing at least one se- 
ries- or parallel-resonant arm for sharp response. 
Thus, a power-supply filter of this kind might 
have a parallel-resonant arm acting as a wave- 
trap at the ripple frequency. 

resonant frequency Symbol, f- or fè The natural 
frequency at which a circuit oscillates or a device 
vibrates. In an inductance-capacitance circuit 
(series-resonant or parallel-resonant), the reac- 
tances cancel at the resonant frequency, leaving 
only resistance. 

resonant-gate transistor A transistor embodying 
a tiny tuning fork for resonance at low frequen- 
cies, thus eliminating bulky coils and capacitors. 

resonant line A transmission line that is resonant 
at the operating frequency. 

resonant-line amplifier See LINE-TYPE AMPLI- 
FIER. 

resonant-line circuit A circuit using resonant 
lines as a tank. See, for example, LINE-TYPE 
AMPLIFIER and LINE-TYPE OSCILLATOR. 

resonant-line oscillator See LINE-TYPE OSCILLA- 
TOR. 
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resonant-line wavemeter See LECHER WIRES. 

resonant rise See VOLTAGE RISE. 

resonant-slope amplifier See DIELECTRIC AMP- 
LIFIER. 

resonant-slope detector See SLOPE DETECTOR. 

resonant suckout The drawing of radio-frequency 
energy out of the energized part of a coil or trans- 
mission line by the part not intended to be ener- 
gized, when the latter resonates at the same 
frequency. 

resonant-voltage rise See VOLTAGE RISE. 

resonant-voltage stepup See VOLTAGE RISE. 

resonate 1. To exhibit RESONANCE—either elec- 
trically or acoustically. 2. To adjust a variable- 
frequency electrical or acoustical device so that it 
exhibits RESONANCE at a specific frequency. 

resonator A device that produces or undergoes 
resonance. See, for example, HELMHOLTZ RES- 
ONATOR and RESONANT CAVITY. 

resource A part of a computer system that can be 
used for a specific application as a unit (e.g., 
printer, PCMCIA standard adapter card, tape 
drive, etc.). 

responder The transmitting section of a transpon- 
der. 

response The behavior of a circuit or device (espe- 
cially in terms of its dependent variables), in ac- 
cordance with an applied signal (e.g., frequency 
response and current-us.-voltage response). 

response curve A graph depicting the perfor- 
mance of a circuit or device. Examples: attenua- 
tion-vs.-frequency curve and current-vs.-voltage 
curve. 

response time The interval between the instant a 
signal is applied to or removed from a circuit or 
device and the instant that the circuit acts ac- 
cordingly. 

restart Following a malfunction or error occurring 
during a computer program run, to go back to an 
earlier point in the program. 

resting state See QUIESCENT STATE. 

restore See RESET. 

resultant 1. The vector that results from the addi- 
tion of two or more vectors. 2. A quantity that re- 
sults from mathematical operations performed on 
other quantities. 

retarding magnet See DRAG MAGNET. 

retentivity 1. The property whereby a material re- 
tains magnetism imparted to it. 2. A quantitative 
measure of the extent to which a material retains 
magnetism imparted to it. 

retention period In computer operations, the time 
during which the data on a magnetic medium 
(disk or tape) must be kept intact. 

retrace 1. Ina cathode-ray tube, the return of the 
scanning beam to its starting point. 2. In a cath- 
ode-ray tube, a line traced on the screen by the 
scanning beam as it returns to its starting point, 
if RETRACE BLANKING is not used. 

retrace blanking Obliteration of the RETRACE of 
the electron beam in a cathode-ray tube. It ren- 
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ders the retrace line invisible on the screen so 
that it will not interfere with the display. 

retrace line See RETRACE, 2. 

retrace ratio For the swept beam in a cathode-ray 
tube, the ratio of the scanning velocity in the 
trace direction to the scanning velocity in the RE- 
TRACE direction. 

retrace time In a cathode-ray tube, the amount of 
time required for the scanning beam to move 
from the end of one trace or line to the beginning 
of the next. 

retrofit To supply something with specially de- 
signed or adapted parts that were not available 
when it was made. 

retrograde orbit For an artificial earth satellite, an 
orbit whose direction is east-to-west, relative to 
the earth's surface. 

return 1. See RETRACE. 2. See RETURN CIRCUIT. 
3. See RETURN POINT. 4. In an electronic circuit, 
the electrical ground and ground current path. 

return circuit The circuit through which current 
returns to a generator. 

return instruction In a computer program, an in- 
struction in a subroutine directing operation 
back to a specific point in the main program. 

return interval See RETRACE TIME. 

return line See RETRACE, 2. 

return point 1. The point to which circuits are re- 
turned (e.g., a common ground point). 2. The ter- 
minal point of a return circuit. 

return ratio See FEEDBACK FACTOR. 

return time See RETRACE TIME. 

return to zero 1. Abbreviation RZ or RTZ. In the 
magnetic recording of data, a method in which the 
write current returns to zero following the write 
pulse. Compare NONRETURN-TO-ZERO. 2. A 
logic system in which the zero and one states are 
represented by zero voltage and a discrete voltage. 

return trace See RETRACE, 1, 2. 

REV 1. Abbreviation of REENTRY VEHICLE. 2. Ab- 
breviation of REVERSE. 

rev 1. Abbreviation of REVOLUTION. 2. To quickly 
and substantially increase the angular velocity of 
a motor. 

reverberation 1. Multiple reflections of sound 
waves from the inside surfaces of an enclosed 
chamber. 2. The dying-out of sound waves in an 
enclosed chamber as the waves reflect repeatedly 
from the inside surfaces. 3. In sound recording 
and/or reproduction, an electronically produced 
echo. It is used for special effects—especially in 
electronic music systems. 4. See RESONANCE, 2. 

reverberation chamber A room in which the walls, 
floor, and ceiling absorb very little sound, result- 
ing in echoes. To avoid standing waves, the room 
is designed so that no two surfaces are exactly 
parallel. 

reverberation system A system of devices oper- 
ated with an electronic organ to simulate the ef- 
fect of reverberation in a large room, such as a 
church auditorium. 
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reverberation time In an enclosed chamber, the 
time required for a sound to die down to a speci- 
fied level (usually -60 dB) after the disturbance 
has stopped. 

reverberation unit A device for producing artificial 
echoes—especially in the operation of electronic 
music systems. 

reverse 1. To alter the direction of a current or pro- 
cess or motion of an object so that the new direc- 
tion is exactly opposite the previous direction. 
2. In a directional wattmeter, the reflected-power 
indication or switch position. 

reverse AGC Automatic gain control in which a 
signal-dependent voltage is fed back to an earlier 
stage to adjust its gain automatically. Compare 
FORWARD AGC. 

reverse bias Reverse voltage or current in a tran- 
sistor or a semiconductor diode. Compare FOR- 
WARD BIAS. 


npn 


pnp 


reverse bias 


reverse breakdown See AVALANCHE. 

reverse breakdown voltage See AVALANCHE 
VOLTAGE. 

reverse characteristic The current-vs.-voltage re- 
sponse of a semiconductor junction that is biased 
in the reverse (low-conduction) direction. Com- 
pare FORWARD CHARACTERISTIC. 

reverse conduction The very small current con- 
duction through a pn junction when it is reverse- 
biased. Compare FORWARD CONDUCTION. 

reverse current Symbol, /, The current that flows 
through a pn junction when it is reverse-biased. 
Also called back current. Compare FORWARD 
CURRENT. 


ÓN 
Aly 


reverberation time + revolution 599 


reverse engineering A design process in which a 
specific device or system is copied functionally, 
but not literally. 

reverse Polish notation Abbreviation, RPN. A sys- 
tem of notation for expressing mathematical op- 
erations in which the operators follow the 
operands being manipulated. It is a mode of entry 
for some calculators (e.g., the operation 7 x 2 
might be entered by pressing keys in this order: 
7, ENTER, 2, x). 

reverse recovery time See RECOVERY TIME, 1. 

reverse resistance Symbol, R,. The resistance of a 
reverse-biased pn junction. Also called BACK RE- 
SISTANCE. Compare FORWARD RESISTANCE. 

reverse voltage Symbol, E, or V,. Direct-current 
voltage applied to a pn junction so that the 
p-type material is electrically more negative than 
the n-type material. Also called BACK VOLTAGE. 
Compare VOLTAGE. 

reverse-voltage capacitance The internal capaci- 
tance of a reverse-biased semiconductor pn junc- 
tion. 

reverse voltage drop The voltage drop across a 
semiconductor pn junction that is biased in the 
reverse (low-conduction) direction. 

reversible counter A counter that, by a control 
signal, can have the value it is holding either in- 
creased or decreased. 

reversible permeability The permeability of a fer- 
romagnetic substance when the magnitude of the 
alternating-current field is arbitrarily small. 

reversing switch 1. A switch that reverses the po- 
larity of a direct-current voltage. 2. A switch that 
reverses the direction of motor rotation. 


Input Ganged 


output 
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revolute geometry A method by which a robot 
arm can move freely in three dimensions. The en- 
tire assembly rotates from the base in a horizon- 
tal plane through a complete circle (360 degrees). 
An elevation joint at the base moves the arm from 
horizontal to vertical (90 degrees). A joint in the 
middle of the arm can bend through about 180 
degrees. 

revolution Abbreviation, r or rev. One complete ro- 
tation (i.e., 360 degrees of circular travel). 
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revolving field See ROTATING FIELD. 

rewind To run a magnetic tape on a transport at a 
high speed, in the direction opposite to that asso- 
ciated with the play mode. 

rewrite In computer operations, to return informa- 
tion read from a storage location to that location 
by recording. 

Rp Symbol for FILAMENT RESISTANCE. 

RF Abbreviation of RADIO FREQUENCY. 

RF amplifier See RADIO-FREQUENCY AMPLI- 
FIER. 

RFC Abbreviation of RADIO-FREQUENCY CHOKE. 

RF heating See RADIO-FREQUENCY HEATING. 

RFI Abbreviation of RADIO-FREQUENCY INTER- 
FERENCE. 

RF inverse feedback A negative-feedback system 
for radiophone transmitters, in which a portion of 
the modulated radio-frequency (RF) signal is rec- 
tified, and the resulting direct-current voltage is 
filtered and applied as bias to one of the audio 
stages in the proper polarity for degeneration. 

RF lamp A lighting lamp, used with radio- 
frequency (RF) alternating current, rather than 
the conventional 60-Hz utility current. This results 
in better efficiency, and allows much more light to 
be generated with a given filament lamp, as com- 
pared with 60-Hz current. 

RF motion detector In security systems, an intru- 
sion detection and alarm system that senses 
Doppler-effect-induced changes in the frequency 
or phase of a radio-frequency (RF) electromag- 
netic field. The Doppler effect results from motion 
of objects in the secured area. 

RFO Abbreviation of radio-frequency oscillator. 

RF power supply See OSCILLATOR-TYPE POWER 
SUPPLY. 

RF preamplifier A sensitive, radio-frequency ampli- 
fier circuit intended for improving the signal-to- 
noise (S/N) ratio in a wireless receiver. Generally 
placed between the receiver and the antenna or 
feed line. Some such devices are tunable; others 
are broadbanded. See also PREAMPLIFIER. 

RF probe See RECTIFIER PROBE. 

RF resistance See RADIO-FREQUENCY RESIS- 
TANCE. 

RF selectivity See RADIO-FREQUENCY SELEC- 
TIVITY. 

RF transformer See RADIO-FREQUENCY TRANS- 
FORMER. 

RF transistor See RADIO-FREQUENCY TRANSIS- 
TOR. 

R, Symbol for GRID RESISTANCE. 

Rg Symbol for GATE RESISTANCE. 

RGB Abbreviation of RED-GREEN-BLUE. 

RGT Abbreviation of RESONANT-GATE TRANSIS- 
TOR. 

Rh Symbol for RHODIUM. 

R/h Abbreviation of ROENTGENS PER HOUR. 

Ry 1. Symbol for HEATER RESISTANCE. 2. Sym- 
bol for HOT RESISTANCE. 

rh Abbreviation of RELATIVE HUMIDITY. 
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rhenium Symbol, Re. A metallic element. Atomic 
number, 75. Atomic weight, 186.207. It is used in 
some thermocouples. 

rheostat A wirewound variable dropping resistor of 
the rotary type or slider type. 
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Rap Symbol for high-frequency resistance (see 
RADIO-FREQUENCY RESISTANCE). 

RHI Abbreviation of RANGE-HEIGHT INDICATOR. 

rhodium Symbol, Rh. A metallic element. Atomic 
number, 45. Atomic weight, 102.906. 

rhombus A four-sided geometric plane figure, in 
which all four sides have equal length, and oppo- 
site angles have equal measure. 

rhombic antenna See DIAMOND ANTENNA. 

rho-theta A radio-navigation system in which a 
single transmitting station is used, and the posi- 
tion is determined, according to polar coordinates 
(distance and direction). 

rhumbatron A RESONANT CAVITY—especially 
one in a KLYSTRON. 

RI Abbreviation of RADIO INTERFERENCE. 

R; Symbol for INPUT RESISTANCE. (Also, Rn.) 

RIAA Abbreviation of RECORDING INDUSTRY AS- 
SOCIATION OF AMERICA. 

RIAA curve The amplitude-versus-frequency func- 
tion used in recording and reproduction of long- 
playing (33.3 rpm) phonograph discs, and 
specified by the Recording Industry Association 
of America (RIAA). The RIAA curve takes advan- 
tage of the sensitivity of the human ear at various 
frequencies to reduce the level of audible noise. 

ribbon microphone See VELOCITY MICROPHONE. 

ride gain In broadcasting, the operations of con- 
stantly adjusting the audio modulation of the 
transmitter for optimum operation. 

Rieke chart A visual aid, similar to the SMITH 
CHART, used with traveling-wave tubes in the 
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ultra-high-frequency (UHF) and microwave fre- 
quency bands for determining the optimum load 
impedance. 

rig Colloquialism for a radio communications in- 
stallation—especially a transmitter or trans- 
ceiver. It is commonly used among amateur radio 
operators. 

right-angle line section See ELL. 

right-hand lay See DIRECTION OF LAY. 

right-hand polarized wave See CLOCKWISE- 
POLARIZED WAVE. 

right-hand rule for induced emf See FLEMING'S 
RIGHT-HAND RULE. 

right-hand rule for wire A simple rule for indicat- 
ing the direction of the magnetic field surround- 
ing a straight wire that carries current. When the 
wire is grasped in the right hand with the thumb 
pointing in the direction of current flow, the fin- 
gers curl in the direction of the magnetic field. 

right-hand taper Potentiometer or rheostat taper 
in which most of the resistance is in the clockwise 
half of rotation, as viewed from the front. Com- 
pare LEFT-HAND TAPER. 

right justified In a computer memory location, a 
data item that takes up consecutive bit positions, 
from right to left. 

Right-Leduc effect A phenomenon somewhat 
analogous to the Hall effect. When a metal strip 
conducting heat is placed in a magnetic field per- 
pendicular to the plane of the strip, a tempera- 
ture difference develops across the strip. 

right shift In computer operation, a shift whereby 
word bits are displayed to the right; the effect is 
division in a right arithmetic shift. 

rim drive 1. In a tape recorder, a driving method in 
which the motor shaft is provided with a smooth 
pulley that transfers motion directly to the rub- 
ber-tired rim of the flywheel. 2. A driving method 
for a phonograph turntable in which a rotating 
wheel contacts the outer edge of the platter. 

Rin Symbol for INPUT RESISTANCE. (Also, R;.) 

ring 1. The core of a toroidal coil. 2. See HYBRID 
RING. 3. See RING MODULATOR. 4. See RING 
INDUCTOR. 5. See RING MAGNET. 6. See RING- 
ING. 

ring armature A motor or generator armature hav- 
ing a ring winding. 

ringback In a telephone system, the signal sent 
from the receiving (destination) telephone set 
back to the sending (source) set, indicating that 
the signal is being received. This consists of a 
tone, interrupted by pulses at intervals of about 
0.05 second. The signal stops when the destina- 
tion set is taken off the hook. Also see RING- 
DOWN. 

ring circuit 1. See RING MODULATOR. 2. A 
waveguide hybrid-tee resembling a ring having 
radial branches. 3. In amateur radio operations, 
a circuit connected to a telephone line and radio 
transmitter. The radio transmitter is energized 
and modulated with an identifiable signal each 
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time the telephone rings, so the telephone can be 
answered via remote control. 

ring counter An electronic counter in which suc- 
cessive cascaded stages form a ring (i.e., the last 
stage in the chain is connected to the first stage 
so that the counter advances through the cycle, 
stage by stage, repetitively). 

ringdown In a telephone system, the signal sent 
from the transmitting (source) set to the receiving 
(destination) set, causing the destination set to 
ring. Also see RINGBACK. 

ring head In tape recorders, a recording and play- 
back head that consists essentially of a metal ring 
with a gap at one point, and on which the coils 
are wound. 

ring inductor 1. An inductor consisting of a single 
turn of wire, or of a conductor bent into a loop. 
2. See SHADING COIL. 

ringing Self oscillation in a pulsed inductance- 
capacitance circuit, sustained by the circuit’s fly- 
wheel action (hysteresis), and usually producing 
a damped wave. 

ringing coil In the horizontal oscillator in a televi- 
sion circuit, a small, adjustable coil (shunted by a 
capacitor) used to produce a sharp rise in input- 
signal voltage. 

ringing current In wire telephony, an alternating 
current superimposed on the direct operating 
current. Produces RINGDOWN. 

ringing time See RING TIME, 1. 

ring magnet A permanent magnet in the shape of 
a ring or donut. 

ring main An electric power main that is closed to 
form a ring. This results in two independent elec- 
trical paths between any two points in the circuit. 
If one path is interrupted, power can still be 
transmitted to any other point in the circuit from 
a power station. 

ring modulator A double-balanced diode-type 
modulator circuit; its name is derived from the 
ring-like arrangement of the four diodes. 

ring oscillator A self-excited oscillator in which 
two sets of two transistors are operated in push- 
pull/parallel. 

ring shift In computer operation, the cyclic shift- 
ing of digits from one end of a register to the 
other. 

ring time 1. The period of a damped oscillation— 
especially one set up in an inductance-capaci- 
tance circuit by a pulse. 2. The time required for 
an ECHO BOX signal to decay below the display 
level. 

ring winding A winding in which the turns of the 
coil are laid on the outside of a ring-shaped core 
and passed through its center, resulting in a 
donut coil with a core. 

ripple 1. A small alternating-current component in 
the output of a direct-current power supply with 
inadequate filtering. 2. In computer and data- 
processing operations, the serial transmission of 
data. 
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ripple amplitude The peak or peak-to-peak value 
of ripple in a power supply (see RIPPLE, 1). 
ripple counter A binary counter consisting of flip- 
flops cascaded in series. A pulse must pass se- 
quentially from the input, through each stage, to 
the output of the chain. 
ripple current Current flowing in a circuit as the 
result of ripple voltage (see RIPPLE AMPLITUDE). 
ripple factor The ratio of the RIPPLE AMPLITUDE 
to the direct-current voltage output of a power 
supply. 
ripple frequency The frequency of a ripple compo- 
nent (see RIPPLE, 1). In power supplies using 
half-wave rectification, this frequency is normally 
60 Hz (the line frequency); in full-wave supplies, 
it is normally 120 Hz (twice the line frequency). 
ripple percentage See PERCENT RIPPLE. 
ripple torque Symbol, Tr. In a torque motor, the 
small fluctuation in torque resulting from com- 
mutator switching action. 
ripple voltage See RIPPLE AMPLITUDE. 
RISC Abbreviation of REDUCED INSTRUCTION 
SET COMPUTER. 
rise 1. See VOLTAGE RISE. 2. See RISE TIME. 
3. An increase in the amplitude of a pulse or wave. 
rise cable 1. A vertical feeder cable. 2. A vertical 
section of a feeder cable. 
rise time The time required for a pulse to rise from 
10 percent to 90 percent of its peak amplitude. 
Compare FALL TIME. 
RJE Abbreviation of REMOTE JOB ENTRY. 
Rx Symbol for cathode resistance. 
RL 1. Abbreviation of RESISTANCE-INDUCTANCE. 
2. Abbreviation of RELAY LOGIC. 
Abbreviation of LOAD RESISTANCE. 
bridge See RESISTANCE-INDUCTANCE 
BRIDGE. 
RL circuit See RESISTANCE-INDUCTANCE CIR- 
CUIT. 
Rır Symbol for low-frequency resistance. 
RL phase shifter See RESISTANCE-INDUCTANCE 
PHASE SHIFTER. 
Symbol for METER RESISTANCE. 
Symbol for emitter-collector transresistance of a 
bipolar transistor. 
rms Abbreviation of ROOT MEAN SQUARE. 


RL 
RL 


Rm 
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rms converter See ROOT-MEAN-SQUARE CON- 
VERTER. 

rms current See EFFECTIVE CURRENT. 

rms meter A current meter or voltmeter whose de- 
flection is proportional to the root-mean-square 
(rms) value of current or voltage. In most meters, 
the deflection is proportional to either the peak 
value or the average value, but the scale of an 
rms unit is graduated on the basis of sine-wave 
input. 

rms value See EFFECTIVE VALUE. 

rms voltage See EFFECTIVE VOLTAGE. 

Rn Symbol for RADON. 

R, 1. Symbol for NEGATIVE RESISTANCE. (Also, 
—R.) 2. Symbol for null resistance. 

Rə Symbol for OUTPUT RESISTANCE. (Also, Rou.) 

roaming 1. In cellular communications, an ideal 
condition in which the user of a mobile or 
portable wireless telephone set can travel 
throughout a specified geographic region with no 
“dead zones” or interruption in service. 2. Fora 
mobile or portable cellular telephone subscriber, 
the act of traveling throughout a large geographic 
region and, in particular, among different states 
or countries. 

robot 1. An electromechanical device or system ca- 
pable of reliably performing complex and/or 
repetitive tasks. It can be controlled by a human 
operator or by a computer. 2. A usually au- 
tonomous device, as defined in 1, built to physi- 
cally resemble a human being, with a head, two 
arms, and some form of locomotion. 

robot generations Agreed-on milestones or crite- 
ria in the evolution of robots and smart ma- 
chines. First generation: Before 1980. Mainly 
mechanical, stationary, physically rugged, no ex- 
ternal sensors, no artificial intelligence. Second 
generation: 1980-1990. Tactile sensors, vision 
systems, position sensors, pressure sensors, mi- 
crocomputer control, programmable. Third gener- 
ation: After 1990. Mobile, autonomy or group 
control, artificial intelligence, speech recogni- 
tion/synthesis, teleoperation, navigation sys- 
tems. Fourth generation: In conceptual stages. 
Highly intelligent, capable of building other 
robots, capable of doing many human tasks. 

robot gripper A robotic END EFFECTOR designed 
specifically to grasp objects. The two basic de- 
signs are: hand-like and specialized. Hand-like 
grippers are engineered according to the notion 
that the human hand has evolved to near perfec- 
tion, and should be mimicked in robots. Special- 
ized grippers are built by trial-and-error methods 
and often bear little resemblance to human 
hands. 

robotics The science and art of robot design, con- 
struction, operation, and maintenance. 

Rochelle salt Sodium potassium tartrate, a sub- 
stance whose crystals are piezoelectric. Such crys- 
tals are used in some microphones, loudspeakers, 
and transducers. Also called SEIGNETE SALT. 
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rock Slang for QUARTZ CRYSTAL. 

rockbound Pertaining to an oscillator or radio 
transmitter whose frequency is determined by a 
quartz crystal, and is, therefore, not variable over 
a significant range. 

rocker switch A toggle switch whose lever is a spe- 
cially shaped bar. The bar is rocked back and 
forth to operate the switch. Compare BAT- 
HANDLE SWITCH, PADDLE SWITCH, and SLIDE 
SWITCH. 
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off 
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rod 1. A unit of length or distance; 1 rod = 5.029 
meters. 2. A bar of material with special proper- 
ties. 

rod antenna See FERRITE-ROD ANTENNA. 

rod magnet A permanent magnet in the shape ofa 
rod with circular or elliptical cross section. 

roentgen Abbreviation, r. A unit of ionizing radia- 
tion; 1 ris the quantity of radiation that produces 
1 esu of electricity (positive or negative) per cubic 
centimeter of air at standard temperature and 
pressure. In average tissue, 1 r produces ioni- 
zation equivalent to an energy concentration of 
2.58 x 10% C/kg (93 ergs per gram). Also see MIL- 
LIROENTGEN. 

roentgen equivalent man See REM. 

roentgen equivalent physical See REP. 

roentgen ray See X RAY. 

roger A communications signal meaning 
knowledged.” 

Roget spiral A spring-like wire device that con- 
tracts in proportion to the magnitude of the cur- 
rent flowing through it. 

role indicator In computer operations, a code 
classifying a keyword as a part of the speech (e.g., 
noun). 

roll 1. In a display terminal having a line length of 
less than the standard 80 characters, an operat- 
ing feature that allows the operator to follow the 
text along. The cursor remains fixed near the cen- 
ter of the displayed line, while the text moves 
from right to left. 2. Vertical movement of a tele- 
vision picture, resulting from lack of vertical syn- 
chronization. 

rollback In computer operations, the running 
again of a computer program or portion of the 
program. Also called RERUN. 

roller inductor A variable inductor, usually of the 
air-core type, with a shaft attached that allows 
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the whole assembly to be rotated; a wheel contact 
provides a movable tap. Such an indicator is con- 
tinuously variable and is often used in such de- 
vices as antenna-tuning networks. 

rolling In television, the apparent continuous up- 
ward or downward movement of the picture, 
resulting from lack of vertical synchronization 
between the transmitter and receiver. 

rolloff 1. The rate at which a dependent variable 
(e.g., output amplitude) diminishes above or be- 
low a certain critical value of the independent 
variable (e.g., frequency). It pertains especially to 
frequency response in audio devices and sys- 
tems. 2. Attenuation of the bass and/or treble re- 
sponse or output in an audio system. 

ROM Abbreviation of READ-ONLY MEMORY. 

Romeo Phonetic alphabet code word for the letter 
R. 

Romex cable A form of wire cable with a covering 
that is highly resistant to the environment. 

roof mount A metal bracket for fastening an an- 
tenna mast to a roof. 

room noise Ambient acoustic noise in a room. 

room resonance Acoustic resonance caused by 
the geometry and contents of a room. 

room temperature Abbreviation, RT. 1. The tem- 
perature of the chamber in which a test or fabri- 
cation is carried out. It is commonly used to 
distinguish between operations that can be per- 
formed at the ambient temperature and those 
that require an oven or a cold chamber. 2. A tem- 
perature typical of an indoor environment, ap- 
proximately 21 degrees Celsius (70 degrees 
Fahrenheit). 

room tone A qualitative expression for the suit- 
ability or behavior of an enclosed area for a given 
acoustic application. It affected by factors (such 
as resonances or lack thereof, echoes or lack 
thereof, overall room size and proportions, and 
background noise). 

root mean square Abbreviation, rms. The square 
root of the arithmetic mean (average) of the 
squares of a set of values. 

root-mean-square converter A device that con- 
verts an input signal of any waveform into a 
direct-current signal of the same value as the 
EFFECTIVE VALUE of the input signal. 

root-mean-square current See EFFECTIVE CUR- 
RENT. 

root-mean-square value See EFFECTIVE VALUE. 

root-mean-square voltage See EFFECTIVE VOLT- 
AGE. 

ROP Abbreviation of record of production. 

rosin A substance derived chemically from an ex- 
tract of pine wood, and used in some solders. 

rotameter A fluid flow gauge consisting of a float 
within a glass tube having incremental markings. 

rotary amplifier See AMPLIDYNE. 

rotary antenna See ROTATABLE ANTENNA. 

rotary beam A beam antenna, such as a Yagi, that 
can be rotated in a (usually horizontal) plane to 
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allow transmission and/or reception in various 
directions. Also see ROTATABLE ANTENNA. 

rotary-beam antenna See ROTARY BEAM. 

rotary converter A dynamo (electric machine) 
having a direct-current armature connected to a 
commutator on one end of the shaft and to slip 
rings on the other end. When the machine is op- 
erated as a direct-current motor, it delivers an al- 
ternating-current output, and vice versa. Also 
called DOUBLE-CURRENT GENERATOR. 

rotary dialing An older style of telephone dialing in 
which a rotary pulse generator is used to dial the 
digits. 

rotary digital audio tape Digital audio tape used 
with a recording/playback system that uses a ro- 
tating head or heads. 

rotary encoder An optical analog-to-digital (A/D) 
converter that operates by passing a light beam 
through a rotating disk. The amplitude of the 
analog input signal at any moment causes a cer- 
tain angular rotation of the disk, cutting off the 
light beam, according to the nature of the pattern 
on the disk. The resulting modulated light beam 
has digital characteristics and can be detected 
using photocells. 

rotary inverter A motor-generator used to change 
a direct-current input voltage into an alternating- 
current output voltage. 

rotary-motion sensor A transducer that delivers 
an output voltage proportional to the arc over 
which its shaft has been turned. 

rotary power amplifier See DC GENERATOR AM- 
PLIFIER. 

rotary relay An electromechanical relay in whicha 
pivoted armature rotates to open or close the con- 
tacts. The meter relay is an example. 

rotary selector switch See ROTARY SWITCH. 

rotary stepping relay See STEPPING SWITCH. 

rotary stepping switch See STEPPING SWITCH. 

rotary switch A switch in which a blade moves in 
a circle or in arcs over the contacts. 

rotary transformer A motor-generator used to 
change an input voltage into a lower or higher 
output voltage. 

rotatable antenna An antenna that can be turned 
to change the orientation of its main lobe (direc- 
tion of greatest forward gain) in a specific plane 
(usually horizontal). 

rotating amplifier See DC GENERATOR AMPLI- 
FIER. 

rotating antenna An antenna that constantly 
turns to scan a given area (e.g., a RADAR AN- 
TENNA). 

rotating-capacitor modulator A frequency modu- 
lator consisting of a motor-driven variable capac- 
itor. Also see WOBBULATOR. 

rotating field An alternating-current electric or 
magnetic field, such as that generated by the sta- 
tors of some motors, that revolves between poles. 

rotating interrupter A commutator (see COMMU- 
TATOR, 1). 
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rotating machines Electromechanical devices 
(such as motors, generators, amplidynes, rotary 
converters, etc.) that utilize magnetic flux to con- 
vert angular motion or displacement into electri- 
cal energy, or vice-versa. 

rotating memory See DISK MEMORY and DRUM 
MEMORY. 

rotating voltmeter See GENERATING VOLT- 
METER. 

rotator A motor-driven, remotely controlled mech- 
anism for turning a directional antenna in a spe- 
cific plane. 

rotor 1. A rotatable coil—especially in a motor or 
generator. Compare STATOR, 1. 2. The rotating 
member of a motor or generator. Compare STA- 
TOR, 2. 3. The rotating-plate assembly of a vari- 
able capacitor. Compare STATOR, 3. 

rotor blade The wiper arm of a rheostat or poten- 
tiometer. 

rotor coil See ROTOR, 1. 

rotor plate The rotating plate(s) of a variable ca- 
pacitor. Compare STATOR PLATE. 

roulette pattern A circular pattern for frequency 
identification with an oscilloscope, consisting of 
loops around the screen’s circumference. Com- 
pare GEAR-WHEEL PATTERN, LISSAJOUS FIG- 
URE, and SPOT-WHEEL PATTERN. 

rounding 1. A method of approximating a quantity 
by reducing the number of significant digits. For 
example, rounding 3.44 to two significant digits 
yields 3.4; rounding 3.46 to two significant digits 
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yields 3.5. Compare TRUNCATION. 2. The ap- 
proximation of a value to a specified number of 
decimal places or significant digits. 3. Smoothing 
of the corners of a Square wave or sawtooth wave, 
resulting in lengthening of the transition time 
from one state to another. 

rounding error The error resulting from the 
rounding of a number (see ROUNDING, 1, 2). 

round off To shorten an otherwise lengthy number 
by replacing numerical digits with zeros and in- 
creasing the final nonreplaced digit by 1 if the 
leftmost replaced digit is 5 or greater. Thus, 
3.141592653 can be rounded off to 3.1416 or 
3.14. 

round-up A form of numerical approximation, in 
which a number with a value of n.5 or greater is 
assigned the value n+ 1. This is a feature of many 
calculators using scientific notation or a fixed 
number of decimal places. 

Rout Symbol for OUTPUT RESISTANCE. (Also, Rə.) 

route 1. To physically position wires or conducting 
circuit paths by planning and deliberation. 2. The 
path over which conductors are positioned. 3. A 
path over which signals or information can be 
carried. 

routine 1. In computer operations, the complete 
sequence of instructions for performing an opera- 
tion (i.e., a program or program segment). 2. A 
test or measurement procedure. 3. An assembly 
or manufacturing procedure. 4. A standard trou- 
bleshooting procedure. 

row Ina matrix, a horizontal arrangement or set of 
values. 

Rp 1. Symbol for PLATE RESISTANCE. (Also, rp.) 
2. Symbol for POSITIVE RESISTANCE. 3. Symbol 
for PARALLEL RESISTANCE. (Also, Rpar.) 4. Sym- 
bol for PRIMARY RESISTANCE. (Also, Rpri-) 

Rpar Symbol for PARALLEL RESISTANCE. (Also, 
Rp.) 

r parameters 1. Device or network parameters ex- 
pressed as resistances. 2. Transistor parameters 
in terms of resistance values in the equivalent tee 
network. Compare G PARAMETERS and H PA- 
RAMETERS. 

RPG Abbreviation of REPORT PROGRAM GENER- 
ATOR. 

rpm Abbreviation of revolutions per minute. 

rpm meter See ELECTRONIC TACHOMETER and 
STROBOSCOPE. 

RPN Abbreviation of REVERSE POLISH 
TION. 

Rpri Symbol for PRIMARY RESISTANCE. (Also, 
Rp.) 

rps Abbreviation of revolutions per second. 

RPT Radiotelegraphic abbreviation of repeat. 

Rreg 1. Symbol for REQUIRED RESISTANCE. 
2. Symbol for SCREEN RESISTANCE. 


NOTA- 


Rrr Symbol for RADIO-FREQUENCY RESIS- 
TANCE. 
Rs Symbol for SOURCE RESISTANCE in a field- 


effect transistor. 
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R, 1. Symbol for SERIES RESISTANCE. (Also, Rser-) 
2. Symbol for SECONDARY RESISTANCE. (Also, 
Rósec») 

Rsec Symbol for SECONDARY RESISTANCE. (Also, 
Rós.) 

Rser Symbol for SERIES RESISTANCE. (Also, Rg.) 

RST flip-flop A conventional flip-flop subject to the 
operations of reset, set, and trigger. 

RST system In the amateur radio service, a 
method of reporting signal quality in terms of 
readability, strength, and tone. 

R sweep In an oscilloscope or spectrum analyzer, 
an expanded portion of the trace produced by a 
long triggered sweep. It permits detailed analysis 
of a small portion of a displayed waveform or fre- 
quency band. 

RT 1. Abbreviation of RADIOTELEPHONE. 2. Ab- 
breviation of ROOM TEMPERATURE. 

rt Abbreviation of RIGHT. 

Rr 1. Symbol for THERMAL RESISTANCE. 2. Sym- 
bol for total resistance. (Also, R+.) 

R; Symbol for total resistance. 

RTD Abbreviation of RESISTANCE TEMPERA- 
TURE DETECTOR. 
RTL Abbreviation of 

LOGIC. 

RTTY Abbreviation of RADIOTELETYPE. 

RTZ Abbreviation of RETURN TO ZERO. (Also, RZ.) 

Ru Symbol for RUTHENIUM. 

rubber A natural insulating material; an elastomer 
exhibiting rapid elastic recovery. Dielectric con- 
stant, 2 to 3.5. Dielectric strength, 16 to 50 
kV/mm. Also called India rubber. Compare HARD 
RUBBER. 

rubber-covered wire Wire insulated with a jacket 
of rubber. 

rubidium Symbol, Rb. A metallic element. Atomic 
number, 37. Atomic weight, 85.468. 

ruby laser A laser using a ruby rod as the resonant 
element. 


RESISTOR-TRANSISTOR 


Ruby crystal 
Output 
100-percent Helical 95-percent 
reflector flash tube reflector 
ruby laser 


ruby maser A maser in which the resonant mate- 
rial is ruby. 

Ruhmkorff coil See INDUCTION COIL. 

rumble 1. Low-frequency acoustical noise of a fre- 
quency below about 50 Hz. 2. Low-frequency 
electrical noise in an audio circuit of a frequency 
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below about 50 Hz. 3. Vibrations that can occur 
in a poorly designed or malfunctioning phono- 
graph turntable. 

rumble filter An audio high-pass filter having 
sharp cutoff below 50 Hz, for eliminating rumble 
arising from irregularities in the rotation of a 
phonograph turntable. Also see RUMBLE, 3. 

run 1. The execution of a computer routine or pro- 
gram. 2. To execute a routine or program. 3. To 
cause a routine or program to be executed. 4. A 
command that causes a routine or program to be 
executed. 

runaway Ina current-carrying circuit or device, es- 
pecially a semiconductor, a rapid increase in cur- 
rent that causes the temperature to rise, in turn 
resulting in a further increase in current. Unless 
preventive measures are taken, this will ulti- 
mately damage or destroy the component. 

run chart In computer operations, a flowchart 
showing the organization and order of pertinent 
programs to be run. 

running accumulator A computer storage unit 
having registers linked so that data is transferred 
unidirectionally from one to the other, and in 
which only one register is accessible from the out- 
side. 

running open 1. The condition of a mechanical 
teleprinter running continuously in the absence 
of a signal. The teleprinter operates, but nothing 
is printed; this keeps the machine in synchro- 
nization. 2. Operation of a transmitter at the 
maximum rated level of input or output power. 

running-time meter See ELAPSED-TIME METER. 

run time 1. The period of time during which a 
computer program is executed. 2. The length of 
time required for a computer program to be exe- 
cuted. 

rupture 1. The usually rapid and violent tearing 
apart, or breaking through, of an insulating ma- 
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terial subjected to excessive voltage. 2. The clean 
opening of relay, circuit-breaker, or switch con- 
tacts to interrupt a current-carrying circuit. 

rush Broadband audio background noise, such as 
that arising from superheterodyne receivers and 
high-gain amplifiers. Its name is derived from re- 
semblance to the gentle rushing of wind. Com- 
pare HISS, 1, 2. 

ruthenium Symbol, Ru. A rare metallic element. 
Atomic number, 44. Atomic weight, 101.07. 

rutherford Abbreviation, rd. A unit of radioactivity 
equal to 108 disintegrations per second (2.7 x 10? 


curie). Also see KILORUTHERFORD, MEGA- 
RUTHERFORD, MICRORUTHERFORD, and 
MILLIRUTHERFORD. 


Rutherford atom An early concept of the nature of 
the atom, proposed by Rutherford in 1912. In this 
model, negatively charged electrons orbit a cen- 
tral, positively charged nucleus in a manner sim- 
ilar to the way planets orbit the sun. Compare 
BOHR ATOM. 

rutherfordium Symbol, Rf. Also called unnilquadium 
(Ung) and kurchatovium (Ku). Atomic number, 104. 
The most common isotope has atomic weight 261. 
Classified as a transition metal. It has a half-life on 
the order of a few seconds to a few tenths of a sec- 
ond (depending on the isotope), is human-made, 
and is not known to occur in nature. 

RW Abbreviation of radiological warfare. 

R, Symbol for unknown resistance. 

RY Abbreviation of RELAY. 

ryotron A form of inductive semiconductor switch, 
operated at cold temperatures to maximize con- 
ductivity. 

R-Y signal In a color-television circuit, the signal 
representing primary red (R) minus luminance 
(Y). A primary red signal is obtained when the 
R-Y signal is combined with the luminance (Y) 
signal. Compare B-Y SIGNAL and G-Y SIGNAL. 
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S 1. Symbol for SCREEN GRID of a vacuum tube. 
2. Symbol for SHELL of a tube or semiconductor 
device. 3. Symbol for SULFUR. 4. Symbol for DE- 
FLECTION SENSITIVITY. 5. Symbol for SWITCH. 
6. Symbol for ELASTANCE. 7. Abbreviation of 
SYNC. 8. Symbol for SECONDARY. 9. Abbrevia- 
tion for SIEMENS. 10. Abbreviation of SINE. 11. 
Symbol for ENTROPY. 

s 1. Symbol for distance or DISPLACEMENT. 
2. Symbol for SCREEN GRID of a vacuum tube. 
3. Symbol for STANDARD DEVIATION. 4. Abbre- 
viation for SECOND. 

SA Abbreviation of SUBJECT TO APPROVAL. 

S, band A section of the S band, extending from 
3100 to 3400 MHz. 

sabin A unit of sound absorption; 1 sabin repre- 
sents a surface that can absorb sound at the 
same rate as 1 square foot of a perfectly ab- 
sorbent surface. 

SADT Abbreviation of surface alloy diffused-base 
transistor. 

SAE 1. Abbreviation of SHAFT-ANGLE ENCODER. 
2. Abbreviation of Society of Automotive Engineers. 

safe noise level A level of acoustic intensity equal 
to 85 dB above the threshold of hearing. At sound 
levels higher than this, eardrum damage is possi- 
ble. 

safety factor A figure denoting the extent of over- 
load that a device can withstand before breaking 
down. 

safety ground A connection made between equip- 
ment (usually the metal chassis, panel, case, or 
B-minus circuit) and the earth as a protective 
measure against fire and electric shock. 

safety switch See ELECTRICAL INTERLOCK. 


safety ground 


sal ammoniac Formula, NH¿Cl. Ammonium chlo- 
ride, the principal ingredient in the gelatinous 
electrolyte of some dry cells and batteries. 

salient pole A pole, such as the polepiece of a mo- 
tor or generator, that projects from the rest of the 
structure (rotor assembly or motor frame). 

Salisbury chamber A radio-frequency test cham- 
ber in which the walls are non-reflective at vari- 
ous frequencies, thus simulating free space. 

salt-spray test A test to assess the life and perfor- 
mance of electronic equipment in a marine envi- 
ronment. The equipment is sprayed, usually with 
a saltwater mist, and various electrical parame- 
ters are measured at prescribed time intervals. 

samarium Symbol, Sm. A metallic element of the 
rare-earth group. Atomic number, 62. Atomic 
weight, 150.36. 

sample 1. A selection of quantities, events, or ob- 
jects, taken at a specific time or time interval for 
analysis or testing. 2. To take a sample, as de- 
fined in 1. 3. To test a quantity (current, voltage, 
temperature, pressure, etc.) or a material 
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(electrolyte, insulant, corrosion, rust, etc.) taken 
from a larger group or body. 

sample and hold A method of storing a variable 
signal for detailed examination. 

sampled data system A system that can be either 
analog or digital, and that works from samples of 
the input signals. 

sampler In audio systems, a device that digitizes 
and stores sound for a brief interval of time. 

sample size In statistics, the number of items in 
the sample space chosen for analysis. 

sample space In statistics, the set of events, num- 
bers, or other items chosen for analysis. 

sampling 1. Observation of a signal at various 
points in a circuit, without affecting the operation 
of the circuit. 2. The conversion of analog signals 
to binary signals—especially for use in digital 
communications systems and in computers. 3. In 
statistics and probability, a set of function values 
corresponding to specifically chosen points in the 
domain. 

sampling rate The frequency with which samples 
are taken [e.g., 1/hr (one sample per hour) or 
10/min (10 samples per minute)]. 

sampling window See WINDOW, 2. 

sand load A microwave power dissipator in which 
the absorptive material is a mixture of sand and 
carbon. 

sapphire needle See SAPPHIRE STYLUS. 

sapphire stylus A jewel-tipped stylus for disc 
recording and playback. It is noted for durability. 

sat 1. Abbreviation of saturate. 2. Abbreviation of 
SATURATION. 3. Abbreviation of SATELLITE. 

satd Abbreviation of saturated. 

satellite An artificial object sent into orbit around 
the earth or another planet. See, for example, AC- 
TIVE COMMUNICATIONS SATELLITE and PAS- 
SIVE COMMUNICATIONS SATELLITE. 

satellite communication Communication via one 
or more Satellite transponders. Usually both sta- 
tions are on the ground, although sometimes one 
or both stations are airborne or in space. 

satellite processor 1. In a computer, a micropro- 
cessor that is subsidiary to the central processing 
unit (CPU). 2. In a data-processing system, a CPU 
used to handle the running of programs of sec- 
ondary importance to the system’s main applica- 
tion. 

satellite television The broadcasting and reception 
of television (TV) signals via earth-orbiting satel- 
lite. Usually, the satellite is in a geostationary or- 
bit. The receiving station employs a dish antenna, 
a tuner, a digital-to-analog (D/A) converter (if the 
signals are digital), and a TV receiver. 

satisfy To make a statement of inequality or an 
equation true (e.g., x = 2 satisfies the equation 
2x = x’). 

saturable capacitor A voltage-variable ceramic or 
semiconductor capacitor in which variations in 
capacitance stabilize at a reasonably constant 
value after a particular voltage level is reached. 
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saturable-core magnetometer A MAGNETOME- 
TER in which the sensor is a saturable magnetic 
core with a winding. The readout is proportional 
to the change in permeability of the core pro- 
duced by the magnetic field under test. 

saturable reactor An inductor consisting essen- 
tially of a coil wound on a core of magnetic 
material whose magnetic flux can easily reach 
saturation level. The inductance and, accordingly, 
the reactance of the device can be varied by pass- 
ing a direct current through the coil simultane- 
ously with the alternating current to be controlled. 

saturable transformer A transformer having a sat- 
urable core that permits automatic regulation of 
an alternating-current voltage. 

saturated color A visible color whose energy is 
concentrated at a single wavelength or in a nar- 
row band of wavelengths. Also called pure color. 

saturated logic Any form of digital-logic circuit in 
which the transistors are either completely cut off 
or completely saturated. It is characterized by rel- 
ative immunity to noise, high speed, and high 
input-level requirements. 

saturated operation 1. The operation of a mag- 
netic core at or beyond its saturation point (i.e., 
in the region where an increase in coil current 
produces no change in core magnetization). 
2. The operation of a transistor or vacuum tube 
beyond its saturation point (i.e., in the region 
where an increase in voltage produces no change 
in current, or vice versa). Compare UNSATURATED 
OPERATION. 

saturated solution A solution, such as an elec- 
trolyte, that contains all of the solute that it ordi- 
narily will hold at a given temperature and 
pressure. Compare SUPERSATURATED SOLU- 
TION. Also see SOLUTE; SOLUTION, 1 and SOL- 
VENT, 2. 

saturating current See SATURATION CURRENT. 

saturation 1. See SATURATION POINT. 2. The 
state of purity of a color. In general, the greater 
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the saturation, the narrower the bandwidth of the 
electromagnetic energy. The highest possible sat- 
uration is represented by energy at a single wave- 
length [e.g., light of 700 nanometers (nm) appears 
as highly saturated red, and light of 400 nm ap- 
pears as highly saturated violet]. Compare HUE. 
3. The condition of a ferromagnetic material in 
which it can accommodate no additional mag- 
netic flux. 4. The condition of a dielectric material 
in which it can accommodate no additional elec- 
tric flux. 

saturation current Ina device, the current flowing 
at and beyond the SATURATION POINT. 

saturation flux 1. The magnetic flux density that 
will saturate a given sample of magnetic material. 
2. The electric flux density that will saturate a 
given sample of dielectric material. 

saturation flux density See SATURATION INDUC- 
TION. 

saturation induction For a magnetic material, the 
maximum possible flux density. 

saturation limiting Output peak clipping that oc- 
curs when a transistor or vacuum tube is driven 
into saturation during part of the input cycle. 
Compare CUTOFF LIMITING. 

saturation point On a voltage-current conduction 
curve, the point beyond which a further increase 
in voltage produces no appreciable increase in 
current. 


Saturation 
point 


Collector/drain current 


Base/gate voltage 


saturation point 


saturation resistance The voltage-to-current ratio 
for a saturated semiconductor. 

saturation switching The on/off switching opera- 
tion in which a transistor is in its saturated state 
when conducting. 

saturation value 1. In a transistor, field-effect 
transistor, or vacuum tube, the lowest level of the 
input current, voltage, or power that results in 
saturation. 2. The maximum obtainable output 
level for a given circuit. 3. In a magnetic material, 
the smallest level of magnetizing force that re- 
sults in the maximum possible flux density. 

saturation voltage The (usually direct-current 
output) voltage appearing across a device operat- 
ing in its saturation region (e.g., the collector volt- 
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age of a switching transistor in its switched-on 
state). 

SAVOR Abbreviation of 
VOICE RECORDER. 

sawtooth An alternating or pulsating wave of cur- 
rent or voltage that is characterized by a gradual 
rise in amplitude followed by a rapid fall, or vice 
versa; its name is derived from its graphic resem- 
blance to the teeth of a saw. 


SIGNAL-ACTUATED 


Time 


Amplitude 


sawtooth 


SB 1. Abbreviation of SIDEBAND. 2. Abbreviation 
of SIMULTANEOUS BROADCAST. 

Sb Symbol for ANTIMONY. 

S band A radio-frequency band extending from 
1550 to 5200 MHz. For subdivisions of this band, 
see Sa BAND, Sc BAND, Sp BAND, Sp BAND, Sc 
BAND, Sy BAND, Sg BAND, Ss BAND, Sr BAND, 
Sw BAND, Sy BAND, and Sz BAND. 

SBC Abbreviation of SINGLE-BOARD COMPUTER. 

SBDT Abbreviation of SURFACE-BARRIER DIF- 
FUSED TRANSISTOR. 

SBT Abbreviation of SURFACE-BARRIER TRAN- 
SISTOR. 

SC 1. Abbreviation of SUPPRESSED CARRIER. 
2. Abbreviation of SHORT CIRCUIT. 3. On draw- 
ings, the abbreviation for silk-covered. 

Sc Symbol for SCANDIUM. 

sc 1. Abbreviation of SINGLE CRYSTAL. 2. Abbre- 
viation of SCALE. 3. Abbreviation of sine-cosine. 
4. Abbreviation of science. 

SCA Abbreviation of SUBSIDIARY COMMUNICA- 
TION AUTHORIZATION. 

SCA adapter An auxiliary tuner unit for separat- 
ing the SCA subcarrier from a main frequency- 
modulated signal on which it is superimposed. 
Also see SCA SUBCARRIER and SUBSIDIARY 
COMMUNICATIONS AUTHORIZATION. 

scalar quantity A quantity having magnitude, but 
for which direction is not specified. Compare 
VECTOR QUANTITY. 

scale 1. A graduated line or curve for indicating 
values of a quantity. 2. An ordered set of values. 
3. An ordered series of quantities, such as tones, 
frequencies, voltages, etc. (e.g., musical scale). 

scale division The space between consecutive 
graduations on a scale (see SCALE, 1). 

scale down In computer operations, to adjust a 
group of quantities according to a fixed factor so 
that it can be accommodated by hardware or 
software. 
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scale expansion Spreading out the divisions in 
part of a scale (see SCALE, 1). 

scale factor 1. A figure by which the readings from 
a particular scale must be multiplied or divided to 
give the true values of measured quantities. 2. A 
figure via which values in one system of notation 
are converted to those in another system. 3. In 
scaling down (see SCALE DOWN), the factor by 
which a group of quantities is adjusted. 4. The 
ratio of output frequency to input voltage for a 
voltage-to-frequency converter. 

scale-factor adjustment In some meters, an ad- 
justment that allows full-scale deflection to be set 
at any desired value (within certain limits) of ap- 
plied-signal amplitude. 

scale-factor error The absolute value of the differ- 
ence between the actual scale factor and the ideal 
scale factor for a multiplier circuit. 

scale-factor tolerance The extent to which a mea- 
sured value for the scale factor differs from the 
computed value. It is generally given as a per- 
centage. 

scale length The end-to-end dimension of a scale 
(see SCALE, 1), in inches, centimeters, geometric 
degrees, or number of divisions. 

scale multiplier See SCALE FACTOR, 1. 

scale-of-two counter A circuit that delivers one 
output pulse for two successive input pulses. 

scale-of-10 counter A circuit that delivers one 
output pulse for 10 successive input pulses. 

scale-of-ten scaler See SCALE-OF-10 COUNTER. 

scaler A circuit or device for extending the fre- 
quency range of another device (e.g., a circuit that 
extends the range of a 1-MHz counter to 100 
MHZ). 

scale range The difference between the lowest and 
highest values on a scale. 

scale span See SCALE RANGE. 

scaling The fact, and the implications of the fact, 
that the mechanical strength of a structure in- 
creases in proportion to the square of linear di- 
mension while the weight increases, according to 
the cube of linear dimension. Thus, weight in- 
creases more rapidly than strength as a struc- 
ture, composed of a given material, is made 
larger. It is important in the design of large an- 
tennas and support structures. 

scaling adder An inverting OPERATIONAL AMPLI- 
FIER used to weight and sum multiple voltages. 

scaling circuit A circuit, such as one or more flip- 
flops, that will deliver one output pulse after a 
predetermined number of input pulses have been 
received; therefore, it will provide pulse or fre- 
quency division. See, for example, SCALE-OF- 
TWO COUNTER. 

scaling factor For a scaler, the number of input 
pulses required for one output pulse. 

scaling ratio See SCALING FACTOR. 

scan 1. To traverse a range, field, or dimension. 
2. The amount of traversal in 1. 3. See SWEEP. 
4. To sample or reproduce an image in a single-line 
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element, as in facsimile or television. 5. A single 
line resulting from 4. 6. In information retrieval 
operations, to inspect each record in a file or con- 
stituent of a list. 7. To check communications or 
data channels for availability. 

scan conversion In television reception, the scan- 
ning of each line twice to convert a conventional 
image into one that can be displayed on a high- 
definition picture tube. 

scan-converter tube A face-to-face assembly of a 
cathode-ray tube and a vidicon in one envelope. 

scandium Symbol, Sc. A metallic element. Atomic 
number, 21. Atomic weight, 44.956. 

scan frequency See SCANNING FREQUENCY. 

scanner A device, especially a radio receiver, 
equipped with a circuit that searches communi- 
cations or data channels for signals. 

scanner amplifier An amplifier for boosting a 
scanning signal. Also see SCAN, 1, 3, 4. 

scanning 1. In a cathode-ray tube or camera tube, 
the synchronized movement of the electron beam 
(or other marker) from right to left and/or from 
top to bottom. 2. The intermittent, but repetitive, 
monitoring of two or more communications chan- 
nels in rotating sequence. 3. The movement of a 
radar beam for the purpose of obtaining coverage 
over a specified area. 

scanning antenna A transmitting or receiving an- 
tenna (such as a rotating one) that covers a gen- 
erally circular region. 

scanning beam The deflected electron beam in a 
cathode-ray tube. Also see SCAN, 1, 2, 3, 4, 5. 

scanning circuit A circuit for producing a scan 
(see SCAN, 2, 4). 

scanning frequency The number of scans per unit 
time, usually expressed in lines, sweeps, or chan- 
nels per second or per minute. Also called SCAN- 
NING RATE. 

scanning line A single line sampled or produced 
by a scanning process, as in facsimile, television, 
and graphic recording. 

scanning line frequency See SCANNING FRE- 
QUENCY. 

scanning linearity Uniformity of scanning rate. In 
a linear scan, for example, scan speed is the same 
at all points along a line. 

scanning loss The effective reduction in radar sen- 
sitivity that occurs as the beam scans a given 
area, rather than remaining in a fixed orientation. 

scanning rate See SCANNING FREQUENCY. 

scanning receiver A receiver whose tuning is au- 
tomatically and continuously swept through a 
frequency band to detect all signals in the band. 

scanning sonar A form of distance-measuring or 
depth-finding sonar, in which the receiving trans- 
ducer scans to find the direction of the echo or 
echoes. 

scanning speed The rate at which a line, region, or 
quantity is scanned or at which samples are 
taken. 

scanning yoke See YOKE, 2. 
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scan rate 1. The rate at which a controlled quan- 
tity is checked periodically by a control computer. 
2. See SCANNING FREQUENCY. 

scan tuning Repetitive, automatic sweeping of a 
frequency band by a tuned circuit containing a 
varactor, whose capacitance is periodically varied 
by a sawtooth voltage. 

SCARA Abbreviation of SELECTIVE COMPLIANCE 
ASSEMBLY ROBOT ARM. 

SCA subcarrier An auxiliary carrier (commonly 
67 kHz) superimposed on a main frequency- 
modulated carrier to convey subsidiary communica- 
tions, such as music without commercials. Also see 
SUBSIDIARY COMMUNICATION AUTHORIZATION. 

scatter To disperse or diffuse transmitted electro- 
magnetic radiation. 

scattering 1. The tendency of a concentrated beam 
of energy to be spread out when it passes through 
a given medium or substance. 2. The spreading 
out of radio waves as they pass through the iono- 
sphere or troposphere. 


Transmitting 
station 


scattering | 


scatter read In data processing, to distribute data 
from an input record to several storage areas. 

scatter transmission See BACK SCATTER and 
FORWARD SCATTER. 

Sc band A section of the S BAND extending from 
2000 to 2400 MHz. 

scc Abbreviation of SINGLE-COTTON-COVERED 
(WIRE). 

SCDSB Abbreviation of SUPPRESSED CARRIER 
DOUBLE-SIDEBAND (see DOUBLE-SIDEBAND 
SUPPRESSED CARRIER). 

SCE Abbreviation of saturated calomel electrode. 

sce Abbreviation of SINGLE-COTTON-ENAMELED 
(WIRE). 

SCEPTRON Acronym for SPECTRAL COMPARA- 
TIVE PATTERN RECOGNIZER. 

schedule In computer operations, to establish the 
order of importance of jobs to be run, and assign 
the necessary resources for those jobs. 

schedule method A method of waveform analysis 
involving the evaluation of instantaneous ampli- 
tudes at numerous points in time. The values are 
obtained at specific intervals from the image of 
one complete wave cycle, as displayed on an os- 
cilloscope or plotted on a graph. 
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schematic diagram An electronic circuit diagram. 
Also called WIRING DIAGRAM and schematic. 

schematic symbol A graphic symbol used to rep- 
resent electronic components in a circuit dia- 
gram. 

Schering bridge A four-arm capacitance bridge in 
which the unknown capacitance is compared 
with a standard capacitance. This bridge is fre- 
quently used in testing electrolytic capacitors, to 
which a direct-current polarizing voltage is ap- 
plied during the measurement. 


Cx Rx=R¡(C¡/C5) 


Rx balance 


x 
balance 


Schering bridge 


Schmidt optical system In projection television, a 
lens system used between the bright-image pic- 
ture tube and the screen. 

Schmitt limiter See SCHMITT TRIGGER. 

Schmitt trigger A multivibrator that produces 
uniform-amplitude output pulses from a vari- 
able-amplitude input signal. This circuit has 
many applications, one being the conversion of a 
sine wave into a square wave. 

Schottky diode A solid-state diode in which a 
metal and a semiconductor form the pn junction. 
Electrons injected into the metal have a higher 
energy level than the charge carriers in a semi- 
conductor, and energy storage at the junction is 
low because current flow is not accompanied by 
hole movement. Also known as HOT-CARRIER 
DIODE. 

Schottky logic A form of integrated-injection logic 
with enhanced operating speed. 

Schottky noise The random noise resulting from 
the emission of charged particles, usually elec- 
trons or holes, from an electrode in an amplifying 
device. This noise is usually of a wideband na- 
ture. 

scientific language Any computer programming 
language used primarily for mathematical or sci- 
entific applications. 

scientific notation The expression of very large 
and very small numbers as a fixed-point part 
(mantissa) and a power of the radix (usually 10). 
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Generally, the mantissa is greater than or 
equal to 1, but less than 10; the power of 10 is ad- 
justed accordingly. Thus, for example, 203,700 = 
2.037 x 10°; 0.000533 = 5.33 x 10%. See also 
SIGNIFICANT FIGURES. 

scintillating crystal A crystal, such as one of 
sodium iodide, that sparkles or flashes when ex- 
posed to radioactive particles or rays. 

scintillation 1. In radar operations, the apparent 
rapid displacement of a target from its mean po- 
sition. 2. A momentary flash of light produced in 
a phosphor or scintillating crystal when a high- 
velocity particle strikes it. 3. A small fluctuation 
in radio field intensity at a receiving point. 

scintillation counter A radiation counter consist- 
ing essentially of a scintillating crystal in combi- 
nation with a photomultiplier tube. Flashes from 
the excited crystal cause the tube to deliver out- 
put pulses that are totaled and indicated. 

scintillator material A substance, such as crys- 
talline sodium iodide, that scintillates under cer- 
tain stimuli. 

scissoring A method of interrupting the electron 
beam in a cathode-ray tube when the beam 
would not land on the phosphor screen. 

SCLC Abbreviation of SPACE-CHARGE-LIMITED 
CURRENT. 

sco Abbreviation of SUBCARRIER OSCILLATOR. 

scope Colloquialism for OSCILLOSCOPE. 

Scott oscillator See PARALLEL-TEE OSCILLA- 
TOR. 

scp Abbreviation of SPHERICAL CANDLEPOWER. 

SCR Abbreviation of SILICON-CONTROLLED REC- 
TIFIER. 

scrambled signal Any signal in which (for secrecy 
or exclusivity) the elements are disarranged ac- 
cording to an encryption algorithm. Thus, intelli- 
gent reception is possible only if the signal is 
processed via a suitable decryption algorithm. 
Example: SCRAMBLED SPEECH. 

scrambled speech Voice transmission in which 
the frequencies have been inverted to prevent 
eavesdropping. It is automatically unscrambled 
(by reinversion) at the receiver to restore intelligi- 
bility. 

scrambler circuit A circuit containing filters and 
frequency inverters for scrambling speech. 

scratch filter An audio-frequency low-pass filter 
that suppresses high-frequency noise caused by 
friction between a phonograph disc and the needle. 


Input 


Output 


scratch filter 
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scratchpad memory In computers, a low-capacity 
memory that stores an intermediate result of a 
calculation. 

scratch tape Magnetic data tape that can be over- 
written for any purpose. 

screen 1. See SCREEN GRID. 2. See SHIELD. 
3. The front surface of a cathode-ray tube. 4. The 
surface of a computer or terminal display. 

screen angle In radar, the angular difference be- 
tween the actual horizon and the plane perpen- 
dicular to the line connecting the radar set with 
the center of the earth. 

screen current Symbol, Is or Ise. The current flow- 
ing in the screen circuit of an electron tube. 

screen grid In a vacuum tube, a grid element be- 
tween the control grid and plate. It reduces the 
internal grid-plate capacitance, and consequently 
prevents self-oscillation when the tube is used in 
a straight-through amplifier. 

screen-grid neutralization Neutralization of an 
amplifier that uses a tetrode vacuum tube. Such 
circuits require smaller neutralizing capacitances 
than those used in triode amplifiers because 
of the lower interelectrode capacitance of the 
screen-grid tube. 

screen illumination Edge lighting of the transpar- 
ent screen of an oscilloscope, to make the lines of 
the graticule more clearly visible. 

screen material See PHOSPHOR. 

screen resistance Symbol, Rs or Rsg. The internal 
resistance presented by the screen-grid/cathode 
path of an electron tube. 

screen room See CAGE. 

screen voltage Symbol, Es or Egg. The voltage at 
the screen grid of an electron tube. 

scribing The etching of a semiconductor wafer to 
facilitate breaking the wafer into smaller pieces. 

ScriptX A high-level programming language used 
in the writing of software for personal comput- 
ers—especially in multimedia. Developed by 
Kaleida Laboratories. 

SCS Abbreviation of 
SWITCH. 

SCT Abbreviation of SURFACE-CHARGE TRAN- 
SISTOR. 

S curve 1. The voltage-versus-current curve for a 
negative-resistance device. Compare N CURVE. 
2. The response curve for a frequency-modula- 
tion discriminator or ratio detector. 

SD Abbreviation of STANDARD DEVIATION. 

Sp band A section of the S BAND extending from 
4200 to 5200 MHz. 

SDF Abbreviation of static direction finder. 

SDR See SOFTWARE-DEFINED RADIO. 

Se Symbol for SELENIUM. 

seaborgium Symbol, Sg. Also called unnilhexium 
(Unh). Atomic number, 106. The most common 
isotope has atomic weight 263. Classified as a 
transition metal. It has a half-life on the order of 
1 second or less, is human-made, and is not 
known to occur in nature. 


SILICON-CONTROLLED 
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sea clutter Collectively, the radar echoes that the 
sea reflects. 

seal 1. The point at which a lead or electrode en- 
ters or leaves and is secured to an envelope, case, 
or housing. Such a point is often tightly closed 
against the passage of air in or out of the enve- 
lope. 2. To close off a circuit or component from 
tampering. 

sealed dry battery A set of electrochemical dry 
cells that can be installed without concern for ori- 
entation or position. Example: 9-volt “transistor 
battery.” 

sealed meter 1. A meter that is tightly closed 
against the entry of moisture and foreign materi- 
als. 2. A meter that is locked or otherwise pro- 
tected against tampering. 

sealing compound A substance (such as wax, 
pitch, or plastic) used to enclose and protect elec- 
tronic devices. 

search 1. To scan or sweep through a range of 
quantities or through a region of interest. 2. To 
examine (usually in some prescribed order) items 
of information in a computer memory to find 
those satisfying a given criterion. 

search coil An inductive probe (exploring coil) 
used to sample magnetic fields. 

search oscillator A variable-frequency oscillator 
used to locate and identify signals by the hetero- 
dyne method. 

search probe 1. See SEARCH COIL. 2. A capacitive 
probe used to sample electric fields. 

search radar A radar that displays a target almost 
immediately after that target enters a scanned 
area. 

search time The time needed to test items during 
a search (see SEARCH, 2). 

sea return See SEA CLUTTER. 

seasonal effects In ionospheric propagation, the 
changes produced as a result of the revolution of 
the earth around the sun. The path of the sun 
across the sky, and the length of the day, are pri- 
marily responsible for such effects. 

seasonal static Atmospheric electrical interfer- 
ence, most prevalent during the summer. 

Sz band A section of the S BAND extending from 
1550 to 1650 MHz. 

sec 1. Abbreviation of SECOND. 2. Abbreviation of 
SECTION. (Also, sect.) 3. Abbreviation of SEC- 
ONDARY. 4. Abbreviation of SECANT. 

secant Abbreviation, sec. The trigonometric func- 
tion representing the ratio of the hypotenuse of a 
right triangle to the adjacent side (c/b). The secant 
is the reciprocal of the cosine; sec x = 1/cos x. 

second 1. Abbreviation, s and sec. A unit of time. 
The mean solar second is 1/86,400 of a mean so- 
lar day, and is 1/60 minute or 1/3600 hour. 
2. Symbol ("). A unit of arc measure. 1" = 1/3600 
geometric degree. 

secondaries See SECONDARY COLORS. 

secondary 1. See SECONDARY WINDING. 2. See 
SECONDARY STANDARD. 
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secondary battery See STORAGE BATTERY. 

secondary calibration The calibration of an in- 
strument, based on a reference instrument cali- 
brated against an absolute source. 

secondary capacitance 1. The distributed capaci- 
tance of the secondary winding of a transformer 
whose primary winding is unloaded. Compare 
PRIMARY CAPACITANCE, 1. 2. A series or shunt 
capacitance used to tune the secondary coil of a 
radio-frequency transformer. Compare PRIMARY 
CAPACITANCE, 2. 


To next 
\ IF amp. 


Secondary 
capacitance 


From 
IF amp. 


secondary capacitance, 2 


secondary cell See STORAGE CELL. 

secondary circuit 1. The circuit associated with 
the secondary winding of a transformer. 2. See 
OUTPUT CIRCUIT. 

secondary coil See SECONDARY WINDING. 

secondary color 1. A color prepared by mixing two 
primary colors. 2. In television operations, any 
displayed color composed of two or more color 
primaries. 

secondary current The current flowing in the sec- 
ondary winding of a transformer. Also called 
TRANSFORMER OUTPUT CURRENT. Compare 
PRIMARY CURRENT. 

secondary electron 1. The electron possessing the 
lesser energy after a collision between two elec- 
trons. Compare PRIMARY ELECTRON. 2. An 
electron ejected by secondary emission. 

secondary emission The action whereby electrons 
in the atoms at the surface of a target are ejected 
as a result of bombardment by a beam of (pri- 
mary) electrons. Thus, in an electron tube, elec- 
trons from the cathode strike the plate with a 
force that drives secondary electrons out of the 
plate, into the surrounding space. 

secondary emitter A source of secondary elec- 
trons (e.g., the plate of an electron tube or a dyn- 
ode in a photomultiplier tube). 

secondary failure The failure of a component or 
circuit, resulting from the failure of some other 
component. For example, the pass transistor in a 
power supply might burn out, causing the output 
voltage to increase; this increased voltage can 
damage equipment connected to the supply. 

secondary frequency standard A device for gener- 
ating signals of accurate frequency, but that does 
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not possess the very high stability and extreme 
accuracy of a primary frequency standard. The 
secondary standard is periodically checked 
against a PRIMARY FREQUENCY STANDARD 
and appropriately corrected. 

secondary impedance 1. The impedance of the 
secondary winding of a transformer whose pri- 
mary winding is unloaded. Compare PRIMARY 
IMPEDANCE, 1. 2. An external impedance pre- 
sented to the secondary winding of a transformer. 
Compare PRIMARY IMPEDANCE, 2. 

secondary inductance The inductance of the sec- 
ondary winding of a transformer whose primary 
winding is unloaded. Compare PRIMARY INDUC- 
TANCE. 

secondary kVA The kilovolt-amperes in the sec- 
ondary circuit of an operating transformer. Com- 
pare PRIMARY KVA. 

secondary power The power in the secondary cir- 
cuit of a transformer. Also see SECONDARY KVA 
and SECONDARY VA. Compare PRIMARY POWER. 

secondary radiation 1. The (Sometimes random) 
reradiation of electromagnetic waves, as from a 
receiving antenna. 2. Rays emitted by atoms or 
molecules when the latter are struck by other ra- 
diation. 

secondary rays Rays emitted by atoms or mol- 
ecules that have been bombarded by other rays of 
the same general nature. Examples: secondary X 
rays and secondary beta rays. 

secondary resistance The direct-current resis- 
tance of the secondary winding of a transformer. 
Compare PRIMARY RESISTANCE. 

secondary standard An accurate source of a 
quantity (capacitance, frequency, inductance, re- 
sistance, etc.), that is referred periodically to a 
primary standard for correction. 

secondary storage In computer and data-process- 
ing operations, storage that is auxiliary to the 
main storage. Also called backing storage. 

secondary turns The number of turns in the sec- 
ondary winding of a transformer. Compare PRI- 
MARY TURNS. 

secondary utilization factor For a transformer in 
a rectifier circuit, the utility factor of the sec- 
ondary winding (ratio of direct-current power out- 
put to secondary volt-amperes). 

secondary VA The volt-amperes in the secondary 
circuit of a transformer. Compare PRIMARY VA. 

secondary voltage The voltage across the sec- 
ondary winding of a transformer. Also called 
TRANSFORMER OUTPUT VOLTAGE. Compare 
PRIMARY VOLTAGE. 

secondary winding The normal output winding of 
a transformer. Also called SECONDARY COIL. 
Compare PRIMARY WINDING. 

second breakdown In a large-area power transis- 
tor, a destructive breakdown caused by thermal 
runaway. 

second-breakdown voltage The collector voltage at 
which second breakdown occurs in a transistor. 


second-channel attenuation See SELECTANCE, 2. 

second-channel interference In a given channel, 
interference arising from authorized signals two 
channels removed. 

second detector In a superheterodyne receiver, 
the intermediate-frequency detector. Compare 
FIRST DETECTOR. 

second-level address In a computer program in- 
struction, an address giving the location of the 
address of a required operand. Also called indirect 
address. 

sect Abbreviation of SECTION. (Also, sec.) 

section 1. A subcircuit or stage of a larger circuit 
(e.g., the oscillator section of a receiver). 2. The 
smaller unit described in 1, when self-contained 
and operated independently (e.g., filter section). 
3. See PROGRAM SEGMENT. 

sectionalized antenna A set of collinear radiating 
elements, placed end-to-end with reactances be- 
tween them, for the purpose of modifying the ra- 
diation pattern. 

sectionalized winding 1. A method of winding a 
coil in complete, multilayer sections that are 
stacked side by side or top to bottom, a technique 
that reduces distributed capacitance. 2. A coil 
wound, as defined in 1. 

sector On a magnetic disk, a specific portion of a 
track. 

sectoral horn antenna An (usually sheetmetal) 
antenna with the shape of a horn of rectangular 
cross section. It is flared in one dimension only. 


To 
waveguide 


Maximum 
radiation/response 


Flared 
a 


dimension 


sectoral horn antenna 


sector display Ina radar, a display that allows the 
continuous observation of a portion of the 
scanned area. 

secular equilibrium The state in which a radioac- 
tive substance changing into another substance 
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is decaying as fast as the second substance is be- 
ing formed. 

secular variation A slow change in the intensity of 
the terrestrial magnetic field. 

secure mode Ina security system, the condition of 
being fully activated. 

securite In radiotelephony, a spoken word (pro- 
nounced say-kyoor-ee-tay) identifying a trans- 
mission concerning safety. Equivalent to TT in 
radiotelegraphy. 

security code 1.A set of alphanumeric characters 
(letters and/or numbers) or switch settings that 
activates or deactivates a security system. 2. See 
PASSWORD. 

security robot In a smart home, a robot that as- 
sists in protection of a home or business, and its 
occupants, from intrusion, burglary, or attack. If 
an intruder enters the property, the security 
robot might drive the offender away or detain the 
offender until police arrive. The robot might em- 
ploy iris-print detection or facial feature detection 
to identify an intruder from a distance. The robot 
would be linked to the home computer via a 
broad-bandwidth, high-speed wireless system. 
Compare SENTRY ROBOT. Also see SMART 
HOME OR BUSINESS. 

security system A set of electronic (and some- 
times also electromechanical) devices designed to 
do one or more of the following: restrict access to 
a premises or computer system, detect abnormal 
conditions, detect unauthorized entry, alert hu- 
man operators of abnormal conditions, alert own- 
ers and/or authorities of unauthorized entry toa 
premises, and (in some cases) provide physical 
protection of property. 

Seebeck effect The development of an electromo- 
tive force in a junction of two dissimilar metals 
(a thermocouple) when the temperature of the 
junction is different from that of the rest of the 
metal. 

Seebeck emf The electromotive force resulting 
from the Seebeck effect. 

seed crystal A small single crystal from which a 
larger single crystal (e.g., germanium or silicon) is 
grown. Also see CZOCHRALSKI METHOD. 

seeing-eye robot A robot that serves in the capac- 
ity of a seeing-eye dog, to help visually impaired 
people in their daily activities. 

seek See SEARCH. 

seek area An area of direct-access storage to which 
are assigned specific records and from which the 
records can be accessed quickly. 

segment 1. The portion of a line or curve lying be- 
tween two points. 2. See PROGRAM SEGMENT. 

segmental meter An expanded-scale meter (see 
SCALE EXPANSION). 

segmented encoding law An approximation of a 
smooth encoding law, done by means of linear 
partitions or segments. The greater the number of 
segments, the more accurate the approximation. 

segmenting See PARTITIONING. 
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segment mark A character indicating the division 
between tape file sections. 

segue (Pronounced SEG-way.) A smooth transition 
from one sound or channel to another (e.g., be- 
tween musical selections in a radio broadcast). 
The first selection decreases in volume as the sec- 
ond selection increases. There is some overlap. 

Seignette salt See ROCHELLE SALT. 

seismic detector A vibration sensor used in some 
types of intrusion-detection systems. 

seismogram A record produced by a SEISMO- 
GRAPH. 

seismograph An instrument for detecting and 
recording earth tremors. Indicates the direction, 
magnitude, and time of a quake. 

seismometer See SEISMOGRAPH. 

seismoscope An instrument that shows the occur- 
rence and time of an earthquake. Compare SEIS- 
MOGRAPH. 

select To accept or separate a unit, quantity, or 
course of action from all those available (in a 
group, mixture, or series). 

selectance 1. For a resonant circuit, the ratio 
Er/Ex, where Er is the voltage at resonance, and 
Ex is the voltage at a specified nonresonant fre- 
quency. 2. For a receiver, the figure S2/S1, where 
S1 is the sensitivity of the receiver in a given fre- 
quency channel, and S2 is the sensitivity in an- 
other specified channel. 

selected mode In an encoder, a mode in which one 
output is read and the others are ignored. 

selective Pertaining to a device or system, such as 
a radio receiver, with a high degree of SELECTIV- 
ITY. 

selective absorption The attenuation or absorp- 
tion of some frequencies or bands of frequencies, 
with little or no attenuation at other frequencies 
or bands of frequencies. 

selective amplifier An amplifier that can be 
tuned, with the desired degree of sharpness, to a 
single frequency or band of frequencies. Radio- 
frequency amplifiers are generally tuned by 
means of inductance-capacitance (LC) circuits; 
audio-frequency amplifiers are usually tuned by 
means of resistance-capacitance (RC) circuits. 

selective calling The calling, alerting, or alarming 
of a desired station without interfering with other 
stations. 

selective compliance assembly robot arm Abbre- 
viation, SCARA. An electromechanical device de- 
signed especially for use in assembly lines. It 
uses cylindrical coordinate geometry to allow pre- 
cise, programmable movements in three dimen- 
sions. 

selective dump In computer operations, a dump 
(see DUMP) affecting a small, specific memory 
area. 

selective fading Fading caused by propagation 
conditions, whose effects differ at slightly differ- 
ent frequencies. In an amplitude-modulated sig- 
nal, this effect causes the sidebands and carrier 
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to arrive in various phase relationships, with re- 
sulting distortion in the received signal. 

selective interference Interference confined to a 
narrow band of frequencies. 

selective polarization See POLARIZATION SE- 
LECTIVITY. 

selective reflection In the reflection of electrons 
directed into a crystal by means of an electron 
gun, the tendency of the electrons to be reflected 
more readily when they strike the crystal at cer- 
tain speeds. 

selective relay 1. A relay or relay circuit tuned to 
open or close at one signal frequency. 2. A relay 
or relay circuit adjusted to open or close at one 
value of current or voltage. 

selective trace In computer operations, a diagnos- 
tic program used to analyze certain areas of 
memory or specific kinds of program instruc- 
tions, for debugging purposes. 

selectivity 1. The ability of a circuit or device to 
pass signals of one frequency and reject signals 
at other frequencies. 2. The degree to which a cir- 
cuit or device passes signals of one frequency and 
rejects signals at other frequencies. 

selectivity control In some equipment (such as 
receivers, crystal filters, wave analyzers, and vi- 
bration meters) an adjustment that permits vari- 
ation of selectivity. 

Selectoject A fully electronic, continuously tun- 
able, notcher-peaker that is resistance-capaci- 
tance tuned. The name is an acronym for select or 
reject. 

selector 1. A channel switch in a radio or televi- 
sion receiver. 2. See SELECTOR SWITCH. 

selector channel In data-processing and com- 
puter systems, a data transmission channel con- 
trolling the information flow between peripherals 
and a central processing unit. 

selector pulse In digital communications, an iden- 
tifying pulse that represents a certain group of 
bits or data. 

selector relay A device, such as a stepping switch, 
that actuates one of a number of available cir- 
cuits on receipt of a predetermined number of 
pulses. 

selector switch A (usually rotary) multiposition 
switch that allows an operator to select from 
among several options (such as frequency chan- 
nels, frequency bands, or selective filters). 

selenium Symbol, Se. A nonmetallic element. 
Atomic number, 34. Atomic weight, 78.96. It is 
used in the manufacture of some diodes, recti- 
fiers, and photocells. 

selenium cell A photoelectric cell that uses spe- 
cially processed selenium as the light-sensitive 
material. It can be operated as a photoconductive 
cell or a photovoltaic cell. 

selenium diode A junction diode in which the 
semiconductor material is specially processed se- 
lenium. Also see JUNCTION DIODE. 

selenium photocell See SELENIUM CELL. 
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selenium rectifier A disk- or plate-type power rec- 
tifier utilizing the junction between selenium and 
aluminum or selenium and iron. 

self-bias For a transistor or vacuum tube, input- 
electrode bias voltage resulting from the flow of 
output-electrode current through a resistor com- 
mon to both circuits. Also called AUTOMATIC 
BIAS. 


== 


self-bias 


self-capacitance The inherent internal capaci- 
tance of a device other than a capacitor. 

self-checking number A number whose digits 
have a value that determines the check digit at- 
tached to it; thus, it can be verified following its 
transfer between storage locations or peripherals. 

self-cleaning contacts Switch or relay contacts 
that clean themselves automatically by means of 
wiping action. 

self-contained device A device containing all 
parts and sections (e.g., main circuit, power sup- 
ply, meter, loudspeaker, etc.) needed for full oper- 
ation (i.e., no auxiliary equipment is needed). 

self-controlled oscillator See SELF-EXCITED OS- 
CILLATOR. 

self discharge The tendency of an electrochemical 
cell or battery to gradually lose stored energy 
when not in use. 

self-discharge rate A quantitative expression of 
the speed with which SELF DISCHARGE occurs 
in an electrochemical cell or battery when it is 
stored without being used. 

self-energy Symbol, E. The energy mc’, in joules, 
of a particle traveling at the speed of light c 
(2.9979 x 108 meters per second) and whose 
mass is m kilograms. 

self erasing In a magnetic tape, the unwanted 
erasing of data near a highly magnetized region. 

self-excited generator An  alternating-current 
generator in which the field coils are supplied 
with direct current produced by the machine it- 
self. Compare SEPARATELY EXCITED GENERA- 
TOR. 

self-excited oscillator An oscillator consisting of 
an amplifier that supplies its own input signal 
through positive feedback, and whose oscillation 
frequency depends entirely on circuit constants, 
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such as the capacitance and inductance in a tank 
circuit. Compare CRYSTAL OSCILLATOR, FORK 
OSCILLATOR, HUMMER, and MAGNETOSTRIC- 
TION OSCILLATOR. 


Output 


+ 


self-excited oscillator 


self-focus picture tube A television picture tube in 
which the electron gun has an automatic, electro- 
static focusing arrangement. 

self-generating photocell See PHOTOVOLTAIC 
CELL. 

self-generating transducer A voltage-producing 
transducer, such as a piezoelectric pickup or dy- 
namic microphone. 

self-healing capacitor A capacitor, such as a wet 
electrolytic unit, in which the dielectric is re- 
stored to its normal condition after a high-voltage 
breakdown. 

self-heated thermocouple A thermocouple in 
which the passage of an applied current produces 
the heat necessary for the activation of the ther- 
mocouple. 

self-heating thermistor A thermistor heated to 
above ambient temperature by the current pass- 
ing through it. Also called DIRECTLY HEATED 
THERMISTOR. Compare INDIRECTLY HEATED 
THERMISTOR. 

self impedance The effective or measured im- 
pedance at a circuit point. 

self-inductance 1. The inductance of an inductor. 
2. The inherent internal inductance of a device 
other than an inductor. 

self-induction Induction that occurs in a single 
circuit. An instance is the generation of an op- 
posing voltage across a coil by an alternating cur- 
rent flowing through it. Compare INDUCTION. 
Also see INDUCTANCE. 

self-latching relay A relay that remains in the 
state that it has been switched (i.e., locked open 
or closed) until a subsequent signal is received. 

self-modulated oscillator A circuit, such as a 
blocking oscillator, in which oscillation occurs 
simultaneously at two frequencies, one modulat- 
ing the other. 


self-organizing Pertaining to a computer or sys- 
tem that can change the arrangement of data files 
for particular purposes. 

self-powered device A device that requires no ex- 
ternal source of power (i.e., it is equipped with a 
self-contained battery or a generator). 

self-pulsing blocking oscillator A blocking oscil- 
lator that produces a train of radio-frequency 
pulses. Compare SINGLE-SWING BLOCKING OS- 
CILLATOR. 

self-quenching detector A super-regenerative de- 
tector (see SUPER-REGENERATIVE CIRCUIT) in 
which the low-frequency quenching voltage is 
supplied by the regenerative detector itself. Also 
see QUENCHING ACTION and QUENCH OSCIL- 
LATOR. Compare SEPARATELY QUENCHED DE- 
TECTOR. 

self-quenching oscillator A circuit, such as a 
blocking oscillator, in which oscillation is period- 
ically switched off automatically, resulting in a 
self-interrupted wave train. 

self-rectifying vibrator A vibrator-type power 
supply in which one vibrator reed chops the di- 
rect-current input to the primary winding of the 
transformer, and a second vibrator reed rectifies 
the alternating-current output delivered by the 
secondary winding. Also see VIBRATOR RECTI- 
FIER. 

self-rectifying X-ray tube An X-ray tube operated 
with alternating-current anode voltage. 

self-regulation The ability of a circuit or device to 
control its output automatically, according to 
some predetermined plan, by using output error 
to correct operation or to vary the input. 

self reset 1. The action of a circuit breaker to reap- 
ply power after a certain elapsed time. 2. The ac- 
tion of any device, returning a circuit or system to 
normal automatically. 

self-resetting loop In a computer program, a loop 
in which instructions cause locations used in the 
loop to assume their condition prior to the loop’s 
execution. 

self-resistance The inherent internal resistance of 
a device other than a resistor. 

self-resonant frequency The frequency at which a 
device will resonate naturally (without external 
tuning). Thus, an inductor will self-resonate with 
its distributed capacitance; similarly, a capacitor 
will resonate with its stray inductance. 

self-saturation In a magnetic amplifier, saturation 
resulting from rectification of the saturable- 
reactor output current. 

self-starting motor An alternating-current motor 
that starts running as soon as voltage is applied 
(i.e., no external mechanical force is needed). Also 
see SHADING COIL. 

self-sustained oscillations Oscillations main- 
tained by means of positive feedback (inductive 
or capacitive) from the output to the input 
of a circuit. See, for example, SELF-EXCITED 
OSCILLATOR. 
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self-test Any arrangement whereby a device or 
system determines, without the aid of an external 
operator, whether or not it is operating correctly. 

self-ventilated motor See OPEN MOTOR. 

self-wiping contacts See SELF-CLEANING CON- 
TACTS. 

selsyn See AUTOSYN and SYNCHRO. 

SEM 1. Abbreviation of SINGLE-ELECTRON MEM- 
ORY. 2. Abbreviation of SCANNING ELECTRON 
MICROSCOPE. 

semantic network A reasoning scheme sometimes 
used in artificial intelligence. Logical state-ments 
or sentences are broken down into nodes (gener- 
ally nouns) and relationships (generally verbs 
and modifiers). This allows statements to be 
mapped in a way that is easy for computers to 
store and modify. 

semiautomatic key Also called bug. A telegraph 
key that mechanically produces a string of 
Morse-code dots (short pulses) when its lever is 
pressed to one side (usually toward the right), 
and continuous circuit closure when the lever is 
pressed to the opposite side (usually toward the 
left). Dashes are manually sent by the operator. 

semiconductor A material whose natural resistiv- 
ity lies between that of conductors and insulators 
(e.g., GERMANIUM, SILICON, SELENIUM, and 
GALLIUM ARSENIDE). 

semiconductor capacitor A miniaturized com- 
ponent that takes advantage of reverse biasing 
in a semiconductor P-N junction. When a volt- 
age source is connected across a diode so that it 
does not conduct, the diode acts as a capacitor. 
The capacitance varies depending on how much 
reverse voltage is applied to the diode. The 
greater the reverse voltage, the smaller the ca- 
pacitance. Some diodes are especially manufac- 
tured to serve this function. This phenomenon 
can be useful in the fabrication of integrated cir- 
cuits (ICs). See also INTEGRATED CIRCUIT, 
VARACTOR. 

semiconductor counter A device for measuring 
the intensity of ionizing radiation (such as alpha 
particles, beta particles, or gamma rays) using a 
photodiode and sensing circuit. 

semiconductor device A component (such as a 
diode, photocell, rectifier, or transistor) that ex- 
ploits the properties of a semiconductor. 

semiconductor diode A solid-state diode, as op- 
posed to a vacuum-tube diode or gas-tube diode. 
Examples: germanium diode, selenium diode, and 
silicon diode. 

semiconductor junction Within a body of semi- 
conductor material, the area of physical contact 
between two regions (usually n and p) having op- 
posite electrical properties. 

semiconductor laser See LASER DIODE. 

semiconductor material See SEMICONDUCTOR. 

semiconductor-metal junction The area of 
physical contact between a metal and a semi- 
conductor. 
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semiconductor photosensor A semiconductor 
photodiode or phototransistor, as opposed to a 
phototube. 

semiconductor rectifier A heavy-duty semicon- 
ductor diode (or assembly of such diodes) de- 
signed primarily to change alternating current to 
direct current in power-supply units. Rectifiers 
commonly are made from copper oxide, germa- 
nium, magnesium-copper sulfide, selenium, or 
silicon. Also see JUNCTION DIODE and METER 
RECTIFIER. 

semiconductor resistor A tiny resistor manufac- 
tured from semiconductor material, especially one 
that is etched onto the chip of an integrated circuit 
(IC). The thickness, and the types and concentra- 
tions of impurities added, determine the resis- 
tance of the component. Such resistors can handle 
only a tiny amount of power because of their small 
size. But because IC circuits are designed to con- 
sume minimal power, this is not a problem. The 
small signals produced by ICs can be amplified, 
using circuits made from discrete components, if it 
is necessary to obtain higher signal power. See 
also INTEGRATED CIRCUIT. 

semidirectional Pertaining to a transducer that 
exhibits different directional characteristics at 
different frequencies. 

semiduplex operation A two-frequency communi- 
cation system that operates in duplex at one end 
of the link, and in simplex at the other end. Also 
see DUPLEX OPERATION and SIMPLEX TELEG- 
RAPHY. 

semilogarithmic graph Also called semilog graph. 
A graph in which one axis is logarithmic and the 
other axis is linear. 
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semimetal An elemental substance that exhibits 
some, but not all, of the properties of a metal (e.g., 
antimony and arsenic). Also called METALLOID. 

semiresonant line An open-wire transmission line 
cut approximately to resonant length at the fre- 
quency of operation. 
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semitone See HALF STEP. 

sender See TRANSMITTER, 1, 3. 

sending-end impedance See 
IMPEDANCE. 

sending set 1. See RADIO TRANSMITTER. 2. An 
equipment for transmitting electromagnetic 
waves. Also see TRANSMITTER, 1. 

sensation level The level of sound that produces a 
tingling or noticeable sensation in the ear. 

sense 1. To check the condition of a switching de- 
vice, such as a gate. 2. See READ. 

sense amplifier A device that produces a control 
signal when some characteristic of the input sig- 
nal changes. 

sense determination In a direction finder that 
provides an ambiguous indication (two readings 
180 degrees apart), the process of deducing, or 
the ability of the apparatus to deduce, the true di- 
rection from which the signal is coming. 

sense resistor A (usually low-value) resistor used 
to sense current in a circuit without introducing 
a significant loss. The voltage drop across this re- 
sistor is proportional to the current and can be 
applied to a voltmeter, oscilloscope, or other in- 
strument for measurement or observation. 

sensing circuit 1. A circuit that samples a quan- 
tity. 2. In a voltage regulator, the circuit that 
monitors the output voltage and delivers a con- 
trol voltage proportional to the output-voltage er- 
ror. 

sensing window See WINDOW, 2. 

sensitive communications Two-way communica- 
tions of an emergency or priority nature, or in- 
volving the security of government operations. 

sensitive device A device that responds to a signal 
of low amplitude. 

sensitivity 1. The ability of a circuit or device to 
respond to a low-level applied stimulus. 2. For a 
receiver, the input-signal (in microvolts or milli- 
volts) required for a specified output level. 3. For 
a galvanometer, microamperes or milliamperes 
per scale division. 4. The ohms-per-volt rating of 
a voltmeter. Also see VOLTMETER SENSITIVITY. 

sensitivity adjustment 1. An input gain control in 
an amplifier circuit. 2. The radio-frequency gain 
control of a receiver. 3. A control or switch that is 
used to select the range or threshold of a piece of 
test equipment. 

sensitivity control A manual or automatic device 
for adjusting the sensitivity of a circuit or device. 

sensitometer An instrument used to measure the 
sensitivity of certain materials to light. 

sensor 1. A device that samples a phenomenon, 
and delivers a proportionate current or voltage in 
terms of which the intensity of the phenomenon 
can be measured, or with which control action 
can be initiated. 2. An electronic device that de- 
tects abnormal conditions (e.g., smoke and heat) 
and delivers a warning signal to human operators 
and/or computers. 3. An electronic device that 
detects intrusion to a premises and delivers a 
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warning signal to human operators and/or com- 
puters. 

sentry robot In a smart home or business, a robot 
that alerts the owner to abnormal conditions. It 
can detect fire, burglars, or water in places it 
should not be. It might also detect abnormal tem- 
perature, barometric pressure, wind speed, hu- 
midity, or air pollution. A wireless link alerts the 
owner via a device similar to a common beeper. 
Compare SECURITY ROBOT. Also see SMART 
HOME OR BUSINESS. 

separately excited generator An alternating- 
current generator whose field coils are supplied 
with direct current from another generator or from 
a battery. Compare SELF-EXCITED GENERATOR. 

separately quenched detector A superregenera- 
tive detector (see SUPERREGENERATIVE CIR- 
CUIT) in which the quenching voltage is supplied 
by a separate low-frequency oscillator. Also see 
QUENCHING ACTION and QUENCH OSCILLA- 
TOR. Compare SELF-QUENCHED OSCILLATOR. 

separation See CHANNEL SEPARATION. 

separation energy The energy required to remove 
a proton or neutron from the nucleus of an atom. 
The separation energy depends on the atomic 
number. 

separator 1. See FILTER, 1. 2. A perforated or 
porous plate of insulating material (usually plas- 
tic or wood) for holding active plates apart in a 
storage cell. 3. In computer operations, a charac- 
ter marking the division between logical data 
units. Also called data delimiter. 

septate cavity A coaxial cavity containing a SEP- 
TUM between the inner and outer conductors. 

septate waveguide A waveguide containing one or 
more septa (see SEPTUM) to control power trans- 
mission. 

septum A thin metal vane used as a reflector ina 
waveguide or cavity. 

sequence 1. A succession of objects, parameters, 
or numbers. 2. An ordered set of numbers—each 
of which is related to its predecessor by a specific 
mathematical function. 

sequence checking routine In computer opera- 
tions, a routine that verifies the order of items of 
data. 

sequence control register Ina computer memory, 
a register whose contents determine the instruc- 
tion to be implemented next. 

sequence programmer A timing device that can be 
preset to start or stop various operations at pre- 
determined times. 

sequencer A device that initiates or terminates 
events in a desired sequence. 

sequence relay A relay whose several contacts 
close in a predetermined order. 

sequence timer A timer in which separate delay 
circuits are actuated in a predetermined se- 
quence. 

sequential In computer operations, a term denot- 
ing operations on data items in which the items 
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(e.g., records in a file) are taken in an order deter- 
mined by key values, rather than in the order in 
which the items are physically arranged. 

sequential access memory Any semiconductor 
memory in which data can be recalled or ad- 
dressed only in a certain specified order. 

sequential analysis In statistics, using an unspec- 
ified number of observations as samples from 
which a result is derived. Each observation is 
accepted or rejected, or another observation is 
made. 

sequential color television The successive trans- 
mission of the three primary colors in a television 
system, and their reproduction at the receiver in 
the same order. Also see DOT-SEQUENTIAL SYS- 
TEM, FIELD-SEQUENTIAL SYSTEM, and LINE- 
SEQUENTIAL SYSTEM. 

sequential control Computer operation in which 
the order of instruction implementation is the 
same as the order of instruction storage. 

sequential relay See SEQUENCE RELAY. 

sequential scanning Rectilinear television scan- 
ning in which the center-to-center distance be- 
tween successive lines is the same as the nominal 
line width. 

sequential switch 1. A switch that provides selec- 
tion of two or more ports in a rotating succession. 
2. In a television system, a switch that allows the 
monitoring technician to select any of the cam- 
eras for viewing. 

sequential timer See SEQUENCE TIMER. 

ser 1. Abbreviation of SERIES. 2. Abbreviation of 
SERIAL. 

serial 1. Pertaining to the performance of steps, or 
the occurrence of elements (such as data items 
on magnetic tape), in succession. 2. An order, 
row, or sequence in which one item follows an- 
other (as opposed to parallel). 

serial access Access to data file records in their or- 
der in a storage medium. 

serial adder See SERIAL ARITHMETIC UNIT. 

serial arithmetic unit In computer operations, an 
arithmetic unit in which digits are handled in or- 
der. Compare PARALLEL ADDER. 

serial bit Data in which the bits of each byte or 
word are sent or received one at a time. 

serial memory A register in which the input and 
output data is stored and retrieved one bit at a 
time. 

serial-parallel 1. Pertaining to data transfer that is 
serial in one sense and parallel in another sense. 
For example, entire words might be serially trans- 
mitted within a system, but the constituent bits 
of each word might be transferred in parallel. 
2. See PARALLEL-SERIES. 

serial processing In computer operations, the se- 
quential processing of several different programs 
through a single channel. Compare PARALLEL 
PROCESSING. 

serial storage In computer operation, storage in 
which elements are entered in order and are 
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available only in the same order. Compare PAR- 
ALLEL STORAGE. 

serial transfer The propagation of information 
along a single path, in which data bits are sent 
one after the other. 

series 1. The sum of a mathematical sequence (see 
SEQUENCE, 2). 2. Pertaining to the connection 
of elements or components end-to-end (see SE- 
RIES CIRCUTT). 

series addition See SERIES-AIDING. 

series-aiding The condition in which two series 
voltages or magnetic fields are added together. 
Compare SERIES-BUCKING. 

series antenna tuning Antenna-feeder tuning in 
which a separate tuning capacitor is connected in 
series with each wire. Compare PARALLEL AN- 
TENNA TUNING. 


Two-wire 
line 


Input 
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series bucking The condition in which two series 
voltages or magnetic fields oppose each other. 
Compare SERIES-AIDING. 

series capacitance Capacitance acting, or con- 
nected, in series with another capacitance or 
other quantity. 

series capacitors Capacitors connected in series. 
If the individual capacitors have values C1, C2, 
..., Cn, then the total capacitance Ct is equal to 
1/(1/C1 + 1/C2+...+1/Cn). Also see SERIES 
CIRCUIT. 

series circuit A circuit whose components are, in 
effect, connected in a string (i.e., end-to-end). 
Compare PARALLEL CIRCUIT. 

series-diode half-wave rectifier See SERIES- 
DIODE RECTIFIER. 

series-diode rectifier A rectifier circuit in which 
the diode is connected in series with the source 
and load. Compare SHUNT-DIODE RECTIFIER. 

series dropping resistor See DROPPING RESIS- 
TOR. 


series equivalent impedance A series impedance 
that will draw the same current (magnitude and 
phase) drawn by a given parallel circuit con- 
nected across the same single-phase source. 

series equivalent of parallel circuit See SERIES 
EQUIVALENT IMPEDANCE. 
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series-fed amplifier An amplifier circuit in which 
the operating voltages are applied in series with 
the alternating-current signal voltages. Also see 
SERIES FEED. 

series-fed oscillator An oscillator circuit in which 
the direct-current operating voltage is applied in 
series with the alternating-current output volt- 
age. Also see SERIES FEED. 

series feed The application of alternating-current 
(ac) and direct-current (dc) voltages in series to a 
device. Example: the presentation of the dc op- 
erating voltages for an amplifier in series with 
the ac signal voltages (see SERIES-FED AMPLI- 
FIER). 

series feedback A feedback system in which the 
feedback signal is presented to the input point in 
series with the input signal. Compare SHUNT 
FEEDBACK. 

series field A magnetic field produced by a series 
winding in a motor or generator. 

series generator An electric generator in which the 
armature and field windings are connected in se- 
ries. Compare SHUNT GENERATOR. 

series inductance 1. Inductance acting, effec- 
tively, in series with some other quantity (e.g., the 
inherent inductance of a wirewound resistor). 
2. An inductance connected in series with other 
inductances, or with some other quantity (e.g., 
capacitance and resistance). 

series inductors Inductors connected in series, 
and separated or oriented in a way that mini- 
mizes the effects of mutual inductance. Assuming 
zero mutual inductance, if the individual induc- 
tors have values Ll, L2, ..., Ln, then the total in- 
ductance Ltis equal to L1 + L2 +... + Ln. Also see 
SERIES CIRCUIT. 

series limiter A limiter (clipper) circuit in which 
the diode is essentially in series with the signal. 
Compare PARALLEL LIMITER. 

series loading The series insertion of reactances 
in a circuit for the purpose of impedance 
matching. 

series magnetic circuits A combination of several 
magnetic paths in line so that flux extends 
through each path in sequence; this is analogous 
to the passage of electric current successively 
through series-connected resistors. 

series motor An electric motor whose armature 
and field windings are connected in series. Com- 
pare SHUNT MOTOR. 

series operation The operation of units in succes- 
sion, necessitating sequential current flow 
through each. Also see SERIES CIRCUIT. 

series opposition See SERIES BUCKING. 

series-parallel See PARALLEL-SERIES. 

series-parallel capacitors See PARALLEL-SERIES 
CAPACITORS. 

series-parallel inductors See PARALLEL-SERIES 
INDUCTORS. 

series-parallel resistors See PARALLEL-SERIES 
RESISTORS. 
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series regulator A voltage regulator circuit in 
which the controlled device is in series with the 
load. Compare SHUNT REGULATOR. 

series resistance 1. Resistance acting in series 
with another resistance or with another quantity 
(e.g., capacitance and inductance). 2. The inher- 
ent resistance that acts effectively in series with 
the plates of a capacitor. 3. The resistance of the 
wire in a coil, acting effectively in series with the 
inductance. 

series resistors Resistors connected in series with 
each other. If the individual resistors have values 
R1, R2,... , Rn, then the total resistance Rt is 
equal to RI + R2+...+ Rn. Also see SERIES 
CIRCUIT. 

series resonance Resonance in a circuit consisting 
of a capacitor, inductor, and an alternating- 
current generator in series. At the resonant fre- 
quency, the inductive reactance and the 
capacitive reactance cancel, so the net reactance 
is zero. The capacitor current and inductor 
current are maximum and equal, and the circuit 
impedance is minimum. Compare PARALLEL 
RESONANCE. 

series-resonant circuit A resonant circuit in 
which the capacitor, inductor, and generator are 
connected in series. Also see SERIES RESO- 
NANCE. Compare PARALLEL-RESONANT CIR- 
CUIT. 

series-resonant trap A wavetrap consisting of a 
series-resonant inductance-capacitance (LC) cir- 
cuit. Compare PARALLEL-RESONANT TRAP. 

series-resonant wavetrap See SERIES-RESO- 
NANT TRAP. 

series-shunt circuit See PARALLEL-SERIES. 

series tee junction See E-PLANE TEE JUNCTION. 

series tracking capacitor See OSCILLATOR PAD- 
DER. 

series-type frequency multiplier A varactor fre- 
quency-multiplier circuit in which the varactor is 
in series with the input and output. Compare 
SHUNT-TYPE FREQUENCY MULTIPLIER. 

series-type resonance bridge A resonance bridge 
in which the impedance arm is a series-resonant 
circuit. Compare SHUNT-TYPE RESONANCE 
BRIDGE. 

series winding 1. In a motor or generator, a wind- 
ing connected in series with the armature. 2. A 
method of motor or generator construction in 
which the field winding is connected in series 
with the armature. 

series-wound generator See SERIES GENERA- 
TOR. 

series-wound motor See SERIES MOTOR. 

serrated pulse A pulse having a notched or slotted 
top. An example is the vertical sync pulse in tele- 
vision. 

serrated rotor plate In a variable capacitor, an ex- 
ternal rotor plate that is slotted radially. This al- 
ters the capacitance-variation curve of the 
capacitor to allow alignment of sensitive apparatus 
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(e.g., the tracking of radio-frequency tuned 
circuits in a radio receiver). 

serrated vertical sync pulse In television, the ver- 
tical sync pulse notched at twice the horizontal 
sweep frequency. 

service 1. To maintain or repair electronic equip- 
ment. 2. To provide maintenance or repair of elec- 
tronic equipment. 

serviceability ratio For a device or system, the ra- 
tio ts/(ts + td), where ts is serviceable (opera- 
tional) time, and td is downtime (non-operational 
time). 

serviceable time The cumulative time during 
which an operator-monitored (but not necessarily 
operated) device or system is capable of normal 
operation. 

service area For a broadcast or communications 
station, the useful coverage area. 

service band 1. For a communications system, the 
band of frequencies in which operation is nor- 
mally carried out. 2. A band of frequencies specif- 
ically assigned, by government regulation, to a 
certain communications service or services. 

service channel The band of frequencies that a 
particular broadcast or communications station 
occupies, when the carrier frequency is held con- 
stant. 

service charge The amount charged by a techni- 
cian for installation, maintenance, or repair of 
equipment. It is often performed on a per-hour 
basis. 

service maintenance For a cell or battery, the rel- 
ative amount of energy capacity (percentage of 
full-charge capacity) available at a given time, or 
after a certain length of time in normal use. 

service meter 1. An energy (“power”) meter. Also 
see KILOWATT-HOUR METER. 2. A rugged mul- 
timeter used by a service technician. 

service oscillator A signal generator designed ex- 
pressly for troubleshooting and repair service. 

service switch 1. The main switch controlling the 
electric service to a building or other place of in- 
stallation. 2. In television repair, a switch on the 
rear of a chassis. The switch facilitates adjust- 
ment of screen controls by removing vertical de- 
flection temporarily. 

service-type instrument An instrument having 
reasonable accuracy and a degree of rugged- 
ness so that it is suitable for field or shop use. 
Examples: SERVICE METER and SERVICE OS- 
CILLATOR. Compare LABORATORY-GRADE 
INSTRUMENT. 

servo amplifier A highly stable amplifier designed 
expressly for use in a SERVOMECHANISM. 

servo loop Ina control system (particularly a servo 
amplifier), the output-to-input feedback loop, 
through which automatic control is performed. 

servomechanism Also called servo. A self-correct- 
ing, closed-loop control system. It usually uses 
an electromechanical device, such as a motor, 
that controls some electronic device. Error sig- 


nals, supplied by the controlled electronic device, 
cause the motor to run in such a way as to opti- 
mize or stabilize the system. 

servomotor A motor operated by the output signal 
of a servo amplifier. Depending on the end appli- 
cation of the servo system, the motor signal might 
or might not be corrected. 

servo oscillation In a servo system, a back-and- 
forth movement or fluctuation, relative to the 
optimum setting or position. It Results from im- 
proper system adjustment. Sometimes the sys- 
tem stabilizes at the optimum after a short period 
of oscillation; in some cases, the oscillation con- 
tinues indefinitely. 

servo robot A (usually industrial) robot whose mo- 
tion sequence is programmed into a computer. 
The robot follows the instructions given by the 
computer, and makes precise, timed movements 
on that basis. Different computer programs allow 
different motion sequences, so a single robot can 
be used for various tasks. 

servo system An automatic control system using 
one or more servomechanisms. 

set 1. A piece of equipment or a system (e.g., radio 
set). 2. In a flip-flop circuit, an input that is not 
controlled by the clock. 3. To adjust a circuit or 
device, such as a flip-flop, to a desired operating 
point or condition. 4. A class of numbers, things, 
or events. 5. In computer programming, to initial- 
ize a variable (i.e., to assign a label to a location). 

set analyzer A combination test instrument de- 
signed originally for troubleshooting radio re- 
ceivers. It consists of a multimeter and transistor 
tester or vacuum-tube tester. 

set noise Electrical noise arising inside a radio or 
television receiver, as opposed to that picked up 
from the outside. 

set pulse A pulse used to adjust a device to a cer- 
tain state (see SET, 3). 

set terminal In a flip-flop, the one-input terminal. 
Compare RESET TERMINAL. 

setting The position or value to which an ad- 
justable device is set for a particular purpose. 

settling time 1. In a digital voltmeter, the time re- 
quired between the application of a test voltage 
and the final display of an accurate readout. 2. In 
a digital-to-analog converter, the time between 
half of the level change over all inputs and the ar- 
rival of the output to a level within a certain tol- 
erance of its specified final level. It is defined for 
either full-scale to zero or zero to full-scale. 

set up To arrange and prepare equipment for oper- 
ation. 

setup See SET, 1. 

set-up time 1. The time required to install and test 
an electronic system, and to ready the system for 
operation. 2. In a digital gate, the length of time 
that a pulse must be held to produce a change of 
state. 

sexadecimal number system See HEXADECIMAL 
NUMBER SYSTEM. 
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sexagesimal number system A number system 
whose radix is 60. 

SF 1. Abbreviation of SAFETY FACTOR. 2. Abbre- 
viation of SINGLE FREQUENCY. 3. Abbreviation 
of STANDARD FREQUENCY. 4. Abbreviation of 
STABILITY FACTOR. 

SFA Abbreviation of SINGLE-FREQUENCY AMPLI- 
FIER. 

Sr band A section of the S BAND extending from 
1650 to 1850 MHz. 

sferics In wireless broadcast or communications 
reception, random electromagnetic noise gener- 
ated by the earth’s atmosphere. Some of this 
noise is thermal in origin; some originates in thun- 
derstorms. Sometimes this noise is called static. 


Amplitude 


Noise peaks 


Noise floor 


sferics 


SFO 1. Abbreviation of SINGLE-FREQUENCY 
OSCILLATOR. 2. Abbreviation of STANDARD- 
FREQUENCY OSCILLATOR. 

SFR Abbreviation of SINGLE-FREQUENCY RE- 
CEIVER. 

SFR-Chireix-Mesny 
MESNY ANTENNA. 

SG Abbreviation of SCREEN GRID. 

Sa band A section of the S BAND extending from 
2700 to 2900 MHz. 

SGCS Abbreviation of silicon gate-controlled switch 
(see SILICON-CONTROLLED SWITCH). 

shaded-pole motor An induction-type alternating- 
current motor using shading coils on the field 
poles for self-starting with a single-phase supply. 

shading Electronic enhancement of a television 
picture, resulting in a different brightness over 
various portions of the background, as compared 
with the actual situation. It can be used, for ex- 
ample, to make certain subjects stand out from 
the background. 

shading coil 1. A single, short-circuited turn (cop- 
per ring) encircling the tip of the core of a coil that 
carries alternating current (ac), such as the field 


antenna See CHIREIX- 
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pole of a motor. Current induced in the coil 
causes a momentary flux shift that approximates 
a rotating field that self-starts a simple single- 
phase induction motor. 2. A coil used in a simple 
ac relay to prevent chatter. 

shading ring See SHADING COIL. 

shading signal In a television camera, a signal that 
increases the gain of the amplifier while the beam 
scans a dark part of the image. 

shadow area A region in which signal attenuation 
or the absence of a signal results from the 
SHADOW EFFECT. 


Shadow 
area 


Transmitter 


shadow area 


shadow attenuation 1. The attenuation of electro- 
magnetic energy caused by an obstacle. It is gen- 
erally measured in decibels. 2. The attenuation of 
electromagnetic energy produced by the curva- 
ture of the earth. 

shadow effect The obstruction of radio waves by 
objects in their path. 

shadow mask See APERTURE MASK. 

shadow meter See SHADOW TUNING INDICATOR. 

shadow region See SHADOW AREA. 

shadow tuning indicator A tuning meter in which 
the indicating medium is a shadow whose width 
is proportional to meter current. 

shaft The rodlike part of an adjustable component 
(such as a potentiometer or variable capacitor) to 
which a rotating (or turning) member is attached. 

shaft-angle encoder An electronic system for con- 
verting shaft rotation into direct binary or deci- 
mal readings. 

shaft lock A device for fastening the shaft of an ad- 
justable component (such as a potentiometer, ro- 
tary switch, or variable capacitor) in position ata 
particular setting. 

shaft-position encoder See SHAFT-ANGLE EN- 
CODER. 

shaft-position indicator A device that delivers an 
analog or digital output signal proportional to the 
arc of rotation of a shaft. 
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shaker See VIBRATOR, 2. 

shake table A platform, actuated by a vibrator, on 
which components can be mounted for a vibra- 
tion test. 

shallow-diffused junction A pn junction made by 
diffusing the impurity material for a short dis- 
tance into the semiconductor wafer. Compare 
DEEP-DIFFUSED JUNCTION. 

shape factor 1. For a tuned circuit, the ratio of the 
60-dB bandwidth to the 6-dB bandwidth. 2. For a 
filter, the ratio of bandwidth at high attenuation 
to that at low attenuation. 

shaping network A combination of components for 
changing the natural response of a circuit to a de- 
sired response (i.e., a curve-changing circuit). 

shared file A data file that is available for use by 
more than one system simultaneously. 

shared files system A data-processing system 
having one direct-access storage device from 
which information can be accessed by more than 
one computer. 

sharpener 1. A circuit or device for increasing the 
selectivity of another circuit or device. 2. A circuit 
or device for decreasing the rise or fall time of a 
pulse or square wave. 3. A circuit or device for 
steepening the response of a filter. 

sharpness See SELECTIVITY. 

sharp pulse A pulse having extremely fast rise and 
fall times and narrow width (i.e., a spike). 

shaving The physical modification of a phono- 
graph disc, or other permanent recording sur- 
face, in preparation for rerecording. 

Sy band A section of the S BAND extending from 
3700 to 3900 MHz. 

sheath See POSITIVE-ION SHEATH. 

shelf corrosion In a dry cell in storage, deteriora- 
tion of the negative electrode because of local ac- 
tion in the zinc. 

shelf life 1. The longest period of time that elec- 
tronic equipment can be continuously kept in 
storage before deterioration of materials or degra- 
dation of performance occurs. 2. The longest pe- 
riod of time that a battery can be stored without 
use before it must be discarded or recharged. 

shell 1. An electronic orbit (imaginary shell) in an 
atom. 2. The envelope of a component (e.g., the 
outer casing of a power transistor or the housing 
of a plug). 3. The rigid case in an audio or video 
tape cassette. 

shell-type choke See SHELL-TYPE INDUCTOR. 

shell-type core A core that completely surrounds 
the coil(s) of a choke or transformer. 

shell-type inductor An inductor in which the core 
completely surrounds the coil. 

shell-type transformer A transformer in which 
the core completely surrounds the coils. 

shf Abbreviation of SUPERHIGH FREQUENCY. 

shield A metallic partition or box for confining an 
electric or magnetic field. 

shield baffle A sheet-type shield. Also see BAFFLE, 
2 and SHIELD PARTITION. 
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shield box A shield having a general box shape, 
and which is usually enclosed on all sides. 

shield braid Tubing woven from wire, through 
which an insulated wire is passed and thus 
shielded. 

shield can A cylindrical shield, usually enclosed 
on all sides. 

shield disk A flat shield having a disk shape. Also 
see BAFFLE, 2; SHIELD BAFFLE; and SHIELD 
PARTITION. 

shielded cable Cable completely enclosed within a 
metal sheath that is either flexible or rigid. 

shielded wire A single strand of insulated wire 
completely enclosed in a flexible or rigid shield. 

shield partition A wall-type shield usually con- 
sisting of a single, flat sheet of metal, sometimes 
bent into an angle. Also called BAFFLE SHIELD 
(see BAFFLE, 2). 

shield plate See BAFFLE, 2; SHIELD BAFFLE; 
SHIELD DISK; and SHIELD PARTITION. 

shield room See CAGE. 

shield wire A (usually grounded) wire, near and 
parallel to another wire that it shields. 

shift 1. To move from one operating point to an- 
other in a characteristic curve, or in the operation 
of an equipment. 2. To transfer data from one 
point to another in a system, or move it left or 
right in a register. 

shift flip-flop circuit A flip-flop designed espe- 
cially as a stage in a shift register. 

shift pulse Ina shift register, a drive pulse that ini- 
tiates the shifting of characters. 

shift register In computers, calculators, and stor- 
age systems, a circuit (usually composed of flip- 
flops in cascade) in which pulses can be shifted 
from stage to stage and finally out of the circuit. 

shingle-type photocel A device in which several 
separate photocells are series connected by 
slightly overlapping the ends of adjacent cells. 

ship station A radio or radar station installed 
aboard a ship that is not in port. 

ship-to-shore communication Radio communica- 
tion between a ship at sea and a land-based sta- 
tion. 

shock 1. See ELECTRIC SHOCK. 2. A signal ap- 
plied momentarily to a circuit, as in the shock ex- 
citation of a tank. 3. A sudden, dramatic change 
in an environmental variable (such as tempera- 
ture). 4. Physical blows or vibration. 

shock absorber Any object or device intended for 
reducing physical vibration of a component, set of 
components, circuit, or system. 

shock device 1. A device for administering shock 
therapy (see ELECTROSHOCK, 1). 2. An induc- 
tion coil and associated primary supply for apply- 
ing high voltage to a wire fence. 

shock excitation Driving an inductance-capaci- 
tance (LC) tuned circuit into damped oscillation 
by momentarily applying a pulse. 

shock-excited oscillator A type of self-excited os- 
cillator in which the transistor is suddenly cut off 
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by applying a cutoff voltage to the gate or base 
electrode. This abrupt interruption of steady 
drain or collector current shocks the tank into 
damped oscillations. 

shock hazard 1. Any situation that presents the 
danger of electric shock to attendant personnel. 
2. The existence of a potential difference that will 
cause a current of at least 5 mA to flow through a 
resistance of 500 ohms or more, for a prolonged 
period of time. 

Shockley diode See FOUR-LAYER DIODE. 

shock mount A structure that secures a micro- 
phone while minimizing the pickup of vibrations 
through the table, floor, or other surface on 
which the microphone is placed. 

shock therapy See ELECTROSHOCK, 1. 

shoran Contraction of SHORT-RANGE 
TION. 

shore effect The tendency of radio waves traveling 
along a shore to be bent either toward or away 
from the shore. It can occur because of differ- 
ences in surface conductivity and/or atmo- 
spheric temperature over land, as compared with 
water. 

shore station A fixed, land-based radio station 
that communicates with ships at sea. 

shore-to-ship communication See 
SHORE COMMUNICATION. 

short circuit An often unintended low-resistance 
path through which current bypasses a compo- 
nent or circuit. 

short-circuit current In a power supply, the cur- 
rent that flows when the output is directly 
shorted. Many power supplies have shutdown de- 
vices that cause the current to stop flowing when 
the output terminals are short-circuited; other 
supplies effectively insert resistance in series 
with the load, if necessary, to limit the current. 

short-circuiting switch A rotary selector switch in 
which unused contacts are automatically short- 
circuited. 

short-circuit parameter A parameter for which 
zero resistance is assumed in the part of the cir- 
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Transmitter 


Water 


shore effect 


cuit under consideration. The current amplifica- 
tion factor (alpha) of a common-base-connected 
transistor is such a parameter because its collec- 
tor load resistance is assumed to be zero. 

shorted-stub tuning Tuning a stub to match a 
feeder to an antenna by sliding a short-circuiting 
bar along the two wires of the feeder. 

shorting bar A thick, metal strap for short-circuit- 
ing two binding posts. 

shorting link A sheet-metal strip for connecting 
together two binding posts. 

shorting loop In a telephone system, a device that 
short-circuits two specified points for the purpose 
of testing or line fault location. 

shorting stick A metal rod with an insulating han- 
dle, used to short-circuit a charged capacitor to 
remove the shock hazard. 

shorting switch See 
SWITCH. 

short-line tuning Use of a parallel capacitance to 
tune a transmission line that is less than a quar- 
ter-wave long. 

short-range navigation Contraction, shoran. Nav- 
igation by means of SHORT-RANGE RADAR. 

short-range radar A radar having a 50- to 150- 
mile maximum line-of-sight range for a 1-square- 
meter reflecting target that is perpendicular to 
the radar beam. 

short skip Skip of only a few hundred miles range. 
Also see SHORT-SKIP COMMUNICATION. 


SHORT-CIRCUITING 
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short-skip communication Radio communica- 
tion via the ionosphere over relatively short dis- 
tances (400 to 1300 miles). See, for example, 
SPORADIC-E SKIP. 

short-term drift The gradual change in the value 
of a quantity, such as frequency or voltage, ob- 
served over a comparatively brief interval, as op- 
posed to change occurring over a long period. 
Compare LONG-TERM DRIFT. 

short-term effect The variation of any electrical 
parameter over a relatively brief time interval. Ex- 
ample: frequency drift over a short time period. 
Also called short-time effect. 

short-term stability Stability reckoned over a 
comparatively brief time interval, as opposed to 
stability for a long period. Compare LONG-TERM 
STABILITY. 

short-time effect See SHORT-TERM EFFECT. 

shortwave 1. Pertaining to wavelengths shorter 
than 200 meters (i.e., frequencies higher than 
1.50 MHz). 2. Pertaining to the frequencies above 
the standard amplitude-modulation broadcast 
band (above 1.605 MHz), but below 30 MHz. 

shortwave converter A superheterodyne con- 
verter for adapting a longwave receiver (such as a 
broadcast receiver) for shortwave reception. 

shortwave listener Abbreviation, SWL. A radio 
hobbyist who receives, but does not transmit, 
shortwave signals. 

shortwave receiver Any radio receiver capable of 
intercepting and demodulating signals in the 
range 1.705 MHz to 30 MHz. 

shortwave transmitter Any radio transmitter ca- 
pable of producing energy in the range 1.705 MHz 
to 30 MHz. 

shot-effect noise Electrical noise caused by ran- 
dom fluctuations in a current, as in a diode or 
transistor. Also see EQUIVALENT NOISE RESIS- 
TANCE. Compare THERMAL NOISE. 

shotgun microphone A highly directional micro- 
phone sensitive only to sounds coming from a 
specific direction; the response pattern has a nar- 
row main lobe. It name results from its long, 
cylindrical configuration. 

shot noise Electrical noise arising from intermit- 
tent impulses, such as those produced by spark 
discharges, make-and-break contacts, etc. Its 
name results from its resemblance to pistol shots. 

shrink The amount by which a material being mea- 
sured with an electronic instrument decreases in 
surface dimension. Compare STRETCH. 

shrink tubing Plastic sleeving placed over a con- 
ductor or at a conductor/connector joint, and 
made to shrink tightly with the application of 
heat. 

shunt Synonym, parallel. 1. Pertaining to the 
connection of one component across (in parallel 
with) another (e.g., shunt resistor). 2. Pertaining 
to connection of components in such a manner 
that they each (or all) are subjected to identical 
voltages. 3. A deliberately produced short circuit 
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between two specific points in a device or system. 
4. To deliberately bypass some part of a system 
by means of a short circuit. 

shunt circuit See PARALLEL CIRCUIT. 

shunt-diode rectifier A rectifier circuit in which 
the diode is connected in parallel with the source 
and load. Compare SERIES-DIODE RECTIFIER. 

shunt-fed 1. Pertaining to a circuit or device in 
which the direct-current operating voltage and al- 
ternating-current signal voltage are applied in 
parallel to an electrode. 2. Pertaining to a base- 
grounded vertical antenna excited at some point 
above ground. 

shunt feed See PARALLEL FEED. 

shunt feedback A feedback system in which the 
fed-back signal is presented to the input of the 
network in parallel with the input signal. Com- 
pare SERIES FEEDBACK. 

shunt generator An electric generator in which the 
armature and field windings are connected in 
parallel. Compare SERIES GENERATOR. 

shunting effect The condition in which a quantity, 
such as stray capacitance or resistance, acts in 
parallel with another quantity. Example: the 
shunting (parallel) resistance of an electrolytic 
capacitor. 

shunt leads Interconnecting wires used for the 
purpose of attaching a shunting component to a 
test instrument. 

shunt limiter See PARALLEL LIMITER. 

shunt loading The parallel insertion of reactance 
in a circuit, for the purpose of impedance match- 
ing. 

shunt motor An electric motor whose armature 
and field windings are connected in parallel. 
Compare SERIES MOTOR. 

shunt regulator A voltage-regulator circuit in 
which the controlled transistor or vacuum tube is 
in parallel with the output (load) terminals. Com- 
pare SERIES REGULATOR. 

shunt resistor 1. A resistor connected in parallel 
with a meter or recorder to increase its current 
range. 2. A resistor connected in parallel with a 
voltmeter to convert it into a current meter. Com- 
pare MULTIPLIER RESISTOR. 

shunt-series circuit See PARALLEL-SERIES CIR- 
CUIT. 

shunt tee junction A waveguide H-PLANE TEE 
JUNCTION. 

shunt-type frequency multiplier A varactor fre- 
quency multiplier circuit in which the varactor is 
in parallel with the input and output. Compare 
SERIES-TYPE FREQUENCY MULTIPLIER. 

shunt-type resonance bridge A resonance bridge 
in which the impedance arm is a parallel-reso- 
nant circuit. Compare SERIES-TYPE RESO- 
NANCE BRIDGE. 

shunt-wound generator See SHUNT GENERATOR. 

shunt-wound motor See SHUNT MOTOR. 

SI Abbreviation of (Standard) INTERNATIONAL 
SYSTEM OF UNITS. 
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S/I Abbreviation of signal-to-intermodulation ratio. 

Si Symbol for SILICON. 

sibilants 1. High-frequency (hissing) components 
of speech. 2. High-frequency sounds or audio sig- 
nals. 

SIC Abbreviation of specific inductive capacity (see 
DIELECTRIC CONSTANT). 

SiC Formula for SILICON CARBIDE. 

sideband 1. With respect to a carrier, one of the 
additional frequencies generated by the modula- 
tion process. In simple amplitude modulation, 
the two sidebands are fc + fm and fc- fm, where 
fc is the carrier frequency, and fm is the modula- 
tion frequency. 2. Pertaining to sidebands as de- 
fined in 1. 
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sideband attenuation See SIDEBAND CUTTING. 

sideband cutting Elimination or attenuation of the 
sidebands of a modulated signal by a circuit hav- 
ing insufficient bandwidth. 

sideband frequency The frequency of the modula- 
tion-generated signal accompanying a carrier. 
One sideband frequency is that of the carrier mi- 
nus that of the modulating signal; another is the 
sum of the carrier and the modulation frequency. 
See also SIDEBAND, 1. 

sideband interference 1. Interference arising from 
one or both of the normal sidebands of a modu- 
lated signal. 2. Interference caused by spurious 
sidebands, resulting from overmodulation. 

sideband power The power contained in the side- 
band(s) of a signal. 

sideband slicing See SIDEBAND CUTTING. 

sideband splatter In an amplitude-modulated or 
single-sideband signal, the emission of side- 
band energy at frequencies other than within 
the designated channel. Also simply called 
splatter. 
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sideband technique A method of using, for com- 
munications or other purposes, one or both of the 
sidebands of a modulated signal without the car- 
rier. 

side-chain amplifier An auxiliary amplifier that is 
external to a main amplifier. Such an amplifier 
might be used, for example, in a feedback chan- 
nel or in a volume-compression or volume- 
expansion channel. 

side frequency See SIDEBAND. 

side lobe In certain directional antenna systems, a 
minor lobe in the horizontal-plane directivity pat- 
tern that appears at right angles, or nearly at 
right angles, to the main lobe. Such a lobe repre- 
sents reduced sensitivity and/or power gain rela- 
tive to the main lobe. Also see MAIN LOBE, 
MINOR LOBE. 


side lobe 


sidelobe suppression Elimination of the side- 
lobe(s) from the radiation pattern of an antenna. 

sidestacked antennas Antennas mounted in a 
horizontal line, parallel to each other, and con- 
nected by a common coupler to a transmitter or 
receiver. 

sideswiper A manual telegraph key operated by 
moving the lever sideways, rather than up and 
down. 

sidetone 1. In wire telephony, the reproduction by 
the receiver of sounds picked up by the transmit- 
ter of the same telephone. 2. In radiotelegraphy, 
an audible tone actuated when the carrier is 
transmitted. It allows the sending operator to 
hear Morse code elements as they are sent. 
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sidetone telephone A telephone set with no provi- 
sion for canceling the sidetone. 

siemens Symbol, S. The SI unit of conductance. 
The conductance of a component or medium in 
siemens is equal to the reciprocal of the resis- 
tance in ohms. 

Siemen’s electrodynamometer A spring-tension 
meter that operates by means of torque, with zero 
current through the device representing zero 
torque. It can be used for measurements of cur- 
rent, voltage, or power. 

Sierra Phonetic alphabet code word for the letter S. 

sig Abbreviation of SIGNAL. 

sign 1. Any indicator denoting whether a value is 
positive or negative. 2. A graphic device indicat- 
ing an operation. Examples: + (addition), x (mul- 
tiplication). 3. Any symbol. An ampersand, for 
example, is an “and” sign. 4. A characteristic 
symptom of malfunction or improper operation 
(e.g., a high standing-wave ratio in an antenna 
system is a sign of an impedance mismatch). 

signal An electrical quantity, such as a current or 
voltage, that can be used to convey information 
for communication, control, calculation, etc. 

signal-actuated voice recorder Abbreviation, SA- 
VOR. A recorder that goes into operation auto- 
matically when the speaker starts talking and 
stops when the speaker finishes. 

signal amplitude The intensity of a signal quantity 
(see SIGNAL). 

signal booster See PREAMPLIFIER. 

signal channel In a system, a channel through 
which only signals flow, control and modifying im- 
pulses being accommodated by other channels. 

signal circuit A circuit handling signal currents 
and voltages to the exclusion of control and oper- 
ating currents and voltages. 

signal conditioner Any accessory device (such as a 
peak probe, demodulator probe, current shunt, 
etc.) used to modify or change the function of a ba- 
sic instrument (such as an electronic voltmeter). 

signal converter See CONVERTER, 1. 

signal current The current component of a signal, 
as opposed to operating current in a system. 

signal diode A diode designed primarily for light- 
duty signal applications (detection, demodula- 
tion, modulation, curve changing), as opposed to 
the heavy-duty applications of power diodes and 
rectifiers. 

signal distance In two words (bit groups) of the 
same length, the number of corresponding bit po- 
sitions whose states differ. For example, the sig- 
nal distance between 01001 and 10011 is 3. 

signal-flow analysis A graphic method of analyz- 
ing circuits, particularly those using feedback, 
through the use of diagrams in which straight ar- 
rows represent transmission paths, dots repre- 
sent nodes, and curved arrows represent 
feedback paths. 

signal-flow diagram The transmission-path dia- 
gram used in SIGNAL-FLOW ANALYSIS. 
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signal gain The gain of an amplifier circuit—espe- 
cially if used in small-signal applications. See 
also AMPLIFICATION, and GAIN. 

signal generator An instrument that produces sig- 
nals of precise frequency and amplitude, usually 
over a wide range. 

signal ground 1. Any circuit point that remains at 
zero signal potential. 2. A connection to a point 
that is deliberately maintained at zero signal po- 
tential. 

signal/image ratio See SIGNAL-TO-IMAGE RA- 
TIO. 

signaling In a communications system, the ex- 
change of data in electrical form, either analog or 
digital. 

signaling rate In data communications, the speed 
at which data is transmitted. It is commonly ex- 
pressed in bits per second (bps). Also, it is some- 
times expressed in baud or in words per minute 
(wpm). 

signaling time slot In a communications signal, a 
specified interval of time, starting at a certain in- 
stant in each signal frame. This interval is used 
exclusively for the purpose of signaling. 

signal injection 1. The introduction of a signal 
into a circuit. 2. A method of troubleshooting in 
communications receivers. A signal generator is 
used to introduce a test signal into each stage, 
starting with the output and proceeding stage-by- 
stage toward the input, until the defective stage 
or component is located. 

signal injector A simple (usually single-frequency) 
signal generator used in troubleshooting to intro- 
duce a test signal at selected points in a circuit, 
to locate malfunctioning stages or components. 
Also see SIGNAL INJECTION, 2. 

signal intensity See SIGNAL STRENGTH. 

signal inversion Phase reversal of a signal passing 
through a circuit, device or medium. 

signal level At a given point in a circuit, the 
strength of a signal, with respect to a reference 
amplitude. 

signal loss 1. A reduction in the amplitude of a sig- 
nal as it passes through a system. 2. The 
complete disappearance of a signal. 3. See 
FRACTIONAL GAIN. 

signal mixer See MIXER. 

signal/noise ratio See SIGNAL-TO-NOISE RATIO. 

signal notcher See NOTCH FILTER. 

signal peaker See PEAK FILTER. 

signal power The amplitude of a signal expressed 
in watts, milliwatts, or microwatts, as opposed to 
amplitude expressed as a current or voltage. 

signal processor Any device, (e.g., preamplifier, 
expander, amplitude limiter, delay network) in- 
serted into or added onto a system to modify an 
input or output signal. 

signal rectification The conversion of an alternat- 
ing-current signal into a proportionate direct- 
current signal, usually by means of a diode 
circuit. 
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signal rectification 


signal rectifier See SIGNAL DIODE. 

signal regeneration See SIGNAL RESHAPING. 

signal reshaping 1. The processing of a signal so 
that it acquires its original waveform. Also called 
signal regeneration. 2. Passing a digital signal of 
any type through a circuit that delivers a uni- 
form output pulse on a real-time one-to-one 
basis. 

signal shifter 1. A device used for quickly chang- 
ing the frequency of a transmitted signal. 2. A de- 
vice that automatically causes a transmitted 
signal to be sent on a frequency that differs from 
the receiver frequency by a known and predeter- 
mined amount. 3. See MIXER, 1. 4. See CON- 
VERTER, 1. 

signal squirter See SIGNAL INJECTOR. 

signal strength The amplitude of a signal, usually 
in terms of voltage. Current or power is specified 
in some applications. 

signal-strength meter 1. See FIELD-STRENGTH 
METER. 2. See S-METER. 

signal synthesizer A special signal generator de- 
livering signals whose frequency, amplitude, and 
waveshape can be adjusted at will. 

signal time delay The time required for an element 
of a signal to be transmitted through a circuit or 
network. This delay results in phase shift in an 
amplifier. 

signal-to-distortion ratio In a receiver, the ratio of 
the desired signal to the level of distortion other 
than the specified signal. Usually expressed in 
decibels (dB). 

signal-to-image ratio Abbreviation, S/I. In a re- 
ceiver, the ratio of signal amplitude to image am- 
plitude, both being measured in the same units. 
It is usually expressed in decibels (dB). 

signal-to-noise-plus-noise ratio Abbreviation, 
(S+N)/N. In a receiver, the ratio of the combined 
signal and noise amplitude to the amplitude of 
the noise alone. It is usually expressed in decibels 
(dB). Peak voltages are used to determine this ra- 
tio in the case of pulse noise; root-mean-square 
(rms) voltages are used in the case of random 
noise. 

signal-to-noise ratio Abbreviations: S/N, SNR. In 
a receiver, the ratio of signal amplitude to noise 
amplitude. It is usually expressed in decibels 
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(dB). Peak voltages are used to determine this ra- 
tio in the case of pulse noise; root-mean-square 
(rms) voltages are used in the case of random 
noise. 

signal-to-noise-and-distortion ratio Abbrevia- 
tion, SINAD. In a receiver, the ratio of the desired 
signal to the level of noise and distortion, other 
than the specified signal. It is usually expressed 
in decibels (dB). 

signal tracer A tuned or untuned detector/ampli- 
fier having an input probe and an output indica- 
tor (meter, loudspeaker, or both), for following a 
test signal through a circuit. 

signal voltage The voltage component of a signal, 
as opposed to the operating voltage of the circuit 
generating or passing the signal. 

signal wave 1. Any electromagnetic disturbance of 
a periodic nature that is modulated to convey in- 
formation. 2. The visual illustration or rendition 
of an electromagnetic disturbance that is modu- 
lated to convey information. 

signal winding In a magnetic amplifier or sat- 
urable reactor, the coil that receives the control 
current. 

signal window See WINDOW, 2. 

signal wobbulator A frequency modulator used 
with an unmodulated signal generator to provide 
sweep signals for visual alignment. Also see 
WOBBULATOR. 

sign bit A one-bit SIGN DIGIT. 

sign digit A character indicating the sign (positive 
or negative) of the value of the field or word to 
which it is attached (usually at the end). 

signed field In a computer record, a field having a 
number whose sign is indicated by a SIGN DIGIT. 

significant digits See SIGNIFICANT FIGURES. 

significant figures In a numerical quantity, espe- 
cially one expressed in scientific (power of 10) no- 
tation, those figures (digits) that depict a quantity 
to a required, relevant, or justifiable degree 
of precision. For example, 173,201 expressed 
to three significant figures is 1.73 x 10°; 
0.00477583 expressed to four significant figures 
is 4.776 x 10°°. See also SCIENTIFIC NOTATION. 

silencer See AUTOMATIC NOISE LIMITER. 

silent alarm In security systems, the transmission 
of a warning signal to attendant human operators 
and/or computers, without producing an audible 
or visible warning to intruders. 

silent alignment See VISUAL ALIGNMENT. 

silent piano See ELECTRONIC PIANO. 

silica pencil A rod of silicon dioxide heated to emit 
infrared rays. 

silicon Symbol, Si. A metalloidal element. Atomic 
number, 14. Atomic weight, 28.086. Silicon is 
abundant in the earth’s crust. It is used in many 
semiconductor devices, including integrated cir- 
cuits, diodes, photocells, rectifiers, and transis- 
tors. 

silicon capacitor See VOLTAGE-VARIABLE CA- 
PACITOR. 
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silicon carbide Formula, SiC. A compound of sili- 
con and carbon valued as a semiconductor, an 
abrasive material, and a refractory substance. 
The commercial product is made by heating car- 
bon and sand to a high temperature in an electric 
resistance furnace. Also called CARBORUNDUM. 

silicon cell A type of photovoltaic cell using spe- 
cially processed silicon as the light-sensitive ma- 
terial. This cell has a comparatively high voltage 
output. 

silicon-controlled rectifier Abbreviation, SCR. A 
four-layer semiconductor device commonly used 
in power control applications (e.g., light dimmers 
and motor-speed controls). The electrodes are 
called the anode, the cathode, and the gate. The 
control signal is applied to the gate. 

silicon-controlled switch Abbreviation, SCS. A 
four-terminal semiconductor switching device 
similar to the SILCON-CONTROLLED RECTI- 
FIER. It is used for light-duty switching. 

silicon crystal detector 1. See SILICON JUNC- 
TION DIODE. 2. See SILICON POINT-CONTACT 
DIODE. 3. A point-contact diode in which a lump 
of silicon is contacted by either a fine wire (cat 
whisker) or a blunt-tipped steel screw under 
pressure. 

silicon detector See SILICON CRYSTAL DETEC- 
TOR. 

silicon-diffused transistor A silicon bipolar tran- 
sistor fabricated by diffusion techniques. It is 
characterized by high power-dissipation toler- 
ance. 

silicon diode A semiconductor diode in which the 
semiconductor material is specially processed sil- 
icon. Also see SILICON JUNCTION DIODE and 
SILICON POINT-CONTACT DIODE. 

silicon dioxide Formula, SiO2. A compound of sil- 
icon and oxygen. In the passivation of transistors 
and integrated circuits, a thin layer of silicon 
dioxide is grown on the surface of the wafer to 
protect the otherwise exposed junctions. 

silicone A polymeric material characterized by a 
recurring chemical group containing oxygen and 
silicon atoms in the main chain as links. Various 
silicone compounds have numerous uses in elec- 
tronics. 

silicon junction diode A semiconductor diode us- 
ing a pn junction in a silicon wafer. Compare SIL- 
ICON POINT-CONTACT DIODE. 

silicon on sapphire Abbreviation, SOS. Pertaining 
to integrated-circuit fabrication in which a silicon 
epitaxial layer is grown on a sapphire substrate. 

silicon oxide A compound containing both silicon 
monoxide and silicon dioxide, and having dielec- 
tric properties. It is used in the manufacture of 
metal-oxide-semiconductor (MOS) devices. 

silicon photocell A photocell using a silicon pn 
junction as the light-sensitive medium. 

silicon photodiode A silicon diode constructed so 
that radiant energy can strike the barrier be- 
tween the P- and N-type materials. A reverse bias 
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is applied. When light falls on the P-N junction, 
current flows. The current is proportional to the 
intensity of the impinging energy, within certain 
limits. The greatest sensitivity is in the near in- 
frared (IR). When energy of variable brightness 
falls on the P-N junction under conditions of re- 
verse bias, the output current follows the inten- 
sity variations. This makes the device useful in 
fiberoptic communications systems. 

silicon point contact The contact between a 
pointed metal wire (cat whisker) and a silicon 
wafer. 

silicon point-contact diode A diode in which a 
tungsten wire (cat whisker) contacts a wafer of 
single-crystal silicon. It is useful at ultra high fre- 
quencies (UHF). Compare SILICON JUNCTION 
DIODE. 

silicon rectifier A semiconductor rectifier consist- 
ing essentially of a junction between n- and p- 
type silicon inside a specially processed wafer or 
plate of single-crystal silicon. 

silicon resistor See CRYSTAL RESISTOR. 

silicon solar cell A relatively heavy-duty photo- 
voltaic cell using specially processed silicon as 
the light-sensitive material. 

silicon steel A high-permeability, high-resistance 
steel containing 2 to 3 percent silicon. It is used 
as core material in transformers and other elec- 
tromagnetic devices. 

silicon transistor A transistor in which the semi- 
conductor material is single-crystal silicon. 

silk-enameled wire Wire whose insulation is a 
layer of silk on top of an enamel coating. 

silver Symbol, Ag. A precious metallic element. 
Atomic number, 47. Atomic weight, 107.87. It is 
used in circuits where low resistance and high Q 
are mandatory. 

silver arsenide trisulfide See PROUSTITE. 

silver-dollar construction Printed-circuit assem- 
bly on a disk-shaped board, about the size of a 
U.S. silver dollar. 

silver-mica capacitor A fixed capacitor made by 
painting or depositing a silver layer (capacitor 
plate) on both faces of a thin mica film (dielectric 
separator). 

silver migration The undesirable tendency of sil- 
ver to be removed from one location and de- 
posited in another under adverse environmental 
conditions. 

silver-oxide battery A set of two or more silver- 
oxide cells stacked one atop the other, electrically 
connected in series. The resulting battery has a 
cylindrical shape. A set of four cells provides ap- 
proximately 6 volts under no-load conditions; a 
battery of six cells provides 9 volts; a battery of 
eight cells provides 12 volts. See also SILVER- 
OXIDE CELL. 

silver-oxide cell An electrochemical cell having a 
button-like shape, small enough to fit inside a 
wristwatch. There are several available sizes and 
thicknesses, all with similar appearance. The 
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generated potential difference under no-load con- 
ditions is 1.5 volts, with a high ratio of stored en- 
ergy per unit mass. The cell has a flat discharge 
curve; the voltage remains essentially constant 
until the charge is almost depleted, and then the 
voltage drops rapidly. 

silver solder A solder consisting of an alloy of sil- 
ver, copper, and zinc. It has a comparatively high 
melting temperature. Also see HARD SOLDER. 

silverstat A multiconductor device used to adjust 
the balance of a resistance or reactance bridge. 

similar decimals Two or more decimal numbers 
that have the same number of digits to the right 
of the radix point (e.g., 3.14 and 6.39, or 1.234 
and 1.000). 

simple quad A combination of two parallel paths— 
each containing two elements in series. 

simple tone A pure sine-wave tone (i.e., one hav- 
ing negligible harmonic content). 

simplex channel An information channel for uni- 
directional transmission. 

simplex system 1. In data communications, a sys- 
tem that transmits data in only one direction. 
Compare FULL DUPLEX SYSTEM and HALF DU- 
PLEX SYSTEM. 2. In voice communications via 
radio, a direct path over a single channel, used 
alternately for transmitting and receiving at each 
station. 

simplex telegraphy Wire telegraphy in which only 
one message at a time can be sent over a line. 

simplification of circuits See CIRCUIT SIMPLIFI- 
CATION. 

simulation 1. Imitation of the performance of a 
process, device, or system. 2. The use of a math- 
ematical model to represent a physical process, 
device, or system. 3. The use of a computer, 
sometimes with virtual reality hardware and soft- 
ware, to mimic a real-life situation. 

simulator 1. A software or hardware system capa- 
ble of simulation (see SIMULATION, 2). 2. A com- 
puter program whose implementation allows 
programs written for one computer to be compat- 
ible with another computer. 3. A system of equip- 
ment for simulation (see SIMULATION, 1). 

simulcast 1. To broadcast a program over two or 
more different channels at the same time. 2. To 
broadcast a program over two or more different 
types of mode, for example, television and radio, 
at the same time. 3. A program broadcast over 
two or more channels or modes at the same 
time. 

simultaneous access See PARALLEL ACCESS. 

simultaneous broadcasting See SIMULTANEOUS 
TRANSMISSION. 

simultaneous computer See PARALLEL COM- 
PUTER. 

simultaneous transmission The transmission of 
the same information in two or more channels, or 
by means of two or more processes, at the same 
time. 

sin Abbreviation of SINE. 


sin? Symbols for the inverse of the sine function, 
also called the arc sine. 

sine Abbreviation, sin. The trigonometric function 
a/c, the ratio of the opposite side of a right trian- 
gle to the hypotenuse. 

SINAD See SIGNAL-TO-NOISE-AND-DISTORTION 
RATIO. 

sine galvanometer A galvanometer in which the 
sine of the angle of deflection is proportional to 
the current. Compare TANGENT GALVANOME- 
TER. 

sine law The variation in radiation intensity in any 
direction from a linear source is proportional to 
the sine of the angle between the axis of the 
source and the direction of interest. 

sine potentiometer A POTENTIOMETER whose 
output is proportional to the sine of the angle 
through which the shaft has rotated. 

sine wave A periodic wave that can be represented 
by a sine curve (i.e., its amplitude is directly pro- 
portional to the sine of a linear quantity, such as 
displacement or time). Compare COSINE WAVE. 
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singing Audible oscillation in a circuit or device, 
such as the low-level buzz emanating from the fil- 
ament of a lamp dimmed with a phase-control 
circuit. 

single-address coding In computer programming, 
the use of instruction words that contain the ad- 
dress for the location of the data to be operated 
on, and no other addresses. 

single-board computer Abbreviation, SBC. A com- 
puter built entirely on one circuit board. 

single-button microphone A carbon microphone 
having only one button attached to the di- 
aphragm. Also see BUTTON MICROPHONE. 

single-channel codec A form of CODEC intended 
for operation on a single signal source, rather 
than in a multiplexed system. 

single-chip codec An integrated circuit contained 
entirely on one chip and in one package that can 
accomplish all CODEC functions. It can be a sin- 
gle-channel device or multiplexed. 

single-cotton-covered wire Wire insulated with 
one layer of cotton. 

single cotton enameled wire Wire insulated with 
one layer of cotton on top of an enamel coating. 
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single-crystal Pertaining to the internal structure 
of a crystalline material, in which the character- 
istic lattice is continuous throughout any size 
piece of the material. Also called MONOCRYS- 
TALLINE. 

single-crystal material A substance, such as a 
semiconductor, of which a sample, regardless of 
size, consists of only one crystal (i.e., there are no 
grain boundaries). Also see SINGLE-CRYSTAL. 
Compare POLYCRYSTALLINE MATERIAL. 

single-crystal pulling See CZOCHRALSKI 
METHOD. 

single-dial control Adjustment of a multistage 
system via one rotatable, calibrated control at- 
tached to a ganged arrangement that tunes all 
stages simultaneously. 

single-diffused transistor A transistor in which 
only one diffusion of an impurity substance is 
made. Thus, in a diffused-base transistor, a sin- 
gle diffusion provides the base region and at the 
same time creates the emitter-base and collector- 
base junctions. Compare DOUBLE-DIFFUSED 
TRANSISTOR. 

single-electron memory Abbreviation, SEM. A 
computer memory in which the movement of one 
electron can change a logic bit from 1 (high) to O 
(low) or vice versa. 

single-element rotary antenna See 
ELEMENT ROTARY ANTENNA. 

single-ended circuit A circuit that has one end 
grounded, as opposed to a double-ended circuit 
and push-pull circuit. 

single-ended deflection In an oscilloscope or sim- 
ilar device, horizontal or vertical deflection pro- 
vided by a single-ended deflection channel. 
Compare PUSH-PULL DEFLECTION. 

single-ended input An input circuit with one ter- 
minal grounded (or the equivalent ungrounded 
input circuit). Also called unbalanced input. Com- 
pare BALANCED INPUT. 

single-ended multiplexer A group of analog 
switches that selects from several analog 
signals. 

single-ended output An output circuit with one 
terminal grounded (or the equivalent ungrounded 
output). Also called unbalanced output. Compare 
BALANCED OUTPUT. 

single-ended push-pull circuit An arrangement, 
such as a complementary symmetry circuit, that 
provides push-pull output with single-ended in- 
put, but does not require transformers. 

single-frequency Also called fixed-frequency. Per- 
taining to circuits or devices that normally oper- 
ate at one frequency only (e.g., single-frequency 
oscillator). 

single-frequency amplifier An amplifier that nor- 
mally operates at only one frequency (or within a 
very narrow band of frequencies) (e.g., an inter- 
mediate-frequency amplifier, or a selective audio- 
frequency amplifier used for harmonic analysis or 
bridge balancing). 
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single-frequency duplex Two-way communica- 
tions over one medium or frequency. Voice-actu- 
ated (VOX) or break-in devices are used at both 
ends of the circuit. 

single-frequency oscillator An oscillator that nor- 
mally delivers a signal at only one frequency un- 
til it is switched to another frequency (e.g., 
crystal-controlled oscillator). 

single-frequency receiver A radio or television re- 
ceiver that normally operates at one carrier 
frequency, rather than being tunable. Such re- 
ceivers are used in monitoring specific programs, 
picking up standard-frequency signals, and in 
similar applications. 

single-gun color picture tube A color-television 
picture tube in which the image is produced by a 
single beam that scans the red, green, and blue 
color-phosphor dots sequentially. 

single-hop propagation Long-distance radio-wave 
propagation involving only one encounter with 
the ionosphere, and involving no intermediate re- 
flections from the earth’s surface. 

single-hop return distance The return distance, 
as a function of the angle of departure from a ra- 
dio transmission, from a layer of the ionosphere. 
The illustration shows the maximum possible 
distance under average conditions and assuming 
an angle of departure of zero degrees. 
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single-image response In an oscilloscope presen- 
tation, a single pattern, as opposed to a double- 
trace pattern. 

single-inline package Abbreviation, SIP. A flat, 
molded component package having terminal pins 
along one edge. All the pins lie along a common 
line. 

single-junction 
TRANSISTOR. 

single-layer coil A coil whose turns are wound 
side by side in one layer. 

single-layer solenoid See SINGLE-LAYER COIL. 


transistor See UNIJUNCTION 
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single-line tap In a telephone system, a connec- 
tion that provides or designates a separate line 
(e.g., to serve a single household). 

single-loop feedback Feedback through only one 
path. 

single phase Pertaining to the presence or genera- 
tion of one alternating-current phase only. Com- 
pare POLYPHASE. 

single-phase full-wave Pertaining to a rectifier op- 
erated from a single-phase alternating-current (ac) 
power line, and rectifying both half-cycles of ac 
voltage. Compare SINGLE-PHASE/HALF WAVE. 

single-phase/full-wave bridge A bridge rectifier 
operated from a single-phase alternating-current 
supply, usually from the untapped secondary 
winding of a transformer. Compare SINGLE- 
PHASE /FULL-WAVE CIRCUIT and SINGLE- 
PHASE /HALF-WAVE CIRCUIT. 

single-phase/full-wave circuit A rectifier circuit 
in which each half-cycle of single-phase alternat- 
ing current is rectified by a separate diode sup- 
plied from the ends of a center-tapped winding of 
a transformer. Compare SINGLE-PHASE/FULL- 
WAVE BRIDGE and SINGLE-PHASE/HALF- 
WAVE CIRCUIT. 

single-phase/half-wave Pertaining to a rectifier 
operated from a single-phase alternating-current 
(ac) power line, and rectifying only one half-cycle 
of ac voltage. 

single-phase/half-wave circuit A rectifier circuit 
in which a diode, output load, and single-phase 
alternating-current supply are connected in se- 
ries, only one half-cycle of the cycle being passed 
by the diode. Compare SINGLE-PHASE/ 
FULL-WAVE CIRCUIT and SINGLE-PHASE/ 
FULL-WAVE BRIDGE. 

single-phase rectifier See SINGLE-PHASE / 
FULL-WAVE BRIDGE, SINGLE-PHASE/FULL- 
WAVE CIRCUIT, and SINGLE-PHASE/HALF- 
WAVE CIRCUIT. 

single-point ground One ground connection to 
which all channels of a circuit are returned. Such 
a common connection eliminates or greatly mini- 
mizes the common coupling often encountered 
when separate ground points are used. 

single-pole double-throw Abbreviation, SPDT. De- 
scriptive of an electrical, electronic, or mechani- 
cal switch with a pole that can be connected to 
either of two adjacent poles, but not to both. 
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single-pole single-throw Abbreviation, SPST. De- 
scriptive of an electrical, electronic, or mechani- 
cal switch with a pole that can be connected to an 
adjacent pole (or disconnected from it) at will. Itis 
used to provide the make and break function in a 
single circuit. 

single rail 1. A one-conductor communications 
medium with a ground return. 2. A one-conduc- 
tor data line, with a ground return. 

single shot Also called one shot. Pertaining to circuit 
operation in which a single input pulse applied toa 
switching device (such as a multivibrator) causes it 
to deliver a single output pulse, rather than switch 
to a stable “on” state. A MONOSTABLE MULTIVI- 
BRATOR operates in this mode. 

single-shot multivibrator See 
MULTIVIBRATOR. 

single sideband Abbreviation, SSB. Pertaining to a 
system of modulation in which one of the side- 
bands from an amplitude-modulated signal is at- 
tenuated or canceled out, leaving only one 
sideband. The carrier is generally suppressed also. 

single-sideband suppressed-carrier Abbreviation, 
SSSC or SSBSC. Pertaining to a system of modula- 
tion in which the carrier and one sideband from an 
amplitude-modulated signal are suppressed; only 
the remaining sideband is transmitted. Sometimes 
this mode is simply called SINGLE SIDEBAND. 

single signal Pertaining to a mode of reception in 
which signals appear on only one side of zero 
beat, enhancing selectivity and reducing interfer- 
ence among received signals. Most superhet- 
erodyne receivers have this feature; most 
direct-conversion receivers do not. 

single-signal receiver A superheterodyne receiver 
that achieves high selectivity via a selective filter 
in the intermediate-frequency amplifier chain. 
Signals appear on only one side of zero beat, ina 
band whose width can be adjusted or selected for 
various values from about 200 Hz to 3 kHz. 

single silk-covered wire Wire insulated with one 
layer of silk. 

single-skip propagation See SINGLE-HOP PROP- 
AGATION. 

single-step operation See STEP-THROUGH OP- 
ERATION. 

single sweep In an oscilloscope, a single time-axis 
deflection of the electron beam. Also see SWEEP, 
1, 2. Compare RECURRENT SWEEP. 

single-sweep blocking oscillator A blocking oscil- 
lator that cuts off after generating a single cycle 
or pulse. 

single-throw switch A single-action switch with 
two or more poles. 

single-tone keying Modulated continuous-wave 
keying. A single audio-frequency tone is used to 
amplitude-modulate or frequency-modulate the 
carrier. 

single-track recorder A recorder, such as a mag- 
netic-tape recorder or a graphic recorder, that 
permits recording along only one track. 
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single-trip multivibrator See MONOSTABLE 
MULTIVIBRATOR. 

single-tuned circuit A circuit tuned by varying 
only one of its components [e.g., an intermediate- 
frequency transformer in which only the sec- 
ondary coil (rather than both primary and 
secondary) is tuned]. 

single-turn coil 1. A coil consisting of a single turn 
of wire, tubing, or strip. 2. See RING INDUCTOR. 
3. See SHADING COIL. 

single-turn potentiometer A potentiometer that 
can be adjusted through its entire resistance 
range by no more than one full rotation of the 
shaft. Usually, the turning range is somewhat 
less than a full circle (e.g., 300 degrees). 

single-wire-fed antenna See WINDOM ANTENNA. 

single-wire line 1. See SINGLE-WIRE TRANSMIS- 
SION LINE. 2. A single wire used for communica- 
tion or control purposes. The earth furnishes the 
return path. 

single-wire transmission line An antenna trans- 
mission line or feeder consisting of one wire only 
(see, for example, WINDOM ANTENNA). 

sink 1. A device or circuit into which current 
drains. 2. See HEATSINK. 

sink circuit The circuit associated with a load or 
other sink. Compare SOURCE CIRCUIT, 2. 

sinker A piece of semiconductor material used to 
reduce the base-collector junction resistance in a 
bipolar transistor. 

sintering A process in which various solid bodies 
are formed from fusible powders at temperatures 
below their melting points. Example: sintered 
magnetic core. 

sinusoidal Having the shape and properties of a 
SINE WAVE. 

SIO Abbreviation of serial input/output. 

SIP Abbreviation of SINGLE-INLINE PACKAGE. 

six-phase rectifier A polyphase rectifier circuit 
operated from a three-phase supply. The output 
ripple frequency is six times the supply fre- 
quency. 


Primaries 


Secondaries Load 


six-phase rectifier 
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SJD Abbreviation of SILICON JUNCTION DIODE. 

skating In a phonograph turntable, the tendency 
of the tone arm to swing toward the spindle dur- 
ing record play, independent of the action pro- 
duced by the stylus following the groove. 

skeletal code A generalized computer routine 
needing only certain parameters to be usable for 
a specific application. 

skeleton bridge A bridge consisting of an ad- 
justable arm (potentiometer) and a pair of binding 
posts for each of the other three arms. Suitable 
resistors, capacitors, or inductors are connected 
to the binding posts to set up the bridge circuit 
desired. 


Det 


Gen 
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skeleton-type assembly 1. A method of elec- 
tronic-equipment construction in which a mini- 
mum of supporting members is used. An example 
is the use of an open framework, instead of a 
chassis, to support components. 2. An assembly 
of electronic equipment, consisting essentially of 
a foundation unit (containing the basic circuitry) 
and plug-in units for setting up various complete 
equipments. 

skew 1. A condition resulting from failure of the 
horizontal synchronization in facsimile or televi- 
sion. The picture appears distorted, and appears 
as a non-rectangular parallelogram. 2. In a print 
display, nonalignment of columns resulting from 
an incorrect number of line spaces in each line. 
3. In a probability function, an accumulation of 
values toward either side of center. 

skewing 1. The bending of a curve away from its 
normal shape. 2. In a differential amplifier, the 
offset between two signals. Also see OFFSET. 

Skiatron A special form of cathode-ray tube, with 
the fluorescent coating replaced by a screen of 
halide crystals that darken, instead of glow, when 
exposed to the electron stream. 

skin depth The depth to which current penetrates 
below the surface of a conductor, as a result of 
the SKIN EFFECT. 
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skin effect The tendency of high-frequency alter- 
nating current to travel along the surface of a 
conductor; the high-frequency reactance is lower 
along the outside than at the center of a conduc- 
tor. This tends to increase the resistivity of solid 
conductors at high alternating-current frequen- 
cies, as compared with low frequencies and direct 
current. 

skip 1. lonosphere-reflected radio transmissions. 
2. In a computer program, an instruction whose 
sole function is that of causing a jump to the next 
instruction. 

skip distance Fora signal propagated via the iono- 
sphere, the distance from the transmitter to the 
point at which the returned skywave strikes the 
earth. 

skip fading For a signal propagated via the iono- 
sphere, changes in signal strength caused by 
fluctuations in the altitude and/or contour of the 
ionized layer(s). 

skip zone See ZONE OF SILENCE. 

skirt selectivity 1. The bandwidth between points 
of high attenuation (usually 30 dB or 60 dB) on 
the selectivity curve in a communications re- 
ceiver. 2. The relative steepness of the attenua- 
tion-vs.-frequency curve in a communications 
receiver. 

SKM Abbreviation of sine-cosine multiplier. 
Skyhook 1. Colloquialism for ANTENNA. 2. A wire 
antenna supported by a captive balloon or kite. 

sky noise Radio noise originating in outer space. 

skywave A radio wave propagated by ionospheric 
reflections and/or refractions. Compare 
GROUND WAVE. 


Ionized layer 


Earth 


skywave 


skywave correction A factor applied to long-range 
radionavigation signals to account for the time 
delay resulting from ionospheric propagation. 

skywire See OUTSIDE ANTENNA. 

slab 1. A relatively thick body of quartz, ceramic, 
semiconductor, or dielectric. 2. See SUBSTRATE. 

slap back The return of sounds by an acoustically 
reflective object or surface a short distance away, 
resulting in almost immediate echoes. 

slashed-field-gun CRT A siraight-gun television 
picture tube (see STRAIGHT-GUN CRT). Because 
the gap between the anodes in this tube is 
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slanted, the electrostatic field is diagonal, caus- 
ing the electron and ion beams to be diverted at 
an angle. 

slave flash A photoflash operated by the light flash 
from another such unit. 

slave relay A relay operated by, and whose action 
follows, a MASTER RELAY. 

SLC Abbreviation of STRAIGHT-LINE CAPACI- 
TANCE. 

sleeping sickness A gradual increase in transistor 
leakage current. 

sleep machine An electronic device sometimes 
used as an aid for relaxation or sleeping. It con- 
sists of a wideband audio-frequency noise gener- 
ator that produces low-level sounds similar to the 
noise of waves on a beach or a light wind through 
trees. 

sleeve antenna A vertical antenna in which the 
upper half is a quarter-wave rod connected to the 
inner conductor of a coaxial feeder, and the lower 
half is a quarter-wave metal sleeve connected to 
the outer conductor of the feeder. Also called 
COAXIAL ANTENNA. 

sleeving A material in tubular form that can be 
slipped over another material [e.g., insulating 
sleeving for wires (spaghetti)]. 

slew rate In an operational amplifier, the rate at 
which the output can be driven between its lim- 
its. 

SLF Abbreviation of 
QUENCY. 

slice A semiconductor wafer cut from a single- 
crystal ingot. 

slicer See CLIPPER-LIMITER. 

slide-back meter An electronic voltmeter in which 
an unknown alternating-current signal voltage 
applied to the input of an amplifier stage is 
bucked by an internal, adjustable, accurately 
known signal voltage. The internal voltage is ad- 
justed until a null occurs, indicating that its mag- 
nitude is equal to that of the unknown voltage. 

slider A flat-spring contact that slides along the 
turns of a resistance or inductance coil to vary 
the coil's resistance or inductance. Also called a 
WIPER. 
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slide-rule dial A dial mechanism having a straight 
scale that resembles a slide rule. 

slide switch A switch actuated by sliding a block- 
shaped button. Compare BAT-HANDLE SWITCH, 
PADDLE SWITCH, and ROCKER SWITCH. 


slide switch 


slide wire A simple potentiometer consisting of a 
single, straight piece of resistance wire with a 
sliding contact. Also see SLIDE-WIRE RESISTOR. 

slide-wire bridge A simple four-arm bridge in 
which the adjustable element is a single, straight 
resistance wire along which a clip or slider is 
moved, and that supplies two arms of the bridge 
(one on each side of the slider). 

slide-wire resistor A variable resistor consisting of 
a single wire (straight or coiled) along whose 
length a slider is moved to vary the resistance. 

sliding contact A contact that mates with another 
contact, or moves along a contacted surface, with 
a sliding motion. Also called SELF-CLEANING 
CONTACT and WIPING CONTACT. 

slip 1. In an eddy-current brake, coupling, or 
drive, the difference in speed between the field 
magnets and the iron eddy-current ring. 2. In a 
synchronous motor, the difference between rotor 
speed and stator speed. 

slip clutch In a gear or rack-and-pinion drive sys- 
tem, a device that releases the load if the torque 
becomes excessive. The gears then slip instead of 
being damaged. 

slip ring See COLLECTOR RING, 1. 

slip speed See SLIP, 2. 

slope 1. The slant of a line (graph) in rectangular 
coordinates, depicted as the ratio of the change in 
the dependent variable y to the change in the in- 
dependent variable x. If (x,,y1) and (X2,Y2) are two 
points on the line, then slope mis determined by 
m = (ya — y1)/(x2 — xı). 2. The slant of a line in rect- 
angular coordinates as defined in 1, when the 
line is tangent to a curve (graph) at a specified 
point. 3. The skirt(s) of a selectivity curve, partic- 
ularly in a communications receiver, where a 
small change in frequency results in a significant 
change in gain or attenuation. 4. The ratio of the 
extent of change in a quantity to the extent of 
change in some other quantity, when a causal re- 
lation exists between the magnitudes of the 
quantities. Example: See SLOPE RESISTANCE. 
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slope detector An amplitude-modulation (AM) re- 
ceiving circuit detuned to one side of resonance 
(i.e., to a point along the skirt of the selectivity 
curve) to detect a frequency-modulated (FM) sig- 
nal. The FM swing occurs along the slope of the 
resonance curve. Slope detection is useful in nar- 
rowband FM when conventional FM circuitry is 
not available. 
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slope resistance The ratio of a small change in 
voltage to a small change in current at an elec- 
trode or in a component. 

slop-jar capacitor See WATER CAPACITOR. 

slop-jar rectifier See ELECTROLYTIC RECTIFIER. 

slot 1. In the armature of a motor or generator, a 
groove in which the windings are laid. 2. The 
notch in the response curve of a crystal filter. 

slot antenna A microwave antenna that radiates 
energy through a slot cut in a surface, such as 
the metal skin of an aircraft. 

slot cell A reinforcing, dielectric material (such as 
plastic) placed in the slot of a ferromagnetic core. 

slot coupling Coupling microwave energy between 
a waveguide and a coaxial cable by means of two 
slots, one in the waveguide and the other in the 
outer conductor of the cable. 

slot-discharge resistance See CORONA RESIS- 
TANCE. 

slot insulation 1. Insulation of wires in the slots of 
the armature of a motor or generator (see SLOT, 
1). 2. A material in the form of tape or sheets, 
used for the purpose defined in 1. 

slot radiator See SLOT ANTENNA. 

slotted line A device consisting of a section 
of air-dielectric coaxial line arranged for mi- 
crowave measurements. The outer conductor is 
a metal cylinder, and the inner conductor is a 
concentric metal rod. The cylinder is provided 
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with a lengthwise slot through which a small 
pickup probe extends for sampling the electro- 
magnetic field inside the device. The probe is 
attached to a carriage that slides along a 
graduated scale on the outside of the cylinder. 
Radio-frequency energy is injected into one end 
of the line through a coaxial cable; as the probe 
moves along, response points are indicated by 
an external detector connected to the probe. The 
scale is read at these points to determine fre- 
quency, standing-wave ratio, impedance, and 
power. An alternate form of slotted line uses a 
section of slotted waveguide, instead of a sec- 
tion of coaxial line. 

slotted rotor See SERRATED ROTOR PLATE. 

slotted section See SLOTTED LINE. 

slotted waveguide See SLOTTED LINE. 

slot width 1. The width of a slot in the armature of 
a motor or generator (see SLOT, 1). 2. The band- 
width of the notch in the response curve of a 
band-suppression filter of any kind. See, for ex- 
ample, NOTCH FILTER. 

slow-acting relay Any relay designed to operate at 
some finite period following the application of the 
actuation voltage. 

slow-blow fuse A fuse in which the melting wire 
breaks apart slowly. The time delay allows the 
fuse to withstand momentary current surges that 
do not damage the protected equipment, but that 
would cause a fast-blow fuse to break the circuit 
needlessly. 

slow-break, fast-make relay A relay that opens 
slowly and closes rapidly. 

slow-break, slow-make relay A relay that opens 
slowly and closes slowly. 

slow charge Storage-battery charging in which a 
low current is passed through the battery over a 
long period of time. It ensures that the rated 
ampere-hour capacity will be restored to the 
battery. 

slow death 1. The gradual deterioration of transis- 
tor performance. 2. The gradual deterioration in 
the performance of a component, circuit, device, 
or system. 

slow drift The gradual change of a quantity or set- 
ting (usually in one direction). Compare FAST 
DRIFT. 

slow-make, fast-break relay A relay that closes 
slowly and opens rapidly. 

slow-make, slow-break relay A relay that closes 
slowly and opens slowly. 


slow-operate, fast-release relay See SLOW- 
MAKE-FAST-BREAK RELAY. 
slow-operate, slow-release relay See SLOW- 


MAKE-SLOW-BREAK RELAY. 


slow-release, fast-operate relay See SLOW- 
BREAK-FAST-MAKE RELAY. 
slow-release, slow-operate relay See SLOW- 


BREAK-SLOW-MAKE RELAY. 
slow storage A form of memory with long storage 
and recovery time. 
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slow time scale An extended time scale, i.e., one 
larger than the time unit of the system under 
consideration. 

SLS Abbreviation of SIDELOBE SUPPRESSION. 

slug 1. A movable core of ferromagnetic material, 
used to tune (varying the inductance of) coil by 
changing its position along the axis of the coil. 
Also see SLUG-TUNED COIL. 2. A copper ring at- 
tached to the core of a relay for time-delay pur- 
poses (See SLUG-TYPE DELAY RELAY). 

slug-tuned coil A coil whose inductance is varied 
by means of a ferromagnetic slug that slides in 
and out of the coil. 

slug tuner A tuner for a radio or television receiver 
or test instrument, using slug-tuned coils. 

slug-type delay relay A delayed-response relay that 
achieves time delay through the action of a heavy 
copper slug on the core. The slug forms a low- 
resistance, short-circuited single turn in which a 
current is induced by the magnetic flux, resulting 
from energizing the relay. The resulting flux of the 
slug opposes the buildup of relay-coil flux. 

slumber switch An alarm-reset switch on an elec- 
tronic clock radio. If the alarm activates, the 
slumber switch (usually a pushbutton device) 
can be pressed to turn off the alarm for a prede- 
termined length of time. Also called snooze but- 
ton. 

SLW Abbreviation 
LENGTH. 

Sm Symbol for SAMARIUM. 

small-current amplifier 1. A direct-current (dc) 
amplifier for low-level input currents (i.e., cur- 
rents of 1 milliampere or less). 2. An amplifier 
(such as a silicon-transistor unit) requiring very 
low dc operating current. 

small-scale frequency response For an analog 
circuit, the output frequency at which the level is 
—3 dB, relative to the maximum level, with a small 
signal at the input, normally 1 volt peak-to-peak. 

small loop antenna A closed loop antenna with 
one to several turns and a circumference less 
than 0.1 wavelength at the highest operating fre- 
quency. This antenna is suitable for wireless re- 
ception, but generally not for transmission 
because the radiation resistance is extremely low. 
The antenna is least responsive along its axis, 
and is most responsive in the plane defined by its 
turn(s). The null along the axis is sharp and deep. 
A capacitor can be connected in series or parallel 
with the loop to provide a resonant response. This 
type of antenna can reduce interference caused 
by human-made noise or strong local signals. It is 
also useful for radio direction finding (RDF) at fre- 
quencies up to approximately 20 MHz. Compare 
FERRITE-ROD ANTENNA, LARGE LOOP AN- 
TENNA. 

small signal A low-amplitude signal. Such a signal 
covers so small a part of the operating character- 
istic of a device that operation is essentially lin- 
ear. Compare LARGE SIGNAL. 
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small-signal analysis Analysis of circuit or compo- 
nent operation in which it is assumed that the 
signals deviate from (fluctuate to either side of) 
the steady bias levels by only a small amount. 
Also see SMALL SIGNAL. 

small-signal bandwidth The frequency at which 
the output signal of an analog circuit decreases to 
-3 dB, relative to the value for direct current. The 
output voltage is generally set at 0.1 volt peak-to- 
peak for testing this value so that the circuit is 
not overdriven. 

small-signal component 1. A coefficient or pa- 
rameter (such as amplification, transconduc- 
tance, dynamic resistance, etc.) calculated or 
measured under conditions of small-signal oper- 
ation. Also see SMALL SIGNAL and SMALL- 
SIGNAL EQUIVALENT CIRCUIT. 2. A device 
designed for operation at low signal levels. 

small-signal diode See SIGNAL DIODE. 

small-signal equivalent circuit Fora given transis- 
tor circuit, the equivalent circuit for low signal lev- 
els (i.e., at amplitudes lower than saturation and 
cutoff levels). Also see EQUIVALENT CIRCUIT. 

small-signal operation Operation at low signal 
amplitudes (i.e., at signal levels that do not ex- 
tend into the saturation or cutoff levels of a tran- 
sistor, diode, or other component). 

small-signal transistor A transistor designed for 
low-level applications, such as the amplification 
of small voltages and currents and low-voltage 
switching. Compare POWER TRANSISTOR. 

SmallTalk A high-level computer programming 
language that uses a graphical user interface 
(GUI). It is used in complex design and research, 
and in robotics. 

smart home or business An electronically con- 
trolled home or business, in which computers 
and robots take care of cooking, dish washing, 
floor scrubbing, waste removal, laundry, yard 
maintenance, snow removal, and other mundane 
chores. Intrusion detection and fire prevention 
are constantly maintained. In some cases, in- 
truders can actually be identified or detained; 
fires can be extinguished by controlled sprinkler 
systems or remotely controlled robots. Some 
tasks can be monitored and controlled directly by 
the owner from remote locations, via telephone 
lines or wireless. 

smartness The ability of an electronic system, es- 
pecially a computer or control system, to perform 
a complete series of operations, substituting al- 
ternative steps, where necessary—all with a min- 
imum of instructions from, and supervision by, 
human operators. 

smearing In television or facsimile, a form of picture 
distortion caused by an excessively narrow receiv- 
ing bandpass. The image appears fattened and 
horizontally blurred. Contrast might also be lost. 

smectic crystal A liquid crystal in which the 
molecules are arranged in parallel layers and 
cannot slide past each other. 
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S meter Ina radio communications receiver, a me- 
ter graduated in S units and/or decibels to indi- 
cate the strength of a received signal. 


S units 


S units dB 


S meter 


Smith chart A curvilinear graph on which com- 
plex-number impedance values can be plotted. It 
is useful in evaluating the behavior of radio- 
frequency circuits, transmission lines, and 
antenna systems—especially with regard to 
impedance mismatches and standing-wave ratio. 
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smoke alarm A device that produces audible 
and/or visible signals in the presence of smoke or 
unusual gases in the air. Also see PHOTOELEC- 
TRIC SMOKE ALARM. 

smoke control See PHOTOELECTRIC SMOKE 
CONTROL. 

smoke detector Any circuit or device used to 
sense the presence of smoke or noxious gases. 
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Some types detect changes in the ionization 
potential of the air; others sense changes in 
the dielectric constant of the air. Also see 
PHOTOELECTRIC SMOKE DETECTOR. 

smoke sensor See SMOKE DETECTOR. 

smooth 1. Relatively free from surface irregularity. 
2. To reduce or eliminate irregularities in the volt- 
age or current from a direct-current power 
source. 3. To reduce or eliminate irregularities in 
data or signal amplitude. 

smoothing choke A power-supply filter choke 
having a core with an air gap that prevents satu- 
ration at maximum rated direct current. Com- 
pare SWINGING CHOKE. 

smoothing factor For a power-supply filter, a 
quantity approximately equal to 6.28fRC, where f 
is the alternating-current frequency in Hertz, Ris 
the filter resistance (in an RC filter) or the series 
reactance of the choke (in an LC filter) in ohms, 
and C is the filter capacitance in farads. 

smoothing filter 1. A filter for smoothing the al- 
ternating-current ripple component of a direct- 
current power supply following rectification. It 
can consist of one or more parallel capacitors of 
large value, and one or more series chokes of 
large inductance. 2. A low-pass filter used at the 
output of a digital-to-analog (D/A) converter for 
eliminating high-frequency components gener- 
ated by sampling. 

SMPTE Abbreviation of SOCIETY OF MOTION PIC- 
TURE AND TELEVISION ENGINEERS. 

smudge See SQUEEZEOUT. 

SN Abbreviation of semiconductor network. 

S/N Abbreviation of SIGNAL-TO-NOISE RATIO. 

Sn Symbol for TIN. 

snake 1. A long, strong, flexible wire or strip used 
to pull other wires through electrical conduits. 2. 
To route wires or cables through a group of cir- 
cuits, components, or boards. 

snap-action switch A switch that snaps quickly 
into the on or off position to prevent arcing and 
consequent premature contact deterioration. 

snap diode A semiconductor diode in which 
switch-off time after carrier storage is extremely 
short (e.g., under 1 nanosecond). 

snap magnet A magnet that reduces the tendency 
for arcing in relay-control instruments, thereby 
minimizing electromagnetic interference and pro- 
longing contact life. 

snap-on connector An electrical connector that 
locks in place, reducing the chance that it will de- 
tach unless it is deliberately removed. 

snapshot dump During a computer program run, 
a dump, for debugging purposes, of certain stor- 
age areas. 

snap switch See SNAP-ACTION SWITCH. 

sneak current Unintended current flow through a 
path that is auxiliary to a main circuit. 

sneak path A path through which current is 
accidentally detoured; it is usually a leakage 
path. 
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Snell's law A rule of physics that applies to visible 
light passing from air (or a vacuum) to some 
medium with an index of refraction c. If the light 
ray strikes the medium at an angle u, relative toa 
line normal (perpendicular) to the surface, and 
passes into the medium at angle v relative to the 
normal, then (sin u)/(sin v) = c. 

sniffer See EXPLORING COIL. 

sniperscope A telescope, snooperscope, or star- 
light scope for a carbine or rifle. 

(S+N)/N Abbreviation of SIGNAL-PLUS-NOISE-TO- 
NOISE RATIO. 

SNOBOL Acronym for string-oriented symbolic lan- 
guage, a computer-programming language for 
manipulating character strings. 

snooperscope 1. An infrared-sensitive device that 
permits viewing objects and surroundings in total 
darkness. It presents the image on a fluorescent 
screen. 2. A rifle-mounted starlight scope. 

snow A type of television picture interference that 
typically occurs when the signal-to-noise ratio is 
low (the reception is marginal or poor). Charac- 
terized by countless tiny out-of-focus light spots, 
whose rapid, random motion mimics the appear- 
ance of falling snow. 

SNR Abbreviation of SIGNAL-TO-NOISE-RATIO. 

soak value The smallest value of current that will 
cause saturation of a relay core. 

Society of Motion Picture and Television Engi- 
neers Abbreviation, SMPTE. A group that de- 
cides on various procedures in video recording 
and reproduction, both on magnetic media (tape 
or disk) and on film. 

socket A (usually female) fixture into which a plug, 
integrated circuit, or other component is inserted 
for easy installation in, or removal from, a circuit. 

socket punch See PUNCH, 2. 

sodium Symbol, Na. A metallic element of the al- 
kali-metal group. Atomic number, 11. Atomic 
weight, 22.9898. 

sodium silicate See WATER GLASS. 

sodium-vapor lamp A gas-discharge lamp con- 
taining neon and a small amount of sodium. After 
the filaments of the lamp are lighted for a short 
time, the heat vaporizes the sodium, and the fila- 
ments are disconnected by an automatic switch. 
Under the influence of the voltage across the 
lamp, the sodium vapor glows with a characteris- 
tic yellow light. 

sofar A system for pinpointing the source of under- 
water sounds (coming from as far away as 2000 
miles) through triangulation. The name is an 
acronym for sound fixing and ranging. 

soft-drawn wire Wire that is highly malleable, and 
is therefore easily bent and unbent. Compare 
HARD-DRAWN WIRE. 

soft iron A grade of iron, used in some cores, that 
is easily demagnetized. 

soft solder A low-melting-point solder. 

software 1. Vendor-supplied or user-generated 
programs or groups of programs for a computer 
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or computer system. 2. The detailed instructions 
for performing a particular operation with a cal- 
culator or a computer. 

software-defined radio Abbreviation, SDR. 1. 
Wireless communications in which the modula- 
tion waveforms and protocols are generated and 
decoded by computer software. This allows a 
single, microcomputer-controlled radio receiver, 
transmitter, or transceiver to operate in a variety 
of services that use different protocols. Changing 
the modulation waveform or protocol requires 
only a change in the program run by a micro- 
computer that controls the radio. 2. A receiver, 
transmitter, or transceiver that employs the 
technology defined in (1). 3. The use of wireless 
equipment that employs the technology defined 
in (1). 

soft X rays Low-frequency (long-wavelength) 
X rays. Such radiation has relatively poor pene- 
trating power. Compare HARD X RAYS. 

sol 1. Abbreviation of SOLUTION. 2. Abbreviation 
of SOLUBLE. 

solar access For a specific property or location, the 
availability of direct exposure to the sun’s rays as 
a source of energy. 

solar absorption index A quantitative measure of 
the effect of the sun on the ionospheric absorp- 
tion of radio waves. 

solar activity See 
SUNSPOT cycle. 

solar battery A battery composed of solar cells 
connected in series and/or parallel for increased 
output. 

solar cell A photovoltaic power transducer that 
converts visible light to electricity. It is called a 
cell because its output is a low direct-current 
voltage. Such cells can be connected in series 
and/or parallel to provide useful electric power 
output. 

solar cycle See SUNSPOT CYCLE. 

solar energy 1. The total energy arriving from the 
sun, over a given period of time and within a spe- 
cific surface area, at a given location on the sur- 
face of the earth. 2. Any energy derived entirely 
from the sun. 

solar-energy conversion Any process that changes 
solar radiant energy into another useful form. 

solar flare A violent storm on the surface of the 
sun. These events tend to occur near the peak of 
the ll-year sunspot cycle. They cause an in- 
crease in the level of radio noise that comes from 
the sun, and they emit high-speed subatomic 
particles that reach earth a few hours after the 
first appearance of the flare. Because the parti- 
cles are electrically charged, they are accelerated 
by the geomagnetic field. Sometimes a geomag- 
netic storm results, producing aurora near the 
poles and deterioration of ionospheric radio- 
propagation conditions. 

solar flux An indicator of general solar activity. The 
solar noise level is measured at a particular fre- 
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quency, such as 2800 MHz. The solar flux tends to 
be highest during periods of the greatest sunspot 
activity and immediately following a solar flare. 

solar laser See SUNLIGHT-POWERED LASER. 

solar noise Broadband electromagnetic noise gen- 
erated by the sun. In particular, noise that occurs 
at radio frequencies and affects satellite, moon- 
bounce, and space communications. This noise 
varies in intensity with the 11-year sunspot cycle, 
being generally higher at and near sunspot max- 
ima. A solar flare can cause a sudden and dra- 
matic increase in the noise at all wavelengths. 
See SOLAR FLARE. 

solar panel An array consisting of a number of se- 
ries-connected or series-parallel-connected solar 
cells mounted on a flat plate. 

solar power Useful amounts of electricity obtained 
from suitable arrays of solar cells. 

solar radiation Electromagnetic energy of various 
wavelengths originating in the sun. Such radia- 
tion, after passing through the earth’s atmo- 
sphere, consists mostly of infrared rays and 
visible light. Some ultraviolet rays also reach the 
earth’s surface. 

solar relay See SUN SWITCH. 

solar switch See SUN SWITCH. 

solar wind Continuous emission of high-speed sub- 
atomic particles by the sun. It causes distortion of 
the lines of flux in the earth’s magnetic field. It be- 
comes more intense following a solar flare. 

solder 1. A metal alloy (usually of tin and lead) that 
is melted to electrically and mechanically join 
pieces of other metals. Also see HARD SOLDER 
and SOFT SOLDER. 2. To join metals with solder. 


solder 
Solder Melting point Principal 
type (CFPC) uses 
Tin-lead 50 : 50, 430/220 Electronic 
rosin-core circuits 
Tin-lead 60 : 40, 370/190 Electronic 
rosin-core circuits, 
low-heat 
Tin-lead 63 : 37, 360/180 Electronic 
rosin-core circuits, 
low-heat 
Tin-lead 50 : 50, 430/220 Non-electronic 
acid-core metal bonding 
Silver 600/320 High-current, 


high-heat 


soldering Joining (usually nonferrous) metal parts 
with solder, a lead-alloy substance. Compare 
BRAZING. 

soldering gun An electric soldering iron having the 
general shape of a handgun. The element heats 
and cools more rapidly than the element in a 
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typical soldering iron. The element is heated by 
pressing a device similar to the trigger on a pistol. 

soldering iron An electric or nonelectric tool hav- 
ing a heated tip for melting solder. 

solderless breadboard A foundation (see BREAD- 
BOARD, 1) on which a circuit can be assembled 
by plugging components into tiny jacks without 
the use of solder. 

solderless connection A connection between 
leads, or between leads and terminals, accom- 
plished entirely through crimping, pinching, 
splicing, or wire wrapping. Solder is not used. 
Also see WIRE-WRAP CONNECTION. 

solderless terminal A terminal to which a solder- 
less connection can be made. Also see WRAP 
POST. 

solenoid 1. A coil of wire having a single layer, 
wound on a cylindrical form. 2. A multilayer coil 
used as an electromagnet, and usually having a 
straight, iron core. 


Metal 
rod 


solenoid 


solenoid switch A switch consisting of a solenoid 
coil (see SOLENOID, 2) into which a core is pulled 
by the magnetic field to close a pair of contacts. 

solid 1. One of the states of matter. It is character- 
ized by a definite shape and volume, and by 
atoms that maintain a fixed position, relative to 
each other. Compare GAS, LIQUID, and PLASMA. 
2. An enclosed, defined volume of three-dimen- 
sional space. 3. In communications, descriptive 
of error-free reception of a series of coded signals. 
4. In printing and data transmission, a large 
print area whose entire surface is of equal and 
maximum intensity (of ink, light, or darkness). 

solid angle Unit, steradian. The angle within the 
apex of a cone formed by all line segments be- 
tween the center of a sphere and a defined circle 
on the surface of the sphere. 

solid circuit Any circuit consisting of a single piece 
of hardware that is not normally separated into 
smaller parts. 

solid conductor See SOLID WIRE. 

solid electrolyte A solid substance affording ionic 
action similar to that in a liquid electrolyte. 

solid electrolytic capacitor A capacitor using a 
solid electrolyte. 

solid ground See DIRECT GROUND. 
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solid-state Pertaining to devices and circuits in 
which the flow of charge carriers (electrons and 
holes) is controlled in specially prepared blocks, 
wafers, rods, or disks of solid materials. Semicon- 
ductor devices, such as transistors and inte- 
grated circuits, are solid-state components. 

solid-state battery An atomic battery consisting 
essentially of a photovoltaic cell in combination 
with a quantity of radioactive material, whose ra- 
diation causes the cell to generate electricity. 

solid-state camera A video camera device that 
makes use of solid-state technology. The target is 
a matrix of charge-coupled devices (CCDs). When 
light strikes these devices, charge carriers are 
separated in a manner similar to that in a photo- 
voltaic cell. The matrix is scanned according to a 
particular scheme, and the voltages developed in 
each CCD combine to produce the video signal 
output. 

solid-state capacitor See SOLID ELECTROLYTIC 
CAPACITOR. 

solid-state chronometer Any semiconductor de- 
vice to indicate or measure time. 

solid-state circuit See MONOLITHIC 
GRATED CIRCUIT. 

solid-state lamp 1. See LIGHT-EMITTING DIODE. 
2. See LASER DIODE. 3. See ELECTROLUMI- 
NESCENT CELL. 

solid-state maser A device, such as the ruby 
maser, in which the stimulated medium is a solid 
material. 

solid-state photosensor A semiconductor photo- 
diode or phototransistor, as opposed to a photo- 
tube. 

solid-state physics The branch of physics con- 
cerned with the nature and applications of such 
solids as electronic semiconductors. 

solid-state relay 1. A sensitive relay consisting of 
a conventional electromagnetic relay preceded by 
a transistorized amplifier. 2. A completely elec- 
tronic relay (i.e., one without moving parts) in 
which switching transistors provide the on and 
off states. 3. See THYRISTOR. 

solid-state thermometer An electronic thermo- 
meter utilizing one or more solid-state compo- 
nents, such as transistors, integrated circuits, or 
thermistors. 

solid-state thyratron See SILICON-CONTROL-LED 
RECTIFIER and SILICON-CONTROLLED SWITCH. 

solid-state tube A semiconductor device (diode, 
rectifier, transistor, SCR, etc.) whose housing and 
base allow it to replace directly an electron tube. 

solid tantalum capacitor A capacitor using tanta- 
lum as a solid electrolyte. 

solid wire Wire consisting of a single strand of 
metal. Compare STRANDED WIRE. 

solute A substance that is dissolved in some other 
substance. Also see SOLUTION, 1. 

solution 1. A well-diffused mixture of two or more 
substances. It can consist of a gas in a liquid, a 
gas in a solid, a gas in a gas, a liquid in a solid, or 
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a solid in a solid. A solution, typically, is molecu- 
lar (i.e., there is no chemical reaction between its 
constituents). Also see SATURATED SOLUTION; 
SOLUTE; SOLVENT, 1; and SUPERSATURATED 
SOLUTION. 2. The result of solving a problem or 
making a calculation. Also called answer or result. 

solution conductivity The electrical conductivity 
of a solution, such as an electrolyte. The conduc- 
tivity (and conversely, the resistance) depends on 
the number and mobility of ions in the solution. 

solution-conductivity bridge A direct-current 
bridge specially designed and calibrated to mea- 
sure the conductivity of chemical solutions. 

solution pressure In an electrolyte into which a 
metal body is immersed, the force that causes the 
metal to tend to pass into solution as positive 
ions and to form a Helmholtz double layer. 

solvent 1. A fluid that dissolves other materials. 
2. The constituent of a solution that dissolves one 
or more other constituents. Thus, in a saltwater 
solution, water is the solvent and salt the solute. 
Also see SOLUTION, 1. 

SOM Abbreviation of start of message. 

Sonalert Tradename for a small, but loud, sound 
reproducer used with solid-state circuits for 
alarm purposes. 

sonar A system of detection and ranging by means 
of sonic and ultrasonic signals. In this system of 
echo ranging, the distance to an underwater ob- 
ject is determined from the time it takes a sound 
signal to reach the object and be reflected back to 
the transmitter. The name is an acronym for 
sound navigation and ranging. 
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sonde A device for automatically gathering metero- 
logical data at high altitudes. An example is the 
radiosonde. 

sone A unit of loudness for an individual listener. 
The level of 1 sone is the loudness of a 1000-Hz 
tone that is 40 dB above the particular listener’s 
threshold of hearing. 

sonic altimeter An altimeter (see ABSOLUTE AL- 
TIMETER) using sound waves. The time required 
for a transmitted wave to reach a target and be 
reflected back to the transmitter is proportional 
to the distance between the transmitter and the 
target. 

sonic boom An explosive sound occurring when 
the shock wave produced by an aircraft flying at 
supersonic speed strikes the earth. 

sonic delay line A delay line using electroacoustic 
transducers and an intervening medium through 
which a sound wave is transmitted. 

sonic depth finder See ACOUSTIC DEPTH 
FINDER. 

sonic thermocouple A thermocouple whose heat- 
absorbing properties are enhanced by subjecting 
it to acoustic vibrations. 

sonobuoy A buoy equipped with an acoustic re- 
ceiver and radio transmitter. The device is 
parachuted into the water, where it receives sub- 
marine sounds and transmits them to a monitor- 
ing station. Several sonobuoys communicating 
with a computer will track the path of a subma- 
rine. 

sonovox An electronic device used to produce spe- 
cial sound effects when it is held against the 
throat of the operator. The special sounds are 
formed into words by the operator’s mouth. 

SOP Abbreviation of standard operating procedure. 

sophisticated electronics Advanced electronics 
theory and operations, usually dealing with com- 
plex devices or systems and requiring rigorous 
analysis to describe their operation and de- 
vise applications. Compare UNSOPHISTICATED 
ELECTRONICS. 

sorption processes Processes whereby certain 
substances (e.g., activated charcoal) occlude and 
retain gases and vapors. A chamber containing 
such a substance is often useful in the produc- 
tion of a vacuum. Sorption includes both absorp- 
tion and adsorption. 

sort 1. To group information items using their 
keys. Also see KEY. 2. To group information items 
according to some system of classification, as to 
print an alphabetical list of words stored in a ran- 
dom sequence. 

sorting routine A computer program for sequenc- 
ing data items according to key words (values in 
specific fields) of the different records. 

SOS 1. The international radiotelegraph distress 
signal; equivalent to mayday in radiotelephony. It 
consists of three dits (“dots”), followed by three 
dahs (“dashes”), followed by three more dits. 
2. Abbreviation of SILICON ON SAPPHIRE. 
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sound The vibratory or wave phenomenon to which 
the sense of hearing is responsive. Conducted by 
waves in solids, liquids, and gases; not propa- 
gated through a vacuum. 

sound absorption The nonreflection and nontrans- 
mission of acoustic energy by a body or medium, 
and the attendant conversion of the acoustic en- 
ergy into another form of energy (usually heat). 

sound absorption coefficient A quantitative ex- 
pression of the extent to which a surface absorbs 
acoustic energy (as opposed to reflecting, trans- 
mitting, diffusing, or scattering it). 

sound amplifier 1. An audio amplifier—especially 
the sound channel of a television system. 2. A de- 
vice, such as a horn or reflector, that directly 
boosts the intensity of sound at a given listening 
point. 

sound analyzer An instrument, often a wave ana- 
lyzer equipped with a microphone, for measuring 
such characteristics of sound as amplitude, fre- 
quency (pitch), and harmonic content (timbre). 

sound articulation See ARTICULATION. 

sound bars In a television picture, horizontal bars 
resulting from interference between the audio 
and video channels of the receiver. 

sound carrier In a television signal, the frequency- 
modulated carrier that transmits the audio part 
of the program. Compare VIDEO CARRIER. 

sound chamber An air enclosure, usually a box or 
can, for modifying the acoustic qualities of sound 
or of an audio signal. 

sound detector The discriminator or ratio detector 
that demodulates the sound signal in a television 
receiver circuit. 

sound-energy density Sound energy per unit vol- 
ume, expressed in joules per cubic meter or ergs 
per cubic centimeter. 

sound-energy flux The average rate of flow of 
sound energy through a specified area, as ex- 
pressed in ergs or joules per second. 

sound field A volume of space or material contain- 
ing sound waves. 

sound film Motion-picture film on which a sound 
track is recorded. Also see OPTICAL SOUND 
RECORDING. 

sound flux The rate of flow of sound energy, usu- 
ally expressed in terms of sound pressure at a 
point or over a unit area normal to the direction 
of sound propagation. 

sound gate An optical device used to convert the 
sound track of a movie film into electrical impulses. 

sound generator Any combination of oscillator, 
amplifier, and transducer (loudspeaker or head- 
phones) for producing sound waves. 

sound-hazard integrator An instrument used to 
measure cumulative noise exposure received by 
persons in noisy environments. One such instru- 
ment provides direct readings in percent of per- 
missible exposure. 

sound IF amplifier In a television receiver circuit, 
the separate amplifier for the sound intermediate 
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frequency. See, for illustration, INTERCARRIER 
RECEIVER and SPLIT-SOUND RECEIVER. 

sound-level meter See SOUND SURVEY METER. 

sound marker A marker indicating the sound- 
carrier point on a television alignment curve 
displayed on an oscilloscope screen. 

sound-marker generator A special radio- 
frequency signal generator (or a special circuit in 
a television-alignment generator) for the produc- 
tion of a sound marker. 

sound mirage See ACOUSTIC MIRAGE. 

sound mix In sound recording or reproduction, the 
composite output from an audio mixer circuit. 

sound-on-film recording See OPTICAL SOUND 
RECORDING. 

sound-on-sound recording The simultaneous 
recording (on a single track on magnetic tape) of 
new material with previously recorded material. 
The old recording is not erased. 

sound-operated relay 1. A relay operated indi- 
rectly from sound, through the medium of a 
pickup microphone and amplifier. 2. A relay hav- 
ing a delicately poised armature that operates di- 


rectly from sound vibrations. 
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sound power The total sound energy per unit time 
produced by a sound source, as expressed in ergs 
per second or in watts. 

sound power level The extent, in decibels, by which 
SOUND POWER exceeds one picowatt (107!? watt). 
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sound pressure 1. The force exerted by sound 
waves on a surface area, expressed in dynes per 
square centimeter (as an rms value over 1 cycle). 
The sound pressure is proportional to the square 
root of sound-energy density. 2. The instanta- 
neous difference between actual air pressure and 
average air pressure at a given point. 

sound pressure level The extent, in decibels, via 
which SOUND PRESSURE exceeds 20 micropas- 
cals (2.0 x 10? pascal). 

sound probe A transducer used to receive acoustic 
vibrations for detection or measurement pur- 
poses. 

sound recording The electrical recording of sound, 
using cylinder, disc, tape, wire, or other compa- 
rable storage medium. 

sound-recording system A complete, integrated 
array of equipment for recording sound, includ- 
ing such components as microphones, ampli- 
fiers, pickups, filters and other shaping net- 
works, attenuators, level indicators, and 
recording mechanisms. (Compare SOUND- 
REPRODUCTION SYSTEM. 

sound reinforcement [Intensification of sound by 
horns, resonant chambers, or other acoustical 
devices. 

sound relay See SOUND-OPERATED RELAY. 

sound reproduction The electrical reproduction of 
sound from recordings on vinyl discs, magnetic 
tapes, magnetic discs, compact optical disbs, etc. 

sound-reproduction system A complete, inte- 
grated array of equipment for the playback of 
recorded sound, including such components as 
tape or record players, amplifiers, filters and 
other shaping networks, attenuators, level indi- 
cators, loudspeakers, and headphones. Compare 
SOUND-RECORDING SYSTEM. 

sound spectrograph A device that produces a dis- 
play of sound amplitude vs. frequency. Similar to 
a SPECTRUM ANALYZER, except that it operates 
at audio frequencies (about 20 Hz to 20 kHz) and 
is actuated by acoustic disturbances, rather than 
by electromagnetic signals. 

sound spectrum The continuous band of fre- 
quencies (about 20 Hz to 20 kHz) constituting 
audible sounds, and sometimes the immediately 
adjacent (subaudible and superaudible) fre- 
quencies. 

sound stage The apparent dimensions of a sound 
source. 

sound survey meter A portable instrument for 
measuring the intensity and other characteristics 
of sound. 

sound sweetening In audio recording or reproduc- 
tion, the modification of the sound to achieve 
some desired effect. 

sound system A sound-recording system, sound- 
reproduction system, or a combination of the two. 

sound takeoff In a television receiver circuit, the 
point at which the frequency-modulated sound 
signal is extracted from the complex signal. 
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sound track The variable-density or variable-width 
recording on one side of the film in sound-on-film 
recording and reproduction. Also see OPTICAL 
SOUND RECORDING. 

sound transducer See ACOUSTIC TRANSDUCER. 

sound-transmission coefficient See ACOUSTI- 
CAL TRANSMITTIVITY. 

sound trap In a television receiver circuit, a wave- 
trap that prevents the sound signal from entering 
the picture channels. 

sound unit See PHONE, 2. 

sound wave The vibratory phenomenon produced 
in a medium by acoustic energy. A sound wave in 
air consists of alternate compressions and rar- 
efactions of the air. Also see ACOUSTIC WAVE. 

source 1. The origin of a signal or electrical energy 
(e.g., a transmitting station). 2. In a field-effect 
transistor, the electrode that is equivalent to the 
emitter of a common-emitter-connected bipolar 
transistor, or the cathode of a vacuum tube. 
3. That which is being transcribed to magnetic 
tape. 4. Manufacturer, wholesaler, or retailer. 

source circuit 1. The circuit associated with the 
source electrode of a field-effect transistor. 2. A 
generator circuit. Compare SINK CIRCUTT. 

source code See SOURCE LANGUAGE. 

source computer A computer for compiling a 
source program. 

source-coupled multivibrator A multivibrator cir- 
cuit using field-effect transistors, in which feed- 
back coupling is achieved with a common source 
resistor for the two FETs. This circuit is equiva- 
lent to the emitter-coupled bipolar-transistor- 
type multivibrator. 

source data automation A means of storing a 
master data file for easy duplication, whenever 
necessary. 

source deck An audio or video tape player that re- 
produces original recordings in the editing process. 

source follower A field-effect-transistor circuit in 
which the output is taken across a resistor be- 
tween source and ground. This circuit is equiva- 
lent to the emitter follower, and is a unity-gain 
stage whose impedance-transformation charac- 
teristics make it ideal in signal conditioning, 
buffering, and impedance-matching applications. 


source follower 
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source impedance 1. The impedance of a genera- 
tor in a circuit. 2. The impedance of the source 
electrode of a field-effect transistor. 

source language A computer programming lan- 
guage from which is derived (by a compiler) the 
machine (object) language on which the computer 
operates. 

source program A computer program written ina 
source language. 

south magnetic pole The south pole of the equiv- 
alent bar magnet constituted by earth’s magnetic 
field (see EARTH’S MAGNETIC FIELD). The south 
magnetic pole lies close to the geographic south 
pole. Compare NORTH MAGNETIC POLE. 

south-seeking pole Symbol, S. The so-called 
south pole of a magnet. When a bar magnet is 
suspended horizontally, this pole points to 
earth’s south magnetic pole. Compare NORTH- 
SEEKING POLE. 

SP Abbreviation of STACK POINTER. 

sp 1. Abbreviation of single pole. 2. Abbreviation of 
special. 

space-charge field 1. The electric field existing 
within a group of charged particles. 2. The elec- 
tric field existing in a plasma. 

space diversity See DIVERSITY RECEPTION. 

space-diversity reception See DIVERSITY RE- 
CEPTION. 

space division A method of data transfer in which 
different paths are used for the transmission of 
different signals. 

space-division switch A switch having two or more 
ports and different paths connecting the ports. 

space lattice The three-dimensional, redundant 
pattern formed by atoms and molecules in a crys- 
tal and having a shape that is characteristic of a 
particular crystalline material. 

spacer An insulating rod or bar that serves to hold 
apart the conductors of a two-wire, four-wire, or 
coaxial air-dielectric transmission line. 

space suppression Following the printing of a line 
by a printer, the prevention of normal paper travel. 

space-time-space switch Abbreviated STS switch 
or STSS. A large switching array with two space 
switch blocks and a time switch block between 
them. 

space wave One of the components of an electro- 
magnetic ground wave. The space wave, unlike 
the surface wave, is not earth-guided. It has two 
components: the direct wave and the ground- 
reflected wave. 

spaghetti Slender, varnished-cambric tubing used 
as slipover insulation for wires and busbars. 

span On an instrument scale, the difference be- 
tween the highest value and the lowest value. 

spark See ELECTRIC SPARK. 

spark absorber 1. See SPARK SUPPRESSOR. 2. 
See KEY-CLICK FILTER. 

spark coil A small induction coil. Its name is de- 
rived from its initial purpose of supplying the 
high voltage for spark plugs in gas engines. 


source impedance + special character 645 


spark energy The energy dissipated by an electric 
arc or spark. 

spark gap A device consisting essentially of two 
metal points, tips, or balls that are separated by a 
small air gap. A high voltage applied to the elec- 
trodes causes a spark to jump across the gap. 

sparking distance The maximum separation of 
the electrodes of a spark gap at which a given 
voltage will produce a spark. 

sparking voltage The lowest voltage that will 
cause a spark to jump across a gap of a given 
width. 

spark killer See SPARK SUPPRESSOR. 

sparkover A discharge in air, a vacuum, or a di- 
electric. It is characterized by sparking between 
electrodes in the medium. 

spark plate In some automobile radios, a noise- 
interference-eliminating bypass capacitor in 
which the chassis is one plate. 

spark-plug suppressor A small resistive device 
connected in series with a spark plug to suppress 
electrical noise arising from the ignition in an in- 
ternal combustion engine. 

spark quencher See SPARK SUPPRESSOR. 

spark suppressor A resistor, capacitor, and/or 
diode used to eliminate or minimize sparking be- 
tween make-and-break contacts. 


To keyed 
circuit 
spark suppressor 
spark-suppressor diode See SUPPRESSOR 


DIODE. 

spatial distribution The three-dimensional direc- 
tional pattern of a transducer (such as an an- 
tenna, microphone, or speaker). 

spc 1. Abbreviation of silicon point contact. 2. Ab- 
breviation of silver-plated copper. 

SPDT Abbreviation of SINGLE-POLE/DOUBLE- 
THROW (switch or relay). 

speaker See LOUDSPEAKER. 

speaker damping See DAMPED LOUDSPEAKER. 

speaker-level audio In a sound reproduction sys- 
tem, radio receiver, or other audio circuit, an au- 
dio-frequency signal of sufficient amplitude to 
drive a speaker or speaker system directly, with- 
out the need for additional amplification. 

speaking arc A method of modulated-light trans- 
mission. An electric arc is modulated by audio- 
frequency signals. 

special character A printed, displayed, or encoded 
character other than a numeral or letter, such as 
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an ampersand (&) or a pound sign (#). Also called 
SYMBOL. 

special effects Various techniques used in film- 
making, computer animation, and videotape 
recording for achieving certain visual scenes or 
images. 

special-purpose computer A computer designed 
to handle problems or be suitable for applications 
of a specific category; a dedicated computer. 

special-purpose calculator An electronic calcula- 
tor intended for essentially “nonmathematical” 
purposes, such as biorhythm data, astrological 
information, metric conversions, musical com- 
posing, etc. 

specific address See ABSOLUTE ADDRESS. 

specification 1. For an electronic device, a state- 
ment of performance over specific parameters. 
Example: for a high-fidelity stereo amplifier, 50 
watts per channel over a frequency range of 10 Hz 
to 30 kHz, with less than 1 percent total har- 
monic distortion. 2. A precise listing of require- 
ments or expectations. 

specific conductivity Conductance per unit vol- 
ume. In SI units, this is expressed in siemens per 
cubic centimeter (S/cm?). 

specific dielectric strength For an insulant, the 
dielectric strength per millimeter of thickness. 

specific gravity Abbreviation, sp gr. The ratio of 
the density of a material to the density of a sub- 
stance accepted as a standard (usually water at 4 
degrees Celsius or 39.2 degrees Fahrenheit). 

specific inductive capacity See DIELECTRIC 
CONSTANT. 

specific resistance See RESISTIVITY. 

specific sound-energy flux See SOUND INTEN- 
SITY. 

spectral comparative pattern recognizer Acro- 
nym, SCEPTRON. Equipment used to classify 
automatically complex signals obtained from 
information that has been converted into electri- 
cal signals. 

spectral density For a complex signal, the amount 
of energy contained within a given band of fre- 
quencies. 

spectral energy distribution The occurrence of 
different amounts of energy in different areas of a 
spectrum (as in a visible-light spectrum, sound 
spectrum, or radio-frequency spectrum). 

spectral response The characteristic of a device, 
such as a photocell or the human eye, that de- 
scribes the device's sensitivity to radiations of 
various frequencies in a given spectrum. 

spectral sensitivity The color response of a light- 
sensitive device. 

spectrograph A recording SPECTROMETER. 

spectrometer 1. An instrument used to measure 
spectral wavelengths. 2. An instrument used to 
measure the index of refraction. 3. See MASS 
SPECTROMETER. 

spectrophotometer A photoelectric instrument for 
chemical analysis. In the device, light passing 
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through the material under analysis is broken up 
into a spectrum that is examined with a photo- 
electric circuit, which, in turn, plots a spectro- 
gram. 

spectroscope An instrument that resolves a radia- 
tion into its various frequency components and 
permits measurement of each. 

spectrum A band of frequencies or wavelengths 
(e.g., radio spectrum, visible-light spectrum, and 
sound spectrum). 

spectrum analyzer 1. An automatic wave analyzer 
with a visual display (oscilloscope). 2. A scanning 
receiver with a screen that shows a plot of signals 
and their bandwidths over a specific frequency 
band. 


pr Amplitude axis 


Frequency 
axis 


\ 
li 


Signals 


spectrum analyzer, 2. 


specularity A qualitative or experimentally derived 
expression of the efficiency with which a 
DIFFRACTION GRATING works. 

specular reflection Reflection in which the re- 
flected ray is in the same plane as the incident 
ray, as in reflection from an extremely smooth 
surface. 

speech amplifier A (usually low-level) audio am- 
plifier designed especially for speech frequencies. 
It is generally used to amplify the signals from a 
microphone. 

speech clipper A device, such as a biased diode, 
(see POSITIVE PEAK CLIPPER) for holding speech 
signals to a constant amplitude. Compare 
SPEECH COMPRESSOR. Also see SPEECH CLIP- 
PING. 

speech clipping The use of a limiting circuit to 
maintain the output-signal amplitude of a speech 
amplifier against fluctuations in the intensity of 
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speech input. The resulting signal requires filter- 
ing to remove harmonics generated by the pro- 
cess. Compare SPEECH COMPRESSION. 

speech compression Automatic regulation of the 
gain of a speech amplifier to maintain its output- 
signal amplitude against speech-input fluctua- 
tions. Compare SPEECH CLIPPING. 

speech compressor A circuit or device, such as an 
automatic-gain-control (agc) system, for perform- 
ing speech compression. Compare SPEECH CLIP- 
PER. 

speech digit signaling A method of digital signal- 
ing, where time slots generally used for encoded 
audio or video are used alternately for signaling. 

speech frequencies See VOICE FREQUENCIES. 

speech intelligibility The quality of reproduced 
speech that makes it easily understood by a rea- 
sonably proficient user of the language. For good 
speech intelligibility, a circuit should transmit 
frequencies between 300 Hz and 3000 Hz with 
minimal distortion. Increased bandwidth im- 
proves fidelity, but does not provide a significant 
increase in intelligibility for normal speech. 

speech inverter See SCRAMBLER CIRCUIT. 

speech power 1. The alternating-current power in 
an electric wave corresponding to speech, as op- 
posed to that in a sine wave. 2. Sound power in a 
speech transmission. 

speech recognition The ability of a device to 
translate audible spoken words, phrases, or sen- 
tences into binary digital signals that can be used 
by machines, such as computers and robots. 

speech recognizer An electronic device that trans- 
lates audible spoken words, phrases, or sen- 
tences into binary digital signals that can be used 
by machines, such as computers and robots. 

speech scrambler See SCRAMBLER CIRCUIT. 

speech synthesis The ability of a device to trans- 
late binary digital signals from a machine, such 
as a computer or robot, into audible, coherent 
spoken words, phrases, or sentences. 

speech synthesizer An electronic device that 
translates binary digital signals from a machine, 
such as a computer or robot, into audible, coher- 
ent spoken words, phrases, or sentences. 

speed key 1. A semiautomatic key for manual gen- 
eration of Morse code characters. 2. A similar, 
fully automatic key used especially for high- 
speed telegraphy. 

speed of light Symbol, c. The speed at which elec- 
tromagnetic waves propagate in a vacuum; ap- 
proximately 299,792 kilometers per second 
(186,282 miles per second). 

speed ofsound The speed at which acoustic waves 
propagate. It depends on the nature of the 
medium. In air, at ordinary temperatures, it is 
approximately 344 meters (1129 feet) per second. 
In fresh water, it is approximately 1463 meters 
(4800 feet) per second. 

speed of transmission The amount of data sent in 
a given unit of time. It is generally measured in 
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bits per second (bps), characters per second (cps), 
characters per minute (cpm), or words per minute 
(wpm). It is used primarily for digital codes. 

speedup capacitor See COMMUTATING CAPACI- 
TOR. 


SPFW Abbreviation of SINGLE-PHASE FULL-WAVE. 

sp gr Abbreviation of SPECIFIC GRAVITY. 

sphere 1. A closed surface in three-dimensional 
Space, represented by the set of all points 
equidistant from a specified center point. 2. A 
solid in three-dimensional space, represented by 
the set of all points on or within a closed surface, 
as defined in 1. 

sphere gap A spark gap in which the spark passes 
between two polished metal spheres. When the 
air gap is adjustable, unknown high voltages can 
be measured in terms of the largest gap width at 
which sparking occurs. Compare NEEDLE GAP. 

sphere-gap voltmeter See SPHERE VOLTMETER. 

sphere voltmeter A gap voltmeter using a SPHERE 
GAP. 

spherical aberration In a spherical lens, mirror, or 
reflecting dish, distortion as a result of the spher- 
ical (as opposed to paraboloidal) shape of the sur- 
face. This causes the focus to be elongated into a 
short line segment along the principal axis. 

spherical angle An angle formed by the intersec- 
tion of two arcs on the surface of a sphere. 

spherical coordinate geometry A scheme for 
guiding a robot arm in three dimensions via 
SPHERICAL COORDINATES. The length (radius) 
of the arm can be varied, as can the elevation (lat- 
itude) and azimuth (longitude). 

spherical coordinates A method of defining a 
point (P) in three-space using two angles (latitude 
and longitude) and a radial distance (r) from the 
origin. 

spherical degree A unit equal to %20 of the surface 
area of a sphere. 

spherical distance The length of the shortest arc 
(lying on a great circle) connecting two specified 
points on a sphere. 

spherical divergence The manner in which energy 
normally propagates from a fixed point source in 
three dimensions. Wavefronts expand from the 
source in the form of spheres, whose centers are 
at the point source. 

spherical reflector A microwave reflector (dish) 
whose contour is that of a sphere, rather than 
that of a paraboloid. 

spherical wave A wave characterized by wave- 
fronts that are concentric spheres. 

spheroidal antenna A sheetmetal or wire-mesh 
antenna having the cross section of a sphere that 
is flattened at the ends of one axis. 

SPHW Abbreviation of SINGLE-PHASE HALF-WAVE. 

spider 1. The flat, round, springy part that holds the 
apex of the vibrating cone of a dynamic speaker. 
2. A quickly assembled, chassisless hookup in 
which the pigtails of components form the wiring 
and the mechanical support for a circuit. 
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spiderweb antenna A set of dipole antennas for 
different frequencies, arranged in a common 
(usually horizontal) plane. The result is a broad- 
band antenna. 


Radiators 


Radiators 
Feed line 


spiderweb antenna 


spiderweb coil A flat, single-layer coil in which a 
strand of wire is woven over and under the 
spokes of a wheel-like form, and having the gen- 
eral appearance of a spiderweb. The criss-cross 
winding reduces distributed capacitance by 
breaking up the parallelism of adjacent turns. 

spike 1. A current or voltage pulse of extremely 
short duration. 2. A sharp transient, such as an 
overshoot on a pulse or square wave. 

spike suppressor A clipper or similar device for re- 
moving a spike from a signal voltage. 

spin A quantity of angular momentum possessed 
by a subatomic particle. It can be positive, nega- 
tive, or zero, but it always exists in integral mul- 
tiples of %. 

spindle 1. The pivoted shaft that carries the mov- 
able element and rotates between the pivots in a 
meter movement. 2. The rotor of an alternator— 
especially when the rotor is a permanent magnet. 
3. The rotating shaft in a motor, generator, or 
similar electric machine. 

spinning electron An electron having nonzero an- 
gular momentum. 

spinthariscope An optical device for observing the 
effect of alpha particles emitted by a radioactive 
substance, from the scintillations they produce 
upon striking a small, fluorescent screen. 

spiral coil See DISK WINDING. 

spiral distortion A form of television camera-tube 
distortion caused by spiraling of the electrons as 
they are emitted from the photocathode. The re- 
sult is a twisted image. 
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spiral-rod oscillator A parallel-line-type oscillator 
in which the lines are rods that are rolled up into 
spirals to conserve space. Also see LINE-TYPE 
OSCILLATOR. 

spiral sweep 1. A means of sweeping the electron 
beam in a cathode-ray tube to produce a spiral 
trace on the screen. 2. The circuit for producing 
such a sweep. 

spiral trace See SPIRAL SWEEP. 

spiral winding See DISK WINDING. 

spkr Abbreviation of speaker (see LOUDSPEAKER). 

splatter See SIDEBAND SPLATTER. 

splatter-suppression filter In an amplitude-mod- 
ulated (AM) or single-sideband (SSB) radio trans- 
mitter, a low-pass filter inserted between the 
output of the audio amplifier and the audio input 
of the modulator. It suppresses high-frequency 
audio components that would otherwise cause 
sideband splatter. 

splaying The construction of a room or auditorium 
so that the walls do not meet at right angles. It is 
useful in optimizing the acoustic characteristics 
of the enclosure because it tends to reduce 
acoustic resonant effects. 

splice 1. A physical or electrical connection be- 
tween two wires, made by tightly winding the 
ends together. Solder is often applied for addi- 
tional mechanical strength and electrical conti- 
nuity. 2. A physical connection between two 
lengths of magnetic tape, made in such a way as 
to cause minimal disturbance in reproduced au- 
dio, video, or data. 3. To prepare a joint, as de- 
fined in 1 or 2. 

splicer A device for making a SPLICE. 

splicing block A device specifically designed to fa- 
cilitate easy splicing of audio, video, or digital 
magnetic tape. 

splicing tape A durable, flexible adhesive designed 
to hold a magnetic-tape splice together. 

spline-based modeling In video animation and ad- 
vanced computer graphics, a scheme that uses 
curve-generating formulas (e.g., Bezier curves) to 
create lifelike images. 

split-anode magnetron A magnetron in which the 
plate (anode) consists of two semicylinders with 
the cathode at their axis. 


Envelope 


One-half 
anode 


One-half 
anode 


(Magnet not shown) 


Cathode 


split-anode magnetron 


ÓN 


spiral-rod oscillator + spot modulation 649 


split-load phase inverter See PARAPHASE IN- 
VERTER. 

split-phase motor A fractional-horsepower, alter- 
nating-current motor that starts like a two-phase 
motor and runs like a single-phase motor. After 
the machine approaches approximately 75 per- 
cent of full speed, a centrifugal switch cuts out 
the starting winding. 

split projector An acoustic transmission device 
with several independently operated transducers. 

split-reed vibrator See SELF-RECTIFYING VIBRA- 
TOR. 

split-rotor plate See SERRATED ROTOR PLATE. 

split-stator capacitor A variable capacitor having 
two separate stator sections and a common rotor 
section. 

split-sound receiver A television receiver circuit in 
which the sound signal is separated from the 
composite signal shortly after pickup by the an- 
tenna, and is amplified separately from the video 
signal. Compare INTERCARRIER RECEIVER. 

splitter A device used to couple two or more televi- 
sion receivers to a single antenna. 

spool See REEL. 

sporadic-E layer ionization Occasional, scattered 
ionization in the E-layer of the ionosphere. 

sporadic-E propagation Ai certain radio frequen- 
cies, the long-distance propagation of electro- 
magnetic (EM) waves via the E layer of the 
ionosphere. This layer exists at an altitude of ap- 
proximately 50 miles (80 km) above sea level. This 
mode of propagation tends to be intermittent, and 
conditions can change rapidly. It is most likely to 
occur between 20 MHz and 150 MHz. Occasion- 
ally, it is observed at frequencies as high as 200 
MHz. The propagation range is normally several 
hundred miles, but occasionally can occur over 
distances of 1,000 to 1,500 miles. The standard 
frequency modulation (FM) broadcast band is 
sometimes affected by this propagation. The 
same is true of the lowest television (TV) broad- 
cast channels, especially channels 2 and 3. See 
IONOSPHERE. 

SPOT Abbreviation of satellite position and tracking. 

spot brightness In a cathode-ray tube, the relative 
brilliance of the glowing dot or trace produced on 
the screen by the electron beam. 

spot check 1. To take a random sample or to make 
a random test by arbitrarily selecting a single item 
from a run of similar items and subjecting it to 
analysis, examination, performance, or paramet- 
ric evaluation, etc. 2. A random sample or test. 

spot frequency 1. A single frequency or signal to 
which other frequencies can be referred. 2. A fre- 
quency or signal that acts as a limit marker (e.g., to 
define the edges of an allocated frequency band). 

spot jamming Deliberate interference to a radio sig- 
nal at some frequency and at some specific time. 

spot modulation In a cathode-ray tube, modula- 
tion of the brightness of the spot (and, accord- 
ingly, of the image) produced on the screen by the 
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electron beam. Also see INTENSITY MODULA- 
TION. 

spot welding A method of electrical welding in 
which the parts to be joined are held together, 
overlapping, between the points of two electrodes, 
between which a current is passed to heat the 
parts at the spot of contact. 

spot-wheel pattern A frequency-identifying wheel 
pattern produced on an oscilloscope screen by in- 
tensity-modulating a circular trace. The circular 
trace is produced by applying a standard- 
frequency signal to the horizontal and vertical input 
terminals 90 degrees out of phase. A square-wave 
signal of unknown frequency is applied to the in- 
tensity-modulation (z-axis) input terminals. The 
square wave chops the circle into a number of 
bright sectors or spots. The unknown frequency 
(fx) equals Nfs, where Nis the number of spots in 
the circle, and fs is the standard frequency. Com- 
pare GEAR-WHEEL PATTERN. 

sprat Acronym for small portable radar torch. A 
portable radar unit that uses a Gunn diode to 
generate microwave energy. The range is about 
500 meters (% mile). 

spray coating 1. Applying a protective coat of in- 
sulating material to a conductor or component by 
spraying it with a liquid substance and allowing it 
to dry. Compare DIP COATING. 2. The coat ap- 
plied, as defined in 1. 

spreader 1. An insulator used to separate the 
wires of an air-spaced transmission line. 2. Any 
of the rods composing the supporting structure in 
a cubical quad antenna. 

spreading current In a semiconductor, current 
caused by the movement of charge carriers by cir- 
cuitous routes, that is, in paths that deviate sig- 
nificantly from straight lines. 

spreading loss Energy lost during the transmis- 
sion of radiation. 

spreading resistance In a semiconductor device, 
the resistance that is a consequence of electrical 
paths through material that is not along straight 
lines between electrodes. 

spread spectrum 1. A method of transmission in 
which the occupied bandwidth of the signal is de- 
liberately increased, or spread out, over a much 
wider range than it would normally occupy with 
conventional modulation. 2. A signal transmit- 
ted, as defined in 1. 

spring coil See SOLENOID, 1. 

spring contact See FLEXIBLE CONTACT. 

sprite In video and animated computer graphics, a 
brief insert, such as a little insect that scurries 
across the screen, or a face that pops in and 
smiles. It is used primarily for effect. 

SPST Abbreviation of SINGLE-POLE/SINGLE- 
THROW (switch or relay). 

spurious emission From a radio or television 
transmitter, an unintended and unwanted 
output signal on a frequency other than the 
fundamental signal frequency. It can be 
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generated by faulty modulation, amplification, 
and/or oscillation. 

spurious oscillation 1. Oscillation in a normally 
nonoscillatory circuit. 2. In an oscillator, simulta- 
neous oscillation at a frequency other than the 
normal one. 

spurious response In a communications receiver, 
a signal that appears to be on a certain fre- 
quency, when, in fact, the received signal is not 
on that frequency. It often results from inade- 
quate image rejection. 

spurious-response ratio The ratio of the transmis- 
sion (or gain) of a circuit of a desired signal to its 
transmission (or gain) for a spurious signal at the 
same setting of the circuit (e.g., signal-to-image 
ratio). 

spurious sidebands In an amplitude-modulated 
(AM) or single-sideband (SSB) radio signal, side- 
band energy at frequencies outside the nominal 
signal band, usually resulting from improper 
modulation, inadequate filtering, improper enve- 
lope clipping, or nonlinear amplification. 

Sputnik The first orbiting artificial earth satellite. 
It was launched by Russia (then known as the 
Union of Soviet Socialist Republics) in 1957. 

sputter 1. A layer of material obtained by sputter- 
ing (see SPUTTERING, 1). 2. To carry out the pro- 
cess of sputtering (see SPUTTERING, 1). 

sputtering 1. A technique for electrically deposit- 
ing a film of metal on a metallic or nonmetallic 
surface. In a vacuum chamber, the piece of metal 
to be deposited is made the cathode of a high- 
voltage circuit, with respect to a nearby anode 
plate. The high voltage causes atoms to be ejected 
from the surface of the cathode and strike the 
surface of an object placed in their path, becom- 
ing deposited on it as a film of cathode metal. 
Compare EVAPORATION, 1. 2. The disintegration 
of a vacuum-tube cathode through ejection of 
surface atoms from the cathode by impinging 
positive ions. 

sq Abbreviation of SQUARE. 

Sg band A section of the S BAND, from 2400 to 
2600 MHz. 

SQC Abbreviation of STATISTICAL QUALITY CON- 
TROL. 

SQR 1. Abbreviation of SQUARE ROOTER. 2. In 
the BASIC computer-programming language, a 
function that computes the square root of a posi- 
tive number. 

S quad See SIMPLE QUAD. 

square-law demodulator See SQUARE-LAW DE- 
TECTOR. 

square-law detector A detector whose output is 
proportional to the square of the root-mean- 
Square (rms) value of the input. Also called 
WEAK-SIGNAL DETECTOR. 

square-law meter 1. A meter whose deflection is 
proportional to the square of the quantity applied 
to it. Also see CURRENT-SQUARED METER. 2. A 
high-impedance electronic voltmeter, whose 
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deflection is proportional to the square of the ap- 
plied voltage. 

square-law modulator A circuit or device that ac- 
complishes amplitude modulation of one signal 
current by another, by simultaneously passing 
the two currents through a component, such as a 
nonlinear resistor, having a square-law response. 

square-law response Circuit or component opera- 
tion that results in an output signal, proportional 
to the square of the input. 

square rooter An analog or digital device used to 
extract the square root of a number. 

square wave An alternating or pulsating current or 
voltage whose rise and decay times are essentially 
zero, and whose maxima and minima are essen- 
tially flat. The duration of the maxima is equal to 
the duration of the minima. A special form of 
RECTANGULAR WAVE. 

square-wave amplifier An amplifier designed to 
operate with square waves. 


square wave 


square-wave converter See SQUARING CIRCUIT. 

square-wave generator A signal generator deliver- 
ing an output signal that has a square waveform. 
Compare SQUARING CIRCUIT, 1. 

square-wave testing Testing the response of a cir- 
cuit or device, such as an amplifier, by observing 
the extent to which it distorts a square-wave 
signal passing through it (a measure of high- 
frequency response). 

Squaring circuit 1. A circuit (such as a twin-diode 
clipper, overdriven amplifier, or Schmitt trigger) 
that converts a sine wave or pulse into a square 
wave. 2. A circuit whose instantaneous output- 
signal amplitude is equal to the square of the in- 
stantaneous input-signal amplitude. 

squarish wave 1. A signal whose oscilloscope trace 
is nearly, but not exactly, the same as that ofa 
square wave. 2. A rectangular wave that is nota 
Square wave; that is, whose maxima and minima 
are not of the same duration. See RECTANGULAR 
WAVE and SQUARE WAVE. 

squawker 1. In a three-way speaker system, the 
midrange speaker. 2. Any slave station in a mul- 
tistation intercom network. 

squeal A high-pitched interferential sound, such 
as that encountered in spuriously oscillating sys- 
tems. 

squeezeout In optical character recognition (OCR), 
a condition in which errors occur because the 
printed characters have excessive ink at the 
edges. Also called smudge. 
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squegging A choking-type cutoff action in a circuit 
caused by an excessively strong signal. 

squegging oscillator An oscillator that starts and 
stops oscillating intermittently as a result of 
SQUEGGING. 

squelch See SQUELCH CIRCUIT. 

squelch amplifier An amplifier that can be con- 
trolled by a squelch signal. Also see SQUELCH 
CIRCUIT. 

squelch circuit One of several circuits that auto- 
matically disable a receiver or amplifier, except 
when incoming signals exceed a predetermined 
threshold amplitude. This action mutes the 
equipment, eliminating annoying background 
noise and unwanted signals. Also called MUTING 
CIRCUIT. 

squelch signal The activating or deactivating sig- 
nal delivered by a SQUELCH CIRCUIT. 

squiggle See BLIP, 2. 

squint 1. The angular resolution of a radar an- 
tenna. 2. The angular difference between the 
antenna axis and the major lobe of a radar trans- 
mitter. 

squirrel-cage induction motor See SQUIRREL- 
CAGE MOTOR. 

squirrel-cage motor An induction-type alternat- 
ing-current motor using a squirrel-cage rotor. 

squirrel-cage rotor In an alternating-current mo- 
tor, a rotor composed of straight copper bars 
embedded in a laminated soft-iron core and 
short-circuited at the ends by rings. Its name is 
derived from its resemblance to a revolving squir- 
rel cage. 

squirter See SIGNAL INJECTOR. 

SR 1. Abbreviation of SILICON RECTIFIER. 2. Ab- 
breviation of silicone rubber (see SILICONE). 
3. Abbreviation of SHIFT REGISTER. 

S-R Abbreviation of SEND-RECEIVE. 

Sr Symbol for STRONTIUM. 

sr Abbreviation of STERADIAN. 

SRAM Abbreviation of static random-access mem- 
Ory. 

S-rays See SECONDARY RAYS. 

SRF Abbreviation of SELF-RESONANT FRE- 
QUENCY. 

S-RF meter A dual-function meter in a radio 
transceiver. In the receiving mode, the meter in- 
dicates S units. In the transmit mode, the meter 
indicates relative output power. 

SRR Abbreviation of SHORT-RANGE RADAR. 

SS 1. Abbreviation of SOLID STATE. 2. Abbrevia- 
tion of SINGLE SHOT. 3. Abbreviation of small 
signal. 4. Abbreviation of SINGLE SIGNAL. 5. Ab- 
breviation of same size. 6. Abbreviation of stain- 
less steel. 

SSB Abbreviation of SINGLE SIDEBAND. 

Ss band A section of the S BAND extending from 
2900 to 3100 MHz. 

SSBSC Abbreviation of SINGLE-SIDEBAND SUP- 
PRESSED CARRIER. 

ssc Abbreviation of single-silk-covered (wire). 
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S scale A scale of numbers used in radio commu- 
nications, and especially in amateur radio, to re- 
port the approximate strength of signals: S1, 
faint signals; S2, very weak signals; S3, weak sig- 
nals; S4, fair signals; S5, fairly good signals; S6, 
good signals; S7, moderately strong signals; S8, 
strong signals; S9, extremely strong signals. Also 
see S METER. 

sse Abbreviation of single-silk-enameled (wire). 

SSI Abbreviation of SMALL-SCALE INTEGRATION. 

SSL Abbreviation of SOLID-STATE LAMP. 

SSSC Abbreviation of SINGLE-SIDEBAND SUP- 
PRESSED CARRIER. (Also, SSBSC.) 

ST Abbreviation of SINGLE THROW. 

sta 1. Abbreviation of STATION. (Also stn.) 2. Ab- 
breviation of STATIONARY. 

stab Abbreviated form of stabilizer (see STABI- 
LIZER, 4). 

stability 1. The condition in which an equipment 
or device is able to maintain a particular mode of 
operation without deviation. 2. The condition in 
which the setting or adjustment of a device re- 
mains at a particular point without movement. 
3. The condition in which a quantity remains 
constant, with respect to time, temperature, or 
another variable. 4. The ability of inks used in op- 
tical character recognition to retain their color 
after exposure to light or heat. 

stability factor Abbreviation, SF. For a bipolar 
transistor, the derivative dI./dI.,, where Ieis the 
steady-state collector current and [,, is the collec- 
tor cutoff current. 

stabilized platform See STABLE PLATFORM. 

stabilizer 1. See DAMPING DIODE. 2. See DAMP- 
ING RESISTOR. 3. A device or circuit for the self- 
regulation of current or voltage. 4. A chemical 
used to control or arrest a reaction. 

stabilizing windings Auxiliary field windings used 
to prevent speed runaway in shunt motors. 

Stabistor Trade name for a type of voltage-regulat- 
ing semiconductor diode. 

stable device A device whose characteristics and 
performance remain substantially unchanged 
with time or variations in temperature, applied 
power, or other quantities. 

stable element 1. A component that maintains its 
value or ratings, despite widely variable environ- 
mental conditions. 2. A navigational instrument 
that maintains its orientation at all times. 

stable platform A gyro-type device used to 
stabilize objects in space, and to provide accurate 
information regarding attitude (pitch, roll, and 
yaw). 

stable state A stable condition, such as the high 
and low states of a flip-flop. The flip-flop has two 
stable states and will remain in one until it is 
switched to the other, whereupon it will then re- 
main in that latter state until switched back to 
the former. Compare UNSTABLE STATE. 

stack 1. A piled assembly of capacitor plates and 
separating dielectric films. 2. An assembly of 
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selenium rectifier plates (see POWER STACK). 
3. To assemble a stacked array. 4. A temporary 
storage area consisting of a small group of regis- 
ters in a computer memory. 

stacked array An antenna system in which two or 
more identical antennas, such as dipoles, Yagis, 
or halos, are placed one above the other or side- 
by-side. It provides additional forward gain, and, 
in some cases, enhances the front-to-back ratio 
and/or front-to-side ratio. 


stacked array 


stacked-dipole antenna A stacked array of half- 
wave dipole antennas. 

stacking The combination of two or more identical 
antennas, such as dipoles, Yagis, or halos, in a 
STACKED ARRAY to provide enhanced forward 
gain. It can also enhance the front-to-back ratio 
and/or front-to-side ratio. Stacking can be done 
vertically or horizontally. 

stack pointer Abbreviation, SP. A register indicat- 
ing the last data item to be entered in a stack (see 
STACK, 4). 

stage A complete functional unit of a system (e.g., 
amplifier stage, oscillator stage, modulator stage, 
etc.). 

stage-by-stage elimination See SIGNAL INJEC- 
TION. 

stage gain The amplification provided by a single 
stage in a system. 

stage loss The loss introduced by a single stage in 
a system. 

stagger 1. An error in facsimile reception, occur- 
ring as a constant discrepancy in the position of 
the received dot. 2. To deliberately tune a set of 
resonant circuits, especially in a bandpass filter, 
to one side or the other of the center frequency. 

staggered tuning The tuning of the input and out- 
put circuits of a single stage, or the tuning of 
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successive stages to slightly different frequencies 
to obtain flat-top response. 

stagger tuning See STAGGERED TUNING. 

stagger-wound coil See BASKET-WEAVE COIL 
and SPIDERWEB COIL. 

staircase circuit See STAIR-STEP CIRCUIT. 

staircase generator A circuit or device for generat- 
ing a STAIR-STEP WAVE. 

staircase wave See STAIR-STEP WAVE. 

stair-step circuit A circuit that converts a series of 
equal-amplitude pulses into a stair-step wave. 

stair-step wave A nonsinusoidal wave character- 
ized by a multistep rise and a steep fall. It is so 
called from its resemblance to the cross section of 
a staircase. 


stair-step wave 


stall torque The torque produced when a motor 
shaft is prevented from turning. 

stalo Acronym for stabilized oscillator. 

stand-alone photovoltaic system A solar-power 
plant that uses large banks of rechargeable elec- 
trochemical batteries, such as the lead-acid type, 
to store electric energy as it is supplied by photo- 
voltaics during hours of bright sunshine. The en- 
ergy is released by the batteries at night or in 
gloomy daytime weather. This system does not 
depend on the electric utility companies. Al- 
though this scheme offers independence from the 
utility companies, a blackout will occur if the sys- 
tem goes down. Compare INTERACTIVE PHOTO- 
VOLTAIC SYSTEM. 

standard 1. A precise specification governing the 
dimensions and characteristics of a device or sys- 
tem (e.g., military standard). 2. A highly accurate 
physical or electrical quantity to which similar 
quantities can be compared (e.g., standard fre- 
quency). 3. The device or system that produces a 
standard quantity as defined in 2 (e.g., frequency 
standard). 4. Having conventional and widely ac- 
cepted characteristics. 

standard atmosphere Abbreviation, atm. Air pres- 
sure at sea level (1.013 Pascals, or about 14.7 
pounds per square inch). Also called ATMO- 
SPHERE. 

standard broadcast band Any of numerous fre- 
quency bands allocated to conventional broad- 
cast stations. In the United States, the 
amplitude-modulation (AM) radio broadcast band 
extends from 535 to 1705 kHz, and the fre- 
quency-modulation (FM) radio broadcast band 
extends from 88 to 108 MHz. The television (TV) 


broadcast bands range from 54 MHz to 806 MHz 
in several sections, designated in channels from 2 
through 69. Also see BROADCAST SERVICE, 1. 

standard candle See CANDELA. 

standard cell A highly refined primary cell used 
to supply a precise direct-current voltage for 
electronic measurements. The Weston standard 
cell contains a mercury positive electrode, cad- 
mium amalgam negative electrode, and cad- 
mium sulfate electrolyte, and delivers 1.0183 
volts at 20 degrees Celsius. Also see ZINC 
STANDARD CELL. 
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standard deviation In statistical analysis, the 
square root of the mean of squares of deviation 
from the mean. 

standard frequency A highly precise frequency to 
which other frequencies can be compared for 
identification or measurement. 

standard-frequency oscillator A stable, precise 
oscillator that delivers a standard frequency. Also 
see PRIMARY FREQUENCY STANDARD and 
SECONDARY FREQUENCY STANDARD. 

standard-frequency signal A calibration and ref- 
erence signal that is broadcast on a standard fre- 
quency, such as those transmitted on 2.5, 5, 10, 
and 15 MHz by the National Bureau of Stan- 
dards. 

standard pitch The tone corresponding to the 
frequency 440 Hz (in music, the note A above 
middle C). 

standard signal generator A (usually continu- 
ously variable) high-grade generator of modu- 
lated and unmodulated radio-frequency test 
signals. A general-purpose instrument of this 
type usually covers a wide range (e.g., 15 kHz to 
100 MHz) in several tuning bands. For calibra- 
tion, a standard signal generator is referred to a 
primary frequency standard or secondary fre- 
quency standard. 
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standard subroutine A usually vendor-supplied 
computer program segment applicable to more 
than one program and used as needed as a sub- 
routine. 

standard temperature and pressure The condi- 
tion where the temperature is zero degrees Cel- 
sius and the pressure is one atmosphere. 
Abbreviated STP. 

standard time Official civil time in a particular re- 
gion. See TIME ZONE. 

standby 1. The state in which equipment is out of 
operation, but can be immediately activated. Also 
called IDLING. 2. A state of readiness on the part 
of personnel, equipment, or systems. 

standby battery An emergency power source for a 
battery-powered installation. 

standby current The CURRENT DRAIN of a cir- 
cuit, device, or system when in the standby con- 
dition. 

standby equipment See EMERGENCY EQUIP- 
MENT. 

standby operation Keep-alive operation during a 
standby interval (see STANDBY). 

standby power The power drawn by an equipment 
connected to the power supply, but out of opera- 
tion. 

standby power supply A circuit containing a bat- 
tery, an automatic switch, and sometimes a 
power inverter. When utility power fails, the 
switch actuates the supply, and the battery sup- 
plies power to essential devices or systems. Simi- 
lar to an UNINTERRUPTIBLE POWER SUPPLY. 

standing wave A stationary distribution of current 
or voltage along a line because of the interactions 
between a wave transmitted down the line and a 
wave reflected back; it is characterized by maxi- 
mum-amplitude points (loops) and minimum- 
amplitude or zero points (nodes). 


Voltage standing waves 


Feed line 


standing wave 


standing-wave distortion Distortion of current or 
voltage caused by standing waves on a transmis- 
sion line terminated in an impedance that con- 
tains reactance, and/or that differs from the 
characteristic impedance of the line. 

standing-wave indicator 1. A device, such as a 
lamp or meter, used to detect standing waves. 
2. Standing-wave meter (See SWR BRIDGE). 

standing-wave loss The additional loss, over the 
matched-line loss, that occurs in a transmission 
line when the standing-wave ratio (SWR) is not 1. 
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standing-wave meter See SWR BRIDGE. 

standing-wave ratio Abbreviation, SWR. 1. The 
ratio between the maximum and minimum volt- 
age along a transmission line. This quantity is 
sometimes specifically called voltage standing- 
wave ratio (VSWR). 2. The ratio between the 
maximum and minimum current along a 
transmission line. 3. The ratio of load impedance 
to feed-line characteristic impedance or vice 
versa, whichever is greater than or equal to 1. 
Ideally, the SWR is equal to 1 or 1:1, representing 
a load impedance that is purely resistive and has 
the same value as the characteristic impedance of 
the feed line. A high standing-wave ratio causes 
increased loss in the line and can also result in 
excessive conductor heating or dielectric break- 
down. 

standoff insulator An insulator (usually of the 
post type) that is used to hold a wire or compo- 
nent away from a chassis or base. 

star 1. In a gravity-battery cell, the copper elec- 
trode. The name is derived from its star shape. 
2. A star-shaped circuit of three-phase compo- 
nents. Also see WYE CONNECTION. 

star connection See WYE CONNECTION. 

Stark effect The influence of a strong transverse 
electric field on the spectrum lines of a gas. 

starlight scope A device capable of viewing in ap- 
parent total darkness. Its operation depends on 
its ability to provide high amplification of ex- 
tremely low light levels, such as that of objects re- 
flecting the light from a moonless, but starlit, sky. 

star rectifier See WYE RECTIFIER. 

starter 1. An ignitor electrode in an ignitron (see 
IGNITOR). 2. See STARTING BOX. 

starting box A special rheostat for starting a motor 
gradually in steps. The device is provided with an 
electromagnet for holding the arm in the maxi- 
mum-speed position and releasing it when power 
is interrupted. 

starting rod An ignitor electrode in an ignitron (see 
IGNITOR). 

starting voltage 1. For a gas tube, the minimum 
voltage that will initiate the glow discharge. 2. In 
appropriate solid-state devices (e.g., a diac), the 
voltage at which conduction between electrodes 
occurs. 

start lead The lead attached to the first turn of a coil. 
Also called inside lead. Compare FINISH LEAD. 

start/stop multivibrator See MONOSTABLE 
MULTIVIBRATOR. 

stat- A prefix denoting ELECTROSTATIC. 

statampere The cgs electrostatic unit of current; 
1 statampere = 3.335640 x 107*% ampere. 

statcoulomb The cgs electrostatic unit of charge; 
1 statcoulomb = 3.335640 x 1071 coulomb. 

state 1. The present condition (i.e., on or off, true 
or false, 1 or O, high or low) of a bistable device, 
such as a flip-flop. 2. The physical or electrial 
condition or status of a component, device, 
circuit, or system. 
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statement The contents of a line in a source- 
language computer program. 

state of charge The amount of charge, measured 
in coulombs or ampere hours, in a storage cell or 
battery at a given time. A measure of the available 
remaining energy in the cell or battery. 

statfarad The cgs electrostatic unit of capacitance; 
1 statfarad = 1.112650 x 10°! farad. 

stathenry The cgs electrostatic unit of inductance; 
1 stathenry = 8.987554 x 10!! henry. 

static 1. Pertaining to that which is constant in 
quantity (e.g., static collector current of a transis- 
tor). 2. Pertaining to that which is at rest (e.g., 
static electricity). 3. The radio noise (sferics) pro- 
duced by electric discharges in the atmosphere, 
usually lightning. 4. Pertaining to a test-and- 
measurement mode for a unit or device, without 
subjecting the unit or device to regular operation. 
Compare DYNAMIC. 

static base current See DC BASE CURRENT. 

static base resistance See DC BASE RESIS- 
TANCE. 

static base voltage See DC BASE VOLTAGE. 

static cathode current See DC CATHODE CUR- 


RENT. 

static cathode resistance See DC CATHODE RE- 
SISTANCE. 

static cathode voltage See DC CATHODE VOL- 
TAGE. 


static characteristic An operating characteristic 
determined from constant, rather than alternat- 
ing or fluctuating, values of independent and de- 
pendent variables. Examples: the direct-current 
(dc) characteristics of diodes, transistors, and in- 
tegrated circuits. Compare DYNAMIC CHARAC- 
TERISTIC. 

static charge Energy stored in a stationary electric 
field; electricity at rest. 

static collector A device that grounds the rotating 
wheels of a motor vehicle, thereby removing the 
static electricity generated by the friction of the 
tires on the roadway. 

static collector current See DC COLLECTOR 


CURRENT. 

static collector resistance See DC COLLECTOR 
RESISTANCE. 

static collector voltage See DC COLLECTOR 
VOLTAGE. 


static convergence In a color-television picture 
tube, the convergence of the three undeflected 
electron beams at the center of the aperture 
mask. 

static device A device with no moving parts. 

static discharge resistor A fixed resistor con- 
nected between the earth and the high side of the 
power line in a television receiver to drain off at- 
mospheric electric charge. 

static drain current See DC DRAIN CURRENT. 

static drain resistance See DC DRAIN RESIS- 
TANCE. 

static drain voltage See DC DRAIN VOLTAGE. 
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static dump In computer operations, a dump oc- 
curring at a predetermined point in a program 
run or at the end of the run. 

static electricity Energy in the form of a station- 
ary electric charge, such as that stored in capac- 
itors or produced by friction or induction. 

static emitter current See DC EMITTER CUR- 
RENT. 

static emitter resistance See DC EMITTER RE- 
SISTANCE. 

static emitter voltage See DC EMITTER VOLTAGE. 

static flip-flop A flip-flop (see BISTABLE MULTIVI- 
BRATOR) using direct-current operating voltages. 
A single pulse switches the unit from on to off, 
and vice versa. Compare DYNAMIC FLIP-FLOP. 

static forward current transfer ratio Symbol, 
Hg. An expression of gain in a bipolar transistor. 
It can range from a factor of just a few times up to 
hundreds of times. Mathematically, 


Hre = lc/ Lg 


where Ic is the collector current and Ig is the base 
current. The Hg rating is important because it 
gives engineers an indication of the greatest cur- 
rent amplification that can be obtained with a 
particular transistor. 

static frequency multiplier A magnetic-core de- 
vice, similar to a magnetic amplifier or peaking 
transformer, that provides harmonics by distort- 
ing a sine-wave signal. 

static gate current See DC GATE CURRENT. 

static gate resistance See DC GATE RESISTANCE. 

static gate voltage See DC GATE VOLTAGE. 

static grid current See DC GRID CURRENT. 

static grid voltage See DC GRID VOLTAGE. 

static hysteresis The condition in which the mag- 
netization of a material (when it has the same in- 
tensity as the magnetizing force) is different when 
the force is increasing than when the force is de- 
creasing, regardless of the time lag. Compare 
VISCOUS HYSTERESIS. 

static induction See ELECTROSTATIC INDUC- 
TION. 

static machine See ELECTROSTATIC GENERA- 
TOR. 

static memory Also called nonvolatile memory. In 
a computer, a data memory medium (such as 
programmable read-only memory, or PROM) in 
which information is stored until it is altered or 
erased. It does not require a source of power to 
maintain the integrity of the data. Compare 
VOLATILE MEMORY. 

static mutual conductance See STATIC TRANS- 
CONDUCTANCE. 

static plate current See DC PLATE CURRENT. 

static plate resistance See DC PLATE RESIS- 
TANCE. 

static plate voltage See DC PLATE VOLTAGE. 

statics The study of forces, bodies, poles, charges, 
or fields at rest or in equilibrium. Compare 
DYNAMICS. 


de 
Gy 


5059F-pS-607-670 


4/10/01 9:47 AM Page 656 


656 static skew + step counter 


static skew In magnetic tape recording or play- 
back, the amount of lead or lag time of one track, 
with respect to another. Ideally, the static skew 
should be zero or practically zero. 

static source current See DC SOURCE CURRENT. 

static source resistance See DC SOURCE RESIS- 
TANCE. 

static source voltage See DC SOURCE VOLTAGE. 

static storage Also called nonvolatile storage. In a 
computer, a data storage medium (such as mag- 
netic or optical disk) in which information is 
stored until it is altered or erased. It does not re- 
quire a source of power to maintain the integrity 
of the data. Virtually all data storage media are of 
this type, as contrasted with memory, which is of- 
ten volatile (see STATIC MEMORY and VOLATILE 
MEMORY). 

static stability The ability of a robot to maintain 
its balance while standing still. A robot with two 
legs is generally poor in this respect. This is one 
of the reasons why humanoid robots (androids) 
are difficult to engineer. A minimum of three legs 
is necessary for good static stability. 

static subroutine In computer programming, a 
subroutine that always serves the same purpose 
[i.e., it does not need to be tailored (according to 
parameters) for a specific application]. 

station 1. An installation consisting of a transmit- 
ter, receiver, or both. 2. A test-equipment instal- 
lation or position. 3. A computer installation 
including peripherals. 

stationary battery A (usually wet storage) battery 
not normally moved when in use. 

stationary state A particular energy state for an 
atom represented by its electrons being in shells 
at specific energy levels. 

stationary wave See STANDING WAVE. 

station authorization The legal privilege assigned 
to a broadcast or communications station, allow- 
ing that station to be used for the purpose of 
transmitting electromagnetic signals. 

station license See STATION AUTHORIZATION. 

statistical quality control Quality control based 
upon the techniques of probability and statistics 
in analyzing findings, making predictions, and 
formulating procedures for sampling. 

statmho The cgs electrostatic unit of direct- 
current conductance; 1 statmho 1.112650 x 
10712 siemens. 

statoersted The cgs electrostatic unit of mag- 
netizing force; 1 statoersted 265.458 A/m 
(3.33585 x 107!! oersted). 

statohm The cgs electrostatic unit of direct-current 
resistance; 1 statohm = 8.987554 x 101! ohm. 

stator 1. A stationary coil. Compare ROTOR, 1. 2. 
The stationary member of a motor or generator. 
Compare ROTOR, 2. 3. The stationary-plate sec- 
tion of a variable capacitor. Compare ROTOR, 3. 

stator coil A stationary coil (see STATOR, 1, 2). 

stator plate(s) The stationary plate(s) of a variable 
capacitor. Compare ROTOR PLATE. 
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stator section See STATOR, 3. 

statoscope An aircraft altimeter that shows small 
changes in altitude. 

statvolt The cgs electrostatic unit of electromotive 
force; 1 statvolt = 299.7925 volts. 

statweber The cgs electrostatic unit of magnetic 
flux; 1 statweber = 299.7925 webers (2.997925 x 
101% maxwells). 

Sr band A section of the S BAND, extending from 
1850 to 2000 MHz. 

std Abbreviation of STANDARD. 

steady-state component A quantity whose value 
remains constant during normal operation of a 
circuit or device, as opposed to an alternating, 
fluctuating, or transient component. 

steerable antenna A directional antenna having a 
rotatable major lobe. 

steering diode See DIRECTIONAL DIODE. 

Stefan-Boltzmann constant Value, 5.67051 x 
108 Wm?K+. 

Stefan-Boltzmann law The thermal-radiation law 
that shows the total emissive power of a black- 
body to be proportional to the fourth power of the 
absolute temperature of the body. 

stenode See CRYSTAL FILTER. 

step 1. A computer program instruction. 2. A sin- 
gle action in the operation, maintenance, or trou- 
bleshooting of equipment. 3. A specific increment 
in a quantity (such as frequency, voltage, current, 
etc.). 4. A sharp or rapid change in the value of a 
quantity. 

step-by-step operation See STEPTHROUGH OP- 
ERATION. 

step change A single-increment change in a value. 

step circuit A circuit that produces a step (sharp 
change of slope) in the response curve of an am- 
plifier. 

step counter 1. A stair-step circuit arranged to 
count input pulses. The output capacitor of the 
circuit discharges when a predetermined number 
of input pulses has raised the capacitor voltage to 
the level required to trigger a counter. 2. In a com- 
puter or calculator, a circuit or device that counts 
the steps in an operation (such as division, multi- 
plication, or shifting) called for by an instruction. 
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step-down ratio In a circuit or device, such as a 
step-down transformer or cathode follower, the 
ratio of the low output voltage to the high input 
voltage. Compare STEP-UP RATIO. 

step-down transformer A transformer delivering 
an output voltage that is lower than the input 
voltage. In such a transformer, the secondary 
(output) winding contains fewer turns than the 
primary (input) winding. Compare STEP-UP 
TRANSFORMER. 

step function See UNIT FUNCTION. 

step generator 1. A signal generator that delivers 
a step function (see UNIT FUNCTION). 2. A circuit 
or device that generates a STAIR-STEP WAVE. 

stepped leader The probing flow of electrons 
through the atmosphere preceding a lightning 
stroke. Once the path has been established, the 
discharge takes occurs along the ionized path 
determined by the stepped leader. It is so called 
because the electrons move in hesitations, 
jumping several meters with each advance or 
step. 

stepper motor A motor in which the shaft ad- 
vances in uniform angular steps, instead of rotat- 
ing continuously. These motors are extensively 
used in robotic devices. When such a motor is 
stopped and its coils are carrying current, the 
shaft resists turning. 

stepping relay See STEPPING SWITCH. 

stepping switch A multiposition rotary switch in 
which an electromechanical ratchet mechanism 
advances to the next contact position each time 
that a pulse of current is received. 

step-through operation A way of operating a com- 
puter, usually during a debugging operation, in 
which program instructions are executed one ata 
time by direction of the user. Also called single- 
step operation and step-by-step operation. 

step-up ratio In a circuit or device, such as a step- 
up transformer or voltage amplifier, the ratio of 
the high output voltage to the low input voltage. 
Compare STEP-DOWN RATIO. 

step-up transformer A transformer delivering an 
output voltage that is higher than the input volt- 
age. In such a transformer, the secondary (out- 
put) winding contains more turns than the 
primary (input) winding. Compare STEP-DOWN 
TRANSFORMER. 

steradian A unit of solid-angle measure. A cone- 
shaped solid angle that has a vertex at the center 
of a sphere (of radius r), that cuts off a portion of 
the sphere's surface whose outer perimeter is a 
circle, and that has an area (as measured on the 
sphere's surface) of r?. Also see SOLID ANGLE. 

Sterba array See BARRAGE ARRAY. 

Sterba curtain See BARRAGE ARRAY. 

stereo 1. Contraction of STEREOPHONIC. 2. Gen- 
eral term for a two-channel high-fidelity audio re- 
production system. 

stereo-adaptable Pertaining to a television receiver 
or videocassette recorder (VCR) that requires a 
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special circuit to obtain stereo sound from Multi- 
channel Television Sound signals. Compare 
STEREO-READY. 

stereo amplifier A two-channel amplifier for bin- 
aural reproduction (see BINAURAL). 

stereophonic Pertaining to equipment or tech- 
niques for producing a (somewhat) three-dimen- 
sional perspective of sound reproduction. 

stereophonic sound system See STEREO SYSTEM. 

stereo-irrelevant Pertaining to sound compo- 
nents in a stereo system that are of equal mag- 
nitude in both (or all) channels. Thus, these 
components sound the same whether the system 
is reproducing stereophonic sound or monaural 
sound. 

stereo phono cartridge A phono cartridge capable 
of reproducing sound from stereo discs. 

stereo-ready Pertaining to a television receiver or 
videocassette recorder (VCR) that can deliver 
stereo sound from Multichannel Television Sound 
signals without the need for a decoding circuit. 
Compare STEREO-ADAPTABLE. 

stereo recording A method of recording in which 
two independent sound channels are transferred 
to some medium simultaneously, with the inten- 
tion that the two channels be reproduced at the 
same time. 

stereoscopic television Television in which the 
reproduced image appears three-dimensional. 

stereo system A multichannel, high-fidelity sound 
reproduction system including an amplifier and 
various other components, such as a radio re- 
ceiver, compact-disc (CD) player, tape player, 
turntable, and speakers. 

stereotape Magnetic tape bearing more than one 
channel (usually two channels) for the recording 
and reproduction of stereophonic sound. 

sterilizer Any electronic device, such as an ultravi- 
olet generator, used to kill germs. 

stethoscope An electronic or nonelectronic instru- 
ment used by physicians to listen to the heart- 
beat and other body sounds, and by technicians 
to listen to mechanical sounds. 

still 1. A stationary picture on television. 2. A pic- 
ture transmitted or received by means of facsimile. 
3. A print on photographic paper of a negative. 

still television See FACSIMILE. 

stinger A brief, loud sound burst, such as a musi- 
cal chord, sometimes used for effect in recorded 
audio or audio-visual presentations. 

stn Abbreviation of STATION. (Also, sta.) 

STO Abbreviation of STORAGE FUNCTION. 

stochastic The condition in which, at any instant, 
a given variable can assume a state dependent on 
previous states, as well as chance elements (e.g., 
words uttered extemporaneously by a speaker are 
random in that they cannot be predicted), while 
also being dependent, by the application of gram- 
mar, on previously spoken words (i.e., previous 
states). 

stop amplifier See REJECT AMPLIFIER. 
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stopband The continuous spectrum of frequencies 
rejected by a filter, selective amplifier, or other 
band-suppression device. 

stopband ripple Single or multiple attenuation 
peaks within the stopband of an elliptic filter, 
where the frequency of the attenuation peak(s) 
is/are associated with the resonant circuit(s) in 
the filter. 

stop code See HALT INSTRUCTION. 

stop element In digital transmission, a bit or set of 
bits indicating the end of a character, and serving 
to inform the receiving device of the end of the 
character. 

stop filter See BAND-SUPPRESSION FILTER. 

stopper resistor See STOPPING RESISTOR. 

stopping capacitor See BLOCKING CAPACITOR. 

stopping coil See CHOKE COIL. 

stopping resistor A parasitic-suppressing resis- 
tor, usually inserted in series with the input 
and/or output of a power amplifying device. Also 
called stopper resistor. 

storage 1. In computer operations, a medium on 
which data can be kept for an extended period of 
time. Examples: magnetic disk, magnetic tape, 
optical disk. 2. The transferring of data from 


ÓN 


memory to a more permanent medium. Compare 
MEMORY. 3. The retention of data of any kind, 
such as an oscilloscope image or video display, 
for use at a later time. 4. The retention of electric 
energy or charge, as in a capacitor or electro- 
chemical cell. 5. The retention of energy in the 
form of a magnetic field, as in an inductor. 6. The 
retention of potential energy in any form. 

storage allocation The assignment of computer 
memory areas to certain kinds of information, as 
outlined in a source program and implemented 
by a compiler. 

storage battery A rechargeable battery; the tech- 
nical term is secondary battery. Also see STOR- 
AGE CELL. 

storage capacity 1. The amount of data that can 
be stored in a specific medium, such as a hard 
disk, diskette, or tape. Generally measured in 
bytes, kilobytes, megabytes, gigabytes, or ter- 
abytes. 2. The energy-delivering capability of a 
storage battery in terms of ampere-hours, mil- 
liampere-hours, or other current-time units for a 
specific rated voltage. 

storage cell 1. An electrochemical cell whose po- 
tential can be restored by charging it with elec- 
tricity. Compare PRIMARY CELL. Also see CELL. 
2. The smallest part of a computer storage 
medium. 3. In computer data storage, the part 
that can hold a data unit (e.g., a bit). 

storage CRT See STORAGE TUBE. 

storage cycle In computer operation, the period 
during which a location of a cyclic storage device 
cannot be accessed. 

storage density The number of data units (e.g., 
bytes, kilobytes, or megabytes) that can be stored 
in a given length or area of a storage medium. 

storage device A medium into which data can be 
placed and kept for later use. Examples: mag- 
netic disk, magneto-optical disk, optical disk, 
and magnetic tape. 

storage dump See DUMP. 

storage function Abbreviation, STO. The so-called 
“memory” function of a microcomputer chip. It 
causes data to be inserted into memory or storage 
for later use. It is commonly used in programmable 
calculators, automatic-dialing telephones, and ra- 
dio receivers. Also called memory function. 

storage laser A laser that stores intense energy be- 
fore flashing. 

storage life See SHELF LIFE. 

storage mesh In the cathode-ray tube (CRT) of a 
storage oscilloscope, a fine metal mesh electrode 
that serves as the target on which the image is 
electrostatically stored. Also see STORAGE TUBE. 

storage oscilloscope An oscilloscope that retains 
a displayed image until the display is erased. Also 
see STORAGE TUBE. 

storage register In computers and calculators, a 
storage unit composed of flip-flops. In computers, 
it is independent of the central processing unit 
(CPU). 
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storage temperature 1. The recommended tem- 
perature for storing specified electronic compo- 
nents. 2. The particular temperature at which 
electronic components have been stored. 

storage time 1. The interval during which carriers 
remain in a semiconductor-junction device after 
the bias has been removed. Also see DIODE RE- 
COVERY TIME. 2. For a switching semiconductor 
device, the time required for the amplitude of the 
output pulse to fall from maximum to 90% of 
maximum after the input pulse has fallen to zero. 
3. In a computer, the time required for data to be 
transferred from random-access memory (RAM) 
to nonvolatile storage (e.g., hard disk). 

storage tube A cathode-ray tube that retains infor- 
mation in the form of images on a special elec- 
trode until erased by a signal. 

store 1. To place data in a nonvolatile medium 
(such as a hard disk, diskette, optical disk, mag- 
netic tape, etc.). 2. To place in the memory of a 
calculator or computer. 3. In computing, a com- 
mand that causes data to be placed in a non- 
volatile medium. In some applications, this is 
called save. 4. A nonvolatile medium on which 
data has been placed for future use or for archival 
purposes. 

stored base charge The carriers that remain in the 
base layer of a bipolar transistor immediately af- 
ter the forward bias has been interrupted. This 
charge maintains collector current momentarily. 

stored-energy welding A method of electric weld- 
ing in which electrical energy is stored slowly, 
then released at the rate required for the welding. 

STP See STANDARD TEMPERATURE AND PRES- 
SURE. 

straight adapter An inline coaxial fitting for join- 
ing two fixture-terminated coaxial lines in series. 

straight angle An angle measuring 180 degrees. 

straight dipole A (usually center-fed) dipole an- 
tenna having only one radiator. Also see DIPOLE 
ANTENNA. 

straightforward Pertaining to data transmission in 
one direction only. 

straight-gun CRT A cathode-ray tube (CRT) in 
which the electron gun projects the beam in a 
straight line through the deflecting elements to 
the screen. Compare BENT-GUN CRT. 

straight-line capacitance Abbreviation, SLC. Per- 
taining to a variable capacitor for which the 
setting-vs.-capacitance curve is a straight line; 
the capacitance variation is linear. Compare 
STRAIGHT-LINE FREQUENCY and STRAIGHT- 
LINE WAVELENGTH. 

straight-line coding See STRAIGHT-LINE PRO- 
GRAMMING. 

straight-line frequency Abbreviation, SLF. Per- 
taining to a variable capacitor in a tuned circuit 
for which the setting-vs.-frequency curve is a 
straight line; the frequency variation is linear. 
Compare STRAIGHT-LINE CAPACITANCE and 
STRAIGHT-LINE WAVELENGTH. 


storage temperature + stray field 659 


straight-line programming During the writing of 
a computer program, avoiding the creation of 
loops by repeating a series of instructions to re- 
duce execution time. 

straight-line tracking In a phonograph turntable, 
linear lateral stylus movement (as opposed to mo- 
tion along an arc) as the disc is played. This en- 
sures that the stylus is always at the optimum 
angle in the disc groove. The result is improved 
sound reproduction, and longer disc and stylus 
life because of minimal friction between the sty- 
lus and groove. 

straight-line wavelength Abbreviation, SLW. Per- 
taining to a variable capacitor in a tuned circuit 
for which the setting-vs.-wavelength curve is a 
straight line; the wavelength variation is linear. 
Compare STRAIGHTLINE CAPACITANCE and 
STRAIGHT-LINE FREQUENCY. 

straight-through amplifier An amplifier in which 
the input and output circuits are tuned to the 
same frequency. Compare MULTIPLIER AMPLI- 
FIER. 

strain A force that compresses or squeezes a body. 
Compare TENSION, 1. 

strain gauge See ELECTRIC STRAIN GAUGE. 

strain-gauge bridge A four-arm resistance bridge 
in which an ELECTRIC STRAIN GAUGE forms 
one arm. The resistance of the gauge changes be- 
cause of strain. The amount of strain can be de- 
termined by balancing the bridge. 

strain-gauge transducer A transducer, other than 
a strain sensor, that uses strain gauges to con- 
vert values of pressure into their electrical 
analogs (e.g., pressure transducer and strain- 
gauge phonograph pickup). 

strain pickup A phonograph pickup using a strain 
gauge to convert sound vibrations into a varying 
electric current. 

strand A single solid conductor in a STRANDED 
WIRE. 

stranded wire A conductor composed of several 
non-insulated wires twisted together to provide 
mechanical flexibility. Compare SOLID WIRE. 

stratosphere The portion of earth’s upper atmo- 
sphere beginning at a height of approximately 10 
miles and extending to the ionosphere. 

stray capacitance Inherent capacitance in a place 
where it can be detrimental, such as that between 
the turns of a coil or between adjacent areas in a 
circuit. Also see STRAY COMPONENT. 

stray component An electrical property that exists 
as an inherent, and usually undesirable, side ef- 
fect in a circuit or device. Thus, for example, 
STRAY CAPACITANCE unavoidably exists be- 
tween parallel conductors, and STRAY INDUC- 
TANCE is present in all wiring. 

stray field The portion of an electric or magnetic 
field that extends beyond the immediate vicinity 
of the circuit with which it is associated, and 
which is, therefore, capable of interfering with 
other circuits or devices. 
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stray inductance Inherent inductance in a place 
where it can be detrimental (e.g., inductance in 
the coil of a wirewound resistor). Also see STRAY 
COMPONENT. 

stray resistance Inherent resistance in a place 
where it can be detrimental, such as leakage re- 
sistance in a dielectric, and wire resistance in an 
inductor. 

streaking In television or facsimile, a form of dis- 
tortion in which the image appears enlarged in 
the horizontal, but not the vertical. 

stress 1. See STRAIN. 2. See TENSION, 1. 3. The 
force per unit area that produces STRAIN or TEN- 
SION on a body. 

stretch The amount by which a material being 
measured with an electronic device increases in 
surface dimensions. Compare SHRINK. 

stretched string A long, thin wire or string that vi- 
brates at a certain frequency, causing standing 
waves. It generally exhibits a specific fundamen- 
tal frequency and integral harmonics of this fre- 
quency. As the wavelength is cut in half, the 
frequency doubles. 

strike To initiate a discharge, as in striking a gas 
tube. 

striking voltage See STARTING VOLTAGE. 

string 1. In computer operations, a set of items in 
a sequence determined by the order of keys. 2. In 
a computer memory, a sequence of bits or char- 
acters. 3. Any group of series-connected compo- 
nents or circuits. 

string electrometer See BIFILAR ELECTROME- 
TER. 

string variable A string of characters, usually 
forming a word or phrase, represented by a vari- 
able name and character string symbol (BASIC’s 
$, for example) in a computer program. 

strip chart A longitudinal, as opposed to circular, 
chart for graphic recording. In a rectilinear chart, 
both coordinates are straight; in a curvilinear 
chart, the crosswise coordinates are arcs. 

strip core A ferromagnetic core material made from 
a strip of the substance. The method of manufac- 
ture results in superior ferromagnetic qualities, 
but also imparts a polarization to the material. 

strip fuse A fuse in which the fusible element is a 
flat strip of low-melting-point metal. Compare 
WIRE FUSE. 
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strobe 1. See ELECTRONIC FLASH, 1. 2. See 
STROBOSCOPE. 

strobe light 1. See ELECTRONIC FLASH, 1. 2. See 
STROBOSCOPE. 

Strobolume Trade name for a type of high-output 
stroboscope. 

stroboscope 1. An instrument that emits bright, 
adjustable-rate flashes of light. When this light il- 
luminates an object that is rotating or vibrating 
at a fixed period, and the flash rate is made to 
match that period, the object seems to stand still 
and can be examined for flaws or faulty operation 
(and its speed can be measured). 2. A rotatable, 
slotted disk for producing the effect defined in 1. 

stroboscopic disk A rotatable disk with alternating 
white and black radial regions, used in conjunc- 
tion with a strobe light for precise measurement of 
the speed of a phonograph turntable. 

strobotron A gas tetrode tube used as the flashing 
light source in a stroboscope. 

stroke speed See SCANNING FREQUENCY. 

strong coupling See CLOSE COUPLING. 

strontium Symbol, Sr. A metallic element of the al- 
kaline-earth group. Atomic number, 38. Atomic 
weight, 87.62. It is used in some ceramic di- 
electrics, such as barium-strontium titanate. 

Strowger exchange A telephone system incorpo- 
rating Strowger switches. 

Strowger switch A switch with one input and 100 
individually selectable outputs. It is used with 
telephone switching networks. The telephone dial 
code causes a contact to move vertically and hor- 
izontally in such a way that a particular output is 
connected to the input. Each output has a 
unique dial code and each dial code has a unique 
output. 

structured programming Computer programming 
using a limited number of procedural sets, while 
minimizing branches to make the program as 
forward-going as possible. This allows it to be 
easily modified or debugged. 

STS switch See SPACE-TIME-SPACE SWITCH. 

stub A (usually short) section of transmission line 
that is patched onto a longer line for tuning or 
impedance matching. 

Stubs gauge See BIRMINGHAM WIRE GAUGE. 

stub tuner A tuning unit consisting of a stub with 
a short circuit that can be moved along the stub. 

stub trap See INTERFERENCE STUB. 

stub-type wavetrap See INTERFERENCE STUB. 

stuffing bits In a digital communications system, 
extra bits inserted into some words so that all the 
words are the same length. 

styli Plural of STYLUS. 

stylus 1. The “needle” that conveys vibrations to or 
from the disk in phonograph-disc recording or 
playback. 2. One of the pins in the print head of 
a dot-matrix printer. 

stylus drag See NEEDLE DRAG. 

stylus friction Rubbing of the stylus against the 
record groove in phonograph-disc playback. 
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stylus pressure See VERTICAL STYLUS FORCE. 

stylus printer See WIRE PRINTER. 

stylus scratch See NEEDLE SCRATCH. 

sub Abbreviation of subtract. 

sub- Prefix denoting under, below, less than, or 
lower than, with respect to size, value, or rank. 
Compare SUPER-. 

subassembly A completely fabricated unit that 
forms part of a larger unit into which it easily fits. 

subatomic particle 1. Any of various particles that 
comprise atoms of matter. 2. A particle smaller 
than an atom. See, for example, ANTI-PARTICLE, 
ELECTRON, MESON, NEUTRETTO, NEUTRINO, 
NEUTRON, NUCLEON, POSITRON, and PROTON. 

subaudible 1. Pertaining to any frequency falling 
below the limit of human hearing, that is, less 
than about 20 Hz. 2. Any sound that is too low in 
amplitude to be heard. 

subaudible tone A signal, usually a steady, sine- 
wave tone, sent along with a radio signal. The 
tone frequency varies from about 20 Hz to 200 
Hz, below the audio cutoff frequency of most voice 
communications systems. Subaudible tones are 
used mainly for privacy. The receiver is pro- 
grammed to receive only signals having the cor- 
rect subaudible tone frequency. 

suballocation A portion of a radio-frequency 
broadcast or communications band that is legally 
set aside for specific purposes or users, e.g., the 
Extra-class segment of the 40-meter amateur-ra- 
dio band. 

subband 1. A portion of a frequency band with spe- 
cific characteristics. 2. A portion of a radio- 
frequency broadcast or communications band that 
is set aside, legally or by convention, for specific 
purposes [e.g., the single-sideband (SSB) portion 
of the 20-meter amateur-radio band]. 

subcarrier A modulated carrier wave that composes 
the modulating signal for another carrier wave. 

subcarrier band The band of frequencies in which 
a subcarrier signal is transmitted. 

subcarrier frequency modulation In a system in 
which a carrier frequency is obtained by beating a 
low-frequency radio-frequency (RF) signal with a 
high-frequency RF signal, the application of fre- 
quency modulation to the low-frequency com- 
ponent. The technique is sometimes used in 
sweep-frequency signal generators. 
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subcarrier oscillator In a color-television receiver, 
the oscillator operating at the burst (chromi- 
nance-subcarrier) frequency of 3.579545 MHz. 

subchassis An auxiliary chassis on which one sec- 
tion of a larger piece of equipment is completely 
assembled and wired. 

subfrequency See SUBHARMONIC. 

subharmonic An integral submultiple of a funda- 
mental frequency. Thus, for example, the 10th 
subharmonic of 15 MHz is 1.5 MHz. 

submarine cable An underwater cable designed to 
withstand continuous immersion. 

submarine robot A robot designed for underwater 
operation. It can be operated via telepresence or 
by simple remote control, usually using a con- 
ventional or fiberoptic cable. Some underwater 
robots have manipulators attached; others are 
equipped only with cameras, lights, and propul- 
sion devices. 

subminiature jack A female connector with an in- 
side diameter of %2 inch. 

subminiature plug A male connector with an out- 
side diameter of %2 inch. 

submultiple A fractional multiple, usually in refer- 
ence to a frequency. For example, 7.2 MHz is a 
submultiple of 14.4 MHz. See SUBHARMONIC. 

subpanel The front panel of a removable unit or 
module that forms a part of a larger unit. 

subroutine In a computer program, a sequence of 
instructions for carrying out a section of the pro- 
gram’s function. It is usually entered (led to) by a 
conditional branch (jump) instruction in the main 
program. 

subscriber An individual user of a communica- 
tions network or service. 

subscript A small number or letter written to the 
lower right (and occasionally to the lower left) of 
another number or letter to identify the latter 
from others of the same designation (e.g., as, S,). 
Compare SUPERSCRIPT. 

subscription TV A television (TV) service paid for 
by subscribing viewers. The signals are scram- 
bled so as to be useless to nonsubscribers, and 
legitimate subscribers are provided with a de- 
coder to unscramble the telecasts. 

subset 1. In statistics and set theory, a set whose 
members are all contained in a larger set. 2. A 
telephone handset or deskset (subscriber's set). 
3. A  modulator/demodulator for making 
business machines compatible with telephone 
circuits. 

subsidiary communication authorization Abbre- 
viation, SCA. An authorization provided by the 
Federal Communications Commission (FCC) for a 
frequency-modulation (FM) broadcast station to 
transmit, in addition to its main program, a sec- 
ond program within the assigned bandwidth usu- 
ally consisting of commercial-free background 
music on a subcarrier that can be detected only 
with a special receiver or with a special adapter 
attached to a standard FM receiver. 
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subsidiary feedback Feedback other than the 
main feedback in a system. 

subsonic frequencies Frequencies below the 
range of hearing, that is, less than about 20 Hz. 
Also called ULTRALOW FREQUENCIES and SUB- 
AUDIBLE FREQUENCIES. 

substation An intermediate electricity-distributing 
location from which electrical energy is trans- 
formed and transmitted to users within a given 
geographical area. 

substitution capacitor A capacitor used tem- 
porarily in place of another of usually the same 
value, as in troubleshooting. Also see CAPACI- 
TOR SUBSTITUTION BOX. 

substitution inductor An inductor used tem- 
porarily in place of another of usually the same 
value, as in troubleshooting. Also see INDUCTOR 
SUBSTITUTION BOX. 

substitution method 1. A method of measuring a 
quantity (such as capacitance, inductance, or re- 
sistance) in which the value of the unknown 
quantity is determined in terms of the amount of 
a standard quantity that must be removed to re- 
store the test circuit to its original state of bal- 
ance. 2. A method of troubleshooting in which 
good components are substituted for bad ones in 
a Circuit (see, for example, SUBSTITUTION CA- 
PACITOR, SUBSTITUTION INDUCTOR, SUBSTI- 
TUTION RESISTOR, SUBSTITUTION SPEAKER, 
and SUBSTITUTION TRANSFORMER). 

substitution resistor A resistor used temporarily 
in place of another of usually the same value, as 
in troubleshooting. Also see RESISTOR SUBSTI- 
TUTION BOX. 

substitution speaker A loudspeaker used tempor- 
arily in place of another, as in troubleshooting. 

substitution transformer A transformer used 
temporarily in place of another having the same 
characteristics, as in troubleshooting. 

substrate A plate, wafer, panel, or disk of suitable 
material on (or in) which the components of a 
unit, such as an integrated or printed circuit, are 
deposited or formed. 

subterranean 1. Pertaining to components, sys- 
tems, or devices installed underground. It is ap- 
plicable especially to cables. 2. Pertaining to a 
phenomenon, such as the propagation of electric 
currents or acoustical waves, that occurs under- 
ground. 

subterranean acoustical communication A met- 
hod of communication that uses low-frequency 
sound waves, such as SONAR, to communicate 
via conduction through earth or water. 

subtracter See ELECTRONIC SUBTRACTER. 

subtractive color A color formed by mixing sub- 
tractive primary pigments. 

subtractive primaries Broad-spectrum pigments 
used in printing to produce a wide variety of col- 
ors through filtering. These primaries are cyan 
(blue-green), magenta (pink-red), yellow, and 
sometimes black. They are used to print images 
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that have been filtered through additive-primary 
lenses. 

subtrahend In the process of subtraction, the 
quantity that is subtracted from another (the 
minuend) to produce the remainder or difference. 

subwoofer A speaker designed to effectively repro- 
duce extremely low audio frequencies, in some 
cases, subaudible (below 20 Hz). 

successive derivatives Successive repetition of 
the operation of differentiating a function, which 
yields the first derivative, second derivative, and 
so on to the nth derivative. 

successive integration The operation of double or 
triple integration. 

Suhl effect A reduction in hole life that occurs ina 
semiconductor material in the presence of a mag- 
netic field. 

suite 1. A group of computer programs run succes- 
sively as a job. 2. A bundled, high-end software 
package used especially in business computing. 

sulfate Contraction of lead sulfate. 

sulfation In a lead-acid storage cell, the formation 
of disabling lead sulfate during discharge of the 
cell. 

sulfur Symbol, S. A nonmetallic element. Atomic 
number, 16. Atomic weight 32.06. 

sulfur hexafluoride A gas used as a coolant and 
insulant in some power transformers. 

sulfuric acid Formula, HəSO;. An acid used in di- 
lute solution as the electrolyte of a lead-acid bat- 
tery. This highly corrosive fluid also has many 
industrial uses. 

sum The result obtained by adding two or more 
terms. Compare SUMMATION. 

sumcheck See SUMMATION CHECK. 

sum frequency 1. In an amplitude-modulated car- 
rier, the upper sideband frequency (i.e., the side- 
band equal to the carrier frequency plus the 
modulating frequency). Compare DIFFERENCE 
FREQUENCY. 2. In superheterodyne operation, 
an intermediate frequency equal to the signal fre- 
quency plus the local-oscillator frequency. 

summation 1. The sum of a finite number of 
terms. Thus, the total resistance of n resistors 
connected in series is the summation of all R (re- 
sistance) terms. 2. A frequency equal to the sum 
of two other frequencies. 

summation check In computer operations, a 
check carried out on a group of digits. The result 
of adding the digits, and disregarding any over- 
flow, is a check digit that can be compared with a 
standard value for the operation to verify the in- 


tegrity of data. 

summer 1. See ADDER. 2. See SUMMING AMPLI- 
FIER. 

summing amplifier An operational amplifier 


whose output is the sum, or is proportional to the 
sum, of several inputs. 

sun battery A set of photovoltaic cells connected in 
series, parallel, or series-parallel to produce use- 
ful output voltages and currents. 
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S units In radio (especially amateur radio), grada- 
tions reflecting the strength of received signals. 
Typically, a value of S9 (9 s-units), representing 
“extremely strong signals,” is equal to a strength 
of 50 microvolts. The next lower S unit (S8) is 
6 dB lower in voltage (i.e., 25 microvolts); S7 is 
12 dB below S9 (i.e., 12.5 microvolts), etc. 

sun lamp An incandescent or fluorescent lamp with 
high ultraviolet output, used in medicine for the 
treatment of certain skin disorders. It can also be 
used for skin tanning; most physicians discourage 
habitual use of the lamps for this purpose. 

sunlight lamp A lamp that produces visible light 
whose spectral distribution is similar to that of 
typical daylight. It generally produces more blue 
and violet light than a conventional lamp. It is 
sometimes used for indoor lighting in winter at 
high latitudes, and/or to enhance plant growth. 

sunlight-powered laser A laser whose action is 
stimulated by sunlight collected by a system of 
mirrors and lenses. The life of the device is long, 
compared with that of conventional lasers. 

sun-pumped laser See SUNLIGHT-POWERED 
LASER. 

sun relay See SUN SWITCH. 

sunspot An area on the sun’s surface that is visible 
as a dark, irregular region of variable size, gener- 
ally several thousand miles across. Sunspots are 
believed to be comparatively cool regions associ- 
ated with solar magnetic disturbances. The num- 
ber of sunspots is correlated with the frequency 
and intensity of solar flares (see SOLAR FLARE). 

sunspot cycle Regular periodic variation of sun- 
spot activity. The time between peaks in activity 
is approximately 11 years. 

sun switch A photoelectric switch or relay actu- 
ated by sunlight and used for various domestic 
and industrial purposes, such as switching 
lights, operating window shades, etc. 

sup Abbreviation of SUPPRESSOR. 

super Contraction of supersonic. 

super- Prefix denoting over, above, greater than, or 
higher than, with respect to size, value, or rank. 
Compare SUB-. 

superaudible frequency See ULTRASONIC FRE- 
QUENCY. 

superbeta transistor A transistor or transistor 
combination, such as a Darlington pair (see 
COMPOUND CONNECTION), that provides a very 
high current amplification factor (beta). 
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supercardioid microphone A microphone that is 
highly sensitive in one direction and insensitive 
in all other directions. The directional pattern is 
similar to a CARDIOID PATTERN, but is exagger- 
ated along the axis of optimum response. 

superconducting cable A cable in which super- 
conductivity is achieved by surrounding the cable 
with liquid helium to lower its temperature to 
near absolute zero. 

superconductivity The virtual disappearance of 
resistance in some metals cooled to temperatures 
in the vicinity of absolute zero. Also see CRYO- 
GENICS, CRYOSTAT, and CRYOTRON. 

superconductor A material or device that displays 
superconductivity. 

super flatpack An integrated-circuit package of 
the flatpack type having considerably more com- 
ponents and leads than those in the conventional 
flatpack. 

superhet Contraction of superheterodyne. 

superheterodyne circuit A circuit in which the in- 
coming signal in a first detector (or mixer) beats 
with the signal of a local oscillator, resulting in a 
lower (intermediate) frequency, which then is am- 
plified by an intermediate-frequency (IF) ampli- 
fier. This IF signal is detected by a second 
detector whose output is amplified by an audio- 
frequency (AF) amplifier. Because the IF amplifier 
operates at a single (fixed) frequency, it can be 
adjusted for optimum selectivity and gain. Also 
called superhet circuit. 

superheterodyne receiver A radio or television re- 
ceiver using a SUPERHETERODYNE CIRCUIT. 

superhigh frequency See RADIO SPECTRUM. 

Supermalloy An alloy having a maximum perme- 
ability of 10°. 

supermodulation A type of amplitude modulation 
(AM) in which one radio-frequency (RF) power 
stage continuously generates the carrier, and a 
second (usually identical) RF power stage is gated 
into full operation at the proper instant by the au- 
dio modulation to add additional RF power (cor- 
responding to 100% modulation) to the signal. At 
the same time, the carrier amplitude is decreased 
by the proper amount to fulfill the conditions of a 
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signal amplitude swing between zero and twice 
maximum for 100% modulation. 

superposition In a complex wave, the manner in 
which the constituent waves combine. The in- 
stantaneous value of the complex wave is equal to 
the vector sum of the instantaneous values of all 
the constituent waves. 

superposition theorem In a network of linear ele- 
ments, if a voltage E, in branch A causes a cur- 
rent I; to flow through branch C, and if a voltage 
Ez in branch B (which might be identical with 
branch A) causes a current Ip to flow through 
branch C, then E, in branch A and E) in branch 
B applied simultaneously will cause a current 
equal to I, + h to flow through branch C. Compare 
COMPENSATION THEOREM, MAXIMUM POWER 
TRANSFER THEOREM, NORTON’S THEOREM, 
RECIPROCITY THEOREM, and THEVENIN’S 
THEOREM. 

superpower An arbitrary term denoting very high 
power. In the rating of standard broadcast sta- 
tions, it has come to signify 1,000,000 watts (one 
megawatt) radio-frequency (RF) power output. 

superradiance In a laser, a rapid increase in inten- 
sity of fluorescent-line emission with increasing 
excitation power. 

superregenerative circuit A regenerative detector 
circuit in which regeneration is periodically in- 
creased almost to the point of oscillation, then de- 
creased. This quenching action takes place at a 
supersonic rate (typically at 50 or 100 kHz) so 
that the quenching is inaudible. The result is that 
much more regeneration is afforded, without the 
detector going into oscillation, than is possible by 
simply increasing the regeneration manually. An 
extremely sensitive detector is the result. 

supersaturated solution A solution that contains 
more solute than it normally would hold. Super- 
saturated solutions are obtained through special 
techniques and are extremely unstable. Compare 
SATURATED SOLUTION. Also see SOLUTE; SO- 
LUTION, 1; and SOLVENT, 2. 

superscript A small number or letter written to the 
upper right of another number or letter, the 
BASE, to indicate the power to which the base 
must be raised. Example: 10°, e*, y?. Also called 
EXPONENT. Compare SUBSCRIPT. 

supersensitive relay A relay that operates with a 
current of less than one milliampere, or with a 
voltage of less than one millivolt. 

supersonic flow In a gas or liquid, movement of 
the medium at a speed greater than the speed of 
sound in that medium. Supersonic flow results in 
a greatly increased resistance or drag because of 
shock waves that form in the medium. 

supersonic frequency See ULTRASONIC FRE- 
QUENCY. 

supersonics See ULTRASONICS. 

supervised line In a security system, a wire or foil 
strip that carries electrical current. If the current 
changes in such a line, an alarm is actuated. 
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supervisor 1. In a computer, a set of routines that 
oversees the operation of the system. The super- 
visor routines are coordinated by the central pro- 
cessing unit. 2. The execution of such a set of 
routines. 3. A microcomputer that oversees the 
operation of a security system. 

supervisory circuit In a security system, a link 
between a sensor and the central computer or 
control device. This link can be via electric cur- 
rent through a wire or cable, but other methods 
can be used, such as fiberoptics, line-of-sight op- 
tics, infrared, ultrasonic, or radio. 

supply 1. See CURRENT SUPPLY. 2. See POWER 
SUPPLY. 3. See VOLTAGE SUPPLY. 

supply current Alternating or direct current avail- 
able for operating a circuit, device, or system. 

supply frequency The frequency of an alternating- 
current power supply. 

supply power The maximum power that can be re- 
liably delivered by an alternating-current or 
direct-current power supply. 

supply reel In a reel-to-reel tape recorder or player, 
the reel that is initially full, and that gradually 
empties as the tape moves through the machine. 

supply voltage The voltage of an alternating-cur- 
rent or direct-current power supply. 

suppressed carrier A carrier that has been canceled 
or filtered out of a carrier/sideband combination. 

suppressed-carrier double sideband See DOU- 
BLE-SIDEBAND and SUPPRESSED CARRIER. 

suppressed-zero instrument A meter or graphic 
recorder in which the zero point is off-scale or up- 
scale, but has been brought to scale-zero by 
means of mechanical adjustment or use of a 
bucking voltage. 

suppressor 1. A filter used to suppress radio inter- 
ference. 2. See AUTOMATIC NOISE LIMITER. 3. 
See SPARK SUPPRESSOR. 4. In a pentode vac- 
uum tube, a gridlike element between the screen 
grid and the plate, used to suppress secondary 
emission. Also see GRID, 2 and PENTODE. 

suppressor circuit The circuit associated with the 
suppressor electrode of a vacuum tube. 

suppressor diode A semiconductor diode used to 
prevent inductive kickback in circuits, to elimi- 
nate or reduce transients, or to prevent arcing be- 
tween make-and-break contacts. 

suppressor grid See SUPPRESSOR, 4. 

suppressor modulation A method of modulation 
in which a modulating voltage is superimposed 
on the suppressor voltage of a pentode radio- 
frequency power amplifier tube. 

suppressor pulse A pulse that prevents electron 
flow. 

surface analyzer A device designed for the mea- 
surement of surface flatness or uniformity. 

surface-barrier diffused transistor See MICRO- 
ALLOY DIFFUSED TRANSISTOR. 

surface-barrier transistor Abbreviation, SBT. A 
pnp transistor made by means of electrolysis and 
electroplating: Two fine streams of indium sulfate 
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solution are placed on axially opposite points on 
the faces of an n-type wafer. At the same time, a 
direct current is passed through the wafer and 
solution in such a direction as to remove semi- 
conductor material electrolytically from the faces; 
the tiny sprayed areas are etched away. When the 
desired wafer thickness is reached at the points 
of impact, the etching process is arrested by re- 
versing the direction of current flow. This reversal 
causes an indium dot to be plated on each oppo- 
site face in the etched-out pit. Leads are attached 
to the collector and emitter dots and to the wafer 
(base). 

surface-charge transistor A semiconductor device 
consisting essentially of two narrowly separated 
plates (source electrode and receiver electrode) 
deposited on the film-insulated surface of a sili- 
con chip, and a third, overlapping electrode (the 
transfer gate) deposited on, but insulated from, 
the other electrodes. An input signal stores a 
charge in the capacitor formed by the source elec- 
trode and chip. A subsequent trigger signal ap- 
plied to the transfer gate transfers the charge to 
the receiver electrode, where it becomes an out- 
put signal (often amplified, with respect to the in- 
put signal). 

surface effect An effect (such as current, resis- 
tance, or resistivity) observed on the surface of a 
sample of material, rather than throughout the 
body of the material. Compare BULK EFFECT. 

surface insulation A coating applied to the sur- 
faces of core laminations to prevent the passage 
of currents between laminations. 

surface leakage Leakage of current over the sur- 
face of a dielectric material, as opposed to leakage 
through the interior of the material. 

surface noise See NEEDLE SCRATCH. 

surface recombination rate For a semiconductor, 
the rate at which electrons and holes recombine 
at the surface. Compare VOLUME RECOMBINA- 
TION RATE. 

surface resistivity The resistance of a unit area of 
a material, measured between opposite edges. 
Compare VOLUME RESISTIVITY. Also see RESIS- 
TIVITY. 

surface tension The tendency of the surface of a 
liquid to “shrink.” This property varies with dif- 
ferent liquids and is caused by a net molecular 
force directed inward from the surface. 
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surface wave 1. The earth-guided component of a 
ground wave. (The other component is the SPACE 
WAVE.) 2. An acoustic wave traveling along the 
surface of a plate in a surface-wave amplifier or 
surface-wave filter. 

surface-wave amplifier An amplifying device con- 
sisting essentially of a surface-wave filter to 
which has been added a direct-current-biased n- 
type silicon electrode, which is separated from 
the crystal substrate of the filter by a very thin 
oxide layer. Amplification is produced by interac- 
tion between the electron current in the silicon 
and the piezoelectric field of the filter. Also see 
ACOUSTOELECTRONICS. 

surface-wave filter An acoustoelectronic device 
consisting essentially of a crystal plate having 
electrodes at each end. An alternating-current 
(ac) input signal applied to one electrode sets up 
acoustic waves that travel along the surface of the 
plate to the other electrode, where they generate 
an ac output voltage by piezoelectric action. The 
resonant frequency of the device is governed by 
the dimensions of the crystal plate. Also see 
ACOUSTOELECTRONICS. 

surge A sudden rise or flow of current or voltage. 

surge absorber See SURGE SUPPRESSOR. 

surge arrester See SURGE SUPPRESSOR. 

surge current A heavy current that flows initially 
into a capacitor when a charging voltage is applied. 

surge impedance Symbol, Z,. The impedance seen 
by a pulse applied to a transmission line; Zo = L/C 
(approximately), where L and C are the induc- 
tance and capacitance, in microhenrys and mi- 
crofarads, per unit length of the line. Also called 
CHARACTERISTIC IMPEDANCE. 

surge protector Misnomer for SURGE SUPPRES- 
SOR. 

surge suppressor A semiconductor device used to 
absorb potentially destructive transients or over- 
voltages on a utility power line. It has a three-wire 
cord for plugging into a 117-volt outlet, a power 
switch, and several three-wire outlets for connec- 
tion to sensitive electronic equipment (Such as 
personal computers, videocassette recorders, 
television sets, hi-fi amplifiers, etc.). 

surround See SUSPENSION, 1. 

Surround Sound The trade name for a multichan- 
nel sound system for use with television receivers 
and videocassette players. Some televised movies, 
especially on cable and satellite networks, deliver 
multichannel sound through receiving /recording 
systems equipped with special decoders. 

surveillance 1. A method of monitoring a specific 
area or volume for intrusion or other disturbance. 
2. A means of monitoring a specified portion of 
the electromagnetic spectrum for unauthorized 
signals. 

surveillance radar An air-traffic-control radar that 
supplies continuous information regarding the 
azimuth and distance of aircraft inside a selected 
radius around an airport. 
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susceptance Symbol, B. Unit, siemens. The reac- 
tive component of admittance, as distinguished 
from conductance. 

susceptibility The capacity of a substance to be- 
come magnetized, expressed as the ratio of mag- 
netization to the strength of the magnetizing 
force. 

suspension 1. In a speaker, the flexible, circular or 
elliptical structure via which the cone is attached 
to the frame. 2. The wire or metallized fiber 
supporting the movable coil of a galvanometer. 
3. Particles of a substance and the liquid in which 
it is mixed, but not dissolved. 4. The substance, 
as defined in 3. 

suspension galvanometer A meter with a light- 
beam apparatus for lengthening the arc through 
which the pointer travels. When the beam of light 
is cast a long distance, a tiny movement of the 
coil will cause considerable movement of the im- 
age. 

sustained oscillations Oscillations that continue 
as long as power is supplied to the oscillation 
generator. Also see CONTINUOUS WAVE. Com- 
pare DAMPED OSCILLATIONS. 

sustaining voltage The voltage at which second- 
collector breakdown occurs in a transistor (see 
SECOND BREAKDOWN). 

S video In animation, a scheme that separates 
brightness and color. It can enhance the video in 
some applications. 

SW Abbreviation of SHORTWAVE. 

sw Abbreviation of SWITCH. (Also, S or s.) 

swamping resistor 1. A noninductive resistor con- 
nected in parallel with the input circuit of a class- 
B linear amplifier for automatic regulation of the 
excitation. 2. A resistor connected in series with 
the emitter of a bipolar transistor to minimize the 
effects of temperature-induced variations in junc- 
tion resistance. 

swarf The string of material that threads off a disc 
during sound recording. 

Sw band A section of the S BAND, extending from 
3400 to 3700 MHz. 

sweep 1. To deflect the electron beam in a cathode- 
ray tube, usually horizontally, to provide a time 
base. 2. The circuit for achieving the particular 
deflection described in 1. 

sweep circuit A circuit, such as a deflection gener- 
ator (e.g., a sawtooth oscillator), for producing a 
sweep Signal. Also see SWEEP. 

sweep delay In an oscilloscope, the process of ini- 
tiating the sweep of the electron beam at some se- 
lected instant after the signal has started. 

sweep-delay circuit In an oscilloscope or radar, 
the circuit for delaying the sweep until the start of 
the signal. Also see DELAYED SWEEP. 

sweeper 1. See SWEEP GENERATOR. 2. See 
SWEEP-SIGNAL GENERATOR. 

sweep frequency 1. The frequency at which the 
electron beam in a cathode-ray tube is deflected 
along the reference axis. 2. The frequency at 
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which the carrier frequency is increased and de- 
creased by a sweep-signal generator. 3. In an os- 
cilloscope, the number of times that the trace 
moves across the screen in one second. It is equal 
to the reciprocal of the SWEEP PERIOD. 

sweep generator 1. A device that causes the elec- 
tron beam in a cathode-ray tube to scan at a 
known speed. 2. An oscillator that generates a 
signal that rapidly varies in frequency. It is used 
for the testing and adjustment of bandpass filters 
and other selective circuits. 

sweeping receiver See SCANNING RECEIVER. 

sweep magnification In an oscilloscope, increas- 
ing or multiplying the sweep frequency, thus re- 
ducing the time per horizontal division. This 
increases the maximum frequency of waveforms 
that can be analyzed, and allows closer inspec- 
tion of high-frequency signal components. 

sweep magnifier In an oscilloscope, a circuit for 
achieving sweep magnification. 

sweep oscillator See SWEEP GENERATOR. 

sweep period The duration, in seconds, of one 
complete cycle of sweep signal in an oscilloscope. 
It is equal to the reciprocal of the SWEEP FRE- 
QUENCY. 

sweep signal The (usually linear, sawtooth) signal 
used to sweep the beam of an oscilloscope tube. 
Also see SWEEP, 1, 2. 

sweep-signal generator A signal generator that 
supplies a signal whose frequency varies automat- 
ically and periodically throughout a given band. 


Frequency 


Time 
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sweep test A method of testing the attenuation- 
vs.-frequency characteristics of a selective cir- 
cuit, using a radio-frequency sweep generator. 

sweep time The actual time required for a single 
sweep by a deflecting signal; t = 1/f, where t is 
sweep time in seconds, and fis sweep frequency 
in hertz. 

sweep voltage The peak voltage amplitude of the 
sweep signal. 

SWG Abbreviation of standard wire gauge. 

swing The maximum change exhibited by a varying 
quantity (e.g., amplitude swing and frequency 
swing). 
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swinging choke A filter choke that exhibits rela- 
tively high inductance when low current flows 
through it, and lower inductance when high cur- 
rent flows through it. This inductance, which 
swings under conditions of varying load current, 
permits the use of a high-resistance bleeder re- 
sistor. Compare SMOOTHING CHOKE. 

Swiss-cheese packaging A method of packaging 
an electronic circuit, in which components are in- 
serted into the assembly through holes drilled or 
punched in parallel, stacked printed-circuit 
boards. 

switch 1. A circuit or device (electronic, electrome- 
chanical, or mechanical) for opening and closing 
a circuit or for connecting a line to one of several 
different lines (e.g., rotary selector switch). 2. To 
change the logic state of a circuit or device. 3. In 
a computer program, a branch instruction direct- 
ing the program to a line number dependent on 
the value of a variable or result (e.g., BASIC’s 
GOTO). 4. To cause an electrical circuit to change 
state, as from low to high or vice versa. 

switch current 1. The current flowing through a 
switch. 2. The current flowing through a switch- 
ing diode or transistor. 3. The minimum current 
necessary to produce switching of a transistor, 
specified in milliamperes or microamperes. 

switchgear Collectively, devices and systems for 
making and breaking circuits—either automati- 
cally or manually. 

switchhook In a telephone set, the spring-and- 
switch device that engages the line when the re- 
ceiver is lifted. 

switching characteristics Technical data describ- 
ing the performance and capabilities of switching 
devices and circuits. 

switching circuit An on-off type of circuit contain- 
ing electronic or mechanical switches. 

switching diode See COMPUTER DIODE. 

switching frequency The frequency at which a 
repetitive switch operates. Also see SWITCHING 
RATE. 

switching mode Operation in which a device, such 
as a transistor or diode functions as a binary dig- 
ital device, rather than as an analog device. The 
current is generally either zero (cutoff or pinchoff) 
or some value that depends on the bias and on 
the applied voltage. 

switching rate The rate (e.g., closures per second) 
at which a repetitive switch operates. Also see 
SWITCHING FREQUENCY. 

switching speed The time required for a switch to 
open or close or for a switching device to change 
states (as from cutoff to saturation). Also see 
SWITCHING TIME. 

switching time The time required, after the appli- 
cation of a pulse, for an electronic switch to 
change state. Also see SWITCHING SPEED. 

switching transistor A transistor designed espe- 
cially for on-off operation. Such units exhibit 
short recovery time and low capacitance. 


switching voltage The largest voltage that a 
switching device can handle without malfunc- 
tioning. 

switch leakage current 1. The current flowing 
through a switching device when it is supposed to 
be nonconducting. 2. In a switching transistor, 
for a given voltage, the leakage current between 
the emitter and collector when the device is sup- 
posed to be nonconducting. 

SWL Abbreviation of SHORTWAVE LISTENER. 

SWR Abbreviation of STANDING-WAVE RATIO. 

SWR bridge A four-arm resistance bridge for mea- 
suring voltage standing-wave ratio. This radio- 
frequency bridge has noninductive resistors in 
three of its arms and the device under test in the 
fourth arm. The bridge is balanced first with an 
equivalent noninductive resistor that replaces 
the device, and the output voltage is noted. Then 
the device is substituted for the test resistor, and 
the change in voltage is noted. The standing-wave 
ratio is determined from the voltage ratio. 

SWR meter See SWR BRIDGE. 

Sy band A section of the S BAND, extending from 
2600 to 2700 MHz. 

syllable compandor A device that compresses or 
expands the amplitude of an audio signal. The 
time constant is fast enough to allow response to 
individual syllables. Compression is generally 
used at the transmitting station, and expansion 
at the receiving station. 

sym 1. Abbreviation of symmetrical. 2. Abbrevia- 
tion of SYMBOL. 

symbol 1. A letter or graphic device representing a 
quantity or term [e.g., I (current), f (frequency), 
etc.]. 2. A conventional device denoting a mathe- 
matical operation (e.g., +, /). 3. In a circuit 
diagram, a pictorial device representing a 
component. 

symbolic address An address in a source- 
language computer program (i.e., the arbitrary 
label used by the programmer). 

symbolic language See SOURCE LANGUAGE. 

symbolic logic A system for representing logical 
relationships, such as those acted upon by com- 
puter and switching circuits, by means of sym- 
bols that are usually nonnumerical. Also see 
BOOLEAN ALGEBRA. 

symmetrical circuit A circuit having identical 
configurations on each side of a dividing line, 
such as the ground bus. A push-pull circuit is an 
example. 

symmetrical communications 1. Two-way com- 
munications in which the volume of transmitted 
data is the same, or nearly the same, in both di- 
rections. 2. Two-way communications in which 
the speed of transmitted data is the same, or 
nearly the same, in both directions. Compare 
ASYMMETRICAL COMMUNICATIONS. 

symmetrical conductivity Identical conductivity 
for both positive and negative electricity. Com- 
pare ASYMMETRICAL CONDUCTIVITY. 
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symmetrical FET See SYMMETRICAL FIELD- 
EFFECT TRANSISTOR. 

symmetrical field-effect transistor A field-effect 
transistor whose source and drain terminals can 
be interchanged without affecting circuit opera- 
tion. Also called BIDIRECTIONAL TRANSISTOR. 
Compare UNILATERAL FIELD-EFFECT TRAN- 
SISTOR. 

symmetrical input See BALANCED INPUT. 

symmetrical output See BALANCED OUTPUT. 

symmetrical transistor See BIDIRECTIONAL 
TRANSISTOR. 

symmetrical wave A wave whose positive and neg- 
ative half-cycles are identical in shape and peak 
amplitude. 

symmetry 1. The condition of having the same 
shape on each side of an axis. 2. The condition of 
conducting positive and negative currents equally 
well. 3. The condition in which a circuit is identi- 
cal on both sides of a reference line, such as the 
ground line. 

sympathetic vibration Resonant vibration of one 
body in response to the vibration of another body. 

sync 1. Contraction of SYNCHRONIZATION. 
2. Contraction of SYNCHRONISM. 

sync amplifier In a television circuit, the amplifier 
used to increase the amplitude of the sync pulses 
after they are separated from the composite video 
signal. 

sync generator A circuit that produces the syn- 
chronization pulses in a television transmitter. 

synchro A  dynamo-electric-control device that, 
when connected to a similar device and the alter- 
nating-current power line, permits remote control. 
Thus, when the rotor of one synchro is turned to a 
certain position, the rotor of the other assumes the 
same position. Also see AUTOSYN and SELSYN. 

synchrocyclotron A type of cyclotron in which the 
variation in mass, because of increased velocity, 
of the charged particles is compensated, resulting 
in higher energy for the particles. 

synchro differential A synchro that receives two 
input signals and delivers a single output signal. 
The inputs can be two electrical signals, or one 
electrical signal and one mechanical signal. 

synchrodyne receiver A direct-conversion re- 
ceiver in which the local oscillator frequency or 
phase is locked into synchronism with the incom- 
ing signal carrier frequency or phase. 

synchroflash A flash that is synchronized with the 
shutter of a camera. 

synchro generator The transmitting member ofa 
synchro system. 

synchro motor The receiving member of a synchro 
system. 

synchronism 1. The condition of being in step, as 
when two motors are running in synchronism 
with each other and the power frequency, or 
when two relays open and close in step. 2. The 
condition of being in phase, as when two pulses 
occur simultaneously. 
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synchronization The coincidence of one process 
or operation with another, as in the synchroniza- 
tion of an oscillator frequency by means of an ap- 
plied standard-frequency voltage, in which case 
the oscillator frequency becomes that of the stan- 
dard signal. 

synchronized clamping A type of clamping in 
which an output voltage is maintained at a pre- 
determined fixed value until a synchronizing 
pulse is applied, whereupon the output follows 
the input. 

synchronized multivibrator See DRIVEN MULTI- 
VIBRATOR. 

synchronizer A computer storage device used be- 
tween two devices transmitting data at different 
speeds, to counteract this differential (as a 
buffer). 

synchronizing signal A signal used to synchronize 
another signal, usually in frequency. 

synchronous The condition of operating in step 
(phase) with some reference signal. 

synchronous clock 1. An  alternating-current 
clock driven by a synchronous motor. Although 
60-Hz models are common, such clocks are not 
restricted to low-frequency ac operation; 1-kHz 
types, for example, are used in some primary 
frequency standards. 2. The timing source in a 
synchronous computer. 
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synchronous computer A computer whose opera- 
tions are timed by single-frequency clock signals. 

synchronous contacts The rectifying contacts of a 
synchronous vibrator (see VIBRATOR-TYPE REC- 
TIFIER). 

synchronous converter A synchronous machine 
that can run on alternating current and generate 
direct current, or vice versa. Also called ROTARY 
CONVERTER. 

synchronous gate A gate whose output is syn- 
chronized, according to the input signal. 

synchronous generator An alternator operating in 
synchronism with one or more other alternators. 
Also see SYNCHROSCOPE, 2. 

synchronous induction motor An alternating- 
current motor that is intermediate between the 
fractional-horsepower reluctance motor and the 
multiple-horsepower three-phase, synchronous 
motor. The synchronous induction machine 
starts like an induction motor and runs like a 
synchronous motor. 

synchronous inputs In a computer flip-flop, in- 
puts that accept pulses only at the command of 
the clock. 

synchronous machine See SYNCHRONOUS IN- 
DUCTION MOTOR. 

synchronous motor See SYNCHRONOUS INDUC- 
TION MOTOR. 

synchronous network A communications network 
in which all clocks are set so that they run at the 
same rate, their increments are identical in dura- 
tion, and transitions occur simultaneously or 
with a specified phase difference. Such a system 
allows for greatly enhanced signal-to-noise ratio 
for a given amount of transmitter power, and also 
reduces the bandwidth necessary for a single sig- 
nal so that many more signals can be placed ina 
given frequency band. 

synchronous orbit See GEOSTATIONARY ORBIT. 

synchronous satellite See GEOSTATIONARY 
SATELLITE. 

synchronous speed For an alternating-current 
(ac) machine, the speed corresponding to the ac 
frequency. 

synchronous transmission A method of signal 
transmission in which individual symbols are 
sent at a specified rate, according to a clock that 
also governs the receiver. 

synchronous vibrator See VIBRATOR-TYPE REC- 
TIFIER. 

synchroscope 1. An oscilloscope having a high- 
speed sweep triggered by a synchronizing signal. 
Such an instrument is valuable for viewing high- 
speed pulses. 2. A pointer-type instrument used 
to indicate the synchronism between two power 
alternators. 

synchro system A circuit or system using syn- 
chros for the transmission and reception of posi- 
tioning signals. Also see SYNCHRO. 

synchrotron A particle accelerator that uses a 
high-frequency electrostatic field and a low- 
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frequency magnetic field to impart very high 
velocity to the particles. 

sync pulse 1. A pulse used to control the fre- 
quency or repetition rate of an oscillator or other 
generator. 2. In a television system, a pulse 
transmitted as part of the composite video signal 
to control scanning. Also see HORIZONTAL SYNC 
PULSE and VERTICAL SYNC PULSE. 

sync separator In a television receiver circuit, a 
stage used to separate and deliver the sync 
pulses from the composite video signal. See, for 
example, DIODE SYNC SEPARATOR. 

sync signal See SYNCHRONIZING SIGNAL. 

sync takeoff The point in the video amplifier cir- 
cuit of a television receiver at which the compos- 
ite video signal is sampled to extract the sync 
pulses. 

syntax 1. The rules by which computer program 
statements are structured. 2. The way that a 
written or spoken sentence is constructed. It is 
important in speech recognition and speech syn- 
thesis. 

synthesis The rigorous (usually mathematical) de- 
sign of an electronic circuit or device and the ac- 
curate prediction of its performance. Compare 
ANALYSIS. 

synthesizer 1. See SIGNAL SYNTHESIZER. 2. A 
circuit synthesizer (i.e., a device that allows a 
wide variety of circuits to be set up temporarily or 
simulated, for testing and evaluating). Some- 
times, a specially programmed computer serves 
this purpose. 3. A keyboard on which music can 
be played, and whose output can be adjusted to 
simulate the sounds of various musical instru- 
ments. 4. See MOOG SYNTHESIZER. 
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synthetic bass An apparent accentuation of bass 
notes resulting from intermodulation distortion 
in an amplifier. 

synthetic crystal An artificially produced crystal, 
such as synthetic quartz. 

synthetic resin An artificially produced resin. Also 
see THERMOPLASTIC MATERIAL and THER- 
MOSETTING MATERIAL. 

syntony See RESONANCE. 

syst Abbreviation of SYSTEM. 

system 1. An integrated assemblage of hardware 
and/or software elements operating together to 
accomplish a prescribed end purpose (e.g., servo 
system, operating system, and communications 
system). 2. A methodology incorporating fixed 
and ordered procedures for accomplishing an end 
purpose. 3. A self-contained computer worksta- 
tion. 

systematic error See CUMULATIVE ERROR. 

system engineering See SYSTEMS ENGINEER- 
ING. 
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system of units A set of fundamental units for 
defining the magnitudes of all physical variables. 
The most common system of units is the stan- 
dard international (SI) system. 

systems analysis In computer system operation, 
analyzing the way something is done and devising 
a better alternative by isolating the problem area, 
scrutinizing the system as it stands, studying 
what is thereby disclosed, devising the alternate 
application of software and/or hardware, dissemi- 
nating the revised operational procedure, and 
overseeing the implementation of the new method. 

systems engineering The branch of engineering 
devoted to the design, development, and applica- 
tion of complete systems. The approach takes 
into consideration all elements in a system or 
process and their integration. 

systems flowchart A flowchart showing the inter- 
relationship of activities in a system. 

Sz band A section of the S BAND, extending from 
3900 to 4200 MHz. 
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T 1. Symbol for TRANSFORMER. 2. Abbreviation of 
prefix TERA-. 3. Symbol for thermodynamic tem- 
perature. 4. Symbol for TRITIUM. 5. Abbreviation 
of TON. (Also, t and tn.) 6. Abbreviation of TESLA. 
7. Symbol for KINETIC ENERGY. 8. Symbol for 
PERIOD. 9. Symbol for true. 

t 1. Symbol for TIME. 2. Abbreviation of TON. 
(Also, T and tn.) 3. Symbol for CELSIUS TEM- 
PERATURE. (Also, T.) 4. Abbreviation of TARGET. 
5. Abbreviation of technical. 6. Abbreviation of 
TENSION. 

Ta Symbol for TANTALUM. 

tab On the keyboard for a computer, typewriter, 
terminal, or word-processing system, a key that 
moves the cursor a specified number of spaces 
toward the right. It also performs various other 
functions in menu-driven or graphical computer 
interfaces. 

table In an internal or external computer memory, 
an array (i.e., a list or matrix) of data that can 
be recalled using keys (e.g., single- or double- 
subscripted variables). 

table look-at Abbreviation, TLA. In computer oper- 
ations, finding the position of a data item in a 
table by implementing an algorithm. 

table look-up Abbreviation, TLU. In computer op- 
erations, locating items in a table by inspecting 
what is in the table, key by key. 

tabulate In data processing, to combine the totals 
for data item groups having the same key. 

tabulation 1. The printout of what has been tabu- 
lated (see TABULATE). 2. The computer-program- 
directed movement of the cursor on a 
cathode-ray-tube display, or of a typewriter car- 
riage, to certain positions in a line. 


tabulator See TAB. 

tacan A pulse-type UHF air navigation system in 
which a station is interrogated by signals from an 
aircraft to provide bearing and range information. 
The name is an acronym for tactical air naviga- 
tion. 

tach Abbreviated form of tachometer. 

tachometer See ELECTRONIC TACHOMETER. 

tachometer generator A small, dynamo-type elec- 
tric generator that delivers a voltage proportional 
to the rotational speed of a shaft to which it is at- 
tached. 

tachyon A high-speed subatomic particle thought 
to move faster than the speed of light. 

tactical air navigation See TACAN. 

tactical radar A radar system used in military op- 
erations. 

tactile sensor A device that provides an intelligent 
machine with a sense of “touch”: temperature, 
pressure, force, texture, and torque. It is impor- 
tant in robotics, and also in some computer ap- 
plications, such as virtual reality (VR). 

T-adapter See TEE-JUNCTION. 

tag 1. In data-processing and computer opera- 
tions, the identification of digits or characters 
forming part of a record. 2. An encoded price tag 
(i.e., a passive transponder or barcode strip). It is 
commonly used in retail stores. 

tag converter A device that senses the information 
on tags (see TAG, 2) and transfers it to a com- 
puter system. 

tail 1. The decay of a waveform from maximum 
amplitude to zero amplitude. 2. Any pulse that 
follows a main pulse as a result of the main 
pulse. 
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P Tail 


Amplitude 


Time 


tail 


taillight monitor An electronic device for warning 
a motorist of taillight failure. 

tail pulse 1. A pulse with a fast rise time, but a 
slow decay time. 2. See TAIL, 2. 

takedown In computer operations, the process of 
clearing output peripherals for upcoming pro- 
gram runs. 

take-down time The duration of the TAKEDOWN 
process. 

take-up reel In a reel-to-reel tape recorder/repro- 
ducer, the reel on which the tape accumulates 
during recording or reproduction. 

talk-back circuit See INTERPHONE. 

talk-listen switch A transmit-receive switch in an 
intercommunication system (see INTERCOM). 

talk power See SPEECH POWER. 

tally 1. To obtain a sum or total. 2. The rows of 
operands, subtotals, and totals that an adding 
machine prints. 

tally reader A device that, via optical character 
recognition (OCR), can read the digits and sym- 
bols on a tally (see TALLY, 2). 

tamper switch A device that closes a circuit or ac- 
tuates an alarm when a certain set of conditions 
is altered. 

tan Abbreviation of TANGENT. 

tan? Arc tan (inverse tangent function). 

tandem transistor An assembly of two series- 
connected transistors in the same envelope. 

tangent 1. Abbreviation, tan. The ratio of the side 
opposite to the side adjacent to an acute angle in 
a right triangle. 2. A line that intersects a curve at 
a single point without crossing the curve. 3. A 
plane that intersects a curved surface at a single 
point. 

tangent galvanometer A galvanometer in which 
the current is proportional to the tangent of the 
angle of deflection. Compare SINE GALVANO- 
METER. 

tangential mode In acoustics, the reflection of 
sound waves from four surfaces in a room having 
six interior surfaces. 

tanh Abbreviation of HYPERBOLIC TANGENT. 

tank 1. A parallel-resonant inductance-capaci- 
tance circuit in the output of a radio-frequency 
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amplifier. 2. A circuit in which is stored electrical 
energy of frequencies in a range whose midpoint 
is resonance for the circuit. 3. See MERCURY 
DELAY LINE. 

tantalum Symbol, Ta. A metallic element of the 
vanadium family. Atomic number, 73. Atomic 
weight, 180.95. Tantalum is used in the elements 
of some electron tubes and in some electrolytic 
capacitors. 

tantalum capacitor A type of electrolytic capacitor 
that uses tantalum rather than aluminum. The 
tantalum can be foil, as is the aluminum in a con- 
ventional electrolytic capacitor. It might also take 
the form of a porous pellet, the irregular surface 
of which provides a large area in a small volume. 
An extremely thin oxide layer forms on the tanta- 
lum. These capacitors have high reliability and 
excellent efficiency, and are used in military ap- 
plications because they have a low failure rate. 
They can be used in audio and digital circuits in 
place of aluminum electrolytic capacitors. The 
main disadvantage of tantalum capacitors is that 
they are comparatively expensive. Compare CE- 
RAMIC CAPACITOR, ELECTROLYTIC CAPACI- 
TOR, MICA CAPACITOR, PAPER CAPACITOR, 
PLASTIC-FILM CAPACITOR. 


Lead 
Electrolyte 
Tantalum 
Metal case 
Lead 


tantalum capacitor 


tantalum detector A radio-frequency contact de- 
tector consisting essentially of a fine tantalum 
wire whose point lightly touches the surface of a 
small pool of mercury. 

tantalum-nitride resistor A resistor consisting of 
a thin film of tantalum nitride deposited on a 
substrate. Also see THIN FILM. 

T-antenna See TEE-ANTENNA. 

tap A connection made to an intermediate point on 
a coil, resistor, or other device. See, for example, 
CENTER TAP and TAPPED COMPONENT. 

tap changer A device that facilitates adjustment of 
the turns ratio of a transformer by changing the 
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tap on the primary winding, the secondary wind- 
ing, or both. It also facilitates the adjustment of 
the impedance-transfer ratio. It can be used for 
power supplies or audio- or radio-frequency 
transformers. 

tape 1. Magnetic tape. 2. Insulating tape. 3. To 
make a magnetic tape recording (audio, video, 
and/or digital data). 

tape cable 1. A form of cable in which all of the 
conductor centers lie in the same plane. 2. A flat 
cable, commonly used in situations, where re- 
peated flexing occurs. 

tape cartridge A holder and the reel of blank or 
prerecorded magnetic (%-inch audio or wider 
video) tape it contains, which can be inserted into 
a recorder/reproducer without having to thread 
or otherwise handle the tape for either playing or 
rewinding. 

tape comparator In a data-processing or com- 
puter system, a machine that compares tapes 
generated from the same input, for differences in 
the data thereon; it is a character-by-character 
process. 

tape core A ring-type magnetic core made by 
tightly winding metal tape in several layers for the 
desired thickness. 

tape counter See POSITION INDICATOR. 

tape deck In a tape recorder/reproducer, the com- 
plete tape-transport mechanism (drive, heads, 
equalization circuitry, and preamplifiers). 

tape drive 1. See TAPE TRANSPORT. 2. See TAPE 
DECK. 3. A tape recorder/reproducer for com- 
puter data, used for backup and/or archiving. 

tape file A data file recorded on magnetic tape. 

tape group An assembly of two or more tape decks. 

tape label On a reel or cassette of magnetic tape 
containing a data file, a record at the beginning or 
end that contains information about the file. 

tape loop An endless loop of magnetic tape. 

tape magazine See TAPE CARTRIDGE. 

tape mark 1. A character that subdivides the mag- 
netic tape file on which it is recorded. Also called 
CONTROL MARK. 2. A character marking the end 
of a length of magnetic tape on a reel. Also called 
END-OF-TAPE MARK. 

tape plotting system In computer operations, a 
system for operating a digital incremental plotter 
using the information on magnetic tape. 

taper In a potentiometer or rheostat, the rate of 
change in resistance during uniform rotation of 
the shaft. See, for example, LINEAR TAPER and 
LOG TAPER. 

tape recorder A machine for recording audio, 
video, or data signals on magnetic tape; it can 
usually also play back the recorded material. 

tapered potentiometer A potentiometer having a 
tapered resistance winding (see TAPERED WIND- 
ING). 

tapered winding A resistance winding (in a rheo- 
stat or potentiometer) in which the resistance 
change per unit length of winding is nonuniform 
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(see, for example, LOG TAPER). However, a wind- 
ing having uniform resistance change is often 
called LINEAR TAPER. 

tape skew A condition in which a magnetic tape 
passes between the recording or playback heads 
in an irregular way. The result is that the various 
channels, or tracks, are not always perfectly 
aligned. 

tape sort The (computer) operation of sorting data 
in a magnetic tape file into a record-key- 
determined sequence. 

tape splicer A mechanism that aligns and secures 
the overlapping ends of broken magnetic tape so 
that they can be cut (often with an integral cutter) 
to form butted ends, and taped into a splice. 

tape station See TAPE DECK. 

tape-to-head contact See HEAD-TO-TAPE CON- 
TACT. 

tape transmitter A transmitter that receives its 
signal input from a recorded tape. 

tape transport In a tape deck or reproducer, the 
device that moves the tape past the heads. 

tape unit 1. See TAPE DECK. 2. See TAPE GROUP. 

tape verifier In computer operations, a device that 
checks the integrity of data on paper tape 
through comparison with an original document. 

tape width In magnetic tape, the dimension perpen- 
dicular to tape travel; in general, the greater the 
tape width, the more tracks the tape can contain. 

tape-wound core See TAPE CORE. 

tapped coil An inductor to which one or more in- 
termediate connections (taps) are made at appro- 
priate turns to provide intermediate values of 
inductance. 

tapped component A coil, transformer, choke, re- 
sistor, or other component in which an interme- 
diate connection is made. See, for example 
TAPPED COIL. 

tapped inductor See TAPPED COIL. 

tapped resistor A resistor in which one or more in- 
termediate connections (taps) are made to appro- 
priate parts of the resistance element to provide 
steps of resistance. 

tapped transformer A transformer having one or 
more tapped windings. 

tapped winding A transformer or choke winding 
with one or more taps. Also see TAP and TAPPED 
COIL. 

tap switch A multiposition switch used to connect 
an external circuit to various taps on a compo- 
nent. Also see SELECTOR SWITCH and TAP. 

target 1. The bombarded electrode in an X-ray 
tube. 2. The scanned storage element in a televi- 
sion camera tube. 3. In radar operations, the 
scanned object. 4. An object intended for nu- 
clear-particle bombardment. 5. A goal—espe- 
cially in a production process (deadline, desired 
number of units, etc.). 

target acquisition 1.The moment at which a target 
comes within the range of a radar system. 
2. The observation of a new target on a radar screen. 


de 
Gy 


5059F-pT-671-699 


4/10/01 


9:51 AM Page 674 


Secondary 


115 Vac 


tapped transformer 


target discrimination The extent to which a radar 
system can distinguish between two targets that 
are close together. Also called target resolution. It 
is specified in linear units (such as meters, kilo- 
meters, or miles). 

target identification Any method by which the 
identity of a radar target is determined. 

target voltage In a television camera tube, the 
backplate-to-cathode voltage. 

task environment The characteristics of the space 
in which an autonomous robot works. It depends 
on such factors as the intended application(s), 
the required speed at which the robot(s) must 
work, and the human/robotic or computer/ 
robotic interface. 

task-level programming In robotics, the writing of 
programs to perform sequences of actions. A 
complex process, it is a primitive level of artificial 
intelligence (AI). An example is a program that di- 
rects a robot to prepare and serve a meal. 

taut-band meter A movable-coil meter in which 
the conventional spiral springs of the coil are re- 
placed by two tightly stretched, thin, straight 
metal ribbons, whose twist provides torque that 
returns the pointer to zero after a deflection. 

Tb Symbol for TERBIUM. 

BS Abbreviation of talk between ships. 

Tc Symbol for TECHNETIUM. 

TCCO Abbreviation of TEMPERATURE-CON- 
TROLLED CRYSTAL OSCILLATOR. 

T circuit See TEE NETWORK. 

T circuit parameters See R PARAMETERS. 

T circulator See TEE CIRCULATOR. 

TCL Abbreviation of TRANSISTOR-COUPLED 
LOGIC. 

TCM Abbreviation of thermocouple meter 
THERMOCOUPLE-TYPE METER). 

TDM Abbreviation of TIME-DIVISION MULTIPLEX. 

TDR 1. Abbreviation of TIME-DELAY RELAY (see 
DELAY RELAY). 2. Abbreviation of TIME- 
DOMAIN REFLECTOMETRY. 
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TDS Abbreviation of TIME-DELAY SPECTROME- 
TRY. 

TE Abbreviation of transverse electric (see, for ex- 
ample, TRANSVERSE ELECTRIC MODE). 

Te Symbol for TELLURIUM. 

teach box A robot-control device via which an op- 
erator can program the machine to carry out spe- 
cific movements. The operator manipulates 
controls, and the robot’s computer stores the 
data. When the data is accessed, the robot repro- 
duces the motions. 

tearing Ina television picture, the abnormal condi- 
tion in which poor synchronization causes the 
horizontal lines to be irregularly displaced. The 
effect resembles cloth being torn. 

technetium Symbol, Tc. A metallic element pro- 
duced artificially. Atomic number, 43. Atomic 
weight, 98. Formerly called masurium. 

technician 1. A person who repairs faulty 
electronic equipment. 2. A person who assists 
with the design and debugging of a system proto- 
type. 3. A person who operates an electronic 
system. 

technocentrism Overdependence on, and/or ob- 
session with, the products of technology, particu- 
larly computers. 

tee Pertaining to a network, connection, or config- 
uration whose geometric shape or schematic rep- 
resentation resembles an uppercase letter T. 

tee adapter See TEE JUNCTION. 

tee antenna An antenna consisting of a horizontal 
radiator with a vertical lead-in or feeder con- 
nected to its center point. 


Insulator 


Insulator 
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tee circuit See TEE NETWORK. 

tee circulator In microwave systems, a tee-shaped 
junction of three waveguides with a ferrite post at 
the junction. 

tee-equivalent circuit An equivalent circuit in 
which the components are arranged in the form 
of a tee. See, for example, TEE NETWORK and 
R PARAMETERS. 
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tee junction 1. A tee-shaped splice between two 
wires. 2. A tee-shaped fixture for splicing one coax- 
ial line perpendicularly to another. 3. A tee-shaped 
section for joining one waveguide perpendicularly 
to another. Also called WAVE GUIDE TEE. 


tee junction 


tee network A three-terminal network resembling 
a tee. 

tee pad Athree-resistor pad in which two series re- 
sistors and a shunt resistor are arranged to form 
a tee. 

tee switch A combination of three switches ar- 
ranged to form a tee; two switches are in series 
with a shunt switch in between. If the series 
switches are open and the shunt switch is closed, 
isolation is greatly improved, compared to a sin- 
gle series switch. 

Teflon FEP A plastic insulating material. Dielectric 
constant, 2.1. Dielectric strength, 2800 V/mil. 

Teflon TFE A plastic insulating material. Dielectric 
constant, 2.2. Dielectric strength, 600 V/mil. 

tel 1. Abbreviation of TELEPHONE. 2. Abbrevia- 
tion of TELEGRAPH. 3. Abbreviation of TELE- 
GRAM. 

telautograph A device that transmits and receives 
handwriting, drawings, and similar material. At 
the receiver, a pen follows the movements of a 
similar pen at the transmitter. 

teleammeter A TELEMETER for measuring cur- 
rent generated at a remote point. 

telecamera See TELEVISION CAMERA. 

telecast A television program for general reception. 
The term a contraction of television broadcast. 

telechir A remotely controlled, autonomous robot. 
See TELEOPERATION and TELEPRESENCE. 

telecommunication Communication, usually be- 
tween widely separated points, by electrical or 
electronic means. 

telecontrol See REMOTE CONTROL and TELEOP- 
ERATION. 

telefacsimile See FACSIMILE. 

telegram Abbreviation, tel. A (usually printed-out) 
message transmitted and received via telegraph 
or teletypewriter. Compare CABLEGRAM and RA- 
DIOGRAM. 

telegraph Abbreviation, tel. An instrument for 
transmitting and receiving messages by means of 
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telegraphy. In its simplest form, it consists of a 
key and a sounder powered by a battery. Also see 
PRINTING TELEGRAPH, 1, 2. 

telegraph channel 1. The frequency band as- 
signed to a particular telegraph station. 2. The 
frequency band occupied by a telegraph signal. 

telegraph code Broadly, Morse code. Wire telegra- 
phy often uses a special version, such as the 
American Morse code. 

telegraph key See KEY, 1. 

telegraph sounder See SOUNDER. 

telegraph system A complete, integrated, coordi- 
nated arrangement of equipment for communica- 
tion by means of telegraphy. Included are 
telegraph keys or keyers, sounders or printers, 
relays, switchboards, wire lines and cables, and 
power supplies. 

telegraphy The branch of electrical communica- 
tions that deals with the transmission and recep- 
tion of messages by means of prearranged 
codes—especially over wires. Also see MORSE, 1, 
2, 3; MORSE CODE; and WIRE TELEGRAPHY. 

telemeter 1. An indicating instrument that mea- 
sures the value of a quantity generated at a dis- 
tant point or measures and transmits the value. 
2. The action afforded by the device in 1. 

telemetering See TELEMETRY. 

telemeter receiver See TELEMETRIC RECEIVER. 

telemeter transmitter See TELEMETRIC TRANS- 
MITTER. 

telemetric receiver A system that selects, ampli- 
fies, and demodulates or rectifies a radio signal, 
and actuates indicating instruments, recorders, 
or data processors. 

telemetric transmitter A specialized transmitter 
that generates radio-frequency (RF) power, adds 
to it signals delivered by data transducers, and 
delivers the modulated power to an antenna for 
transmission to a distant telemetric receiver. 

telemetry The transmission of data signals over a 
distance, either by radio or wire, and the recep- 
tion and application of the signals to indicating 
instruments, recorders, etc. 

teleoperation The remote control of autonomous 
robots. A human operator can control the speed, 
direction, and other movements of a robot from 
some distance away. See also TELEPRESENCE. 

telephone Abbreviation, tel. An instrument for 
transmitting and receiving messages by means of 
telephony. In its simplest form, it consists of a 
microphone, earphone, switching and ringing de- 
vices, wire line or cable, and power supply. Also 
see HANDSET. 

telephone accessories Devices (such as answering 
machines, speaker phones, facsimile machines, 
etc.) used in conjunction with a telephone set. 

telephone amplifier A small audio amplifier, usu- 
ally with a self-contained loudspeaker, for in- 
creasing the sound volume of a telephone output. 
Some amplifiers of this kind are connected to the 
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telephone line, and others receive sound from the 
telephone receiver. 

telephone-answering machine See ANSWERING 
MACHINE. 

telephone bypass capacitors A set of fixed capac- 
itors installed between each wire in a telephone 
line and an electrical ground to bypass radio- 
frequency energy. It can reduce or prevent radio- 
frequency interference (RFI) to telephone sets and 
data terminals. 

telephone data set A device that converts signals 
from a data terminal for passage over a telephone 
circuit to a data-processing center. 

telephone dialer In a security system, a circuit 
that automatically dials one or more telephone 
numbers, alerting the recipient(s) that an emer- 
gency exists at a given location. 

telephone induction coil A small telephone-to- 
line impedance-matching transformer used in 
telephone systems. 

telephone patch See PHONE PATCH. 

telephone pickup A device for receiving conversa- 
tions from a telephone to which it isn’t directly 
connected. 

telephone plug See PHONE PLUG. 

telephone-radio patch See PHONE PATCH. 

telephone receiver The handheld part of a tele- 
phone set, containing the microphone and ear- 
phone, and, in some cases, the dialing keypad. 

telephone repeater An amplifier and associated 
equipment used to boost the amplitude of a tele- 
phone signal at an appropriate point along the 
line. 

telephone service entrance The point at which 
the telephone wiring in a house or building con- 
nects to the outside telephone line. 

telephone silencer A device for muting a tele- 
phone or its bell. 

telephone system A complete, integrated, and co- 
ordinated arrangement of equipment for commu- 
nication by means of telephony. Included are 
telephones, switchboards and associated equip- 
ment, wire lines and cables, and power supplies. 
Also see DIAL TELEPHONE SYSTEM, HANDSET, 
PRIVATE AUTOMATIC EXCHANGE (PAX), PRI- 
VATE BRANCH EXCHANGE (PBX), and TELE- 
PHONE. 

telephone test set See PHONE TEST SET. 

telephone transmitter The sound pickup unit 
(microphone) of a telephone. Also see TRANSMIT- 
TER, 2. 

telephony The branch of electrical communication 
dealing with the transmission and reception of 
sounds—especially over wires. Also see WIRE 
TELEPHONY. 

Telephoto 1. The transmission and/or reception 
of photographs by means of FACSIMILE. 2. A 
photograph transmitted and/or received by 
means of FACSIMILE. 

telephoto lens A camera lens providing a tele- 
scopic effect. 
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Telephoto receiver See FACSIMILE RECEIVER. 

Telephoto transmitter See FACSIMILE TRANS- 
MITTER. 

telepresence An advanced form of robotic TELE- 
OPERATION, in which a human operator has the 
impression of being at the robot’s location. It in- 
cludes vision systems, pressure sensors, sound 
sensors, tactile sensors, and electromechanical 
control devices. The operator uses, or wears, 
equipment similar to that used for VIRTUAL RE- 
ALITY (VR). 

teleprinter A terminal telegraph printing machine. 
Also see PRINTING TELEGRAPH, 1, 2. 

TelePrompTer A device that presents a running 
display on a screen before a television announcer, 
performer, or speaker, of dialogue. 

teleran A ground-to-air communications system. 
Ground-based radar pictures are transmitted, via 
television, to aircraft. 

telescoping antenna A vertical antenna consisting 
of separate lengths of metal tubing of progres- 
sively smaller diameter so that one can slide into 
another. The antenna can be pulled out to full 
length or compressed to the length of the largest- 
diameter section. 
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teletext A method of communication in which a 
video image is sent of a page of printed material. 

telethermoscope A device for measuring the tem- 
perature of distant objects. 

Teletorque See AUTOSYN and SYNCHRO. 

Teletype 1. The transmission and/or reception of 
text messages in digital form, displayed or 
printed at a distant location. 2. See TELETYPE- 
WRITER. 

teletype grade A term descriptive of a circuit hav- 
ing the quality necessary for communication via 
telegraphy. 

Teletypesetter An electronic system for operating 
a distant Linotype. 

teletypewriter A variety of printing telegraph us- 
ing electric typewriters and associated equip- 
ment. The message is typed on the keyboard at 
the transmitting station and is typed out in corre- 
sponding letters at the receiving station. The 
same typewriter is able to send and receive mes- 
sages. Also see RADIOTELETYPEWRITER. 

teletypewriter exchange Abbreviation, TWX. A 
center for switching and routing teletypewriter 
communications. Also see TELETYPEWRITER. 

teleview To observe a scene or program via televi- 
sion. 

televise 1. To convert a scene into a television 
signal. 2. To broadcast a scene or program via 
television. 
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television 1. Abbreviation, TV. The transmission 
and/or reception, via electromagnetic fields, wire 
cable, and/or fiberoptic cable, of images, usually 
with sound. 2. A system for receiving signals, as 
defined in 1. 3. Video programs or data, with or 
without sound, transmitted via electromagnetic 
fields, wire cable, and/or fiberoptic cable. 

television band See UHF TELEVISION CHANNELS 
and VHF TELEVISION CHANNELS. 

television camera The pickup device that scans a 
scene and delivers a series of electrical signals 
that can be used to reconstruct the image on the 
screen of a picture tube. 

television-camera tube See CAMERA TUBE, 
ICONOSCOPE, and ORTHICON. 

television channel A radio-frequency band allo- 
cated exclusively for the transmission of a televi- 
sion signal. In conventional broadcasting, this 
band is usually 6 MHz wide. See, specifically, 
UHF TELEVISION CHANNELS and VHF TELEVI- 
SION CHANNELS. 

television engineer A trained professional skilled 
in video electronics engineering, as well as in ba- 
sic engineering and associated subjects. 

television engineering The branch of electronics 
engineering devoted to the theory and application 
of television. 

television interference Abbreviation, TVI. Inter- 
ference to the reception of television signals, usu- 
ally occasioned by signals from radio services or 
computers, or by electrical noise. 

televisor 1. A television transmitter or receiver. 
2. A person or entity responsible for the broadcast 
of television programs or signals. 

televoltmeter A TELEMETER for measuring volt- 
age generated at a remote point. 

telewriter See TELAUTOGRAPH. 

Telex 1. A teleprinter system that operates via the 
telephone lines, and was once commonly used by 
businesses for sending and receiving short mes- 
sages. It has largely been supplanted by computer- 
ized data communications systems. 2. A hard-copy 
message sent or received by such a system. 

telluric currents Also called terrestrial currents. 
A flow of electrical charge carriers, primarily elec- 
trons, in the earth. 

tellurium Symbol, Te. A rare, metalloidal element 
related to selenium. Atomic number, 52. Atomic 
weight, 127.60. 

TE mode See TRANSVERSE ELECTRIC MODE. 

temp 1. Abbreviation of temperature. (Also, T.) 
2. Abbreviation of temporary. 3. Abbreviation of 
TEMPLATE. 

temperament The tuning of a keyboard-type mu- 
sical instrument to produce a nearly perfect dia- 
tonic scale. 

temperature Symbol, T. A quantitative measure of 
the heat exhibited by an object or phenomenon. 
Also see THERMOMETER SCALE. 

temperature coefficient A figure that states the 
extent to which a quantity drifts or varies under 
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the influence of changing temperature. It is gen- 
erally expressed in percent per degree (%/°C) or 
in parts per million per degree (ppm/°C). 

temperature-compensated crystal oscillation 
Oscillation in a crystal oscillator, in which the 
crystal and/or circuit is automatically compen- 
sated against frequency drift caused by tempera- 
ture Change. 

temperature-compensating component A circuit 
component, such as a capacitor or resistor, whose 
temperature coefficient is equal in magnitude and 
opposite in sign to that of a conventional compo- 
nent to which it is connected to cancel tempera- 
ture-induced variation in the latter's value. 
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Temperature- 
, compensating 
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temperature-compensating component 


temperature compensation The use of a device, 
such as a temperature-compensating compo- 
nent, to correct a temperature-induced deviation 
in the value of a conventional component. 

temperature control 1. The adjustment of tem- 
perature. 2. The automatic maintenance of tem- 
perature at a desired level, as in a 
temperature-controlled oven. 3. A device for con- 
trolling temperature, as defined in 1 or 2. 

temperature-controlled crystal oscillator Abbre- 
viation, TCCO. A high-precision crystal oscillator 
in which the crystal plate (and sometimes the cir- 
cuitry, as well) is held at constant temperature. 

temperature degree See DEGREE, 2 and THER- 
MOMETER SCALE. 

temperature derating Deliberate reduction of op- 
erating current and/or voltage of a device to a 
specific temperature to ensure proper operation. 
Also see DERATING, DERATING CURVE, and 
DERATING FACTOR. 
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temperature gradient A range of temperature 
variation, such as the rate of change of tempera- 
ture, with respect to change of power dissipation, 
or the rate of change of temperature with spatial 
displacement. 

temperature inversion See INVERSION, 1. 

temperature meter An indicator (usually a direct- 
current voltmeter or millivoltmeter) whose scale 
reads directly in degrees. 

temperature scale See THERMOMETER SCALE. 

temperature-sensitive resistor See THERMIS- 
TOR. 

temperature shock See THERMAL SHOCK. 

temperature-to-voltage converter A circuit or de- 
vice, such as a thermocouple, that delivers an 
output voltage proportional to an applied temper- 
ature. 

template 1. A diagram, usually drawn on paper, to 
show the locations at which components should 
be placed or tasks should be performed. It is 
taped or cemented temporarily to the work, and 
the points are transferred to the latter by prick- 
punching. 2. A stencil-like plate with alphanu- 
meric and circuit symbols, used as a drafting aid. 
Sometimes called “drafting stencil.” 

temporary magnet 1. A body that exhibits mag- 
netism only briefly after it has been exposed to 
another magnet. Compare PERMANENT MAG- 
NET. 2. See ELECTROMAGNET. 

temporary storage 1. In computer and data-pro- 
cessing operations, the storage of data or instruc- 
tions only until they are needed. Also called 
INTERIM STORAGE. 2. Locations in a computer 
memory set aside during a program run for hold- 
ing intermediate results of operations. 

TEM wave See TRANSVERSE ELECTROMAG- 
NETIC WAVE. 

ten code A set of abbreviations used by two-way 
radio operators. Each “ten signal” represents a 
specific statement or query. 

tension 1. A force that tends to stretch, pull tight, 
or pull apart. Compare STRAIN. 2. A term refer- 
ring to VOLTAGE—especially in a utility power 
transmission line. 

ten-turn potentiometer A precision potentiome- 
ter whose shaft must be turned through 10 com- 
plete revolutions to cover the entire resistance 
range. Also see HELICAL POTENTIOMETER and 
MULTITURN POTENTIOMETER. 

T-equivalent circuit See TEE-EQUIVALENT CIR- 
CUIT. 

tera- Abbreviation, T. 1. A prefix meaning 
trillion(s), (i.e., 10*?). 2. A prefix meaning 27°. 

tera-electronvolt Abbreviation, TeV. A large unit 
of energy; 1 TeV = 10!? electronvolts. Also see 
ELECTRONVOLT. 

terahertz Abbreviation, THz. A unit of extremely 
high frequency equal to 10*? Hz. Also called Fres- 
nel. 

teraohm A unit of high resistance, reactance, or 
impedance equal to 10!? ohms. 
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terawatt Abbreviation, TW. A large unit of power; 
1 TW = 10" W. 

terbium Symbol, Tb. A metallic element of the 
rare-earth group. Atomic number, 65. Atomic 
weight, 158.93. 

terbium metals A group of rare-earth metals, in- 
cluding europium, gadolinium, terbium, and occa- 
sionally dysprosium. 

term In an algebraic expression, constants, vari- 
ables, or combinations of these, separated by op- 
eration signs (e.g., the expression 4xy + z has two 
terms). 

terminal 1. A connection point at the input, out- 
put, or an intermediate point of a device, or a 
point at which a voltage is to be applied. 2. A 
metal tab or lug attached to the end of a lead for 
connection purposes. 3. Pertaining to the end ofa 
series of events, etc. (e.g., terminal tests). 4. Ina 
data-communications system, a point of data in- 
put or output. Also called data terminal. If it does 
not have computing capability of its own, it is of- 
ten called a dumb terminal. 

terminal block A group of several terminals, in- 
tended for interconnection of circuits, mounted 
on a solid insulating block. 

terminal board An insulating board carrying sev- 
eral lugs, tabs, or screws as terminals (see TER- 
MINAL, 2). Also see TERMINAL STRIP. 

terminal guidance The navigation of a missile or 
aircraft to help it reach its target or destination. 

terminal impedance The internal impedance of a 
device measured at the input or output termi- 
nals. 

terminal point of degradation The point at which 
degradation of a circuit or component is com- 
plete. Also see DEGRADATION FAILURE. 

terminal repeater A telephone repeater operated 
at the end of a line. 

terminal strip A strip of insulating material, such 
as plastic or ceramic, on which are mounted one 
or more screws, lugs, or other terminals. Also see 
TERMINAL, 2. 
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terminal voltage The voltage at the output termi- 
nals of an unloaded battery or generator. 

ternary code See TRINARY NUMBER SYSTEM. 

ternary fission The splitting of an atomic nucleus 
into three nuclear pieces. Also see FISSION. 

ternary number system See TRINARY NUMBER 
SYSTEM. 

terrain echoes Radar images caused by reflections 
from hills, mountains, and other natural ter- 
restrial surface features. Also see GROUND 
CLUTTER. 
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terrestrial magnetism See EARTH'S MAGNETIC 
FIELD. 

tertiary coil A third winding 
WINDING). 

tertiary winding A third winding on a transformer 
or magnetic amplifier. 

tesla Symbol, T. A unit of magnetic flux density; 1 
T = 1 weber per square meter = 10* gauss. 

Tesla coil A special type of air-core step-up trans- 
former for developing high voltage at radio fre- 
quencies. It consists essentially of a low-turn 
primary coil, through which radio-frequency (RF) 
current flows, and a multiturn secondary coil, 
across which the high voltage, is developed. 

test A procedure consisting of one or several steps, 
in which (1) the mode of operation of a circuit or 
device is established, (2) the value of a component 
is ascertained, or (3) the behavior of a circuit or 
device is observed. 

test bench An equipment installation intended for 
the testing, repair, or debugging of electronic de- 
vices by a technician. 

test data Data used to test a computer program, 
including samples within limits that might be en- 
countered during the program’s implementation. 

tester 1. See TEST INSTRUMENT. 2. A technician 
who primarily makes tests and measurements. 

testing window See WINDOW, 2. 

test instrument A device for checking the opera- 
tion of a circuit or the value of a component. This 
class of instrument is usually less accurate than 
measurement instruments. Also see TEST SET. 

test lead The flexible, insulated wire attached to a 
test prod. 

test pattern A picture-and-line display on the 
screen of a television picture tube, used to check 
such features as aspect ratio, linearity, contrast, 
etc. 

test point A terminal intended for connection of 
test equipment in the repair or debugging of a cir- 
cuit. Often, test points are labeled by the letters 
TP followed by numerals (such as TP1, TP2, etc.). 

test probe See PROBE, 1. 

test prod Astick-type probe (see PROBE, 1) with a 
flexible, insulated lead terminating in a plug or 
lug for attachment to an instrument. 


(see TERTIARY 


test prods 


test program In computer operations, a program 
devised to check the functioning of hardware. 
Also called utility and test routine. 
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test run In computer operations, using test data to 
check the operation of a program, by comparing 
the results obtained thereby with what should 
ideally result. 

test set A combination of instruments assembled 
on a single panel, and usually enclosed in a car- 
rying case, for convenience in making tests. 

test signal 1. A signal used for conducting a test of 
a component, circuit, or system. 2. In radioteleg- 
raphy, a special signal signifying that the trans- 
mitting station is testing equipment. Also see 
VEE SIGNAL. 

test-signal generator A device, such as an oscilla- 
tor, for producing a signal for testing equipment 
(see TEST SIGNAL, 1). 

test tape A magnetic tape containing signals for 
testing equalization, frequency response, head 
adjustment, stereo balance, etc. in an audiotape 
recorder, high-fidelity sound system, computer 
tape drive, or videocassette recorder. 

tetravalent See QUADRIVALENT. 

tetrode An electron tube in which the principal 
electrodes are cathode, control grid, screen, and 
plate. 

tetrode transistor 1. A bipolar transistor with two 
emitters. 2. A dual-gate field-effect transistor. 


C 
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tetrode transistor 


TeV Abbreviation of TERA-ELECTRONVOLT. 

T. value The temperature at which a centimeter 
cube of glass or ceramic exhibits 1 megohm of re- 
sistance. 

TE wave See TRANSVERSE ELECTRIC MODE. 

text editor A computer program for finding and 
changing data in a file. 

texture map In computer graphics, the topograph- 
ical qualities of the surface of a three-dimen- 
sional rendition. For example, the image of an 
orange would have a “bumpy” texture map; the 
image of a peach would have a “fuzzy” texture 
map. 

texture sensing The ability of a robotic end effec- 
tor to determine the relative smoothness or 
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roughness of a surface. One common scheme 
uses reflected light or infrared. Scattered reflec- 
tions indicate a rough or matte surface. 

tgt Abbreviation of TARGET. 

TH Abbreviation of true heading. 

Th Symbol for THEORIUM. 

TH Symbol for heater temperature. 

thallium Symbol, Tl. A metallic element. Atomic 
number, 81. Atomic weight, 204.38. 

thalofide cell An evacuated photoconductive cell 
using thallium oxysulfide as the light-sensitive 
material. 

THD Abbreviation of TOTAL HARMONIC DISTOR- 
TION. 

theory A reasonable proposition put forth to ac- 
count for the behavior of, or the relationships be- 
tween, bodies and forces, or to explain concepts 
and their relations. When a theory has stood up 
under exhaustive tests, it might reveal a scientific 
law. 

therm A gas heating unit. 1 therm 
British thermal units (10° Btu). 

thermal agitation Random movement of particles 
(such as electrons) in a substance, because of 
heat. 

thermal-agitation noise See THERMAL NOISE. 

thermal ammeter See HOT-WIRE AMMETER. 

thermal anemometer See HOT-WIRE ANEMO- 
METER. 

thermal conductivity The heat-conducting ability 
of a material. Compare electrical conductivity (see 
CONDUCTIVITY). 
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thermal conductivity 


Thermal conductivity 


Element (mW/m/°C) 
Aluminum 22.0 
Carbon 2.4 
Chrominum 6.9 
Cooper 39.0 
Gold 30.0 
Iron 7.9 
Lead 3.5 
Magnesium 16.0 
Mercury 0.8 
Nickel 8.9 
Platinum 6.9 
Silicon 8.4 
Silver 41.0 
Thorium 4.1 
Tin 6.4 
Tungsten 20.0 
Zinc 11.0 


thermal-conductivity device An instrument or 
control unit using a heated filament whose tem- 
perature and, accordingly, conductivity is varied 
by some sensed phenomenon. See, for example, 
GAS DETECTOR, HEATED-WIRE SENSOR, HOT- 
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WIRE ANEMOMETER, HOT-WIRE FLOW-ME- 
TER, and HOT-WIRE MICROPHONE. 

thermal-conductivity gasmeter See GAS DETEC- 
TOR. 

thermal detector 1. See BOLOMETER. 2. In a se- 
curity or fire-protection system, a device that 
closes a circuit or actuates an alarm if the tem- 
perature rises to a specific level. 

thermal emf See SEEBECK EFFECT. 

thermal gasmeter See GAS DETECTOR. 

thermal imaging See THERMOGRAPHY. 

thermal instrument See HOT-WIRE METER and 
THERMOCOUPLE-TYPE METER. 

thermally sensitive resistor See THERMISTOR. 

thermal meter See HOT-WIRE METER and THER- 
MOCOUPLE-TYPE METER. 

thermal neutron A neutron that is essentially in 
thermal equilibrium with the surrounding me- 
dium or environment. 

thermal noise Frequency-independent electrical 
noise caused by the agitation of particles (e.g., 
atoms and electrons) in a material by heat. Ther- 
mal noise is proportional to bandwidth, resis- 
tance, and absolute temperature. 

thermal radiation See HEAT. 

thermal recorder A graphic recorder in which a 
strip of paper coated with a thin layer of opaque 
wax is drawn between a knife-edge platen and a 
heated writing stylus that melts the wax beneath 
its point, exposing the underlying black paper as 
a fine line. 

thermal resistance Symbol, RT. For a semicon- 
ductor device, the rate of change of junction tem- 
perature, with respect to power dissipation; RT = 
dT/dP, where RT is in degrees Celsius per milli- 
watt, Tis the temperature in degrees Celsius, and 
Pis the power in milliwatts. 

thermal resistor A resistor that is sufficiently 
temperature-sensitive to be used as a heat sen- 
sor. Examples: thermistor and germanium 
diode. 

thermal response time For a power-dissipating 
component, the elapsed time between the initial 
change in power dissipation and the moment at 
which the temperature has changed by a speci- 
fied percentage (usually 90%) of the total value. 

thermal runaway A destructive process resulting 
from cumulative temperature effects. In bipolar 
transistors, this can occur if the collector current 
increases as the temperature rises. As the unit 
gets hotter, the collector-base junction dissipa- 
tion increases, generating still more heat. The 
ultimate result, if the process continues 
unchecked, is destruction of the component. The 
process can also occur in certain batteries when 
they are charged too rapidly or at excessively high 
temperatures. 

thermal shock The effect of applying heat or cold 
to a device so rapidly that abnormal reactions oc- 
cur, such as rapid (often catastrophic) expan- 
sions and contractions. 
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thermal switch A switch actuated by a tempera- 
ture change. Types vary from the simple thermo- 
stat to complex servosystem switches with a 
temperature-transducer input. 

thermal time-delay relay A delay relay utilizing 
the slow-heating and slow-cooling property of one 
of its components. 

thermion An ion or electron emitted by a hot body, 
such as the heated cathode of a vacuum tube. 

thermionic Pertaining to thermions and their ap- 
plications. 

thermionic cathode A heated cathode, in contrast 
to a cold cathode, used as an emitter of electrons 
or ions. Also see THERMION. 

thermionic current Current caused by therm- 
ionic emission—especially in an electron tube. 

thermionic detector A vacuum-tube detector. 
Also see THERMION and THERMIONIC EMIS- 
SION. 

thermionic diode A hot-cathode diode tube. 

thermionic emission The emission of electrons by 
a hot body, such as the filament or cathode of a 
vacuum tube. Also see THERMION and HOT 
CATHODE. 

thermionics The study of electron emission from 
objects or materials at high temperature. 

thermionic tube An electron tube (i.e., one in 
which electrons or ions are emitted by a heated 
cathode). Also see THERMION, THERMIONIC 
CURRENT, and THERMIONIC EMISSION. 

thermionic work function The energy required to 
force an electron from inside a heated cathode 
into the surrounding space (in thermionic emis- 
sion). Also see WORK FUNCTION. 

thermistor A temperature-sensitive resistor, usu- 
ally made from specially processed oxides of 
cobalt, magnesium, manganese, nickel, uranium, 
or mixtures of such substances. Thermistors are 
available with either a positive or negative tem- 
perature coefficient of resistance. The name is a 
contraction of thermally sensitive resistor. 
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thermistor bridge A four-arm bridge (see BRIDGE, 
1) in which one arm is a thermistor and, there- 
fore, is temperature sensitive. 

thermistor power meter A radio-frequency 
power-measuring instrument based on a ther- 
mistor bridge. 

thermistor probe A temperature probe containing 
a thermistor as the sensing element. 

thermistor thermometer An electronic ther- 
mometer in which the temperature-sensitive ele- 
ment is a thermistor. 

thermoammeter See 
METER. 

thermocouple A device consisting essentially of a 
bond between two wires or strips of dissimilar 
metals (such as antimony and bismuth). When 
the bond is heated, a direct-current voltage ap- 
pears across it. 
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thermocouple bridge A four-arm bridge (see 
BRIDGE, 1) in which one arm is a thermocouple; 
therefore, it is temperature sensitive, as well as 
being voltage-productive. 

thermocouple meter See THERMOCOUPLE-TYPE 
METER. 

thermocouple-type meter A radio-frequency (RF) 
meter consisting of a thermocouple and direct- 
current (dc) ammeter, milliammeter, or micro- 
ammeter, connected in series. The thermocouple 
is heated, directly or indirectly, by an applied RF 
current, and the resulting dc output deflects the 
meter pointer. 

thermodynamics The science dealing with the re- 
lationships between heat and mechanical energy 
and their interconversion. Also see CARNOT 
THEOREM, FIRST LAW OF THERMODYNAMICS, 
SECOND LAW OF THERMODYNAMICS, and 
THIRD LAW OF THERMODYNAMICS. 

thermoelectric cooler A cooling device based on 
the Peltier effect. 

thermoelectric effect The production of thermo- 
electricity by certain materials. 

thermoelectricity Heat-produced electricity, as in 
thermocouple operation. 

thermoelectric junction A junction between two 
conductors that exhibits variable characteristics 
under conditions of changing temperature. 
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thermoelectric series A series of conducting met- 
als, sequenced so that if a thermocouple is made 
from two of the metals, current flows at the hot 
junction from the metal occurring earlier in the 
series. 

thermoelectron An electron emitted by a hot cath- 
ode. Also see THERMION and THERMIONIC 
EMISSION. 

thermoelement A thermocouple, especialy a 
miniature one, used in a THERMOCOUPLE-TYPE 
METER. 

thermogalvanometer See 
TYPE METER. 

thermography A means of locating or mapping by 
detecting infrared images. It can be in the form of 
live video, similar to television, or in the form of 
photographs, using infrared film. Many common 
cameras can be used with infrared film to make 
infrared photographs (thermographs). 

thermojunction The junction of the two metals in 
a thermocouple. A voltage appears when the dis- 
similar metals are heated. 

thermoluminescence Luminescence resulting 
from the moderate heating of certain materials. 

thermomagnetic effect The effects of temperature 
on the magnetism of a body, or vice versa. 

thermometer A (usually direct reading) device for 
measuring temperature. Also see ELECTRONIC 
THERMOMETER and THERMOMETER SCALE. 

thermometer scale The scale on a thermometer, 
graduated in degrees, from which temperature is 
read. For a description of different scales, see 
ABSOLUTE SCALE, CENTIGRADE SCALE, 
FAHRENHEIT SCALE, REAUMUR SCALE, and 
RANKINE SCALE. The Kelvin scale is the same as 
the absolute scale, and the Celsius scale is the 
same as the centigrade scale. 

thermonuclear reaction A nuclear reaction in 
which energy is released when lighter atoms are 
converted into heavier atoms at temperatures in 
the millions of degrees Celsius. Also see FISSION, 
FUSION, and NUCLEAR REACTOR. 

thermopile A device consisting of two or more 
thermocouples connected in series for increased 
voltage output. 

thermoplastic material A plastic that can be re- 
softened by applying heat after having been 
molded into a desired shape. Example: poly- 
styrene. Compare THERMOSETTING MATERIAL. 

thermorelay See THERMOSTAT. 

thermosensitivity Sensitivity of a circuit or device 
to heat. 

thermosetting material A plastic that cures 
chemically (will not ordinarily soften again when 
heat is applied) after having been heat-molded 
into a desired shape. Example: Bakelite. Com- 
pare THERMOPLASTIC MATERIAL. 

thermostat A temperature-sensitive switch. In one 
common form, a movable contact is carried by a 
strip of bimetal and the stationary contact is 
mounted nearby. 
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thermostatic switch See THERMOSTAT. 

thermoswitch See THERMOSTAT. 

theta wave A form of brain wave that occurs at 
extremely low frequencies, and is associated with 
sleep or mental incoherence. 

Thevenin's theorem The proposition that, with 
reference to a particular set of terminals, a net- 
work containing a number of generators and con- 
stant impedances can be simplified to a single 
generator in series with a single impedance. 
The equivalent circuit will deliver to a given load, 
the same current, voltage, and power delivered by 
the original network. Compare COMPENSATION 
THEOREM, MAXIMUM POWER TRANSFER THE- 
OREM, NORTON'S THEOREM, RECIPROCITY 
THEOREM, and SUPERPOSITION THEOREM. 

thick film A film of selected material (conductive, 
resistive, dielectric, etc.) applied to a substrate by 
painting, photography, or similar process. See, 
for example, PRINTED CIRCUIT. Compare THIN 
FILM. Typically, thick films are 1 mil or more in 
thickness. 

thick-film component A unit, such as a capacitor 
or resistor, fabricated by thick-film techniques. 
See, for example, PRINTED COMPONENT. Also 
see THICK FILM. Compare THIN-FILM COMPO- 
NENT. 

thick-film resistor A resistor fabricated by thick- 
film techniques. See, for example, PRINTED 
RESISTOR. Also see THICK FILM. Compare 
THIN-FILM COMPONENT. 

thick magnetic film See MAGNETIC THICK FILM. 

thin film An extremely thin layer (less than 1 mil) 
of a selected material (conductive, resistive, semi- 
conductive, dielectric, etc.) electrodeposited or 
grown on a substrate. Compare THICK FILM. 

thin-film capacitor A capacitor made by elec- 
trodepositing a thin film of metal on each side of 
a grown layer of oxide, as in an integrated circuit. 
Also see THIN FILM. 

thin-film component A unit (Such as a capacitor, 
resistor, diode, or transistor), fabricated by thin- 
film techniques. Also see THIN FILM. Compare 
THICK-FILM COMPONENT. 

thin-film integrated circuit An integrated circuit 
in which the components and “wiring” are pro- 
duced by depositing (or growing) and processing 
materials on a semiconductor slab or wafer (the 
substrate). Compare HYBRID INTEGRATED CIR- 
CUIT and MONOLITHIC INTEGRATED CIRCUIT. 

thin-film memory In a computer, a storage me- 
ium that is a magnetic thin film (see THIN FILM) 
on a nonmagnetic substrate (often glass) and that 
can be magnetized to represent digital data. 

thin-film microelectronic circuit An integrated 
circuit that occupies (essentially) two dimen- 
sions; that is, a very thin integrated circuit. 

thin-film resistor A resistor fabricated by thin- 
film techniques (see THIN FILM) (e.g., TANTA- 
LUM-NITRIDE RESISTOR). Compare THICK- 
FILM RESISTOR. 
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thin-film semiconductor A very shallow layer of 
semiconductor material, such as single-crystal 
silicon, electrodeposited on a substrate. Also see 
THIN FILM. 

thin-film transistor A transistor fabricated by 
thin-film techniques. Also see THIN FILM and 
THIN-FILM COMPONENT. 

thin magnetic film See MAGNETIC THIN FILM. 

third-generation computer A computer in which 
the active discrete components are integrated cir- 
cuits. 

Third Law of Thermodynamics As the tempera- 
ture of absolute zero is approached in an isother- 
mal process involving a solid or liquid, the change 
in entropy approaches zero; and the entropy of a 
substance is zero at absolute zero. 

third-octave band See  ONE-THIRD-OCTAVE 
BAND. 

thirty-channel multiplex A form of pulse-code- 
modulated (PCM) multiplex using eight digits and 
the A-law. There are 30 speech channels and two 
utility channels. 

Thomson bridge See KELVIN BRIDGE. 

Thomson effect The liberation or absorption of 
heat (depending on the material of interest) when 
an electric current flows from a warmer to a 
cooler part of a conductor. 

Thomson heat The amount of thermal energy 
transferred because of Thomson effect. 

Thomson voltage The voltage drop between two 
points on a conductor that are at different tem- 
peratures. 

thoriated-tungsten filament In a vacuum tube, a 
filament made of tungsten to which thorium ox- 
ide has been added to increase the emission 
of electrons. Also see THERMION and THER- 
MIONIC EMISSION. 

thorium Symbol, Th. A radioactive metallic ele- 
ment. Atomic number, 90. Atomic weight, 
232.04. Thorium, when heated, is a copious emit- 
ter of electrons, so the filaments or cathode cylin- 
ders of some electron tubes are coated with one of 
its compounds. 

thoron Symbol, Tn. A radioactive isotope of RADON. 

three-address instruction A computer program 
instruction having three addresses, two for 
operands and one for the result (of the operation 
called for). 

three-channel stereo A form of stereophonic 
sound recording and reproduction in which three 
distinct channels are used; these are usually des- 
ignated the left, right, and center channels. 

three-coil meter See ELECTRODYNAMOMETER. 

three-conductor jack A female connector in which 
two separate conductors are provided, in addition 
to the ground conductor. 

three-conductor plug A male connector in which 
two separate conductors are provided, in addition 
to the ground conductor. 

three-dimensional television See 
SCOPIC TELEVISION. 
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Ring contact 


three-conductor jack 


Ring 


Tip 
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three-electrode tube See TRIODE. 

three-element tube See TRIODE. 

three-gun picture tube A color-television picture 
tube having a separate gun for each primary color 
(red, green, and blue). 

three-halves-power law See CHILD’S LAW. 

three-junction transistor A pnpn or npnp tran- 
sistor. Also see NPNP DEVICE. 

three-phase bridge rectifier A bridge-rectifier cir- 
cuit for three-phase alternating current. Two 
diodes are provided for each phase. The ripple 
frequency is six times the line frequency. Also see 
BRIDGE RECTIFIER, POLYPHASE RECTIFIER, 
and THREE-PHASE CIRCUIT. 

three-phase circuit The circuit of a three-phase 
system. See THREE-PHASE SYSTEM and, specif- 
ically, DELTA CONNECTION and WYE CONNEC- 
TION. 

three-phase current Current in a three-phase cir- 
cuit. The currents in the three legs differ in phase 
by 120°. 

three-phase four-wire system See FOUR-WIRE 
WYE SYSTEM. 

three-phase generator A (usually dynamo-type) 
generator of three-phase current or voltage. See 
THREE-PHASE SYSTEM. 

three-phase half-wave rectifier A half-wave recti- 
fier circuit for three-phase alternating current. 
One diode is provided for each phase. The ripple 
frequency is three times the line frequency. Also 
see HALF-WAVE RECTIFIER, POLYPHASE REC- 
TIFIER, and THREE-PHASE CIRCUIT. Compare 
THREE-PHASE BRIDGE RECTIFIER. 

three-phase motor An alternating-current motor 
operating on three-phase power. Above frac- 
tional-horsepower size, the three-phase motor is 
smoother running and more simply structured 
than the single-phase counterpart. 

three-phase power The total power dissipated or 
delivered in a three-phase alternating-current 
circuit. 

three-phase rectifier A rectifier for three-phase al- 
ternating current. At least one diode is included 
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for each phase. Also see POLYPHASE RECTIFIER, 
THREE-PHASE BRIDGE RECTIFIER, THREE- 
PHASE CIRCUIT, and THREE-PHASE HALF- 
WAVE RECTIFIER. 

three-phase system An alternating-current elec- 
trical system in which three currents or voltages 
exist simultaneously. They are of equal ampli- 
tude, but are 120° out of phase with each other. 

three-phase, three-wire system An electrical sys- 
tem having three conductors, with an alternat- 
ing-current phase difference of 120° between 
conductor pairs. 

three-phase-to-single-phase transformer An al- 
ternating-current transformer with three-phase 
input and single-phase output (one terminal is 
grounded). 

three-phase-to-two-phase transformer An alter- 
nating-current transformer with three-phase in- 
put and two-phase output, the output currents 
are 180° out of phase with each other. 

three-phase voltage Voltage in a three-phase al- 
ternating-current circuit. The voltages across the 
three legs differ by 120°. 

three-quarter bridge A bridge rectifier having 
diodes in three arms and a resistor in the fourth. 

three-space A mathematical continuum in which 
each point is uniquely defined by three variables 
in an ordered triple, such as (x,y,z), and each or- 
dered triple corresponds to exactly one point in 
the space. A common coordinate system is the 
Cartesian system consisting of three axes, x, y, 
and z—each mutually perpendicular and inter- 
secting at the origin (0,0,0). 

three-space coordinates Any set of coordinates 
used for locating points or plotting graphs in 
three dimensions. 

three-state logic See TRI-STATE LOGIC. 

three-way speaker A set of three individual speak- 
ers contained in a single cabinet: a woofer (low- 
frequency speaker), a midrange speaker, and a 
tweeter (high-frequency speaker). It is common in 
high-fidelity music reproduction systems. Com- 
pare TRIAXIAL SPEAKER. 

three-wire system 1. An electric-power feed sys- 
tem using three wires, the center one (neutral) 
being at a potential midway between the potential 
across the other (outer) two. 2. See THREE- 
PHASE and THREE-WIRE SYSTEM. 3. See TWO- 
PHASE and THREE-WIRE CIRCUIT. 

threshold 1. The initial (observable) point of an ef- 
fect (e.g., threshold of hearing). 2. A predetermined 
point, such as of minimum current or voltage, for 
the start of operation of a circuit or device. 

threshold component A value of current, voltage, 
sound intensity, etc., selected as the minimum 
level at which a circuit or device is to operate in 
some prescribed manner, or beyond which a 
certain condition will prevail. Also see THRESH- 
OLD, 1, 2. 

threshold current 1. The minimum value of cur- 
rent at which a certain effect takes place. 2. The 
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smallest amount of forward current that flows 
through a diode. 3. In a gas, the smallest level of 
current for which a discharge will maintain itself 
under variable conditions. 

threshold detector A device that prevents a signal 
from passing until its peak amplitude reaches a 
certain value. 


Input Output 


threshold detector 


threshold frequency 1. The cutoff frequency or fre- 
quencies in a band-pass, band-rejection, low-pass, 
or high-pass filter. 2. The lowest frequency for a 
metal or semiconductor junction at which incident 
radiation gives rise to the photoelectric effect. 

threshold of hearing The minimum intensity level 
at which sounds are audible in an environment 
containing essentially no background acoustic 
noise. 

threshold of pain The intensity level at which 
hearing a sound causes physical discomfort. This 
is approximately 120 dB above the THRESHOLD 
OF HEARING for most people. 

threshold signal The weakest signal that can be 
detected in a receiving system. 

throat See HORN THROAT. 

throat microphone A small microphone operated 
in contact with the user’s throat. 

throttle The feedback control device in a regenera- 
tive detector or amplifier. 

throughput In computer operations, an overall 
quantitative indicator of processing power, ex- 
pressed in terms of the amount of data processed 
in a given period of time. 

throw-out spiral Ona phonograph disc, a lead-out 
groove. 

thulium Symbol, Tm. A metallic element of the 
rare-earth group. Atomic number, 69. Atomic 
weight, 168.93. 

thumbwheel potentiometer A potentiometer op- 
erated by means of a knurled knob (usually pro- 
truding perpendicularly through a panel) that is 
turned with the thumb or with a finger. 

thumbwheel switch A switch operated by means 
of a knurled knob (usually protruding perpendic- 
ularly through a panel) that is turned with the 
thumb or with a finger. 
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thy Abbreviation of THYRATRON. 

thyratron A gas triode or gas tetrode used princi- 
pally for switching and control purposes. Thyra- 
tron action differs from that of the vacuum tube 
in the unique behavior of the thyratron control 
electrode (grid): Anode current starts to flow 
abruptly when grid voltage reaches a particular 
value, at which point the grid provides no further 
control; anode current continues to flow until the 
anode voltage is either interrupted or reversed. 

thyratron inverter An inverter circuit (see IN- 
VERTER, 1) using thyratrons as the switching 
devices. Also see THYRATRON. 

Thyrector A silicon diode exhibiting very high re- 
sistance (approaching that of an insulator) up to 
a certain voltage, beyond which the unit switches 
to a low-resistance conducting state. 

thyristor 1. A pnpn-type bistable semiconductor 
device having anode, cathode, and gate terminals 
that is used as an electronic switch. 2. The 
generic term for all thyratronlike solid-state de- 
vices, such as the silicon-controlled rectifier. 

Thyrite Ceramic silicon carbide, a nonlinear resis- 
tance material, or a resistor made of this mate- 
rial. The resistance of Thyrite decreases sharply 
as the applied voltage is increased. Thyrite resis- 
tors are used in voltage regulators, equipment 
protectors, lightning arresters, curve changers, 
and similar devices. 

THz Abbreviation of TERAHERTZ. 

Ti Symbol for TITANIUM. 

tickler A (usually small) coil, through which en- 
ergy is inductively fed back from the output to the 
input of a circuit to induce oscillation. 

tickler coil See TICKLER. 

tickler-coil regeneration Positive feedback ob- 
tained via inductive coupling between a small coil 
(tickler) in the output circuit of an amplifier, and 
a (usually larger) coil in the input circuit. Also see 
TICKLER. 


+12 V Out 


Tickler 


tickler-coil regeneration 


tickler oscillator An oscillator circuit in which 
positive feedback is obtained through inductive 
coupling between an output (tickler) coil and an 
input coil. 

tie A bracket, clamp, clip, ring, or strip for holding 
several wires tightly as a cable or bundle. 
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tie cable 1. A cable that connects two distributing 
points in a telephone system. 2. Any cable that 
interconnects two circuits. 

tie point A lug, screw, or other terminal to which 
wires are connected at a junction. 

tie-point strip A terminal strip with lugs to which 
conductors can be soldered. 

tight coupling See CLOSE COUPLING. 

tilt switch A device, such as a mercury switch, 
that is actuated by tilting it to a certain angle. 

timbre The quality that distinguishes the sound of 
one voice or instrument from that of another, 
largely because of harmonic content. 

time Symbol, t. 1. The instant at which an event 
occurs. 2. The instant at which a time-base vari- 
able reaches a given value. 3. The interval be- 
tween two instants, commonly called duration or 
length of time. Also see STANDARD TIME, TIME 
BASE, TIME ZONE, and ZERO TIME. 

time base Time as the independent variable in a 
physical relation or function. It appears in ex- 
pressions such as pulses per second, feet per 
minute, watts per hour, etc. 

time compressor In audio recording and repro- 
duction, a device that speeds up or slows down 
the tempo without changing the audio frequen- 
cies. It is used for special effects. 

time constant See ELECTRICAL TIME CONSTANT 
and MECHANICAL TIME CONSTANT. 

time delay See DELAY, 1, 2. 

time-delay relay See DELAY RELAY. 

time-delay spectrometry In acoustics, a method 
of simulating an echo-free environment within an 
enclosure that is actually not echo-free. 

time-division multiplexing Abbreviation, TDM. In 
data and computer communications, a time- 
sharing technique in which several terminals use 
the same channel by transmitting data at regular, 
staggered intervals (i.e., one is active while the 
others are idle). This gives the appearance of si- 
multaneous real-time operation. 

time-division-multiplex switch A switch with mul- 
tiple ports—each port corresponding to a certain 
time slot in a time-division-multiplex scheme. The 
input and output (send and receive) ports are con- 
nected by selecting the same TIME SLOT for each. 

time-domain reflectometry Abbreviation, TDR. 
Measuring the reflective characteristics of a de- 
vice or system by superimposing the direct and 
reflected components of a step-formed test signal 
on a time-calibrated oscilloscope screen. 

time duration See TIME, 3. 

time-duration modulation See 
TION MODULATION. 

time factor The ratio ta/tr, where ta is analog time 
(the relativistic duration of an event as simulated 
by a computer), and tris real time (the actual du- 
ration of the event). Also called TIME SCALE. 

time-interval mode In computer operations, oper- 
ation that allows a number of events to be 
counted between two points on a waveform. 
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time modulation Any form of modulation in which 
the instantaneous characteristics of a signal are 
varied. 

timeout The expiration of an allotted time period 
for a given operation. 

timer 1. A device for automatically controlling the 
duration of an operation. See ELECTRONIC 
TIMER. 2. A device for measuring the duration of 
an operation. 

time sharing In computer operations, a method 
for interlaced (i.e., nearly simultaneous) use of a 
machine or facility by two or more persons or 
agencies. As the cost of computers diminishes, so 
does the need for time sharing. Also see TIME- 
DIVISION MULTIPLEXING. 

time-sharing dynamic allocator In computer stor- 
age, a program that allocates memory areas and 
peripherals to programs being entered into a time- 
sharing system; it also controls program execution. 

timeshift 1. To receive a message at a significantly 
later time than when it was sent. 2. To use a 
videocassette or videodisc recorder to view a tele- 
vision program at a later time than when it was 
transmitted. 

time-shifting communications Any form of com- 
munications in which the recipient reads or views 
the message(s) at a significantly later time than 
the message is sent from the source. A common 
example is electronic mail (e-mail) using online 
computer networks. 

time signals Special radio transmissions made 
under the auspices of the National Bureau of 
Standards, for indicating Coordinated Universal 
Time (UTC). 

time slot A specifically defined time interval in a 
data signal. It is of importance primarily in digital 
communications, where a given time interval can 
be high or low or at some discrete value. 

time-space-time switch A large switch consisting 
of a space block between two time blocks. 

time zone One of the 24 zones into which the global 
map is divided for the purpose of standardizing 
time. Within these zones, mean solar time is deter- 
mined in terms of distance east or west of the zero 
meridian at Greenwich (near London, England). 
Each zone is equal to 15 degrees of longitude, or 
1 hour. Four zones fall within the continental 
United States: Eastern Standard Time (zone of the 
75th meridian), Central Standard Time (zone of 
the 90th meridian), Mountain Standard Time 
(zone of the 105th meridian), and Pacific Standard 
Time (zone of the 120th meridian). Also see 
MERIDIAN, ZERO MERIDIAN, and ZONE TIME. 

timing extraction The retrieval of a timing signal 
from incoming data. 

timing pin current Measured in microamperes. 
The current that generates a timing waveform in 
an integrated-circuit voltage regulator. 

timing signal A repeating signal sent along with 
data to control the synchronization of transmitter 
and receiver. 
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tin 1. Symbol, Sn. A metallic element. Atomic 
number, 50. Atomic weight, 118.71. Tin is widely 
used in electronics as a structural material, a 
constituent of solder, and (in foil form) as the 
plates of some fixed capacitors. 2. To prepare the 
tip of a soldering gun or iron, or the stripped end 
of a wire or cable, by applying a coat of solder. 

tin-oxide resistor See METAL-OXIDE RESISTOR. 

tinsel Metal film strips interwoven with fabric 
threads to provide a flexible cord, particularly for 
headphones. 

tint control In a color-television receiver, the con- 
trol for changing color hue. 

tip jack The mating connector for a tip plug. 

tip plug 1. A prod terminating in a phone tip. 2. A 
plug-type connector terminating in a phone tip. 


tip plug, 2 


titanium Symbol, Ti. A metallic element. Atomic 
number, 22. Atomic weight, 47.88. Titanium en- 
ters into some dielectric compounds (e.g., tita- 
nium dioxide). 

titanium dioxide Formula, TiO». A ceramic dielec- 
tric material. Dielectric constant, 90 to 170. 
Dielectric strength, 100 to 210 V/mil. 

T junction See TEE JUNCTION. 

Tl Symbol for THALLIUM. 

T?L Abbreviation of TRANSISTOR-TRANSISTOR 
LOGIC. (Also, TTL.) 

TLA Abbreviation of TABLE LOOK-AT. 

TLC Abbreviation of thin-layer chromatography. 

TLU Abbreviation of TABLE LOOK-UP. 

TM 1. Abbreviation of TRANSVERSE MAGNETIC. 
2. Abbreviation of technical manual. 

Tm Symbol for THULIUM. 

TM mode See TRANSVERSE MAGNETIC MODE. 

TM wave See TRANSVERSE MAGNETIC MODE. 

T network See TEE NETWORK. 

TNS Abbreviation of TRANSCUTANEOUS NERVE 
STIMULATOR. 

toggle A bistable device. 

toggle switch A switch having a mechanism that 
snaps into the on or off position at the opposite 
extremes to which a lever is moved. 

tolerance The amount by which error is allowed in 
a value, rating, dimension, etc. It is usually 
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tone modulation 1. The transmission of Morse, 
Baudot, or ASCII signals by audio-frequency 
modulation of a radio-frequency carrier. 2. Any 
rapid variation of the amplitude or frequency of 


toggle switch 


expressed as a percent of nominal value, plus 
and minus so many units of measurement (or 
parts per million). 

toll call In a telephone system, a call that is 
charged on a per-minute or per-second basis. 

ton Abbreviation, T, t, or tn. A unit of avoirdupois 
weight; in the United States, it is usually taken to 
mean short ton, a unit equal to 907.20 kilograms 
(2000 lb). Compare METRIC TON. 

tone 1. The pitch (frequency) and timbre (relative 
harmonic content) of a sound other than noise. 
2. A sound consisting of a periodic waveform 
having constant frequency; also called note. 

tone arm See PICKUP ARM. 

tone burst A test signal consisting of a single- 
frequency sine wave sustained for a brief period 
of time, usually having a rectangular envelope 
(rapid rise and decay). 

tone-burst entry In repeater systems, a technique 
whereby a short tone signal is used at the start of 
a transmission to trigger a particular repeater so 
that all repeaters in the system will not go into 
operation simultaneously. 

tone-burst generator An oscillator and associated 
circuitry for producing a tone burst. 

tone control An adjustable device or circuit for mod- 
ifying the frequency response of an amplifier (i.e., 
for emphasizing bass, treble, or midrange pitches). 

tone dialing A method of telephone dialing that 
uses standard tone pairs actuated via a keypad 
with 12 keys representing digits O through 9 and 
symbols # and *. Some keypads have four addi- 
tional keys: A, B, C, and D. 

tone generator An oscillator for producing simple 
audio-frequency signals for communications, 
control, or testing. 

tone keying In wire and radio telegraphy, the rep- 


resentation of code characters by audio- 
frequency tones. Also see MODULATED 
CONTINUOUS WAVE. 


tone localizer A localizer that provides lateral 
guidance for an aircraft by comparing the ampli- 
tudes of two modulating frequencies. 


an audio tone. 

top cap A small metal cap on top of some electron 
tubes, serving as a direct, low-capacitance con- 
nection to one of the internal elements—usually 
the control grid, but sometimes the plate. 

top loading A method of feeding a vertical antenna 
at or near the top. 


Feed line 


Radiating 
element 


Insulator 


Earth 


top loading 


topology 1. A branch of mathematics concerned 
with the properties of surfaces and spaces. 2. The 
details of layout of an integrated circuit. 3. The 
characteristics of a surface. 

toroid See TOROIDAL COIL. 

toroidal coil A coil wund on a form that is shaped 
like a donut. The form is made of powdered-iron 
or ferrite. Toroidal coils have certain advantages 
over solenoidal coils: greater inductance for a 
given physical size, better isolation properties, 
and higher Q factor. A disadvantage is that an air 
core is not practical. 


toroidal coil 


torque 1. The force that tends to produce a rotat- 
ing motion. 2. Rotation of the plane of polariza- 
tion of light by some crystals. 

torque amplifier A device having rotating input 
and output shafts and that delivers greater 
torque at the output shaft than that required to 
turn the input shaft. 
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torque sensitivity Symbol, KT. For a torque mo- 
tor, torque output per ampere of input current. 

torr A unit of pressure equal to the pressure re- 
quired to support a column of mercury 1 millime- 
ter high at O°C and standard gravity; 1 torr 
133.322 Pa (1333.2 microbars). 

torsion The effect on an object by torque applied to 
one end while the other is being held fast or 
torqued in the opposite direction. 

torsion delay line A delay line in which the delay 
is manifested in a material that is torqued by me- 
chanical vibrations. 

torsion waves Waves that travel by means of 
torque, instead of displacement or compression. 
The velocity of propagation depends on the mod- 
ulus of rigidity and the density of the propagating 
medium. 

tot 1. Abbreviation of total. 2. To derive a sum or 
total. 

total breakaway torque For a torque motor, the 
sum of magnetic retarding torque and brush- 
commutator friction. 

total harmonic distortion Abbreviation, THD. The 
distortion caused by the combined action of all 
the harmonics present in a complex waveform. 
An important specification in high-fidelity audio 
amplifiers. 

total distortion See TOTAL HARMONIC DISTOR- 
TION. 

total internal reflection 1. The reflection of visible 
light from a boundary between two substances 
having different indices of refraction. When the 
angle of incidence, relative to the tangent to the 
boundary, is smaller than a certain value, as light 
travels through the more dense medium total re- 
flection occurs at the boundary. 2. Reflection of 
electromagnetic waves from an ionized layer in 
the atmosphere. This occurs at angles smaller 
than a certain angle, relative to the tangent of the 
plane of the ionizing layer. In some cases, total in- 
ternal reflection does not occur. Actually, most 
ionospheric reflection is really refraction; the 
electromagnetic waves are bent by the ionized 
layer rather than reflected. 

total reflection Full return of a ray by a reflector, 
none of the energy being transmitted by or ab- 
sorbed in the reflecting material. 


Lower index 
of refraction 


Higher index 
of refraction 


Light or 
radio beam 


total internal reflection 
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touchplate relay A capacitance relay in which the 
pickup element is a small, metal plate that actu- 
ates the relay when it is touched. 

tough dog A malfunctioning circuit that seemingly 
defies all attempts to diagnose and correct its 
trouble. Also see DOG. 

tourmaline crystal A piezoelectric and pyroelec- 
tric crystal; a transparent plate of tourmaline has 
the ability to polarize light passing through it. 
Also see POLARIZATION, 3; POLARIZED LIGHT; 
and POLARIZER. 

tower 1. A usually tall and self-supporting open- 
work structure used to support an antenna, and 
usually having three or four sides. 2. A metal 
structure, as defined in 1, used as a vertical an- 
tenna. 

Townsend discharge Ina glow-discharge tube, the 
discharge that begins after the applied voltage 
reaches a given level. It is a low-current, non-self- 
sustaining discharge. Compare ABNORMAL 
GLOW and NORMAL GLOW DISCHARGE. 

touch screen A special cathode-ray tube (CRT) or 
video display unit that allows input of data via 
physical contact with the screen surface. Items 
are selected by simply touching the appropriate 
spot (“button” or icon) on the screen. 

TP Abbreviation of TRANSACTION PROCESSING. 

T pad See TEE PAD. 

TR Abbreviation of transmit-receive. 

tr 1. Symbol for RECOVERY TIME. 2. Symbol for 
RISE TIME. 

trace 1. A tiny or insignificant quantity. 2. The 
movement of the electron beam across the face of 
a cathode-ray tube. 3. A routine used for testing 
of, or for locating a fault in, a circuit or computer 
program. 4. The process of implementing such a 
routine. 

trace element See MICROELEMENT. 

tracer A suitable substance or object introduced 
into the human body and whose progress 
through the body can be followed (or its state 
monitored) by means of electronic equipment. 
Tracers are sometimes used also in nonbiological 
systems, such as pipelines. 

track 1. A discrete information band on a magnetic 
disk or tape. 2. To follow, as by a stylus, a phono 
disc groove. 3. To follow, as by radar, a target. 

trackability An expression of the accuracy with 
which a phonograph stylus follows the irregulari- 
ties in a disc. 

trackball A device for guiding the cursor or pointer 
in a computer. It is often used in laptop (note- 
book) computers. It resembles a ball bearing; the 
operator moves the cursor or pointer by pushing 
on the bearing with a finger. 

track-drive locomotion A method of robotic loco- 
motion using two or more wheels that drive a belt 
(track). It uses the same principle as a military 
tank. 

tracking Following in step, as when ganged cir- 
cuits resonate at the same frequency (or some 
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frequency difference) at all settings, or when a 
missile closely follows its guiding signal. 

tracking force See VERTICAL STYLUS FORCE. 

track label On a magnetic storage medium, a 
record that identifies a track. 

tracking mode In tracking supplies, the usual 
manner of operation in which the output of each 
of the separate supplies automatically follows 
that of the one being adjusted. Compare INDE- 
PENDENT MODE. 

tracking supplies Adjustable power supplies, 
packaged two or more to the unit, in which the 
output of each will automatically follow adjust- 
ment made to one of them. 

track pitch The distance between tracks (see 
TRACK, 2). 

traffic 1. Collectively, messages handled by a com- 
munications station. 2. Collectively, data and in- 
structions handled by a computer system in 
continual use. 

trailer label At the end of a magnetic-tape or 
floppy-disk file, a record signaling the end of the 
file and often giving such information as the 
number of records in the file. 

trailer record At the end of a group of computer 
records, a record containing information relevant 
to the group’s processing. 

trailing edge The falling edge of a pulse. Compare 
LEADING EDGE. 

trans Abbreviation of TRANSVERSE. 

transaction The exchange of activity that occurs 
between a computer, via a terminal, and the user, 
including any processing required (e.g., that in- 
volved in adding records to, or deleting them 
from, a file). 

transaction file In data processing, a group of 
records used to update a master file. 

transaction processing In computer operations, 
the use of a central processor for handling, mod- 
ifying, or otherwise acting on information by 
transactions. 

transaction tape Magnetic tape on which a trans- 
action file has been recorded. 

transadmittance For an active device, the ratio 
dI2/dE1, where 12 is the alternating-current (ac) 
component of the current in a second electrode 
(such as the drain), and El is the ac component 
of voltage on a first electrode (such as the gate), 
with constant direct-current operating voltages. 

transceiver 1. A combination transmitter and re- 
ceiver, housed in a single enclosure, with fre- 
quency control and some ancillary stages 
common to both units. This design is economical 
because it eliminates redundancy. Such a system 
is more easily tuned than a separate transmitter 
and receiver if the operating frequency must be 
changed often, but it can be difficult to carry out 
split-frequency or split-band communication on 
two frequencies that differ greatly. Compare 
TRANSMITTER-RECEIVER. 2. In computer prac- 
tice, a read/write data terminal capable of trans- 
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mitting and receiving information to and from a 
channel. 

transcendental functions Nonalgebraic func- 
tions. These include logarithmic functions, expo- 
nential functions, trigonometric functions, and 
inverse trigonometric functions. 

transconductance 1. Symbol, gm. Unit, mi- 
cromho. In an electron tube, the extent to which 
plate current (IP) changes in response to a change 
in grid voltage (EG); gm = dIP/dEG. 2. Symbol, 
gfs. Unit, micromho. In a field-effect transistor, 
the extent to which drain current (1D) changes in 
response to a change in gate-to-source voltage 
(VGS); gfs = dID/dVGS. 

transconductance amplifier An amplifier in 
which the output current is a linear function of 
the input voltage. 

transcribe 1. To record material, such as a radio 
program, for future transmission. 2. In computer 
operations, the intermedia transfer of data, as 
from tape to disk. 

transcriber A device used for intermedia data 
transfer (e.g., one that can move the data on mag- 
netic tape to magnetic or optical disc). 

transcription A recording of material, such as a 
record or tape of a radio program, for later use in 
a transmitter. See ELECTRICAL TRANSCRIP- 
TION. 

transcutaneous nerve stimulator Abbreviation, 
TNS. An electronic device for the temporary relief 
of pain. In its use, electrodes taped to the skin 
over the painful area are connected to a portable 
generator of suitable pulse energy. 

transducer A device that converts one quantity 
into another quantity, specifically when one of 
the quantities is electrical. Thus, a loudspeaker 
converts electrical impulses into sound, a micro- 
phone converts sound into electrical impulses, a 
photocell converts light into electricity, a thermo- 
couple converts heat into electricity, etc. 

transducer amplifier An amplifier used expressly 
to boost the output of a transducer. 

transducer efficiency For a transducer, the ratio 
of the output power to the input power. 

transductor See MAGNETIC AMPLIFIER. 

transfer 1. To move a signal from one point to an- 
other—especially through a modifying circuit or 
device. 2. To transmit information or data from 
one point or device to another, inside or outside a 
system. 

transfer characteristic A figure or plot expressing 
the output-input signal relationship in a circuit 
or device. Also see TRANSFER, 1. 

transfer efficiency In a charge-coupled device, the 
proportion of charge that is transferred under 
given conditions. 

transfer function 1. See TRANSFER CHARAC- 
TERISTIC. 2. An expression that mathemati- 
cally shows how two entities or events occurring 
in different places or at different times are 
related. 
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transfer rate The speed at which data can be 
moved between a computer's internal memory 
and a peripheral. 

transferred charge Ina circuit containing a capac- 
itor, the net electric charge that moves around 
the external circuit from one plate of the capaci- 
tor to the other. 

transform 1. See LAPLACE TRANSFORM. 2. To 
change the voltage or nature of an electrical pa- 
rameter (e.g., high to low voltage and alternating 
to direct current). 3. To change the form, but not 
the content, of data. 

transformation constant See DISINTEGRATION 
CONSTANT. 

transformer 1. A device using electromagnetic in- 
duction to transfer electrical energy from one cir- 
cuit to another (i.e., without direct connection 
between them). In its simplest form, a trans- 
former consists of separate primary and sec- 
ondary coils wound on a common core of 
ferromagnetic material, such as iron. When an al- 
ternating current flows through the primary coil, 
the resulting magnetic flux in the core induces an 
alternating voltage across the secondary coil; the 
induced voltage can cause a current to flow in an 
external circuit. Also see AIR-CORE TRANS- 
FORMER, INDUCTION, INDUCTIVE COUPLING, 
IRON-CORE TRANSFORMER, and TURNS RA- 
TIO. 2. A section of radio-frequency (RF) trans- 
mission line used to match impedances. Also see 
LINEAR TRANSFORMER. 

Tron core 
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Symbol Pictorial 


transformer, 1 


transformer-coupled amplifier An amplifier using 
coupling transformers between its stages or at its 
input and output points. Compare RESISTANCE- 
CAPACITANCE-COUPLED AMPLIFIER. 

transformer coupling The inductive coupling 
of circuits through a transformer. Also see 
COEFFICIENT OF COUPLING; INDUCTIVE 
COUPLING; MUTUAL INDUCTANCE; and 
TRANSFORMER, 1. 

transformer equivalent circuit An equivalent cir- 
cuit depicting the various parameters of a trans- 
former (such as primary and secondary 
resistances, primary and secondary reactances, 
core losses, etc.) and their relationship to each 
other. 

transformer feedback Inductively coupled feed- 
back (positive or negative) through a transformer. 

transformer input current See PRIMARY CUR- 
RENT. 
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transformer input voltage See PRIMARY VOLT- 
AGE. 

transformer iron See SILICON STEEL. 

transformer loss The expression (in decibels) 10 
logio (P1/P2), where P1 is the calculated power 
that a given transformer should deliver to a par- 
ticular load impedance, and P2 is the actual 
power delivered. 

transformer oil A petroleum product in which 
high-voltage, high-current transformers are 
sometimes immersed. The oil protects the wind- 
ings from environmental damage. 

transformer output current See SECONDARY 
CURRENT. 

transformer output voltage See SECONDARY 
VOLTAGE. 

transformer-type voltage regulator See VOLT- 
AGE-REGULATING TRANSFORMER. 

transformer utilization factor See UTILITY FAC- 
TOR. 

transient 1.A sudden, high-voltage spike in an al- 
ternating-current system, caused by arcing or 
lightning. 2. A spurious signal in a hardcopy- 
receiving system. 3. Any short pulse attributable 
to external causes. 4. Existing for a short period 
of time, or intermittently for short periods of time. 


“Spikes” 


ANT 


NS 


“Spikes” 


transient, 1. 


transient absorber See SURGE ARRESTER. 

transient arrester See SURGE ARRESTER. 

transient-based amplifier See CRYSTAL AMPLI- 
FIER, 2. 

transient current A momentary pulse of current. 
Also see TRANSIENT. 

transient response The response of a circuit to a 
transient, as opposed to its steady-state re- 
sponse, usually evaluated in terms of its ability to 
reproduce a square wave. 
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transient suppressor See SURGE ARRESTOR. 

transient voltage A momentary pulse of voltage. 
Also see TRANSIENT. 

transient voltmeter An instrument that indicates 
the voltage of momentary signals. Usually, a 
peak-reading meter in the instrument displays 
the highest positive or negative value the tran- 
sient attains (sometimes holding the deflection 
for reading later) and can respond to pulses of 
1 microsecond in duration. 

transistor An active (commonly three-terminal) 
semiconductor device capable of amplification, 
oscillation, and switching action. The name is a 
contraction of transfer resistor. Also see ALLOY- 
DIFFUSED TRANSISTOR, ALLOY TRANSISTOR, 
BIPOLAR TRANSISTOR, DIFFUSED-BASE TRAN- 
SISTOR, DIFFUSED EMITTER-AND-BASE TRAN- 
SISTOR, DIFFUSED-JUNCTION TRANSISTOR, 
DIFFUSED MESA TRANSISTOR, DIFFUSED PLA- 
NAR TRANSISTOR, DIFFUSED TRANSISTOR, 
DIFFUSION TRANSISTOR, DOUBLE-BASE 
JUNCTION TRANSISTOR, FIELD-EFFECT TRAN- 
SISTOR, FIELDISTOR, GERMANIUM TRANSIS- 
TOR, GROWN-DIFFUSED TRANSISTOR, 
GROWN-JUNCTION TRANSISTOR, JUNC- 
TION TRANSISTOR, MESA TRANSISTOR, 
METAL-OXIDE-SEMICONDUCTOR FIELD- 
EFFECT TRANSISTOR, MICROALLOY DIFFUSED 
TRANSISTOR, MICROALLOY TRANSISTOR, 
PHOTOTRANSISTOR, PLANAR EPITAXIAL 
PASSIVATED TRANSISTOR, PLANAR TRANSIS- 
TOR, POINT-CONTACT TRANSISTOR, POWER 
TRANSISTOR, SILICON TRANSISTOR, SUR- 
FACE-BARRIER — TRANSISTOR, SURFACE- 
CHARGE TRANSISTOR, TANDEM  TRANSIS- 


TOR,  THIN-FILM TRANSISTOR, THREE- 
JUNCTION TRANSISTOR, and UNIJUNCTION 
TRANSISTOR. 


transistor amplifier An amplifier containing only 
transistors as the active components. Also called 
transistorized amplifier. 

transistor analyzer An instrument for measuring 
the electrical characteristics of transistors. Com- 
pare TRANSISTOR TESTER. 

transistor battery A 9-volt electrochemical battery 
consisting of six tiny zinc-carbon or alkaline cells 
in series. Each of the six cells supplies 1.5 volts. 
The ampere-hour capacity is small. The battery 
has a characteristic box shape with adjacent clip- 
on terminals at one end. These batteries are used 
in low-current electronic devices such as remote- 
control garage-door openers, television channel 
changers, remote videocassette recorder (VCR) 
controls, electronic calculators, and smoke 
detectors. 

transistor-coupled logic Abbreviation, TCL. In 
computer and automatic-control operations, logic 
circuitry and systems using multi-emitter-cou- 
pled transistors. Also see RESISTOR-TRANSIS- 
TOR LOGIC and TRANSISTOR-TRANSISTOR 
LOGIC. 
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transistor current meter An ammeter, milliam- 
meter, or microammeter circuit containing an 
amplifier using only transistors. Also see ELEC- 
TRONIC CURRENT METER. 

transistorized voltmeter See 
VOLTMETER. 

transistorized voltohmmeter An electronic volt- 
meter-ohmmeter combination using a transistor- 
ized circuit similar to that of a vacuum-tube 
voltohmmeter. 

transistor keyer A power transistor acting as a 
keying device. 

transistor oscillator An oscillator using only tran- 
sistors as the active components. Also called tran- 
sistorized oscillator. 

transistor power supply A high-current, well- 
filtered, direct-current power supply for operating 
transistor circuits. 

transistor radio Any small, portable, battery-pow- 
ered radio receiver whose active components are 
transistors and/or other semiconductor devices. 

transistor-resistor logic See RESISTOR- 
TRANSISTOR LOGIC. 

transistor tester An instrument for checking the 
condition of transistors (i.e., whether good or 
bad). Compare TRANSISTOR ANALYZER. 

transistor tetrode See DOUBLE-BASE JUNCTION 
TRANSISTOR. 

transistor thyratron See SOLID-STATE THY- 
RATRON. 

transistor-transistor logic Abbreviation, TTL or 
T?*L. In computer operations, a circuit in which 
the multiple-diode cluster of the diode-transistor 
logic circuit has been replaced by a multiple- 
emitter transistor. 


TRANSISTOR 


Output 


Input 


transistor-transistor logic 


transistor voltmeter Abbreviation, TVM. A volt- 
meter containing an amplifier that uses only 
bipolar transistors. Also called transistorized volt- 
meter. Also see ELECTRONIC VOLTMETER. 
Compare FET VOLTMETER and VACUUM-TUBE 
VOLTMETER. 

transistor VOM See TRANSISTORIZED VOLT- 
OHMMETER. 


de 


5059F-pT-671-699 


4/10/01 9:51 AM Page 692 


692 transit angle + transverse 


transit angle For an electron, the angular fre- 
quency multiplied by the time required to travel 
from one point to another. 

transit time The time taken by an electron to 
travel from one electrode to another—especially 
from the cathode to the plate in a vacuum tube. 

transistor element A metallic element whose 
atoms have valence electrons in two shells. Ex- 
amples: chromium, iron, and nickel. 

transition factor See MISMATCH FACTOR. 

transition region See BARRIER, 1. 

translation loss See PLAYBACK LOSS. 

translator 1. See COMPILER. 2. See ASSEMBLER. 

transliteration 1. To change the characters in one 
alphabet or code system to the characters in a 
different system. 2. The function that maps the 
characters in one alphabet or code system to 
those in another. 

translucence 1. The transmission of radiation, es- 
pecially visible light, through a material. 2. The 
extent to which a substance can transmit radia- 
tion—especially visible light. 3. Pertaining to a 
material that partially or totally transmits radia- 
tion—especially visible light. 

transmission gain Current amplification, power 
amplification, or voltage amplification. 

transmission line 1. A single conductor or group 
of conductors for carrying electrical energy from 
one point to another. 2. A correctly dimensioned 
conductor or pair of conductors for carrying ra- 
dio-frequency energy from a transmitter to an an- 
tenna or coupling device. 

transmission mode 1. In a transceiver, the condi- 
tion in which the transmitter is enabled and the 
receiver is disabled. 2. In a waveguide, propaga- 
tion via transverse waves. 

transmission speed The number of information el- 
ements (words, code groups, data symbols, bits, 
and bytes) that can be generated or received per 
unit time (second or minute) by a system or oper- 
ator. 

transmission wavemeter A (usually simple) in- 
ductance-capacitance-tuned wavemeter that pro- 
vides peak response when tuned to the frequency 
of a signal passing through it; also, the compara- 
ble microwave device. Compare ABSORPTION 
WAVEMETER. 

transmit-receive switch A manually or electri- 
cally operated switch for transferring a single an- 
tenna between a transmitter and receiver. 

transmittancy The relative ability of a substance 
to transmit radiation. Transmittancy depends on 
the frequency of the radiation, as well as the sub- 
stance. 

transmitter 1. An equipment for producing and 
sending signals or data. 2. See MICROPHONE. 3. 
One who originates signals or data. 

transmitter-receiver A transmitter and receiver 
usually contained in a single enclosure, but with 
separate and independent oscillators, mixers, 
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and amplifiers. The main asset of this scheme is 
the fact that it is possible to conduct split- 
frequency communication on bands whose wave- 
lengths differ greatly. Another asset is the ability 
of the system, with proper design, to operate in 
full-duplex mode. Installations of this type are of- 
ten used in satellite communications. Compare 
TRANSCEIVER, 1. 

transmitting antenna An antenna designed ex- 
pressly for the efficient radiation of electromag- 
netic energy into space. 

transmitting station A station that only transmits 
signals (i.e., it engages in no official form of re- 
ception). Compare RECEIVING STATION. 

transmittivity The degree to which a selective cir- 
cuit transmits a desired signal. Compare REJEC- 
TIVITY. 

transmultiplexer A device that changes a signal 
from one multiplexed form to another while main- 
taining all of the information contained in the sig- 
nal. For example, a transmultiplexer might 
convert time-division-multiplex data to fre- 
quency-division multiplex or vice-versa. 

transonic Equal to, or approximating, the speed of 
sound in air (approximately 1100 feet per second). 

transparence The practically unimpeded trans- 
mission of radiation, such as light, through a ma- 
terial. Compare OPACITY and TRANSLUCENCE. 

transponder An acronym for transmitter and 
responder. 1. A combination transmitter—receiver 
that automatically transmits an identification 
signal whenever it receives an interrogating sig- 
nal. 2. In a communications satellite, a broad- 
band repeater that receives signals sent up from 
the earth, converts them to another frequency, 
and retransmits them back to the earth. Some 
satellites have units that employ multiplexing, 
data storage and retrieval systems, and other 
schemes to maximize the amount and variety of 
data they can handle. 

transponder overload A condition that occurs 
when a satellite transponder is heavily used or 
when an excessively strong uplink signal is re- 
ceived. During heavy usage, all downlink signals 
are consistently weaker than they are when the 
transponder is not dealing with many signals. If 
an overly powerful uplink signal is received, all 
downlink signals are attenuated intermittently; 
the greater the instantaneous power of the of- 
fending uplink signal, the greater the instanta- 
neous attenuation of all the downlink signals. 
See TRANSPONDER, 2. 

transport See TAPE TRANSPORT. 

transportable equipment Portable electronic 
equipment. See, for example, PORTABLE TRANS- 
MITTER. 

transuranium An element whose atomic number 
is higher than that of uranium. 

transverse Occurring in a direction or directions 
perpendicular to the direction of propagation. 
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transverse electric mode In a waveguide, the con- 
dition in which the electric lines of flux are per- 
pendicular to the direction of propagation. 
Compare TRANSVERSE MAGNETIC MODE. Also 
see WAVEGUIDE MODE. 

transverse electromagnetic wave An electromag- 
netic wave having electric-field vectors and mag- 
netic-field vectors perpendicular to the direction 
of propagation. 

transverse magnetic mode In a waveguide, the 
condition in which the magnetic lines of flux are 
perpendicular to the direction of propagation. 
Compare TRANSVERSE ELECTRIC MODE. Also 
see WAVEGUIDE MODE. 

trap 1. See WAVETRAP. 2. In a semiconductor 
crystal, an imperfection capable of trapping cur- 
rent carriers. 

trapezoid 1. A polygon having four sides, of which 
only two are parallel. 2. See TRAPEZOIDAL PAT- 
TERN. 3. See TRAPEZOIDAL WAVE. 

trapezoidal distortion In television or facsimile, a 
form of distortion in which the frame is wider at 
the top than at the bottom, or vice versa. 


Top of screen 


Bottom of screen 


trapezoidal distortion 


trapezoidal pattern An oscilloscope pattern used 
to check the percentage of modulation of an am- 
plitude-modulated wave. Its name is derived from 
its trapezoidal shape. 

trapezoidal wave A nonsinusoidal wave that is a 
combination of a rectangular component and a 
sawtooth component. It is the required waveform 
of the voltage applied to a magnetic deflecting coil 
(oscilloscope or television) to ensure a sawtooth 
wave of current in the coil. 

traveling-wave amplifier Abbreviation, TWA. An 
amplifier based on the unique operation of the 
traveling-wave tube. 

traveling-wave tube Abbreviation, TWT. A micro- 
wave tube containing an electron gun, helical 
transmission line, collector, and input and out- 
put couplers. A microwave signal is coupled into 
the helix, through which it travels while the gun 
projects an electron beam through the helix. 
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When wave and electron velocities are equal, a 
power gain is obtained in the signal coupled out 
of the helix. Also see BACKWARD-WAVE OSCIL- 
LATOR. 

Travis discriminator A discriminator circuit in 
which the diodes are operated from separately 
tuned halves of the secondary winding of the in- 
put transformer. Compare FOSTER-SEELEY 
DISCRIMINATOR. 

treasure locator See METAL LOCATOR. 

treble The higher portion of the sound spectrum— 
especially the upper end of the musical scale 
(middle C and above). Compare BASS. 

treble boost 1. Amplification of high audio fre- 
quencies (the treble notes) in an audio system— 
especially in high-fidelity music reproduction. 
2. The extent of amplification of high audio 
frequencies in audio applications—especially in 
music reproduction. 3. A control that allows 
adjustment of the relative treble gain in an audio 
system. 

treble control See TREBLE BOOST, 3. 

tree 1. A cause-and-effect chain with two or more 
independent branches. 2. A circuit with two or 
more branches but no meshes. 

TRF Abbreviation of tuned radio frequency. 

TRF amplifier See TUNED RADIO-FREQUENCY 
AMPLIFIER. 

TRF receiver See TUNED RADIO-FREQUENCY 
RECEIVER. 

triac A three-terminal, gate-controlled, semicon- 
ductor switching device. Compare DIAC. 

triangular wave See BACK-TO-BACK SAWTOOTH. 

triangulation A method of radiolocation in which 
directional bearings are obtained for the signals 
from two transmitters whose positions are 
accurately known. The position of the receiver is 
indicated by the intersection of two lines on a 
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map, drawn emanating from the transmitter 
locations 180 degrees opposite their respective 
bearings. 

Triax A double-shielded coaxial cable. A center 
conductor is surrounded by two concentric, inde- 
pendent shield conductors. 

triaxial connector A male or female connector 
having three concentric contacting surfaces. By 
contrast, the coaxial jack and coaxial plug have 
only two such surfaces. 

triaxial speaker A dynamic loudspeaker contain- 
ing three coils and three cones, for high-, 
low-, and middle-frequency ranges. It is, in effect, 
three speakers in one. It is commonly used in 
high-fidelity music reproduction systems. Also 
called triaxial driver. Compare THREE-WAY 
SPEAKER. 

triboelectric Pertaining to frictional electricity. 

triboelectric series See ELECTROSTATIC SE- 
RIES. 

triboluminescence Luminescence produced by 
means of friction. 

trickle charge A continuous slow charge of a stor- 
age battery, in which the charging rate is just suf- 
ficient to compensate for internal losses or 
normal discharge. 

trickle charger A light-duty unit for charging a 
battery gradually at low current. 

tricorner reflector A device that reflects a ray of 
incident energy at a 180-degree angle, regard- 
less of the direction from which the ray ap- 
proaches. Thus, the ray will return to its source, 
unless some obstruction intervenes. It consists 
of three mutually perpendicular reflecting plane 
surfaces that intersect in a common point. The 
geometry is identical to that in a typical room, 
where the ceiling meets two walls. It is useful at 
microwave, infrared, visible, and ultraviolet 
wavelengths. 

triethanolamine An amino alcohol that precipi- 
tates metallic silver from a silver-nitrate solution 
in the deposition of a silver surface on a sub- 
strate, such as glass or a ceramic. 

trig Abbreviation of TRIGONOMETRY. 

trigatron A form of electrically operated switch. 
The circuit is closed by the breakdown of an elec- 
trical gap. 
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trigger 1. A pulse used to start or stop the opera- 
tion of a circuit or device, such as a flip-flop. 2. To 
place a circuit or device into or out of operation 
with a start or stop pulse, as defined in 1. 

trigger diode See DIAC and FOUR-LAYER DIODE. 

triggered multivibrator See DRIVEN MULTIVI- 
BRATOR. 

triggered sweep In an oscilloscope or similar de- 
vice, a driven sweep. 

triggering point The voltage level at which the ac- 
tion of an electronic switching device is initiated. 
Also see BREAKOVER POINT. 

trigistor A three-junction semiconductor device 
that exhibits two-state operation, and is useful as 
a flip-flop or switch. Also see NPNP DEVICE. 

trigonometric functions See CIRCULAR FUNC- 
TIONS and HYPERBOLIC FUNCTIONS. 

trigonometry The branch of mathematics devoted 
to the application of CIRCULAR FUNCTIONS in a 
plane. It is useful in electronics for determining 
impedance and phase. 

trim To make a fine adjustment, as of a tuning 
control, balance control, output adjustment, etc. 

trimmer A low-valued variable capacitor, inductor, 
or resistor operated in conjunction with a main 
unit (usually of the same sort) for vernier 
adjustment or range setting. See, for example, 
HIGH-FREQUENCY TRIMMER and OSCILLATOR 
TRIMMER. 

trimmer capacitor A variable capacitor used as a 


trimmer. 
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trimmer coil See TRIMMER INDUCTOR. 

trimmer inductor A variable inductor used as a 
trimmer. 

trimmer resistor A variable resistor used as a 
trimmer. 

trinary number system The base-3 system of no- 
tation. This system uses the digits O, 1, and 2, the 
positional values being successive powers of 3 
(e.g., decimal 14 equals trinary 112). Also called 
ternary number system. 

Trinitron 1. A single-gun color-television picture 
tube developed by Sony. 2. A television set using 
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this tube. The gun has three cathodes that mod- 
ulate the three color beams (red, green, and blue). 
The beams are accelerated by common grids and 
are focused at different angles by convergence 
plates. 

Trinoscope See TRINITRON. 

triode A three-electrode tube or transistor, em- 
bodying an anode, cathode, and a control elec- 
trode as the principal elements. 

triple-diffused transistor A diffused transistor in 
which the base and emitter are diffused into the 
top face of the chip, and the collector into the bot- 
tom face. 

triple diode An assembly of three (often closely 
matched) semiconductor diodes in a single 
housing. 

tripler 1. A rectifier that delivers a direct-current 
output voltage at approximately triple the peak 
value of the alternating-current input voltage. 
2. An amplifier or other circuit that delivers an 
output signal at triple the frequency of the input 
signal. 

triplexer In radar, a device that facilitates the use 
of two receivers at the same time. 
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Tri-state logic Digital logic in which there are 
three possible states, rather than the usual two. 
The conditions are defined as O, 1, and unde- 
cided. Trade name of National Semiconductor. 

tritium Symbol, T or Hz. An isotope of hydrogen 
whose nucleus contains two neutrons and one 
proton. Compare DEUTERIUM. 

TRL Abbreviation of transistor-resistor logic (see 
RESISTOR-TRANSISTOR LOGIC). 

Trojan horse A program written with the malicious 
intent of sabotaging the operating system and/or 
files in a computer. It is somewhat similar to a 
VIRUS; it is occasionally spread via software 
whose origin is questionable or unknown. 

troposcatter See TROPOSPHERIC-SCATTER 
PROPAGATION. 

troposphere The portion of the atmosphere in 
which virtually all weather phenomena occur. It 
extends from the surface to an altitude of 8 to 12 
miles above sea level. 


Trinitron + tropospheric propagation 695 


tropospheric bending A common type of radio- 
wave propagation that takes place when radio 
waves are refracted in the lower atmosphere. 
This effect is most dramatic near weather fronts, 
where warm, relatively light air lies above cool, 
heavy air. The cooler air has a higher index of re- 
fraction than the warm air, causing radio- 
frequency electromagnetic fields to be bent 
downward at a considerable distance from the 
transmitter. It is often responsible for anomalies 
in reception of FM and TV broadcast signals. 
Compare TROPOSPHERIC DUCTING, TROPO- 
SPHERIC-SCATTER PROPAGATION. 

tropospheric ducting Also called duct effect. A 
form of tropospheric propagation that occurs 
close to the earth’s surface at very-high 
frequencies (VHF) and ultra-high frequencies 
(UHF). A duct forms when a layer of cool air 
becomes sandwiched between two layers of 
warmer air. Total internal reflection of the 
electromagnetic (EM) field takes place inside 
the duct. For this phenomenon to provide 
communications, both the transmitting and 
receiving antennas must be located within the 
same duct, and this duct must be unbroken and 
unobstructed between the two locations. A duct 
might measure only a few feet from top to bot- 
tom, but cover thousands of square miles 
parallel to the surface. Compare TROPO- 
SPHERIC BENDING, TROPOSPHERIC-SCATTER 
PROPAGATION. 

tropospheric propagation Also called tropo. Over- 
the-horizon propagation of radio-frequency elec- 
tromagnetic waves that occurs as a result of 
reflection, scattering, and/or refraction in the 
troposphere, the lowest 10 or 12 miles of the 
earth’s atmosphere. At wavelengths shorter than 
about 15 m (frequencies above 20 MHz), refrac- 
tion and reflection can take place within and be- 
tween air masses of different density. The air also 
produces some scattering of EM energy at 
wavelengths shorter than about 3 m (frequencies 
above 100 MHz). “Tropo” can often allow 
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communications over distances of several hun- 
dred miles. Also see TROPOSPHERIC BENDING, 
TROPOSPHERIC DUCTING, and TROPOSPHERIC- 
SCATTER PROPAGATION. 

tropospheric-scatter propagation Also called tro- 
poscatter. A form of tropospheric propagation 
that occurs at frequencies above about 100 MHz, 
where the atmosphere has a scattering effect on 
radio waves. Dust in the air increases the scatter- 
ing effect, but some troposcatter occurs regard- 
less of the weather. Troposcatter takes place 
mostly at low altitudes where the air is the most 
dense. This mode can provide reliable communi- 
cation over distances of several hundred miles 
when the appropriate equipment is used. Com- 
munication via troposcatter requires the use of 
high-gain antennas. Scatter is often observed 
along with other modes of tropospheric propaga- 
tion. (Compare TROPOSPHERIC BENDING, 
TROPOSPHERIC DUCTING. 

troubleshoot 1. To look for the cause of equipment 
failure. 2. To look for flaws in computer software 
or to debug a program. 

troubleshooting test A test that is part of the pro- 
cedure for finding the cause of faulty electronic 
equipment operation. Also see DIAGNOSTIC 
TEST. Compare PERFORMANCE TEST. 

trough value The minimum amplitude of a com- 
posite current or voltage. 

true complement See RADIX COMPLEMENT. 

true ground The earth, as opposed to an artificial 
ground, such as that provided by the radials of 
a ground-plane antenna or an equipment 
chassis. 

true power In an alternating-current (ac) circuit, 
the power actually dissipated in the resistive 
component; the reactive component consumes no 
power. In ac circuits containing reactance, the 
true power is less than the product of the voltage 
and current. Also see AC POWER and POWER 
FACTOR. 

truncation A method of approximating a quantity 
by cutting off its digits beyond a certain point. For 
example, 3.44 and 3.46, when truncated to two 
significant digits, both become 3.4. Compare 
ROUNDING. 

trunk 1. A communications link between two 
points, one usually being external. 2. The inter- 
face between a central processing unit and a pe- 
ripheral device. 

trunk link In computer systems, an interface per- 
mitting access to main storage via a peripheral. 

truth table In logic analysis and logic circuit de- 
sign, a table in which are listed all combinations 
of input values and the corresponding output val- 
ues for a given logic function. 

ts Abbreviation of tensile strength. 

Tschebyscheff filter See CHEBYSHEV FILTER. 

TSS Abbreviation of TIME-SHARING SYSTEM. 

T switch See TEE SWITCH. 

TST switch See TIME-SPACE-TIME SWITCH. 
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truth table 
(A+ y) +x2 
xX y Z x+y (x + y) XZ (x+ y) + xz 
0 0 0 0 1 0 1 
0 0 1 0 1 0 1 
0 1 0 1 0 0 0 
0 1 1 1 0 0 0 
1 0 0 1 0 0 0 
1 0 1 1 0 1 1 
1 1 0 1 0 0 0 
1 1 1 1 0 1 1 


TTL Abbreviation of TRANSISTOR-TRANSISTOR 
LOGIC. (Also, T?L.) 

TTT In radiotelegraphy, a signal indicating that a 
message concerning safety is to follow (equivalent 
to securite in radiotelephony). 

TTY Abbreviation of TELETYPE. 

T-type antenna See TEE ANTENNA. 

T-type attenuator See TEE PAD. 

tube 1. Generic term for any electron tube (e.g., 
vacuum tube, gas tube, cathode-ray tube, X-ray 
tube, etc.). 2. Glow lamp: argon bulb, neon bulb, 
mercury-vapor lamp, etc. 

tube capacitances The internal capacitances be- 
tween the elements of an electron tube. 

tube diode A two-element (cathode and anode) 
electron tube for current rectification. Also see 
DIODE. 

tube of flux A group of flux lines within a circular 
cross section. It can vary in diameter as the den- 
sity of the flux lines changes. 

tube parameters Operating coefficients of electron 
tubes (e.g., plate current, grid voltage, screen 
current, transconductance, amplification factor, 
etc.). 

tube tester An instrument for checking one or 
more of the parameters of an electron tube. 

tubular capacitor A fixed capacitor consisting of a 
wound section enclosed in a cylindrical can. 

tune 1. To adjust a selective circuit to accept or re- 
ject a signal. 2. To correct the natural frequency 
of vibration of a body. 3. To adjust a radio trans- 
mitter for optimum output. 4. To adjust the fre- 
quency of an oscillator—especially in a radio 
transmitter or receiver. 5. To adjust the resonant 
frequency of an antenna, antenna coupler, or an- 
tenna system. 

tuned AF amplifier 1. An audio amplifier that is 
continuously tunable over a band of frequencies. 
2. An audio oscillator that is set to a fixed, precise 
frequency. See, for example, PARALLEL-TEE AM- 
PLIFTER. 

tuned-base oscillator A self-excited, common- 
emitter connected, bipolar-transistor oscillator in 
which the tuned tank is in the base circuit. 

tuned circuit A (usually series-resonant or paral- 
lel-resonant) circuit adjusted to accept or reject a 
signal. Also see RESONANCE. 
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tuned-collector oscillator A self-excited, com- 
mon-emitter connected, bipolar-transistor oscil- 
lator in which the tuned tank is in the collector 
circuit. 


Output 


tuned-collector oscillator 


tuned coupler An antenna coupler (transmatch) 
that can be adjusted independently of the trans- 
mitter or receiver with which it is used. 

tuned dipole A half-wave, center-fed, resonant an- 
tenna. 

tuned feeders An antenna feed line that is ad- 
justed or trimmed so that the entire system (feed- 
ers and radiating element) is resonant at the 
transmitted-signal frequency. 

tuned headphones Headphones used in radio-teleg- 
raphy that are fix-tuned to a single audio frequency 
(e.g., 1 kHz) by means of a small parallel capacitor. 

tuned line An antenna wire or transmission line 
that provides a resistive load at a specific reso- 
nant frequency. 

tuned pickup A pickup circuit or device (such asa 
radio-frequency sampling coil) that is tuned to 
the signal frequency. 

tuned radio-frequency amplifier An amplifier cir- 
cuit that is continuously tunable over a specific 
band of radio frequencies. 

tuned radio-frequency receiver A radio receiver 
consisting only of a tuned-radio-frequency ampli- 
fier, detector, and audio amplifier. Compare SU- 
PERHETERODYNE RECEIVER. 

tuned reed A vibrating reed whose length, width, 
and/or thickness have been adjusted so that it 
vibrates naturally at a desired frequency. 

tuned-reed frequency meter An audio frequency 
meter using tuned metal reeds as the indicators. 
Also see POWER FREQUENCY METER, 2. 

tuned relay An electronic or electromechanical re- 
lay that closes at one frequency. See, for example, 
REED SWITCH, 1. 
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tuned signal tracer A signal tracer that can be 
tuned sharply to the frequency of the test signal 
being traced. 

tuned transformer An audio-frequency or radio- 
frequency transformer tuned via a capacitor in 
parallel with its primary winding and/or a capac- 
itor in parallel with it secondary winding. 

tuner A circuit or device that can be set to select 
one signal from a number of signals in a fre- 
quency band. 

tungsten Symbol, W. A metallic element. Atomic 
number, 74. Atomic weight, 183.85. Also called 
wolfram. It is used in switch and relay contacts, 
in the elements of some electron tubes, and in in- 
candescent-lamp filaments. 

tuning 1. Adjustment of the frequency of a receiver 
to intercept a signal on a given frequency. 2. Ad- 
justment of a transmitter oscillator to a desired 
frequency. 3. Adjustment of an inductance- 
capacitance circuit for resonance on a desired 
frequency. 4. Adjustment of an antenna or 
antenna system to a desired frequency. 5. Adjust- 
ment of a radio-frequency amplifier for optimum 
performance. 6. Alignment of a musical instru- 
ment for correct tone frequency. 

tuning capacitor A variable capacitor used to tune 
an  inductance-capacitance circuit (series- 
resonant or parallel-resonant). 

tuning coil A variable inductor used to tune an in- 
ductance-capacitance circuit (series-resonant or 
parallel-resonant). 

tuning core See TUNING SLUG. 

tuning diode See VOLTAGE-VARIABLE CAPACI- 
TOR, 1. 

tuning fork A metal device that vibrates at a pre- 
cise audio frequency when struck physically. It 
usually has two prongs and looks something like 
a fork. 

tuning-fork oscillator See FORK OSCILLATOR. 

tuning indicator 1. A meter or display that indi- 
cates when a receiver is properly tuned to the fre- 
quency of an incoming signal. 2. Sometimes, a 
bridge null detector. 

tuning meter A meter-type resonance indicator. 

tuning potentiometer A single or ganged poten- 
tiometer (depending on the circuit in which it is 
used) used to vary the frequency response of a 
resistance-capacitance-tuned circuit, such as 
the bridge-tee, parallel-tee or Wien-bridge 
circuit. 

tuning slug A powdered-iron core that slides or 
screws in and out of a coil to vary the inductance. 

tuning voltage An adjustable direct-current volt- 
age used to vary the capacitance of a varactor 
diode (serving as the capacitor in a tuned circuit). 

tuning wand See NEUTRALIZING TOOL. 

tunnel diode A specially processed junction diode 
whose forward conduction characteristic displays 
negative resistance. 

tunnel-diode amplifier A circuit that uses the 
negative-resistance properties of a tunnel diode 
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to produce gain. It is used primarily at ultra-high 
and microwave frequencies. 

tunnel-diode oscillator A circuit that uses the 
negative-resistance properties of a tunnel diode 
to produce oscillation at a specific frequency. It is 
used primarily at ultra-high and microwave fre- 
quencies. 

turbidimeter A device used to measure the turbid- 
ity (relative opaqueness) of liquids. 

turbidity meter See TURBIDIMETER. 

Turing machine A hypothetical model, conceived 
by Alan Turing in the 1930s, devised as an exer- 
cise in problem solving. In effect, it was a com- 
puter programming language with a limited 
instruction set, operating in a computer with infi- 
nite memory and storage capacity. 

Turing test A scheme devised by Alan Turing, de- 
signed to test computers for artificial intelligence 
(AI). If the machine can fool a person into think- 
ing it is another person most of the time, then the 
machine in effect “passes” the test, indicating 
that it has some Al. 

turn One complete loop of a coil. 

turnaround time 1. The length of time required for 
a repair to be performed. 2. The length of time re- 
quired for a computer program to be completed. 
3. The time required for a trans-ceiver to switch 
from the full-transmit to the full-receive condition. 

turn factor For a given inductor core, the number 
of turns (in a standard configuration) that results 
in an inductance of 1 H. 

turn-off time The time required for the operation 
of a circuit or device to cease completely after a 
signal or operating power has been removed. 
Compare TURN-ON TIME. 

turn-on time The time required for a circuit or de- 
vice to come up to full (normal) operation after 
application of a trigger or operating power. Com- 
pare TURN-OFF TIME. 

turnover pickup See DUAL PICKUP. 

turns ratio For a transformer, the ratio of the 
number of turns in the primary winding to the 
number of turns in the secondary winding. 

turnstile antenna A polyphase antenna that re- 
sembles a turnstile gate. 

turntable 1. The motor-driven, rotating platter on 
which a phonograph disc rests during recording 
or reproduction. 2. In a high-fidelity phonograph 
system, the assembly containing the platter, as 
defined in 1. 

turret tuner A television front-end tuner having a 
separate tuned-circuit section for each channel. 
Turning a knob rotates a desired section into po- 
sition against switch contacts. Also called DE- 
TENT TUNER. 

TV 1. Abbreviation of TELEVISION. 2. Abbreviation 
of terminal velocity. 

T/V Abbreviation of temperature to voltage. 

TV decoder A device for unscrambling a television 
broadcast that has been intentionally encrypted 
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to prevent its use by unauthorized viewers. See 
SUBSCRIPTION TV. 

TV ghost See GHOST. 

TVI Abbreviation of TELEVISION INTERFERENCE. 

TVL Amateur radio abbreviation of television lis- 
tener (looker). 

TVM Abbreviation of TRANSISTORIZED VOLT- 
METER. 

TVO Abbreviation of TRANSISTORIZED VOLT- 
OHMMETER. (Also, TVOM.) 

TVOM Abbreviation of TRANSISTORIZED VOLT- 
OHMMETER. (Also, TVO.) 

TV projector A combination electronic and optical 
device for projecting television images on a large 
screen. 

TV sound marker See SOUND MARKER. 

TVT Abbreviation of television terminal (computer 
peripheral). 

TW Abbreviation of TERAWATT. 

TWA Abbreviation of TRAVELING-WAVE AMPLI- 
FIER. 

tweeter A loudspeaker that favors the extreme tre- 
ble (high) audio frequencies, ranging from 4000 
or 5000 Hz to more than 20,000 Hz. Compare 
WOOFER. 

twin diode See DUAL DIODE. 

twinlead See FLAT-RIBBON LINE. 

twin line See FLAT-RIBBON LINE. 

twin meter See DUAL METER. 

twin-T measuring circuit See PARALLEL-TEE 
MEASURING CIRCUIT. 

twin-T network See PARALLEL-TEE NETWORK. 

twisted pair A simple wire line used for communi- 
cations. It consists of two wires twisted together 
to form a helix. 

twister A piezoelectric crystal, such as one of 
Rochelle salt, that generates a voltage when 
torqued. 

twistor A magnetic-memory element consisting of 
a winding of magnetic wire on a length of non- 
magnetic wire. 

two-channel amplifier See DUAL-CHANNEL AM- 
PLIFIER. 

two-channel recorder See DOUBLE-CHANNEL 
RECORDER. 

two-electrode amplifier See DIODE AMPLIFIER. 

two-electrode tube See TUBE DIODE. 

two-element amplifier See DIODE AMPLIFIER. 

two-element beam A Yagi antenna consisting of a 
driven element and one parasitic element. The 
parasitic element can be either a reflector, about 
5% longer than the resonant half wavelength at 
the operating frequency, or it can be a director, 
about 5% shorter than a half wavelength at the 
operating frequency. 

two-element tube An electron tube having two 
principal electrodes (i.e., a tube diode). 

two-five code See BIQUINARY CODE. 

two-phase Pertaining to circuits or devices in 
which two components (two voltages, two 
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currents, or a current and a voltage) are 90° out 
of phase with each other. 

two-phase system See QUARTER-PHASE SYSTEM. 

two-phase, three-wire circuit A circuit using three 
conductors, one of which (the common return) is 
90° out of phase with the other (outer) two. 

two-pincher gripper A simple robotic end effector 
using two tongs, and resembling large tweezers or 
needle-nosed pliers. It grasps objects by “pinch- 
ing” them. 

two-point tuning See DOUBLE-SPOT TUNING. 

two-space A two-dimensional mathematical con- 
tinuum in which each point is uniquely defined 
by two variables in an ordered pair, such as (x,y), 
and each ordered pair corresponds to exactly one 
point in the continuum. A common scheme is the 
Cartesian coordinate system; another scheme is 
the polar coordinate system. See CARTESIAN 
COORDINATES and POLAR COORDINATES. 

two-space coordinates A coordinate system for 
defining points in two-space. See CARTESIAN 
COORDINATES and POLAR COORDINATES. 
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two-state device A device having two stable states 
(e.g., a flip-flop). 

two-state logic Digital logic in which there are two 
possible conditions (called high and low, true and 
false, or 1 and 0). 

two-tone keying See FREQUENCY-SHIFT KEY- 
ING. 

two-track recording Recording on two adjacent 
tracks on magnetic tape. The separate recordings 
can be in the same direction (as in stereo) or in 
opposite directions. 

two-way amplifier An amplifier whose input and 
output terminals can be used interchangeably. 

two-way communication The exchange of mes- 
sages between two or more stations that transmit 
as well as receive. Compare ONE-WAY COMMU- 
NICATION, 1. 

two-way radio 1. Any form of TWO-WAY COMMU- 
NICATION using electromagnetic waves. 2. A ra- 
dio transceiver—especially one used for voice 
communication at very-high or ultra-high fre- 
quencies. 

two-way repeater In telephony, a device that am- 
plifies and retransmits a signal in either direc- 
tion. Also see TWO-WAY AMPLIFIER. 

two-way speaker A woofer/midrange speaker and 
a tweeter occupying the same enclosure, and in- 
terconnected by a crossover network for wide- 
band frequency response. 

TWT Abbreviation of TRAVELING-WAVE TUBE. 

TWX Abbreviation of TELETYPEWRITER EX- 
CHANGE. 

Twystron A form of microwave-oscillator tube, 
similar to the Klystron. 

Type A telephone line A telephone line serving 
one subscriber (as opposed to a party line). 
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U 1. Symbol for URANIUM. 2. Abbreviation of 
UNIT. 

u Symbol (ital.) for UNIFIED ATOMIC MASS UNIT. 

Ua Abbreviation of unit of activity  (electro- 
encephalography). 

UAM Abbreviation of underwater-to-air missile. 

ubiquitous carrier A current carrier (especially an 
electron) whose velocity is so high, or mechanism 
of transfer so subtle, that it appears to be in two 
places simultaneously. Thus, in the tunnel diode, 
during the interval of tunneling a single electron, 
appears to be on both sides of the barrier at the 
same time. 

Ubitron A tube in which a periodic magnetic field 
causes an electron beam to undulate. Through its 
transverse velocity component, the beam inter- 
acts with a radio-frequency wave, and its kinetic 
energy is converted into radio-frequency energy. 
The ubitron can be used as an amplifier or oscil- 
lator. 

UCT Abbreviation of UNIVERSAL COORDINATED 
TIME. 

UDC Abbreviation of universal decimal classifica- 
tion. 

UDOP Abbreviation of ultra-high-frequency Dop- 
pler. A 440-MHz phase-coherent tracking system 
used to determine the velocity and position of 
missiles and space vehicles. 

UEP Abbreviation of underwater electric potential. 

UFET Abbreviation of unipolar field-effect transis- 
tor. (Also, UNIFET.) See UNIPOLAR TRANSISTOR. 

UFO See UNIDENTIFIED FLYING OBJECT. 

UG Abbreviation of underground. 

UHF Abbreviation of ULTRAHIGH FREQUENCY. 

UHF adaptor See UHF CONVERTER, 1. 


UHF capacitor A button-type capacitor. Because 
of its unique design, it is an efficient bypass ca- 
pacitor at ultrahigh frequencies. 

UHF converter 1. A circuit, usually consisting ofa 
radio-frequency amplifier and mixer, for convert- 
ing ultra-high-frequency (UHF) signals to a lower 
band of frequencies. 2. A circuit for converting 
UHF television signals to very-high-frequency 
(VHF) signals so that they can be accommodated 
by an older (VHF only) television receiver. See 
UHF TELEVISION CHANNELS and VHF TELEVI- 
SION CHANNELS. 


UHF 


HF > HF 
amp. out 


Osc. 


UHF converter, 1 


UHF diode A semiconductor diode whose rectifica- 
tion efficiency is good at ultra-high frequencies. 
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UHF generator 1. An oscillating device (such as a 
transistor, tunnel diode, Klystron, or magnetron) 
used to produce radio-frequency energy at ultra- 
high frequencies (UHF). 2. The equipment in 
which such a device is used. 3. An ultra-high- 
frequency test-signal generator. 

UHF loop A (usually single-turn) loop antenna with 
a toroidal radiation pattern perpendicular to the 
loop; the antenna has a natural wavelength in the 
ultra-high-frequency (UHF) range. 

UHF receiver A receiver tunable to frequencies in 
any band in the range 300 MHz to 3000 MHz. 
UHF television channels Television channels 14 
through 69, whose frequencies lie in the ultra- 

high range. 

UHF transistor A transistor specially designed and 
fabricated for ultra-high-frequency (UHF) opera- 
tion. It is characterized by extended beta cutoff 
frequency, low junction capacitance, and fast re- 
covery time. 

UHF translator A television broadcast translator 
station transmitting in an ultra-high-frequency 
(UHF) channel. 

UHF transmitter A transmitter that is specially 
designed for operation at ultra-high frequencies. 
In such a transmitter, stray parameters are min- 
imized and special tubes or transistors are re- 
quired. 

UHF tube A vacuum tube specially designed for ul- 
tra-high-frequency operation. It is characterized 
by low interelectrode capacitance, low input and 
output capacitances, short electron transit time, 
and low lead inductance. 

UHF tuner 1. A superheterodyne receiver front end 
tunable in the ultra-high-frequency (UHF) range. 
It is usually arranged to deliver the mixer output 
to a lower-frequency receiver. 2. A television re- 
ceiver front end tunable to the UHF channels. 

UHR Abbreviation of ULTRA-HIGH RESISTANCE. 

U index The difference between consecutive daily 
mean values of the horizontal component of the 
geomagnetic field. 

UJT Abbreviation of UNIJUNCTION TRANSISTOR. 

UL 1. Abbreviation of UNDERWRITERS LABORA- 
TORIES. 2. Abbreviation of ULTRALINEAR. 

ULD Abbreviation of ULTRA-LOW DISTORTION. 

ULF Abbreviation of ULTRA-LOW FREQUENCY. 

U-line section A short section of coaxial cable or 
hardline having the shape of a squared U. 

ULSI See ULTRA-LARGE-SCALE INTEGRATION. 

ultimate attenuation The maximum attenuation 
in a circuit or device when it is operated outside 
its passband, or within its stopband. 

ultimately controlled variable In an automated 
system, the quantity or operation (e.g., liquid 
level, temperature, pressure, precision drilling, 
etc.), whose control is the end purpose of the sys- 
tem. 

ultimate-range ballistic missile A ballistic missile 
whose range is greater than half the earth’s cir- 
cumference (approximately 12,000 miles). 
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ultimate ratio The limiting value of a ratio (i.e., the 
value approached by a ratio). 

ultimate sensitivity 1. In an instrument or sys- 
tem, the maximum degree of perception of, or re- 
sponse to, a quantity or condition. 2. In a graphic 
recorder, half the deadband. 

ultimate threshold See ULTIMATE SENSITIVITY, 
2. 

ultimate trip current For a specified set of envi- 
ronmental conditions, the lowest value of current 
that will trip a circuit breaker. 

ultimate trip limits For a circuit breaker, the 
maximum and minimum current at which the 
breaker trips and drops out. 

ultor anode The second anode of a television pic- 
ture tube or oscilloscope tube. 

ultor element In a television picture tube, the ele- 
ment that receives the highest direct-current 
voltage. Also called ultor electrode. Also see UL- 
TOR ANODE. 

ultor voltage The high direct-current voltage ap- 
plied to the second anode of an oscilloscope tube or 
television picture tube. Also see ULTOR ANODE. 

ultra- A prefix meaning above, larger than, greater 
than, or higher than. See the following several def- 
initions for examples. 

ultra-atomic Pertaining to particles smaller than 
atoms (i.e., SUBATOMIC). 

ultra-audible frequency A frequency higher than 
the highest audible frequency. Also called ULTRA- 
SONIC FREQUENCY and supersonic frequency. 

ultra-audion oscillator See ULTRAUDION OSCIL- 
LATOR. 

ultracentrifuge A centrifuge that spins at a very 
high speed. 

ultrafast switch An electronic switch capable of 
microsecond operation. 

Ultrafax A system for high-speed transmission of 
printed matter by facsimile, radio, or television. 

ultra-high frequency A radio frequency in the 
range 300 MHz to 3000 MHz, corresponding to 
free-space wavelengths between 1 meter and 
10 centimeters. 

ultra-high-frequency band See UHF BAND. 

ultra-high resistance Resistance of 100 meg- 
ohms or higher. 

ultra-large-scale integration An integrated-circuit 
process that goes several orders of magnitude 
beyond VERY-LARGE-SCALE INTEGRATION. 
More than 4 x 10% transistors could be on a single 
chip. 

ultra-linear Pertaining to the most linear operation 
obtainable with state-of-the-art electronic equip- 
ment. 

ultra-linear amplifier A high-fidelity audio- 
frequency power amplifier having wide frequency 
response and very low distortion. 

ultra-low distortion Total harmonic distortion 
(THD) of less than 0.1 percent. 

ultra-low frequencies 1. Radio frequencies be- 
tween 300 Hz and 3 kHz, pertaining to 
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wavelengths between 1000 kilometers and 100 
kilometers. 2. Audio frequencies lower than those 
in the human hearing range. 

ultramicrometer An electronic instrument for ex- 
tremely small linear measurements. 

ultramicroscope An optical microscope using re- 
fracted light to illuminate minute particles. 

ultramicrowave Pertaining to wavelengths in the 
range 10° to 10° meter (300 GHz to 300 THz). 

ultraminiature See SUBMINIATURE. 

ultraphotic rays Collectively, infrared and ultravi- 
olet rays. 

ultrared rays See INFRARED RAYS. 

ultra-short waves Waves whose length correspond 
to ultra-high frequencies (i.e., wavelengths be- 
tween 0.1 and 1 meter). 

ultrasonic Of higher frequency than those that are 
audible (supersonic). See, for example, ULTRA- 
SONIC FREQUENCY. 

ultrasonic bonding A method of bonding metal by 
means of physical vibration at frequencies above 
the human hearing range. 

ultrasonic brazing Forming a nonporous bond be- 
tween metal parts through the use of ultrasonic 
energy and a second, different metal (or alloy) 
having a lower melting point. 

ultrasonic cleaning A method of cleaning delicate 
or intricately structured items (such as dentures, 
contact lenses, or jewelry) in which the soiled 
items are immersed in a fluid that is agitated by 
ultrasonic transducers; the foreign particles are 
shaken away. 

ultrasonic cleaning tank A thick-walled stainless- 
steel tank with ultrasonic transducers mounted 
within its walls and used for ultrasonic cleaning. 

ultrasonic coagulation The coagulation of a sub- 
stance through ultrasonic agitation. 

ultrasonic communication Underwater tele- 
graphic communication between ships and/or 
submarines by keying the echo-ranging sonar 
equipment. 

ultrasonic delay line A delay line, such as the 
mercury type, through which an ultrasonic signal 
is propagated. The delay results from the rela- 
tively slow propagation of the ultrasonic wave 
through the substance in the line. 

ultrasonic densitometer A density-measuring ap- 
paratus whose operation is based on the time re- 
quired for an ultrasonic signal to penetrate the 
material under test, or for the signal to penetrate 
the material and be reflected back to the trans- 
mitter. 

ultrasonic depth finder See ACOUSTIC DEPTH 
FINDER. 

ultrasonic detector A device that responds to ul- 
trasonic waves by indicating their presence, in- 
tensity, and/or frequency. 

ultrasonic diagnosis The medical determination of 
the condition of tissues or structures within the 
body, in terms of reflection of ultrasonic waves by 
those tissues or structures. The technique is use- 


ful in situations where other techniques, such as 
radiology or the use of catheter probes, are risky. 
Also see ULTRASOUND. 

ultrasonic disintegrator In biology and related 
fields, a device that uses ultrasonic energy to rup- 
ture or shatter cells, tissues, or foreign bodies, 
such as kidney stones. 

ultrasonic drill A drill running at speeds corre- 
sponding to ultrasonic frequencies. The tool is 
valuable in drilling hard or brittle materials and 
in dentistry. 

ultrasonic filter 1.A bandpass filter whose opera- 
tion is based on the natural (ultrasonic) vibration 
frequency of small disks or rods of magnetostric- 
tive metal. See MAGNETOSTRICTION. Also called 
mechanical filter. 2. Generally, a filter operating 
at ultrasonic frequencies. 

ultrasonic flaw detector A system analogous to 
radar, in which an ultrasonic wave is transmitted 
through a solid material and is reflected back to a 
detector and display device to reveal flaws, 
cracks, and strain in the material. 

ultrasonic frequency For an acoustic distur- 
bance, any frequency above the limit of human 
hearing (higher than 20 kHz). 

ultrasonic generator 1. An oscillator that operates 
at frequencies above the range of human hearing, 
and the output of which is intended for coupling 
to an electroacoustic transducer. 2. Any device 
that produces ultrasonic waves. 

ultrasonic grating constant For a sound wave 
producing a diffraction spectrum, a figure indi- 
cating the distance between diffracting centers of 
the wave. 

ultrasonic heating The production of heat in a 
specimen by means of ultrasonic energy directed 
into or through it. 

ultrasonic image converter A device that makes 
visible acoustic field patterns. 

ultrasonic inspection The use of ultrasonic waves 
to detect internal flaws in solid materials, such as 
metals. It is valued particularly because it is non- 
destructive. Also see ULTRASONIC FLAW DE- 
TECTOR. 

ultrasonic intrusion alarm A security system ac- 
tivated when an intruder disturbs a pattern of ul- 
trasonic waves in the protected area; a sensitive 
relay closes, setting off an alarm. 

ultrasonic level detector A level-monitoring sys- 
tem in which an ultrasonic transmitter and de- 
tector are mounted together on one wall of a tank 
or chamber. When the tank is empty, the trans- 
mitted signal is reflected by the opposite wall 
back to the detector. When the liquid rises, the 
reflection time is reduced; this change is used to 
operate a device that indicates that the tank has 
been filled to a desired level. 

ultrasonic light diffraction Diffraction resulting 
from the periodic variation of light refraction 
when a beam of light passes through a longitudi- 
nal sound-wave field. 
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ultrasonic light modulator A device that modu- 
lates a light beam passing transversely through a 
fluid agitated by sound waves. 

ultrasonic material dispersion The use of the ag- 
itative action of high-intensity ultrasonic waves 
to disperse or emulsify one substance in another. 

ultrasonic plating The use of ultrasonic energy to 
deposit or bond one material onto the surface of 
another. 

ultrasonic probe A rodlike director of ultrasonic 
energy. 

ultrasonic relay An electronic relay actuated by 
ultrasound. 

ultrasonics 1. The use of high-frequency acoustic 
energy in industry, medicine, research, and the 
home. See ULTRASONIC FREQUENCY. 2. The 
use of high-frequency acoustic energy for medical 
diagnosis and treatment. 3. The branch of 
physics dealing with the effects and behavior of 
acoustic disturbances at frequencies above the 
range of human hearing. 

ultrasonic soldering See ULTRASONIC BRAZING. 

ultrasonic sounding Determining the depth of a 
body of water in terms of the time taken for a 
transmitted ultrasonic signal to be reflected back 
to a transmitting point on the surface of the water. 

ultrasonic space grating A periodic variation in 
the index of refraction when acoustic waves are 
present in a light-transmitting medium. Also see 
ULTRASONIC LIGHT DIFFRACTION. 

ultrasonic storage cell See ULTRASONIC DELAY 
LINE. 

ultrasonic stroboscope A stroboscope that uses 
an ultrasonically modulated beam of light. 

ultrasonic switch An electronic switch actuated 
by ultrasound. 

ultrasonic therapy The use of ultrasonic energy in 
medicine for treatment of certain disorders. 

ultrasonic thickness gauge An instrument that 
determines the thickness of a specimen in terms 


ultrasonic transducer A transducer that converts 
electrical energy into ultrasonic energy, or vice- 
versa. Common types are the quartz crystal, ce- 
ramic crystal, and magnetostrictive disk. 

ultrasonic waves Acoustic waves whose length 
corresponds to ultrasonic frequencies (i.e., fre- 
quencies above 20 kHz). 

ultrasonic welding A below-melting-point tech- 
nique of joining two metallic bodies by clamping 
them tightly together and applying ultrasonic en- 
ergy, rather than heat, in the plane of the desired 
weld. Compare ULTRASONIC BRAZING. 

ultrasonic whistle A whistle whose pitch is be- 
yond the range of human hearing. Although some 
are of the simile (blown) type, others are (usually 
miniature) electronic sound generators. These de- 
vices can be used for the remote control of televi- 
sion receivers, garage-door openers, and other 
equipment. 

ultrasonography A method of examining human 
tissues or organs by transmitting ultrasonic 
waves into the body and receiving the echoes. 

ultrasound 1. Acoustic disturbances at frequen- 
cies above 20 kHz. 2. See ULTRASONIC FRE- 
QUENCY. 3. See ULTRASONOGRAPHY. 

ultraviolet 1. Electromagnetic radiation at wave- 
lengths somewhat shorter than those of visible 
light. Longwave or near ultraviolet extends from 
approximately 390 nanometers (nm) down to 
50 nm. Shortwave or far ultraviolet extends from 
50 nm down to 4 nm. 2. Pertaining to the behav- 
ior and effects of electromagnetic radiation in the 
range of approximately 390 nm to 4 nm. 
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ultraviolet 


ultraviolet altimeter An altimeter that uses ultra- 
violet rays instead of radio waves to determine the 
altitude of an aircraft or spacecratt. 
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ultraviolet lamp A lamp that delivers ultraviolet 
rays. Common types are arc lamps and mercury- 
vapor lamps. 

ultraviolet light See ULTRAVIOLET RAYS. 

ultraviolet power The power (in watts) of ultravio- 
let radiation. 

ultraviolet rays Radiation at frequencies in the ul- 
traviolet region (i.e., between the highest visible- 
light frequencies and the lowest X-ray frequencies). 

ultraviolet therapy The use of ultraviolet rays by 
physicians and other health personnel in the 
treatment of certain disorders. 

ultraviolet wavelength The wavelength range of 
ultraviolet radiation [e.g., 390 nanometers (nm) 
to 4 nm]. 

ultraviolet waves See ULTRAVIOLET RAYS. 

umbilical cord 1. A cord through which missiles 
and rockets are controlled and powered until they 
are launched. 2. A cord connecting an astronaut 
to his space vehicle during extravehicular activity 
(e.g., during a space “walk”). 

umbilical tower The vertical tower supporting the 
umbilical cords extending to a rocket in the 
launch position. 

umbra 1. The region of total (conical) shadow be- 
hind an object situated in the path of a radiation. 
2. The comparatively dark central region in a 
sunspot. 

umbrella antenna An antenna consisting of a 
number of wires, extending from the top of a ver- 
tical mast to points on a circle below, at the cen- 
ter of which the mast is mounted. The wires are 
usually fed in parallel from the top. 

Umklapp process A process responsible for ther- 
mal resistance in nonconducting materials. It re- 
sults from collision between phonons, or 
phonons and electrons. 

UMW Abbreviation of ULTRAMICROWAVE. 

unabsorbed field strength The field strength with 
no absorption between transmitter and detector. 
The unabsorbed field strength is an ideal quan- 
tity; the actual field strength over a given distance 
is always less. It is expressed in volts per meter. 

unamplified back bias A negative-feedback volt- 
age developed across a fast-time-constant circuit 
within a single amplifier stage. 

unamplified feedback A positive or negative cur- 
rent or voltage taken from the output of a system 
and presented to the input without being boosted 
through auxiliary amplification. 

unamplified ALC Automatic level control (ALC) in 
which the control-signal voltage is taken from a 
point in the circuit and fed to the controlled point 
without being boosted by an auxiliary amplifier. 
Compare AMPLIFIED ALC. 

unattended operation Operation, as of an elec- 
tronically programmed machine, with minimal (or 
no) human supervision. 

unattended time The period, excluding down time 
for repair or checkout, during which a computer 
is unpowered. 
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unattenuated Not reduced in intensity of ampli- 
tude. Thus, an unattenuated signal is one that 
has retained its original strength during its trans- 
mission through a system. 

unavailable energy The difference between the 
quantity of heat energy supplied to a system and 
the available energy of the system. 

unbalance 1. Lack of balance or symmetry in a cir- 
cuit, line, or system. 2. The condition in which a 
bridge (or the equivalent) is not nulled. 

unbalanced circuit See SINGLE-ENDED CIRCUIT. 

unbalanced delta system A three-phase circuit in 
which the elements are connected in a triangular 
(delta) configuration, but are of unequal 
impedance. In an unbalanced delta system, no 
definite relationship exists between line and 
phase currents. Compare BALANCED DELTA 
SYSTEM. 

unbalanced input See SINGLE-ENDED INPUT. 

unbalanced line 1. A transmission line in which 
one side (conductor) is grounded (e.g., a coaxial 
line). 2. A normally balanced transmission line in 
which the currents in the two halves are out of 
balance (i.e., they are not equal in amplitude and 
opposite in phase). 

unbalanced multivibrator A multivibrator in 
which the time constant of one base or gate cir- 
cuit differs from that of the other base or gate cir- 
cuit. The asymmetry results in short-duration 
output pulses separated by long time periods. 

unbalanced output See SINGLE-ENDED OUTPUT. 

unbalanced two-phase system A two-phase cir- 
cuit in which the load elements are of unequal 
impedance. 

unbalanced wire circuit A wire line whose (two) 
sides are dissimilar. 

unbalanced-wye system A three-phase circuit in 
which the elements are connected in the familiar 
wye, or star, configuration, but are of unequal 
impedance. 

unbalanced-Y system See UNBALANCED-WYE 
SYSTEM. 

unbalance-to-balance transformer A transformer 
for matching an unbalanced transmission line to 
a balanced line (e.g., a coaxial line to a parallel- 
wire line). 

unbiased limiting Peak limiting that results from 
overdriving an unbiased active device. 

unbiased unit A device or circuit operated without 
bias [e.g., a transistor without base bias (common 
emitter and emitter follower) or emitter bias (com- 
mon base)]. 

unblanking Removal of the blanking pulse in a 
cathode-ray-tube circuit (i.e., turning on the 
beam). 

unblanking generator A (usually pulse-type) sig- 
nal source for turning on the beam of a blanked 
cathode-ray tube. 

unblanking interval The period during which the 
beam of a cathode-ray tube is turned on. Com- 
pare BLANKING INTERVAL. 
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unblanking pulse A pulse that turns on the beam 
of a blanked cathode-ray tube. Compare BLANK- 
ING PULSE. 

unblanking time 1. See UNBLANKING INTERVAL. 
2. The instant at which unblanking begins. 

unbonded strain gauge A strain gauge that is not 
directly attached (by cement, for example) to the 
strained surface. 

unbound electron A free electron (i.e., an electron 
not confined to a shell within an atom). 

unbuffered output An output (signal, power, etc.) 
that is delivered directly from the generating de- 
vice without the benefit of an isolating stage, 
such as a buffer amplifier. Compare BUFFERED 
OUTPUT. 

unbypassed emitter resistor In a common-emit- 
ter transistor circuit, an emitter resistor without 
a bypass capacitor. The flow of output-signal cur- 
rent through the resistor produces negative feed- 
back within a single stage. 


-Vcc 


unbypassed emitter resistor (Rx) 


unbypassed source resistor In a common-source 
field-effect transistor circuit, a source resistor 
without a bypass capacitor. The flow of output- 
signal current through the resistor produces neg- 
ative feedback within a single stage. 

uncage In a displacement gyroscope system, to 
disconnect the erection circuit. 

uncalibrated unit A component, circuit, or instru- 
ment that has never been calibrated or has not 
recently been calibrated and, hence, is of ques- 
tionable accuracy. 

uncanny valley According to a theory put forth by 
certain Japanese roboticists, a phenomenon that 
can occur among people as technology advances. 
As machines rapidly get more sophisticated, a 
point is reached at which their human users be- 
come unnerved, partially offsetting the advan- 
tages the technology has to offer. 

uncased choke See UNSHIELDED CHOKE. 
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uncased transformer See UNSHIELDED TRANS- 
FORMER. 

uncertainty in computation The degree of doubt 
concerning the exactness of computations. This 
uncertainty is always greater than that of the 
roughest measurement used in obtaining data for 
the computation. Uncertainty is closely related to 
the tolerance of the instruments and formulas 
used. 

uncertainty in measurement The estimated max- 
imum amount whereby the numerical value of a 
measured quantity can differ from the true value. 

uncertainty principle The observation that high 
precision in the location of an electron is obtain- 
able only at a sacrifice in the accuracy with which 
the momentum of the electron can be deter- 
mined, and vice versa. 

uncharged Without an electric charge, as opposed 
to discharged (depleted of a charge). 

unclamp To switch off clamping action in a circuit. 
See CLAMPER and CLAMPING. 

uncoated filament 1. A plain filament (i.e., one 
without a coating of electron-increasing material). 
2. A stripped filament (i.e., one from which the 
electron-increasing coating has been burned off). 

uncompensated Not modified to produce a desired 
type of performance, such as increased band- 
width or reduced temperature sensitivity. Exam- 
ple: an uncompensated amplifier put into service 
in the (wide) video band. Compare COMPEN- 
SATED AMPLIFIER, COMPENSATED CAPACI- 
TOR, and COMPENSATED DIODE DETECTOR. 

uncompensated amplifier An amplifier without a 
provision for the automatic or manual modifica- 
tion or correction of its response. Compare COM- 
PENSATED AMPLIFIER. 

uncompensated capacitor A fixed or variable ca- 
pacitor without a provision for the automatic or 
manual correction or modification of its capaci- 
tance or range or the improvement of its tem- 
perature coefficient. Compare COMPENSATED 
CAPACITOR. 

uncompensated inductor A fixed or variable in- 
ductor without a provision for the automatic or 
manual correction or modification of its induc- 
tance or range or the improvement of its temper- 
ature coefficient. 

uncompensated resistor A fixed or variable resis- 
tor without a provision for the automatic or man- 
ual correction or modification of its resistance or 
range or the improvement of its temperature coef- 
ficient. 

unconditional 
JUMP. 

unconditional jump In computer operations, a pro- 
gram instruction that interrupts, without a rela- 
tional test being made, the normal, ordered 
sequence of instructions and gives the address of 
(usually) the first instruction in a subroutine [e.g., 
BASIC’s GOTO (line number)]. Also called uncondi- 
tional branch. Compare CONDITIONAL JUMP. 


branch See UNCONDITIONAL 
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unconditional stability Stability of a system at all 
frequencies and ages. Also called absolute 
stability. 

unconditional 
JUMP. 

uncontrolled multivibrator A multivibrator that 
is not synchronized with a signal source. Also 
called ASTABLE MULTIVIBRATOR and FREE- 
RUNNING MULTIVIBRATOR. 

uncontrolled oscillator See SELF-EXCITED OS- 
CILLATOR. 

uncorrected power In an alternating-current cir- 
cuit, a power value calculated without regard for 
power factor (i.e., the volt-ampere product). 

uncorrected time Local standard time that has 
not been corrected in terms of the distance of the 
locality from the nearest standard-time meridian. 

uncorrected tube A television picture tube oper- 
ated without antipincushioning magnets. 

uncoupled mode A mode of vibration existing in a 
system concurrent with (but independent of) 
other modes. 

undamped galvanometer A galvanometer for 
which no provision has been made to limit over- 
swing or prevent oscillation. 

undamped meter 1. A meter for which no provi- 
sion has been made to limit overswing or prevent 
oscillation. 2. A meter that is unprotected by a 
short circuit for limiting vibratory movement of 
the pointer during transport. 

undamped natural frequency In the absence of 
damping, the oscillation frequency of a system 
having one degree of freedom when a transient 
force displaces the system momentarily from its 
position of rest. 

undamped oscillation Continuous-wave oscilla- 
tion. Also see CONTINUOUS WAVE. 

undamped output circuit An audio power-ampli- 
fier output circuit that has not been designed so 
that overswing of the loudspeaker cone is pre- 
vented. 

undamped speaker enclosure A loudspeaker cabi- 
net for which provision has not been made to 
deaden resonances and other undesired vibration. 

undamped wave See CONTINUOUS WAVE. 

undeflected beam A cathode-ray beam or a light 
beam in its normal position of rest (quiescence). 

underbiased unit A component, such as a transis- 
tor or vacuum tube, whose bias voltage or current 
is lower than the prescribed value. Compare 
OVERBIASED UNIT. 

underbunching Less-than-optimum bunching of 
electrons in a velocity-modulated tube because of 
lowered buncher voltage. 

undercompounded generator A generator in 
which the output voltage varies inversely with 
load resistance. 

undercoupling Loose coupling, usually of an 
amount insufficient for optimum signal transfer. 

undercurrent A current of lower than specified 
strength. Compare OVERCURRENT. 


transfer See UNCONDITIONAL 


undercurrent relay A relay that is actuated when 
coil current falls below a predetermined level. 

undercut The removal of the metal under the edge 
of the resist in a printed circuit by the etchant; 
thus the cross section of the conductor is re- 
duced. 

undercutting A phonograph-disc groove that is 
cut too shallow or with reduced internal move- 
ment of the recording stylus. 

underdamping Insufficient damping of a system 
(i.e., not enough to prevent output oscillation fol- 
lowing application of a transient force). 

underdriven unit An amplifier, oscillator, or 
transducer whose driving signal (current, voltage, 
power, or other quantity) is lower than the pre- 
scribed value. Compare OVERDRIVEN UNIT. 

underexcited Receiving lower-than-normal excita- 
tion, as in an underdriven final amplifier of a ra- 
dio transmitter. Compare OVEREXCITED. 

underflow In computer operations, the condition 
in which a quantity entered into storage is 
shorter than the space provided for it (e.g., a 12- 
digit quantity in a 16-position register). 

underground antenna A transmitting or receiving 
antenna installed and operated below ground. In- 
cluded are buried antennas and antennas on 
equipment operated in tunnels, cellars, and sim- 
ilar areas. 

underground cable A cable that is buried in the 
earth. 

underground communication Communication 
between a transmitter and receiver, both below 
the surface of the earth. 

underground image The below-ground mirror im- 
age of an antenna; it combines with the actual 
antenna to form the complete radiation pattern. 

underground line A power line laid below the sur- 
face of the earth. 

underground receiver 1. A receiver situated com- 
pletely below the surface of the earth. 2. A clan- 
destine receiver. 

underground reception Reception of an above- 
ground station’s transmissions by an under- 
ground receiver. Compare UNDERGROUND 
COMMUNICATION. 

underground transmitter 1. A transmitter situ- 
ated completely below the surface of the earth. 2. 
A clandestine transmitter. 

under insulation The insulation (usually a strip of 
tape) laid under a wire brought up from the cen- 
ter of a coil. 

underinsulation Inadequate or insufficient insula- 
tion. 

underlap In a facsimile or television picture, a 
crowding of the scanned lines. 

underload circuit breaker See CIRCUIT BREAKER. 

underloaded amplifier 1. An amplifier whose load 
resistance (impedance) is less than the pre- 
scribed value. 2. A power amplifier delivering less 
than its rated output power. Compare OVER- 
LOADED AMPLIFIER. 
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underload relay A relay actuated when circuit cur- 
rent drops below a predetermined value. Com- 
pare OVERLOAD RELAY. 

undermodulation Incomplete modulation of a car- 
rier wave. Compare COMPLETE MODULATION 
and OVERMODULATION. 

underpass The crossing of two conductors on a 
semiconductor wafer, without an electrical con- 
nection. 

underpower relay A relay actuated when power 
drops below a predetermined level. Compare 
OVERPOWER RELAY. 

underrate To assign a rating (e.g., current or 
power) lower than the quantity of the rating an 
equipment can handle, or tolerate. For safety or 
reliability, apparatus sometimes is deliberately 
underrated—especially in power output and max- 
imum current or voltage. 

undershoot On an oscilloscope screen or graph, a 
momentary swing of a current or voltage below 
the reference axis. Compare OVERSHOOT. 
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undershoot distortion Distortion caused by re- 
duction of the maximum amplitude of a signal 
wavefront below the steady-state amplitude that 
would be reached by a prolonged signal wave. 

understudy See BACKUP. 

underthrow A form of signal distortion that occurs 
when the modulating-waveform frequency is too 
high in proportion to the frequency of the wave it- 
self. 

undervoltage A voltage of lower than specified 
value. Compare OVERVOLTAGE. 

undervoltage protection The automatic discon- 
nection of a load device from its driving source 
when the driving voltage falls below a predeter- 
mined (threshold) level. This action is sometimes 
accomplished with a Zener diode (whose break- 
down voltage is equal to the threshold voltage) in 
series with a disconnect relay. 

undervoltage relay A relay actuated when voltage 
drops below a predetermined level. Compare 
OVERVOLTAGE RELAY. 
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underwater antenna A transmitting or receiving 
antenna normally operated in a body of water. It 
is usually associated with a submarine. 

underwater sound projector A hydroacoustic 
transducer that converts audio-frequency power 
into sound waves, which it radiates through a 
body of water to a receiver. 

Underwriters Code The advisory National Electri- 
cal Code adopted by the National Fire Protection 
Association; it is often enforced by courts of law 
and inspection agencies. 

Underwriters Laboratories Abbreviation, UL. A 
private corporation that issues standards of 
safety for electrical components and equipment, 
and for their operation. 

undistorted power output For active amplifier de- 
vices, a specified maximum audio power output 
level at which the total distortion does not exceed 
a specified low value (i.e., at which operation is 
practically distortionless). 

undistorted wave 1. A sine wave that contains es- 
sentially no harmonic energy. 2. A nonsinusoidal 
wave whose shape corresponds exactly to the 
equation for the wave. 

undisturbed-one output In digital-memory opera- 
tions, the one-output of a magnetic cell or other 
memory unit that has received a full, rather than 
partial, read pulse. Compare UNDISTURBED 
OUTPUT SIGNAL. 

undisturbed output signal In digital-memory op- 
erations, the output of a magnetic cell or other 
memory unit previously set to one or zero, and 
that has received a full, rather than partial, read 
pulse. Also called undisturbed response voltage. 

undisturbed response voltage See UNDIS- 
TURBED OUTPUT SIGNAL. 

undisturbed-zero output In digital-memory oper- 
ations, the zero-output of a magnetic cell or other 
memory unit that has received a full, rather than 
partial, read pulse. Compare UNDISTURBED 
OUTPUT SIGNAL. 

Universal Truth Machine (UTM) A hypothetical 
computer capable of proving any logically true 
statement. According to the Incompleteness The- 
orem proved in 1930, such a machine cannot ex- 
ist for a first-order logical system. 

undoped Pertaining to a pure semiconductor ma- 
terial (i.e., one containing no lattice-altering addi- 
tives). 

undulating current A current, such as an alter- 
nating or composite current, whose value oscil- 
lates in the manner of a wave. 

undulation A wavelike alternation. 

undulatory theory The theory that light is transmit- 
ted by means of an undulating (wavelike) move- 
ment between the luminous object and the eye. 

unequal alternation In an alternating-current 
waveform, a form of asymmetry in which the pos- 
itive and negative half-cycles are not exact mirror 
images; they might vary in peak amplitude, dura- 
tion, shape, etc. 


de 


5059F-pU-700-715 


4/10/01 9:53 AM Page 708 


708 unexpected halt + unidirectional response 


Positive 
half-cycles 


Amplitude 


Time 


Negative 
half-cycles 


unequal alternation 


unexpected halt During a computer program run, 
an undirected (unplanned) halt (e.g., one caused 
by a machine fault or program bug). 

unfiltered Not having been subjected to filtering 
action. An example is the pulsating-direct- 
current output of an alternating-current-operated 
rectifier circuit. 

unfocused light source Ina photoelectric system, 
a light source that delivers diffused light. 

unformed rectifier A newly fabricated semicon- 
ductor rectifier (especially selenium) or an elec- 
trolytic rectifier before it has been electroformed 
for improved characteristics. 

unfurlable antenna An antenna that can be un- 
rolled to increase its length, thereby lowering its 
fundamental resonant frequency; it can also be 
rolled up to decrease its length and increase its 
fundamental resonant frequency. 

ungrounded item A component, circuit, or circuit 
point having no connection to ground, except an 
inadvertent one through common impedances or 
leakage paths. 

ungrounded system A system operated entirely 
above ground, any path to ground being acciden- 
tal. 

unguided Without electronic guidance (pertaining 
to missiles, rockets, satellites, etc.). 

uni- A prefix (combining form) meaning one or sin- 
gle and appearing in a number of electronic 
terms. See the following several definitions for ex- 
amples. 

uniaxial 1. Having one axis. 2. Referred to one axis. 

uniaxial crystal A crystal having one optical axis. 

unibivalent electrolyte An electrolyte, such as 
sodium carbonate (Na2CO3), that dissociates into 
two univalent ions and one bivalent ion. 
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Unicode Trade name for a 16- or 32-bit binary dig- 
ital code that allows for the representation of 
characters and glyphs in all the written lan- 
guages of the world. The 16-bit code contains 
65,536 code points; the 32-bit version contains 
more than 1 million code points. 

uniconductor cable A cable having a single con- 
ductor, usually of braided or twisted wires. 

uniconductor waveguide A waveguide consist- 
ing of a metal sheath deposited on a solid di- 
electric of cylindrical or rectangular cross 
section. 

unidentified flying object Abbreviation, UFO. An 
object claimed to have been seen in flight, but not 
identified by reliable authorities as any known 
type of vehicle. 

unidirect To commutate (see COMMUTATOR). 

unidirectional 1. Flowing or acting in one direc- 
tion only. 2. Having a radiation or response sen- 
sitivity that is maximum in primarily one 
direction in space. 

unidirectional antenna See UNIDIRECTIONAL 
ARRAY. 

unidirectional array A beam antenna that radi- 
ates in one direction only, or principally in one di- 
rection, unless rotated. 

unidirectional conductivity Electrical conductiv- 
ity in only one direction; it characterizes an ideal 
diode. 

unidirectional coupler A directional coupler sam- 
pling only one direction of transmission. 

unidirectional current A current that flows al- 
ways in the same direction, although it might 
fluctuate in intensity. 

unidirectional elements Circuit elements, such 
as diodes or transistors, that transmit energy in 
only (or best in) one direction. 

unidirectional field-effect transistor See UNI- 
LATERAL FIELD-EFFECT TRANSISTOR. 

unidirectional hydrophone An underwater unidi- 
rectional microphone. 

unidirectional loudspeaker A loudspeaker that 
radiates sound substantially in one direction. 

unidirectional microphone A microphone that re- 
ceives sound waves from one direction, usually 
from the front, minimum response usually being 
from the sides and back. 

unidirectional network A network that transmits 
signals in only one direction (i.e., the input and 
output terminals are not interchangeable). 

unidirectional pattern For a transducer (such as 
an antenna, speaker, or microphone), a radiation 
or response pattern that shows a pronounced 
maximum in one direction only. 

unidirectional pulse A single-polarity pulse. 

unidirectional pulse train A series of unidirec- 
tional pulses. 

unidirectional response For a receiving trans- 
ducer, such as an antenna or microphone, a 
response pattern that shows a pronounced 
maximum in one direction only. 
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unidirectional speaker See UNIDIRECTIONAL 
LOUDSPEAKER. 

unidirectional transducer A transducer that op- 
erates in one direction only (i.e., its input and 
output cannot be interchanged). 

unidirectional voltage A voltage that never changes 
polarity, although it might fluctuate in value. 

UNIFET Abbreviation of UNIPOLAR FIELD- 
EFFECT TRANSISTOR. (Also, UFET.) 

unified-field theory A theory, as yet unproved, 
that all forces in nature are interrelated and are 
controlled by the same causes and factors. Albert 
Einstein worked on this theory after he success- 
fully developed the theories of relativity. 

unifilar Having (or wound as) one fiber, wire, fila- 
ment, or thread. 

unifilar magnetometer A magnetometer in which 
a bar is suspended at its center of gravity by a 
single thread. 

unifilar suspension A method of meter construc- 
tion in which the moving part is suspended by a 
single filament. The torque might be provided by 
this filament or by a spring or other resisting de- 
vice; the greater the displacement, the greater the 
torque. 

uniform circular motion Motion at a uniform rate 
and describing a circle (e.g., a motor armature ro- 
tating at a constant speed). 

uniform electric field An electric field in which all 
the lines of flux are straight and parallel, and in 
which the electrostatic force has the same value 
at all points (e.g., the field between two oppositely 
charged, flat, parallel plates). 

uniform field See UNIFORM ELECTRIC FIELD 
and UNIFORM MAGNETIC FIELD. 

uniform frequency response Frequency response 
that is flat throughout a specified range. Such re- 
sponse is characterized by the transmission of a 
signal with no introduced amplitude or phase 
distortion. 


709 


uniform line A transmission line having identical 
electrical properties over its entire length. 

uniform magnetic field A magnetic field in which 
all the lines of flux are straight and parallel, and 
in which the magnetic force has the same value at 
all points. 

uniform plane wave A free-space plane wave at an 
infinite distance from the generator, having con- 
stant-amplitude electric and magnetic field vec- 
tors over the equiphase surfaces. 

uniform precession In regions of the uniform 
magnetic field of a sample of material, the state in 
which the magnetic moments of all atoms are 
parallel and precess in phase around the mag- 
netic field. 

uniform waveguide A waveguide having constant 
electrical and physical characteristics along its 
axis. 

uniground 1. The grounding of a circuit at one 
point to reduce susceptibility to hum and noise. 
2. The point at which such a connection is made. 

unijunction transistor A semiconductor device 
consisting of a thin silicon bar on which a single 
pn junction acting as an emitter is formed near 
one end. Two bases are provided—each an ohmic 
connection made to one end of the bar. Also 
called double-base diode. 


Pictorial 
Base 1 y, E Base 2 
Emitter 
Base 1 
Emitter 
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unijunction transistor 


unilateral area track A film sound track having 
modulation on only one edge of the opaque area. 

unilateral bearing In radio direction finding, a 
bearing obtained with a finder that produces uni- 
lateral response and thereby eliminates 180- 
degree error. 

unilateral conductivity See UNIDIRECTIONAL 
CONDUCTIVITY. 

unilateral element See 
ELEMENTS. 

unilateral field-effect transistor A field-effect 
transistor whose source and drain terminals can- 
not be interchanged. Also called ASYMMETRICAL 
FIELD-EFFECT TRANSISTOR. Compare SYM- 
METRICAL FIELD-EFFECT TRANSISTOR. 
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unilateralization A system of neutralization used 
in transistor amplifiers at very-high and ultra- 
high frequencies, in which the internal capacitive 
and resistive components are compensated by 
the neutralization feedback. 

unilateralized amplifier A transistor amplifier in 
which both the internal resistive and capacitive 
components are compensated by the neutralizing 
circuit. Also see UNILATERALIZATION. 

unilateral network See UNIDIRECTIONAL NET- 


WORK. 
unilateral transducer See UNIDIRECTIONAL 
TRANSDUCER. 


uninterruptible power supply Abbreviation, UPS. 
A device that provides a continuous utility cur- 
rent to electronic devices in the event of a utility 
power dip or blackout. It contains a battery and a 
power inverter. These devices are used exten- 
sively in personal computing to prevent loss of 
data that could otherwise result from a utility 
power failure. 

union 1. The logical inclusive-OR operation. 2. See 
BOND, 1. 

union catalog In computer operations, the com- 
piled list of the contents of two or more tape or 
disk libraries. 

unionic material A material having no ions (i.e., 
one in which all atoms are neutral). 

uniphase antenna See COLLINEAR ANTENNA. 

UNIPOL Acronym for universal problem-oriented 
language, a high-level computer-programming 
language. 

unipolar 1. Having or using a single pole or polar- 
ity. 2. Operating with one class of current carrier. 

unipolar armature An electric-motor armature 
that maintains its polarity throughout a complete 
revolution. 

unipolar field-effect transistor See UNIPOLAR 
TRANSISTOR. 

unipolar induction Induction by only one pole of a 
magnet. 

unipolar input The input circuit of an instrument 
or device designed for input signals of one polar- 
ity only. 

unipolar pulse A pulse in which the current flows 
in only one direction, or in which the voltage oc- 
curs with only one polarity. 

unipolar transistor A field-effect transistor (FET). 
It utilizes only one kind of carrier (electrons in the 
n-channel FET, holes in the p-channel FET). 
Compare BIPOLAR TRANSISTOR. 

unipolar winding The winding of a UNIPOLAR AR- 
MATURE. 

unipole 1. An all-pass filter having one pole and 
for which there is one zero. Also see ALL-PASS 
FILTER, POLES OF IMPEDANCE, and ZEROS OF 
IMPEDANCE. 2. A hypothetical, omnidirectional 
antenna. 

unipotential cathode An indirectly heated tube 
cathode. Also called equipotential cathode. See IN- 
DIRECTLY HEATED CATHODE. 
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unit 1. A named, single magnitude adopted as a 
standard by physical measurement. Thus, the 
unit of current is the ampere, the unit of fre- 
quency is the hertz, the unit of capacitance is the 
farad, etc. Also see ABSOLUTE SYSTEM OF 
UNITS, INTERNATIONAL SYSTEM OF UNITS, 
and CENTIMETER-GRAM-SECOND. 2. A single 
piece or assemblage of equipment, such as ampli- 
fier, converter, power supply, etc. 3. A quantity of 
1 implied when unit is the adjective describing a 
quantity (e.g., unit length means a distance of 
1 meter, 1 foot, etc.). 

unitary code In computer operations, a code 
based on one digit. The number of times the digit 
is repeated indicates a given number. 

unit cell In crystals, the simplest polyhedron ex- 
hibiting all the structural features and which is 
repeated to form the crystal lattice. 

unit charge See UNIT ELECTROSTATIC CHARGE. 

unit electric charge See UNIT ELECTROSTATIC 
CHARGE. 

unit electrostatic charge An electrostatic point 
charge that will attract or repel a point charge of 
equal strength 1 centimeter away in a vacuum, 
with a force of 1 dyne (10 newton). 

unit function Symbol, H or 1. A time-dependent 
quantity that is zero before the start of a period 
(when time t is zero) and 1 for all values of t 
greater than zero. It is approximated by a square 
wave, and is useful in solving problems involving 
transients. 

unit length 1. A fundamental unit of distance or 
time, used for reference in a measuring system. 
For example, in the mks (meter-kilogram-second) 
system, the distance unit length is the meter, and 
the time unit length is the second. 2. The dura- 
tion of a fundamental element, or bit, in a binary- 
code transmission system. 

unitized construction The fabrication of an elec- 
tronic equipment in subassemblies (such as 
modules) that can be tested separately, and that 
can be easily replaced (plugged in) in the event of 
individual failure. 

unit line A line of electric or magnetic flux. 

unit magnetic pole See UNIT POLE. 

unit matrix A matrix whose main diagonal terms 
(all) are all at unity, the other terms being zero. 

unitooth Pertaining to the use in electrical ma- 
chinery of one slot per pole per phase. 

unitor See OR GATE. 

unit pole The strength (magnetic flux) of a (hypo- 
thetical) magnetic pole that will attract or repel 
a pole of equal strength 1 centimeter away in a 
vacuum, with a force of 1 dyne; 1 unit pole 
1.257 x 107 weber. 

unit-ramp function A function whose value is zero 
before time t, and becomes equal to the time mea- 
sured from t at all other instants. The integral of 
the UNIT FUNCTION. 

unit record In computer operations, a complete 
record consisting of many data elements and 


de 


5059F-pU-700-715 


4/10/01 9:53 AM Page 711 


ÓN 


contained within one storage medium, such as a 
magnetic disk. 

unitrivalent electrolyte An electrolyte, such as 
sodium phosphate (Na3PO,), that dissociates into 
three univalent ions and one trivalent ion. 

units position In a numbering system, the right- 
most position in a multidigit whole number; or, if 
the number contains a radix point, the digit im- 
mediately to the left of the radix point. 

unit-step function See UNIT FUNCTION. 

unitunnel diode A special form of semiconductor 
diode, used as an oscillator at ultra-high and mi- 
crowave frequencies. 

unit vector A vector that is 1 unit long in terms of 
the scale representing a factor of interest, and 
has the same direction as the vector of interest. 
For example, if u is a unit vector, then 5u repre- 
sents a vector having the same direction and five 
times the magnitude of u. 

unity 1. The figure 1 implied. 2. A ratio of 1:1. 3. A 
gain of O dB. 

unity coupling Tight coupling between two coils, 
the turns ratio often being 1 to 1 and the coils al- 
ways being closely interwound. 


Input Output 


unity coupling 


unity gain The condition in which the output am- 
plitude is the same as the input amplitude; that 
is, a gain factor of 1, or O dB. 

unity-gain bandwidth 1. For an active filter, the 
bandwidth between the frequencies at which the 
gain is O dB. 2. For an operational amplifier hav- 
ing a rolloff of 6 dB per octave, the frequency at 
which the open-loop gain is O dB. 

uni-univalent electrolyte An electrolyte that dis- 
sociates into two univalent ions [e.g., sodium 
chloride (NaC1)]. 

univ Abbreviation of universal. 

UNIVAC The name given to a family of digital com- 
puters and data-processing systems. The name is 
an acronym for Universal Automatic Computer. 

univalent Having a valence of 1. For example, in the 
compound sodium chloride (NaCl), the sodium ion 
(Na+) and the chlorine ion (Cl-) are univalent. 

universal bridge A bridge for the measurement of 
capacitance (C), inductance (L), and resistance 
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(R). Such a bridge often is a skeletal foundation 
circuit with a provision for plugging L, C, or R 
standards in the various arms, as required. Also 
called general-purpose bridge. 

universal coordinated time Abbreviation, UTC. 
Greenwich mean time coordinated by the Inter- 
national Time Bureau for broadcast as signals 
(on WWV, for example). 

universal coupler 1. An arrangement of one or 
more inductors and variable capacitors for 
matching a transmitter to virtually any antenna. 
One such device is the Collins coupler. 2. A de- 
vice for matching numerous generator output 
impedances to numerous load impedances. 

universal filter An active filter that is continu- 
ously tunable over a wide frequency range and 
that offers low-pass, high-pass, bandpass, and 
band-suppression functions. 

universal frequency counter A digital frequency 
meter usable at radio and audio frequencies. 

universal motor A small series-wound motor that 
runs on direct current or single-phase alternating 
current. This type of motor is used in many 
household appliances and in motor-driven tools, 
such as portable electric drills, polishers, etc. 

universal output transformer An output trans- 
former having a number of taps on its primary 
and secondary windings for use with a wide vari- 
ety of impedances. 

universal product code Abbreviation, UPC. The 
variable-width-bar code appearing on price tags 
or product labels, and yielding such informa- 
tion as cost, size, and color when read by super- 
market (or other retailer) optical character- 
recognition equipment. Also called universal 
vendor marking (UVM). 

universal receiver A radio receiver that can be op- 
erated either from alternating current or direct 
current (i.e., from utility power or battery power). 

universal shunt See AYRTON-MATHER 
GALVANOMETER SHUNT. 

universal time See GREENWICH MEAN TIME. 

universal transformer See UNIVERSAL OUTPUT 
TRANSFORMER. 

universal transmitter A radio transmitter that 
can be operated either from alternating current or 
direct current (i.e., from utility power or battery 
power). 

universal Turing machine In computer theory, a 
TURING MACHINE capable of simulating other 
Turing machines. 

universal vendor 
PRODUCT CODE. 

universal winding A zigzag winding used to reduce 
the distributed capacitance of multilayer coils. 
Also called lattice winding and honeycomb wind- 
ing. 

universal-wound coil A coil using a universal 
winding. Such coils are common in intermediate- 
frequency (IF) transformers and in radio- 
frequency (RF) chokes. 


marking See UNIVERSAL 
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univibrator See MONOSTABLE MULTIVIBRATOR. 

unknown quantity Any variable quantity sought 
in calculations; it is usually represented by low- 
ercase italic letters from the second half of the al- 
phabet (e.g., x, y, Z). 

unlike charges Dissimilar electric charges (i.e., 
positive and negative). 

unlike poles Dissimilar poles, such as the north 
and south poles of a magnet. 

unload 1. To remove data from a file. 2. To discon- 
nect the load from a circuit. 

unloaded amplifier See UNTERMINATED AMPLI- 
FIER. 

unloaded antenna An antenna operated without 
added inductance or capacitance. 

unloaded-applicator impedance In dielectric- 
heating operations, the unloaded impedance of 
applicator electrodes placed in their normal 
working position without the dielectric-material 
load in place. 

unloaded battery 1. A battery in the standby condi- 
tion. 2. A battery tested for open-circuit terminal 
voltage (i.e., with no load, except the voltmeter). 

unloaded generator See UNTERMINATED GEN- 
ERATOR. 

unloaded line See UNTERMINATED LINE. 

unloaded potentiometer A potentiometer or volt- 
age divider with an open-circuited output. 

unloaded Q The Q factor (degree of selectivity) of a 
coil or tuned circuit that is activated by a signal, 
but that delivers no output to a load. 

unloaded transmitter A transmitter operated un- 
der open-circuit conditions (i.e., without an exter- 
nal load, such as an antenna or dummy resistor). 

unmanned factory A manufacturing plant run 
largely by robots and computers. There must 
generally be at least one human being, whose 
job(s) is/are to oversee and maintain the opera- 
tion of the machines. 

unmatched elements 1. Components (such as re- 
sistors, capacitors, semiconductors, etc.) having 
different values. 2. Mating elements or devices 
not having the same impedance. Also called 
MISMATCH. 

unmodulated carrier See CONTINUOUS WAVE. 

unmodulated current A current whose character- 
istics (amplitude, phase, or frequency) are not 
varied by a signal or by noise. 

unmodulated voltage A voltage whose character- 
istics (amplitude, phase, or frequency) are not 
varied by a signal or by noise. 

unmodulated wave See CONTINUOUS WAVE. 

unnilennium See MEITNERIUM. 

unnilhexium See SEABORGIUM. 

unniloctium See HASSIUM. 

unnilpentium See DUBNIUM. 

unnilquadium See RUTHERFORDIUM. 

unnilseptium See BOHRIUM. 

unode See MONODE. 

unpack In computer operations, to remove data 
from a storage location into which, with other 
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data, it has been packed (as a memory-conserva- 
tion measure). 

unpolarized light Light in which the wave orienta- 
tion is random around the axis of the beam. 

unpolarized plug A plug that can be inserted into 
a socket in two or more different ways, thus in- 
creasing the likelihood of a wrong connection. 
Compare POLARIZED PLUG. 

unpolarized receptacle A receptacle into which a 
plug can be inserted in two or more different 
ways, thus increasing the likelihood of a wrong 
connection. Also called UNPOLARIZED SOCKET. 
Compare POLARIZED RECEPTACLE. 

unpolarized relay A relay that always closes in 
the same direction, regardless of the direction of 
current in its coil. Also called nonpolarized 
relay. 

unpolarized socket A socket into which a compo- 
nent or plug can be inserted in two or more dif- 
ferent ways, thus increasing the likelihood of 
wrong connections. Also called UNPOLARIZED 
RECEPTACLE. 

unprotected antenna An outside antenna oper- 
ated without a lightning arrester or grounding 
switch. Increases the risk of damage to equip- 
ment, such as radio receivers and transmitters, 
connected to the antenna. It also increases the 
danger to personnel using the equipment. 

unrationalized systems of units Collectively, the 
absolute centimeter-gram-second (cgs) electro- 
static system of units, the absolute cgs electro- 
magnetic system of units, and the absolute 
meter-kilogram-second (mks) system of units. 

unreflected ray See UNREFLECTED WAVE. 

unreflected wave 1. See DIRECT WAVE. 2. See 
GROUND WAVE. 3. An electromagnetic wave that 
penetrates the ionosphere and passes into space. 

unregulated Not held to a constant value. For ex- 
ample, an unregulated voltage is free to fluctuate 
in value. 

unregulated power supply A power supply whose 
output current or voltage is not automatically 
held to a constant value. Compare CONSTANT- 
CURRENT SOURCE and CONSTANT-VOLTAGE 
SOURCE. 

uns Abbreviation of UNSYMMETRICAL. 

unsaturated core A magnetic core operated below 
the point of saturation (i.e., below the point at 
which an increase in coil current produces no 
further increase in magnetization of the core). 

unsaturated logic A digital-logic scheme in which 
the switching devices operate between the satu- 
rated and cut-off conditions during either or both 
of the high and low states. 

unsaturated operation Operation of a device at a 
point below saturation [i.e., below the point at 
which (1) an increase in voltage produces no fur- 
ther increase in current, or vice versa, or (2) an 
increase in coil current produces no further in- 
crease in magnetization of a corel. Compare 
SATURATED OPERATION. 
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unsaturated standard cell See STANDARD CELL. 

unshielded cable A cable, such as a twisted pair or 
a multiwire twist, lacking a shielding jacket. Un- 
less special precautions are taken, such as trans- 
posing conductors, such a cable is susceptible to 
stray pickup and is capable of radiation. 

unshielded choke An uncased choke (i.e., one with- 
out a protective and shielding metal housing). 

unshielded coil An inductor without a field- 
confining enclosure. 

unshielded probe An instrument probe that has no 
shielding enclosure. Such a probe is desirable for 
some tests, but it is subject to antenna-pickup ef- 
fect, body capacitance, and stray-field pickup. 

unshielded stage In electronic equipment, a stage 
operating entirely in the open (i.e., without elec- 
trostatic or magnetic shielding enclosures). It is, 
therefore, susceptible to stray pickup and is ca- 
pable of radiation. 

unshielded transformer 1. An uncased trans- 
former (i.e., one without a protective and shield- 
ing metal housing). 2. A transformer having no 
electrostatic shield between its windings. 

unshift The mechanical action in a teletypewriter 
when the carriage moves from the figures position 
to the letters position. 

unshunted current meter A single-range 
D’Arsonval milliammeter or microammeter that 
has no shunt resistor. The resistance of the in- 
strument is, therefore, equal to the resistance of 
the movable coil. 

unsolder To separate wires, contacts, or fastenings 
by melting the solder that holds them together. 
Also called DESOLDER. 

unsophisticated electronics Electronics theory 
and operations of the simplest kind, involving lit- 
tle or no mathematics. It is generally intended for 
a hobbyist audience. Compare SOPHISTICATED 
ELECTRONICS. 

unstable oscillation 1. Relaxation oscillation. 
2. The periodically interrupted oscillation charac- 
teristic of a blocking oscillation. 


unsaturated standard cell ¢ ununoctium 713 


unstable region The negative-resistance portion of 
an N- or S-shaped response curve. 

unstable servo A servo having unlimited output 
drift. 

unstable state A condition, such as a negative- 
resistance region, that is difficult to maintain 
and often results in oscillation. The negative- 
resistance region of the tunnel diode forward- 
conduction curve is evidence of such a state. 
Compare STABLE STATE. 

untapped winding A winding having two termi- 
nals, one at either end, and no intermediate ter- 
minals or connections. Also called untapped coil. 

unterminated amplifier An amplifier operated 
without a load device (i.e., under open-circuit 
output conditions). 

unterminated generator A generator operated 
without a load device (i.e., under open-circuit 
output conditions). 

unterminated line A transmission line that is not 
terminated with an impedance (i.e., an open- 
ended line). 

untriggered flip-flop A flip-flop that, at a particu- 
lar instant, receives no actuating pulse, and that, 
therefore, does not change state. 

untuned amplifier A radio-frequency amplifier 
that is not tuned to a single frequency, but has 
useful gain over a wide band of frequencies. Ex- 
amples are the distributed amplifier and the video 
amplifier. 

untuned filter See ALL-PASS FILTER. 

untuned line An aperiodic transmission line (i.e., 
one that is only tuned to a particular frequency 
by its own distributed characteristics). 

untuned transformer A transformer having sim- 
ple primary and secondary windings and no tun- 
ing devices (such as capacitors in series or 
parallel with the windings), and designed so that 
its natural resonant frequency (because of dis- 
tributed capacitance) lies outside the specified 
range of operation. 

ununbium Symbol, Uub. Atomic number, 112. 
The most common isotope has atomic weight 
277. Classified as a transition metal. It is human- 
made and not known to occur in nature. 

ununhexium Symbol, Uuh. Atomic number, 116. 
The most common isotope has atomic weight 
289. First reported in January 1999. It is a de- 
composition product of ununoctium, and it in 
turn decomposes into ununquadium. It is not 
known to occur in nature. 

ununnilium Symbol, Uun. Atomic number, 110. 
The most common isotope has atomic weight 
269. Classified as a transition metal. It is 
human-made and not known to occur in 
nature. 

ununoctium Symbol, Uuo. Atomic number, 118. 
The most common isotope has atomic weight 
293. It is the result of the fusion of krypton and 
lead, and decomposes into ununhexium. It is not 
known to occur in nature. 
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ununquadium Symbol, Uuq. Atomic number, 114. 
The most common isotope has atomic weight 
285. First reported in January 1999. It is human- 
made, and not known to occur in nature. 

unununium Symbol, Uuu. Atomic number, 111. 
The most common isotope has atomic weight 
272. Classified as a transition metal. It is human- 
made, and not known to occur in nature. 

unused time See UNATTENDED TIME. 

unweighted average In the statistical analysis of 
data, an average calculated from terms not 
weighted by a factor. Compare WEIGHTED AV- 
ERAGE. Also see UNWEIGHTED TERM. 

unweighted term In the statistical analysis of 
data, a term not operated upon by a weighting 
factor. Therefore, it has no extraordinary influ- 
ence on a final result, such as an average. Com- 
pare WEIGHTED TERM. 

unwind To eliminate all redundant or unnecessary 
operations in a computer system. 

up-and-downer amplifier In broadcasting and 
sound amplification, an auxiliary amplifier that 
allows the level of sound effects and background 
music to be controlled automatically without dis- 
turbing the dialogue levels. 

UPC Abbreviation of UNIVERSAL PRODUCT CODE. 

upconv Abbreviation of UP CONVERTER. 

up convert In superheterodyne conversion, to het- 
erodyne a signal to an intermediate frequency 
higher than the signal frequency. Compare 
DOWN CONVERT. 

update In data-processing operations, to make a 
file reflect the current status of pertinent infor- 
mation by using transactions for its modification. 

up-down counter See BIDIRECTIONAL COUNTER. 

uplink 1. The signal sent up to a satellite 
transponder. 2. The frequency of the signal sent 
up to a Satellite transponder. 

uplink frequency 1. The specific frequency of a 
given signal sent up to a satellite transponder. 
2. The band of frequencies sent up to a satellite 
transponder. There can be many signals in an 
uplink; there can also be many different stations 
sending uplink signals within the band. 

uplink power 1. The power output of the transmit- 
ter sending the signal up to a satellite transpon- 
der. 2. The effective radiated power of the station 
sending the uplink signal. 

uplink station Any station that transmits a signal, 
or group of signals, up to a satellite transponder. 

upper atmosphere See IONOSPHERE, STRATO- 
SPHERE, and TROPOSPHERE. 

upper sideband Abbreviation, USB. In an ampli- 
tude-modulated wave, the component whose fre- 
quency is the sum of the carrier frequency and 
the modulation frequency. Compare LOW-ER 
SIDEBAND. 

upper sideband, suppressed carrier Abbreviation, 
USSC. A single-sideband transmission technique 
in which the upper sideband is transmitted, the 
lower sideband is suppressed, and the carrier is 
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suppressed. Compare DOUBLE SIDEBAND, 
SUPPRESSED CARRIER, LOWER SIDEBAND, 
and SUPPRESSED CARRIER. 

UPS Abbreviation for UNINTERRUPTIBLE POWER 
SUPPLY. 

upside down 1. In radioteletype, a signal in which 
the MARK and SPACE signals are reversed in fre- 
quency. 2. In single sideband, reception of a sig- 
nal on the wrong sideband, resulting in “monkey 
chatter.” 

up time See SERVICEABLE TIME. 

upturn A usually sudden rise in a performance 
curve. Compare DOWNTURN. 

upward modulation Modulation in which the out- 
put current of the modulated circuit increases 
during modulation. Compare DOWNWARD MOD- 
ULATION. 

UR Abbreviation of ULTRARED. 

uranium Symbol, U. A radioactive metallic 
element. Atomic number, 92. Atomic weight, 
238.03. 

uranium 235 Symbol, U-235. An isotope of ura- 
nium of mass number 235, used in atomic bombs 
and atomic power plants. 

uranium 238 Symbol, U-238. An isotope of uranium 
of mass number 238, which, under fast-neutron 
bombardment, decays to become neptunium and 
then plutonium (of mass number 239). 

uranium metals The group of heavy, radioactive 
elements of atomic numbers 89 through 103. 
Also called the actinide series. 

uranium rays The ionizing radiation emitted by 
uranium. In 1896, Antoine Henri Becquerel 


de 


5059F-pU-700-715 


4/10/01 9:53 AM Page 715 


ÓN 


observed that uranium salts emit rays (later iden- 
tified as alpha, beta, and gamma) that can pass 
through bodies opaque to light and are capable of 
exposing a photographic plate. Also called Bec- 
querel rays. 

urea formaldehyde resin A thermosetting, syn- 
thetic resin used in the manufacture of a number 
of plastic dielectric bodies and formed by the re- 
action of urea with formaldehyde. 

urea plastic Any of several thermosetting plastics 
having a urea base and used as a dielectric and 
as a molding material in electronics (e.g., urea 
formaldehyde resin). 
URSI Abbreviation of Union Radio Scientifique Inter- 
nationale (International Radio Scientific Union). 
ursigram A broadcast message giving information 
on sunspots, radio propagation, terrestrial mag- 
netism, and related subjects. Also see URSI. 

usable frequency 1. Any frequency at which com- 
munications can be maintained between two 
points via ionospheric propagation. 2. Any fre- 
quency at which a communications system is op- 
erational. 

usable sample 1. The portion of an oscilloscope or 
monitor display that is visible on the screen. 2. In 
statistics, a sample that is considered valid for 
calculation purposes. 

USB Abbreviation of UPPER SIDEBAND. 

user friendliness 1. For electronic equipment and 
systems, the quality of being easy for people to 
operate. 2. The relative ease with which a ma- 
chine, especially a computer, can be operated by 
people. 

useful life The elapsed time between the installa- 
tion of an expendable component, circuit, or sys- 
tem, and the time it must be replaced. 

useful line In television, the portion of a scanning 
line that can be used for picture signals. Also 
called AVAILABLE LINE. 

user group A group of hobbyists or company rep- 
resentatives having in common the ownership 
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and/or use of a specific brand of computer, and 
who meet or otherwise interact to share their ex- 
pertise with, or programs, for, the machine. Also 
applicable to similar groups of programmable- 
calculator owners. 

user’s library A compilation of programs supplied 
to (by the vendor) or generated by a user group. 

USM Abbreviation of underwater-to-surface missile. 

USSC Abbreviation of UPPER SIDEBAND, SUP- 
PRESSED CARRIER. 

UTC Abbreviation of UNIVERSAL COORDINATED 
TIME. 

utility 1. An organization providing a public ser- 
vice, such as electric power or electronic commu- 
nications. 2. In computer operations, a program 
or set of programs intended for diagnosing 
and/or correcting hardware and software prob- 
lems. 

utility box A general-purpose aluminum or steel 
box, supplied in various convenient sizes (painted 
or unpainted), used as a housing or shield for 
electronic equipment. 

utility factor For a transformer used in a direct- 
current (dc) power supply, the ratio of dc output 
to required kilovolt-ampere (KVA) capacity. 

utilization factor See UTILITY FACTOR. 

UTL Abbreviation of unit transmission loss. 

UUM Abbreviation of underwater-to-underwater 
missile. 

UV 1. Abbreviation of ULTRAVIOLET. 2. Abbrevia- 
tion of UNDERVOLTAGE. 

Uvicon A television camera tube in which a con- 
ventional vidicon scanning section is preceded 
by an ultraviolet-sensitive photocathode, an 
electron-accelerating section, and a special tar- 
get. 

Uviollamp An ultraviolet lamp using uviol glass— 
a special glass that is transparent to ultraviolet 
rays. 

UVM Abbreviation of 
MARKING. 


UNIVERSAL VENDOR 
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V 1. Abbreviation of VOLT. 2. Symbol (ital) for 

VOLTAGE or POTENTIAL. 3. Symbol for VANA- 

DIUM. 4. Symbol for VOLUME. 5. Symbol (ital) 

for RELUCTIVITY. 6. Abbreviation of VERTICAL. 

(Also, vert.) 

1. Abbreviation of VELOCITY. 2. Abbreviation of 

VECTOR. 

VA Abbreviation of VOLT-AMPERE. 

V/A Abbreviation of volts per ampere (ohms). 

VAC Abbreviation of vector analog computer. 

vac Abbreviation of VACUUM. 

Vac Symbol for AC VOLTS. (Also, Vac.) 

vacancy In a crystal lattice, a position not occu- 
pied by a nucleus. 


v 


Bonds Nuclei 
ES 
vacancy 


vacuum A space from which all air and other gases 
have been removed to the greatest practicable ex- 
tent. Some electronic parts, such as the elements 


of an electron tube, are housed in an evacuated 
space to protect them from the deterioration that 
would result from open-air operation. 

vacuum capacitor A plate- or concentric-cylinder- 
type capacitor sealed in an evacuated glass tube 
or bulb. The vacuum acts as the dielectric and 
provides a dielectric constant of 1 and very high 
voltage breakdown. 

vacuum deposition The electrical application of a 
layer of one material (such as a metal) to the sur- 
face of another (the substrate), carried out ina 
vacuum chamber (e.g., evaporation and sputter- 
ing). Also see DEPOSITION and EVAPORATION, 
1. 

vacuum envelope The shell or tube of an electron 
tube, X-ray tube, or other electron device that re- 
quires a vacuum. 

vacuum evaporation A method of manufacturing 
thin-film circuits by vaporizing a substance, and 
letting it accumulate or condense on a base. 

vacuum gauge An instrument for measuring the 
vacuum in a device being evacuated. One of the 
several varieties of this gauge uses the elements 
of a triode, which are sealed in part of the vac- 
uum system, some characteristic of the tube be- 
ing continuously monitored as the vacuum 
pumping progresses. Another uses a thermistor 
sealed in part of the system; the resistance of the 
thermistor changes proportionately during the 
vacuum pumping. 

vacuum impregnation The impregnation of a de- 
vice (such as a capacitor, transformer, or choke 
coil) in a vacuum chamber. The process causes 
the pores in the device and its insulating materi- 
als to be completely filled with the impregnant. 
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vacuum level 1. The pressure, in millimeters of 
mercury (mm/Hg). Normal atmospheric pressure 
is 760 mm/Hg. A perfect vacuum would be repre- 
sented by O mm/Hg. 2. The proportion, or per- 
centage, of normal atmospheric pressure in a 
given environment. 

vacuum phototube A phototube enclosed in an 
evacuated envelope, as opposed to one that is 
gas-filled. 

vacuum pump A pump for removing air and gases 
from electron tubes, X-ray tubes, lamp bulbs, etc. 
Such pumps include mechanical types, diffusion 
types, and combinations of these. Also see DIF- 
FUSION PUMP. 

vacuum range The range of a communications 
system if propagation takes place through a 
perfect-vacuum (theoretical) medium. 

vacuum seal An airtight seal between adjoining 
parts in an evacuation system. 

vacuum switch A switch that is enclosed in a vac- 
uum bulb or tube to reduce contact sparking. 

vacuum thermocouple A thermocouple enclosed 
in a vacuum bulb with a small heater element. 
Radio-frequency current passed through the 
heater raises its temperature and causes the 
thermocouple to generate a proportional direct- 
current voltage. 

vacuum tube An electron tube from which virtu- 
ally all air and gases are removed. Also see ELEC- 
TRON TUBE. 

vacuum-tube amplifier An amplifier using one or 
more vacuum tubes, rather than semiconductor 
devices. 

vacuum-tube bridge A special bridge for determin- 
ing vacuum-tube characteristics by null meth- 
ods. 

vacuum-tube characteristics The operating pa- 
rameters of a vacuum tube, such as plate cur- 
rent, grid voltage, input resistance, interelectrode 
capacitances, amplification factor, transconduc- 
tance, etc., that describe tube performance. 

vacuum-tube coefficients See VACUUM-TUBE 
CHARACTERISTICS. 

vacuum-tube current meter An ammeter, mil- 
liammeter, microammeter, or nanoammeter em- 
bodying an amplifier that uses one or more 
vacuum tubes. Also see ELECTRONIC CURRENT 
METER. 

vacuum-tube modulator A circuit using one or 
more vacuum tubes to impress a modulating sig- 
nal on a carrier. 

vacuum-tube rectifier 1. An alternating-to-direct- 
current converter circuit using one or more vac- 
uum tubes, rather than gas tubes or 
semiconductor devices. 2. A rectifier tube. 

vacuum-tube sweep A sweep oscillator using a 
vacuum tube, rather than a gas tube. Also called 
HARD-TUBE SWEEP. 

vacuum-tube voltmeter Abbreviation, vtvm. A 
voltmeter using a tube-type amplifier. Also see 
ELECTRONIC VOLTMETER. 
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val Abbreviation of VALUE. 

valence A unit showing the degree to which ele- 
ments or radicals (replaceable atoms or groups of 
atoms) will combine to form compounds. 

valence band In the energy diagram for a semicon- 
ductor, the band of lowest energy. This band lies 
below the forbidden band (energy gap), which is 
below the conduction band. Also see ENERGY 
BAND DIAGRAM. 

valence bond In a semiconductor material, an in- 
teratomic path over which shared electrons 
travel. 

valence electrons Electrons in the outermost or- 
bits of an atom. These electrons determine the 
chemical and physical properties of a material. 
Also see FREE ELECTRON. 

valence shells See ELECTRON SHELLS. 

validate To check data for correctness. 

validity 1. Correctness or accuracy of data. 2. The 
logical truth of a derivation or statement, based 
on a given set of propositions. 

valley A dip between adjacent peaks in a curve or 
wave. 

valley current Ina tunnel diode, the current at the 
valley point. 

valley point The lowest point of finite current on 
the current-voltage response curve of a tunnel 
diode. Immediately before this point, current de- 
creases with increasing applied voltage (an indi- 
cation of negative resistance). Beyond this point, 
however, the current again increases with in- 
creasing voltage. Compare PEAK POINT. 

valley voltage Ina tunnel diode, the voltage at the 
valley point. 

value 1. The level or magnitude of a quantity (e.g., 
voltage value). 2. The worth of a system, proce- 
dure, device, etc., in terms of goal fulfillment or 
other criterion. 

valve Variation (Brit.) of ELECTRON TUBE. The 
term was applied to the first tube, a diode (the 
Fleming valve), and is descriptive of the action of 
a tube (a controller of electric current), rather 
than its appearance. 

vanadium Symbol, V. A metallic element. Atomic 
number, 23. Atomic weight, 50.94. 

Van Allen radiation belts Two high-altitude zones 
that surround the earth and consist of high- 
energy subatomic particles. These belts were 
once thought to preclude space travel by humans 
beyond the immediate vicinity of the earth. 

Van de Graaff generator See BELT GENERATOR. 

vane-anode magnetron A magnetron having plane 
parallel walls between adjacent cavities. 

vane attenuator A waveguide attenuator consist- 
ing essentially of a slab (vane) of resistive material 
that slides laterally through the waveguide. 

vane instrument See IRON-VANE METER. 

vane-type magnetron See VANE-ANODE MAG- 
NETRON. 

vane-type meter See IRON-VANE METER. 

V antenna See VEE ANTENNA. 
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vapor lamp A discharge lamp consisting essen- 
tially of a glass tube filled with a small amount of 
gas under low pressure and some element, such 
as mercury or sodium. A high voltage is applied 
between electrodes sealed into each end of the 
tube. The voltage causes the element to vaporize. 
This, in turn, ionizes the gas, causing it to glow. 

vapor pressure In a confined medium, the pres- 
sure of a gas, measured in atmospheres, pounds 
per square inch, or millimeters of mercury. 

VAR Abbreviation of VOLT-AMPERES REACTIVE. 

var Abbreviation of VARIABLE. 

varactor A semiconductor-type voltage-variable 
capacitor. Sometimes called a varactor diode. 

varactor amplifier A dielectric amplifier using a 
varactor as the voltage-variable capacitor. 

varactor flip-flop A bistable multivibrator based 
on the nonlinear performance of one or two var- 
actors. 

varactor frequency multiplier A frequency multi- 
plier (doubler, tripler, etc.) in which multiples ofa 
fundamental frequency result from the nonlinear 
action of a varactor. 


CI and Ll tuned to f 
C2 and L2 tuned to Fn 


RF input (f) RF output (Fyn) 


varactor frequency multiplier 


varactor tuning A method of tuning a circuit or 
adjusting the frequency of an oscillator, using an 
inductor and a varactor to obtain the desired fre- 
quency. The varactor acts as a variable capacitor. 

VAR-hour Abbreviation, VARh. Short for volt- 
ampere-reactive-hour, a unit of reactive energy; 
1 VARh can be represented by 1 VAR for 1 hour, 
2 VAR for 0.5 hour, 0.5 VAR for 2 hours, etc. 

VAR-hour meter An instrument that measures re- 
active energy. 

variable Abbreviation, var. A quantity whose value 
changes at some stated or calculable rate, and is 
given names in expressions or equations, such as 
x, y, or z. Compare CONSTANT. Also see DEPEN- 
DENT VARIABLE and INDEPENDENT VARIABLE. 

variable-area sound track See VARIABLE-WIDTH 
SOUND RECORD. 

variable block In computer operations, a unit of 
data, such as a group of records, whose size is de- 
pendent on data requirements (i.e., it is not fixed). 

variable-capacitance diode See VARACTOR. 
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variable-capacitance transducer See CAPACI- 
TIVE TRANSDUCER. 

variable capacitor A capacitor that can be ad- 
justed from a low value (practically zero) to some 
maximum value. A step-type unit contains a 
number of fixed capacitors that can be switched 
in parallel with each other until, at the last step, 
all are in parallel. A continuously variable unit 
has a provision for moving one plate or set of 
plates, relative to another plate or set of plates; or 
one plate might be moved, with respect to an- 
other, so that the distance between them is 
changed. In a voltage-variable capacitor (such as 
a varactor), capacitance varies in accordance 
with an applied direct-current voltage. 

variable-carrier modulation See QUIESCENT- 
CARRIER OPERATION. 

variable connector In a flowchart, a path leading 
from a box in which a decision is made, to a num- 
ber of other points on the diagram. 

variable coupling Coupling that is adjustable. In 
an inductively coupled circuit, the distance or an- 
gle between the coils is usually the adjustable 
factor. In a capacitively coupled circuit, a variable 
capacitor is generally used. 

variable-density sound record In photographic 
sound-on-film recording, a sound track made by 
varying, in sympathy with the sound frequency, 
the amount of light reaching the film. Compare 
VARIABLE-WIDTH SOUND RECORD. 

variable-depth sonar A sonar device that can be 
placed far below the surface, for the purpose of 
detecting objects or terrain at greater depths than 
would be possible with a surface-located sonar 
device. 

variable-efficiency modulation See EFFICIENCY 
MODULATION. 

variable-erase recording In magnetic-tape opera- 
tions, recording a signal by selectively erasing a 
previously recorded signal. 

variable field 1. Any field with an intensity that 
changes with time. An electromagnetic field is a 
common example. 2. In a computer record, a field 
that is a variable block with a terminal symbol at 
the end. 

variable-frequency oscillator Abbreviation, VFO. 
An oscillator (usually self-excited) whose fre- 
quency is continuously variable. 

variable-inductance pickup A phonograph pick- 
up in which vibration of the stylus causes the in- 
ductance of a small coil to vary in sympathy with 
the sound frequency. 

variable-inductance transducer A transducer in 
which a monitored quantity causes the induc- 
tance of a coil to vary proportionately. The coil 
thereby offers a varying impedance to an 
alternating-current supply voltage. 

variable inductor An inductor whose value can be 
adjusted from zero to a certain maximum. The 
variability might be in steps, provided by taps on 
the inductor, or a sliding contact can be used. 
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Several different inductors can be connected in 
series and parallel combinations, with switches 
to facilitate variability. One type of variable in- 
ductor uses a roller contact to allow continuous 
adjustment. See ROLLER INDUCTOR. Another 
method of varying inductance is to change the 
permeability of the core, such as by moving a rod 
of ferrite or powdered iron in and out of the coil. 
See VARICOUPLER and VARIOMETER. 

variable-pitch indication An audible signal used 
in lieu of, or in conjunction with, a meter to indi- 
cate voltage, current, logic state, etc. The higher 
the value of the measured quantity, the higher 
the pitch. 

variable-reluctance microphone A microphone in 
which the impinging sound waves cause corre- 
sponding variations in the reluctance of an inter- 
nal magnetic circuit. 

variable-reluctance pickup A phonograph pick- 
up in which the stylus causes an armature to vi- 
brate in a magnetic field, and consequently the 
reluctance of the magnetic circuit varies in sym- 
pathy with the audio frequency. 

variable-reluctance transducer A transducer in 
which the monitored quantity causes the reluc- 
tance of an internal magnetic circuit to vary pro- 
portionately. 

variable-resistance pickup A phonograph pickup 
in which the vibration of the stylus causes the re- 
sistance of an internal resistive element to vary in 
sympathy with the sound frequency. 

variable-resistance transducer A transducer in 
which a monitored quantity causes the resistance 
of an internal resistive element to vary propor- 
tionately. 

variable-resistance tuning Tuning of a selective 
resistance-capacitance (RC) circuit, such as a 
Wien bridge or parallel-tee network, by varying 
one or more of its resistance arms. 

variable resistor A resistor whose value can be 
varied either continuously or in steps. Also see 
POTENTIOMETER and RHEOSTAT. 

variable selectivity In a circuit or device, selec- 
tivity that is adjustable. Example: a variable- 
selectivity intermediate-frequency (IF) amplifier. 

variable-speed motor Any motor whose speed is 
adjustable, smoothly or in steps, under load. 

variable transformer A transformer (often an au- 
totransformer) whose output voltage is adjustable 
from zero (or some minimum value) to maximum. 
For this purpose, one winding (usually the sec- 
ondary in a two-winding transformer) can have a 
number of taps. Smooth variation can be pro- 
vided by a wiper arm that slides over the turns of 
the winding. 

variable-width wound record In photographic 
sound-on-film recording, a sound track made by 
varying the width of the track in sympathy with 
the sound variations. Compare VARIABLE- 
DENSITY SOUND RECORD. 

Variac See VARIABLE TRANSFORMER. 
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Varicap A voltage-variable capacitor of the semi- 
conductor-diode type. Also see VOLTAGE- 
VARIABLE CAPACITOR. 

varicoupler An adjustable radio-frequency trans- 
former consisting of a primary coil (usually the 
rotor) and a secondary coil (usually the stator), 
the former being rotatable to vary the coupling 
between the coils. The inductance of the stator is 
varied via a set of taps. 

varindor A coil having a special core and whose in- 
ductance varies with the amount of direct current 
flowing through the winding. Also see SAT- 
URABLE REACTOR. 

variocoupler A radio-frequency transformer in 
which one winding is rotatable, for the purpose of 
adjusting the mutual inductance between the pri- 
mary and secondary. It is used in certain an- 
tenna-coupling applications. 

variolosser A variable attenuator. 

variometer A continuously variable inductor con- 
sisting of two coils connected in series or parallel 
and mounted concentrically—one rotating inside 
the other. Inductance is maximum when the coils 
are perpendicular to each other, and minimum 
when they are parallel. 

varioplex A time-sharing method of transmitting 
and receiving wire telegraph signals. It allows the 
optimum usage of available lines. 

varistor See VOLTAGE-DEPENDENT RESISTOR. 

Varley-loop bridge A four-arm, direct-current 
bridge circuit in which one of the arms, a two- 
wire line, is accidentally grounded at a distant 
point. By adjustment of the bridge, the resulting 
resistance indicates the distance to the fault. 


Lines tied 
together 
for test 


Accidental 
ground 
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VAR meter An instrument for measuring the ap- 
parent (VAR) power in a reactive circuit. 

varnished cambric Cotton or linen fabric in 
sheets, tape or tubes, that has been varnish- 
impregnated and baked. A common form of this 
insulating material, the slender tubing known as 
spaghetti, has largely been replaced by plastic 
tubing. 

varnished-cambric tubing Slender tubes of var- 
nished cambric slipped over bare wires and bus- 
bars to insulate them. Also called spaghetti. 

VATE Abbreviation of VERSATILE AUTOMATIC 
TEST EQUIPMENT. 
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Vs Symbol for BASE VOLTAGE of a bipolar transis- 

tor. 

Vss Symbol for base-voltage supply for a bipolar 
transistor. 

V beam system See VEE BEAM SYSTEM. 

Vc Symbol for COLLECTOR VOLTAGE of a bipolar 
transistor. 

VCA Abbreviation of VOLTAGE-CONTROLLED AM- 
PLIFIER. 

Vcc Symbol for collector-voltage supply of a bipolar 
transistor. 

VCCO Abbreviation of VOLTAGE-CONTROLLED 
CRYSTAL OSCILLATOR. (Also, lowercase.) 

VCD Abbreviation of VARIABLE-CAPACITANCE 


DIODE. 

VCG Abbreviation of VOLTAGE-CONTROLLED 
GENERATOR. 

VCO Abbreviation of VOLTAGE-CONTROLLED OS- 
CILLATOR. 


V connection of transformers See VEE CONNEC- 
TION OF TRANSFORMERS. 

VCR Abbreviation of VIDEO CASSETTE RE- 
CORDER. 

VCSR Abbreviation of voltage-controlled shift regis- 
ter. 

V-cut crystal See VEE-CUT CRYSTAL. 

VCXO Abbreviation of VOLTAGE-CONTROLLED 
CRYSTAL OSCILLATOR. (Also, lowercase.) 

VD 1. Abbreviation of VOLTAGE DROP. 2. Abbrevi- 

ation of vapor density. 

Symbol for drain voltage of a field-effect transis- 
tor. 

Vde Symbol for DC VOLTS. 

VDU Abbreviation of VISUAL DISPLAY UNIT. 

vdew Symbol for DC WORKING VOLTAGE. (Also, 
dcwv.) 

VDIG Abbreviation of VIDEO DIGITIZER. 

VDR 1. Abbreviation of VOLTAGE-DEPENDENT 
RESISTOR. 2. Abbreviation of VIDEODISC 
RECORDER. 

Varive Abbreviation for DRIVING VOLTAGE or OUT- 
PUT VOLTAGE. 

VE Abbreviation of value engineering. 

Ve Symbol for EMITTER VOLTAGE of a bipolar 
transistor. 

vectograph A graphic three-dimensional represen- 
tation of a scene composed of superimposed im- 
ages photographed through polarizing filters of 
different orientation, and reconstructed by a sim- 
ilar viewing technique. 

vector 1. A quantity having direction (in two or 
three dimensions) and magnitude. 2. A graphical 
representation of a quantity, as defined in 1. It 
consists of a straight arrow indicating the direc- 
tion, and whose length is proportional to the 
magnitude. 

vector addition The summation of two vectors, de- 
termined by adding their corresponding compo- 
nent values. In two dimensions, for example, 
suppose A = (x;,y;) and B = (x2,y2). Then A + B = 
[Ga + x2),(y: + ya)]. The sum can be found geomet- 
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rically by constructing a parallelogram from the 
vectors, corresponding to the two known sides, as 
determined by the vectors. The sum is the vector 
originating at the point where the two vectors 
originate, and extending the diagonal of the 
parallelogram. 


(x1 + Xz, Y] + y2) 


Op) oo 


(x2, Y2) 


vector addition 


vector admittance The reciprocal of VECTOR 
IMPEDANCE. 

vector cardiograph An electrocardiograph that in- 
dicates the magnitude and the direction of a 
heart signal. 

vector components 1. The Cartesian coordinates 
of a vector, or its component angle and radius 
(polar coordinates). 2. Quantities that can be rep- 
resented by means of vectors (e.g., impedance 
and velocity). 

vector diagram A graphical representation of vec- 
tor quantities. 

vector function A function having both magnitude 
and direction. Also see VECTOR; VECTOR COM- 
PONENTS, 2; and VECTOR QUANTITY. 

vector generator A device that graphically illus- 
trates vectors. 

vectorial angle 1. The angle between a vector and 
the horizontal axis. 2. The angle between two vec- 
tors. 

vector impedance Complex impedance (i.e., an 
impedance of the form R + jX, where R is resis- 
tance, X is reactance, and j is an operator indi- 
cating that the reactance is 90 degrees out of 
phase, relative to the resistance). 

vector-mode display On a cathode-ray-tube dis- 
play, the data representation in which points on 
the screen are connected by straight lines. 

vector power The vector quantity (P,? + P,2)!/?, 
where P, is the active power and Px is the reactive 
power. 

vector power factor The ratio P,/(P,? + P,2)'”, 
where P, is the active power and Px is the reactive 
power. In sine-wave situations, this ratio (of 
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active power to vector power) produces a figure 
identical to the conventional power factor. 

vector quantity A quantity having both magni- 
tude and direction, and that can, therefore, be 
represented by a vector. 

vectorscope A special oscilloscope for visual ad- 
justment of a color-television receiver by means 
of a color-phase diagram. 

vector sum The resultant of two nonparallel vec- 
tors; therefore, the resultant of the forces or 
quantities represented by them. For example, re- 
actance and resistance can be represented by two 
perpendicular vectors. 

vector voltmeter A voltmeter that indicates the 
phase as well as the amplitude of an alternating- 
current voltage. 

Vez Symbol for emitter-voltage supply of a bipolar 
transistor. 

vee antenna A center-fed antenna in which the 
two halves of the radiator form an angle consider- 
ably less than 180 degrees. 

vee-beam system An elevation-measuring radar 
system in which fan-shaped vertical and inclined 
beams, intersecting at ground and rotating con- 
tinuously around the vertical axis, are radiated 
by one antenna. Target elevation is determined 
from the interval between successive echoes from 
the target. 

vee connection of transformers In a three-phase 
system, a method of connecting two transformers 
so that the line current and voltage equal the 
phase current and voltage. Also called open-delta 
connection. 

vee-cut crystal A piezoelectric plate cut from a 
quartz crystal so that its faces are not parallel to 
the x, y, or zaxis of the crystal. Also see CRYSTAL 
AXES and CRYSTAL CUTS. 

vee particle A short-lived elementary particle that 
results when high-energy neutrons or protons 
collide with nuclei. The particle can be positive, 
negative, or neutral, and gets its name from its 
cloud-chamber track. 

vee signal In radiotelegraphy, the letter V (di-di-di- 
dah) transmitted as a test signal, usually three 
times in rapid succession. It is used during on- 
the-air transmitter tests, followed by the station's 
call letters. 

vehicle An inert substance, usually a liquid, that 
acts as a solvent, carrier, or binder for some 
other, more active substance. Thus, shellac can 
be the vehicle for the metallic powder in a silver 
paint used in silk-screening electronic circuits. 

vehicle smog-control device See COMPUTER- 
CONTROLLED CATALYTIC CONVERTER and 
EXHAUST ANALYZER. 

vel Abbreviation of VELOCITY. 

velocimeter 1. An instrument for measuring the 
velocity of sound in various materials. 2. An 
electronic velocity meter—especially a radial- 
velocity meter using Doppler radar. 3. An elec- 
tronic flow meter. 
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velocity Symbol, v. Abbreviation, vel. Unit, dis- 
tance per unit time [e.g., meters per second 
(m/s)]. 1. The change in the position of a body 
over a specified period of time. 2. The derivative of 
displacement with respect to time. Compare AC- 
CELERATION. 

velocity constant See VELOCITY FACTOR. 

velocity error For a servomechanism in which the 
input and output shafts rotate at the same speed, 
the angular displacement between them. 

velocity factor Abbreviation, v. For a transmission 
line, the ratio of the speed of electromagnetic 
wave propagation in the line to the speed of elec- 
tromagnetic waves in a vacuum (299,792 kilome- 
ters per second). It can be expressed as a number 
between O and 1, or as a percentage between O 
and 100. In practical feed lines, v ranges from 
about 0.66 (for coaxial line with a solid polyethy- 
lene dielectric) to about 0.95 (for open-wire line 
with widely separated spacers). 

velocity hydrophone A hydrophone whose out- 
put, like that of the velocity microphone, is pro- 
portional to the instantaneous particle velocity in 
the sound wave impinging on the device. 

velocity-lag error A lag (proportional to the input- 
variation rate) between the input and output of a 
device, such as a servomechanism. 

velocity level For a sound, the ratio vo, expressed 
in decibels: 


Uo = 20 log jo(Vs/v,) 


where us is the particle velocity of the sound, and 
v, is a reference particle velocity. 

velocity microphone A microphone in which the 
vibratory element is a thin, aluminum or Duralu- 
min ribbon suspended loosely between the poles 
of a strong permanent magnet. Vibration of the 
corrugated ribbon in the magnetic field causes an 
audio-frequency voltage to be induced across the 
ribbon. The microphone is so called because its 
output is proportional to the instantaneous parti- 
cle velocity in the sound wave impinging on the 
ribbon. Also called ribbon microphone. 

velocity-modulated amplifier A circuit in which 
radio-frequency amplification is obtained by ve- 
locity modulation. 

velocity-modulated oscillator A vacuum-tube 
device in which an electron stream is velocity- 
modulated (see VELOCITY MODULATION) as it 
passes through a resonant cavity (the buncher); 
the subsequent energy, of a higher intensity, is 
extracted from the bunched stream as it passes 
through another resonant cavity (the catcher). 
Feedback from catcher to buncher sustains oscil- 
lations. See, for example, KLYSTRON OSCILLATOR. 

velocity-modulated tube A vacuum tube utilizing 
velocity modulation. See, for example, KLYSTRON. 

velocity modulation The process in which the in- 
put signal of a vacuum tube varies the velocity of 
the electrons in a constant-current electron beam 
in sympathy with the input signal. 
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velocity resonance A state of resonance in which 
a 90-degree phase difference is between the fun- 
damental frequency of oscillation of a system and 
the fundamental frequency of the applied signal. 

velocity sorting Selecting and separating elec- 
trons, according to their velocity. 

velocity spectrograph A device that uses electric 
or magnetic deflection to separate charged parti- 
cles into various streams, according to their ve- 
locity. 

velocity variation See VELOCITY MODULATION. 


velocity-variation amplifier See VELOCITY- 
MODULATED AMPLIFIER. 
velocity-variation oscillator See VELOCITY- 


MODULATED OSCILLATOR. 

velometer An instrument used to measure the ve- 
locity of air (e.g., to determine wind speed). 

venetian-blind effect A television-display mal- 
function in which the picture seems to appear 
through horizontal slits. 

Venn diagram A method of illustrating the rela- 
tionship among various subsets within a speci- 
fied universal set. The subsets are shown as 
geometric figures, usually circles. 


Universal set 


Venn diagram 


vent 1. An opening in an equipment enclosure for 
the entry of cool air or the escape of warm air. 
2. In an electrolytic capacitor, a lightly covered 
blowout hole for the relief of gas pressure in the 
event of severe overload. 3. A small opening for 
relieving gas pressure in an automobile battery. 
4. In a loudspeaker enclosure, such as the bass- 
reflex type, an auxiliary opening that extends the 
low-frequency range of the speaker. 

vented baffle A loudspeaker enclosure having the 
proper auxiliary opening(s) for coupling the 
speaker to the surrounding air. 


vented-baffle loudspeaker See ACOUSTICAL 
PHASE INVERTER and BASS-REFLEX LOUD- 
SPEAKER. 

vent mount A metal bracket for fastening an an- 
tenna mast to a (plumbing) vent pipe on a roof. 

ventricular fibrillation See FIBRILLATION. 

verification 1. The process of ensuring that two 
sets of data are identical. 2. The process of vali- 
dating (see VALIDATE). 

vernier 1. An auxiliary scale along which a regu- 
lar, linear scale (such as that of a tuning dial) 
slides. The vernier scale is graduated so that 
when the main scale is set to an unmarked point 
between two of its graduations, and the “O” point 
on the vernier scale is used as the index, “1” on 
the vernier scale will exactly coincide with “1” on 
the main scale. The corresponding number on the 
vernier scale indicates the exact number of sub- 
divisions between two points on the main scale. 
Vernier arrangements are provided with the dials 
of some precision analog instruments. 2. See 
VERNIER CAPACITOR. 3. See VERNIER DIAL. 
4. See VERNIER RESISTOR. 


Main 
reading 
line 


Aux. scale 


10 Reading is 
somewhere Aux. scale lines up at 3, 
between indicating 75.3 
75 and 76 
vernier, 1 


vernier capacitor A low-capacitance variable ca- 
pacitor connected in parallel with a higher-capac- 
itance fixed or variable capacitor for precise 
adjustment of the total capacitance. 

vernier dial 1. A slow moving dial for fine tuning 
an adjustable device. The required reduction ra- 
tio is obtained with gears, friction wheels, or a 
belt-and-pulley combination. 2. A dial provided 
with an accessory vernier scale. 

vernier resistor A low-resistance variable resistor 
connected in series with a higher-resistance fixed 
or variable resistor to precisely adjust the total re- 
sistance. 

vernier rheostat See VERNIER RESISTOR. 

vers Abbreviation of VERSED SINE. 

versatile automatic test equipment Abbrevia- 
tion, VATE. For troubleshooting the electronic 
systems of missiles, a computer-controlled tester 
that isolates faults through logical operations. 
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versed sine Abbreviation, vers. A trigonometric 
function equal to the difference between the co- 
sine of an angle and one; vers x= 1 - cos x. 

vert Abbreviation of VERTICAL. 

vertex 1. The terminal point at which two or more 
branches of a network meet. Also see NODE, 1. 
2. The point of intersection of two lines that form 
an angle. 

vertex plate In the reflector of a microwave an- 
tenna, a matching plate mounted at the vertex. 

vertical 1. The direction indicated by a line per- 
pendicular to the plane of the horizon (e.g., a ver- 
tical axis). 2. In the 45-45 recording process, the 
signal resulting from sound that arrives simulta- 
neously and 180 degrees out of phase at the two 
microphones and causes up-and-down move- 
ment of the cutting stylus. 

vertical amplification Gain provided by the verti- 
cal channel of a device, such as an oscilloscope, 
cathode-ray electrocardiograph, or television re- 
ceiver. Compare HORIZONTAL AMPLIFICATION. 

vertical amplifier The circuit or device that pro- 
vides gain in the vertical channel of a device. 
Compare HORIZONTAL AMPLIFIER. 

vertical-amplitude control 1. See VERTICAL- 
GAIN CONTROL. 2. In a color television receiver, 
one of the three controls by which the amplitude 
of the parabolic voltages applied to the coils of the 
magnetic-convergence assembly are adjusted. 

vertical angle of radiation The angle, with respect 
to the plane of the horizon, at which radio- 
frequency energy is propagated from a transmitting 
antenna. 

vertical antenna 1. An antenna that consists es- 
sentially of a single, straight, vertical conductor. 
2. An antenna that is mounted vertically, instead 
of horizontally. 

vertical blanking See 
BLANKING. 

vertical-blanking pulse In a television signal, the 
pulse at the end of each field that accomplishes 
vertical retrace blanking. Compare HORIZON- 
TAL-BLANKING PULSE. 

vertical-centering control See CENTERING CON- 
TROL. 

vertical channel The system of amplifiers, controls, 
and terminations that constitutes the path of the 
vertical signal applied to a device, such as an os- 
cilloscope. Compare HORIZONTAL CHANNEL. 

vertical compliance In disc sound reproduction, 
the ease with which the stylus can move vertically 
while it is in position on the disc. 

vertical coordinates See CARTESIAN COORDI- 
NATES. 

vertical deflection 1. In an oscilloscope or televi- 
sion receiver, the movement of the spot up and 
down on the screen. Compare HORIZONTAL DE- 
FLECTION. 2. In a direct-writing recorder, up or 
down deflection of the pen. 

vertical deflection coils In a cathode-ray tube, 
the pair of coils in a deflection yoke that provides 


VERTICAL RETRACE 
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the electromagnetic field for the vertical deflection 
of the electron beam. Compare HORIZONTAL DE- 
FLECTION COILS. 

vertical deflection electrodes See VERTICAL DE- 
FLECTION COILS and VERTICAL DEFLECTION 
PLATES. 

vertical deflection plates In an oscilloscope (and 
in some early television picture tubes), a pair of 
plates that provides the electrostatic field for ver- 
tical deflection. Compare HORIZONTAL DEFLEC- 
TION PLATES. 

vertical dipole An antenna consisting of a 
straight, center-fed, half-wave conductor oriented 
vertically. 


l/2-wave 
radiating 


element 
vertical dipole 


Feed line 


L 


vertical dynamic convergence During the scan- 
ning of points along a vertical line through the 
center of a color-television picture tube, the con- 
vergence of the electron beams at the aperture 
mask. Compare HORIZONTAL DYNAMIC CON- 
VERGENCE. 

vertical field strength The field strength of signals 
in a vertical plane passing through an antenna. 
Compare HORIZONTAL FIELD STRENGTH. 

vertical-field-strength diagram A plot of vertical 
field strength. 

vertical frequency response The gain-frequency 
characteristic of the vertical channel of an instru- 
ment, such as an oscilloscope. Compare HORI- 
ZONTAL FREQUENCY RESPONSE. 
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vertical gain The overall amplification (gain) pro- 
vided by the vertical channel of an instrument, 
such as an oscilloscope, graphical recorder, or 
television receiver. Compare HORIZONTAL GAIN. 

vertical-gain control A control, such as a poten- 
tiometer, for adjusting vertical amplification. 
Compare HORIZONTAL-GAIN CONTROL. 

vertical-hold control In a television receiver, the 
control for adjusting the frequency of the vertical 
oscillator so that the picture can be locked to pre- 
vent vertical roll. Compare HORIZONTAL-HOLD 
CONTROL. 

vertical-incidence transmission Transmission of 
a wave vertically to the ionosphere and the sub- 
sequent reflection of the wave to the earth. 

vertical-lateral recording In stereophonic disc 
recording, the recording of one signal vertically 
(see VERTICAL RECORDING) and the other later- 
ally (see LATERAL RECORDING). 

vertical linearity Linearity of response (gain and 
deflection) of the vertical channel of an oscillo- 
scope or television receiver. A linear picture is 
neither contracted nor expanded vertically in any 
part of the screen. Compare HORIZONTAL LIN- 
EARITY. 

vertical-linearity control In an oscilloscope or 
television receiver, the control whereby vertical 
linearity is adjusted. Compare HORIZONTAL- 
LINEARITY CONTROL. 

vertically polarized wave An electromagnetic 
wave whose electric lines of flux are perpendicu- 
lar to the plane of the horizon. Compare HORI- 
ZONTALLY POLARIZED WAVE. 

vertical-metal-oxide semiconductor field-effect 
transistor Abbreviation, VMOSFET. A metal- 
oxide semiconductor field-effect transistor fabri- 
cated so that the current flow within the device is 
vertical, instead of the usual horizontal, affording 
several advantages over the conventional MOS- 
FET. 

vertical oscillator In a television receiver, the os- 
cillator that generates the vertical sweep signal. 
Compare HORIZONTAL OSCILLATOR. 

vertical-output regulator In a television receiver, 
a voltage-dependent resistor used to stabilize the 
sweep voltage across the horizontal deflection 
coils—especially during warmup. 

vertical output stage In a television receiver, an 
output amplifier following the vertical oscillator. 
Compare HORIZONTAL OUTPUT STAGE. 

vertical polarization Pertaining to an electromag- 
netic wave whose electric lines of flux are perpen- 
dicular to the plane of the horizon. In general, 
when the radiating element of an antenna is ver- 
tical, the electric lines of flux in the transmitted 
waves are vertical, and the antenna is most sen- 
sitive to incoming signals whose electric lines of 
flux are vertical. Compare HORIZONTAL POLAR- 
IZATION. 

vertical positioning control See CENTERING 
CONTROL. 
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vertical quantity The quantity measured along 
the y-axis of a graph, or represented by the verti- 
cal deflection of an electron beam. Compare 
HORIZONTAL QUANTITY. 

vertical radiator See VERTICAL ANTENNA. 

vertical recording Disc recording in which the 
depth of the groove is varied in sympathy with the 
sound. Also called HILL-AND-DALE RECORD- 
ING. Compare LATERAL RECORDING. 

vertical redundance In computer operation, the 
error state when a character has an odd number 
of bits in an even-parity system, or vice versa. 

vertical resolution The number of horizontal 
wedge-lines that can be easily seen in a television 
test pattern before they blend. Compare HORI- 
ZONTAL RESOLUTION. 

vertical retrace In a cathode-ray device, such as an 
oscilloscope or television receiver, the rapid return 
of the beam to its starting point at the top of the 
screen after completely traversing the screen from 
top to bottom. Compare HORIZONTAL RETRACE. 

vertical retrace blanking In a television receiver, 
the automatic shutoff of the electron beam during 
a vertical retrace period, to prevent an extraneous 
line being traced on the screen during this period. 
Also see BLACKOUT, 2; BLANKING INTERVAL, 
1, 2; BLANKING PEDESTAL; BLANKING 
TIME; VERTICAL RETRACE; and VERTICAL 
RETRACE PERIOD. Compare HORIZONTAL RE- 
TRACE BLANKING. 

vertical retrace period In a television receiver, the 
interval during which the spot returns from the 
bottom to the top of the screen after having traced 
all horizontal lines from top to bottom. Compare 
HORIZONTAL RETRACE PERIOD. 

vertical sensitivity The signal voltage required at 
the input of a vertical channel to produce full ver- 
tical deflection. Also see VERTICAL GAIN. Com- 
pare HORIZONTAL SENSITIVITY. 

vertical signal A signal serving as a vertical quan- 
tity (e.g., one that deflects the beam in a cathode- 
ray tube upward and/or downward). Compare 
HORIZONTAL SIGNAL. 

vertical-speed transducer A transducer whose 
electrical output is proportional to the vertical 
speed of an aircraft or missile carrying the trans- 
ducer. 

vertical stylus force In disc sound reproduction, 
the downward force (in grams or ounces) that the 
stylus exerts on the disc. 

vertical sweep 1. In a cathode-ray tube, especially 
a television picture tube, the movement of the 
spot up or down on the screen. Compare HORI- 
ZONTAL SWEEP. 2. The circuit that produces 
this sweep. 

vertical sweep frequency The frequency at which 
vertical sweep occurs. In a television receiver, it is 
60 Hz. Also called vertical sweep rate. Compare 
HORIZONTAL SWEEP FREQUENCY. 

vertical sweep rate See VERTICAL SWEEP FRE- 
QUENCY. 
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vertical synchronization In a television receiver, 
synchronization of the vertical component of 
scanning with that of the camera. Also see VER- 
TICAL SYNC PULSE. Compare HORIZONTAL 
SYNCHRONIZATION. 

vertical sync pulse In a video signal, the pulse 
that synchronizes the vertical component of 
scanning in a television receiver with that of the 
camera, and that triggers vertical retrace and 
blanking. Compare HORIZONTAL SYNC PULSE. 

vertical wave See VERTICALLY POLARIZED 
WAVE. 

vertical width control See WIDTH CONTROL, 1, 
2. 

very high frequency Abbreviation, VHF. Radio 
frequencies in the range 30 MHz to 300 MHz, 
corresponding to free-space wavelengths of 10 
meters to 1 meter. It is sometimes divided into 
VHF low band (30 MHz to 50 MHz) and VHF high 
band (50 MHz to 300 MHz). Also see RADIO 
SPECTRUM, 1. 

very high resistance Abbreviation, VHR. Large 
values of resistance; usually expressed in meg- 
ohms, gigohms, or teraohms. 

very-high-resistance voltmeter Abbreviation, 
VHRVM. A voltmeter using a low-range microam- 
meter or picoammeter and a very high value of 
multiplier resistance (see VOLTMETER MULTI- 
PLIER). 

very-high-speed integrated circuit An integrated 
circuit used for switching or other digital func- 
tions at thousands, millions, or billions of 
changes of state per second. 

very-large-scale integration Abbreviation, VLSI. 
The inclusion of several complete systems, such 
as computers, on a single integrated-circuit chip. 
This can extend several orders of magnitude be- 
yond large-scale integration (LSD. 

very long range Abbreviation, VLR. Pertaining to 
ground radar sets having a maximum slant range 
of over 250 miles. Compare VERY SHORT 
RANGE. 

very low frequency Abbreviation VLF. A radio fre- 
quency in the range 10 kHz to 30 kHz, corre- 
sponding to wavelengths between 30 kilometers 
and 10 kilometers. Also see RADIO SPECTRUM, 
1. 

very low resistance Abbreviation, VLR. Values of 
resistance less than 1 ohm, usually expressed in 
milliohms or microhms. 

very short range Abbreviation, VSR. Pertaining to 
ground radar sets having a maximum slant range 
of less than 25 miles. Compare VERY LONG 
RANGE. 

vestigial 1. An effect that remains as a by-product, 
but that serves no directly applicable purpose. 
See, for example, VESTIGIAL SIDEBAND. 2. Un- 
necessary; extraneous. 

vestigial sideband 1. A portion of one sideband in 
an amplitude-modulated signal, remaining after 
passage through a selective filter. 2. An ampli- 
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tude-modulated signal in which one sideband 
has been partially or largely suppressed. 3. The 
small amount of energy emitted in the unused 
sideband in a single-sideband transmitter. 

vestigial-sideband filter A filter operated between 
an amplitude-modulated transmitter and an an- 
tenna to obtain a vestigial-sideband signal. 

vestigial-sideband signal An amplitude-modu- 
lated signal in which one of the sidebands has 
been partially suppressed. 

vestigial-sideband transmission Transmission of 
a signal containing a vestigial sideband. In televi- 
sion, for example, the upper sideband is trans- 
mitted fully, while the lower sideband is almost 
completely suppressed. The lower sideband is, 
therefore, a vestigial sideband. 

vestigial-sideband transmitter An amplitude- 
modulated transmitter equipped with the filters 
or other subcircuits necessary for emitting a ves- 
tigial-sideband signal. 

VF Abbreviation of VIDEO FREQUENCY. 

Vreg Abbreviation for feedback voltage in an inte- 
grated circuit device. The term applies especially 
to operational amplifiers. 

VFO Abbreviation of VARIABLE-FREQUENCY OS- 
CILLATOR. 

V, Abbreviation of GENERATOR VOLTAGE. (Also, 
Eg.) 

VGA Abbreviation of VARIABLE-GAIN AMPLIFIER. 

Vep Symbol for GATE-DRAIN VOLTAGE of a field- 
effect transistor. 

Ves Symbol for GATE-SOURCE VOLTAGE of a 
field-effect transistor. 

VHF Abbreviation of VERY HIGH FREQUENCY. 

VHF high band See VERY HIGH FREQUENCY. 

VHF low band See VERY HIGH FREQUENCY. 

VHF omnirange Abbreviation, VOR. A very-high- 
frequency radionavigation system that provides 
radial lines of position. 

VHF oscillator A radio-frequency oscillator spe- 
cially designed to operate in the range 30 MHz to 
300 MHz. 
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VHF receiver 1. A radio receiver specially designed 
to operate in the range of 30 MHz to 300 MHz. 
2. A television receiver for the VHF channels (see 
VHF TELEVISION CHANNELS). 

VHF television channels Twelve 6-MHz-wide 
channels (television channels 2 through 13) be- 
tween 54 and 216 MHz. 


Channel Frequency (MHz) 


2 54.0 — 60.0 
3 60.0 — 66.0 
4 66.0 — 72.0 
5 76.0 — 82.0 
6 82.0— 88.0 
7 174-180 
8 180-186 
9 186-192 
10 192-198 
11 198 — 204 
12 204-210 
13 210-216 
VHF television channels 
(United States) 


VHF transmitter A radio or television transmitter 
specially designed to operate in the range 30 MHz 
to 300 MHz. 

VHR Abbreviation of VERY HIGH RESISTANCE. 

VHRVM Abbreviation of VERY-HIGH-RESISTANCE 
VOLTMETER. 

VHS videocassette recorder A popular scheme for 
videocassette recording, used in millions of 
households in the United States alone. Typical 
VHS cassette play times range from about two 
hours to more than eight hours. 

VHSIC Abbreviation for VERY HIGH SPEED INTE- 
GRATED CIRCUIT. 

VI 1. Abbreviation of VOLUME INDICATOR. 2. Ab- 
breviation of VISCOSITY INDEX. 

Vi Symbol for INPUT VOLTAGE. (Also, Vi.) 

vibrating bell A bell with a striking mechanism 
that oscillates, causing a continuous ringing 
sound. 

vibrating-reed frequency meter See POWER- 
FREQUENCY METER, 2. 

vibrating-reed oscillator An audio-frequency os- 
cillator in which an iron, steel, or alloy reed vi- 
brating in a magnetic field acts like a tuning fork 
to control the oscillation frequency. 

vibrating-reed relay An electromechanical relay in 
which the movable contact is carried by the end 
of a thin, metal strip (reed) of iron or magnetic al- 
loy. The strip is supported within the magnetic 
field of a coil carrying an alternating control cur- 
rent; when the frequency of this current corre- 
sponds to the natural (resonant) frequency of the 
reed, it vibrates vigorously enough to close the 
contacts. Such a relay, consequently, is fre- 
quency selective. 
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vibrating-wire oscillator An oscillator similar to 
the vibrating-reed oscillator, but using a wire, in- 
stead of a reed. 

vibrating-wire transducer A transducer in which 
the fluctuating tension of a thin wire suspended 
in a magnetic field frequency-modulates the oper- 
ating voltage. 

vibration 1. The changing of the position or di- 
mensions of a body back and forth, usually ata 
rapid rate, an action seen in the repetitive move- 
ment of a musical string, headphone diaphragm, 
loudspeaker cone, loose machine, etc. 2. See OS- 
CILLATION. 

vibration analyzer See VIBRATION METER. 

vibration calibrator A device that generates a 
standard vibration, usually at a fixed frequency, 
for calibrating vibration meters, pickups, trans- 
ducers, etc. 

vibration galvanometer A type of alternating- 
current galvanometer. The natural frequency of 
the movable element of the instrument is made 
equal to that of the alternating current under 
test, to obtain a reading. 

vibration isolator In an electronic-equipment as- 
sembly, a cushioning support that protects the 
equipment from vibration. 

vibration machine See VIBRATOR, 2. 

vibration meter An instrument for measuring the 
amplitude and frequency of vibration (see VIBRA- 
TION, 1). It consists essentially of a vibration 
pickup followed by a selective amplifier and an in- 
dicating voltmeter graduated in vibration units. 

vibration pickup A transducer that senses me- 
chanical vibration and converts it into a propor- 
tionate output voltage, or changes resistance in 
sympathy with the vibration. 

vibrato In electronic musical instruments, a cir- 
cuit or device that modulates a note by varying its 
frequency, amplitude, or both, at an extremely 
low frequency (a few hertz). 

vibrator 1. See INTERRUPTER. 2. See VIBRATING- 
REED RELAY. 3. A device for shaking something 
under test at selected frequencies and amplitudes. 

vibrator-type power supply A battery-operated, 
high-voltage power supply in which one vibrator 
(see INTERRUPTER) makes and breaks direct 
current flowing from the battery into the primary 
winding of a step-up transformer, and another vi- 
brator rectifies the high voltage delivered by the 
secondary winding. 

vibrator-type rectifier A vibrator (see INTER- 
RUPTER) that connects one terminal of the sec- 
ondary winding of a transformer to an output 
terminal each time that terminal is positive. 
When the negative half-cycle appears at the 
transformer terminal, the vibrator is open. In this 
way, the alternating-current output of the trans- 
former is rectified. 

vibrocardiography A method of monitoring and 
recording the movement of the chest cavity as a 
result of the beating of the heart. 
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vibrograph A device for observing and recording vi- 
bration. 

vibrometer See VIBRATION METER. 

vibroscope An instrument for observing 
sometimes recording) vibration. 

Victor Phonetic alphabet communications code 
word for the letter V. 

Victron A brand of polystyrene, a low-loss plastic 
insulant that is especially useful at high radio fre- 
quencies. 

video 1. Pertaining to television—especially to its 
picture circuitry or to circuits and devices related 
to television, but used for other purposes. 2. The 
picture portion of a television broadcast, as op- 
posed to the sound (audio) portion. 3. Some- 
times, a cathode-ray-tube terminal or display. 
4. Generally, television in adjective sense (e.g., 
video play). 5. The images on a computer display 
or monitor. 

video amplifier 1. In television, the wideband 
stage (or stages) that amplifies the picture signal 
and presents it to the picture tube. 2. A similar 
wideband amplifier, such as an instrument am- 
plifier or preamplifier having at least a 4-MHz 
bandwidth. 

video animation Movement of graphic images ona 
cathode-ray-tube display by the use of computer- 
manipulation through special software, under 
the direction of an operator using a keyboard, 
joystick, or digitizer. 

video buffer A unity-gain circuit that minimizes 
loading effects caused by having several video 
multiplexer inputs connected to the same signal 
source. 

video carrier The television carrier amplitude- 
modulated by the picture information, synchro- 
nization pulses, and blanking pulses. 

videocassette recorder Abbreviation, VCR. A 
machine for recording television programs on 
magnetic-tape cassettes (see CASSETTE, 1). 

videocast 1. Television broadcast. Also called 
TELECAST. 2. To make a television broadcast. 

videocaster See TELECASTER. 

video CD-ROM A digital optical VIDEODISC, re- 
sembling an audio or computer compact disc. A 
typical disc can store more than an hour’s worth 
of conventional television programming. 
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video correlator A device used with radar to locate 
and identify a target with high precision. 

video detector Ina television receiver, the demod- 
ulator for the video signal. This detector follows 
the video intermediate-frequency amplifier and 
precedes the video amplifier. It usually embodies 
a relatively simple, wideband diode circuit. 
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Video Digitizer Abbreviation, VDIG. A program 
developed for multimedia video in personal com- 
puter systems. 

videodisc A flat magnetic or optical disc on which 
audio-visual programs are recorded, and from 
which they can be played back into a television 
receiver or multimedia personal computer. 

videodisc recorder Abbreviation, VDR. A machine 
for recording television programs on discs compa- 
rable to those used for sound or data recording. 

video discrimination In radar, the use of a circuit 
or device to decrease the width of the video- 
amplifier passband. 

video frequency 1. Pertaining to signals in the wide 
passband of a video amplifier: 30 Hz to 4 MHz. 
2. Pertaining to a device capable of operating over 
the wide passband of a video amplifier (e.g., a 
video-frequency alternating-current voltmeter). 

video-frequency amplifier An amplifier capable of 
handling signals of a wide frequency range (e.g., 
direct current to 4 MHz). Also see VIDEO FRE- 
QUENCY, 1. 

video gain control In a television receiver, a gain 
control for adjusting the video signal amplitude. 
In a color-television receiver, a pair of these con- 
trols permits adjustment of the three color sig- 
nals to the proper amplitude ratio. 

video game A game, such as football, basketball, 
slot machine, tic-tac-toe, etc., played on the 
screen of a television receiver or on a computer. 

videogenic Suitable for television. 

video IF amplifier In a television receiver, the 
broadband intermediate-frequency (IF) amplifier 
of the video signal. In modern receivers, this IF 
amplifier also handles the sound signal. 
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video mapping A system of surveillance or map- 
ping in which, for reference, the outlines of the 
area being surveyed are superimposed electroni- 
cally on the radar display of the area. 

video masking A form of radar signal processing 
in which ground clutter and other unwanted 
echoes are removed, making the desired targets 
more readily visible. 

video mixer A circuit or device for mixing the sig- 
nals from two or more television cameras. 

video modulation In television transmission, am- 
plitude modulation of the carrier wave with 
pulses and waves corresponding to the picture el- 
ements. 

video on demand Television service in which sub- 
scribers can choose the programs they want to 
watch, and also the specific times for viewing. 

video random-access memory Abbreviation, 
VRAM. In computer systems, RANDOM-ACCESS 
MEMORY used primarily for enhancing the per- 
formance of the display. 

video recording 1. Recording wideband material 
(such as a video signal) on a tape or disc. 2. The 
recording made of a telecast. Also see VIDEO- 
TAPE RECORDER. 

video signal 1. In television, the amplitude-modu- 
lated signal containing picture information and 
pulses. Also see VIDEO, 2 and VIDEO MODULA- 
TION. 2. Broadly, a telecast signal, including 
sound. 


Whitest 
signal Black 
Dark Blacker-than-black 


region 


| 


ul 
il 


video signal 


| 
A 


video stretching In some electronic navigation 
systems, increasing the duration of a video pulse. 

video synthesizer A computerized device that pro- 
duces graphical renditions of objects or circuits 
in three dimensions. 

videotape 1. A special magnetic tape for video 
recording (see VIDEO RECORDING, 2). 2. To 
make a video recording. 

videotape recorder Abbreviation, VTR. A wide- 
band, magnetic-tape recorder for producing video 
recordings with a camera, or for making a record 
of television programs, for subsequent reproduc- 
tion (playback). 


Zero signal 
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videotape recording 1. Abbreviation, VTR. The 
technique of recording video signals on magnetic 
tape. Also see VIDEO RECORDING, 1, 2 and 
VIDEOTAPE. 2. A tape on which a video signal 
has been recorded. 

videotext A system that allows television viewers 
to dial up special material, such as stock market 
quotations, weather data, sports scores, etc. 

vidicon A television camera tube in which the elec- 
tron beam scans a charged-density pattern that 
has been formed and stored on the surface of the 
photoconductor. It is commonly used in cam- 
corders, closed-circuit television systems, and 
robot vision systems. Its assets include compact- 
ness and sensitivity. 

viewfinder An accessory or integral device in 
which an image (formed optically or electroni- 
cally) corresponds to the image viewed by the 
camera with which it is used. 

viewing mesh In a cathode-ray storage tube, the 
mesh on which the image is presented for viewing 
by the operator. Also see CHARGE-STORAGE 
TUBE. 

viewing mirror In an oscilloscope-camera assembly, 
a flat, slant-mounted mirror that reflects the image 
on the oscilloscope screen to the viewer's eye. 

viewing screen In a cathode-ray device, such as 
an oscilloscope tube or television picture tube, 
the face on which the image appears. 

viewing time In a storage type cathode-ray tube, 
the length of time for which the image persists. 

viewing window See WINDOW, 2. 

Villard circuit 1. A voltage-doubler circuit using 
only one diode and two capacitors. The open- 
circuit direct-current output voltage is ap- 
proximately twice the peak value of the 
alternating-current input voltage. Also see VOL- 
TAGE DOUBLER. 2. See SELECTOJECT. 
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Villari effect In certain magnetostrictive materials, 
the change in magnetic induction that accompa- 
nies the application of a mechanical stress in a 
given direction. Also see MAGNETOSTRICTION. 

vinyl A general name for vinyl copolymer resins. 
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vinylidene chloride A plastic insulant. Dielectric 
constant, 3 to 5. Dielectric strength, 20 kV/mm. 

Vinylite-A A brand of the plastic polyvinyl acetate. 

Vinylite-Q A brand of the plastic polyvinyl chloride. 

vinyl resin A synthetic resin resulting from the 
polymerization of compounds that contain the 
group CH) = CH-. 

violation Ina security system, a condition that re- 
sults in the actuation of an alarm. Example: an 
intruder breaks the light beam in an electric eye. 

virgin magnetic material Core or shield material 
that has never been magnetized. When virgin ma- 
terial is first subjected to magnetization, the hys- 
teresis loop starts at zero, but never returns to 
zero (see BOX-SHAPED LOOP). 

virgin neutron Any neutron that has not been in- 
volved in a collision with another particle subse- 
quent to its initial generation. 

virgin record See BLANK RECORD. 

virgin tape See BLANK TAPE. 

virtual address In computer operations, an ad- 
dress that must be modified to refer to a location 
in main memory. 

virtual decision value In quantizing or encoding, 
a method of expressing the maximum input am- 
plitude. Two values are extrapolated from actual 
decision values—one at either end of the working 
range used. 

virtual height The altitude that a vertically propa- 
gated electromagnetic wave would reach before 
reflection if its path in the ionosphere were a 
straight line. The actual distance at which the 
wave penetrates the ionosphere before reflection 
is less than the virtual height. 

virtual image The image formed when rays from a 
scene diverge after passing beyond the focal point 
of a convex lens. The scene appears inverted to an 
observer. Compare REAL IMAGE. 

virtual memory 1. In a computer system, a means 
of using two or more memory stores simultane- 
ously. 2. Auxiliary memory used in conjunction 
with the main, or core, memory. 

virtual ppi reflectoscope A device used to super- 
impose a virtual image of a chart or map onto a 
plan-position indicator (ppi) radar display. Also 
see VIDEO MAPPING. 

virtual reality Abbreviation, VR. A general term for 
any of various high-level computer simulation or 
remote-control programs. The user often wears a 
head-mounted display that provides vivid, three- 
dimensional imagery and binaural sound. It can 
be used in robotic telepresence systems for preci- 
sion remote control. 

virus See COMPUTER VIRUS. 

vis 1. Abbreviation of visibility. 2. Abbreviation of 
visual. 

viscometer An instrument for measuring viscos- 
ity. There are several electronic versions of this 
device. In one, a steel ball falls through a material 
(such as an oil) under test and distorts the mag- 
netic field of a pickup coil, causing the deflection 
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of a meter by an amount proportional to the 
speed of the ball and, consequently, to the viscos- 
ity of the fluid. 

viscosimeter See VISCOMETER. 

viscosity The resistance offered by a fluid (liquid 
or gas) to objects passing through it. The viscos- 
ity of pure water is low; that of heavy oil is high. 
Expressed in newton-seconds per meter squared. 

viscosity index Abbreviation, VI. A number indi- 
cating how well an oil retains its viscosity with 
temperature changes; larger indexes are assigned 
to oils that are little influenced by variations in 
temperature. 

viscous-damped arm A phonograph pickup arm 
with an oil dashpot to prevent arm resonance and 
to slow the descent of the arm to the disc. 

viscous damping The use of a viscous fluid in the 
dashpot of a device (Such as a relay, timer, or 
pickup arm) to provide damping. See, for exam- 
ple, DASHPOT RELAY. 

viscous hysteresis A slow, slight increase in the 
magnetization of a material when the magnetizing 
field is constant. Compare STATIC HYSTERESIS. 

visibility factor See DISPLAY LOSS. 

visible radiation Electromagnetic radiation that is 
perceptible to the eye. Also see VISIBLE SPEC- 
TRUM. 

visible spectrum The band of electromagnetic 
wavelengths that the human eye perceives as vis- 
ible light. For most people, this band extends 
from approximately 750 nanometers (nm), repre- 
senting red light, down to 390 nm, representing 
violet light. The visibility curve peaks in the 
yellow-green region at about 560 nm; 1 nm = 0.000 
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000 001 meter = 10° m. Also see ELECTROMAG- 
NETIC THEORY OF LIGHT. 

vision system A set of devices that allows a ma- 
chine (computer or robot) to observe and respond 
to visual stimuli. Typically, it includes a camera 
[such as a vidicon or charge-coupled device 
(CCD)], a cable, electromagnetic or fiberoptic link, 
a receiver, and software for interpreting the im- 
ages. 

visual alignment Optimization of a circuit (such 
as a radio receiver) with the aid of meter deflec- 
tions, rather than with audible indications. Also 
called silent alignment. 

visual-aural radio range A radio aid to air naviga- 
tion (characterized by an audible signal, meter 
deflection, or both) used by the pilot of an aircraft 
to determine if the course is being followed. 

visual-aural range See VISUAL-AURAL RADIO 
RANGE. 

visual-aural signal tracer A troubleshooting in- 
strument for following a signal through a circuit 
by sensing it at successive points in the circuit. 
The signal strength is indicated by a meter and a 
loudspeaker. 

visual carrier frequency See VIDEO CARRIER 
and VIDEO-FREQUENCY, 1. 

visual communication 1. Transmission and re- 
ception of signals by visible-light means, such as 
modulated beams of flashing lights. 2. Transmis- 
sion and reception of messages by direct visual 
observation, such as signal lights. 

visual display unit Abbreviation, VDU. 1. A com- 
puter peripheral consisting of a cathode-ray tube, 
a keyboard, and often a pointing device. 2. A 
dumb terminal for operation of a computer from a 
remote site. 

visual horizon 1. The distance from a given point 
to the farthest visible point on the surface of the 
earth in a particular direction. 2. The enclosed 
geometric plane figure on the surface of the earth, 
representing the set of farthest-visible points for a 
particular location. 

visual telegraphy Telegraphy in which the re- 
ceived signals are read from a visual device, such 
as a blinking light, meter, or swinging pen. 

visual transmitter The equipment used to trans- 
mit the picture portion of a television broadcast. 

visual transmitter power The peak power output 
of a visual transmitter during normal operation. 

vitreous Pertaining to a material or surface resem- 
bling, or related to, glass (e.g., the vitreous 
enamel on certain types of resistors). 

VLF Abbreviation of VERY LOW FREQUENCY. 

VLR 1. Abbreviation of VERY LOW RESISTANCE. 
2. Abbreviation of VERY LONG RANGE. 

VLSI Abbreviation of VERY-LARGE-SCALE INTE- 
GRATION. 

V/m Abbreviation of VOLTS PER METER (a unit of 
electric field strength). 

VMOS Abbreviation of vertical-metal-oxide semicon- 
ductor. 


ÓN 


VMOSFET Abbreviation of VERTICAL-METAL- 
OXIDE SEMICONDUCTOR  FIELD-EFFECT 
TRANSISTOR. 

Və Symbol for OUTPUT VOLTAGE. Also, Vout- 

VOA Abbreviation of VOLT-OHM-AMMETER. 

vocabulary In computer-programming operations, 
a list of available operating codes and instruc- 
tions for the computer. Also called INSTRUCTION 
SET. 

Vocoder A device for reducing speech to frequen- 
cies low enough for efficient transmission 
through a limited-bandwidth channel. The term 
is a contraction of voice coder. 

Voda In a telephone system that utilizes a radio 
link (using the same frequency for transmission 
in both directions) and land-line links, an auto- 
matic, voice-operated switching system for en- 
abling the transmitter and disabling the receiver, 
and vice versa. The name is an acronym for voice- 
operated device, anti-sing. 

Vodacom Contraction of voice data communica- 
tions. 

Voder An electronic device that synthesizes 
speech. The term is an acronym for voice opera- 
tion demonstrator. 

vogad A type of automatic gain control for audio 
amplifiers and modulators. In a radio transmit- 
ter, it maintains 100% modulation of the car- 
rier—even when the speaker’s voice level varies 
widely. The name is an acronym for voice- 
operated gain adjusting device. 

voice actuation See VOICE-OPERATED CON- 
TROL. 

voice analyzer A circuit that evaluates the charac- 
teristics of human voices, such as the amplitude- 
vs.-frequency function or the amplitude-vs.-time 
function. 

voice band See VOICE FREQUENCIES. 

voice coil The moving coil of a dynamic micro- 
phone or dynamic speaker. 

voice-controlled break-in A type of break-in oper- 
ation for radiotelephony, in which the transmitter 
automatically switches on and the receiver 
switches off immediately when the operator starts 
talking; the transmitter switches off and the re- 
ceiver switches on a moment after the operator 
stops talking. 

voice-controlled relay An electronic relay that is 
actuated by the human voice. 

voice filter 1. A filter for passing, suppressing, or 
modifying voice frequencies. 2. A parallel- 
resonant circuit inserted into a line that feeds 
several loudspeakers, to trap certain frequencies 
and thereby improve the sound of the reproduced 
voice. 

voice frequencies 1. The audio-frequency range of 
human speech, from about 60 Hz to 8000 Hz. 2. 
The frequencies within the audio passband of a 
typical single-sideband voice transmitter or re- 
ceiver. The lower limit is generally 200 Hz to 300 
Hz; the upper limit is about 2500 Hz to 3000 Hz. 
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voice-frequency carrier telegraphy A type of car- 
rier-current telegraphy (see WIRED WIRELESS) 
in which the modulated carrier can be transmit- 
ted over a telephone line having a voice-frequency 
bandwidth. 

voice-frequency dialing A system of telephone di- 
aling involving the conversion of direct-current 
pulses into voice-frequency alternating-current 
pulses. 

voice-frequency telephony Wire telephone com- 
munication in which the frequencies of the elec- 
tric waves are identical to the frequencies of the 
sound waves (or very nearly so). 

voice grade Pertaining to a communications sys- 
tem having a bandpass capable of transferring a 
human voice with reasonable intelligibility. See 
VOICE FREQUENCIES, 2. 

voice-grade channel 1. A telephone line and at- 
tendant equipment suitable for the transmission 
of speech and certain other information, such as 
control signals, digital data, etc. 2. In a radiotele- 
phone transmitter, a speech amplifier-modulator 
channel suitable only for voice frequencies. 

voice-operated control Abbreviation, vox. Per- 
taining to a device (such as a relay, automatic 
modulation control, transmit-receive switch, etc.) 
that is actuated when the operator speaks into a 
microphone. 

voice-operated device, anti-sing See VODA. 

voice-operated gain-adjusting device See VO- 
GAD. 

voice-operated loss control and suppressor In 
wire telephony, a device that switches the loss 
from the transmitting line to the receiving line 
when the subscriber speaks, and vice versa. 

voice-over The simultaneous recording of a human 
voice (such as that of a narrator) along with other 
sounds (such as music, children playing, wind in 
trees, ocean waves, chirping birds, etc.). The voice 
is generally louder than the other sounds. 

voice print A graphic recording of the speech fre- 
quencies produced by an individual and used as 
a means of identifying that individual. 

voice-recognition device See SPEECH RECOG- 
NIZER. 

voice security In voice communications system, 
the use of encryption and decryption, usually in 
the form of digital algorithms, to “scramble” 
speech at the source and “unscramble” it at the 
destination. 

voice-stress analyzer Abbreviation, VSA. An in- 
strument that samples the spoken voice and pro- 
duces a display from which the relative amount of 
stress experienced by the speaker can be deter- 
mined, and from which, in turn, probable truth 
or falsity of statements or answers can be in- 
ferred. 

voice synthesis device See SPEECH SYNTHE- 
SIZER. 

void space See VACUUM. 

vol Abbreviation of VOLUME. 


volatile 1. Capable of evaporating (e.g., volatile sol- 
vents used in the encapsulation of electronic 
equipment). 2. Explosive (noun and verb). 3. Per- 
taining to a state which is difficult to maintain 
(e.g., a VOLATILE MEMORY). 

volatile memory Memory, usually of the random- 
access type, whose data vanishes when power is 
removed unless some provision is made for mem- 
ory backup. The most common means of memory 
backup is the use of an electrochemical cell or 
battery. Modern memory chips need so little cur- 
rent to store their data that a backup battery 
lasts almost as long in the circuit as it would on 
the shelf. The main advantage of this type of 
memory is the fact that it can easily be erased if 
desired. Compare NONVOLATILE MEMORY. 

volatile storage See VOLATILE MEMORY. 

volatile store See VOLATILE MEMORY. 

Voldicon A form of semiconductor logic device 
used for analysis of analog signals. Trade name of 
Adage, Inc. 

volt Abbreviation, V. The basic practical unit of dif- 
ference of potential (i.e., of electrical pressure); 1 
volt is the difference of potential produced across 
a resistance of 1 ohm by a current of 1 ampere. 
Also see KILOVOLT, MEGAVOLT, MICROVOLT, 
MILLIVOLT, NANOVOLT, and PICOVOLT. 

Volta effect See VOLTA’S PRINCIPLE. 

voltage Symbols, E, e, V, v. Electromotive force, or 
difference of potential; E = IR, where I is current 
and R is resistance. Also see VOLT. 

voltage-actuated device An electronic device, 
such as a field-effect transistor, that amplifies a 
voltage signal or is controlled by a voltage, and 
draws virtually no signal current or control cur- 
rent. The opposite is a current-actuated device, 
such as a bipolar transistor. 

voltage amplification 1. Abbreviation, A,. Amplifi- 
cation of an input-signal voltage to provide a 
higher output-signal voltage. 2. Abbreviation, A,. 
The signal increase (Vou/ Vin) resulting from this 
process. Also called voltage gain. 

voltage-amplification device A low-current de- 
vice designed especially for voltage amplification. 
It provides little or no power amplification. 

voltage amplifier An amplifier operated primarily 
to increase a signal voltage. Compare CURRENT 
AMPLIFIER and POWER AMPLIFIER. 

voltage at peak torque Symbol, V,. For a torque 
motor operated at 25°C, the voltage required to 
produce peak torque at standstill. 

voltage attenuation 1. The reduction in voltage at 
a given point in a circuit. 2. For a device, the ra- 
tio of input voltage to output voltage when the 
output voltage is the lower quantity. 

voltage-balance relay A relay actuated by a volt- 
age differential. 

voltage breakdown See BREAKDOWN VOLTAGE. 

voltage-breakdown test 1. A test in which the 
measured voltage applied to an insulating 
material is continuously increased until the 
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breakdown point is reached. 2. A test in which 
the measured reverse voltage applied to a semi- 
conductor junction is continuously increased un- 
til the reverse breakdown point is reached (see 
AVALANCHE BREAKDOWN). 

voltage burden The voltage drop across a CUR- 
RENT SHUNT. 

voltage calibrator A device used to calibrate, in 
terms of voltage, a meter scale, oscilloscope 
screen, graphic-recorder chart, etc. 

voltage-capacitance curve A plot depicting the 
variation of capacitance with applied voltage for a 
voltage-variable capacitor. For a varactor (vari- 
able-capacitance diode), capacitance varies in- 
versely with reverse direct-current voltage. 

voltage coefficient A figure that shows the extent 
to which a quantity drifts under the influence of 
voltage. It is generally expressed in percent per 
volt or in parts per million per volt (ppm/V). 

voltage coefficient of capacitance For a voltage- 
dependent capacitor, the capacitance change per 
unit change in applied voltage. 

voltage coefficient of resistance For a voltage- 
dependent resistor, the resistance change per 
unit change in applied voltage. 

voltage coil See POTENTIAL COIL. 

voltage comparator A device for comparing (usu- 
ally only two) voltages. The various types range 
from simple, manually balanced potentiometers 
to analog or digital devices that automatically 
compare the applied voltages and provide a direct 
readout of either their difference or the percent of 
unbalance. 

voltage control 1. A component or circuit that al- 
lows the adjustment of the output voltage of a 
power supply within a given range. 2. The adjust- 
ment of the output voltage of a power supply to 
optimize the performance of a circuit connected 
to the supply. 3. Any form of circuit control that 
is accomplished by the adjustment of the voltage 
at a given circuit point. 

voltage-controlled amplifier Abbreviation, VCA. 
An amplifier in which gain is controlled by means 
of a voltage applied to a control terminal. 

voltage-controlled attenuator An attenuator cir- 
cuit in which a transistor serves as a voltage- 
variable resistor. The output resistance of the 
transistor varies inversely with the direct-current 
bias voltage applied to the input electrode (base, 
emitter, or gate). 

voltage-controlled capacitor See 
DEPENDENT CAPACITOR. 

voltage-controlled crystal oscillator Abbrevia- 
tion, VCCO or VCXO. A voltage-controlled oscilla- 
tor of the crystal-stabilized type. 

voltage-controlled generator Abbreviation, VCG. 
Any signal-generating device whose output fre- 
quency is varied by changing one of the direct- 
current operating voltages of the device. 

voltage-controlled oscillator Abbreviation, VCO. 
An oscillator of the inductance-capacitance (LC) 
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type that employs a varactor diode in the capaci- 
tive portion of the tuned circuit. The varactor is 
placed in series or parallel with the tuning capac- 
itor and is isolated for direct current by blocking 
capacitors. The frequency can be adjusted, within 
certain limits, by nonmechanical means. The sig- 
nal can also be frequency modulated by applying 
the modulating voltage across the varactor. 

voltage-controlled resistor See VOLTAGE-DE- 
PENDENT RESISTOR. 

voltage corrector See VOLTAGE REGULATOR. 

voltage crest See VOLTAGE PEAK. 

voltage-current characteristic See VOLTAGE- 
CURRENT CURVE. 

voltage-current crossover The point at which a 
voltage-regulated supply becomes a current- 
regulated supply. 

voltage-current curve For a circuit or device, the 
plot of the interrelationship of current and volt- 
age, with voltage as the independent variable. 

voltage-current feedback See CURRENT-VOLT- 
AGE FEEDBACK. 

voltage decay The exponential decrease of voltage 
across a discharging capacitor. Also see EXPO- 
NENTIAL DECREASE. 

voltage-dependent capacitor A capacitor (such as 
a varactor) whose capacitance varies with applied 
voltage. 

voltage-dependent resistor A nonlinear resistor 
whose value varies inversely with the voltage drop 
across it. Also called varistor. 

voltage detector A circuit or device that delivers 
an output voltage only when the input voltage is 
of a prescribed value. Compare VOLTAGE DIS- 
CRIMINATOR. 

voltage-determined property A property (capaci- 
tance, current, frequency, or resistance) whose 
magnitude depends on the value of an applied 
voltage. See, for example, VOLTAGE-DEPENDENT 
CAPACITOR, VOLTAGE-DEPENDENT RESISTOR, 
and VOLTAGE-CONTROLLED OSCILLATOR. 

voltage differential Symbol, dE or dV. An in- 
finitesimal change in voltage. Compare VOLTAGE 
INCREMENT. 

voltage-directional relay 1. A relay that is actu- 
ated when voltage exceeds a certain value in a 
given direction. 2. A relay that closes only when 
the applied voltage is in a specific direction. 

voltage discriminator A circuit or device whose 
output voltage is zero when the input voltage is of 
a prescribed value. When the input voltage is 
greater than this value, the output is positive; 
when it is less, the output is negative. 

voltage distribution 1. The delivery of operating 
voltage throughout a circuit (e.g., high and low 
direct-current voltages in the various stages of a 
control circuit). 2. Sometimes, the distribution of 
electrical energy (“power” distribution). 

voltage divider A resistive or capacitive poten- 
tiometer or network used to divide an applied 
voltage by a desired amount. 


de 


5059F-pV-716-737 


4/10/01 9:56 AM Page 733 A 
P 
Ea. = 2(1.41)E ms 

ac 

Input C1 
(Ems) 

rms J de 
Output 
= (Eac) 
C2 


voltage doubler 


voltage doubler A power-supply circuit that sup- 
plies a direct-current output voltage of about 
twice the peak value of the alternating-current in- 
put voltage. 

voltage drift See DRIFT VOLTAGE. 

voltage drop Abbreviation, VD. The voltage (E) set 
up across a resistance (R) carrying a current (1); 
E = IR. For alternating current, reactance X and 
impedance Z can be substituted for resistance, 
where applicable. 

voltage-equalizing resistors In a power-supply fil- 
ter, resistors connected across each capacitor in 
a string of electrolytics connected in series to 
withstand a high voltage. The resistors protect 
the capacitors by equalizing the voltage across 
them. 

voltage-fed antenna An antenna in which the 
feeder is attached to the radiator at a voltage loop 
(current node). Compare CURRENT-FED AN- 
TENNA. 

voltage feed The delivery of voltage to a device or 
circuit at a point where voltage, rather than cur- 
rent, is dominant. Compare CURRENT FEED. 

voltage feedback A feedback signal consisting of 
voltage fed from the output to the input circuit of 
an amplifier or other device. Compare CURRENT 
FEEDBACK and CURRENT-VOLTAGE FEED- 
BACK. 

voltage-frequency transducer 1. A device whose 
output voltage is a function of the frequency ofa 
signal at the input. 2. A device whose output 
frequency is a function of the voltage at the 
input. 

voltage gain See VOLTAGE AMPLIFICATION. 

voltage generator See VOLTAGE SUPPLY. 

voltage gradient The voltage per unit length along 
a defined path. 

voltage increment A change in voltage repre- 
sented by E) — E;, where Ez and E; are the volt- 
ages at two defined points on a curve, and the 
difference is finite (nonzero). Compare VOLTAGE 
DIFFERENTIAL. 

voltage input encoder An analog-to-digital en- 
coder for which the input is an analog voltage. 
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See, for example, VOLTAGE-TO-SHAFT-POSI- 
TION ENCODER. 

voltage inverter A circuit or device whose voltage 
output has the sign opposite that of the input 
voltage. The device might or might not provide 
amplification. 

voltage jump 1. An upward transient in voltage. 
2. In a glow-discharge tube, a sudden break or 
increase in voltage drop across the tube. 

voltage lag The condition in which voltage changes 
occur after corresponding current changes. Com- 
pare CURRENT LAG and VOLTAGE LEAD. 

voltage lead The condition in which voltage 
changes precede corresponding current changes. 
Compare CURRENT LEAD and VOLTAGE LAG. 

voltage level 1. A prescribed reference value of 
voltage (e.g., the black level in a television picture 
signal). 2. The discrete value of a steady voltage, 
or the average value of a fluctuating voltage, as 
observed or measured in a circuit. 

voltage limit The maximum or minimum level in a 
voltage range. 

voltage loop In a standing-wave system, such as 
an antenna or transmission line, a maximum- 
voltage point. Compare VOLTAGE NODE. 

voltage loss 1. Reduction of a voltage across a 
load, occurring because of a series resistance. 
2. The ratio, in decibels, between the input voltage 
to a transmission line and the output voltage at 
the load end of the line, assuming that the 
impedance is the same at both points. 

voltage maximum See VOLTAGE PEAK. 

voltage minimum See VOLTAGE TROUGH. 

voltage-mode switching circuit A resistor-tran- 
sistor-logic (RTL) NAND or NOR circuit in which 
(in the off state) the transistor is cut off by the Vgg 
bias voltage. The output is then approximately 
equal to the collector supply voltage, Vcc. The 
proper combination of input pulses overrides the 
cutoff bias, and the transistor switches on. The 
output then drops to a level equal to Vcc minus 
the voltage drop across the external collector re- 
sistor. 

voltage multiplier A special type of rectifier circuit 
that delivers a direct-current output voltage that 
is a multiple of the peak value of the alternating- 
current input voltage, thus affording voltage step- 
up without a transformer. See, for example, 
VOLTAGE DOUBLER; VOLTAGE QUADRUPLER; 
QUINTUPLER, 1; and VOLTAGE TRIPLER. 

voltage node In a standing-wave system, such as 
an antenna or transmission line, a minimum- 
voltage point. Compare VOLTAGE LOOP. 

voltage of self-induction The voltage drop across 
an inductor, resulting from the flow of alternating 
current through the inductor; it is caused by self- 
induction. 

voltage peak The highest value attained by a volt- 
age during an excursion. Also called voltage crest 
or voltage maximum. Compare VOLTAGE 
TROUGH. 
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voltage-power directional relay A relay system in 
which two circuits are connected when their volt- 
age difference exceeds a predetermined value in 
one direction, and are disconnected when the 
voltage in the opposite direction exceeds a prede- 
termined level. 

voltage quadrupler A special rectifier circuit that 
supplies a direct-current output voltage of ap- 
proximately four times the peak alternating- 
current input voltage. 

voltage quintupler See QUINTUPLER, 1. 

voltage-range multiplier 1. A multiplier resistor 
(see VOLTMETER MULTIPLIER) connected in se- 
ries with a voltmeter that has an internal multi- 
plier, to increase the range of the instrument. 
2. For an alternating-current voltmeter, an input 
amplifier used to increase the sensitivity of the in- 
strument. 

voltage rating 1. For a circuit or device, the rec- 
ommended maximum voltage that can be ap- 
plied, or the recommended working voltage, as 
specified. 2. For a generator, the specified output 
voltage. 

voltage ratio The quotient of the voltages, E/E, 
at two specific points in a circuit, device, or sys- 
tem. Examples: ratio of input voltage to output 
voltage and ratio of primary voltage to secondary 
voltage. 

voltage-ratio box See VOLT BOX. 

voltage reference See STANDARD CELL and 
ZENER-DIODE VOLTAGE REFERENCE. 

voltage-reference cell See STANDARD CELL. 

voltage-reference diode A Zener diode biased 
into its Zener region. The voltage drop across the 
diode is comparatively constant. Under proper 
conditions, it can be used for reference 
purposes. Also see ZENER-DIODE VOLTAGE 
REFERENCE. 

voltage reflection coefficient In a reflected-wave 
situation, the ratio E,/E; where ŒE; is the field- 
strength voltage of the incident wave, and Er is 
the field-strength voltage of the reflected wave. 


voltage-regulated supply See CONSTANT-VOLT- 
AGE SOURCE. 

voltage-regulating transformer A special trans- 
former in which a resonant circuit and core satu- 
ration (see SATURATED OPERATION, 1) are used 
to provide a constant output voltage. 

voltage regulation The stabilization of a voltage 
against fluctuations in source or load. 

voltage-regulation constant Symbol, K,. For a 
voltage-regulated power supply, the ratio 
dE,/dE; where dE; is a change in input voltage, 
and dE, is the corresponding change in load volt- 
age. 

voltage regulator A circuit or device that holds an 
output voltage constant during variations in the 
output load or input voltage. 

voltage-regulator diode See 
VOLTAGE REGULATOR. 

voltage-regulator transformer See VOLTAGE- 
REGULATING TRANSFORMER. 

voltage relay A relay or relay circuit that is actu- 
ated by a discrete voltage, rather than by current 
or power. 

voltage-responsive device See VOLTAGE-ACTU- 
ATED DEVICE. 

voltage rise The normal condition in a series- 
resonant circuit, in which the voltage across the 
coil or capacitor is higher than the voltage applied 
to the circuit. 

voltage saturation In a current-actuated device, 
such as a bipolar transistor, the situation in 
which an increase in current provides no increase 
in voltage drop beyond a certain point (the satu- 
ration point). 

voltage-sensitive bridge A bridge having a nonlin- 
ear element (such as a voltage-dependent resis- 
tor) as one of the arms. Because of this element, 
the bridge can be balanced (with a given set of 
other arms) at only one value of applied voltage. 
At lower voltages, the bridge becomes unbalanced 
in one direction; at higher voltage, in the opposite 
direction. 
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voltage-sensitive capacitor See VOLTAGE- 
DEPENDENT CAPACITOR. 

voltage-sensitive resistor See VOLTAGE-DEPEN- 
DENT RESISTOR. 

voltage sensitivity 1. Particular responsiveness of 
a circuit or device to voltage, rather than current 
or power. See, for example, VOLTAGE-DEPEN- 
DENT CAPACITOR, VOLTAGE-DEPENDENT RE- 


SISTOR, and VOLTAGE RELAY. 2. See 
VOLTMETER SENSITIVITY. 
voltage-spectrum function The voltage-vs.- 


frequency curve at the output of a circuit or 
transducer. 

voltage-stabilized supply See CONSTANT-VOL- 
TAGE SOURCE. 

voltage stabilizer See VOLTAGE REGULATOR. 

voltage-stabilizing diode See ZENER-DIODE 
VOLTAGE REGULATOR. 

voltage standard A device that delivers a voltage of 
accuracy and stability so that it can be used to 
calibrate other voltage generators and test instru- 
ments. See, for example, STANDARD CELL and 
ZENER-DIODE VOLTAGE REFERENCE. 

voltage standing-wave ratio Abbreviation, VSWR. 
In a standing-wave system, the ratio of the maxi- 
mum voltage to the minimum voltage. 

voltage supply A power supply whose usable out- 
put is voltage, rather than current or power. 
When such a supply is not voltage-regulated, it 
can only be used reliably with a very light load. 

voltage to chassis In electronic equipment 
mounted on a metal chassis, the voltage between 
the chassis and a given point in the circuit. 

voltage-to-frequency converter A device or cir- 
cuit that delivers an output frequency propor- 
tional to an input voltage (usually direct current). 
Compare FREQUENCY-TO-VOLTAGE CON- 
VERTER. 

voltage to ground 1. In a circuit, the voltage mea- 
sured between a given point and the ground 
point. 2. The voltage measured between the earth 
and a line or piece of equipment. 

voltage to panel In electronic equipment mounted 
on a metal panel, the voltage between the panel 
and a given point in the circuit. 

voltage-to-shaft-position encoder An encoder for 
which the output is the rotation of a motor shaft 
over an arc proportional to an input voltage. 

voltage transformer 1. A transformer used 
primarily to supply voltage with little or no 
current. 2. A small step-up transformer for in- 
creasing the sensitivity of an alternating-current 
voltmeter. Also called POTENTIAL TRANS- 
FORMER. 

voltage tripler A rectifier circuit that, without a 
transformer, supplies a direct-current output 
voltage of approximately three times the peak 
value of the alternating-current input voltage. 

voltage trough The lowest value reached by a volt- 
age during an excursion. Compare VOLTAGE 
PEAK. 
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voltage tuning A method of adjusting the fre- 
quency of an oscillator or resonant circuit by 
means of a variable, direct-current voltage. 

voltage-tunable magnetron A magnetron oscilla- 
tor in which the output frequency is varied by ad- 
justing the direct-current voltage on the tube. 

voltage-tunable oscillator See VOLTAGE- 
CONTROLLED OSCILLATOR. 

voltage-turns ratio The turns ratio of a trans- 
former, indicated by the ratio of primary voltage 
to secondary voltage, or vice-versa. 

voltage-type telemetry Telemetry based upon the 
variation of a single voltage in sympathy with the 
changes in a sensed phenomenon. 

voltage-variable capacitor 1. A specially pro- 
cessed semiconductor diode of which the voltage- 
variable capacitance of the junction is utilized. 
Also called VARACTOR. 2. A capacitor having a 
specially processed nonlinear dielectric, such as 
barium strontium titanate, whose capacitance 
varies inversely with the applied direct-current 
bias voltage. 

voltage-variable resistor See VOLTAGE-DEPEN- 
DENT RESISTOR. 

voltage vector Ina vector diagram, a vector show- 
ing the magnitude and phase of a voltage. Com- 
pare CURRENT VECTOR. 

voltaic Pertaining to chemically produced direct 
current. Sometimes interchangeable with gal- 
vanic. 

voltaic cell For the generation of a direct-current 
voltage, a primary cell consisting of two elec- 
trodes made of different metals and immersed in 
an electrolyte. Also called GALVANIC CELL. Also 
see CELL, ELECTROMOTIVE SERIES, and PRI- 
MARY CELL. 

voltaic couple A pair of dissimilar metals (or other 
substances) that generate a direct-current volt- 
age when they contact an electrolyte. 

voltaic pile A rudimentary primary battery con- 
sisting of a series of disks made of two different 
metals, stacked alternately with electrolyte- 
soaked cloth or paper disks. 
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voltaic series See ELECTROMOTIVE SERIES. 

voltameter An electrolytic cell for determining the 
value of an unknown current, or of an unknown 
quantity of electricity, from the weight of metal 
deposited out of an electrolyte onto the cathode 
by the passage of current over an accurately 
timed interval. 

volt-ammeter A combination meter for measuring 
electrical voltages and currents. 

volt-ampere Symbol, VA. Unit, watt. The simple 
product of voltage and current in volts and am- 
peres, yielding the true power in a direct-current 
circuit and the apparent power in an alternating- 
current circuit. Also see APPARENT POWER and 
TRUE POWER. 

volt-ampere-hour meter See VAR-HOUR METER. 

volt-ampere meter See VAR METER. 

volt-amperes reactive Abbreviation, VAR. The 
product of volts and amperes for a purely reactive 
circuit. This product does not produce the true 
power because the power factor is neglected; it 
produces only the apparent power. A true reac- 
tance absorbs power during one half-cycle of al- 
ternating current, and returns it to the generator 
during the next half-cycle. 

Volta's law See VOLTA'S PRINCIPLE. 

Volta's pile See VOLTAIC PILE. 

Volta’s principle Two dissimilar metals brought 
into contact (even in air) will generate a difference 
of potential whose value is characteristic of the 
metals. Also see ELECTROMOTIVE SERIES. 

volt box A precision, potentiometer-type voltage 
divider used in the calibration of meters and 
other instruments. The device is usually provided 
with a set of terminal posts for selecting various 
ratios of output voltage to input voltage. 

volt-electron See ELECTRONVOLT. 

voltmeter A usually direct-reading instrument 
used to measure voltage. Also see ELECTRONIC 
VOLTMETER, FET VOLTMETER, TRANSISTOR 
VOLTMETER, and VACUUM-TUBE VOLTMETER. 

voltmeter-ammeter See VOLT-AMMETER. 

voltmeter amplifier A wideband, flat-frequency- 
response, low-distortion preamplifier used to 
boost the sensitivity of an alternating-current 
voltmeter. 

voltmeter-millivoltmeter A voltmeter that pro- 
vides several low ranges, as well as several high 
ones. A familiar example is an alternating- 
current voltmeter, which has various full-scale 
ranges from about 1 millivolt to about 1000 volts. 

voltmeter multiplier A resistor connected in se- 
ries with a current meter (usually a milliammeter 
or microammeter) to convert it into a voltmeter. 

voltmeter sensitivity Unit, ohm per volt. For a 
voltmeter, the total resistance of the instrument 
(multiplier resistance plus the resistance of the 
meter movement) divided by the full-scale deflec- 
tion of the meter. Thus, a O-to-10 direct-current 
voltmeter with an input resistance of 100 kilohms 
has a sensitivity of 10,000 ohms per volt. 
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volt-milliammeter A combination meter for mea- 
suring volts and milliamperes. 

volt-ohm-ammeter A multimeter for measuring 
voltage, resistance, and current (in amperes). 

volt-ohmmeter A combination meter for measur- 
ing voltage and resistance. 

volt-ohm-milliammeter Abbreviation VOM. A 
multimeter for measuring voltage, resistance, 
and current (in milliamperes and microamperes). 

voltsensor See VOLTAGE DETECTOR. 

volts per meter Abbreviation, V/m or Vpm. The 
unit of electric field strength. 

volume 1. Intensity of sound. Also called LOUD- 
NESS. 2. A circumscribed portion of space, either 
imaginary or actually occupied, and described by 
three dimensions (e.g., sphere, ellipsoid, cube, 
pyramid, etc.). 3. In a computer system, a unit of 
magnetic storage medium (e.g., a diskette). 

volume compression The automatic reduction of 
the gain of an audio amplifier. The process differs 
from clipping (which “slices off” the tops of waves) 
in that compression (ideally) reduces the ampli- 
tude while preserving the waveform. Compare 
VOLUME EXPANSION. 

volume compressor A circuit or device (such as an 
automatic-gain-control amplifier) for achieving vol- 
ume compression. Compare VOLUME EXPANDER. 

volume conductivity The reciprocal of VOLUME 
RESISTIVITY. 

volume control A variable resistor (usually a po- 
tentiometer) or a network of resistors (such as a 
pad) for adjusting the gain, and, consequently, 
the output-signal loudness, of an amplifier. 

volume equivalent In wire telephony, speech 
loudness throughout the system, expressed in 
terms of the trunk loss in a reference system and 
adjusted for equal loudness. 

volume expander A circuit or device for automati- 
cally boosting the volume of an audio-frequency 
signal. Also see EXPANDER. Compare VOLUME 
COMPRESSOR. 

volume expansion The technique of automatically 
increasing the gain, and consequently the 
output-signal volume, of an audio amplifier. Also 
see VOLUME EXPANDER. Compare VOLUME 
COMPRESSION. 

volume indicator A fast-acting alternating- 
current meter used to monitor the volume level in 
an audio channel in which the signal level is 
fluctuating. The scale is graduated in VOLUME 
UNITS. Also called VU meter. 

volume lifetime In a homogeneous semiconduc- 
tor, the interval between minority-carrier genera- 
tion and recombination. 

volume limiter A circuit or device that automati- 
cally holds the volume level of an audio channel 
to a predetermined maximum. Also see VOLUME 
COMPRESSION and VOLUME COMPRESSOR. 

volume-limiting amplifier An amplifier that func- 
tions as a volume limiter through the action of 
volume-limiting subcircuits. 
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volume magnetostriction 1. The decrease in the 
total volume of certain ferromagnetic substances 
under the influence of a magnetic field. 2. The in- 
crease in the total volume of certain ferromag- 
netic substances under the influence of a 
magnetic field. 

volume range Unit, decibel (dB). The difference be- 
tween the maximum and minimum volume levels 
that a device or system can accommodate. 

volume recombination rate Within the volume of 
a semiconductor, the rate at which electrons and 
holes recombine. 

volume resistance The effective resistance, 
through a given medium, between two electrodes 
placed within that medium. 

volume resistivity The resistance of a specific vol- 
ume of a material (e.g., the resistance between 
opposite faces of a 1-centimeter cube of the mate- 
rial). Also see MICROHM-CENTIMETER; OHM- 
CENTIMETER; RESISTIVITY. 

volumetric efficiency In an electronic assembly, 
the ratio of the volume of parts to the total volume 
of the assembly. 

volumetric radar A radar providing a three- 
dimensional display. 

volumetric sensor In security systems, a device 
that detects effects in a specifically defined three- 
dimensional region, such as an entire room (from 
floor to ceiling). 

volume unit Abbreviation, VU. The unit of mea- 
surement of fluctuating alternating-current 
power, such as that of speech or music. Zero VU 
corresponds to a reference power of 2.51 milli- 
watts, or +4 dBm (four decibels above 1 milli- 
watt). Volume units are measured with a 
VOLUME INDICATOR. 

volume-unit indicator See VOLUME INDICATOR. 

volunteer examiner In amateur radio, a person 
who works with the Federal Communications 
Commission (FCC) to administer license exami- 
nations. Such a person is not actually an em- 
ployee of the FCC, but serves on an independent, 
volunteer basis. 

VOM Abbreviation of VOLT-OHM-MILLIAMMETER. 
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von Hippel breakdown theory The theory that, 
assuming no electron-energy distribution, break- 
down occurs at field intensities for which the re- 
combination rate of electrons and holes is lower 
than the rate of ionization by collision. 

von Neumann architecture In computer systems, 
a design scheme in which the bits are transmitted 
serially (one by one) along a single line or bus. 

VOR Abbreviation of very-high-frequency omni- 
range (see VHF OMNIRANGE). 

voter See MAJORITY LOGIC. 

vox Abbreviated form of VOICE-OPERATED CON- 
TROL. 

Vp 1. Symbol for GATE-SOURCE PINCHOFF VOLT- 
AGE of a field-effect transistor. 2. Symbol for 
PLATE VOLTAGE. 

Vp Symbol for VOLTAGE AT PEAK TORQUE. 

V particle See VEE PARTICLE. 

Vpm Abbreviation of VOLTS PER METER. (Also, 
V/m.) 

VR 1. Abbreviation of VIRTUAL REALITY. 2. Abbre- 
viation of VOLTAGE REGULATOR. 

VRAM Abbreviation of VIDEO RANDOM-ACCESS 
MEMORY. 

Vreg Abbreviation of reference voltage. 

vrr Abbreviation of visual radio range. 

Ves Abbreviation of volt-seconds (webers). 

Ves/A Abbreviation of volt-seconds per ampere 
(henrys). 

VSA Abbreviation of VOICE-STRESS ANALYZER. 

VSB Abbreviation of VESTIGIAL SIDEBAND. 

VSF Abbreviation of VESTIGIAL-SIDEBAND FILTER. 

V signal See VEE SIGNAL. 

vsr Abbreviation of VERY SHORT RANGE. 

VSWR Abbreviation of VOLTAGE STANDING- 
WAVE RATIO. 

vt 1. Abbreviation of VACUUM TUBE. 2. Abbrevia- 
tion of variable time. 

VT fuse See PROXIMITY FUSE. 

VTL Abbreviation of VARIABLE-THRESHOLD 


LOGIC. 

vtm Abbreviation of VOLTAGE-TUNABLE MAG- 
NETRON. 

VTO Abbreviation of VOLTAGE-TUNABLE OSCIL- 
LATOR. 


VTR Abbreviation of VIDEOTAPE RECORDER or 
VIDEOTAPE RECORDING. 

VTVM Abbreviation of VACUUM-TUBE VOLT- 
METER. 

vt voltmeter See VACUUM-TUBE VOLTMETER. 

VU Abbreviation of VOLUME UNIT. 

vulcanized fiber A tough insulating material de- 
rived from cellulose. Dielectric constant, 5 to 8. 

VU meter See VOLUME INDICATOR. 

VVCD Abbreviation of voltage-variable capacitor 
diode (see VOLTAGE-VARIABLE CAPACITOR, 1). 

VVV signal See VEE SIGNAL. 

VW Abbreviation of volts working (see WORKING 
VOLTAGE). 

vy Abbreviation for very. 
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W 1. Symbol for WORK. 2. Abbreviation of WATT. 
3. Symbol for TUNGSTEN. 4. Symbol for EN- 
ERGY. 5. Abbreviation of west. 6. Abbreviation of 
WIDTH. 

w 1. Abbreviation of WEIGHT. (Also, wt.) 2. Abbre- 
viation of week. 

WAC Amateur radio abbreviation of Worked All 
Continents, an award given to operators who have 
engaged in verified two-way communication with 
stations on all continents. 


wafer 1. Semiconductor die. 2. A thin, flat disk, Bridge- 
ring, or plate around which the contacts of a ro- pane 
tary switch are spaced. 3. A thin square or rect- cone Wagner 
angle of dielectric material used as the dielectric control 


member in a fixed capacitor. 4. A plate cut from a 
crystal (e.g., a quartz wafer). 

wafer fabrication The various processes used in 
the manufacture of semiconductor integrated cir- 
cuits. 

wafer slicing Cutting plates from a mother crystal, 
as when piezoelectric plates are cut from a quartz 
crystal. 

wafer socket A component socket consisting of a 
plastic or ceramic wafer with spring-type contacts 
for gripping the pins. 

wafer switch A rotary switch whose contacts are waiting time 1. See WARMUP TIME. 2. The delay 


Wagner ground 
(with capacitance bridge) 


arranged around the periphery of a plastic or ce- between the time a data transfer to or from a 
ramic wafer. computer memory is called for and the actual 
Wagner ground A circuit (often a single poten- transfer of the data. Also called LATENCY. 
tiometer) that facilitates cancellation of stray re- walkie-lookie A portable combination camera and 
actance in an alternating-current bridge. The transmitter for remote television pickup. At 
bridge is balanced alternately with the bridge- sports events and other gatherings, the unit is 
balance control and the Wagner control, until strapped to the shoulder of the camera operator. 
there is no further shift of null point when chang- walkie-talkie A portable, compact transceiver (or 
ing from one to the other. transmitter-receiver). 
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wall absorption Diminished radioactive emission 
(especially of beta and gamma rays) because of 
absorption by the radiating substance. 

wall box A wall-mounted (usually metal) box en- 
closing circuit breakers, fuses, switches, etc. 

wall effect In an ionization chamber, the rise in 
ionization because of electrons being released by 
the walls of the chamber. 

wall energy In a ferromagnetic substance, the en- 
ergy per unit area stored in a domain wall be- 
tween two regions of opposite magnetization. 

Wallman amplifier A cascode amplifier (see CAS- 
CODE). 

wall mount A metal bracket for fastening an an- 
tenna to a wall. 

wall outlet A plug or socket, usually mounted in a 
protective box or can and recessed in a wall that 
can be accessed from the front. It is commonly 
used for supplying alternating-current power to 
appliances at 117 volts or 234 volts. It is also 
used in telephone and cable-television systems. 

wall plaque A loudspeaker so thin that, mounted 
in a frame (Sometimes behind grill cloth), it can 
be hung on a wall. 

wall plate A (usually rectangular) plate of metal or 
plastic for holding a wall outlet or wall switch. 

wall plug A male or female plug usually mounted 
in a protective box or can and recessed in a wall. 
Such a device can provide easy access to an an- 
tenna, telephone line, or load; or it can de- 
liver alternating-current, direct-current, or radio- 
frequency power. 

walls The sides of the groove cut into a record disc. 

wall socket A male or female socket usually 
mounted in a protective box or can and recessed 
in a wall. Such a device can provide easy access 
to an antenna, telephone line, or load; or it can 
deliver alternating-current, direct-current, or 
radio-frequency power. 

wall speaker See WALL PLAQUE. 

wall switch A switch usually mounted in a protec- 
tive box or can and recessed in a wall. 

wall telephone A wall-mounted telephone set. It 
generally fits over the jack, so the only cord is be- 
tween the main unit and the receiver. 

wall-through tube See LEAD-IN TUBE. 

Walmsley antenna A phased array consisting of 
several full-wavelength loops. 

wamoscope A radar display tube that performs 
several microwave-receiver functions (detection, 
oscillation, amplification, etc.) as well as display- 
ing an image. The name is an acronym for wave- 
modulation oscilloscope. 

wander See SCINTILLATION, 1. 

WAP Acronym for WIRELESS ACCESS PROTOCOL. 

warble 1. A periodic rise and fall in the pitch of a 
musical tone or combination of tones. 2. To rise 
and fall in pitch with a definite period. 

warble-tone generator An audio-frequency oscil- 
lator whose frequency is varied at a subaudible 
rate over a fixed frequency range. 
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warm junction The heated junction in a two- 
junction thermocouple circuit. Also called HOT 
JUNCTION. Compare COLD JUNCTION. 

warmup The process of stabilizing an electronic 
equipment by allowing its temperature to rise to 
the optimum level. 

warmup time The time required for an electronic 
circuit to become fully operational, or to stabilize, 
after the power has been switched on. 

warning bell (buzzer) A bell (or buzzer) used as an 
audible alarm in a WARNING DEVICE. 

warning device A device, such as an electronic sig- 
naler, for alerting a person to an emergency (in- 
trusion on premises, danger to life and safety, 
etc.) or to the existence of an intrusion into a se- 
cured area. 

warning lamp See WARNING LIGHT. 

warning light A lamp used as a visual alarm ina 
warning device. 

warpage Distortion of the normally straight sides 
of a triangular wave. 

warping In multimedia computer graphics, a 
change in the shape of an object that occurs 
smoothly over a period of time. 

WAS Amateur radio abbreviation of Worked All 
States, an award given to operators who have en- 
gaged in verified two-way communication with 
stations in all states of the United States. 

washer capacitor A very thin donut capacitor. 

washer resistor A resistor made in the general 
shape of a washer or ring and having a center 
hole for a mounting screw or stacking rod. 

washer thermistor A thermistor made in the gen- 
eral shape of a washer and having a center hole 
for a mounting screw or stacking rod. 

washer varistor A varistor made in the general 
shape of a washer and having a center hole for a 
mounting screw or stacking rod. 

washout process A method of fabricating bipolar 
transistors. The contact metal is deposited in the 
diffusion hole. 

waste instruction In a computer program, an in- 
struction not meant to be acted upon (e.g., one 
used to take up space in the listing for some rea- 
son). Also called null instruction and dummy in- 
struction. 

watch A work shift, as of electronic personnel (e.g., 
radio station operators). 

watchcase receiver An earphone enclosed in a 
small, round case with a screw-on cap. It is derived 
from its resemblance to a large pocket watch. 

water absorption For a solid material, such asa 
dielectric, the ratio of the weight of water ab- 
sorbed by the material to the weight of the mate- 
rial. 

water-activated battery A battery that contains 
all the ingredients of its electrolyte, except water, 
which must be added when the battery is put into 
service. 

water adsorption The formation of a thin layer of 
water molecules on the surface of normally dry 
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material, but not by absorption. Also see AD- 
SORPTION. 

water analogy The useful, but not wholly accu- 
rate, teaching device of comparing an electric 
current with the flow of water. In such a compar- 
ison, voltage is shown equivalent to water pres- 
sure, and current to the quantity (e.g., gallons) of 
water flowing in unit time. 

water battery A primary battery or cell using water 
as the electrolyte. 

water calorimeter A calorimeter used to measure 
power in terms of the increase in temperature of 
water heated by the electrical energy. 

water capacitor An emergency capacitor made by 
setting one glass of water in another larger jar of 
water so that the two bodies of water are sepa- 
rated by the walls of the smaller jar. The bodies of 
water, in which an electrolyte has been dissolved, 
form the “plates” of the capacitor, and the wall of 
the smaller jar serves as the dielectric between 
them. 


Electrode 


water capacitor 


water-cooled tube A power tube, such as a large 
radio transmitting tube, cooled by the circulation 
of water in the space between the outside of the 
tube envelope and a surrounding jacket. 

water cooling A method of cooling components by 
pumping water through pipes surrounding them. 

water-flow alarm An electronic circuit that actu- 
ates an alarm when the flow of water through 
pipes or other channels changes from a predeter- 
mined rate. 

water-flow control A servo system for automati- 
cally maintaining or adjusting the flow of water 
through pipes or other channels. 

water-flow gauge See WATER-FLOW METER. 

water-flow indicator See WATER-FLOW METER. 

water-flow meter An instrument used to monitor 
the flow of water through pipes or other channels, 
sometimes showing its direction as well as its 
rate. 

water-flow switch In water-cooled systems (e.g., 
water-cooled tubes), a switch that actuates an 
alarm when the water slows or stops. 
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water glass Sodium silicate, a substance used as a 
fireproofing agent and protective coating. 

water ground An earth connection made by drop- 
ping a weighted wire into a body of water. 

water jacket In a water-cooled device, the outer 
jacket that, along with the outer wall of the cooled 
component, forms a space through which the 
cooling water flows. 

water-level control A servo system that automati- 
cally maintains or adjusts the level of water in- 
side a tank or other container. 

water-level gauge An electronic system that gives 
direct water level readings inside a tank or other 
container. 

water-level indicator See WATER-LEVEL GAUGE. 

water load 1. A makeshift, power-dissipating re- 
sistive load (see DUMMY LOAD) consisting of a 
container of tap water or saltwater into which two 
wires are immersed. 2. A waveguide termination 
containing water heated by the microwave en- 
ergy. It is usable as a water calorimeter. 

water monitor A sensitive electronic instrument 
for checking radioactivity in a water supply. 

water-pipe ground An earth connection made by 
running a wire to the nearest cold-water pipe. 
This scheme works only with metal pipes devoid 
of insulating joints or splices. 

water power Hydroelectric power (i.e., electrical 
energy produced by generators driven by water). 

water-pressure alarm An electronic circuit that 
actuates an alarm when water in pipes or other 
channels changes from a predetermined level. 

water-pressure control A servo system for auto- 
matically maintaining or adjusting water pres- 
sure in pipes or other channels. 


water-pressure gauge See WATER-PRESSURE 
METER. 

water-pressure indicator See WATER-PRESSURE 
METER. 


water-pressure meter An instrument that directly 
indicates water pressure in a pipe or tank. 

water-pressure switch A switch that actuates an 
alarm when water pressure rises or falls. 

water pump Ina water-cooled electronic system, the 
(usually rotary) pump that circulates the water. 

water resistor An electrolytic resistor in which the 
electrolyte is tap water or diluted saltwater. 

water rheostat A variable water resistor. Usually, 
the resistance is varied by moving the immersed 
electrodes closer together or farther apart. 

water tester An instrument for checking pH, elec- 
trical resistance, and other properties of water. 

water witching Locating underground water by 
electronic methods. 

WATS Acronym for Wide Area Telephone Service. A 
form of long-distance telephone service. Rates are 
charged on a different basis than normal long- 
distance service. The system is especially favored 
by businesses because it saves money for sub- 
scribers making a large number of calls in each 
billing period. 


de 
Gy 


5059F-pW-738-758 


4/10/01 10:09 AM Page 741 


ÓN 


watt Abbreviation, W. The practical unit of electric 
and other power. One watt is dissipated by a re- 
sistance of 1 ohm through which a current of 
1 ampere flows. See also KILOWATT, MEGA- 
WATT, MICROWATT, and MILLIWATT. 

wattage Electrical power, especially when ex- 
pressed in watts. 

wattage rating 1. The recommended output power 
of a device. 2. The recommended power dissipa- 
tion of a device. 

watt current The component of alternating cur- 
rent that is in phase with voltage. Also called 
RESISTIVE CURRENT. Compare REACTIVE 
CURRENT. 

watt-decibel conversion The conversion of a 
power level, such as the power output of an am- 
plifier, in watts to the corresponding power level 
in decibels, with respect to a reference level. 
Thus, n dB = 10 logio(P/Prep, where Pis the power 
of interest (watts), and P,ey is the reference level 
(e.g., one milliwatt). 

watt-hour Abbreviation, WH. The unit of electrical 
energy or work; 1 WH = 3600 joules = 10° 
KWH. Also see ENERGY, KILOWATT-HOURS, 
POWER, and WATT-SECOND. 

watt-hour capacity The number of watt-hours 
that a storage battery can deliver reliably and 
safely under specified operating conditions. 

watt-hour-demand meter A combination watt- 
hour meter and demand meter. 

watt-hour efficiency For a storage battery, the 
ratio of watt-hours output to watt-hours of 
recharge. 

watt-hour constant In an electric-energy meter, 
the number of watt-hours in one revolution of the 
indicating disk. 

watt-hour meter An instrument for measuring 
electrical energy in watt-hours. One well-known 
type consists essentially of a small motor geared 
to a row of four dial indicators. An eddy-current 
disk keeps the motor speed proportional to the 
watt-hours consumed by a load, a value which is 
the sum of the readings of the dials. Also called 
SERVICE METER and KILOWATT-HOUR ME- 
TER. 

wattless current The component of alternating 
current that is out of phase with voltage. Also 
called REACTIVE CURRENT. Compare RESIS- 
TIVE CURRENT. 

wattless power The apparent power in a reactive 
circuit, indicated by the product of volts and am- 
peres. There is no actual power consumption be- 
cause the power taken by a reactance during a 
half-cycle is returned to the generator during the 
next half-cycle. Also see AC POWER, APPARENT 
POWER, REACTIVE KILOVOLT-AMPERES, and 
REACTIVE VOLT-AMPERES. 

wattless volt-amperes See WATTLESS POWER. 

wattless watts See WATTLESS POWER. 

wattmeter Abbreviation, WM. An instrument used 
to measure electrical power. The scale usually 
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reads directly in watts, kilowatts, milliwatts, or 
microwatts. Also see ELECTRONIC WATTMETER. 

watt-second Abbreviation, Ws. A small unit of 
electrical energy or work; 1 watt-second = 1 joule 
= 1/3600 watt-hour. Also see ENERGY and 
POWER. 

watt-second constant In an electric-energy meter, 
the number of watt seconds in one revolution of 
the indicating disk. 

wave 1. A single oscillation of some property of 
matter or space, such as density, displacement, 
or field strength. It moves outward from a point of 
disturbance and grows weaker as it travels far- 
ther. Wave motion is associated with mechani- 
cal vibration, sound, radio, heat, light, 
X rays, gamma rays, and cosmic rays. See 
SOUND and WAVELENGTH. 2. A single cycle of 
alternating or pulsating current or voltage. Also 
see AC VOLTAGE, ALTERNATING CURRENT, 
PULSATING DC VOLTAGE, and PULSATING DI- 
RECT CURRENT. 

wave absorption The removal of energy from elec- 
tromagnetic waves as they pass through certain 
media, such as solid bodies, water, and the atmo- 
sphere. Compare POLARIZATION, WAVE RE- 
FLECTION, and WAVE REFRACTION. 

wave amplitude The peak value of a wave. Also see 
WAVE CREST and WAVE TROUGH. 

wave analyzer An instrument consisting essen- 
tially of a continuously tunable bandpass filter 
and an electronic alternating-current voltmeter. 
As the filter is tuned successively to the funda- 
mental frequency of a complex wave and to its 
various harmonics, the voltmeter shows the am- 
plitude of each of the components. Also see HET- 
ERODYNE WAVE ANALYZER. 

wave angle The angle, measured with respect to 
the horizon, at which a radio wave is transmitted 
or received. 

wave antenna See BEVERAGE ANTENNA. 

wave attenuation The reduction of wave ampli- 
tude, with respect to distance from the source. 

waveband A band of radio frequencies. Also called 
FREQUENCY BAND. 

waveband switch See BANDSWITCH. 

wave beam Unidirectional radiation from a direc- 
tive antenna. 

wave bounce See WAVE REFLECTION. 

wave clutter Radar interference caused by waves 
on a body of water, particularly large swells on 
the ocean. 

wave converter A waveguide part, such as a baf- 
fle-plate or grating, that changes a wave pattern 
from one type to another. 

wave crest The maximum value of a wave enve- 
lope. Compare WAVE TROUGH. 

wave cycle Acomplete single alternation of a wave. 

wave direction The direction in which an electro- 
magnetic wave travels. It is perpendicular to the 
wave front and depends (whether it is forward or 
backward) upon the direction of the electric and 
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magnetic components. If either is reversed, wave 
direction reverses; if both are reversed, the direc- 
tion remains unchanged. 

wave duct 1. See DUCT, 1. 2. A tubular waveguide 
in which wave propagation is concentrated. 

wave envelope The outline described by the vari- 
ous amplitude peaks of the cycles in an ampli- 
tude-modulated wave. The envelope frequency is 
equal to the modulating frequency. 


i 


— 


wave envelope 


wave equation A second-degree partial differential 
equation whose solution describes wave phenom- 
ena. 

wave filter A circuit or device that offers different 
amounts of attenuation to signals of different fre- 
quencies. See BANDPASS FILTER, BAND- 
SUPPRESSION FILTER, HIGH-PASS FILTER, and 
LOW-PASS FILTER. 

waveform The shape of a wave described in terms 
of its resemblance to some well-known figure or 
to its conformity to the curve of the applicable 
wave equation (e.g., sinusoidal, square, sawtooth, 
cosine, rectangular, and triangular). 

waveform-amplitude distortion See AMPLITUDE 
DISTORTION. 

waveform analyzer See WAVE ANALYZER. 

waveform converter A circuit or device for chang- 
ing a signal of one waveform (such as a sine wave) 
into one of another waveform (such as a pulse or 
Square wave). 

waveform distortion The malfunction evidenced 
by a change of the waveshape of a signal passing 
through a circuit. 

waveform error In a quantity displayed by an 
alternating-current test instrument, an error 
caused by the waveform of the measured signal. 
Thus, a voltmeter calibrated with a sine-wave 
voltage is subject to error when a measured sig- 
nal is nonsinusoidal. Also called waveform effect. 

waveform generator See FUNCTION GENERATOR. 

waveform influence See WAVEFORM ERROR. 

waveform monitor In television operations, an os- 
cilloscope that continuously displays the video 
waveform. 

waveform synthesizer A variable-frequency signal 
generator that allows the tailoring of waveshape 
to suit individual applications. A function genera- 
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tor (see FUNCTION GENERATOR, 1) is such an 
instrument, but it usually provides only a choice 
of common waveshapes. 

wave front Fora radio wave, the plane that is par- 
allel to the perpendicular electric and magnetic 
lines of flux. The wave propagates at right angles 
to this plane. 

wave function A point function in a wave equa- 
tion, specifying wave amplitude. 

wave group The resultant of several different- 
frequency waves traveling over a common path. 

waveguide A transmission line used at ultra-high 
and microwave radio frequencies. It is a hollow 
metal pipe with a rectangular or circular cross 
section. A rectangular waveguide must have 
sides measuring at least 0.5 wavelength and 
preferably more than 0.7 wavelength. A circular 
waveguide should be at least 0.6 wavelength in 
diameter, and preferably 0.7 wavelength or more. 
The characteristic impedance (Zo) varies with fre- 
quency. In this sense, it differs from coaxial or 
parallel-wire lines, whose Zo values are indepen- 
dent of frequency. 

waveguide apparatus See WAVEGUIDE COMPO- 
NENTS. 

waveguide attenuator A device, such as an inter- 
posed energy-absorbing plate, for signal attenua- 
tion in a waveguide. 

waveguide choke flange A waveguide flange that 
presents no impedance to the signal, and which 
need not be metallic for continuity. 

waveguide component A device adapted for con- 
nection to, or insertion into, a waveguide system. 
Such components include waveguide parts and 
accessories (e.g., splicing hardware, attenuators, 
loads, wavemeters, etc.). 

waveguide connector A fitting for joining wave- 
guides for the efficient propagation of a signal. 

waveguide coupling See WAVEGUIDE CONNEC- 
TOR. 

waveguide critical dimension The cross-sectional 
dimension that determines the cutoff frequency 
for a waveguide. 

waveguide cutoff In a waveguide, the highest or 
lowest frequency that can be propagated with less 
than a specified amount of attenuation per unit 
length. 

waveguide directional coupler A directional cou- 
pler made of two parallel waveguides with a com- 
mon wall. Two slots cut in the wall allow part of 
the microwave energy propagated in one direction 
in the main waveguide to be extracted, and en- 
ergy traveling in the opposite direction to be re- 
jected. 

waveguide dummy load A waveguide section that 
dissipates the microwave energy entering it. 

waveguide elbow 1. A curved bend in a wave- 
guide. 2. A waveguide connector with a bend. 

waveguide flange A flat, liplike fitting at the end of 
the pipe of a waveguide. It fastens waveguide 
sections together or attaches a waveguide 
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waveguide elbow 


component, equipped with an identical flange, to 
the end of a waveguide. 

waveguide frequency meter See WAVEGUIDE 
WAVEMETER. 

waveguide gasket A gasket that provides electrical 
continuity between mating waveguide sections. 

waveguide grating An array of wires mounted in- 
side a waveguide, and that passes signals at 
some frequencies while obstructing others. 

waveguide impedance Where the power P is 
known, and voltage E and current I are defined, 
with respect to a type of wave and waveguide, the 
value is either E?/P or P/P. 

waveguide junction A fitting that allows one 
waveguide section to be joined at an angle to an- 
other section. See, for example, WAVEGUIDE 
TEE and WAVEGUIDE WYE. 

waveguide lens A microwave lens consisting of 
waveguide sections that provide the required 
phase shifts. 

waveguide load See WAVEGUIDE DUMMY LOAD. 

waveguide mode The form of propagation indi- 
cated by the field pattern in a plane transverse 
to the direction in which energy is propa- 
gated through a waveguide. Common modes are 
TRANSVERSE ELECTRIC MODE, also called TE 
mode, and TRANSVERSE MAGNETIC MODE, 
also called TM mode. 

waveguide mode suppressor A filter that sup- 
presses undesired propagation modes in a wave- 
guide. 

waveguide phase shifter A shifter for adjusting 
the phase of waveguide output energy, with re- 
spect to input energy. 

waveguide plunger A plunger-like device that re- 
flects incident microwave energy in a waveguide. 
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waveguide post A transverse rod inside a wave- 
guide that acts as a parallel susceptance. 

waveguide probe A pickup probe (tip or loop, as 
required) for sampling the field inside a wave- 
guide, or a similar injection probe for introducing 
energy into a waveguide. Also see WAVEGUIDE 
SLOTTED LINE. 

waveguide propagation 1. The transmission of 
microwave energy through a waveguide by suc- 
cessive reflections between the inner walls. 
2. Propagation of very-high-frequency (VHF), ultra- 
high-frequency (UHF), or microwave electromag- 
netic fields through an atmospheric duct (see 
DUCT, 1), as if through a waveguide. 3. Propaga- 
tion of very-low-frequency (VLF) electromagnetic 
fields through a waveguide-like duct between the 
ionosphere and the earth’s surface. 

waveguide radiator An antenna consisting of an 
open-ended waveguide with or without a horn. It 
radiates microwave energy into space or to a re- 
flector. 

waveguide resonator A waveguide section used as 
a cavity resonator (see RESONANT CAVITY). 

waveguide seal A protective cover for the end ofa 
waveguide. The seal introduces very little mi- 
crowave attenuation, while preventing entry of 
moisture and debris. 

waveguide shim A thin, pliable metal sheet inserted 
between mating waveguide components for electri- 
cal continuity. Also see WAVEGUIDE GASKET. 

waveguide shutter An adjustable mechanical bar- 
rier, such as a rotatable vane, inserted into a 
waveguide to block or divert microwave energy. 

waveguide slotted line A section of waveguide 
having a slot that accommodates a movable 
probe or coupling element. 

waveguide slug tuner A quarter-wave dielectric 
slug inserted into a waveguide so that its amount 
of penetration and position can be adjusted for 
tuning purposes. 

waveguide stub A stub consisting of a waveguide 
section joined to a main waveguide at an angle 
and provided with a nondissipative termination. 

waveguide stub tuner An adjustable piston in a 
waveguide stub for tuning purposes. 

waveguide switch A switch consisting of a mov- 
able section of waveguide that can be positioned 
for coupling to one of several other waveguide 
sections; it thus passes the energy it receives to 
any of the other sections. 

waveguide system Microwave “plumbing” consist- 
ing of waveguides, their fittings and accessories, 
and associated components (such as attenuators, 
loads, wavemeters, etc.). 

waveguide taper A connector that is flared to allow 
coupling between two waveguide sections having 
different cross-sectional sizes. 

waveguide tee In a waveguide assembly, a tee- 
shaped junction used to connect a section of 
waveguide in series or parallel with another 
section. 
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waveguide transformer A waveguide component 
that functions as an impedance transformer. 

waveguide tuner In a waveguide system, an ad- 
justable tuner providing impedance transforma- 
tion. 

waveguide twist A length of waveguide whose 
cross section is rotated around the longitudinal 
axis (e.g., from vertical to horizontal). 


Greater 
than 24 


C | 


waveguide twist 


waveguide wavelength In a uniform waveguide 
operating at a given frequency and in a particular 
mode, the distance between similar points for 
360° phase shift. 

waveguide wavemeter A waveguide component 
that acts as an absorption wavemeter or trans- 
mission wavemeter for identifying microwave 
frequencies. 


Voltmeter 
Voltage probe Slot for sliding 
Metal cylinder probe along guide 
Movable | Wave of 
plunger O 
À 
A 
7» Energy 


waveguide wavemeter 


waveguide wedge See WEDGE, 1. 

waveguide window A thin metal opening mounted 
transversely inside a waveguide for impedance- 
matching purposes. The edges of the slit in a ca- 
pacitive window are perpendicular to the electric 
field; in an inductive window, they are parallel to 
the electric field. 

waveguide wye In a waveguide assembly, a wye- 
shaped junction for joining three waveguide sec- 
tions. 

wave heating Heating a material by energy ab- 
sorbed from traveling electromagnetic waves. 

wave interference Interaction between two or 
more waves, resulting in reinforcements and can- 
cellations of energy. 
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wavelength Unit, meter. The displacement in one 
complete wave of an alternating or vibrating phe- 
nomenon, generally measured from crest to crest 
or from trough to trough of successive waves. For 
electromagnetic waves in free space, the wave- 
length in meters is equal to 3 x 108 divided by the 
frequency in Hertz. Also see WAVELENGTH- 
PERIOD-FREQUENCY RELATIONSHIPS. 


Wavelength 
Positive 


Negative 


wavelength 


wavelength constant The imaginary-number 
component of the propagation constant. 

wavelength shifter 1. A frequency shifter whose 
performance is indicated in units of wavelength, 
rather than in units of frequency. 2. In certain 
photosensitive cells and tubes, a photofluores- 
cent substance that raises the efficiency of the 
device by absorbing photons and then releasing 
ones of longer wavelength. 

wave mechanics A theory of matter that views 
subatomic particles as complex wave patterns, 
and attempts to account for all physical pro- 
cesses in terms of wave phenomena. 

wavemeter An instrument for measuring the wave- 
length or frequency of radio waves. One form con- 
sists of a series-resonant circuit containing an 
inductor, variable capacitor, and diode-type me- 
ter. The dial of the capacitor is calibrated to read 
in MHz. The inductor picks up energy from the 
radio-frequency source of unknown frequency, 
the capacitor is tuned for peak deflection of the 
meter, and the unknown frequency is read from the 
dial. This instrument is often called an absorption 
wavemeter because it absorbs a certain amount of 
power from the signal source under test. See also 
CAVITY WAVEMETER, COAXIAL WAVEMETER, 
LECHER WIRES, and SLOTTED LINE. 

wave motion Undulating motion (e.g., up and 
down, and side to side). An electromagnetic wave 
has undulating electric and magnetic compo- 
nents that are both in phase and perpendicular 
to each other and to the direction of propagation 
of the wave. 

wave normal 1. The direction of propagation of an 
electromagnetic wave. 2. A unit vector directed at 
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a right angle to both the electric and magnetic 
lines of flux in an electromagnetic wave. 

wave number The reciprocal of wavelength. This 
number denotes the number of waves per unit 
distance. 

wave packet A short pulse composed of waves. 

wave packets Radiant energy resulting from a 
number of wave trains of different wavelength. 

wave path The line along which a WAVE TRAIN is 
propagated. 

wave polarization The direction (horizontal or ver- 
tical) of wave undulations (i.e., the plane of the 
undulations, with respect to the direction of 
propagation). In general, a vertical antenna 
radiates a vertically polarized wave, and a 
horizontal antenna radiates a horizontally 
polarized wave. 

wave propagation The movement of waves 
through space or through some medium. Electro- 
magnetic waves travel through space at the speed 
of light (approximately 3 x 108 meters, or 186,000 
miles, per second) and, like light, can be reflected 
and refracted. 

wave reflection The reflection of electromagnetic 
waves by an obstruction, such as a solid body or 
a layer of the ionosphere. Compare WAVE AB- 
SORPTION, WAVE POLARIZATION, and WAVE 
REFRACTION. 

wave refraction Bending of the line of propagation 
of electromagnetic waves as they pass through 
various media, such as the troposphere or the 
ionosphere. Compare WAVE ABSORPTION, 
WAVE POLARIZATION, and WAVE REFLECTION. 

waveshape The overall contour of a wave—espe- 
cially as revealed by a curve plotted for the par- 
ticular wave equation. Also see WAVEFORM. 

waveshaping circuit A circuit that receives an in- 
put signal having a certain waveshape, and deliv- 
ers an output signal having a different waveshape. 
For example, a squaring circuit converts a sine 
wave into a square wave at the same frequency. 

wave surface See WAVE FRONT. 

wave tail Ina decaying pulse or signal envelope, the 
interval between the beginning of the decay and 
the point at which the amplitude reaches zero. 

wave telegraphy See RADIOTELEGRAPHY. 

wave telephony See RADIOTELEPHONY. 

wave theory of matter A physical theory that the 
charge of an electron is distributed in space, 
rather than being focused at a point. Also see 
WAVE MECHANICS. 

wave tilt A slight forward tilt of the electric flux 
lines in a radio wave radiated at the surface of the 
earth by a vertical antenna. 

wave train A series of identical electromagnetic 
wave cycles propagated at equal intervals; an 
electromagnetic energy burst lasting at least sev- 
eral cycles. 

wavetrap A resonant circuit consisting of an in- 
ductor and capacitor, either or both of which can 
be adjustable for tuning, used to remove (trap) a 
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signal at the resonant frequency from a signal 
mixture. 

wave trough The minimum value of a wave enve- 
lope. Compare WAVE CREST. 

wave velocity The distance per unit time traversed 
by a wave passing through a given medium. 

wave winding See DRUM WINDING. 

wa-wa pedal A foot-operated device used with an 
electronic musical instrument to produce a “wah- 
wah” sound fluctuation. 

wax 1. Any of a series of organic materials having 
important uses as dielectrics, impregnants, seal- 
ers, and lubricants in electronics. They are usu- 
ally solid or semisolid, waterproof, and easily 
melted. 2. In certain phonograph record discs, a 
blend of wax (see 1, above) and metallic soaps. 
Also see WAX MASTER, 2. 

wax cake See WAX MASTER, 1, 2. 

wax capacitor A fixed capacitor that has been 
dipped in or impregnated with a wax, such as 
halowax. 

wax-dipped capacitor A fixed capacitor that has 
been dipped in a wax for sealing against moisture. 

waxed paper See WAX PAPER. 

wax-filled capacitor A fixed capacitor impregnated 
with a wax for enhancing the properties of its di- 
electric (usually paper) and sealing the capacitor 
unit. 

wax master 1. In disc-recording operations, the 
original recording made on a wax-surface disc. 
2. To make an original recording on a wax- 
surface disc. 

wax original See WAX MASTER. 

wax paper Wax-saturated paper used as a dielec- 
tric film in fixed capacitors and as an insulator. 

way-operated circuit A single or duplex circuit 
shared by three or more party stations. 

way point An important point selected on a ra- 
dionavigational course line. 

way station A station consisting of a teletypewriter 
connected at an intermediate point in a line (i.e., 
between, and in series with, other teletypewriter 
stations). 
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WAZ Amateur radio abbreviation of Worked All 
Zones, an award given to operators who have car- 
ried on verified two-way communication with sta- 
tions in all communications zones of the world. 

WB Abbreviation of weather bureau. 

Ws Abbreviation of base-region width (in a transis- 
tor). 

Wb Symbol for WEBER. 

Wb/m? Abbreviation of Webers per square meter 
(see TESLA). 

Wc Abbreviation of collector-region width (in a tran- 
sistor). 

WCEMA Abbreviation of West Coast Electronic 
Manufacturers’ Association. 

W/cm? Abbreviation of watts per square centime- 
ter. 

WE Abbreviation of write enable. 

Weg Abbreviation of emitter-region width (in a tran- 
sistor). 

weak battery 1. A battery that has been depleted 
to the point that its output (no-load or full-load) is 
too low to be useful. 2. A battery specially de- 
signed for low-voltage output. 

weak color Lack of color vividness or poor contrast 
between colors in a color-television picture. The 
condition is often caused by some malfunction in 
the chroma demodulator(s). 

weak contrast In a television picture, poor differ- 
entiation of adjacent tonal areas. 

weak coupling See LOOSE COUPLING. 

weak current An extremely small electric current. 
The term is relative; generally, it refers to cur- 
rents of a few microamperes or less. 

weak magnet 1. A magnet whose power has dete- 
riorated considerably below a prescribed level. 
2. A body that normally is only slightly magnetic. 

weak signal A signal whose amplitude is very low 
compared with that of signals considered satis- 
factory in a given application. Although the term 
is relative, it usually implies a signal that is non- 
competitive with other signals in a given environ- 
ment. 

weak-signal detector A detector in which, at low 
input-signal amplitudes (weak-signal levels), 
the direct-current output is proportional to the 
square of the root-mean-square (rms) value of the 
input-signal voltage. 

wearout The complete deterioration of a compo- 
nent or system (i.e., beyond restoration to useful 
service). 

wearout failure Failure because of wearout, which 
can be predicted on the basis of known lifetime 
and the deterioration characteristics of compo- 
nents and equipment. 

wearout point The instant of wearout, in terms of 
power output, watt-hour capacity, or some other 
specification. 

weather antenna An antenna dimensioned for 
reception exclusively in the 162.4- to 162.55- 
MHz weather band. See WEATHER TRANSMIS- 
SION. 
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weathering Deterioration of electronic equipment 
as a result of exposure to outdoor heat, cold, 
moisture, wind, and similar conditions. 

weather-protected machine A machine (usually a 
generator or motor) whose vent holes are de- 
signed to prevent entry of dust, water, and debris. 

weather protection The coating, sealing, or treat- 
ing of electronic equipment for protection against 
corrosion, humidity, and temperature changes in 
outdoor use. 

weather satellite A satellite designed to photo- 
graph weather systems in infrared and/or visible 
light, and relay the pictures to earth via facsimile 
or television. 

weather sonde See RADIOSONDE. 

weather transmission The radio transmission of 
meteorological reports. Sometimes the transmis- 
sions are combined with guidance transmissions, 
from which they can be separated by means of a 
filter in the receiver. 

weber Abbreviation, Wb. The SI unit of magnetic 
flux and of the magnetic flux quantum; 1 Wb = 
108 maxwells = 1.257 x 107 unit pole. 

Weber-Fechner law The law expressing the rela- 
tionship between a stimulus and the physiologi- 
cal reaction it produces: The sensation is 
proportional to the logarithm of the stimulus. 

weber per square meter Symbol, Wb/m?. See 
TESLA. 

weber turn A unit of magnetic flux linkage equal to 
108 maxwell turns. 

wedge 1. In a waveguide, a termination consisting 
of a tapered block or plate of carbon (or other dis- 
sipative material). 2. In a television test pattern, 
convergent, equally spaced lines for checking res- 
olution. 

wedge bonding In integrated-circuit fabrication, a 
method of bonding in which a thermocompres- 
sion bond (see COLD-COMPRESSION WELDING) 
is obtained through pressure from a wedge- 
shaped tool. 

Wehnelt cathode An oxide-coated cathode in an 
electron tube. 

Wehnelt cylinder In a cathode-ray tube, the 
cathode-enclosing cylinder that concentrates the 
electrons emitted by the cathode. 

weight 1. The amount of gravitational pull on a 
body or particle. 2. Extra significance given to a 
term or value. See, for example, WEIGHTED 
TERM. 3. The dot-to-space ratio in a Morse-code 
signal. 

weight-density Symbol, d. Unit, kg/m*. The 
weight per unit volume of a liquid, such as an 
electrolyte or insulating oil; also called density. 

weighted distortion factor In the measurement of 
harmonic distortion, a factor whose use allows 
the harmonics in the complex waveform to be 
weighted in proportion to their relationship. 

weighted noise level Unit, dBm. The noise level 
weighted with respect to the 70-dB equal- 
loudness contour of hearing. 
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weighting 1. Adjustment of a parameter to com- 
pensate for some imbalance in a system. 2. Ad- 
justment of the dot-to-space ratio in a Morse code 
signal. 3. Adjustment of the mark-to-space ratio 
in a digital communications signal. 

weighting filter A filter used in a communications 
network to represent the characteristics of the 
transmission passband. 

weighting network A network that weighs differ- 
ently (in a prescribed ratio) the frequency compo- 
nents appearing in an output signal by offering 
unequal attenuation to those frequencies. 

weightlessness switch See  ZERO-GRAVITY 
SWITCH. 

Weir circuit In frequency-modulated signal trans- 
mission, a circuit used to stabilize the carrier 
wave. It compares the average carrier frequency 
with the frequency of a standard crystal oscilla- 
tor, obtaining a direct-current compensating volt- 
age (proportional to frequency deviation) that is 
applied to the frequency modulator. Also called 
Weir stabilization circuit. 

Weiss constant In paramagnetism, a constant 
also known as paramagnetic Curie temperature. It 
can be positive or negative, depending on the par- 
ticular paramagnetic material. It is important in 
defining the behavior of certain paramagnetic 
substances. 

weld A strong bond of materials (usually metals) 
obtained by applying heat to areas to be joined 
while they are held or pressed together. No for- 
eign metal is used, as is the case in brazing and 
soldering. The required heat is sometimes ob- 
tained by passing a high electric current through 
the materials. 

welder 1. An electrical device, often electronically 
controlled, for welding materials. 2. A person who 
operates a device, as defined in 1. 

weldgate pulse In a welding device, the pulse that 
affects the arc current; therefore, it also affects 
the intensity of the heat produced by the device. 

welding control An electronic system for control- 
ling the interval during which current is passed 
through a workpiece in spot welding or seam 
welding. In this system, an electronic timer cir- 
cuit determines the conduction time of thyra- 
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trons, ignitrons, or silicon-controlled rectifiers in 
the welding circuit. The control system can also 
regulate the welding current. 

welding current The high electric current passed 
through a workpiece to produce the heat required 
for welding. 

welding cycle The required sequence of steps (and 
the time required) in making a weld electroni- 
cally. 

welding time See WELD TIME. 

welding transformer For electronic welding, a 
special very-high-current step-down transformer. 

weld junction See WELD. 

weld polarity The polarity of welding current. 
Some materials require a certain direction of cur- 
rent flow for a good weld. 

weld time The interval during which welding cur- 
rent flows through the bodies to be bonded to- 
gether. 

well counter A radiation-counter setup in which a 
radioactive sample and detector are enclosed to- 
gether in a thick-walled (usually lead) cylinder to 
minimize background count. 

well-structured language An advanced form of 
high-level computer programming language. It is 
used in graphical and control applications. 

Wenner element An adjustable, dual-slidewire 
balancing resistor used in constant-current, lab- 
oratory potentiometers to eliminate the necessity 
for sliding contacts in the measuring circuit. 

Wenner winding A low-capacitance, low-induc- 
tance winding for high-frequency wirewound 
resistors in which the direction of the wire is 
reversed by looping alternate turns along the 
form. 

Wertheim effect The tendency for a potential dif- 
ference to develop between opposite ends of a 
length of wire, when the wire is placed parallel to 
magnetic lines of flux and rotated. 

Western Union joint A strong splice of two wires 
made by tightly twisting a short portion of the tip 
of each wire along the body of the other. For in- 
creased ruggedness, the joint is often soldered. 
Also called Western Union splice. 

Weston cell See STANDARD CELL. 

Westrex system A system of sound recording in 
which signals from two separate microphone 
channels are recorded on opposite walls of a 
groove on a disc. 

wet battery A battery of cells having a liquid elec- 
trolyte. 

wet Liquid, especially pertaining to the electrolyte 
material in an electrochemical cell. 

wet cell A battery cell having a liquid electrolyte. 
Compare DRY CELL. 

wet-charged stand The length of time that a fully 
charged, wet storage cell can stand idle before its 
capacity drops by a specified amount. 

wet electrolytic capacitor An electrolytic capaci- 
tor in which the electrolyte is a liquid. The leak- 
age current in this type is higher than in the dry 
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electrolytic, but it is self-healing after momentary 
voltage breakdown. Compare DRY ELEC- 
TROLYTIC CAPACITOR. 

wet grab The adherence of a pressure-sensitive 
tape or sheet to a surface when very little pres- 
sure is used. 

wet rectifier See ELECTROLYTIC RECTIFIER. 

wet shelf life The specified shelf life of a dis- 
charged, wet storage cell. Compare DRY SHELF 
LIFE. 

wetted-contact 
REED RELAY. 

wetting Applying a mercury coating to a contact 
surface. 

wetting agent A substance (such as an alcohol or 
ester) that promotes the spreading and adhesion 
of a liquid or its absorption by a porous material. 

WG Abbreviation of WIRE GAUGE. 

WH Abbreviation of WATT-HOUR. 

wh Abbreviation of WHITE. 

Wheatstone bridge A four-arm balancing circuit 
(see BRIDGE), having resistors in each arm and 
used to measure an unknown resistance in terms 
of a standard resistance. The bridge supply is usu- 
ally direct current, but alternating current can be 
used if all four resistances are nonreactive. 


relay See MERCURY-WETTED 


R, = R3(R,/R}) 


Wheatstone bridge 


wheel-drive locomotion The use of wheels for 
moving mobile apparatus such as robots. Offers 
simplicity and low cost. The main disadvantage is 
the inability to negotiate irregular terrain. 

Wheeler’s formula A formula for calculating the 
inductance of a multilayer air-core coil: 


L = (0.8a2n?) /(6a + 91 + 10b) 


where Lis in microhenrys, a is the mean radius 
(inches) of the winding (axis to center of cross 
section), bis the depth of winding (inches), lis the 
length of winding (inches), and nis the number of 
turns. 
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wheel pattern A frequency test pattern produced 
on an oscilloscope screen by z-axis modulation of 
a circular trace. A sinusoidal axis signal produces 
a gear-wheel pattern, and a square-wave or pulse 
z-axis signal produces a spot-wheel pattern. 

wheel printer A printout device for computers and 
calculators. It consists essentially of a rotating 
metal wheel around whose rim letters and num- 
bers stand in relief. When the desired character 
comes into position, a hammer strikes it through 
the recording paper and carbon paper, printing 
the character on the recording paper. Also called 
daisy-wheel printer. 

wheel static Static electricity (and the resulting 
radio interference) generated by friction between 
automobile tires and the road. 

whiffletree switch In computer operations, a mul- 
tiposition electronic switching circuit, so called 
from its circuit configuration, which resembles 
the contrivance used between a wagon and the 
horse team pulling it. 

whip antenna A small-diameter, vertical rod (often 
telescoping) used as an antenna—especially in 
mobile communications, portable radio and tele- 
vision receivers, field-strength meters, etc. 

whirl One of the circular, magnetic lines of flux 
around a straight wire carrying current. 

whisker 1. The pointer-wire electrode of a point- 
contact diode, point-contact transistor, or crystal 
detector. 2. A slender filament of metal or ce- 
ramic, having high purity and high tensile 
strength. 

whisker resistance In a semiconductor material, 
the resistance of a whisker component (see 
WHISKER, 1). 

Whiskey Phonetic alphabet code word for the letter 
W. 

whistle A high-pitched tone (e.g., a beat note or 
acoustic feedback). 

whistle filter A notch filter used to eliminate a 
whistle in an amplifier or other audio-frequency 
circuit. This filter can be of several versions, 
ranging from a simple resistance-capacitance 
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(RC) null circuit tuned to remove the offending 
frequency to a feedback-type band-suppression 
amplifier. 

whistle interference The appearance of extrane- 
ous whistles in audio-frequency circuits. In some 
equipment, whistles result from oscillating ampli- 
fiers; in radio receivers, they are usually audible 
beat notes (heterodynes) produced by interfering 
carriers. 

whistler A type of very-low-frequency (VLF) radio 
noise. They are thought to be caused by electro- 
magnetic fields from distant lightning strokes, 
circulating in the earth’s magnetic field. The 
name is derived from the peculiar sound the 
noise makes in a VLF radio receiver. 

whistler mode propagation Radio transmission 
from the northern hemisphere to the southern 
hemisphere along the flux lines of earth's 
magnetic field. 

whistlestop See WHISTLE FILTER. 

whistling atmospheric See WHISTLER. 

white The color that results from mixing all the ad- 
ditive primary colors: red, green, and blue. 

white acid Hydrofluoric acid. Formula, HF. Used 
as an etchant, especially of glass. 

white brass Brass that is more than 49% zinc. 

white compression In television transmission, re- 
duction of gain at highlight levels in the picture. 

white-dot pattern In color-television tests with a 
dot generator, the one-white-dot pattern obtained 
when beam convergence has been secured. 

white lamp See DAYLIGHT LAMP. 

white level The lower-voltage point in a video sig- 
nal, corresponding to full brilliance of the line on 
the screen (i.e., to the condition of whiteness in 
the picture). 

white light See WHITE RADIATION, 2. 

white noise Random noise (acoustic or electric) 
equally distributed over a given frequency band, 
an example being the noise resulting from the 
random motion of free electrons in conductors 
and semiconductors. 

white-noise generator A test device that generates 
electrical noise over a wide frequency spectrum. A 
simple type uses a reverse-biased silicon diode, 
the output of which is useful for testing audio 
amplifiers and radio receivers. 

white-noise record A phonograph record contain- 
ing recorded bands of white noise, each accompa- 
nied by voice announcements (e.g., instructions), 
and used to test the frequency response of a 
sound system. 

white object A body that reflects and diffuses light 
of all wavelengths equally well. 

white peak Ina television picture signal, the max- 
imum excursion in the white direction. 

white radiation 1. See WHITE NOISE. 2. Visible 
light radiated with more or less equal intensity 
throughout the visible spectrum; seen as gray or 
white. 

white raster See CHROMA-CLEAR RASTER. 
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white recording 1. In amplitude modulation, 
recording characterized by a correspondence of 
maximum received power to minimum recording- 
medium density. 2. In frequency modulation, 
recording characterized by a correspondence of 
lowest received frequency to minimum recording- 
medium density. 

white room See CLEAN ROOM. 

white saturation See WHITE COMPRESSION. 

white signal The facsimile signal (see FACSIMILE) 
corresponding to scanning the copy area having 
maximum density. 

white-to-black amplitude range 1. Ata point ina 
positive amplitude-modulated (AM) facsimile sys- 
tem (see FACSIMILE), the ratio (in dB) of signal 
current or voltage corresponding to white in the 
picture to that for black in the picture. 2. At a 
point in a negative AM facsimile system, the ratio 
(in dB) of signal current or voltage corresponding 
to black in the picture to that for white in the 
picture. 

white-to-black frequency swing At a point in a 
frequency-modulated facsimile system, the fre- 
quency difference fw — fb, where fb is the fre- 
quency corresponding to black in the picture, and 
fw is the frequency corresponding to white. 

white transmission A system of picture or facsim- 
ile transmission in which the maximum copy 
darkness corresponds to the smallest amplitude 
(in an amplitude-modulated transmitter) or the 
highest instantaneous frequency (in a frequency- 
modulated transmitter). The opposite of BLACK 
TRANSMISSION. 

white X radiation X rays of the continuous, or 
general, type. 

whizzer An attachment that can improve the high- 
frequency reproduction in some audio loud- 
speakers. 

whole-number division Arithmetic division (as in 
the division of binary numbers) in which the quo- 
tient is a whole number (i.e., division in which the 
divisor is contained in the dividend an integral 
number of times). 

whorl See WHIRL. 

WHP Abbreviation of water horsepower. 

wick action 1. The absorption of a liquid by, and 
its flow through, a cloth or thread, such as a lamp 
wick or lubricating wick. 2. The flow of molten 
solder along and under the insulation of a wire. 

wicking See WICK ACTION. 

wide-angle diffusion A form of diffusion charac- 
terized by the wide-angle scattering of light; 
causes the source to have the same brightness at 
all viewing angles. 

wide-area network A group of computers linked 
together, but separated by large geographic dis- 
tances. Links can be made via telephone lines or 
radio. 

wide-area service A teletype network that operates 
over long-distance wire lines. 

Wide Area Telephone Service See WATS. 
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wideband 1. Having a bandwidth greater than the 
minimum necessary to transmit a signal with ac- 
ceptable intelligibility. 2. For a voice signal, hav- 
ing a bandwidth greater than 6 kHz. 3. Having 
the capability to operate, without adjustment, 
over a broad and continuous range of frequencies 
or wavelengths. 4. In a digital network, a channel 
having a bandwidth of more than 64 kbps but 
less than 2 Mbps. 

wideband amplifier An amplifier that exhibits rea- 
sonably flat response to a broad band of frequen- 
cies. The term is relative, depending on the 
application. 

wideband antenna An antenna that transmits or 
receives signals over a broad frequency range, 
usually without the need for tuning. 

wideband axis In a color-television signal, the di- 
rection of the fine chrominance primary phasor. 

wideband communications 1. Communications 
carried out over a band of frequencies wider than 
the minimum necessary for effective transfer of 
the information. 2. A method of transmitting and 
receiving signals by deliberately varying the 
channel frequency over a wide range. Also called 
spread-spectrum communications. 

wideband generator A signal generator covering a 
wide frequency range. Typical coverage in a labo- 
ratory-type instrument is 10 kHz to 1000 MHz. 

wideband oscilloscope An oscilloscope whose hor- 
izontal, vertical, and sweep channels operate over 
a wide band of frequencies. Although the term 
wideband is relative, a wideband oscilloscope is 
usually assumed to be capable of displaying both 
radio and audio frequencies. 

wideband ratio The ratio B1/B2, where Bl is fre- 
quency bandwidth and B2 is intelligence band- 
width. 

wideband receiver A radio receiver that can tune 
in signals over a broad range of frequencies. An 
example is a communications receiver that can 
cover 10 kHz to 30 MHz continuously. 

wideband repeater A repeater capable of operating 
over a wide range of input and output frequen- 
cies. Such repeaters are used in active commu- 
nications satellites handling many different 
channels at the same time. 

wideband signal generator See WIDEBAND GEN- 
ERATOR. 

wideband sweep 1. In the operation of an oscillo- 
scope, a repetitive sweep of the electron beam, 
the frequency of which is adjustable to any de- 
sired point within a wide range. The basic sweep 
rate in simple oscilloscopes is restricted to the 
audio-frequency spectrum (up to about 20 kHz), 
but a wideband sweep extends to much higher 
frequencies, typically several tens of MHz. 2. A 
sweep circuit that produces the wideband sweep 
action described in 1. 

wideband test meter An alternating-current (ac) 
meter that can measure quantities over a wide 
frequency range in its basic form (i.e., without 
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special external probes or converters). An exam- 
ple is an electronic ac voltmeter with a range ex- 
tending from 10 Hz to 2.5 MHz. 

wide-base diode A junction diode in which the p 
region is considerably wider than the n region. 

wide-open 1. Pertaining to wideband, untuned re- 
sponse. 2. Pertaining to maximum-gain operation 
(e.g., a wide-open amplifier or receiver). 

wide-range ammeter An ammeter that employs 
one or more shunt resistances to increase the 
full-scale deflection, usually by a power of 10 (10, 
100, 1000, etc.). The resistor must be capable of 
carrying the current without burning out. 
Shunts are used when it is necessary to measure 
very large currents, such as hundreds of am- 
peres. Shunts also allow a microammeter or mil- 
liammeter to be used as a multimeter with many 
current ranges. 

wide-range reproduction High-fidelity 
frequency reproduction. 

width 1. The horizontal dimension of a pulse, usu- 
ally corresponding to its effective duration; also 
called PULSE DURATION. 2. The horizontal di- 
mension of an image, such as a television picture. 
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width coding The modification of pulse duration 
according to a code. 

width coil See WIDTH CONTROL, 1. 

width control 1. In a television receiver, the vari- 
able component for adjusting the swing of the 
horizontal deflection voltage and, therefore, the 
width of the picture. It is often a slug-tuned coil 
connected in parallel with a portion of the sec- 
ondary winding of the horizontal output trans- 
former. 2. Sometimes, the horizontal gain control 
in an oscilloscope. 

width mode In electronic-counter operations, a 
time-interval mode in which the signal is 
measured. 
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width modulation Modulation of the interval dur- 
ing which a gate circuit is open. 

Wiedemann effect See DIRECT WIEDEMANN EF- 
FECT. 

Wiedemann-Franz law For metals that are good 
electrical conductors, the ratio of thermal con- 
ductivity to electrical conductivity is nearly con- 
stant, and is proportional to the absolute 
temperature. 

Wien bridge A frequency-sensitive bridge in which 
two adjacent arms are resistances and the other 
two adjacent arms are resistance-capacitance 
(RC) combinations. One of the latter contains re- 
sistance and capacitance in series; the other con- 
tains resistance and capacitance in parallel. 
Because the bridge can be balanced at only one 
frequency at a time, it is useful as a simple audio 
frequency meter (see BRIDGE-TYPE AF METER). 
It is used also for capacitance and resistance 
measurements. When inductors are substituted 
for the capacitors, the Wien bridge can be used 
for inductance measurements (See WIEN INDUC- 
TANCE BRIDGE). 


Wien bridge 


Wien-bridge audio frequency meter See WIEN- 
BRIDGE FREQUENCY METER. 

Wien-bridge distortion meter A distortion meter 
in which a Wien bridge circuit is used to remove 
the fundamental frequency from the complex 
waveform. The bridge is inserted between ampli- 
fier stages, and its notch response is sharpened 
by means of overall negative feedback. 

Wien-bridge equivalent A resistance-capacitance 
null circuit, such as the parallel-tee (twin-tee) 
network, which has the same balance equation as 
the Wien bridge. 

Wien-bridge filter A Wien bridge used as a band- 
suppression filter (notch circuit). 

Wien-bridge frequency meter A bridge-type audio 
frequency meter in which the continuously vari- 
able frequency-selective circuit is a Wien bridge. 
Also see BRIDGE-TYPE AF METER. 
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Wien-bridge heterodyne eliminator A notch filter 
composed of a continuously variable Wien-bridge 
circuit (see WIEN BRIDGE). The device is con- 
nected in the audio-frequency channel of a radio 
receiver, and is tuned to remove a troublesome 
heterodyne whistle. 

Wien-bridge oscillator An oscillator in which the 
frequency-selective feedback network is a Wien- 
bridge circuit (see WIEN BRIDGE). Also see 
BRIDGE-TYPE OSCILLATOR. 


Wien-bridge oscillator 


Wien capacitance bridge A Wien bridge arranged 
for the measurement of unknown capacitance. 
Wien effect For an electrolytic substance, an in- 
crease in conductivity (decrease in resistivity) 
that occurs when a very large voltage is placed 
across the material. This voltage must be greater 

than approximately 1 megavolt per 50 cm. 

Wien inductance bridge A Wien bridge containing 
inductors in place of capacitors and used for the 
measurement of unknown inductance. 

Wien's displacement law The wavelength of maxi- 
mum radiation of a black body is inversely pro- 
portional to the absolute temperature. 

Wien's first law See WIENS DISPLACEMENT 
LAW. 

Wien’s laws See WIEN'S FIRST LAW, WIEN’S 
SECOND LAW, and WIEN'S THIRD LAW. 

Wien's radiation law See WIEN'S SECOND LAW. 

Wien's second law The emissive power of a black 
body is proportional to the fifth power of the ab- 
solute temperature. 

Wien's third law An empirical law for the spectral 
distribution of energy radiated from a black body 
at a specified temperature. The distribution is a 
curve with a peak (maximum) at a wavelength 
that depends on the temperature. The higher the 
temperature, the shorter the wavelength at which 
maximum radiation occurs. 

willemite See ZINC ORTHOSILICATE PHOSPHOR 
and ZINC SILICATE PHOSPHOR. 

Williams tube A type of electrostatic cathode-ray 
storage tube. 

Wilson chamber See WILSON CLOUD CHAMBER. 

Wilson cloud chamber An airtight chamber con- 
taining water vapor or alcohol vapor at low pres- 
sure, and provided with a viewing window. 
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Radioactive particles penetrating the chamber 
are made visible as droplets form trails when the 
vapor condenses on them. 

Wilson effect Electric polarization of a dielectric 
material being moved in a magnetic field. 

Wilson electroscope A leaf-type electroscope (see 
ELECTROSCOPE) using a single leaf hanging ver- 
tically. 

Wilson experiment An experiment demonstrating 
the WILSON EFFECT. It consists of rotating 
about its axis a hollow dielectric cylinder (whose 
inner and outer surfaces are metallized) in a mag- 
netic field parallel to the axis. The result: An al- 
ternating voltage appears between the metallized 
surfaces. 

Wimshurst machine A rotating machine used to 
produce high-voltage static electricity. The ma- 
chine contains two glass disks, each having 
separate sectors of metal foil spaced around its 
face. The disks rotate in opposite directions, 
and the foil sectors passing each other form 
variable capacitors. Metal brushes pick up 
charges from the sectors passing under them 
and deliver this energy to one or more Leyden 
jars for storage. 

wind charger A wind-driven generator used specif- 
ically to supply direct current for charging stor- 
age batteries. 

wind-driven generator A dynamo-type generator, 
either stationary or mobile, powered by a wind- 
mill-like device. 

wind gauge See ANEMOMETER. 

winding 1. A coil in an inductor or transformer 
(e.g., primary winding, secondary winding, output 
winding, etc.). 2. A coil in a motor or generator. 

winding arc The winding length of a coil, ex- 
pressed in degrees. 

winding cross section The cross section of a mul- 
tilayer coil. 

winding depth The depth of a multilayer coil, mea- 
sured from the outermost layer to the innermost 
layer. 

winding factor For a transformer or choke coil (or 
for a toroidal coil), the ratio of the total area of 
wire in the window to the window area. 

winding length The length of a coil from the first 
turn to the last in a single-layer coil, or from the 
first turn to the last in one layer of a multilayer 
coil when all layers are identical. 

winding space The window area of the core of a 
transformer or choke (see WINDOW, 3). 

wind loading 1. The total wind pressure on an an- 
tenna system, generally measured in pounds 
or kilograms. The greater the wind speed, 
the greater the wind loading for a given antenna. 
The greater the exposed surface of the antenna, 
the greater the wind loading for a given wind 
speed. 2. The highest wind speed, in miles per 
hour or meters per second, that an antenna sys- 
tem can safely withstand, assuming no accumu- 
lation of ice on the antenna structure. 
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Windom antenna 1. A multiband antenna in 
which a single-wire feeder is attached to a hori- 
zontal half-wave radiator wire somewhat off cen- 
ter, at a point about % wavelength from one end 
of the radiator. The antenna operates with rea- 
sonable efficiency at the first several harmonics 
of the frequency at which it measures % wave- 
length. 2. A similar antenna using a parallel- 
wire feeder. 
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window 1.  Radar-interference material (see 
CHAFF). 2. An interval during which a circuit is 
gated open to permit signal sampling. During this 
interval, a window is figuratively open to the 
signal. 3. The open spaces between the legs of an 
iron core for a transformer or choke coil. 4. An 
electromagnetic frequency band easily trans- 
mitted by earth’s atmosphere. 5. The period during 
which conditions are ideal for a complex opera- 
tion, such as a rocket or spacecraft launch. 6. An 
application space in a computer program that 
uses a graphical interface. 

window area See WINDOW, 3. 

window comparator A comparator that detects 
voltage levels within a certain range of values, 
rather than simply indicating whether a voltage is 
more or less than a certain specified value. 

window corridor An area where window (see WIN- 
DOW, 1) has been dispersed. 

window jamming The disturbance of electronic 
communications, especially radar, by dumping 
reflective material, such as metal foil, from an air- 
craft. Also see CHAFF; JAMMING; and WINDOW, 
1. 

Windows Trade name (Microsoft) for a personal- 
computer interface scheme. The several versions 
all use selectable icons and menus. 

window strip An insulated, flat, metal strip for 
bringing an antenna lead-in through a window. 
The window can be closed on the strip. 

wind screen A foam covering that can minimize 
the roar caused by wind blowing against or 
across a microphone. 

wind shield A radio-transparent cover placed over 
a radar antenna to protect it against damage from 
high winds. It is used especially in radar systems 
aboard aircraft. 

wing In an antenna or other radiator, a (usually 
flat) member attached to, and sticking out from, 
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another member. Its name is derived from its 
characteristic shape. 

winterization The protective treatment and prepa- 
ration of electronic equipment for winter storage 
or for operation in frigid regions. 

wipeout Severe interference that obliterates all de- 
sired signals. 

wipeout area An area in which WIPEOUT occurs. 

wiper 1. A thin metal blade or strip in sliding con- 
tact with a coil or other element over which it is 
turned to vary some quantity (such as resistance, 
inductance, voltage, current, etc.). 2. A brush in 
a motor or generator. 

wiper arm See WIPER, 1. 

wiper blade See WIPER, 1. 

wiping action The movement of contacts against 
each other when they slide as they mate or with- 
draw. 

wiping contact A contact that makes and breaks 
with a sliding motion. 

wire 1. A metal strand or thread serving as a con- 
ductor of electricity. 2. To connect wires between 
points in a circuit. 3. See TELEGRAM. 4. To send 
a TELEGRAM. 

wire bonding 1. The interconnection of compo- 
nents within a discrete package, by means of fine 
wire conductors welded to the individual compo- 
nents. 2. A method of temporarily splicing the 
outer conductors of two coaxial cables. 3. In gen- 
eral, any solderless method of splicing between 
two conductors. 

wire broadcasting Broadcasting by means of 
carrier-current communication (see WIRED 
RADIO). 

wire cloth A net of fine wire, used as an electrical 
shield when air circulation is necessary. 

wire communication Communication carried on 
by means of signals transmitted over wire lines, 
as opposed to wireless (radio) communication. 

wire control The control of remote devices by 
means of signals transmitted over wire lines, as 
opposed to radio control. 

wire core A magnetic core consisting of a bundle of 
iron (or magnetic alloy) wires. 

wired AND See DOT AND. 

wired-in component A component to which wires 
are permanently connected in a circuit, as op- 
posed to a plug-in component. 

wired OR See DOT OR. 

wired-program computer A computer in which in- 
structions are wired-in by making appropriate 
connections to a panel with patch cords. 

wired radio The transmission and reception of 
voice and other sounds, telegraph signals, pic- 
tures, control signals, telemetry signals, and the 
like by means of radio-frequency energy con- 
ducted by wire lines. Usually, the lines are used 
primarily for some other purpose (e.g., power 
lines or telephone lines). 

wired-radio receiver The complete device or sys- 
tem that selects, amplifies, and demodulates or 
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rectifies a radio signal picked up from wires that 
conduct it from a transmitting station. 

wired-radio transmitter The complete device or 
system that generates radio-frequency power, 
adds signals (for communication, remote control, 
telemetry, etc.), and delivers the power to wires or 
to a cable for reception at a distant point. 

wire drawing In the manufacture of wire, pulling 
metal through special dies to form wire of se- 
lected diameter. 

wire dress The careful arrangement of wires in a 
chassis to ensure optimum performance. Also 
called lead dress (See DRESS). 

wire duct A conduit through which wires are run. 
Such ducts have several shapes, but generally 
are rectangular. 

wired wireless See WIRED RADIO. 

wire-equivalent security See LEVEL-1 SECU- 
RITY. 

wire fuse A fuse in which the fusible element is a 
wire of low-melting-point metal. Compare STRIP 
FUSE. 

wire gauge 1. A system for specifying the charac- 
teristics of wire. See AMERICAN WIRE GAUGE 
and BIRMINGHAM WIRE GAUGE. 2. A wire num- 
ber governed by diameter (e.g., 18-gauge wire for 
#18 wire). 3. A tool or instrument for measuring 
wire diameter or for determining wire number. 


Neutral 
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wire gauze A fine screen of thin wires. 

wire grating See WAVEGUIDE GRATING. 

wire-guided Pertaining to guiding a machine, such 
as a robot, by means of signals sent by wire from 
the control point. 

wire leads Leads that are (usually thin, flexible) 
wires, rather than pins, bars, strips, etc. An ex- 
ample is the wire leads of some transistors (as op- 
posed to terminal pins). 

wireless 1. Pertaining to data communications 
and control systems that operate without wires 
(e.g., an infrared link between a notebook com- 
puter and a desktop computer). 2. An early name 
for radio; it is still used in some countries. Some- 
times for specificity, radio is referred to as wire- 
less telegraphy or wireless telephony. See 
RADIOTELEPHONY. 

wireless access protocol Acronym, WAP. A com- 
munications standard used on a worldwide basis 
with portable cellular telephone sets incorporat- 
ing electronic mail, online service access, and/or 
Internet access. 

wireless broadcaster See WIRELESS MICRO- 
PHONE. 

wireless compass A radio compass (see DIREC- 
TION FINDER). 

wireless device A device that operates over a dis- 
tance, without the use of interconnecting wires. 

wireless e-mail 1. The use of electronic mail 
(e-mail) in conjunction with a wireless Internet ser- 
vice. 2. The use of a specialized portable wireless 
communications device, resembling a stripped- 
down computer or an enhanced cell phone, to 
send and receive e-mail messages. 

wireless intercom An intercom using wired-radio 
for transmission and reception over the power 
line from which it is operated. Also see WIRED 
RADIO. 

wireless Internet 1. The use of a personal com- 
puter, usually a notebook or portable, in con- 
junction with a wireless modem connected to the 
Internet. Services of this type are provided with 
high-end cellular telephone subscriptions. As- 
sets and limitations are similar to those associ- 
ated with cell phone services. 2. The use of a 
specialized portable or mobile wireless communi- 
cations device, resembling a stripped-down com- 
puter or an enhanced cell phone, for basic 
Internet communications and information 
retrieval. 

wireless microphone A device consisting of a 
small radio-frequency oscillator modulated by the 
microphone to which it is attached, and provided 
with a tiny antenna. The modulated signal is 
picked up and reproduced by a radio receiver. 

wireless modem 1. A modem that facilitates con- 
nection of a computer to the Internet using a cell 
phone set. 2. A wireless transceiver that facili- 
tates connection of a computer to the Internet. A 
cellular telephone connection can be included as 
an option. 3. Also called cordless modem. A pair 
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of short-range (on the order of a few feet) radio or 
infrared transceivers. One unit connects to a tele- 
phone jack or cable port, and the other unit con- 
nects to a computer. Can protect a portable 
computer against damage by lightning, assuming 
the computer uses batteries and is not connected 
to utility mains. 

wireless tap A method of eavesdropping on com- 
munications in which a portion of the circuit 
makes use of a radio-frequency wireless link. An 
eavesdropping receiver can be positioned within 
range of the wireless transmitting antenna, and 
the signals intercepted. The existence of such a 
tap causes no change in the electronic character- 
istics of any equipment in the system, so its 
deployment is difficult to detect even if 
eavesdropping is anticipated. 

wireless telegraphy See RADIOTELEGRAPHY. 

wireless telephone 1. A radio transceiver inter- 
connected with the telephone lines. 2. A tele- 
phone in which a short-range radio link replaces 
the cord between the receiver and the base unit. 
It normally has a range of several hundred feet. 

wireless telephony See RADIOTELEPHONY. 

wire line One or more wires or cables conducting 
currents for communication, control, or measur- 
ing purposes. 

wire link A line for wire communication or wire 
control. 

wire-link telemetry Telemetry carried on over a 
wire link. 

wireman 1. An electrician who specializes in the 
installation and servicing of electrical wiring. 
2. See LINEMAN. 

wire mile A unit of measure equal to the product 
ns, where n is the number of separate, equal- 
length conductors in a line, and sis the length of 
a conductor in miles. 

Wirephoto 1. A system for transmitting and receiv- 
ing photographs over wire lines. Also called 
Telephoto. See FACSIMILE. 2. A photograph 
transmitted and/or received, as defined in 1.3.A 
trademark for a photograph transmitted and re- 
ceived over telephone lines. 

wire printer A printout device consisting of a wire 
array in which each wire is activated by an elec- 
tromagnet. When a wire is selected (electrically), 
it is pushed against, and makes a dot on the 
recording paper. The letters and figures, then, are 
dot patterns. Compare WHEEL PRINTER. 

wire radio See WIRED RADIO. 

wire recorder In audio applications and data 
recording, a machine that records sounds or data 
pulses in the form of magnetized spots on a thin 
wire. 

wiresonde A system for transmitting weather in- 
formation data through a cable that holds a cap- 
tive balloon. Compare RADIOSONDE. 

wire splice A strong, low-resistance joint between 
(usually two) wires. See, for example, WESTERN 
UNION JOINT. 
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wire stripper A hand tool or power machine for 
cutting the insulating jacket on a wire and re- 
moving it without cutting or nicking the wire. 

wiretap 1. An instance of wiretapping. 2. A wire- 
tapping device. 

wiretapper 1. A device for wiretapping. 2. A person 
who practices wiretapping. 

wiretapping The act of making direct or indirect 
connections to a communications line to overhear 
or record a conversation. 

wire telegraphy Telegraphic communication car- 
ried on by means of signals transmitted over wire 
lines, as opposed to wireless (radio) telegraphy. 

wire telephony Voice communication carried on 
by means of signals transmitted over wire lines, 
as opposed to wireless (radio) telephony. 

wire tie See TIE. 

wire wave communication See WIRED RADIO. 

wireways Hinged-cover metal troughs for contain- 
ing and protecting wires and cables. Also see 
WIRE DUCT. 

wirewound potentiometer A potentiometer in 
which the resistance element is a coil of resis- 
tance wire wound on a cord bent into a cylinder, 
or on a rigid, circular core. 

wirewound resistor A resistor made from a coil of 
wire that is a poor conductor. The wire is usually 
wound around a cylindrical form; some compo- 
nents use toroidal forms. The resistance is deter- 
mined by how well the wire metal conducts, by its 
diameter (gauge), and by its length. This type of 
resistor can be manufactured to precision toler- 
ance. If the wire gauge is heavy, it can dissipate 
large amounts of power. The component has in- 
ductive reactance, making it unsuitable for use at 
radio frequencies. Compare CARBON-COMPOSI- 
TION RESISTOR, FILM RESISTOR. 

wirewound rheostat A rheostat in which the resis- 
tance element is a coil of resistance wire wound 
on a card bent into a cylinder, or on a rigid, cir- 
cular core. 

wire wrap A method of circuit-board wiring in which 
components are interconnected by individual wire 
conductors, the ends of which are wrapped 
around terminal posts using a special tool. 

wire-wrap connection An electrical connection 
made by tightly wrapping a bare wire around a 
special terminal. 
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wire-wrapping tool A device used to make a wire- 
wrap connection. 

wiring 1. The system of wires or similar conduc- 
tors connected between circuit components. 2. 
Connecting and dressing such wires, as in wiring 
a circuit. 3. Collectively, the connections (either 
actual wire or printed metal lines or processed 
semiconductor paths) between terminals and 
components in an electronic circuit. 4. The pro- 
cess of installing or making such connections. 

wiring board The control panel of a computer (i.e., 
a plugboard). 

wiring capacitance Unavoidable capacitance be- 
tween wires in a circuit, or between the wires and 
nearby metal bodies. 

wiring connector A small (usually metal) fitting 
used to tie wires together. 

wiring diagram See CIRCUIT DIAGRAM. 

wiring impedance Unavoidable impedance in the 
wires in a circuit, and in associated terminals 
and hardware conducting alternating current. 
This impedance is the vector sum of WIRING RE- 
ACTANCE and WIRING RESISTANCE. 

wiring inductance Unavoidable inductance in the 
wires in a circuit, and in associated terminals 
and other hardware, through which alternating 
currents flow. 

wiring reactance Unavoidable reactance in the 
wires in a circuit, and in associated terminals 
and other hardware, conducting alternating cur- 
rent. This reactance is caused by WIRING CA- 
PACITANCE and/or WIRING INDUCTANCE. 

wiring resistance Unavoidable resistance in the 
wires in a circuit and in associated terminals and 
other hardware. 

Witka circuit A voltage-tripler circuit using only 
two diodes and two capacitors. Its no-load direct- 
current output voltage is approximately three 
times the peak value of the alternating-current 
input voltage. Also see VOLTAGE TRIPLER. 

wk 1. Abbreviation of WORK. 2. Abbreviation of 
week. 

WL 1. Abbreviation of WAVELENGTH. 2. Abbrevia- 
tion of waterline. 

WM Abbreviation of WATTMETER. 

Wm? Symbol for watt square meter (unit of the first 
radiation constant). 

W/(MK) Symbol for watts per meter kelvin (unit of 
thermal conductivity). 

WMO Abbreviation of World Meteorological Organi- 
zation. 

wobbulator A device that sweeps the frequency 
of an oscillator. There are several types, from a 
motor-driven, rotating, tank capacitor to sophisti- 
cated, fully electronic variable capacitors or 
variable inductors. 

wolfram See TUNGSTEN. 

Wolf’s equation A sunspot-number equation used 
to forecast maximum usable frequency: R = 
k(10G + N), where R is relative sunspot number, k 
is a constant for the telescope used, G is the 
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number of sunspot groups observed, and N is the 
total number of sunspots. 

Wollaston wire An extremely fine wire made by 
coating platinum with silver, drawing it thinner, 
and dissolving the silver coat. 

womp A sudden surge in amplitude that causes a 
flare up of brightness in a television picture. 

woodpecker A slang term used to describe the 
sound of the signal from over-the-horizon radar. 
Operating in the high-frequency part of the spec- 
trum and changing in wavelength, roughly follow- 
ing the maximum usable frequency, the signal 
consists of repeated “spikes” that can interfere 
with routine communications. 

woodpecker filter A special type of blanking filter 
used to quiet a shortwave receiver during strong, 
brief “spikes.” It is similar to a noise blanker, but 
is designed to filter out the longer peaks charac- 
teristic of the over-the-horizon radar, known as 
the WOODPECKER. 

Wood’s alloy See WOOD'S METAL. 

Wood’s metal A low-melting-point (159.8°F) alloy 
containing bismuth (50%), cadmium (12.5%), 
lead (25%), and tin (12.5%). The alloy looks like 
lead and is used to mount rectifying crystals 
(such as galena) whose electrical sensitivity 
would be destroyed by the high temperatures re- 
quired to melt most soft metals. 

woofer A large loudspeaker, often a foot or more in 
diameter, designed specifically to reproduce very 
low (bass) audio frequencies. It is commonly used 
in high-fidelity stereo sound systems. Compare 
TWEETER. 

word 1. In computer operations, a group of bits or 
characters treated as a unit. 2. In telegraphy, a 
data unit consisting of five characters plus one 
space. 

word-address format A method of addressing a 
word by means of a single character, such as the 
first letter of the word. 

word code 1. A cipher in which word meanings are 
interchanged, rather than letter symbols. 2. A 
word having an altered meaning in a cipher sys- 
tem, as defined in 1. For example, “word” might 
mean “code.” 

word format The specific sequence of characters 
that forms a word of data. 

word generator A special signal generator that de- 
livers pulses in selected combinations corre- 
sponding to digital words (see WORD, 1). It is 
used in testing computers and digital systems. 

word length 1. In computer operations, the num- 
ber of bits in a word. 2. In telegraphic communi- 
cations (radio or wire), the average number of 
letters in a word. 

word pattern The shortest meaningful word (see 
WORD, 1, 2) that can be recognized by a ma- 
chine. 

word processor 1. An electronic device, similar to 
a typewriter, used for writing. Words, phrases, 
sentences, or paragraphs can be changed, 
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replaced, or deleted prior to the final printout. 
2. A computer used for writing, as defined in 1. 
3. Software that allows a computer to be used for 
writing, as defined in 1. 

word rate In a communications or computer sys- 
tem, the number of words per unit time (e.g., 
WORDS PER MINUTE). 

word size See WORD LENGTH. 

words per minute In telegraphy, a measure of 
data speed. It is approximately equal to the num- 
ber of characters (including spaces) per minute 
divided by 6. 

word time In computer operations, the time re- 
quired to process one word that is in storage. 

work 1. Symbol, W. Units: joule, erg, foot-pound, 
kilogram-meter. That which is accomplished by 
the transfer of energy from one body to another, 
as when an exerted force causes a displacement. 
The amount of work performed is equal to force 
times distance: W = Fd. 2. An amateur radio term 
meaning to engage in two-way communication 
with another station. 

work area In computer operations, a temporary 
area of memory for data items being processed. 
Also called INTERMEDIATE STORAGE, WORK- 
ING MEMORY, and WORKING STORAGE. 

work coil The alternating-current-carrying coil 
that induces energy in the workpiece in induction 
heating. 

work envelope The range of motion over which a 
robot arm can move. It can be two-dimensional or 
three-dimensional. 

work function Unit, eV. The energy required to 
bring an internal particle to the surface of a ma- 
terial and out into space, as when an electron is 
emitted by the hot cathode of a vacuum tube. The 
work function is the voltage required to extract 1 
electrostatic unit of electricity from the material. 

working data file A temporary accumulation of 
data sets that is erased or otherwise discarded af- 
ter its transferal to another medium. 

working life The expected or guaranteed lifetime of 
a material, device, or system in actual operation 
or use. Compare SHELF LIFE. 

working memory See WORK AREA. 

working point The operating point of an active de- 
vice (i.e., the point along one of the characteristic 
curves around which operation is fixed). 

working Q The Q of a loaded circuit or device (e.g., 
tank-circuit Q of a radio transmitter loaded with 
an antenna or dummy load). 

working range 1. The usable maximum distance 
between a transmitter and receiver in a wireless 
communications circuit. 2. The allowed range 
over which specified parameters can vary in a 
particular system while facilitating normal opera- 
tion, or operation within rated specifications. 

working storage See WORK AREA. 

working voltage The (usually maximum) voltage 
at which a circuit or device can be operated con- 
tinuously with safety and reliability. 
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workout 1. A dry run; a test. Example: checking a 
computer’s processing power using a set of 
benchmark programs. 2. An exacting test of 
equipment; a burn-in procedure. 

workpiece The object heated by an induction or di- 
electric heater. 

worm A cylindrical gear whose spiral “teeth” re- 
semble a screw thread. 

worm drive A mechanism for transferring motion 
from a tuning-knob shaft through a right angle to 
the shaft of an adjustable component, such as a 
potentiometer or variable capacitor. The knob 
turns a threaded shaft that mates with a gear 
wheel. 


Threaded 
shaft 
To 
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worst-case circuit analysis Analysis that seeks 
the worst possible effects of variations in circuit 
parameters on circuit performance—especially 
variations in component characteristics. 

worst-case noise pattern See DOUBLE-CHECK- 
ERBOARD PATTERN. 

worst-case design The design of electronic equip- 
ment in such a way that normal operation is ob- 
tained—even though the characteristics of circuit 
components might vary widely. 

woven resistor A resistance element made of 
strands of resistance material woven in the form 
of gauze. 

wow Slow, periodic variations in the pitch of repro- 
duced sound because of variations in the speed of 
the drive mechanism. Its name is derived from its 
characteristic sound. Compare FLUTTER. 

wow meter An instrument that indicates the 
amount of wow produced by a turntable or other 
moving part. 

Wpc Abbreviation of watts per candle. 

wpm Abbreviation of words per minute. 

wrap See WIRE-WRAP CONNECTION. 

wrap-around 1. The extent of curvature in mag- 
netic tape passing over the heads during record- 
ing or playback. 2. An enclosure that resembles a 
sheet (wrapped around a piece of electronic 
equipment). 3. In computer and data-processing 
operations, a technique in which the display is 
cleared of data once it is filled (all available lines 
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are occupied) and additional data is traced from 
top to bottom. 

wrap joint See WIRE-WRAP CONNECTION. 

wrapper A paper or tape wound around a compo- 
nent, such as a coil or capacitor, for insulation 
and protection. 

wrapping 1. See WRAPPER. 2. Insulating a wire or 
other conductor by wrapping insulating tape 
around it. 

wrap post A terminal post, tip, pin, or lug used in 
a wire-wrap connection. 

wrap-up The (usually successful) completion of a 
design, fabrication, test, or investigation. 

Wratten filter A light filter for separating colors. It 
is available in transparent sheets of various col- 
ors and is useful in photography and in several 
phases of electronics, including the operation of 
color meters and color matchers. 

wrinkle finish A pattern of fine wrinkles created by 
special paint when it dries on a surface, such as 
that of a metal cabinet for a piece of electronic 
equipment. 

wrist-force sensor In robotics, a set of strain 
gauges that detects the various forces in the joint 
connecting an end effector to an arm, and sends 
signals back to the robot controller. The con- 
troller can use the signals to direct the move- 
ments of the arm and end effector. 

write 1. In computer operations, to transfer data 
from one form of memory or storage to another 
form. Example: To transfer data in a computer 
from random-access memory (RAM) to the hard 
disk. Compare READ. 2. To produce an image on 
the storage mesh in the cathode-ray tube of a 
storage oscilloscope. 

write enable ring See WRITE PERMIT RING. 

write gun See WRITING GUN. 

write head In a magnetic memory or in a tape 
recorder or wire recorder used for recording data, 
the head that magnetizes the drum, tape, disk, or 
wire. Compare READ HEAD. 

write pulse In computer operation, the pulse that 
causes information to be recorded in a magnetic 
cell, or sets it to the one-state. Compare READ 
PULSE. 

write time The time taken to write data to a stor- 
age device. 

writing gun In a storage oscilloscope, the electron 
gun that produces the image electronically on the 
storage mesh. It is mounted in the rear of the 
cathode-ray tube. Compare FLOOD GUN. 

writing head See WRITE HEAD. 

writing rate In photographing the image on a cath- 
ode-ray tube screen, the highest spot speed at 
which an acceptable picture can be made. 

writing speed See WRITING RATE. 

writing telegraph See TELAUTOGRAPH. 

wrong color The instance of an undesired color 
(e.g., purple instead of red) in a color-television 
picture. The condition is often caused by a mal- 
function of the chroma demodulator(s). 
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W/(srem? Abbreviation of watts per steradian 
square meter. 

WT 1. Abbreviation of wireless telegraphy. 2. Ab- 
breviation of WATERTIGHT. 

wt Abbreviation of WEIGHT. 

WUI Abbreviation of Western Union International. 

Wulf electrometer See BIFILAR ELECTROMETER. 

Wullenweber antenna An electronically steerable 
antenna composed of two concentric circular ar- 
rays of masts connected to the steering circuitry. 

WUX Abbreviation of Western Union telegram. 

WVdc Abbreviation of direct-current working volt- 
age: the maximum continuous direct-current 
voltage that can safely be placed across a compo- 
nent. 

ww Abbreviation of wirewound. 

W/sr Abbreviation of watts per steradian (unit of 
radiant intensity). 

WWV The call letters of a standard-frequency/ 
standard-time broadcasting station operated by 
the National Bureau of Standards and located 
in the continental United States. Also see 
WWVH. 

WWVH The call letters of a standard-frequency/ 
standard-time broadcasting station operated by 
the National Bureau of Standards and located in 
Hawaii. Also see WWV. 

wx Radiotelegraph abbreviation of weather. 


WXD International Telecommunications Union 
symbol for meteorological radar station. 
WXR International Telecommunications Union 


symbol for radiosonde station. 

wye adapter A connector that provides two out- 
puts for a single input, or vice versa. It is com- 
monly used in audio applications. 

wye box Ina three-phase power-measuring setup, 
a special arrangement of two impedances, each of 
which is equal to the impedance of the potential 
element of the wattmeter used in the setup. The 
box permits a single wattmeter to be used, which 
indicates one-third the total power. Without the 
box, three wattmeters would be needed. 

wye connection A method of connecting three 
windings in a three-phase system so that one ter- 
minal of each winding is connected to the neutral 
point. It is shaped like the letter Y. Also called 
star connection. 

wye current Current through one of the branches 
of a three-phase star (wye) connection. 

wye delta starter A starter circuit for a three- 
phase squirrel-cage induction motor. When the 
starter switch is thrown in one direction, the sta- 
tor of the motor is wye-connected for starting; 
thrown in the opposite direction, the stator is 
delta-connected for continued operation. 

wye equivalent circuit A wye-connected three- 
phase circuit equivalent to a delta-connected 
circuit when the impedance of any pair of 
corresponding lines for both wye and delta are 
the same; the third line is unconnected. 
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wye junction See WAVEGUIDE WYE. 

wye-matched-impedance antenna An antenna in 
which the impedance of a nonresonant open-wire 
feed line is matched to that of the center of the ra- 
diator by spreading the end of the feeder wires 
out into a Y-shaped or delta-shaped match- 
ing section. Also called DELTA-MATCHED- 
IMPEDANCE ANTENNA. 

wye point The star point in a three-phase system. 
Also see WYE CONNECTION. 
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wye potential Ina three-phase armature, the volt- 
age between a terminal and the neutral point. 

wye rectifier A three-phase rectifier circuit in 
which the transformer or generator windings are 
arranged in a wye connection. 

wye-wye circuit A circuit consisting a wye- 
connected generator and a wye-connected load. 


Load 


Source 
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X 1. Symbol for REACTANCE. 2. Symbol for no con- 
nection. (Also, NC.) 3. Symbol for the HORIZON- 
TAL AXIS of a graph or screen in the rectangular 
(Cartesian) coordinate system. 4. Symbol for an 
unknown quantity. 

x 1. Symbol for number of carriers drawn from col- 
lector to base of a transistor, for each carrier col- 
lected. 2. Symbol for an unknown quantity. 3. 
Symbol for the HORIZONTAL AXIS of a graph or 
screen in the rectangular (Cartesian) coordinate 
system. 

x amplifier The horizontal amplifier of an oscillo- 
scope or recorder. Compare Y AMPLIFIER and Z 
AMPLIFIER. 

X and Z demodulation Color television demodula- 
tion based on the 60-degree difference between 
the two reinserted 3.58-MHz subcarrier signals. 
The R-Y, B-Y, and G-Y voltages derived from the 
demodulated signals control the three guns of the 
picture tube. Compare Q MODULATION. 

x-axis 1. The horizontal axis of a chart, graph, or 
screen in the rectangular (Cartesian) coordinate 
system. 2. In a quartz crystal, the axis drawn 
through the corners of the hexagon. 

x-axis amplifier See X AMPLIFIER. 

XB Abbreviation of crossbar. 

X balance The reactance balance (either the vari- 
able component or the adjustment of it) in an 
impedance bridge in which separate resistance 
(R) and reactance (X) balancing is provided. 

X band The frequency band extending from 5.2 to 
11 GHz. 

X bar A rectangular, piezoelectric quartz bar cut 
from a Z-section, whose faces are parallel to the 
X-axis and whose edges are parallel to the X-, Y-, 
and Z-axes. See CRYSTAL CUTS. 


X bridge An alternating-current bridge for measur- 
ing reactance. 

Xc Symbol for CAPACITIVE REACTANCE. 

X channel The horizontal channel of an oscillo- 
scope or recorder. Compare Y CHANNEL and Z 
CHANNEL. 

X-channel gain See X GAIN. 

X component In a complex impedance, the reac- 
tive component (either inductive or capacitive). 

x coordinate See ABSCISSA. 

X-cut crystal A piezoelectric plate cut with its 
faces perpendicular to the X-axis of a quartz crys- 
tal. See CRYSTAL CUTS. 

xcvr Abbreviation of TRANSCEIVER. Often capital- 
ized. 

X deflection Horizontal deflection of the spot on 
the screen of a cathode-ray tube. Compare Y DE- 
FLECTION. 

X diode The decoding diode in each of the X lines 
of a memory matrix. Compare Y DIODE. 

X direction The horizontal direction in deflections 
and in graphical presentations of data. 

X drive The driving source or energy for the X lines 
of a computer memory matrix. 

xducer Abbreviation of TRANSDUCER. 

Xe Symbol for XENON. 

xenon Symbol, Xe. An inert gaseous element. 
Atomic number, 54. Atomic weight, 131.29. 
Xenon is present in trace amounts in the earth’s 
atmosphere and is used in some thyratrons, elec- 
tric lamps, and lasers. 

xenon tube A flash tube filled with xenon. 

xerography A system for the reproduction of 
printed matter, drawings, and other graphic mat- 
ter. It is an electrostatic process in which a 
charged photoconductive surface is exposed to an 


Copyright 2001 The McGraw-Hill Companies, Inc. Click Here for Terms of Use 


de 


5059F-pXx-759-761 


4/10/01 10:11 AM Page 760 


760 xerography + X-ray photograph 


image of the material to be copied. A latent image 
is formed on the surface and is developed (by 
dusting with black powder attracted to the 
charged image) to make the image visible. 
xeroradiography Xerography using X RAYS. 
xerothermic A condition characterized by both 
heat and dryness. 

Xerox 1. Name of a company that manufactures a 
wide variety of office and computer equipment. 
2. Trade name for a XEROGRAPHY machine. 
3. The reproduction obtained by means of 
XEROGRAPHY (generic term). 4. To make a 
xerographic reproduction (generic term). 

X factor 1. An unknown or unidentifiable quantity 
or parameter. 2. See X COMPONENT. 

xformer Abbreviation of TRANSFORMER. 

X gain The gain (or gain control) of the horizontal 
channel of an oscilloscope or X-Y recorder. Com- 
pare Y GAIN and Z GAIN. 

X-H array See LAZY-H ANTENNA. 

XHV Abbreviation of EXTREMELY HIGH VACUUM. 

x intercept The x coordinate of the point at which 
a line or plane intersects the X-AXIS. 

x irradiate To expose to X RAYS. 

xistor Abbreviation of TRANSISTOR. 

X, Symbol for INDUCTIVE REACTANCE. 

X line A horizontal line in a memory matrix. Com- 
pare Y LINE. 

XLR connector A microphone connector with a 
locking device to prevent unintentional discon- 
nection. It has three pins and is commonly used 
with balanced audio systems. 

X meter 1. An instrument for measuring reactance 
and phase angle. 2. A form of simple capacitance 
meter whose dial is direct-reading in microfarads, 
although the deflection is actually proportional to 
the reactance of the capacitor under measure- 
ment. 


Capacitor 
under test 


Constant-voltage 


ac input Electronic 


ac 
voltmeter 


Very low 
resistance 


X meter, 2 


xmission Abbreviation of transmission. 

xmit Abbreviation of transmit. Also, xmt. 

xmitter Abbreviation of TRANSMITTER. Also, xmtr. 

XMODEM In data transmission, an error-correct- 
ing mode in which data is sent in blocks of 128 
kilobytes (128K), or 131,072 bytes. The source 
and destination tally up the bytes in each block. 
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If they agree, the next data block is sent. If they 
do not agree, the current data block is retrans- 
mitted. Compare YMODEM and ZMODEM. 

xmt Abbreviation of transmit. Also, xmit. 

xmtr Abbreviation of TRANSMITTER. Also, xmitter. 

XOR Abbreviation of EXCLUSIVE-OR. 

xover Abbreviation of CROSSOVER. 

X particle See MESON. 

xponder Abbreviation of TRANSPONDER. 

X position 1. The alignment of a cathode-ray beam 
along the horizontal axis of an oscilloscope 
screen. 2. The position of a point, with respect to 
the horizontal axis of a graph in the rectangular 
(Cartesian) coordinate system. 

XR Abbreviation of INDEX REGISTER. 

X radiation Electromagnetic energy in the form of 
X rays. 

X-ray 1. Phonetic alphabet communications code 
word for the letter X. 2. Pertaining to, or consist- 
ing of, X rays. 

X-ray astronomy The science of observing celes- 
tial objects and the sky in the X-ray band of wave- 
lengths. Generally, this must be done from above 
the earth’s atmosphere because the atmosphere 
absorbs X rays. 

X-ray crystallography The science of observing 
atomic patterns in a crystal by means of X rays. 

X-ray detecting device 1. An X-ray instrument for 
spotting flaws in solid bodies. 2. A device, such as 
a fluoroscope, for showing the presence of X rays. 

X-ray diagnosis The use of X rays in the diagnosis 
of disease and in the observation of internal parts 
of the body. 

X-ray diffraction The diffraction of X rays by a 
material into or onto which they are directed. 
Also see X-RAY DIFFRACTION CAMERA and 
X-RAY DIFFRACTION PATTERN. 

X-ray diffraction camera A special camera that 
furnishes a photograph of the pattern created by X 
rays diffracted by a material. See X-RAY DIFFRAC- 
TION and X-RAY DIFFRACTION PATTERN. 

X-ray diffraction pattern The pattern produced 
on film exposed to X rays diffracted by a material. 
Also see X-RAY DIFFRACTION and X-RAY 
DIFFRACTION CAMERA. 

X-ray goniometer An instrument used to find the 
position of the axes of a quartz crystal. It uses X 
rays reflected from the atomic planes of the 
crystal. 

X-ray inspection The use of X rays in the exami- 
nation and study of the internal features of mate- 
rials and devices. 

X-ray laser A laser designed to emit coherent 
X rays in a narrow beam. 

X-ray load 1. An X-ray tube that is the terminal 
member of an electronic system. 2. A body, mass, 
or material exposed to X rays. 

X-ray machine A device that generates X rays for a 
specific purpose, such as medical diagnosis. 

X-ray photograph A photograph made by expo- 
sure to X rays, especially an X-ray shadowgram, 
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a picture made without a camera by interposing 
an object (such as a part of the human body) be- 
tween an X-ray tube and photographic film. 

X-ray radiation See X RADIATION. 

X rays Invisible, electromagnetic radiation having 
wavelengths ranging from approximately 0.01 
nanometer (101! meter) to 0.15 nanometer (1.5 x 
10710 meter). These waves are shorter than ultra- 
violet, but longer than gamma rays. They can be 
produced by bombarding a target of heavy metal 
(such as tungsten) with a stream of high-speed 
electrons in a vacuum tube. X rays have high 
penetrating power, can expose photographic film, 
and cause some substances to fluoresce. Also see 
X-RAY DIAGNOSIS, X-RAY INSPECTION, and 
X-RAY THERAPY. 

X-ray spectra The continuous band of ionizing 
electromagnetic radiation having wavelengths 
ranging from approximately 0.01 nanometers to 
0.15 nanometers. 

X-ray spectrograph A spectrograph used to dis- 
perse and measure the wavelength of X rays. 

X-ray spectrometer A spectrometer with which 
the diffraction angle of X rays reflected from the 
surface of a crystal can be measured. The device 
allows the characteristics and composition of al- 
most any material to be studied. 

X-ray star A collapsed star that emits high-inten- 
sity energy concentrated mainly in the X-ray re- 
gion of the electromagnetic spectrum. 

X-ray system Collectively, an X-ray tube and the 
associated equipment required for a specific ap- 
plication, such as crystallography, irradiation, or 
medical therapy. 

X-ray technician 1. A professional skilled in the 
operation and maintenance of X-ray systems, 
who usually works under the supervision of an 
engineer. 2. A professional skilled in the medical 
use of X rays, who works under the supervision of 
a medical doctor. 

X-ray therapy The use of X rays in the treatment 
of certain physiological diseases. 

X-ray therapy system An X-ray system designed 
for X-ray therapy. 

X-ray thickness gauge An instrument used to 
measure the thickness of metal, such as a con- 
tinuously moving sheet of steel. The measure- 
ment is in terms of the amount of absorption of 
an applied X-ray beam by the metal. 

X-ray tube A specialized, very-high-voltage diode in 
which a high-speed electron beam bombards an 
anode (target) of heavy metal, such as tungsten, 
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Electron 


Anode beam 


(target) Cathode 


I 
I'A 
ply 
poly 
i 

X rays 


X-ray tube 


causing it to emit X rays. The target is tilted to re- 
flect the X rays through the glass wall of the tube. 

X section Abbreviation of cross section. 

X sink The circuit or device into which the X lines 
of a memory matrix feed. Compare Y SINK. 

Xr Symbol for total reactance. 

xtal Abbreviation of CRYSTAL. 

xtalk Abbreviation of CROSSTALK. 

x unit A small unit of length, equal to approxi- 
mately 10-*% meter or 104 nanometer. Now sel- 
dom used, the x unit was once often used in the 
expression of ultraviolet and X-ray wavelengths. 

X wave One (the extraordinary) of the pair of com- 
ponents into which an ionospheric radio wave is 
divided by the earth’s magnetic field. Compare 
O-WAVE. 

XXX In radiotelegraphy, a signal meaning urgent. 

X-Y counting A technique used with electronic 
counters to determine the ratio of one frequency 
(X) to another (Y). When X is the higher fre- 
quency, the counter readout shows the number 
of pulses of X producing one cycle of Y. 

XY-cut crystal A piezoelectric plate cut from a 
quartz crystal at such an angle that its electrical 
characteristics fall between those of the X-cut 
and Y-cut crystal. 

x-y plotter An output device similar to the x-y 
recorder. It allows a digital computer to plot 
graphs. Also called data plotter. 

x-y recorder An instrument that produces a per- 
manent record (photographic print or directly 
inked paper) of a variable quantity on a chart 
having Cartesian (rectangular) coordinates. 
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Y 1. Symbol for ADMITTANCE. 2. Symbol for 
YTTRIUM. 3. Symbol for YOUNG’S MODULUS. 

y 1. Abbreviation of YEAR. (Also, yr.) 2. Abbrevia- 
tion of YARD. (Also, yd.) 3. Symbol for the vertical 
axis of a graph or screen in the rectangular 
(Cartesian) coordinate system. 

Y adapter See WYE ADAPTER. 

YAG Abbreviation of yttrium-aluminum-garnet, the 
stimulated substance in some lasers. 

Yagi antenna Also called Yagi-Uda array or beam. 
An antenna consisting of two or more parallel, 
straight elements, including at least one parasitic 
element and at least one driven element. The ele- 
ments all lie in the same plane. Each driven ele- 
ment is connected to the feed line, half-wave 
resonant, and center-fed. A two-element array 
can be formed by adding a director or a reflector 
alongside a single driven element. An array with 
one director and one reflector, along with the 
driven element, increases the gain and directivity 
compared with a two-element system. The gain 
and directivity increase further as elements are 
added. This is usually done by placing additional 
directors in front of a three-element array. Com- 
pare QUAD ANTENNA. 

y amplifier The vertical amplifier of an oscilloscope 
or recorder. Compare X AMPLIFIER and Z AMPLI- 
FIER. 

Yankee Phonetic alphabet communications code 
word for the letter Y. 

yard Abbreviation, yd. A unit of linear measure in 


Radiator 


Parasitic 
reflector 


Parasitic 


directors 


Feeder 


yagi antenna 


the English system. 1 yd = 3 ft = 36 inches 
0.9144 meter. 

yaw Side-to-side movement in a vehicle or robotic 
end effector. Essentially horizontal displacement 
about the vertical axis. 

yaw amplifier In an aircraft servo system, the unit 
that amplifies the yaw signal (the signal propor- 
tional to the deviation of the aircraft from the line 
of flight). 

yaw meter An instrument for measuring the angle 
of yaw of an aircraft. 

y-axis 1. The vertical axis of a chart, graph, or 
screen in the rectangular coordinate system. 
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2. In a quartz crystal, the axis drawn perpendic- 
ular to the faces of the hexagon. 

y-axis amplifier See Y AMPLIFIER. 

Yb Symbol for YTTERBIUM. 

Y box See WYE BOX. 

Y channel See Y AMPLIFIER. 

Y-channel gain See Y GAIN. 

Y circulator An interconnection among three 
waveguides. When power is applied to the junc- 
tion through one waveguide, the wave is trans- 
ferred to the adjacent waveguide immediately to 
the right or left. 

Y connection See WYE CONNECTION. 

y coordinate See ORDINATE. 

Y current See WYE CURRENT. 

Y-cut crystal A piezoelectric plate cut from a 
quartz crystal in such a way that the plane of the 
plate is perpendicular to the Y-axis of the crystal. 
See CRYSTAL AXES and Y-AXIS, 2. 

yd Abbreviation of YARD. 

Y deflection Vertical deflection of the spot on the 
screen of a cathode-ray tube. Compare X DE- 
FLECTION. 

Y diode The decoding diode in each of the Y lines of 
a memory matrix. Compare X DIODE. 

y direction The vertical direction in deflections 
and in graphical presentations of data. 

Y drive The driving source or energy for the y lines 
of a computer memory matrix. Compare X DRIVE. 

year Abbreviation, y or yr. The period of the earth’s 
revolution around the sun, with respect to 
distant stars: approximately 365.25 days or 
3.15576 x 107 seconds. 

Yellow Book A specialized format for compact-disk 
read-only memory (CD-ROM) computer data stor- 
age media, developed by Sony and Philips. It is 
similar to RED BOOK, but it includes superior er- 
ror correction and storage capacity. See also CD- 
ROM, GREEN BOOK, ORANGE BOOK, and RED 
BOOK. 

yellow copper ore See CHALCOPYRITE. 

yellow metal A copper-zinc alloy that is 60% cop- 
per. 

yellow pyrites See CHALCOPYRITE. 

Y-equivalent circuit See WYE-EQUIVALENT CIR- 
CUIT. 

Y gain The gain (or gain control) of the vertical 
channel of an oscilloscope or x-y recorder. Com- 
pare X GAIN and Z GAIN. 

yield Ina phototube or photocell, the photoelectric 
current per unit intensity of light. 

yield map A diagram of an integrated circuit show- 
ing the locations of faulty components. 

yield strength The lowest stress for plastic defor- 
mation of a material, below which the material is 
elastic and above which it is viscous. 

yield value The amount of physical stress that 
causes a substance to become stretched perma- 
nently out of shape. 
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YIG Abbreviation of yttrium-iron-garnet, a crys- 
talline material used in certain types of acoustic 
delay lines, parametric amplifiers, and filters. 

YIG crystal A crystal of yttrium-iron-garnet. See 
YIG. 

YIG filter A filter using a YIG crystal and tuned 
electromagnetically. 

YIG-tuned parametric amplifier A parametric 
amplifier in which tuning is accomplished by con- 
tinuously varying direct current through the 
solenoid of a YIG filter. 

y intercept The y coordinate of the point at which 
a line or plane intersects the y-axis. 

ylem The material from which the primordial fire- 
ball is thought to have been made, and from 
which the entire known universe is believed to 
have originated approximately 10 billion (101°) 
years ago. 

Y line A vertical line of a memory matrix. Compare 
X LINE. 

Y-matched-impedance antenna See 
MATCHED-IMPEDANCE ANTENNA. 
YMODEM In data transmission, an error-correct- 
ing mode in which data is sent in blocks of one 
megabyte (1MB), or 1,048,576 bytes. The source 
and destination tally up the bytes in each block. 
If they agree, the next data block is sent. If they 
do not agree, the current data block is retrans- 

mitted. Compare XMODEM and ZMODEM. 

yoke 1. The ferromagnetic ring or cylinder that 
holds the pole pieces of a dynamo-type generator 
and acts as part of the magnetic circuit. 2. The 
system of coils used for magnetic deflection of the 
electron beam in cathode-ray tubes. 

yoke method A method of measuring the perme- 
ability of a sample of magnetic material. It in- 
volves completing the magnetic circuit with a 
heavy yoke of soft iron. 

Young’s modulus Symbol, Y. The ratio of tensile 
stress to tensile strain. 

Y parameters The admittance parameters of a 
four-terminal network or device. 

Y point See WYE POINT. 

Y position 1. On a cathode-ray screen, the vertical 
position of the beam spot. 2. On a graph, the po- 
sition of a point along the vertical axis. 

Y potential See WYE POTENTIAL. 

yr Abbreviation of YEAR. Also, y. 

Y rectifier See WYE RECTIFIER. 

Y signal In color television, the monochromatic 
signal conveying brightness information. 

Y sink The circuit or device into which the Y lines 
of a memory matrix feed. Compare X SINK. 

ytterbium Symbol, Yb. A metallic element of the 
rare-earth group. Atomic number, 70. Atomic 
weight, 173.04. 

ytterbium metals The rare-earth metals dyspro- 
sium, erbium, lutetium, holmium, thulium, and 
ytterbium. 
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Yttralox A transparent polycrystalline ceramic 
composed primarily of yttrium oxide, which has 
many applications in electro-optics. 

yttria Formula, Y203. Yttrium oxide, a white pow- 
der used in Nernst lamps. 

yttrium Symbol, Y. A metallic element of the rare- 
earth-metals group. Atomic number, 39. Atomic 
weight, 88.906. 

yttrium-iron-garnet See YIG. 
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yttrium metal Any of the group of metals, 
including yttrium, erbium, holmium, lutetium, 
thulium, ytterbium, and sometimes dysprosium, 
gadolinium, and terbium. 

Yukon Standard Time Standard time of the ninth 
time zone west of Greenwich, embracing the 
Yukon Territory and a portion of southern Alaska. 

Y winding See WYE CONNECTION. 

Y-Y circuit See WYE-WYE CIRCUIT. 
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Z 1. Symbol for IMPEDANCE. 2. Symbol for 
ATOMIC NUMBER. 3. Symbol for zenith distance 
(astronomy). 

z 1. Abbreviation of ZERO. 2. Symbol for ELEC- 
TROCHEMICAL EQUIVALENT. 3. Abbreviation of 
ZONE. 4. Symbol for the vertical axis of a three- 
dimensional Cartesian graph. 

zag The short, straight deflection of a point or par- 
ticle, or of waves along a jagged path in a direc- 
tion opposite that of a ZIG; one of the components 
of ZIGZAG DEFLECTION. 

Zamboni pile A high-voltage electrochemical cell 
consisting of an aluminum anode, a manganese- 
dioxide cathode, and an aluminum-chloride elec- 
trolyte. 

Z amplifier The intensity-modulation amplifier in 
an oscilloscope. Compare X AMPLIFIER and Y 
AMPLIFIER. 

Z-angle meter An instrument, commonly of the 
null-balance type, that indicates the impedance 
and phase angle of capacitors, inductors, and 
sometimes of inductance-capacitance-resistance 
(ICR) combinations. 

z-axis 1. The intensity-modulation input of an 
oscilloscope, including the associated circuit. 
2. The video-signal input of a television picture 
tube, including the associated circuit. 3. The 
third axis in a three-dimensional coordinate sys- 
tem. 4. The lengthwise axis of a quartz crystal. 

z-axis amplifier See Z AMPLIFIER. 

z-axis modulation See INTENSITY MODULATION. 

Zbar See Z-CUT CRYSTAL. 

z channel See Z AMPLIFIER. 

z-channel gain See Z GAIN. 

Z-cut crystal A plate cut from a quartz crystal so 
that the plane of the plate is perpendicular to the 


Z-axis of the crystal and parallel to the 
X-axis. See CRYSTAL AXES. 

ZD Abbreviation of zero defects. 

Z deflection Deflection of a cathode-ray beam be- 
yond the (ordinarily defined) deflection area on 
the tube screen. 

Zeeman effect The splitting of a spectral line of a 
gas into closely spaced, polarized frequency com- 
ponents by an applied magnetic field. 

Zenely electroscope A sensitive alpha-ray electro- 
scope (see ELECTROSCOPE) whose leaf is at- 
tracted by a metal plate biased at 50 to 200 volts. 
On touching the plate, the leaf becomes charged 
and is repelled. But the gas ions around the leaf 
neutralize the charge, and the leaf returns to the 
plate to repeat the action. This sequence causes 
the leaf to oscillate, the number of oscillations per 
second being proportional to the strength of the 
ionizing source. 

Zener See ZENER DIODE. 

Zener breakdown See 
DOWN. 

Zener current See AVALANCHE CURRENT. 

Zener diode Also sometimes called avalanche 
diode or Zener. A semiconductor diode (usually 
silicon) specially fabricated to take advantage of 
the effects of avalanche breakdown. It is available 
in a wide variety of configurations and ratings; it 
is commonly used as a voltage regulating device 
in low-voltage power supplies. 

Zener-diode clipper A signal-amplitude clipper 
that does not require direct-current bias because 
it uses a Zener diode. Clipping takes place at 
the avalanche voltage. Zener diodes can be 
connected back to back for alternating-current 


clipping. 


AVALANCHE BREAK- 
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Zener-diode coupling element A Zener diode dc Type 


used as a direct coupling element between ampli- 
fier stages in an electronic system. When no sig- 
nal is present, the resistance of the diode is 
extremely high because the direct-current volt- 
ages of the diode-coupled amplifier stages reverse- 
bias the diode to below the avalanche point, and 
no current flows from one stage to the next. The 
signal raises the voltage enough to cause 
avalanche breakdown; the signal is thus readily 
transmitted from one stage to the following one. 


B + 


zener-diode coupling element 


Zener-diode voltage reference A device that uti- 


lizes the constant voltage drop across a Zener 
diode operated in its breakdown region, to pro- 
vide a standard voltage for reference purposes. It 
consists essentially of a direct-current (de) volt- 
age source, limiting resistor, and Zener diode. For 
an alternating-current (ac) reference voltage, an 
ac voltage source, limiting resistor, and two Zener 
diodes (connected in parallel, back to back) are 
required. Zener diodes can be connected in series 
to supply a higher reference voltage than can be 
delivered by a single diode. 


Zener-diode voltage regulator A simple voltage 


regulator whose output is the constant voltage 
drop developed across a Zener diode conducting 
in the reverse breakdown region. The simple reg- 
ulator circuit consists of a Zener diode and an ap- 
propriate limiting resistor connected in series 
across the output terminals of an unregulated 
direct-current power supply. For alternating- 
current voltage regulation, two Zener diodes can 
be connected in parallel, back to back. Zener 
diodes can be connected in series to regulate a 
higher voltage than can be accommodated by a 
single diode. 


Unregulated 


Unregulated 


Current-limiting 
resistor 


Standard 
de voltage 


ac Type 


Current-limiting 
resistor 


Standard 
mac output 


Diodes 


zener-diode voltage reference 


de Type 


Current-limiting 
resistor 


Regulated 


de input dc output 


ac Type 


Current-limiting 
resistor 


Regulated 


ac input ac output 


zener-diode voltage regulator 


Zener effect See AVALANCHE BREAKDOWN. 
Zener knee In the response of a reverse-biased 


Zener diode, the point of abrupt transition from 
low current (high resistance) to high current (low 
resistance). For voltage regulation and voltage 
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standardization, the knee should be as sharp as 
possible. 

Zener knee current In a Zener diode, the current 
that flows when the reverse bias reaches the 
avalanche voltage. 

Zener-protected MOSFET See 
TECTED MOSFET. 

Zener voltage The particular value of reverse volt- 
age at which a Zener diode or other reverse- 
biased pn junction abruptly exhibits the 
avalanche effect. Depending on the Zener diode, 
this potential can be less than 10 volts, or as 
much as several hundred volts. 

zenith In the sky, the point directly overhead, ex- 
actly 180 degrees opposite the direction of the 
earth’s center. 

Zeolite process A method using certain artificial 
Zeolites (hydrous silicates) to soften water used in 
some electronic manufacturing and testing oper- 
ations. 

zeppelin antenna Also called zepp. 1. A half-wave- 
length radiator, fed at one end with a quarter- 
wavelength section of open-wire line. The feed 
line can come away from the radiator at any 
angle, usually 90 degrees or more. The antenna 
was originally used aboard zeppelins; the entire 
system was dangled in flight and the feed line was 
collinear with the radiating element. The 
impedance at the feed point is high; the 
impedance at the transmitter end of the feed line 
is low. The antenna will operate satisfactorily at all 
harmonics of the design frequency. 2. A radiator 
that is an integral multiple of a half wavelength, 
fed with open-wire line of any length. A trans- 
match is employed at the transmitter and of the 
feed line. This arrangement is popular among ra- 
dio amateurs. The primary advantage of this an- 
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tenna is ease of installation; the main drawback 
is the fact that the feed line radiates to some ex- 
tent because the system is not perfectly balanced. 

zero 1. The number represented by the cipher 
symbol (0). 2. To set a meter or other instrument 
to its zero reading or condition. 3. To align one el- 
ement of a system precisely with another. 4. In 
computer operations, to set a register to zero. 
5. In computer operations, using zero pulses to 
replace what is in a storage area. 

zero-access memory See ZERO-ACCESS STOR- 
AGE. 

zero-access storage Computer storage requiring 
negligible waiting time (latency). 

zero-address instruction A computer instruction 
requiring no address; the operation specified by 
the instruction defines the locations of the 
operands. Also called addressless instruction. 

zero adjust In an analog metering device, a me- 
chanical or electrical control that allows precise 
setting of the reading to zero, when the parameter 
to be measured is actually zero. 

zero adjustment 1. The act of setting an instru- 
ment or circuit to its zero reading or zero-operat- 
ing condition. 2. A device or subcircuit used to 
set a meter to its zero reading. Also see ZERO 
SET, 1, 2. 

zero-angle cut An alternate term for X cut, as ap- 
plied to quartz crystal plates. Also see CRYSTAL 
CUTS. 

zero axis Ina plot of a variable quantity, the (usu- 
ally horizontal) reference line that indicates the 
zero value of the quantity. 

zero-axis symmetry The condition in which a 
waveshape is symmetrical about a zero axis. 

zero beat Complete absence of a beat note (i.e., si- 
lence), a condition occurring when the frequen- 
cies of the beating signals (or their harmonics) are 
equal. See BEAT NOTE. 

zero-beat detector A device or circuit used to 
sense and indicate the condition of zero beat. 

zero-beat indicator See ZERO-BEAT DETECTOR. 

zero-beat method A means of adjusting the fre- 
quency of one signal exactly to that of another 
(usually standard) signal by setting the first sig- 
nal frequency to zero beat with the second signal 
frequency. 

zero-beat reception A system of reception entail- 
ing zero beating an incoming signal with the sig- 
nal from a local oscillator. Also called homodyne 
reception. 

zero-bias operation Operation of a transistor or 
vacuum tube without direct-current base, gate, 
or grid bias. 

zero-bias tube A vacuum tube designed for opera- 
tion (particularly in a class-B power amplifier) 
without direct-current grid bias. In such a tube, 
the zero-signal plate current is very low because 
of the large amplification factor. 

zero capacitance 1. Absence of capacitance (a 
theoretically ideal condition). 2. In some circuits, 
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zero-bias operation 


the lowest capacitance point, to which all other 
capacitances are referred. 

zero compensation The elimination or minimizing 
of the zero-signal output of a transducer or simi- 
lar device. 

zero compression See ZERO SUPPRESSION, 1. 

zero condition See ZERO STATE. 

zero current 1. Absence of movement of electrical 
charge carriers. 2. In some circuits, the lowest 
current level, to which all other currents are re- 
ferred. 

zero-cut crystal A piezoelectric plate cut from a 
quartz crystal in such a way that the frequency- 
temperature coefficient is zero. 

zero-dB reference level An agreed-upon zero level 
for decibel ratings (which are by nature relative). 
Zero dBm, for example, corresponds to 1 milli- 
watt. Compare VOLUME UNIT. 

zero drift 1. The (usually gradual) drift of a zero 
point, such as the zero setting of an electronic 
voltmeter. 2. The condition of no change in the 
value of a quantity. 

zero elimination See ZERO SUPPRESSION, 1. 

zero energy The condition in which energy is nei- 
ther generated, consumed, nor dissipated. 

zero error 1. In instruments and measurements, 
an error so small that it can be considered in- 
consequential. 2. In a radar system, the inher- 
ent delay in the transmitter and receiver 
circuits. 

zero field emission Thermionic emission from a 
cathode or hot conductor within a uniform elec- 
trostatic field. 

zero fill See ZERO, 5. 

zero gravity The condition of weightlessness (i.e., 
the state in which gravitational pull by a celestial 
body is completely absent or has been nullified). 
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zero-gravity switch A switch actuated automati- 
cally when the condition of zero gravity is reached. 

zero impedance 1. Absence of impedance (a theo- 
retically ideal condition). 2. In some circuits, the 
lowest impedance level, to which all other 
impedances are referred. 

zero inductance 1. Absence of inductance (a theo- 
retically ideal condition). 2. In some circuits, the 
lowest inductance level, to which all other induc- 
tances are referred. 

zero input 1. Complete absence of input (signal or 
noise). 2. Absence of operating voltage or power to 
a system. 3. In a flip-flop, the input terminal that 
is not receiving a trigger signal. 

zero-input terminal In a flip-flop, the input-signal 
terminal at which a trigger signal will switch the 
flip-flop output to zero. Also called zero terminal 
and RESET TERMINAL. 

zero instant See ZERO TIME. 

zero level The reference level for the comparison of 
quantities. For example, it might be a voltage or 
current level; in audio measurements, it is the 
zero-dB reference level. 

zero-line stability In an analog metering device, 
the ability of the instrument to maintain proper 
zero adjustment over a period of time. 

zero magnet A permanent magnet used to set the 
pointer of a meter to zero. 

zero magnitude 1. For a quantity, the state of be- 
ing valueless (i.e., a complete absence of the 
quantity). 2. In some tests, measurements, or 
calculations, the lowest value of a quantity, to 
which all other values are referred. 

zero meridian The meridian at Greenwich (near 
London), England, from which longitude and 
standard time are reckoned. Also see TIME ZONE 
and ZONE TIME. 

zero method A method of measurement entailing 
adjustment of a circuit or device (such as a 
bridge, tee network, or potentiometer) for zero re- 
sponse of the detector. Also called null method. 

zero modulation The momentary lack of modula- 
tion in a communications or broadcast system, 
as during a pause in speech. 

zero-modulation noise Noise produced by previ- 
ously erased tape that is run under specified op- 
erating conditions. 

zero output 1. Complete absence of output signal 
or output power, sometimes disregarding noise 
output. 2. In a flip-flop, the normal condition of 
no signal pulse at a particular output terminal. 

zero-output terminal Ina flip-flop, the output ter- 
minal that is not delivering an output pulse. 

zero phase In an alternating-current circuit, the 
condition in which the current and voltage are in 
step. That is, the current peaks occur at exactly 
the same times as the voltage peaks; the phase 
difference between the current and voltage is zero 
degrees. 

zero pole In a multiconductor line, the common or 
reference conductor. 
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zero potential 1. Complete absence of voltage. 
2. In some circuits, the lowest voltage, to which 
all other voltages are referred. 3. The potential of 
the earth as a reference point. 

zero power 1. Complete absence of dissipated 
power. 2. In some circuits and systems, the low- 
est power level, to which all other power values 
are referred. 

zero-power resistance In a thermistor, the resis- 
tance at which power dissipation is zero. 

zero-power resistance-temperature characteris- 
tic Fora thermistor, a figure that reveals the ex- 
tent to which zero-power resistance varies with 
the temperature of the thermistor body. 

zero-power temperature coefficient of resis- 
tance A temperature coefficient that reveals 
the extent to which the temperature of the ther- 
mistor body causes the zero-power resistance to 
change (expressed in ohms per ohm per degree 
Celsius). 

zero reactance 1. Absence of reactance (a theoret- 
ically ideal condition in alternating-current cir- 
cuits). 2. In some circuits, the lowest reactance, 
to which all other reactances are referred. 

zero resistance 1. Absence of resistance (a theo- 
retically ideal condition). 2. In some circuits, the 
lowest resistance, to which all other resistances 
are referred. 

zero scale current In a digital-to-analog (D/A) 
converter, the current into the output when all 
logic inputs are low (off) and the output is at a 
certain predetermined value, in microamperes or 
milliamperes. 

zero screw The mechanical zero adjuster of a 
meter. 

zero set 1. A (usually screwdriver-adjusted) mech- 
anism for setting the pointer of a meter to zero. 
2. An electrical circuit consisting of a resistance 
bridge or adjustable bucking voltage for setting a 
meter to read zero under specific conditions. 
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Zero-set 
control 


VTVM 
circuit 
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zero shift See ZERO DRIFT. 

zero signal 1. The condition of complete absence 
of signal. 2. A finite signal level used as a refer- 
ence point against which all other signal levels 
are measured. 

zeros of impedance For an alternating-current 
network, the frequencies at which the impedance 
is zero. Also called zeros. 

zeros of network function The real or complex 
values at which the network function is zero. 
Compare POLES OF NETWORK FUNCTION. 

zeros of transfer function The frequencies at 
which a transfer function becomes zero. Compare 
POLES OF TRANSFER FUNCTION. 

zero Stability Constancy of the zero condition in an 
instrument or system (i.e., absence of zero drift). 

zero state The low, zero, off, or false logic state of a 
bistable device, such as a flip-flop or magnetic 
cell. It might be actual zero output or a low-volt- 
age output. Compare ONE STATE. In binary 
notation and calculation, the zero state is 
represented by a cipher. 

zero suppression 1. In computer operation, auto- 
matic nonsignificant leading-zero cancellation. 
2. Absence or removal of a restraining medium, 
such as a noise-suppression voltage. 3. In an au- 
dio recording system, the introduction of a volt- 
age to cancel the steady-state component of the 
input signal. 

zero temperature 1. The point from which tem- 
peratures are reckoned on a thermometer scale. 
On the Celsius (centigrade) scale, zero degrees 
corresponds to the freezing point of pure water at 
standard atmospheric pressure. On the Fahren- 
heit scale, zero degrees is 32 degrees colder than 
the freezing point of pure water at standard at- 
mospheric pressure. On the Kelvin or Rankine 
scales, zero degrees corresponds to the complete 
absence of thermal energy; it is the coldest possi- 
ble temperature. 2. A temperature point relative 
to which all other temperatures are reckoned. 

zero temperature coefficient A temperature coef- 
ficient having the value zero (i.e., one that indi- 
cates there is no temperature-dependent drift of a 
given quantity). 

zero terminal See ZERO-INPUT TERMINAL and 
ZERO-OUTPUT TERMINAL. 

zero time 1. In some measurements, the first in- 
stant of time, to which all other instants are re- 
ferred. 2. See ZERO PHASE. 

zero time reference During one cycle of radar op- 
eration, the time reference of the schedule of 
events. 

zero vector A vector whose magnitude is zero. 

zero voltage See ZERO POTENTIAL. 

zero voltage coefficient A voltage coefficient hav- 
ing the value of zero (i.e., one that indicates there 
is no voltage-dependent drift of a given quantity). 

zero-zero The atmospheric condition in which the 
ceiling and visibility both are zero (i.e., extremely 
dense fog). 
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Z gain The gain (or gain control) of the intensity 
channel of an oscilloscope. Compare X GAIN and 
Y GAIN. 

zig The short, straight deflection of a point or par- 
ticle, or of a wave along a jagged path in a direc- 
tion opposite that of ZAG; a component of 
ZIGZAG DEFLECTION. 

zigzag deflection Deflection of a particle, point, or 
object in a path that contains side-to-side mo- 
tion, as well as forward motion. Also see ZAG and 
ZIG. 

zigzag rectifier A special version of the three- 
phase star (three-phase, half-wave) rectifier cir- 
cuit. Direct-current (dc) saturation of the 
transformer secondary is avoided by winding half 
the turns of each secondary on a separate core 
(i.e., each core carries two half-windings). The op- 
posing flux resulting from different phases in the 
half-windings causes cancellation of the dc com- 
ponent of flux in each core. 

zigzag reflections Multihop reflections of waves 
along a zigzag path, resulting from repeated re- 
flections within the ionosphere. 

zinc Symbol, Zn. A metallic element. Atomic num- 
ber, 30. Atomic weight, 65.39. It is used as the 
negative-electrode material in dry cells and asa 
protective coating for some metals used in elec- 
tronics. 


Three- 
phase 
input 


zigzag rectifier 


zinc aluminate phosphor Either of two similar 
substances used as a phosphor coating for 
cathode-ray tube screens. One form glows blue; 
the other form glows red. 

zinc beryllium silicate phosphor A substance 
used as a phosphor coating for cathode-ray-tube 
screens. It glows yellow. 

zinc beryllium zirconium silicate phosphor A 
substance used as a phosphor coating for cath- 
ode-ray-tube screens. It glows white. 

zinc borate phosphor A substance used as a 
phosphor coating for cathode-ray-tube screens. It 
glows yellow-orange. 
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zinc cadmium sulfide phosphor Either of two 
similar substances used as a phosphor coating 
for cathode-ray-tube screens. One form glows 
blue; the other form glows red. 

zinc-carbon cell A common non-rechargeable 
electrochemical cell. Produces approximately 
1.5 volts under no-load conditions. Zinc forms 
the outer case or shell, and is the negative elec- 
trode. A carbon rod serves as the positive elec- 
trode. The electrolyte is a paste of manganese 
dioxide and carbon. The cell is inexpensive, and 
is commercially available in various sizes. The 
shelf life is fairly long. Cells of this type work well 
at moderate temperatures, and in applications 
where the current drain is moderate to high. 
They function poorly at low temperatures. Com- 
pare ALKALINE CELL. 

zinc germanate phosphor A substance used asa 
phosphor coating for cathode-ray-tube screens. It 
glows yellow-green. 

zinc magnesium fluoride phosphor A substance 
used as a phosphor coating for cathode-ray-tube 
screens. It glows orange. 

zincolysis Electrolysis in a cell having a zinc 
anode. 

zinc orthoscilicate phosphor Also called Willemite. 
A substance used as a phosphor coating for 
cathode-ray-tube screens. It glows yellow-green. 

zinc oxide A substance used as a phosphor coat- 
ing for cathode-ray-tube screens. It glows blue- 
green. It is also used in the manufacture of 
certain electronic components, such as resistors. 

zinc-oxide resistor A voltage-dependent resistor 
whose active ingredient is zinc oxide. 

zinc silicate phosphor A substance used as a 
phosphor coating for cathode-ray-tube screens. It 
glows blue. 

zinc standard cell A standard cell using zinc and 
mercury electrodes, and a mercurous sulfate ex- 
citant and depolarizer. Produces 1.4322 volts at 
15°C. Also called Clark cell. Compare WESTON 
CELL. 

zinc sulfide phosphor A substance used as a 
phosphor coating for cathode-ray-tube screens. 
Glows blue-green or yellow-green. 

ZIP Abbreviation of zinc-impurity photodetector. 

zip cord A simple two-conductor, flexible power 
cord. 

zirconia Preparations of zirconium (especially 
ZrO), valued for their high-temperature dielectric 
properties. 

zirconium Symbol, Zr. A metallic element. Atomic 
number, 40. Atomic weight, 91.22. 

Z marker A vertically radiating marker beacon 
defining the zone above a radio-range station. 

Z meter A device for measuring impedances. In- 
struments of this kind take four principal forms: 
(1) a direct-reading meter resembling an ohmme- 
ter; (2) an adjustable circuit manipulated some- 
what like a bridge and that compares an 
unknown impedance with a standard resistance; 
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(3) an impedance bridge for evaluating the reac- 
tive and resistive components of an unknown 
impedance; (4) a section of transmission line 
used with a signal source and voltmeter for mea- 
suring impedance in terms of a standard resistor 
and/or standing waves. 

ZMODEM In data communications, an error-cor- 
rection mode similar to XMODEM, except that 
when an error is found during transmission of a 
block of data, the source retransmits only that 
portion of the block following the error. This im- 
proves data transmission speed because, when 
an error occurs, the number of bytes retransmit- 
ted is generally fewer than the 128K block size 
standard in XMODEM. Compare XMODEM and 
YMODEM. 

Zn 1. Symbol for ZINC. 2. Symbol for AZIMUTH. 

Zo Symbol for CHARACTERISTIC IMPEDANCE. 

zone 1. On a magnetic disk, a group of tracks 
whose associated transfer rate is not the same as 
that for the rest of the disk. 2. In computer oper- 
ations, the area of a storage medium containing 
digits. 3. In a computer system, a main memory 
area set aside for a particular purpose. 4. In a se- 
curity system, a specified area or region under 
surveillance. 

zone blanking In a radar system, a method of ex- 
tinguishing the cathode-ray-tube beam during a 
portion of the antenna sweep. 

zone candle power In a given zone, the luminous 
flux per steradian, emitted by a light source un- 
der test. 

zoned circuit In a security system, a circuit in 
which some areas are protected at all times, while 
the protection in other areas can be temporarily 
disabled for entry or exit. 

zone leveling See ZONE REFINING. 

zone marker See Z MARKER. 

zone melting See ZONE REFINING. 

zone of silence The region between alternate re- 
flections of a radio wave, in which no signal is de- 
tectable. Also called skip zone. 

zone plate antenna A rapid-scan radar antenna 
having a reflector composed of confocal parabolas 
arranged in a circle. 

zone-position indicator A radar that reveals the 
position of an object to a second radar having a 
restricted field. 

zone purification See ZONE REFINING. 

zone refining A method of purifying semiconduc- 
tor materials (such as germanium and silicon) in 
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which a molten zone in an ingot of the material 
moves along the length of the ingot, dissolving 
impurities as it travels, eventually depositing 
them at the end of the ingot, which is sawed off. 
This concentrated and segregated melting is ac- 
complished by means of radio-frequency heating. 

zone time In a given time zone, standard time in 
terms of the number of hours that must be added 
to local time to equal the time at the zero (Green- 
wich) meridian. 

zoning 1. A method of fabricating a microwave 
reflector in concentric, flat regions, producing 
the same practical results as a continuous 
paraboloid. 2. In a communications system, the 
division of the coverage area into different geo- 
graphic regions for a specific purpose. 

zoom 1. To rapidly change the focal length of a 
television or motion-picture camera lens so that 
the object seems to advance toward or recede 
from the viewer, remaining in focus as it does so. 
2. See ZOOM LENS. 3. To magnify the image in a 
computer graphical user interface. A user can en- 
large a specific portion of the display, at the ex- 
pense of other portions. It is generally measured 
in percent (e.g., 200% zoom represents a magnifi- 
cation factor of 2). 

zoom lens A continuously adjustable lens system 
that allows zoom effects to be obtained with a 
television or motion-picture camera, or a similar 
arrangement for still cameras that obviates the 
need for lens interchange when different focal 
lengths are needed. The lens system, which can 
be operated electronically, allows either narrow- 
or wide-angle views to be obtained without losing 
focus at any time. 

Z parameters Device or network parameters ex- 
pressed as impedances. 

ZPI Abbreviation of ZONE-POSITION INDICATOR. 

Z-plunger In a waveguide, a combination choke 
and bucket plunger for radiation leakage reduc- 
tion. 

Zr Symbol for ZIRCONIUM. 

Z signals A collection of letter groups, each starting 
with the letter Z, used for simplified telegraphy 
and radiotelegraphy by the military services. 

Zulu Phonetic alphabet communications 
word for the letter Z. 

Zulu time Greenwich mean time. Also see ZEBRA 
TIME. 

zwitterion An ion that carries both a positive and 
a negative charge. 
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Schematic symbols 


Ammeter 2H 
Amplifier general J> 
Amplifier, inverting J> 
Amplifier, operational > 
AND gate JH 
Antenna, balanced | | 
dd 
Y 
L- 


Antenna, general 


Antenna, loop 

Antenna, loop, multiturn 

Battery lih 
Capacitor, feedthrough — | | — 


Capacitor, fixed — — 
Capacitor, variable == 


Capacitor, variable, split-rotor at 
Capacitor, variable, split-stator | | Z 


Copyright 2001 The McGraw-Hill Companies, Inc. Click Here for Terms of Use 


Appendix A 


4/10/01 10:38 AM Page 774 a 


T74 Appendix A 


Cathode, electron-tube, cold 
Cathode, electron-tube, directly heated 


a 
A 
Cathode, electron-tube indirectly heated p 


Cavity resonator 


Cell, electrochemical — — 


Circuit breaker “™N 


Coaxial cable —— 
Crystal, piezoelectric = | — 


Delay line 
Diac 


Diode, field-effect 


——SO00001 — 
Diode, general —p|— 
Diode, Gunn —YH4— 
ea 
Diode, light-emitting ‘ > 
DS 


Diode, photosensitive 
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Diode, PIN 


Diode, Schottky 


Diode, tunnel 


Diode, varactor 


Diode, zener 


Directional coupler 


Directional wattmeter 


Exclusive-OR gate 


Female contact, general 


Ferrite bead 


Filament, electron-tube 


Fuse 


Galvanometer 


Grid, electron-tube 


Ground, chassis 
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Ground, earth 


Headset 


Handset, double 


Headset, single 


Headset, stereo 


Inductor, air core 


Inductor, air core, bifilar 


Inductor, air core, tapped 


Inductor, air core, variable 


Inductor, iron core 


Inductor, iron core, bifilar 


Inductor, iron core, tapped 


Inductor iron core, variable 


Inductor, powdered-iron core 


Inductor, powdered-iron core, bifilar 
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ar 


Inductor, powdered-iron core, tapped 


Inductor, powdered-iron core, variable 


TE 


Integrated circuit, general (Design-show) 


Jack, coaxial or phono 


Jack, phone, two-conductor 


Jack, phone, three-conductor 


Key, telegraph 


Lamp, incandescent 


Lamp, neon 


Male contact, general 


Meter, general 


Microammeter 


Microphone 


Teel eer qlo 
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Microphone, directional 


Milliammeter 


NAND gate 


Negative voltage connection 


NOR gate 


NOT gate 


Optoisolator 


OR gate 


Outlet, two-wire, nonpolarized 


Outlet, two-wire, polarized 


Outlet, three-wire 


Outlet, 234-V 


Plate, electron-tube 


Plug, two-wire, nonpolarized 


3 


SIERO 
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Plug, two-wire, polarized 


Plug, three-wire 


Plug, 234-V 


Plug, coaxial or phono 


Plug, phone, two-conductor 


Plug, phone, three-conductor 


+ 


Positive voltage connection 


Potentiometer 


Probe, radio-frequency 


Rectifier, gas-filled 


Rectifier, high-vacuum 


Rectifier, semiconductor 


Rectifier, silicon-controlled 


SEO OU yeee 
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Relay, double-pole, double-throw 


Relay, double-pole, single-throw 


Relay, single-pole, double-throw 


Relay, single-pole, single-throw 


Resistor, fixed 


Resistor, preset 


Resistor, tapped 


Resonator 


Rheostat 


Saturable reactor 


Signal generator 


Solar battery 


LA 


Su 
ME 
Z| 

~ 


allt 
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si 
i 


Solar cell 


Í 
aF 


Source, constant-current 


Source, constant-voltage 


Speaker 


FET. 


Switch, double-pole, double-throw =} 1 
—o 
Me alle 
A Z 
Switch, double-pole, rotary mri = — “0 
<0 
Switch, double-pole, single-throw ES i 
2 
—o 
1 - 
Switch, momentary-contact 
Switch, silicon-controlled > 
o Ee 
Switch, single-pole, rotary = d 
Switch, single-pole, double-throw No 


Switch, single-pole, single-throw en 
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=) 
Terminals, general, balanced 
===> 
——oO 
Terminals, general, unbalanced y 
Test point ———( TP 
Thermocouple or 


Transformer, air core 3 z 
Transformer, air core, step-down 3 = 


Transformer, air core, step-up 3 E 


Transformer, air core, tapped primary = y 
Transformer, air core, tapped secondary E = 


Transformer, iron core as 
Transformer, iron core, step-down ES 


Transformer, iron core, step-up as 
Transformer, iron core, tapped primary =e 


Transformer, iron core, tapped secondary | 
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Transformer, powdered-iron core as 


Transformer, powdered-iron core, step-down ES 


Transformer, powdered-iron core, step-up as 


Transformer, powdered-iron core, tapped primary =a 


Transformer, powdered-iron core, 
tapped secondary 


Transistor, bipolar, VPN 


Transistor, bipolar, PNP 


Transistor, field-effect, N-channel 


Transistor, field-effect, P-channel 


Transistor, MOS field-effect, N-channel 


Transistor, MOS field-effect, P-channel 


66400 Om 


Transistor, photosensitive, NPN 


Transistor, photosensitive, PNP 


aR 
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Transistor, photosensitive, field-effect, 
N-channel 


Transistor, photosensitive, field-effect, 
P-channel 


Transistor, unijunction 


Triac 


Tube, diode 


Tube, heptode 


Tube, hexode 


Tube, pentode 


Tube, photosensitive 


Tube, tetrode 


E E 
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Tube, triode 


Voltmeter 


Wattmeter 


Waveguide, circular 


Waveguide, flexible 


Waveguide, rectangular 


Waveguide, twisted 


ES 


(preffered) 


Wires, crossing, connected or 


(alternative) 


(preffered) 
or 
(alternative) 


Wires, crossing, not connected 
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Property 


Capacitance 


Charge 


Charge density 


Conductivity 


Current 


Current density 


Electric field intensity 


Electric potential 


Electric dipole moment 
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Conversion between Electrical Systems 


mks 


1 farad 
10° F 
10 '/9F 


1 coulomb 
10C 
107?/3 C 


1 coulomb/m? 
10’ C/m? 
1073/3 C/m? 


1 siemens/m 
10!! S/m 
107?/9 S/m 


l ampere 
10a 
103 a 


1 ampere/m* 
10° A/m? 
1075/3 A/m? 


1 volt/m 
10 V/m 
3 x 10* V/m 


1 volt 

1078 V 

3 X 10? V 

1 coulomb-m 


0.1 C-m 
107 !!/3 C-m 


cgs 
electromagnetic 

107? abfarad 

1 abF 

10° 7°/9 abF 


0.1 abcoulomb 
1 abC 
10° '°/3aC 


107” abcoulomb/cm? 
1 abC/cm* 
107193 aC/cm? 


10° |! absiemens/cm 
1 abS/cm 
10° 7°/9 abS/cm 


107! abampere 
1 abA 
107 '°/3 abA 


107? abampere/cm? 
1 abA/cm? 
107 '°/3 aA/em? 


10° abvolt/cm 
1 abV/cm 
3 x 10% aV/cm 


10° abvolt 
labV 
3x 10 av 


10 abC-cm 
1 abC-cm 
10° 19/3 abC-cm 


cgs 
electrostatic 

9 x 10!! statfarad 

9 X 107° statF 

1 statF 


3 X 10° statC 
3 x 10% statC 
1 statC 


3 X 10° statcoulomb/cm? 
3 x 10! statCcm? 


1 statC/cm* 


9 X 10” statSiemens/cm 
9 x 107° statS/cm 
1 statS/cm 


3 X 10? statampere 
3 X 101 statA 
1 statA 


3 X 10° statampere/cm” 
3 X 10% statA/cm” 
1 statA/cm? 


1074/3 statvolt/cm 
107193 statV/cm 
1 statV/cm 


107 7/3 statvolt 
107193 statV 
1 statV 


3 X 10!! statC-cm 
3 x 10!° statC-cm 
1 statC-cm 
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Property 


Energy 


Force 


Flux density 


Inductance 


Inductive capacity 


Magnetic flux 


Magnetic dipole moment 


Permeability 


Power 


Resistance 
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mks 


1 joule 
1073 
10773 


1 newton 
10 °N 
10. N 


1 Weber/m? 
10 * Wb/m? 
3Xx 10 Wb/m? 


1 henry 
10H 
9x 10H 


1 farad/m 
10"! F/m 
10° °/9 F/m 


1 weber 
1078 W 
3 x 10 W 


1 ampere-m” 
10 A-m? 
1071/3 A-m? 


1 henry/m 
107” H/m 
9 x 10! H/m 


1 watt 
10. W 
10." W 
1 ohm 


10°? ohm 
9 x 10!! ohm 


cgs 
electromagnetic 


10’ erg 
le 
le 


10° dyne 
ld 
ld 


10* gauss (or abtesla) 
1G 
3x 10'°G 


10° abhenry 
1 abH 
9 x 10% abH 


10° |! abfarad/cm 
1 abF/cm 
10° 7°/9 abF/cm 


10° Maxwell 
1 Mx 
3 x 101 Mx 


10° abampere-cm? 
1 abA-cm? 
107 '°/3 abA-cm? 


10’ abhenry/cm 
1 abH/cm 
9 x 10% abH/cm 


10’ erg/s 
l e/s 
1 e/s 


10? abohm 
1 abohm 
9 x 10% abohm 


System 


cgs 
electrostatic 

10’ erg 

le 

le 

10° dyne 

ld 

ld 


10° °/3 electrostatic unit 
10° '°/3 esu 


1 esu 


107**/9 stathenry 
107/09 statH 
1 statH 


9 x 10° statfarad/cm 
9 x 10% statF/cm 
1 statF/cm 


10° 7/3 electrostatic unit 
10° '°/3 esu 


1 esu 


3 x10% statampere-cm” 
3 X 10 statA-cm? 


1 statA-cm? 


107 19/09 stathenry/cm 
10° °°/9 statH/cm 
1 statH/cm 


10’ erg/s 
le/s 
le/s 


10° 1/9 statohm 
10 7°/9 statohm 


1 statohm 
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GREEK ALPHABET 


Capital 
A 


DEK OKHAMVDOOCHAZAZSAHKOITNMPA YD 


Lowercase 


UN 


Q 


© 


Sewer ScraegrvnyAomvtd KAR 


Name 
alpha 
beta 
gamma 
delta 
epsilon 
zeta 
eta 
theta 
iota 
kappa 
lambda 
mu 

nu 

Xl 
omicron 
pl 

rho 
sigma 
tau 
upsilon 
phi 

chi 

psi 
omega 


Mathematical Functions 


Signs and symbols 


AWS O A 


N 


or = 


radix (base) point 


multiplication symbol; logic AND function ~ 


infinity 

plus; positive; logic OR function 
minus; negative 

plus or minus; positive or negative 
minus or plus; negative or positive 
times 

divided by 

divided by (expressive of a ratio) 
equal to 

identical to; is defined by 
approximately equal to, congruent to 


approximately equal to 


not equal to 

similar to 

less than 

not less than 

much less than 

greater than 

not greater than 

much greater than 
equal to or less than 
equal to or greater than 


proportional to; varies directly as 


approaches 
is to; proportional to 


therefore 
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@ at the rate of; at cost of 

e natural number = 2.71828 

TT pi ~ 3.14159... 

() parentheses (use to enclose a group of terms) 
[ ] brackets (use to enclose a group of terms that 


includes one or more groups in parentheses) 


r braces (use to enclose a group of terms that 
includes one or more groups in brackets. 


Z angle 
degrees (arc or temperature) 
minutes; prime 


seconds; double prime 


| parallel to 
dE perpendicular to 
and beyond 
Vv (del or nabla) vector differential operator 


Operations 
XF y x added to y; x OR y 
L=Y y subtracted from x 


xe. y,x X y, multiplied by y; x AND y 


Or xy 
AY x divided by y 

x/y or E x divided by y 

1/x reciprocal of x 

x" x raised to the indicated power of n 
Vx indicated root n of x 

SY xistoy 

Ixl absolute value of x, magnitude of x 
X,Š,orX vector X 
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X 
fx) or F(x) 


i 


average value of x; x not 


function of x 


V-1 


operator, equal to V —1 
increment of x 


differential of x 


partial differential of x 

change in x with respect to y 
derivative of x with respect to y 
derivative of x with respect to y 


derivative of x with respect to y 


partial derivative of x with respect to y 


summation 


summation between limits (from a to b) 


product 


product between limits (from a to b ) 


integral 


integral between limits (from a to b) 


integral of x with respect to y 
evaluated at a 
evaluated between limits (from a to b) 


factorial of n 
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Prefixes 
Prefix Quantity Symbol 
atto- 10. a 
femto- 107" f 
pico- 107? p 
nano- 107? n 
micro- 107° u 
milli- 107? m 
centi- 10 7 € 
deci- 10°! d 
deka- 10 da 
hecto- 10° h 
kilo- 10° k 
mega- 10° M 
giga- 10° G 
tera- 10! T 
peta- 10% P 
exa- 10% E 
RESISTOR COLOR CODE 


The first three color bands supply the total resistance. The fourth color (if any ) gives the tolerance. Example: A 


5,600-ohm resistor would have green (first color, 5), blue (second color, 6) and red 


black 
brown 
red 
orange 
yellow 
green 
blue 
violet 
gray 
white 


0 
1 
z 
3 
4 
5 
6 
7 
8 
9 


black 
brown 
red 
orange 
yellow 
green 
blue 
violet 
gray 
white 


O 0 10 UU PWN KY O 


black 
brown 
red 
orange 
yellow 
green 
blue 
gold 
silver 


gold + 5% 
silver + 10% 
no band + 20% 

000 

0000 

00000 

000000 

multiply by 0.1 

multiply by 0.01 
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Stan Gibilisco has authored or coauthored dozens of nonfiction books 
about electronics and science. He first attracted attention with Under- 
standing Einstein's Theories of Relativity (TAB Books, 1983). His Encyclo- 
pedia of Electronics (TAB Professional and Reference Books, 1985) and 
Encyclopedia of Personal Computing (McGraw-Hill, 1996) were annotated 
by the American Library Association as among the best reference volumes 
published in those years. Stan's work has gained reading audiences in the 
Far East, Europe, and South America. 
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SOFTWARE AND INFORMATION LICENSE 


The software and information on this diskette (collectively referred to as the “Product”) are the property of 
The McGraw-Hill Companies, Inc. (“McGraw-Hill”) and are protected by both United States copyright law 
and international copyright treaty provision. You must treat this Product just like a book, except that you 
may copy it into a computer to be used and you may make archival copies of the Products for the sole pur- 
pose of backing up our software and protecting your investment from loss. 

By saying “just like a book,” McGraw-Hill means, for example, that the Product may be used by any num- 
ber of people and may be freely moved from one computer location to another, so long as there is no possi- 
bility of the Product (or any part of the Product) being used at one location or on one computer while it is 
being used at another. Just as a book cannot be read by two different people in two different places at the 
same time, neither can the Product be used by two different people in two different places at the same time 
(unless, of course, McGraw-Hill’s rights are being violated). 

McGraw-Hill reserves the right to alter or modify the contents of the Product at any time. 

This agreement is effective until terminated. The Agreement will terminate automatically without notice 
if you fail to comply with any provisions of this Agreement. In the event of termination by reason of your 
breach, you will destroy or erase all copies of the Product installed on any computer system or made for 
backup purposes and shall expunge the Product from your data storage facilities. 


LIMITED WARRANTY 


McGraw-Hill warrants the physical diskette(s) enclosed herein to be free of defects in materials and work- 
manship for a period of sixty days from the purchase date. If McGraw-Hill receives written notification 
within the warranty period of defects in materials or workmanship, and such notification is determined by 
McGraw-Hill to be correct, McGraw-Hill will replace the defective diskette(s). Send request to: 


Customer Service 
McGraw-Hill 

Gahanna Industrial Park 
860 Taylor Station Road 
Blacklick, OH 43004-9615 


The entire and exclusive liability and remedy for breach of this Limited Warranty shall be limited to re- 
placement of defective diskette(s) and shall not include or extend to any claim for or right to cover any other 
damages, including but not limited to, loss of profit, data, or use of the software, or special, incidental, or 
consequential damages or other similar claims, even if McGraw-Hill has been specifically advised as to the 
possibility of such damages. In no event will McGraw-Hill’s liability for any damages to you or any other per- 
son ever exceed the lower of suggested list price or actual price paid for the license to use the Product, re- 
gardless of any form of the claim. 

THE McGRAW-HILL COMPANIES, INC. SPECIFICALLY DISCLAIMS ALL OTHER WARRANTIES, EX- 
PRESS OR IMPLIED, INCLUDING BUT NOT LIMITED TO, ANY IMPLIED WARRANTY OF MER- 
CHANTABILITY OR FITNESS FOR A PARTICULAR PURPOSE. Specifically, McGraw-Hill makes no 
representation or warranty that the Product is fit for any particular purpose and any implied warranty of 
merchantability is limited to the sixty day duration of the Limited Warranty covering the physical diskette(s) 
only (and not the software or in-formation) and is otherwise expressly and specifically disclaimed. 

This Limited Warranty gives you specific legal rights; you may have others which may vary from state to 
state. Some states do not allow the exclusion of incidental or consequential damages, or the limitation on 
how long an implied warranty lasts, so some of the above may not apply to you. 

This Agreement constitutes the entire agreement between the parties relating to use of the Product. The 
terms of any purchase order shall have no effect on the terms of this Agreement. Failure of McGraw-Hill to 
insist at any time on strict compliance with this Agreement shall not constitute a waiver of any rights under 
this Agreement. This Agreement shall be construed and governed in accordance with the laws of New York. 
If any provision of this Agreement is held to be contrary to law, that provision will be enforced to the maxi- 
mum extent permissible and the remaining provisions will remain in force and effect. 


Copyright 2001 The McGraw-Hill Companies, Inc. Click Here for Terms of Use 


de 
Gy 


Reading 4/10/01 10:44 AM Page 793 


ÓN 
E, 


Suggested additional 
references 


Crowhurst, N. and Gibilisco, S., Mastering Technical Mathematics—2nd Edition. New York: McGraw-Hill, 
1999. 

Dorf, R., Electrical Engineering Handbook—2nd Edition. Boca Raton, FL: CRC Press, 1997. 

Gibilisco, S., Electronics Portable Handbook. New York: McGraw-Hill, 1999. 

Gibilisco, S., Electronics Formulas Pocket Reference. New York: McGraw-Hill, 1999 c > 

Gibilisco, S., Mathematical and Physical Data, Equations, and Rules of Thumb. New York: McGraw-Hill, 
2001. 

Van Valkenburg, M., Reference Data for Engineers: Radio, Electronics, Computer and Communications. 
Indianapolis: Howard W. Sams & Co., 1998. 

Veley, V., The Benchtop Electronics Reference Manual. New York: McGraw-Hill, 1994. 


Copyright 2001 The McGraw-Hill Companies, Inc. Click Here for Terms of Use 


de 
Gy 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


SYSTEMS, QUANTITIES, 
AND UNITS 


OUTLINE Transfer curve Exponent 


Gain Engineering notation 
1-1 The Electronics Industry Passive component SI 
1-2 Introduction to Electronic Systems Active component Metric prefix 
1-3 Types of Circuits Oscillator Error 
1-4 Scientific and Engineering Notation Alternator Accuracy 
1-5 Units and Metric Prefixes Digital Precision 
1-6 Metric Unit Conversions Analog Significant digit 
1-7 Measured Numbers Transducer Round off 
1-8 Electrical Safety Scientific notation Electrical shock 


Power of ten 


OBJECTIVES 
e Describe the electronics industry in general terms I N T R O D U C T I O N 


e Describe attributes of a system 
Technical electronics has changed from less emphasis 


on troubleshooting discrete circuits at the component 
level into more work whereby technicians install and test 


e Describe attributes of circuits in general 


e Use scientific notation to represent quantities 


e Work with electrical units and metric prefixes systems. Technicians need to become more oriented to 
e Convert from one unit with a metric prefix to another system integration than in the past. In order to under- 
e Express measured data with the proper number of stand how systems operate, anyone entering a technical 

significant digits field should be grounded in fundamental laws. This 


chapter begins with an overview of the electronics indus- 
try and attributes of systems and circuits. It then covers 
the basic units, electrical quantities, and engineering and 
scientific notation used in the field of electronics. 


e Recognize electrical hazards and practice proper 
safety procedures 


KEY TERMS 


Circuit System 

Vertical organization Boundary 

Horizontal organization Input 

Integrated circuit Output VISIT THE WEBSITE 
Mechatronics Block diagram Study aids for this chapter are available at 


http://pearsonhighered.com/floyd 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


1-1 THE ELECTRONICS INDUSTRY 


The electronics industry is made up of companies that are competing for business in manufac- 
turing and marketing electronics products. Because of this fierce competition, the level of inno- 
vation and new products has been spectacular and continues to this day. One change in the 
industry has been the growth of small specialized companies with a narrow market area. 


After completing this section, you should be able to 


e Describe the electronics industry in general terms 
e Describe briefly the processes engineers use to design and test a new circuit 
e Explain the difference between vertical and horizontal company organization 
e Cite an example of skills that service technicians need to apply to systems work 
e Discuss advantages to having a certification in a particular field 


The electronics industry has witnessed revolutionary technological advances, especially in 
semiconductors. These advances have changed the industry and the way circuits are devel- 
oped, constructed, and repaired. A circuit” is an interconnection of electrical components 
designed to produce a desired result. Circuits have become more compact and with more 
reliability than in the past. Today, engineers use circuit design software at a workstation to 
begin the design process for a new circuit. The software simulates the performance of the 
circuit and looks for potential problems (such as timing issues, and thermal or noise prob- 
lems). Computer simulations can enable a circuit to be optimized with minimal cost. When 
the engineer 1s satisfied that the simulation meets the requirements for the circuit, the com- 
puter automatically lays out the circuit on a printed circuit (PC) board and forms a com- 
plete parts list. From this, a prototype 1s constructed in 48 hours or less either in-house or 
by a company that specializes in prototyping PC boards. An engineer tests the prototype 
circuit, and the design is either modified or approved for production by a review team. 

In addition to computer-aided design and simulation, in recent years companies have 
tended to shift their focus away from vertical organization with a definite hierarchy to a focus 
that is more specialized. A vertical organization may go from raw material to finished product 
in one facility. A company with a horizontal organization 1s one that has a structure where 
decisions are decentralized. The focus can be more on a specialty. Companies tend to out- 
source any work not directly related to their specialty. One aspect of horizontal organization 1s 
that many smaller companies are involved in producing intermediate components that go into 
the final product. A specialized production company then assembles the final product from the 

components. These smaller specialized companies are often centered near 
Component and board manufacturers each other in regional areas to save on shipping and to lower inventory 


— costs. For certain goods, many specialized suppliers and assembly com- 
Components and Printed circuit : . ; . 
e cavidcrare aside panies are located in countries where manufacturing costs are low. The 


result is that many products do not have a single country of origin. 


System manufacturers 


Major Divisions 


Two major divisions of the electronics industry are the service sector and 
the manufacturing sector. The service sector supports all of the manufac- 
turing sectors as well as customers. The manufacturing sector is illus- 
trated in Figure 1-1. Fundamental to all manufacturing is component 
and semiconductor manufacturers and printed circuit board manufactur- 
ers. System manufacturers make systems from fundamental components 
and/or printed circuit boards. System manufacturers (shown in the blue 
area) assemble these into completed systems. These manufacturers 
FIGURE 1-1 The electronics manufacturing include companies making communications equipment (including 
industry. broadcast), computers, renewable energy systems, and more. 


“All bold terms are in the end-of-book glossary. The bold terms in color are key terms and are also defined at 
the end of the chapter. 
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1-1 THE ELECTRONICS INDUSTRY 3 


All of the electronic products that manufacturers produce today involve highly 
automated processes. These processes can assemble a range of items from integrated 
circuits to printed circuit boards. An integrated circuit 1s a complex circuit consisting of 
resistors, transistors, and other components fabricated as a single unit that performs the 
function of multiple discrete components. The result of automation for consumers has 
been cheaper products and constant improvements in technology (speed and reliability 
as Well as new features). 

As mentioned, the increased reliability of electronic products has caused a shift in the 
service sector from troubleshooting and repair to a system approach. In the service sector, 
most technicians need to be able to identify the faulty board, make a quick verification that 
it is bad, and replace it. Skills that technicians need tend to be broader than the traditional 
skills required in the past. In the manufacturing sector, technicians may have to work on 
PLCs (programmable logic controllers), computers, robotics, and mechanical assemblies. 
Skilled technicians are required to be able to work on a system as a whole for installation, 
maintenance, and troubleshooting regardless of where a fault may lie. These jobs often 
involve the new applied engineering classification of mechatronics, which is a synergistic 
combination of mechanics and electronics. 

Perhaps surprisingly, the service sector provides more jobs than the manufacturing 
sector, although there is overlap (as in servicing a machine in a manufacturing plant). Many 
service sector jobs require a broad range of skills. For example, consider the skills required 
for the installation and maintenance of solar electrical systems. The technician must have 
knowledge of electrical and electronic systems and perform electrical and mechanical 
installations of modules, junction boxes, overcurrent devices, grounding equipment, and 
pumps. He or she must be able to test and troubleshoot the systems and work safely with 
both the electrical and nonelectrical hazards associated with these systems. 

Manufacturers require people to work on the machines and systems that are used in their 
industries and reprogram them if necessary. For example, in the food-processing industry, 
companies commonly utilize many specialized machines for sorting, weighing, and packag- 
ing that are controlled by electronic systems. Figure 1-2 shows a check-weight scale that is 
common in the food-processing industry. The scale is only one element in the overall packag- 
ing system. A subassembly may be connected to the scale to acquire data and send it to a 
computer to determine if the product is within a certain specified range. If the package size 
were changed, a technician would set the new limits of an acceptable range in the controller. 


FIGURE 1-2 An automated 
check- weight scale in the food- 
processing industry. (Courtesy 


| bogie | 


of Cornerstone Automation Systems, 
LLC.) 


The service sector also requires technicians with electronics skills for a diverse range 
of jobs that includes the installation and repair of highly technical communication equip- 
ment (such as found in the broadcast industry), system integrators, and solar and wind 
energy systems to name a few. Other related positions in the service field are for technical 
trainers and writers, customer service representatives, and sales. 
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Certification 


In virtually every field, there are professional organizations that issue certifications to 
show competency in that field. Certification allows individuals to showcase their skills in a 
given technical area and at the same time offers a means for employers and/or the public 
for judging that competency. In the broadcast field, a certification agency is ¡NARTE 
(interNational Association for Radio, Telecommunications, and Electromagnetics). This 
organization also administers FCC Commercial Operator License Examinations. In the 
energy field, the North American Board of Certified Energy Practitioners (NABCEP) is a 
certifying agency for several technical jobs. It can issue installer certification for PV sys- 
tems, solar thermal systems, or small wind systems, Gartificatiomim any field does not 
replace any license requirements required by a state or governing agency but is useful for 
potential job applicants to show skill in that field. 


SECTION 1-1 CHECKUP“ 


1. What are the advantages to having a computer simulation ofa 3. Name six product categories in the electronics systems manu- 
new circuit before it is constructed? facturing industry. 


2. What are the two major divisions of the electronics industry? 4. What is the purpose of certification? 


*Answers are at the end of the chapter. 


1-2 INTRODUCTION TO ELECTRONIC 
SYSTEMS 


An electronic system is an assembly of components and circuits designed to accomplish a spe- 
cific function. Examples of electronic systems range from a simple garage door opener to a 
complex system such as a radar system. 


After completing this section, you should be able to 


e Describe attributes of a system 
¢ Define the word system as it applies to electrical and electronic systems 
e Explain the purpose of a block diagram and read a basic block diagram 
e Give an example of a transfer curve as applied to a block within an electronic system. 


System Concepts 


A system is a group of interrelated parts that perform a specific function. A boundary is 
the dividing line between what is part of the system and its environment, which is every- 
thing else, as illustrated in Figure 1-3. 

A system communicates to the outside world through its inputs and out- 
puts. An input is the voltage, current, or power that is applied to an electrical 
Inputs Outputs circuit to achieve a desired result. An output is the result obtained from the sys- 
| tem after processing one or more inputs. Systems can have multiple inputs and 
multiple outputs. No system is completely isolated from its environment; how- 


Boundary 


Environment ever, for simplifying the analysis of a system, it is often treated as if it were 
isolated. Even a system that seems isolated, such as the International Space Sta- 
FIGURE 1-3 A system and its tion (ISS), receives solar energy, radiates heat into space, and is affected by the 


environment. gravitational field of the earth. 
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1-2 INTRODUCTION TO ELECTRONIC SYSTEMS 5 


ELECTRICAL SYSTEMS FElectrical systems deal with electric power. As an 
example of an electrical system, consider the wiring for a house. Normally, the outside 
walls and roof are defined as the boundary; and the interior space, including the basement 
and attic, is defined as the system. The connection to the utility grid is done at a panel and 
is considered to be an input to the system. The outputs represent specific points within the 
house (or outside) where loads are connected. The boundary can be changed to suit the 
analysis. For the house-wiring system, a portion of this (such as just the kitchen circuits) 
could be considered a system or a subsystem. 


ELECTRONIC SYSTEMS Generally, electronic systems deal with signals rather 
than power. In the context of an electronic system, a signal is a changing electrical or elec- 
tromagnetic quantity that carries information. If a particular input to a system never 
changes, it is completely predictable. In this case, the input is not considered a signal 
because no information is present. Most electronic systems process the information con- 
tained in a signal. The distinction between electronic and electrical circuits is blurred by 
the fact that electrical systems frequently use electronic components for regulation. Elec- 
tronic systems will normally have an electrical subsystem for supplying necessary power. 


Block Diagrams 


Electronic systems will generally involve a logical sequence of processes. To simplify 
complicated systems and indicate the order of processing, systems are frequently drawn in 
block diagram form. A block diagram is a model of a system that represents its structure in 
a graphical format using labeled blocks to represent functions and lines to represent the 
signal flow. For example, the block diagram of a digital thermometer system is shown in 
Figure 1-4. Assume that the temperature sensor is one that changes its output voltage 
based on the temperature of its environment. The signal from the sensor is increased by the 
amplifier and sent to the ADC. (ADC stands for analog-to-digital converter, which changes 
the continuous voltage from the amplifier into a digital number.) In addition to basic 
processing, digital data can be stored and recovered accurately and is much less subject to 
noise than analog data. The processor converts the digital data to a temperature reading 
that is displayed. The display for this system is a lighted number. The block diagram shows 
the key parts of the system and the signal flow without showing the details of the circuits. 


Temperature 
sensor 


Processor Display 


FIGURE 1-4 A block diagram of a digital thermometer system. 


y 


BLOCK DIAGRAMS AND FLOWCHARTS TH LE 


Data acquisition systems are used for a variety of applications. Usually, these systems 
need to convert an analog quantity to digital data for processing. The analog-to-digital 
converter (ADC) is a key part of this type of system. System analysts can explain the rela- 
tionship of the ADC, called a successive approximation ADC, in a system by using both a 
block diagram and a flowchart. A block diagram would be used to illustrate signal flow for 
the overall system; whereas a flowchart would be used to show the logical process that the 
control logic block must perform. 

The difference between a block diagram and a flowchart is illustrated in Figure 1-5. 
Part (a) shows a block diagram of the hardware parts, showing the signal flow; it does not 
show details of the process that the control logic must perform. The control logic block is 
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Input digital value (D) 


Test MSB: 
Set MSB to 1 
Comparator 
Control 
logic Convert 
to 
analog (A) 


Output 
register 


Digital 


(a) Block diagram (b) Flowchart 


FIGURE 1-5 Comparison of a block diagram and a flowchart. 


one part of the overall system. Figure 1-5(b) shows a flowchart diagram that breaks out the 
logic that the control logic block performs. 

Block diagrams show the flow of a signal. The circuit uses a control logic circuit to 
determine an action to take based on the result of comparing the input (analog) and out- 
put (digital) signals. Flowcharts show the logic required to process the signal. The total 
system is best explained by showing both types of diagrams to clarify the signal flow and 
the logic. 


Transfer Curve 


A transfer curve 1s a plot that shows the ratio of the output to the input. In electronic sys- 
tems, the transfer curve (or response curve) is useful because it describes how the system 
behaves for a given input. [t can be used to illustrate the behavior of a given block or group 
of blocks. For example, the purpose of the amplifier block in the digital thermometer in 
Figure 1—4 is to make the small signal from the temperature sensor larger for the ADC. 
Ideally, the transfer curve for a linear amplifier is a straight line as shown in Figure 1-6. 
The input is a small voltage that is plotted along the x-axis. The output is a proportionally 
larger voltage that is plotted on the y-axis. For any small input voltage, the output voltage 
is larger by a factor known as the gain. In the example shown, the gain is 10 because for 
any given input voltage, the output is 10X larger. 

The amplifier transfer curve is a ratio of two voltages; hence it is dimensionless 
and represents the voltage gain of the amplifier (V,,,,,/V;,,). Ideally, the transfer curve for 
a linear amplifier is a straight line, indicating constant gain for any input. In practice, 
amplifiers often approach this ideal for a certain range of inputs, but no amplifier is 
“perfect.” 

In some cases, the input and output may have different units; in this case, the transfer 
curve will not be dimensionless. For example, the transfer curve for a sensor might show a 
resistance change (a change in opposition to current) as a function of temperature. This 
type of transfer is shown in Figure 1-7 for a typical thermistor (a type of temperature sen- 
sor). Notice that the sensor has a nonlinear response, a point that is easy to spot on the 
transfer curve. If it is used as a sensor in the digital thermometer system, the data would 
need some form of processing to convert its output to a temperature reading that can then 
be displayed. 
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FIGURE 1-6 Ideal transfer curve for an FIGURE 1-7 Transfer curve for a 
amplifier that has a gain of 10. typical thermistor. 


SECTION 1-2 CHECKUP 


1. What is the input and output of a digital thermometer system? 3. What is the purpose of a block diagram? 
2. Consider the International Space Station as a system. What 4. What name ts given to a plot of the ratio of the output to the 
constitutes the environment of this system? input for a given block? 


1-3 TYPES OF CIRCUITS 


Electrical systems deal with power, whereas electronic systems deal with signals. Electrical sys- 
tems can be either de (direct current) or ac (alternating current). Electronic systems generally 
require some form of power, so it is important to have an understanding of both electrical and 
electronic systems. Fortunately, most of the fundamental laws for both types of systems are the 
same. This section focuses on the types of circuits used in electrical and electronic systems. 


After completing this section, you should be able to 


e Describe circuits in general terms 
+ Explain the difference between active and passive components 
e Name applications for ac and dc circuits in electrical power distribution 
e Compare digital and analog electronic circuits 
¢ Define transducer 


Components 


The word circuit is based on the Latin word circuitus, meaning to go around. Electrical 
circuits must have a complete path (like a circle) that starts at a source, includes a load, 
and returns to the source. When a circuit has a complete path, it is said to be closed; if the 
path is broken, it is said to be open. In addition to one or more sources, circuits use com- 
ponents, which are devices that alter the electrical properties of the circuit. Components 
that do not require electrical power to function are called passive components; those that 
require a source of power are called active components. Passive components cannot 
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increase the power in a signal; active components can. Most systems contain both types 
of components. 

Three fundamental passive components are resistors, capacitors, and inductors. Other 
passive components are diodes, transformers, batteries, and motors. A battery is consid- 
ered to be a passive component because 1t cannot increase the power in a signal (although 
1t does supply electrical power). 

Active components are generally classified as those that can increase signal power. 
They include transistors, operational amplifiers, and microprocessors. Sometimes the sig- 
nal is not an input to the system but is produced internally. An electronic oscillator circuit 
is an example where the output is internally generated, but the device generating the output 
is considered an active device. Oscillators are circuits that generate a continuous output 
that can be one of several different shapes. They are commonly used in telecommunica- 
tions, test instruments, and computers. 


Electrical Circuits 


Electrical circuits generate, deliver, and control power, which can be in the form of ac 
(alternating current) or de (direct current). 


AC CIRCUITS Alternating current (ac) changes polarity a certain number of times 
each second (the frequency). The power grids in the world are generally ac (with some 
exceptions). The most common way to produce ac for power delivery is to use a device 
called an alternator (an ac generator). Alternators are discussed in detail in Section 8-6. 

AC can be transformed from low-to-high voltage and back easily and with lower 
expense than de (however, some very high voltage systems use dc.) High voltages are 
much more efficient to transmit over long distances, so nearly all power distribution sys- 
tems use ac. Historically, power companies developed and supplied power to their custom- 
ers with no thought to interconnections. As a result, a hodgepodge of systems developed 
with different frequencies and voltages. Eventually, different parts of the world selected 
one of two frequencies as a standard. For most of the world, the standard frequency is 50 Hz 
(hertz is the unit of frequency); in the U.S. and North America, it is 60 Hz. In aircraft and 
certain military applications where weight is critical, 400 Hz is used because it allows 
smaller and lighter weight components to be used. 


DC CIRCUITS Direct current (dc) is the form of electrical current that does not change 
polarity (unlike ac). Although most utility power is ac, there is high voltage de (HVDC) tech- 
nology used for some long distance transmission and underwater transmission. Although the 
conversion of dc to the very high voltages required for efficient transmission is more costly 
than ac, the tower and transmission lines can be designed for a lower cost per mile. For very 
long runs, de can be cost effective. It is also useful for interfacing independent ac networks 
that are not synchronized. This occurs in Japan, where two completely different frequencies 
are in use (both 50 Hz and 60 Hz). DC is also generated for some low-voltage military and 
aircraft systems for supplying electrical power; typically 28 V is used. 


Electronic Circuits 


As you know, electronic circuits work with signals. Pure de does not have signal informa- 
tion but is very important in electronic applications because it is required by active elec- 
tronic circuits. For this reason, the study of de circuits forms a foundation for anyone who 
wants to have an understanding of electrical or electronic systems. DC sources include bat- 
teries, fuel cells, solar cells, and generators. These sources are discussed in Section 2-3. A 
common method of obtaining dc is to convert ac to dc with a power supply. Power supplies 
are discussed in Section 3-7. 

A signal carries information because of an intentional change in a parameter such 
as voltage or frequency. There are two major divisions for signal types. Signals that have 
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discrete levels are digital signals; continuous signals are 
analog signals. In some cases, the signal may be inter- 
nally generated in the system. For example, Figure 1-8 
shows a bicycle warning light. This is an example of a 
simple digital system in which a flashing signal is inter- 
nally generated. 

Analog signals vary continuously over an allowed 
range. As an example of an analog signal, consider an AM 
radio signal. The radio station transmits a high-frequency 
signal (called the carrier) whose amplitude is varied (or 
modulated) by a lower frequency carrying the information 
of interest. Figure 1-9 illustrates a simulated AM signal 
that is an example of an analog signal. In this case, the 
information is contained in the envelope. 

Frequently, you will see electronic circuits that have FIGURE 1-8 Bicycle warning light. 
analog and digital portions to the same circuit (such as the 
digital thermometer described in the previous section). 
The conversion from an analog signal to a digital signal is 
done with a converter (ADC), which often receives 1ts 
input from a transducer. A transducer is a device that 
transforms energy from one form to another; for elec- 
tronic systems one of the forms is an electrical signal. The 
temperature sensor in the digital thermometer system 1s 
an example of an input transducer. The transducer con- i AA AÑOS TITO 
verts the temperature to a voltage, which 1s then converted II E EET 
to a digital signal for processing. is hy P= 7 

In some cases, such as audio, a digital signal may 
need to be converted to an analog signal. This is accom- 
plished with a digital-to-analog converter (DAC). For 
example, a CD player takes a digital signal from the CD, 
processes it, and converts it to an analog output. The ana- 
log signal 1s amplified and sent to a speaker. The speaker 
is an output transducer, converting electrical energy to 


(natenn/iStockphoto.com) 


FIGURE 1-9 A simulated AM radio wave. 


sound. 
SECTION 1-3 CHECKUP 
1. What is the difference between a passive and an active 4. Why is dc important to active circuits? 
component? 


5. What is the difference between a digital and an analog circuit? 


2. Why is a battery not considered to be an electronic device? , 
y y 6. What is a transducer? 


3. What are the two frequencies that are used in most of the 
world’s power grids? 
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1-4 SCIENTIFIC AND ENGINEERING 
NOTATION 


Working with electrical and electronics systems, you will encounter both very small and very 
large quantities. For example, electrical current can range from hundreds of amperes in power 
applications to a few thousandths or millionths of an ampere in many electronic circuits. This 
range of values is typical of many other electrical quantities also. Engineering notation is a 
specialized form of scientific notation. It is used widely in technical fields to express large and 
small quantities. In electronics, engineering notation is used to express values of voltage, cur- 
rent, power, resistance, and other quantities. 


After completing this section, you should be able to 


e Use scientific notation to represent quantities 
e Express any number using a power of ten 


e Perform calculations with powers of ten 


Scientific notation provides a convenient method for expressing large and small 
numbers and for performing calculations involving such numbers. In scientific notation, a 
quantity is expressed as a product of a number between 1 and 10 (one digit to the left of the 
decimal point) and a power of ten. For example, the quantity 150,000 is expressed in sci- 
entific notation as 1.5 X 10°, and the quantity 0.00022 is expressed as 2.2 X 10 +. 


Powers of Ten 


Table 1-1 lists some powers of ten, both positive and negative, and the corresponding deci- 
mal numbers. The power of ten is expressed as an exponent of the base 10 in each case. 


Base Exponent 
pe 


N 
10* 
An exponent is a number to which a base number is raised. The exponent indicates the 
number of places that the decimal point is moved to the right or left to produce the decimal 
number. For a positive power of ten, move the decimal point to the right to get the equiva- 
lent decimal number. As an example, for an exponent of 4, 


4 4 = 
10° = 1 Xx 10° = 1.0000, = 10,000. 


TABLE 1-1 + Some positive and negative powers of ten. 


10% = 1,000,000 10% = 0.000001 


10° = 100,000 10° = 0.00001 


10% = 10,000 10% = 0.0001 


Or = 100 10? = 0.01 


For a negative power of ten, move the decimal point to the left to get the equivalent deci- 
mal number. As an example, for an exponent of —4, 


104 = 1 x 104 = 0001. = 0.0001 
R 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


1-4 SCIENTIFIC AND ENGINEERING NOTATION 11 


The negative exponent does not indicate that a number is negative; 1t simply moves the 
decimal point to the left. 


EXAMPLE 1-1 


Express each number in scientific notation: 


(a) 240 (b) 5100 (c) 85,000 (d) 3,350,000 


SOLUTION 


In each case, move the decimal point an appropriate number of places to the left 
to determine the positive power of ten. 


(a) 240 = 2.4 x 10? (b) 5100 = 5.1 x 10° 
(c) 85,000 = 8.5 x 104 (d) 3,350,000 = 3.35 x 10° 


RELATED PROBLEM? 
Express 750,000,000 in scientific notation. 


* Answers are at the end of the chapter. 


EXAMPLE 1-2 


Express each number in scientific notation: 


(a) 0.24 (b) 0.005 (c) 0.00063 (d) 0.000015 


SOLUTION 


In each case, move the decimal point an appropriate number of places to the right 
to determine the negative power of ten. 


(a) 0.24 = 2.4 x 107! (b) 0.005 = 5 x 107? 
(© 0.00063 = 6.3 x 1074 (d) 0.000015 = 1.5 x 107* 


RELATED PROBLEM 
Express 0.00000093 in scientific notation. 


EXAMPLE 1-3 


Express each of the following numbers as a normal decimal number: 


(a) 1X 107 3 (b) 2.9XK10° (© 32xX107  (d) 25x 10° 


SOLUTION 


Move the decimal point to the right or left a number of places indicated by the 
positive or the negative power of ten respectively. 


(a) 1 x 10° = 100,000 (b) 2.9 x 10° = 2900 
(c) 3.2 X 107? = 0.032 (d) 2.5 x 10 = 0.0000025 


RELATED PROBLEM 


Express 8.2 X 10% as a normal decimal number. 
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Calculations With Powers of Ten 


The advantage of scientific notation is in addition, subtraction, multiplication, and division 
of very small or very large numbers. 


ADDITION The steps for adding numbers in powers of ten are as follows: 


1. Express the numbers to be added in the same power of ten. 
2. Add the numbers without their powers of ten to get the sum. 


3. Bring down the common power of ten, which becomes the power of ten of the sum. 


EXAMPLE 1-4 


Add 2 X 10% and 5 X 107 and express the result in scientific notation. 


SOLUTION 


. Express both numbers in the same power of ten: (2 X 10°) + (50 x 10°). 
. Add 2 + 50 = 52. 
. Bring down the common power of ten (10°): the sum is 52 X 10° = 


5.2 X 10. 
RELATED PROBLEM 
Add 4.1 X 10° and 7.9 x 107. 


SUBTRACTION The steps for subtracting numbers in powers of ten are as follows: 


1. Express the numbers to be subtracted in the same power of ten. 
2. Subtract the numbers without their powers of ten to get the difference. 


3. Bring down the common power of ten, which becomes the power of ten of the 
difference. 


EXAMPLE 1-5 


Subtract 2.5 X 10 !? from 7.5 X 10 |! and express the result in scientific notation. 


SOLUTION 


1. Express each number in the same power of ten: (7.5 X 10 = 
(0.25 x 10715. 


. Subtract 7.5 — 0.25 = 7.25. 


3. Bring down the common power of ten (10!!); the difference is 
7.25 x 107". 


RELATED PROBLEM 
Subtract 3.5 X 10% from 2.2 X 10%. 


MULTIPLICATION The steps for multiplying numbers in powers of ten are as 
follows: 


1. Multiply the numbers directly without their powers of ten. 


2. Add the powers of ten algebraically (the exponents do not have to be the same). 
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EXAMPLE 1-6 


Multiply 5 x 10%? by 3 X 10? and express the result in scientific notation. 


SOLUTION 


Multiply the numbers, and algebraically add the powers. 


(5 x 10'4)3 x 10% = 15 x 10269 = 15 x 10° = 1.5 x 10 


RELATED PROBLEM 
Multiply 1.2 x 10% by 4 x 10°. 


DIVISION The steps for dividing numbers in powers of ten are as follows: 


1. Divide the numbers directly without their powers of ten. 


2. Subtract the power of ten in the denominator from the power of ten in the numerator 
(the exponents do not have to be the same). 


EXAMPLE 1-7 ast a el lee a 


Divide 5.0 Xx 10% by 2.5 X 10° and express the result in scientific notation. 


SOLUTION 
Write the division problem with a numerator and denominator. 


5.0 x 108 
2.5 x 10° 


Divide the numbers and subtract the powers of ten (3 from 8). 


5.0 x 108 


ee ee 


RELATED PROBLEM 
Divide 8 x 10 *by2 x 10 !°. 


SCIENTIFIC NOTATION ON A CALCULATOR Entering a number in scien- 
tific notation is accomplished on most calculators using the EE key as follows: Enter the 
number with one digit to the left of the decimal point, press EE, and enter the power of ten. 
This method requires that the power of ten be determined before entering the number. 
Some calculators can be placed in a mode that will automatically convert any decimal 
number entered into scientific notation. 


EXAMPLE 1-8 


Enter 23,560 in scientific notation using the EE key. 


SOLUTION 


Move the decimal point four places to the left so that 1t comes after the digit 2. 
This results in the number expressed in scientific notation as 


2.3560 x 107 
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Enter this number on your calculator as follows: 


2. 356054 


Note that 1t is not necessary to enter the zero. 


RELATED PROBLEM 
Enter the number 573,946 using the EE key. 


Engineering Notation 


Engineering notation is similar to scientific notation. However, in engineering notation a 
number can have from one to three digits to the left of the decimal point and the power-of- 
ten exponent must be a multiple of three. For example, the number 33,000 expressed in 
engineering notation is 33 X 10°. In scientific notation, it is expressed as 3.3 X 10% As 
another example, the number 0.045 is expressed in engineering notation as 45 X 10 >. In 
scientific notation, it is expressed as 4.5 X 10 7. Engineering notation is useful in electri- 
cal and electronic calculations that use metric prefixes (discussed in Section 1-5). 


EXAMPLE 1-9 


Express the following numbers in engineering notation: 


(a) 82,000 (b) 243,000 (c) 1,956,000 


SOLUTION 
In engineering notation, 


(a) 82,000 is expressed as 82 X 10°. 
(b) 243,000 is expressed as 243 X 10°. 
(c) 1,956,000 is expressed as 1.956 X 10°. 


RELATED PROBLEM 
Express 36,000,000,000 in engineering notation. 


EXAMPLE 1-10 


Convert each of the following numbers to engineering notation: 


(a) 0.0022 (b) 0.000000047 (c) 0.00033 


SOLUTION 


In engineering notation, 


(a) 0.0022 is expressed as 2.2 X 1073. 
(b) 0.000000047 is expressed as 47 x 107”. 
(c) 0.00033 is expressed as 330 X 1076. 


RELATED PROBLEM 
Express 0.0000000000056 in engineering notation. 
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ENGINEERING NOTATION ON A CALCULATOR Use the EE key to enter 
the number with one, two, or three digits to the left of the decimal point, press EE, and 
enter the power of ten that is a multiple of three. This method requires that the appropriate 
power of ten be determined before entering the number. 


EXAMPLE 1-11 


Enter 51,200,000 in engineering notation using the EE key. 


SOLUTION 


Move the decimal point six places to the left so that it comes after the digit 1. This 
results in the number expressed in engineering notation as 


51.2 x 10° 


Enter this number on your calculator as follows: 


51. 26 


RELATED PROBLEM 


Enter the number 273,900 in engineering notation using the EE key. 


SECTION 1-4 CHECKUP 


1. Scientific notation uses powers of ten. (True or False) (© (8 X 103) + (4 X 102) 
2. Express 100 as a power of ten. (d) (2.5 X 106 — (1.3 X 107) 
3. Express the following numbers in scientific notation: 6. Enter the numbers expressed in scientific notation in Problem 
(a) 4350 3 into your calculator. 
(b) 12,010 7. Express the following numbers in engineering notation: 
(c) 29,000,000 (a) 0.0056 
4. Express the following numbers in scientific notation: (b) 0.0000000283 
(a) 0.760 (c) 950,000 
(b) 0.00025 (d) 375,000,000,000 
(c) 0.000000597 8. Enter the numbers in Problem 7 into your calculator using 


engineering notation. 
5. Do the following operations: 


(a) (1 X 10°) + (2 X 10°) 
(b) (3 X 10902 X 10%) 
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1-5 UNITS AND METRIC PREFIXES 


In electronics, you must deal with measurable quantities. For example, you must be able to 
express how many volts are measured at a certain test point in a circuit, how much current 
there is through a conductor, or how much power a certain amplifier delivers. In this section, 
you are introduced to the units and symbols for most of the electrical quantities that are used 
throughout the book. Metric prefixes are used in conjunction with engineering notation as a 
“shorthand” for the certain powers of ten that commonly are used. 


After completing this section, you should be able to 


e Work with electrical units and metric prefixes 
e Name the units for twelve electrical quantities 
e Specify the symbols for the electrical units 
e List the metric prefixes 
e Change a power of ten in engineering notation to a metric prefix 


e Use metric prefixes to express electrical quantities 


Electrical Units 


Letter symbols are used in electronics to represent both quantities and their units. One sym- 
bol is used to represent the name of the quantity, and another is used to represent the unit of 
measurement of that quantity. Table 1—2 lists the most important electrical quantities, along 
with their SI units and symbols. For example, italic P stands for power and nonitalic (roman) 
W stands for watt, which is the unit of power. In general, italic letters represent quantities 
and nonitalic letters represent units. Notice that energy is abbreviated with an italic W that 
represents work; and both energy and work have the same unit (the joule). The term SI is the 
French abbreviation for International System (Systéme International in French). 


TABLE 1-2 + Electrical quantities and their corresponding units with SI symbols. 
QUANTITY SYMBOL SI UNIT SYMBOL 


capacitance C farad 
charge Q coulomb 
conductance siemens 
current ampere 
energy or work joule 


frequency hertz 


impedance 


power 


reactance 


resistance R ohm 


voltage V volt 


In addition to the common electrical units shown in Table 1-2, the SI system has 
many other units that are defined in terms of certain fundamental units. In 1954, by inter- 
national agreement, meter, kilogram, second, ampere, degree kelvin, and candela were 
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adopted as the basic SI units (degree kelvin was later changed to just kelvin). These units 
form the basis of the mks (for meter-kilogram-second) units that are used for derived quanti- 
ties and have become the preferred units for nearly all scientific and engineering work. An 
older metric system, called the cgs system, was based on the centimeter, gram, and second as 
fundamental units. There are still a number of units in common use based on the cgs system; 
for example, the gauss is a magnetic flux unit in the cgs system and is still in common usage. 
In keeping with preferred practice, this text uses mks units, except when otherwise noted. 


Metric Prefixes 


In engineering notation metric prefixes represent each of the most commonly used powers 
of ten. These metric prefixes are listed in Table 1-3 with their symbols and corresponding 
powers of ten. 


TABLE 1-3 + Metric prefixes with their symbols and corresponding powers 
of ten and values. 


METRIC PREFIX SYMBOL POWER OF TEN VALUE 


femto f 1077 one-quadrillionth 


pico p 1072 one-trillionth 
n 


nano 10? one-billionth 
micro p 10° one-millionth 


milli m 10 one-thousandth 


kilo k 10° one thousand 
mega M 10° one million 
giga G 10° one billion 


tera T 10 one trillion 


Metric prefixes are used only with numbers that have a unit of measure, such as volts, 
amperes, and ohms, and precede the unit symbol. For example, 0.025 amperes can be 
expressed in engineering notation as 25 X 10? A. This quantity expressed using a metric 
prefix is 25 mA, which is read 25 milliamps. The metric prefix milli has replaced 10 >. As 
another example, the Alpha Ventus offshore wind power system has 12 wind generators, 
each capable of delivering 5,000,000 W, which is expressed as 5.0 MW. The system gen- 
erates 60,000,000 W, which is 60 MW. The metric prefix mega has replaced 10° in express- 
ing the power in both cases. 


EXAMPLE 1-12 


Express each quantity using a metric prefix: 


(a) 50,000 V (b) 25,000,000 O (c) 0.000036 A 


SOLUTION 
(a) 50,000 V = 50 x 10° V = 50 kV 

(b) 25,000,000 Q = 25 x 10° Q = 25 MQ 
(c) 0.000036 A = 36 X 10 °A = 36 mA 
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RELATED PROBLEM 


Express each quantity using metric prefixes: 


(a) 56,000,000 © (b) 0.000470 A 


SECTION 1-5 CHECKUP 


1. List the metric prefix for each of the following powers of ten: 2. Use a metric prefix to express 0.000001 A. 
10°, 10°, 10%, 10%, 10°, and 107”. 


3. Use a metric prefix to express 250,000 W. 


1-6 METRIC UNIT CONVERSIONS 


It is sometimes necessary or convenient to convert a quantity from one unit with a metric pre- 
fix to another, such as from milliamperes (mA) to microamperes (pA). Moving the decimal 
point in the number an appropriate number of places to the left or to the right, depending on 
the particular conversion, results in a metric unit conversion. 


After completing this section, you should be able to 


e Convert from one unit with a metric prefix to another 
e Convert between milli, micro, nano, and pico 
e Convert between kilo and mega 


The following basic rules apply to metric unit conversions: 


1. When converting from a larger unit to a smaller unit, move the decimal point to the 
right. 

2. When converting from a smaller unit to a larger unit, move the decimal point to the 
left. 


3. Determine the number of places to move the decimal point by finding the difference 
in the powers of ten of the units being converted. 


For example, when converting from milliamperes (mA) to microamperes (uA), move 
the decimal point three places to the right because there is a three-place difference between 
the two units (mA is 10% A and pA is 10 © A). The following examples illustrate a few 
conversions. 


EXAMPLE 1-13 


Convert 0.15 milliampere (0.15 mA) to microamperes (uA). 


SOLUTION 


Move the decimal point three places to the right. 


0.15mA = 0.15 X 10° A = 150 x 10 °A = 150 pA 


RELATED PROBLEM 


Convert 1 mA to microamperes. 
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EXAMPLE 1-14 
Convert 4500 microvolts (4500 uV) to millivolts (mV). 


SOLUTION 
Move the decimal point three places to the left. 


4500 uV = 4500 x 10°V = 4.5 x 10° V = 4.5 mV 


RELATED PROBLEM 
Convert 1000 uV to millivolts. 


EXAMPLE 1-15 
Convert 5000 nanoamperes (5000 nA) to microamperes (uA). 
SOLUTION 


Move the decimal point three places to the left. 


5000 nA = 5000 x 10°? A = 5 x 10°A = 5pA 


RELATED PROBLEM 


Convert 893 nA to microamperes. 


EXAMPLE 1-16 
Convert 47,000 picofarads (47,000 pF) to microfarads (uF). 


SOLUTION 
Move the decimal point six places to the left. 


47,000 pF = 47,000 x 10 '* F = 0.047 X 10 °F = 0.047 uF 


RELATED PROBLEM 


Convert 10,000 pF to microfarads. 


EXAMPLE 1-17 
Convert 0.00022 microfarad (0.00022 uF) to picofarads (pF). 


SOLUTION 


Move the decimal point six places to the right. 


0.00022 uF = 0.00022 x 10 °F = 220 x 10 12F = 220 pF 


RELATED PROBLEM 
Convert 0.0022 uF to picofarads. 
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EXAMPLE 1-18 
Convert 1800 kilohms (1800 kO) to megohms (MQ). 


SOLUTION 
Move the decimal point three places to the left. 


1800kQ = 1800 x 1000 = 1.8 x 100 = 1.8MOQ 


RELATED PROBLEM 


Convert 2.2 k(2 to megohms. 


When adding (or subtracting) quantities with different metric prefixes, first convert 
one of the quantities to the same prefix as the other quantity. 


EXAMPLE 1-19 


Add 15 mA and 8000 uA and express the result in milliamperes. 


SOLUTION 
Convert 8000 uA to 8 mA and add. 


15 mA + 8000 uA = 15mA + 8mA = 23 mA 


RELATED PROBLEM 
Add 2873 mA and 10,000 uA. 


SECTION 1-6 CHECKUP 


1. Convert 0.01 MV to kilovolts (kV). 3. Add 0.05 MW and 75 kW and express the result in kW. 
2. Convert 250,000 pA to milliamperes (mA). 4. Add 50 mV and 25,000 uV and express the result in mV. 


1-7 MEASURED NUMBERS 


Whenever a quantity is measured, there is uncertainty in the result due to limitations of the 
instruments used. When a measured quantity contains approximate numbers, the digits known 
to be correct are called significant digits. When reporting measured quantities, the number of 
digits that should be retained are the significant digits and no more than one uncertain digit. 


After completing this section, you should be able to 


e Express measured data with the proper number of significant digits 
¢ Define accuracy, error, and precision 


+ Round numbers properly 


Error, Accuracy, and Precision 


Data taken in experiments are not perfect because the accuracy of the data depends on the 
accuracy of the test equipment and the conditions under which the measurement was made. 
In order to properly report measured data, the error associated with the measurement 
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should be taken into account. Experimental error should not be thought of as a mistake. All 
measurements that do not involve counting are approximations of the true value. The dif- 
ference between the true or best-accepted value of some quantity and the measured value 
is the error. A measurement is said to be accurate if the error is small. Accuracy is an indi- 
cation of the range of error in a measurement. For example, if you measure thickness of a 
10.00 mm gauge block with a micrometer and find that it is 10.8 mm, the reading is not 
accurate because a gauge block is considered to be a working standard. If you measure 
10.02 mm, the reading is accurate because it is in reasonable agreement with the standard. 


Calibrating Equipment 


Precision and accuracy are important to understand if you are required to calibrate any piece of 
electronic equipment. Calibration is the process of comparing a given instrument to a stand- 
ard. The standard is generally required to be more precise by a factor of 4 over the instrument 
being calibrated, but this alone does not assure accuracy. To assure accuracy, the calibration 


should be certifiable, and it needs to be traceable to national standards (in the U.S., this is 
National Institute of Standards and Technology). The standard requires periodic recertifica- 
tions to assure its accuracy. 


Another term associated with the quality of a measurement is precision. Precision 1s 
a measure of the repeatability (or consistency) of a measurement of some quantity. It is 
possible to have a precise measurement in which a series of readings are not scattered, but 
each measurement is inaccurate because of an instrument error. For example, a meter may 
be out of calibration and produce inaccurate but consistent (precise) results. However, it is 
not possible to have an accurate instrument unless it is also precise. 


Significant Digits 


The digits in a measured number that are known to be correct are called significant digits. 
Most measuring instruments show the proper number of significant digits, but some instru- 
ments can show digits that are not significant, leaving it to the user to determine what 
should be reported. This may occur because of an effect called loading (discussed in Sec- 
tion 6-4). A meter can change the actual reading in a circuit by its very presence. It is 
important to recognize when a reading may be inaccurate; you should not report digits that 
are known to be inaccurate. 

Another problem with significant digits occurs when you perform mathematical 
operations with numbers. The number of significant digits should never exceed the number 
in the original measurement. For example, if 1.0 V is divided by 3.0 O, a calculator will 
show 0.33333333. Since the original numbers each contain 2 significant digits, the answer 
should be reported as 0.33 A, the same number of significant digits. 

The rules for determining if a reported digit is significant are 


. Nonzero digits are always considered to be significant. 
. Zeros to the left of the first nonzero digit are never significant. 
Zeros between nonzero digits are always significant. 


. Zeros to the right of the decimal point for a decimal number are significant. 


N Eh U NY 


. Zeros to the left of the decimal point with a whole number may or may not be sig- 
nificant depending on the measurement. For example, the number 12,100 ( can have 
3, 4, or 5 significant digits. To clarify the significant digits, scientific notation (or a 
metric prefix) should be used. For example, 12.10 kO has 4 significant digits. 


When a measured value is reported, one uncertain digit may be retained but other 
uncertain digits should be discarded. To find the number of significant digits in a number, 
ignore the decimal point, and count the number of digits from left to right starting with the 
first nonzero digit and ending with the last digit to the right. All of the digits counted are 
significant except zeros to the right end of the number, which may or may not be significant. 
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In the absence of other information, the significance of the right-hand zeros is uncertain. 
Generally, zeros that are placeholders, and not part of a measurement, are considered to be 
not significant. To avoid confusion, numbers should be shown using scientific or engineer- 
ing notation if 1t is necessary to show the significant zeros. 


EXAMPLE 1-20 


Express the measured number 4300 with 2, 3, and 4 significant digits. 


SOLUTION 


Zeros to the right of the decimal point in a decimal number are significant. There- 
fore, to show two significant digits, write 


4.3 x 10° 
To show three significant digits, write 

4.30 X 10° 
To show four significant digits, write 


4.300 X 10° 


RELATED PROBLEM 


How would you show the number 10,000 showing three significant digits? 


EXAMPLE 1-21 
Underline the significant digits in each of the following measurements: 


(a) 40.0 (b) 0.3040 (c) 1.20 x 10° (d) 120,000 (e) 0.00502 


SOLUTION 


(a) 40.0 has three significant digits; see rule 4. 

(b) 0.3040 has four significant digits; see rules 2 and 3. 

(c) 1.20 X 10° has three significant digits; see rule 4. 

(d) 120,000 has at least two significant digits. Although the number has the same 
value as in (c), zeros in this example are uncertain; see rule 5. This 1s not a 


recommended method for reporting a measured quantity; use scientific nota- 
tion or a metric prefix in this case. See Example 1-20. 


(e) 0.00502 has three significant digits; see rules 2 and 3. 


RELATED PROBLEM 


What is the difference between a measured quantity of 10 and 10.0? 


Rounding Off Numbers 


Since they always contain approximate numbers, measurements should be shown only 
with those digits that are significant plus no more than one uncertain digit. The number of 
digits shown is indicative of the precision of the measurement. For this reason, you should 
round off a number by dropping one or more digits to the right of the last significant digit. 
Use only the most significant dropped digit to decide how to round off. The rules for 
rounding off are 


1. If the most significant digit dropped is greater than 5, increase the last retained digit 
by 1. 
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2. If the digit dropped is less than 5, do not change the last retained digit. 


3. If the digit dropped is 5, increase the last retained digit ¿Fit makes it an even number, 
otherwise do not. This is called the “round-to-even” rule. 


EXAMPLE 1-22 


Round each of the following numbers to three significant digits: 


(a) 10.071 (b) 29.961 (c) 6.3948 (d) 123.52 (e) 122.52 


SOLUTION 


(a) 10.071 rounds to 10.1. (b) 29.961 rounds to 30.0. 
(c) 6.3948 rounds to 6.39. (d) 123.52 rounds to 124. 
(e) 122.52 rounds to 122. 


RELATED PROBLEM 


Round 3.2850 to three significant digits using the round-to-even rule. 


In most electrical and electronics systems and circuits, components have tolerances 
greater than 1% (5% and 10% are common). Most measuring instruments have accuracy 
specifications better than this, but it is unusual for measurements to be made with higher 
accuracy than 1 part in 1000. For this reason, three significant digits are appropriate for 
numbers that represent measured quantities in all but the most exacting work. If you are 
working with a problem with several intermediate results, keep all digits in your calcula- 
tor, but round the answers to three when reporting a result. 


SECTION 1-7 CHECKUP 


1. What is the rule for showing zeros to the right of the decimal 4. If a power supply is required to be set to 10.00 V, what does 
point? this imply about the accuracy needed for the measuring 


instrument? 
2. What is the round-to-even rule? 


5. How can scientific or engineering notation be used to show 


3. On schematics, you will frequently see a 1000 Q resistor listed ad ie 
Rd q y the correct number of significant digits in a measurement? 


as 1.0 kO. What does this imply about the value of the resistor? 


1-8 ELECTRICAL SAFETY 


Safety is a major concern when working with electrical systems. The possibility of an electric 
shock or a burn is always present, so caution should always be used. You provide a current path 
when voltage is applied across two points on your body, and current produces electrical shock. 
Electrical components often operate at high temperatures, so you can sustain skin burns when 
you come in contact with them. Also, the presence of electricity creates a potential fire hazard. 


After completing this section, you should be able to 


e Recognize electrical hazards and practice proper safety procedures 
e Describe the cause of electrical shock 
e List the groups of current paths through the body 
e Discuss the effects of current on the human body 
e List the safety precautions that you should observe when you work with electricity 
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Electrical Shock 


Current through your body, not the voltage, 1s the cause of electrical shock. Of course, 1t 
takes voltage across a resistance to produce current. When a point on your body comes in 
contact with a voltage and another point comes in contact with a different voltage or with 
ground, such as a metal chassis, there will be current through your body from one point to 
the other. The path of the current depends on the points across which the voltage occurs. 
The severity of the resulting electrical shock depends on the amount of voltage and the 
path that the current takes through your body. 

The current path through the body determines which tissues and organs will be 
affected. The current paths can be placed into three groups which are referred to as touch 
potential, step potential, and touch/step potential. These are illustrated in Figure 1-10. 


Touch potential Step potential Touch/Step potential 


FIGURE 1-10 Shock hazard in terms of three basic current path groups. 


EFFECTS OF CURRENT ON THE HUMAN BODY The amount of current 
is dependent on voltage and resistance. The human body has resistance that depends on 
many factors, which include body mass, skin moisture, and points of contact of the 
body with a voltage potential. Table 1—4 shows the effects for various values of current 
in milliamperes. 


TABLE 1-4 + Physical effects of electrical current. Values vary depending on 
body mass. 


CURRENT (mA) PHYSICAL EFFECT 


Perception threshold 
Shock, no pain, no loss of muscular control 
Painful shock, no loss of muscular control 


Painful shock, let-go threshold 


Severe painful shock, muscular contractions, breathing difficulty 
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BODY RESISTANCE Resistance of the human body is typically between 10k0 $ 
and 50 kO and depends on the two points between which it is measured. The moisture of - 
the skin also affects the resistance between two points. The resistance determines the 
amount of voltage required to produce each of the effects listed in Table 1—4. For example, 
if you have a resistance of 10 kO between two given points on your body, 90 V across 
those two points will produce enough current (9 mA) to cause painful shock. 


HANDS ON TIP 
Receptacle testers are designed 
for use with specific receptacle 
types including specialized out- 
lets. They can pinpoint prob- 
lems such as open lines, faulty 
wiring, or reversed polarity; 
they show results with a lighted 
LED or neon bulb. Some test- 
ers are designed to test ground 
fault circuit interrupters (GFCI) 
for proper operation. 


Utility Voltages 


We tend to take utility voltages for granted, but they can be and have been lethal. It is 
best to be careful around any source of voltage (even low voltages can present a seri- 
ous burn hazard). As a general rule, you should avoid working on any energized cir- 
cuit, and check that the power is off with a known good meter. Most work in educational 
labs uses low voltages, but you should still avoid touching any energized circuit. If 
you are working on a circuit that is connected to utility voltages, the service should 
be disconnected, a notice should be placed on the equipment or place where the 
service is disconnected, and a padlock should be used to prevent someone from 
accidentally turning on the power. This procedure is called lockout/tagout and is 


Neutral (ground) lead 


widely used in industry. There are specific OSHA and industry standards for lock- f~- “Hot” lead 

out/tagout. a Safety 
Most laboratory equipment is connected to the utility line (“ac”) and in North a ground 

America, this is 120 V rms (rms is discussed in Section 8-2). A faulty piece of equip- 

ment can cause the “hot” lead to inadvertently become exposed. You should inspect | | 

cords for exposed wires and check equipment for missing covers or other potential a 


safety problems. The single-phase utility lines in homes and electrical laboratories use 

three insulated wires that are referred to as the “hot” (black or red wire), neutral (white 

wire), and safety ground (green wire). The hot and neutral wires will have current, but 

the green safety line should never have current in normal operation. The safety wire is 

connected to the metal exterior of encased equipment and is also connected to conduit 

and the metal boxes for housing receptacles. Figure 1-11 shows the location of these con- 

ductors on a standard receptacle. Notice on the receptacle that the neutral lead is larger 

than the hot lead. a 
The safety ground should be connected to the neutral at the service panel. The 

metal chassis of an instrument or appliance is also connected to ground. In the event that 


FIGURE 1-11 Standard 
receptacle and connections. 


the hot wire is accidentally in contact with ground, the resulting high current should trip | [ 
the circuit breaker or open a fuse to remove the hazard. However, a broken or missing & 
ground lead may not have high current until it is contacted by a person. This danger is NI -—————— Reset 
one obvious reason for ensuring that line cords have not been altered by removing the O Test 
ground pin. Í i 
Many circuits are further protected with a special device called a ground-fault circuit 
interrupter (GFCI, which is sometimes called just GFI). If a fault occurs in a GFCI circuit, a 
a sensor detects that the current in the hot line and the neutral line are not equal as they S 


should be and trips the circuit breaker. The GFCI breaker is very fast acting and can trip 
faster than the breaker on the main panel. GFCI breakers are required in areas where a 
shock hazard exists such as wherever there is water or moisture. Pools, bathrooms, kitch- 
ens, basements, and garages should all have GFCI outlets. Figure 1-12 shows a ground- 
fault receptacle with reset and test buttons. When the test button is pressed, the circuit 
should immediately open. The reset button restores power. 


FIGURE 1-12 GFCI 
receptacle. 


Safety Precautions 


There are many practical things that you should do when you work with electrical and 
electronic equipment. Some important precautions are listed here. 


e Avoid contact with any voltage source. Turn power off before you work on circuits 
when you need to touch circuit parts. 


e Do not work alone. A telephone should be available for emergencies. 
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A GFCI outlet does not prevent 
shock or injury in all cases. If 
you are touching the hot and 
neutral wires without being 
grounded, no ground fault is 
detected and the GFCI breaker 
will not trip. In another case, 
the GFCI may prevent 
electrocution but not the initial 
electric shock before it 
interrupts the circuit. The initial 
shock could cause a secondary 
injury, such as from a fall. 


electrical contact is made? 


. It’s OK to wear a ring when working on an electrical circuit. 


(T or F) 


SECTION 1-8 CHECKUP 


. What causes physical pain and/or damage to the body when 


e Do not work when tired or taking medications that make you drowsy. 


Remove rings, watches, and other metallic jewelry when you work on circuits. 


Do not work on equipment until you know proper procedures and are aware of poten- 
tial hazards. 


Make sure power cords are in good condition and grounding pins are not missing 
or bent. 


Keep your tools properly maintained. Make sure the insulation on metal tool handles 
is in good condition. 
Handle tools properly and maintain a neat work area. 


Wear safety glasses when appropriate, particularly when soldering, clipping wires, or 
working with power tools. 


Always shut off power and discharge capacitors before you touch any part of a circuit 
with your hands. 


Know the location of the emergency power-off switch and emergency exits. 


Never try to override or tamper with safety devices such as an interlock switch or 
ground pin on a three-prong plug. 


Always wear shoes and keep them dry. Do not stand on metal or wet floors when 
working on electrical circuits. 


Never handle instruments when your hands are wet. 


Never assume that a circuit is off. Double-check it with a reliable meter before 
handling. 


Set the limiter on electronic power supplies to prevent currents larger than necessary 
to supply the circuit under test. 


Some devices such as capacitors can store a lethal charge for long periods after power 
is removed. They must be properly discharged before you work with them. 


When making circuit connections, always make the connection to the point with the 
highest voltage as your last step. 


Avoid contact with the terminals of power supplies. 

Always use wires with insulation and connectors or clips with insulating shrouds. 
Keep cables and wires as short as possible. Connect polarized components properly. 
Report any unsafe condition. 


Be aware of and follow all workplace and laboratory rules. Do not have drinks or 
food near equipment. 


If another person cannot let go of an energized conductor, switch the power off 
immediately. If that is not possible, use any available nonconductive material to try 
to separate the body from the contact. 


Use a lockout/tagout procedure to avoid someone turning power on while you are 
working on a circuit. 


4. A circuit can be rewired without removing the power if you 
are careful. (T or F) 


5. Electrical shock can be extremely painful or even fatal. 
(T or F) 


. Standing on a wet floor presents no safety hazard when work- 6. What does GFCI stand for? 


ing with electricity. (T or F) 
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SUMMARY 


e Steps for design of a new product include using circuit design software, computer lay out, proto- 
type construction, and testing. 


e Many companies have tended to move away from vertical organization (raw material to finished 
product in one facility) to horizontal organization (focus on a specialty). 


e The electronics industry can be divided into the manufacturing sector and the service sector. 


e Many technical service sector jobs also require a broad range of skills including skills related to 
both electrical/electronic and mechanical installations. 


e A system is a group of interrelated parts that perform a specific function. It is characterized by a 
boundary that separates the system from its environment. The system communicates to the out- 
side world through inputs and outputs. 


e A block diagram is a model of a system that represents the system’s structure in a graphical for- 
mat using labeled blocks to represent functions and lines to represent the signal flow. 


e A transfer curve is the ratio of the output to the input for a system or circuit. 


e Electrical and electronic circuits must have a complete path, one or more sources, and a load. 
Electrical and electronic circuits contain either passive components or active components. 


e Passive components cannot increase the power in a signal; active components can. 
e Signals that have discrete levels are called digital signals; continuous signals are analog signals. 
e A transducer is a device that transforms energy from one form to another. 


e Scientific notation is a method for expressing very large and very small numbers as a number 
between one and ten (one digit to left of decimal point) times a power of ten. 


+ Engineering notation is a form of scientific notation in which quantities are expressed with one, 
two, or three digits to the left of the decimal point times a power of ten that is a multiple of three. 


e Metric prefixes are symbols used to represent powers of ten that are multiples of three. 


e The uncertainty of a measured quantity depends on the accuracy and precision of the meas- 
urement. 


e The number of significant digits in the result of a mathematical operation should never exceed the 
significant digits in the original numbers. 


e Standard connections to electrical plugs include a hot wire, a neutral, and a safety ground. 


e GFCI breakers sense the current in the hot wire and in the neutral wire and trip the breaker if they 
are different, indicating a ground fault. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 
Accuracy An indication of the range of error in a measurement. 


Active component A component that requires electrical power to function correctly; active com- 
ponents can deliver more signal power than they receive from the input signal. 


Alternator An ac generator; alternators convert mechanical energy to electrical energy. 
Analog A continuous signal. 


Block diagram A model of a system that represents its structure in a graphical format using 
labeled blocks to represent functions and lines to represent the signal flow. 


Boundary The dividing line between what is part of the system and its environment. 
Circuit An interconnection of electrical components designed to produce a desired result. 
Digital A signal that has discrete levels. 

Electrical shock The physical sensation resulting from current through the body. 


Engineering notation A system for representing any number as a one-, two-, or three-digit number 
times a power of ten with an exponent that is a multiple of 3. 


Error The difference between the true or best-accepted value of some quantity and the measured 
value. 


Exponent The number to which a base number is raised. 
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Gain The ratio of the output to the input for an amplifier. 


Horizontal organization A business structure that is decentralized, to allow managers to focus on 
a specialty and streamline decision making. 


Input The voltage, current, or power applied to an electrical circuit to achieve a desired result. 


Integrated circuit An active complex circuit consisting of resistors, transistors, and other compo- 
nents fabricated as a single unit that performs the function of multiple discrete components. 


Mechatronics A synergistic combination of mechanics and electronics that includes instrumenta- 
tion and control systems. 


Metric prefix A symbol that is used to replace the power of ten in numbers expressed in engineer- 
ing notation. 


Oscillator A circuit where the output signal is internally generated; the output is a continuous 
signal that can be one of several different shapes. 


Output The result obtained from the system after processing the inputs. 


Passive component A component that does not require power; passive components cannot 
increase signal power. 


Power of ten A numerical representation consisting of a base of 10 and an exponent; the number 
10 raised to a power. 


Precision A measure of the repeatability (or consistency) of a series of measurements. 


Round off The process of dropping one or more digits to the right of the last significant digit in a 
number. 


Scientific notation A system for representing any number as a number between 1 and 10 times an 
appropriate power of ten. 


SI Standardized international system of units used for all engineering and scientific work; abbre- 
viation for French Le Systeme International d’Unites. 


Significant digit A digit known to be correct in a number. 

System A group of interrelated parts that perform a specific function. 
Transducer A device that transforms energy from one form to another. 
Transfer curve A plot showing the ratio of the output to the input. 


Vertical organization A centralized business structure that has an organized top-down approach. 
The tendency is less toward a specialization. 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. A vertical organization is characterized by decentralized decision making. 


2. Technicians working in service and repair usually need to identify a faulty component and 
replace it. 


3. Mechatronics is an applied engineering classification that is a synergistic combination of 
mechanics and electronics. 


It is not possible to completely isolate a system from its environment. 

A block diagram is the same thing as a flowchart. 

The units for a transfer curve must be the same for input and output. 

A passive device cannot have power gain. 

An example of a transducer is a loudspeaker. 

The number 3300 is written as 3.3 X 10° in both scientific and engineering notation. 

10. A negative number that is expressed in scientific notation will always have a negative exponent. 


11. When you multiply two numbers written in scientific notation, the exponents need to be the 
same. 


12. When you divide two numbers written in scientific notation, the exponent of the denominator is 
subtracted from the exponent of the numerator. 
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13. The metric prefix micro has an equivalent power of ten equal to 10°. 

14. To express 56 X 10° with a metric prefix, the result is 56 M. 

15. 0.047 uF is equal to 47 nF. 

16. The number of significant digits in the number 0.0102 is three. 

17. When you apply the round-to-even rule to round off 26.25 to three digits, the result is 26.3. 


18. The white neutral lead for ac power should have the same current as the hot lead. 


SELF-TEST 


Answers are at the end of the chapter. 


1. APLCisa 
(a) printed logic circuit (b) power limiting circuit 
(c) programmable logic controller (d) peak limit controller 


2. The boundary of a system separates 
(a) inputs from outputs 
(b) the system from its environment 
(e) only the inputs from the environment 
(d) only the outputs from the environment 


3. For a system, a block diagram is a graphical tool to illustrate 


(a) functions and signal flow (b) details of the system 
(c) power supplies (d) logical processes 


4. The transfer curve always 
(a) is a straight line (b) is the ratio of output to input 
(c) is dimensionless (d) all of the above 

5. An active component is a device that 


(a) supplies its own power (b) supplies power to other components 
(c) does not have an output (d) can increase signal power 


6. An example of an ac source is a 
(a) battery (b) alternator (c) solar cell (d) fuel cell 


7. The quantity 4.7 X 10° is the same as 

(a) 470 (b) 4700 (c) 47,000 (d) 0.0047 
8. The quantity 56 X 10 ° is the same as 

(a) 0.056 (b) 0.560 (c) 560 (d) 56,000 


9. The number 3,300,000 can be expressed in engineering notation as 
(a) 3300 x 107 (b) 33 X 10° (© 3.3 X 10° (d) either (a) or (c) 
10. Ten milliamperes can be expressed as 
(a) 10 MA (b) 10 uA (e) 10 kA (d) 10 mA 
11. Five thousand volts can be expressed as 
(a) 5000 V (b) 5 MV (c) 5 kV (d) either (a) or (c) 
12. Twenty million ohms can be expressed as 
(a) 20 mQ (b) 20 MW (e) 20MQ (d) 20 uQ 
13. 15,000 W is the same as 
(a) 15 mW (b) 15 kW (e) 15 MW (d) 15 uW 
14. Which of the following is not an electrical quantity? 
(a) current (b) voltage (c) time (d) power 


15. The unit of current is 
(a) volt (b) watt (c) ampere (d) joule 
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16. The unit of voltage is 
(a) ohm (b) watt (e) volt (d) farad 
17. The unit of resistance is 
(a) ampere (b) henty (c) hertz (d) ohm 
18. Hertz is the unit of 
(a) power (b) inductance (c) frequency (d) time 
19. The number of significant digits in the number 0.1050 is 
(a) two (b) three (c) four (d) five 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS AND QUESTIONS 
SECTION 1-1 The Electronics Industry 


1. If an engineer has an idea for improving a circuit board, what steps should be taken before the 
change is implemented? 


2. Cite examples of products made by system manufacturers. 


3. Cite the fundamental reasons that technician work has shifted from troubleshooting and repair 
at the component level to a system approach. 


SECTION 1-2 Introduction to Electronic Systems 


4. What are key differences between an electrical system and an electronic system? 
5. What are two advantages to converting an analog signal into a digital signal? 


6. What is the primary difference between a block diagram and a flowchart? 


SECTION 1-3 Types of Circuits 
7. (a) What is an oscillator? (b) How does it differ from most circuits? 
8. (a) What do the initials HVDC stand for? (b) Where is it used? 
9. What is a carrier? 


10. The transfer function for a device is a plot of the output to the input. What does the transfer 
function look like for an ADC? 


SECTION 1-4 Scientific and Engineering Notation 


11. Express each of the following numbers in scientific notation: 
(a) 3000 (b) 75,000 (e) 2,000,000 


12. Express each fractional number in scientific notation: 
(a) 1/500 (b) 1/2000 (c) 1/5,000,000 


13. Express each of the following numbers in scientific notation: 
(a) 8400 (b) 99000 (e) 0.2 x 10° 

14. Express each of the following numbers in scientific notation: 
(a) 0.0002 (b) 06 (© 7.8 x 10? 


15. Express each of the following as a regular decimal number: 
(a) 2.5 X 10 (b) 50x10 (e) 3.9 x 10! 


16. Express each number in regular decimal form: 
(a) 4.5 XxX 10 (b)8X10° (© 40x 107? 

17. Add the following numbers: 
(a) (9.2 X 10°) + (3.4 X 107) (b) (5 X 10°) + (8.5 x 107) 
(c) (5.6 X 10°) + (4.6 x 10°”) 

18. Perform the following subtractions: 


(a) (3.2 X 10% — (1.1 x 101?) (b) (2.6 x 10°) — (1.3 X 107) 
(c) (1.5 x 10! — (8 x 10713) 
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19. Perform the following multiplications: 
(a) (5 xX 10°)(4 x 10°) (b) (1.2 X 1023 x 10?) 
(e) (2.2 X 10°°\(7 x 107%) 


20. Divide the following: 
(a) (1.0 X 10°) + (2.5 X 107) (b) (2.5 X 107%) + (5.0 X 107?) 
(e) (4.2 X 10% + (2 x 107) 


21. Express each number in engineering notation: 
(a) 89,000 (b) 450,000 (e) 12,040,000,000,000 


22. Express each number in engineering notation: 
(a) 235x107 (b) 7.32 xX 107 (©) 1.333 x 10? 


23. Express each number in engineering notation: 
(a) 0.000345 (b) 0.025 (e) 0.00000000129 


24. Express each number in engineering notation: 
(a) 9.81 x 10% (b) 4.82 x 10% (© 4.38 X 107 


25. Add the following numbers and express each result in engineering notation: 
(a) 2.5 xX 10? + 4.6 X 10° (b) 68 X 10% + 33 Xx 10° 
(e) 1.25 x 10° + 250 x 10° 


26. Multiply the following numbers and express each result in engineering notation: 
(a) (32 X 10-*)(56 X 10% (b) (1.2 x 101.2 X 107%) 
(e) 100(55 x 10°) 


27. Divide the following numbers and express each result in engineering notation: 
(a) 50 + (2.2 X 10°) (b) (5 X 10%) + (25 X 107%) 
(e) (560 X 10°) + (660 x 10%) 


SECTION 1-5 Units and Metric Prefixes 
28. Express each number in Problem 11 in ohms using a metric prefix. 
29. Express each number in Problem 13 in amperes using a metric prefix. 


30. Express each of the following as a quantity having a metric prefix: 
(a) 31 x10%A  (b)55X107V (©) 20X10? F 


31. Express the following using metric prefixes: 
(a) 3X 10°F  (b) 3.3X10°Q (0) 350 x 10 °A 


32. Express each quantity with a power of ten: 
(a) SuA (b) 43 mV (e) 275k0 (d) 10 MW 


SECTION 1-6 Metric Unit Conversions 


33. Perform the indicated conversions: 
(a) 5 mA to microamperes (b) 3200 uW to milliwatts 
(e) 5000 kV to megavolts (d) 10 MW to kilowatts 


34. Determine the following: 
(a) The number of microamperes in | milliampere 
(b) The number of millivolts in 0.05 kilovolt 
(c) The number of megohms in 0.02 kilohm 
(d) The number of kilowatts in 155 milliwatts 


35. Add the following quantities: 
(a) 50mA + 680 uA (b) 120k0 + 2.2 MQ (e) 0.02 uF + 3300 pF 


36. Do the following operations: 
(a) 10kQ = Q.2k0 + 10k0) (b) 250 mV + 50 uV (e) 1 MW + 2kW 


SECTION 1-7 Measured Numbers 


37. How many significant digits are in each of the following numbers: 
(a) 1.00 x 10° (b) 0.0057 (e) 1502.0 
(d) 0.000036 (e) 0.105 (f) 2.6 x 10? 


38. Round each of the following numbers to three significant digits. Use the “round-to-even” rule. 
(a) 50,505 (b) 220.45 (c) 4646 (d) 10.99 (e) 1.005 
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ANSWERS TO SECTION CHECKUPS 


SECTION 1-1 The Electronics Industry 
1. 


Simulation software can enable a circuit to be optimized with minimal cost. It can look for 
potential problems such as timing, noise, or thermal problems. 


2. Manufacturing and service 


3. Communications, computers, renewable energy, industrial controls, consumer products, medi- 


cal equipment, transportation, defense. 


Certification allows individuals to showcase their skills and gives employers a means of judging 
a person’s competency. 


SECTION 1-2 Introduction to Electronic Systems 
1. 


The digital thermometer extracts heat from its surroundings, so the input is heat; the output is 
the displayed temperature. 


The environment of the ISS includes the gravitational field of the earth and the other orbiting 
material around earth, and the radiated heat and light from the sun. 


3. A block diagram shows the relationship of functional blocks and the signal flow paths. 


4. A transfer curve is a plot that shows the ratio of the output to the input. 


SECTION 1-3 Types of Circuits 
1. 


A passive component does not require electrical power to function and cannot increase the 
power in a signal. An active component does require electrical power to function correctly and 
can increase the power in a signal. 


A battery can only supply electrical power; 1t cannot increase the power in a signal. 
50 Hz and 60 Hz 
Normally it 1s de that is converted to signal power by an active circuit. 


A digital circuit is one that processes discrete signals; an analog circuit is one that processes 
continuous signals. 


A transducer is a device that transforms energy from one form to another. 


SECTION 1-4 Scientific and Engineering Notation 
1. 


True 

10? 

(a) 4.35 X 10° (b) 1.201 x 10° (e) 2.9 x 10/ 

(a) 7.6 X 10! (b) 2.5 x 107? (e) 5.97 X 107 

(a) 3 X 10° (b) 6 x 10!° (c) 2 x 10! (d) 2.37 x 107% 


Enter the digits, press EE, and enter the power of ten. 
(a) 5.6 x 107? (b) 28.3 x 10? (e) 950 Xx 10° (d) 375 x 10° 
Enter the digits, press EE, and enter the power af ten. 


SECTION 1-5 Units and Metric Prefixes 
1. 
2: 
3. 


Mega (M), kilo (k), milli (m), micro (u), nano (n), and pico (p) 
] uA (one microampere) 
250 kW (250 kilowatts) 


SECTION 1-6 Metric Unit Conversions 
1. 
Za 
3. 
4. 


0.01 MV = 10 kV 

250,000 pA = 0.00025 mA 
125 kW 

75 mV 


SECTION 1-7 Measured Numbers 


1. Zeros should be retained only if they are significant because if they are shown, they are consid- 


ered significant. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


ANSWERS TO SELF-TEST 33 


2. If the digit dropped is 5, increase the last retained digit if it makes it even, otherwise do not. 


3. A zero to the right of the decimal point implies that the resistor is accurate to the nearest 
100 Q (0.1 KQ). 


4. The instrument must be accurate to four significant digits. 


5. Scientific and engineering notation can show any number of digits to the right of a decimal. 
Numbers to the right of the decimal are always considered significant. 


SECTION 1-8 Electrical Safety 
1. Current 

F 

F 

F 

T 


Ground-fault circuit interrupter 


A AA 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


1-1 7.5 x 10° 

1-2 9.3 x 107 

1-3 820,000,000 

1-4 489 x 10° 

1-5 1.85 x 10° 

1-6 48 x 10 

1-7 4x 10° 

1-8 Enter 5.73946; press EE, enter 5. 
1-9 36 x 10? 

1-10 5.6 x 10°” 

1-11 Enter 273.9, press EE, enter 3. 
1-12 (a) 56M0 (b) 470 uA 
1-13 1000 yA 

1-14 1mV 

1-15 0.893 yA 

1-16 0.01 uF 

1-17 2200 pF 

1-18 0.0022 MO 

1-19 2883 mA 

1-20 10.0 x 10° 

1-21 The number 10 has two significant digits; the number 10.0 has three. 
1-22 3.28 


ANSWERS TO TRUE/FALSE QUIZ 


1. F 2. F 3. T 4. T 5. F 6. F qo T 8. T 9. T 
10. F 11. F 12. T 13. F 14. T 15. T 16. T 17. F 18. T 


ANSWERS TO SELF-TEST 


1. (c) 2. (b) 3. (a) 4. (b) 5. (d) 6. (b) 7. (b) 
8. (a) 9. (c) 10. (d) 11. (d) 12. (c) 13. (b) 14. (c) 
15. (c) 16. (c) 17. (d) 18. (c) 19. (c) 
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VOLTAGE, CURRENT, 
AND RESISTANCE 


O U T L I N E Conductance Switch 


Siemens (S) Fuse 
2-1 Atoms Resistor Circuit breaker 
2-2 Electrical Charge Potentiometer AWG 
2-3 Voltage Rheostat Ground 
2-4 Current Load Voltmeter 
2-5 Resistance Schematic Ammeter 
2-6 The Electric Circuit Closed circuit Ohmmeter 
2-7 Basic Circuit Measurements Open circuit DMM 


INTRODUCTION 


Three basic electrical quantities presented in this chapter 
are voltage, current, and resistance. No matter what type 
of electrical or electronic system you may work with, 
these quantities will always be of primary importance. 
This is true for de and ac circuits, but our focus will be 
de circuits in Part 1 of this book. Because of its impor- 
tance 1n electrical systems, an ac circuit may be used 
occasionally to illustrate a particular concept; however, 
in these special cases the analysis and calculations are 
the same as for an equivalent de circuit. 

To help you understand voltage, current, and 
resistance, the basic structure of the atom 1s discussed 


OBJECTIVES 


Describe the basic structure of an atom 
e Explain the concept of electrical charge 
e Define voltage and discuss its characteristics 
e Define current and discuss its characteristics 
e Define resistance and discuss its characteristics 
e Describe a basic electric circuit 


e Make basic circuit measurements 


KEY TERMS 


Atom Voltage aa a dl 
Ficcion Volt (V) ai n e concept o charge 1s eae uger . Lhe Dasic elec- 
tric circuit is studied, along with techniques for measur- 
Free electron Voltage source : , E a E 
ing voltage, current, and resistance. 
Conductor Fuel cell 
Semiconductor Current 
Insulator Ampere (A) 
Charge Current source VISIT THE WEBSITE 
Coulomb’s law Resistance Study aids for this chapter are available at 
Coulomb (C) Ohm (Q) http://pearsonhighered.com/floyd 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


2-1 ATOMS 


All matter is made of atoms; and all atoms consist of electrons, protons, and neutrons. The 
configuration of certain electrons in an atom is the key factor in determining how well a con- 
ductive or semiconductive material conducts electric current. 


After completing this section, you should be able to 


e Describe the basic structure of an atom 
¢ Define nucleus, proton, neutron, and electron 
¢ Define atomic number 
¢ Define shell 
e Explain what a valence electron is 
e Describe ionization 
e Explain what a free electron is 


¢ Define conductor, semiconductor, and insulator 


An atom is the smallest particle of an element that retains the char- 
acteristics of that element. Each of the known 118 elements has atoms 
that are different from the atoms of all other elements. This gives each 
element a unique atomic structure. According to the classic Bohr model, 
an atom is visualized as having a planetary type of structure that consists 
of a central nucleus surrounded by orbiting electrons, as illustrated in 
Figure 2—1. The nucleus consists of positively charged particles called 
protons and uncharged particles called neutrons. The basic particles of 
negative charge are called electrons. Electrons orbit the nucleus. 

Each type of atom has a certain number of protons that distin- 
guishes it from the atoms of all other elements. For example, the sim- 
plest atom is that of hydrogen, which has one proton and one electron, 
as pictured in Figure 2—2(a). As another example, the helium atom, 
shown in Figure 2—2(b), has two protons and two neutrons in the 
nucleus and two electrons orbiting the nucleus. 


Atomic Number A Electron @Proton @ Neutron 


All elements are arranged in the periodic table of the elements in order FIGURE 2-1 The Bohr model of an atom showing 
according to their atomic number. The atomic number equals the electrons in circular orbits around the nucleus. The 
number of protons in the nucleus. For example, hydrogen has an “tails” on the electrons indicate they are moving. 
atomic number of 1 and helium has an atomic number of 2. In their 

normal (or neutral) state, all atoms of a given element have the same number of electrons 

as protons; the positive charges cancel the negative charges, and the atom has a net charge 

of zero, making it electrically balanced. 


~ 
+» 

%» 
>< 


; e 
Nucleus Nucleus a 
ld ++ 


Electron 


Electron 
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(a) Hydrogen atom (b) Helium atom 


FIGURE 2-2 The two simplest atoms, hydrogen and helium. 
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Energy Electron Shells and Orbits 


level 


Electrons orbit the nucleus of an atom at certain distances from the nucleus. Elec- 
trons near the nucleus have less energy than those in more distant orbits. It is 
known that only discrete (separate and distinct) values of electron energies exist 
within atomic structures. Therefore, electrons must orbit only at discrete dis- 
tances from the nucleus. 


ENERGY LEVELS Each discrete distance (orbit) from the nucleus corre- 
sponds to a certain energy level. In an atom, the orbits are grouped into energy 
bands known as shells. A given atom has a fixed number of shells. Each shell has 
a fixed maximum number of electrons at permissible energy levels (orbits). The 
shells are designated 1, 2, 3, and so on, with 1 being closest to the nucleus. This 
energy band concept is illustrated in Figure 2-3, which shows two energy levels. 
Additional shells may exist in other types of atoms, depending on the element. 

The number of electrons in each shell follows a predictable pattern 
according to the formula, 2N?, where N is the number of the shell. The first 
shell of any atom (N = 1) can have up to two electrons, the second shell (N = 
FIGURE 2-3 Energy levels increase as 2) up to eight electrons, the third shell up to 18 electrons, and the fourth shell 
the distance from the nucleus increases. up to 32 electrons. In many elements, electrons start filling the fourth shell 
after eight electrons are in the third shell. 


Nucleus Shell 1 


Shell 2 


Valence Electrons 


Electrons that are in orbits farther from the nucleus have higher energy and are less tightly 
bound to the atom than those closer to the nucleus. This is because the force of attraction 
between the positively charged nucleus and the negatively charged electron decreases with 
increasing distance from the nucleus. Electrons with the highest energy levels exist in the 
outermost shell of an atom and are relatively loosely bound to the atom. This outermost 
shell is known as the valence shell, and electrons in this shell are called valence electrons. 
These valence electrons contribute to chemical reactions and bonding within the structure 
of a material, and they determine a material’s electrical properties. 


Free Electrons and Ions 


If an electron absorbs a photon of sufficient energy, the electron escapes from the atom 
and becomes a free electron. Any time an atom or group of atoms is left with a net charge, 
the atom or group of atoms is called an ion. When an electron escapes from the neutral 
hydrogen atom (designated H), the atom is left with a net positive 
charge and becomes a positive ion (designated H^). In other cases, an 
atom or group of atoms can acquire one or more electrons, in which 
case it is called a negative ion. 


Valence electron 


Core (+1) 


The Copper Atom 


Copper is the most commonly used metal in electrical systems. The 
copper atom has 29 electrons that orbit the nucleus in four shells, as 
shown in Figure 24. Notice that the fourth or outermost shell, the 
valence shell, has only one valence electron. The inner shells are called 
the core. When the valence electron in the outer shell of the copper 
atom gains sufficient thermal energy, it can break away from the parent 
atom and become a free electron. In a piece of copper at room tempera- 
ture, a “sea” of these free electrons is present. These electrons are not 
bound to a given atom but are free to move in the copper material. Free 
electrons make copper an excellent conductor and make electrical cur- 
FIGURE 2-4 The copper atom. rent possible. 
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Categories of Materials 


Three categories of materials are used in electronics: conductors, semiconductors, and 
insulators. 


CONDUCTORS Conductors are materials that readily allow current. They have a 
large number of free electrons and are characterized by one to three valence electrons in 
their structure. Most metals are good conductors. Silver is the best conductor, and copper 
is next. Copper is the most widely used conductive material because it is less expensive 
than silver. Copper wire is commonly used as a conductor in electric circuits. 


SEMICONDUCTORS Semiconductors are classed below the conductors in their 
ability to carry current because they have fewer free electrons than do conductors. Semi- 
conductors have four valence electrons in their atomic structures. However, because of 
their unique characteristics, certain semiconductor materials are the basis for electronic 
devices such as the diode, transistor, and integrated circuit. Silicon and germanium are 
common semiconductive materials. 


INSULATORS Insulators are nonmetallic materials that are poor conductors of elec- 
tric current; they are used to prevent current where it is not wanted. Insulators have no free 
electrons in their structure. The valence electrons are bound to the nucleus and not consid- 
ered “free.” Although nonmetal elements are generally considered to be insulators, most 
practical insulators used in electrical and electronic systems are compounds such as glass, 
porcelain, Teflon, and polyethylene, to name a few. 


SECTION 2-1 CHECKUP* 


. What is the basic particle of negative charge? . Do all elements have the same types of atoms? 


. Define atom. . What is a free electron? 


5 
6 

. What does an atom consist of? 7. What is a shelf sfithe biomillstructure? 
8 


=> UÙ N m 


. Define atomic number. . Name two conductive materials. 


* Answers are at the end of the chapter. 


2-2 ELECTRICAL CHARGE 


As you know, an electron is the smallest particle that exhibits negative electrical charge. When 
an excess of electrons exists in a material, there is a net negative electrical charge. When a defi- 
ciency of electrons exists, there is a net positive electrical charge. 


After completing this section, you should be able to 


e Explain the concept of electrical charge 
e Name the unit of charge 
e Name the types of charge 
¢ Describe the forces between charges 
e Determine the amount of charge on a given number of electrons 
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The charge of an electron and that of a proton are equal in magnitude and opposite in 
sign. Electrical charge 1s an electrical property of matter that exists because of an excess or 
deficiency of electrons. Charge is symbolized by O. Static electricity is the presence of a 
net positive or negative charge in a material. Everyone has experienced the effects of static 
electricity from time to time, for example, when attempting to touch a metal surface or 
another person or when the clothes in a dryer cling together. 

Materials with charges of opposite polarity are attracted to each other; materials with 
charges of the same polarity are repelled, as indicated symbolically in Figure 2-5. A force 
acts between charges, as evidenced by the attraction or repulsion. This force, called an 
electric field, consists of invisible lines of force as represented in Figure 2-6. 


Lines of force 
Force, F 


o. o. $$: o -@ e. -e 


(a) Uncharged: (b) Opposite (c) Like positive (d) Like negative ds 
no force charges charges repel charges repel + 
attract 


cda 


Ə 
Ə 
Ə 
Ə 


ETE 
OOO 


FIGURE 2-5 Attraction and repulsion of electrical charges. FIGURE 2-6 Electric field between 
two oppositely charged surfaces. 


Coulomb’s law states 


A force (F) exists between two point-source charges (Q1, Q2) that is directly 
proportional to the product of the two charges and inversely proportional to 
the square of the distance (d) between the charges. 


Coulomb: The Unit of Charge 


Electrical charge is measured in coulombs, symbolized by C. 


98 


One coulomb is the total charge possessed by 6.25 x 10 ° electrons. 


A single electron has a charge of 1.6 X 101? C. The total charge Q, expressed in coulombs, 
for a given number of electrons is found by the following formula: 


Q = number of electrons 


= ———— 2=1 
6.25 X 10% electrons/C E 


Positive and Negative Charge 


Consider a neutral atom—that is, one that has the same number of electrons and protons 
and thus has no net charge. As you know, when a valence electron is pulled away from the 
atom by the application of energy, the atom is left with a net positive charge (more protons 
than electrons) and becomes a positive ion. A positive ion is defined as an atom or group 
of atoms with a net positive charge. If an atom acquires an extra electron in its outer shell, 
it has a net negative charge and becomes a negative ion. A negative ion is defined as an 
atom or group of atoms with a net negative charge. 

The amount of energy required to free a valence electron 1s related to the number of 
electrons in the outer shell. An atom can have up to eight valence electrons. The more 
complete the outer shell, the more stable the atom and thus the more energy 1s required to 
remove an electron. Figure 2—7 illustrates the creation of a positive ion and a negative ion 
when a hydrogen atom gives up its single valence electron to a chlorine atom, forming 
gaseous hydrogen chloride (HCI). When the gaseous HCl is dissolved in water, hydrochlo- 
ric acid is formed. 
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Hydrogen atom Chlorine atom 
(1 proton, 1 electron) (17 protons, 17 electrons) 
(a) The neutral hydrogen atom has a single valence (b) The atoms combine by sharing the 
electron. valence electron to form gaseous 


hydrogen chloride (HC1). 


D O 0 


Positive hydrogen ion Negative chloride ion 
(1 proton, no electrons) (17 protons, 18 electrons) 


(c) When dissolved in water, hydrogen chloride gas separates into positive hydrogen ions 
and negative chloride ions. The chlorine atom retains the electron given up by the 
hydrogen atom forming both positive and negative ions in the same solution. 


FIGURE 2-7 Example of the formation of positive and negative ions. 


EXAMPLE 2-1 


How many coulombs of charge do 93.8 X 10!° electrons represent? 


SOLUTION 


_ numberofelectrons 93.8 X 10!° electrons 
6.25 X 10% electrons/C 6.25 X 10! electrons/C 


=15x 10°C = 0.15 C 


RELATED PROBLEM* 
How many electrons does it take to have 3 C of charge? 


* Answers are at the end of the chapter. 


SECTION 2-2 CHECKUP 


1. What is the symbol used for charge? 3. What are the two types of charge? 


2. What is the unit of charge, and what is the unit symbol? 4. How much charge, in coulombs, is there in 10 X 10% electrons? 
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2-3 VOLTAGE 


As you have learned, a force of attraction exists between a positive and a negative charge. A cer- 
tain amount of energy must be exerted in the form of work to overcome the force and move the 
charges a given distance apart. All opposite charges possess a certain potential energy because of 
the separation between them. The difference in potential energy of the charges is the potential dif- 
ference or voltage. Voltage is the driving force in electric circuits and is what establishes current. 


After completing this section, you should be able to 


¢ Define voltage and discuss its characteristics 
e State the formula for voltage 
e Name and define the unit of voltage 


¢ Describe the basic sources of voltage 


Voltage is defined as energy per unit of charge and is expressed as 
V = — (2-2) 


where V is voltage in volts (V), W is energy in joules (J), and O is charge in coulombs (C). 
As a simple analogy, you can think of voltage as corresponding to the pressure difference 
created by a pump that causes water to flow through a pipe in a closed water system. 


Volt: The Unit of Voltage 


The unit of voltage is the volt, symbolized by V. 


One volt is the potential difference (voltage) between two points when one joule 
of energy is used to move one coulomb of charge from one point to the other. 


EXAMPLE 2-2 


If 50 J of energy are required to move 10 C of charge, what is the voltage? 


SOLUTION 


RELATED PROBLEM 


How much energy is required to move 50 C from one point in a circuit to another 
when the voltage between the two points is 12 V? 


The DC Voltage Source 


A voltage source provides electrical energy or electromotive force (emf), more commonly 
known as voltage. Voltage is produced by means of chemical energy, light energy, and 
magnetic energy combined with mechanical motion. 


AN THE IDEAL DC VOLTAGE SOURCE An ideal dc voltage source can provide a 

Ys = constant voltage for any current required by a circuit. The ideal voltage source does not 

i exist but can be closely approximated in practice. We will assume ideal unless otherwise 
specified. 

FIGURE 2-8 Symbol for de Voltage sources can be either dc or ac. A common symbol for a de voltage source is 


voltage sources. shown in Figure 2-8. 
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A graph showing current versus voltage for an ideal de Ideally, voltage is 
voltage source is shown in Figure 2-9. As you can see, the constant for all currents. 
voltage is constant for any current from the source. For a 
practical (nonideal) voltage source connected in a circuit, the 


| Practical 
voltage decreases slightly as the current increases as shown erent ted p p 
by the dashed line. Current is always drawn from a voltage | 
source when a load such as a resistance is connected to it. 
Types of DC Voltage Sources 
I 


BATTERIES A battery is a type of voltage source that 

is composed of one or more cells that convert chemical energy directly into electrical 
energy. As you know, work (or energy) per charge is the basic unit for voltage, and a bat- 
tery adds energy to each unit of charge. It is something of a misnomer to talk about “charg- 
ing a battery” because a battery does not store charge but rather stores chemical potential 
energy. All batteries use a specific type of chemical reaction called an oxidation-reduction 
reaction. In this type of reaction, electrons are transferred from one reactant to the other. If 
the chemicals used in the reaction are separated, it is possible to cause the electrons to 
travel in the external circuit, creating current. As long as there is an external path for the 
electrons, the reaction can proceed, and stored chemical energy is converted to electrical 
current. If the path is broken, the reaction stops and the battery is said to be in equilibrium. 
In a battery, the terminal that supplies electrons has a surplus of electrons and is the nega- 
tive electrode or anode. The electrode that acquires electrons has a positive potential and 
is the cathode. 

Figure 2-10 shows a nonrechargeable single-cell copper-zinc battery that we will use 
for illustration of battery operation. The copper-zinc cell is simple to construct and illus- 
trates concepts common to all nonrechargeable batteries. A zinc electrode and a copper 
electrode are immersed in solutions of zinc sulfate (ZnSO,) and copper sulfate (CuSO4), 
which are separated by a salt bridge that prevents the Cu?” ions from reacting directly with 
the Zn metal. The zinc metal electrode supplies Zn? ions to the solution and electrons to 
the external circuit, so this electrode 1s constantly eaten away as the reaction proceeds. The 
salt bridge allows ions to pass through it to maintain charge balance in the cell. There are 
no free electrons in the solutions, so an external path for electrons 1s provided through an 
ammeter (in our case) or other load. On the cathode side, the electrons that were given up 
by the zinc combine with copper ions from the solution to form copper metal, which 
deposits on the copper electrode. The chemical reactions (shown in the diagram) occur at 


FIGURE 2-9 Voltage source 
graph. 


Ammeter 


— - W = g 


g i i 3 
A ____Salt bridge 
oo 
Zinc = A Copper 
(anode) d (cathode) 


Zn —> Zn +2e Cu 2+ + 2e7 —= Cu 


ZnSO, 
solution 


CuSO, 
solution 


FIGURE 2-10 A copper-zinc battery. The reaction can only occur if an external path is provided 
for the electrons. As the reaction proceeds, the Zn anode is eaten away and Cu?* ions combine with 
electrons to form copper metal on the cathode. 
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SAFETY NOTE 


Lead-acid batteries can be 
dangerous because sulfuric 
acid is highly corrosive and 
battery gases (primarily 
hydrogen) are explosive. The 
acid in the battery can cause 
serious eye damage if it 
contacts the eye and can cause 
skin burns or destroy clothing. 
You should always wear eye 
protection when working on or 
around batteries and wash well 
after handling batteries. 

When taking a battery out 
of service, disconnect the 
ground end first (this is the 
negative side on all modern 
cars). This prevents current and 
avoids a potential spark when 
the positive lead is 
disconnected. 


the electrode. Different types of batteries have different reactions, but all involve trans- 
fer of electrons in the external circuit and migration of ions internally as the battery 
discharges. 

A single cell will have a certain fixed voltage. In the copper-zinc cell, the voltage is 
1.1 V. In a lead-acid cell, the kind used in car batteries, a potential difference of about 2.1 V 
is between the anode and cathode. A typical car battery has six such cells connected in 
series. The voltage of any cell depends on the cell chemistry. Nickel-cadmium cells are 
about 1.2 V and lithium cells can be as high as almost 4 V, depending on the second reac- 
tant. Cell chemistry also determines the shelf life and discharge characteristic for a battery. 
For example, a lithtum-MnO, battery typically has five times the shelf life as a comparable 
carbon-zinc battery. 

Although the voltage of a battery cell is fixed by its chemistry, the capacity is varia- 
ble and depends on the quantity of materials in the cell. Essentially, the capacity of a cell 
is the number of electrons that can be obtained from it and is measured by the amount of 
current (defined in Section 2—4) that can be supplied over time. 


Battery Backup 


Batteries are used in many systems to provide redundancy, 
such as in the case of alarm systems where the main power 
may be off at a critical time, or to back up utility power in 
case of failure. In solar-energy systems, batteries are used to 
supply power when the sun is not available. Deep-cycle bat- 


teries are constructed with heavier plates than normal batter- 
ies and are designed to be discharged further than regular 
automotive batteries. However, deep-cycle batteries tend to 


be expensive, inefficient, and require regular maintenance. Photo courtesy of NREL. 


Batteries normally consist of multiple cells that are electrically connected together 
internally. The way that the cells are connected and the type of cells determine the voltage 
and current capacity of the battery. If the positive electrode of one cell is connected to the 
negative electrode of the next and so on, as illustrated in Figure 2—11(a), the battery volt- 
age is the sum of the individual cell voltages. This is called a series connection. To increase 


(a) Series-connected cells increase voltage. 


(b) Parallel-connected cells increase current capacity. 


FIGURE 2-11 Cells connected to form batteries. 
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battery current capacity, the positive electrodes of several cells are connected together and 
all the negative electrodes are connected together, as illustrated in Figure 2-11(b). This is 
called a parallel connection. 


There are many sizes of batteries; large batteries, with more material, can supply 


more current. In addition to the many sizes and shapes, batteries are classified according to 
their chemical makeup and if they are rechargeable or not. Primary batteries are not 
rechargeable and are discarded when they run down because their chemical reactions are 
irreversible; secondary batteries are reusable because their chemical reactions are reversi- 
ble. The following are some important types of batteries: 


Alkaline-MnQ,. This is a primary battery that is commonly used in palm-type com- 
puters, photographic equipment, toys, radios, and recorders. It has a longer shelf life 
and a higher power density than a carbon-zinc battery. 


Carbon-zinc. This is a primary multiuse battery for flashlights and small appli- 
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f 


HANDS ON TIP 

To store a lead-acid battery for 
an extended period, it should 
be fully charged and placed in 
a cool, dry location that is 
protected from freezing or 
excessive heat. A battery will 
self-discharge over time, so it 
needs to be periodically 
checked and recharged when it 
is less than 70% fully charged. 
Battery manufacturers will 
have specific recommendations 


ances. It is available in a variety of sizes such as AAA, AA, C, and D. for storage on their websites. 


e Lead-acid. This is a secondary (rechargable) battery that is commonly used in auto- 
motive, marine, and other similar applications. Deep-cycle lead-acid batteries are 
commonly used as system backup types. 


e Lithium-ion. This is a secondary battery that is commonly used in all types of port- 
able electronics. This type of battery is increasingly being used in defense, aerospace, 
and automotive applications. 


e Lithium-MnO,. This is a primary battery that is commonly used in photographic 
and electronic equipment, smoke alarms, personal organizers, memory backup, and 
communications equipment. 


e Nickel-metal hydride. This is a secondary (rechargable) battery that is commonly 
used in portable computers, cell phones, camcorders, and other portable consumer 
electronics. 


e Silver oxide. This is a primary battery that is commonly used in watches, photo- 
graphic equipment, hearing aids, and electronics requiring high-capacity batteries. 


e Zinc air. This is a primary battery that is commonly used in hearing aids, medical 
monitoring instruments, pagers, and similar applications. 


FUEL CELLS A fuel cell is a device that converts electrochemical energy into dc 
voltage directly. Fuel cells combine a fuel (usually hydrogen) with an oxidizing agent 
(usually oxygen). In the hydrogen fuel cell, hydro- 
gen and oxygen react to form water, which is the 
only by-product. The process is clean, quiet, and 
more efficient than burning. Fuel cells and batter- 
ies are similar in that they both use an oxidation- 
reduction chemical reaction in which electrons are 
forced to travel in the external circuit. However, a 
battery is a closed system with all its chemicals 
stored inside, whereas in a fuel cell, the hydrogen 
and oxygen constantly flow into the cell where 
they combine and produce electricity. 

Hydrogen fuel cells are usually classified by 
their operating temperature and the type of electro- 
lyte they use. Some types work well for use in sta- 
tionary power generation plants. Others may be 
useful for small portable applications or for pow- 


Oxygen 


Hydrogen fuel 
Channels for 


Channels for oxygen 


hydrogen 
2H, —> 4H* + 4e7 O, + 4H* + 4e —>2H,0 


_— e 


Cathode 


HO (water) 


Polymer 
electrolyte 


ering cars. For example, the type that holds the ña membrane Catalyst (red) 
most promise for automotive applications is the | (PEM) a 
polymer exchange membrane fuel cell (PEMFC), D e 


External load 


Simpuficd diagram of a fuel cell. 


which is a type of hydrogen fuel cell. A simplified 
diagram is shown in Figure 2—12 to illustrate the 


basic operation. PPGURE0312 
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The channels disperse pressurized hydrogen gas and oxygen gas equally over the 
surface of the catalyst, which facilitates the reaction of the hydrogen and oxygen. When an 
H, molecule comes in contact with the platinum catalyst on the anode side of the fuel cell, 
it splits into two H” ions and two electrons (e). The hydrogen ions are passed through the 
polymer electrolyte membrane (PEM) onto the cathode. The electrons pass through the 
anode and into the external circuit to create current. 

When an O, molecule comes in contact with the catalyst on the cathode side, it breaks 
apart, forming two oxygen ions. The negative charge of these ions attracts two H” ions 
through the electrolyte membrane and together they combine with electrons from the exter- 
nal circuit to form a water molecule (H,O), which is passed from the cell as a by-product. In 
a single fuel cell, this reaction produces only about 0.7 V. To get higher voltages, multiple 
fuel cells are connected in series. 

Current research on fuel cells is ongoing and is focused on developing reliable, 
smaller, and cost-effective components for vehicles and other applications. The conver- 
sion to fuel cells also requires research on how best to obtain and provide hydrogen fuel 
where it is needed. Potential sources for hydrogen include using solar, geothermal, or wind 
energy to break apart water. Hydrogen can also be obtained by breaking down coal or 
natural gas molecules, which are rich in hydrogen. Various demonstration projects for 
using hydrogen fuel cells have been completed. For example, the mail-processing center at 
Anchorage, AK, uses five 200 kW fuel cells to power the building. 


SOLAR CELLS The operation of solar cells is based on the photovoltaic effect, which 
is the process whereby light energy is converted directly into electrical energy. A basic solar 
cell consists of two layers of different types of semiconductive materials joined together to 
form a junction. When one layer is exposed to light, many electrons acquire enough energy 
to break away from their parent atoms and cross the junction. This process forms negative 
ions on one side of the junction and positive ions on the other, and thus a potential difference 
(voltage) is developed. Figure 2-13 shows the construction of a basic solar cell. 


Light 


Transparent 
antireflective coating Ne the EEE, if = 
ISNN\N NAN N=bi— ‘zm 


contact 


Semiconductor layer ——= 


Junction ———> Voltage 


Semiconductor layer ——~> 


Bottom contact _E 


FIGURE 2-13 Construction of a basic solar cell. 


Although solar cells can be used in room light for powering a calculator, research 1s 
focusing more on converting sunlight to electricity. There is considerable research in 
increasing the efficiency of solar cells and photovoltaic (PV) modules today because they 
are a very clean source of energy using sunlight. A complete system for continuous power 
generally requires a battery backup to provide energy when the sun is not shining. Solar 
cells are well suited for remote locations where energy sources are unavailable and are 
used in providing power to satellites. 

Scientists are working to develop flexible solar cells that can be printed by a bank- 
note printing process. The technology uses organic cells that can be mass-produced 
cheaply by printing them in the same manner as money is printed. “Printable electronics” 
is at the forefront of polymer technology research. 


GENERATOR Electrical generators convert mechanical energy into electrical 
energy using a principle called electromagnetic induction (see Chapter 7). A coil is rotated 
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FIGURE 2-14 Cutaway view of a de voltage generator. 


through a magnetic field, and a voltage is produced across the coil. A typical generator is 
pictured in Figure 2-14. 


THE POWER SUPPLY Power supplies convert 
the ac voltage from the wall outlet to a constant (de) volt- 
age that 1s available across two terminals. A basic commer- 
cial power supply is shown in Figure 2-15. Power supplies 
are covered in more detail in Section 3—7. 


THERMOCOUPLES The thermocouple is a ther- 
moelectric type of voltage source that is commonly used to 
sense temperature. A thermocouple is formed by the junc- 
tion of two dissimilar metals, and its operation is based on 
the Seebeck effect that describes the voltage generated at 
the junction of the metals as a function of temperature. 

Standard types of thermocouples are characterized by 
the specific metals used. These standard thermocouples 
produce predictable output voltages for a range of tempera- 
tures. The most common is type K, made of chromel and 
alumel. Other types are also designated by letters as E, J, N, B, R, and S. Most thermocou- 
ples are available in wire or probe form. 


FIGURE 2-15 A basic power supply. (Courtesy of B+K 


Precision) 


PIEZOELECTRIC SENSORS | These sensors act as very low-power voltage sources 
and are based on the piezoelectric effect where a voltage is generated when a piezoelectric 
material is mechanically deformed by an external force. Quartz and ceramic are two types 
of piezoelectric material. Piezoelectric sensors are used in various systems, such as pressure 
sensors, force sensors, accelerometers, microphones, and ultrasonic devices. 


SECTION 2-3 CHECKUP 


1. Define voltage. 4. List seven sources of voltage. 
2. What is the unit of voltage? 5. What type of chemical reaction occurs in all batteries and fuel 
cells? 


3. What is the voltage when 24 J of energy are required to move 
10 C of charge? 
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2-4 CURRENT 


Voltage provides energy to electrons that allows them to move through a circuit. This move- 
ment of electrons is the current, which results in work being done in an electric circuit. 


After completing this section, you should be able to 


¢ Define current and discuss its characteristics 
+ Explain the movement of electrons 
e State the formula for current 


e Name and define the unit of current 


As you have learned, free electrons are available in all conductive and semiconduc- 
tive materials. These outer-shell electrons drift randomly in all directions, from atom to 
atom, within the structure of the material, as indicated in Figure 2-16. These electrons are 
loosely bound to the positive metal ions in the material; but because of thermal energy, 
they are free to move about the crystalline structure of the metal. 


FIGURE 2-16 Random motion of free electrons 
in a material. 


If a voltage is placed across a conductive or semiconductive material, one end 
becomes positive and the other negative, as indicated in Figure 2—17. The repulsive force 
produced by the negative voltage at the left end causes the free electrons (negative charges) 
to move toward the right. The attractive force produced by the positive voltage at the right 
end pulls the free electrons to the right. The result is a net movement of the free electrons 
from the negative end of the materia’ 1o2the positiva endyas shown in Figure 2-17. 


<——_____——— Applied voltage 


FIGURE 2-17 Electrons flow from negative to positive when a 
voltage is applied across a conductive or semiconductive material. 


The movement of the free electrons from the negative end of a material to the posi- 
tive end is the electrical current, symbolized by I. 


Electrical current is the rate of flow of charge. 


Current in a conductive material is measured by the number of electrons (amount of 
charge) that flow past a point in a unit of time. 


Q 
F (2-3) 


where / is current in amperes (A), O is the charge of the electrons in coulombs (C), and t is 
time in seconds (s). As a simple analogy, you can think of current as corresponding to 
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water flowing through a pipe in a water system when pressure (corresponding to voltage) 
is applied by a pump (corresponding to a voltage source). Voltage causes current. 


Ampere: The Unit of Current 


Current is measured in a unit called the ampere or amp for short, symbolized by A. 


One ampere (1 A) is the amount of current that exists when a number of elec- 
trons having a total charge of one coulomb (1 C) move through a given cross- 
sectional area in one second (1 s). 


See Figure 2-18. Remember, one coulomb is the charge carried by 6.25 X 10! electrons. 


When a number of electrons having a total charge of 1 C pass 
through a cross-sectional area in 1 s, there is 1 A of current. 


FIGURE 2-18 Illustration of 1 A of current (1 C/s) in a material. 


EXAMPLE 2-3 


Ten coulombs of charge flow past a given point in a wire in 2 s. What is the cur- 
rent in amperes? 


SOLUTION 


RELATED PROBLEM 


If there are 8 A of direct current through the filament of a light bulb, how many 
coulombs have moved through the filament in 1.5 s? 


The Current Source 
THE IDEAL CURRENT SOURCE As you know, an ideal voltage source can pro- 


vide a constant voltage for any load. An ideal current source can provide a constant cur- 
rent in any load. Just as in the case of a voltage source, the ideal current source does not 
exist but can be approximated in practice. We will assume ideal unless otherwise specified. 

The symbol for a current source is shown in Figure 2-19(a). The graph for an ideal 
current source is a horizontal line as illustrated in Figure 2-19(b). This graph is called the 
TV characteristic curve. Notice that the current is constant for any voltage across the cur- 
rent source. In a nonideal current source, the current drops off as shown by the dashed line 
in Figure 2-19(b). 


ACTUAL CURRENT SOURCES Power supplies are normally thought of as volt- 
age sources because they are the most common type of source in the laboratory. However, 
current sources are another type of power supply. Current sources may be “stand-alone” 
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I Ideally, current is 
constant for all voltages. 


Nonideal 


i o a y 
es 
ie, 
is 


(a) Symbol (b) JV characteristic 


FIGURE 2-19 The current source. 


instruments or may be combined with other instruments, such as a voltage source, DMM, 
or function generator. Examples of combination instruments are the source-measurement 


SAFETY NOTE 


Current sources change the 


output voltage in order to 
supply a constant current to the 
load. For example, a meter 


units shown in Figure 2—20. These units can be set up as voltage or current sources and 
include a built-in DMM, as well as other instruments. They are used primarily for testing 
transistors and other semiconductors. 


calibrator can have a different 
output voltage that depends on 
the meter under test. You 
should never touch the leads 
from a current source; the 
voltage can be high, and a 
shock will result, particularly if 
the load is a high resistance 
load or the load is disconnected 
when the current source is 
turned on. 


FIGURE 2-20 Source-measurement units that have current and voltage sources. (Courtesy of 
Keithley Instruments) 


In most transistor circuits, the transistor acts as a current source because part of the 
IV characteristic curve is a horizontal line as shown by the transistor characteristic in Fig- 
ure 2-21. The flat part of the graph indicates where the transistor current is constant over a 
range of voltages. The constant-current region is used to form a constant-current source. 


I (current through 
the transistor) 


<———— Constant-current region ———> 


V (voltage across 
the transistor) 


FIGURE 2-21 Characteristic curve of a transistor showing the 
constant-current region. 
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Y 


A CURRENT SOURCE HH 


Current sources are useful in a variety of automotive lighting requirements (taillights, turn 
signals, brakes, daytime running lights, interior lights) and in requirements like studio 
lighting where constant illumination is required. High brightness light-emitting diodes 
(LEDs) are popular in these applications because they are energy efficient, reliable, small, 
and can turn on rapidly. Many integrated circuits are specifically designed to provide the 
high currents needed for constant illumination. An example is the BP5843A constant cur- 
rent LED driver for illumination. The BP5843A can accept either a dc source (from 113 V 
to 170 V) or an ac source (from 80 V to 120 V) and can supply a range of currents from 
250 mA to 350 mA at aconstant level as set by the user. 

A basic constant-current illumination lighting system is shown in Figure 2—22. The 
input ac is filtered, transformed, and rectified (converted to pulsing dc). The components 
labeled C are capacitors, which are for filtering and noise removal. (Capacitors are dis- 
cussed in Chapter 9.) The resistor, labeled R, is used to set the amount of current through 
the high brightness LEDs. (Resistors are covered in Section 2-5.) 


Bridge 


rectifier 
and filter 


FIGURE 2-22 A basic constant-current illumination lighting system. 


SECTION 2-4 CHECKUP 


1. Define current and state its unit. 3. What is the current in amperes when 20 C flow past a point in 


a wire in 4 s? 
2. How many electrons make up one coulomb of charge? 
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2-5 RESISTANCE 


When there is current through a material, the free electrons move through the material and 
occasionally collide with atoms. These collisions cause the electrons to lose some of their energy, 
and thus their movement is restricted. The more collisions, the more the flow of electrons is 
restricted. This restriction varies and is determined by the type of material. The property of a 
material that restricts the flow of electrons is called resistance, designated with an R. 


After completing this section, you should be able to 


¢ Define resistance and discuss its characteristics 
e Name and define the unit of resistance 
e Describe the basic types of resistors 


e Determine resistance value by color code or labeling 


Resistance is the opposition to current. 


R The schematic symbol for resistance is shown in Figure 2-23. 
—NMN — When there is current through any material that has resistance, heat is produced by 
the collisions of free electrons and atoms. Therefore, wire, which typically has a very small 
FIGURE 2-23  Resistance/ resistance, can become warm or even hot when there is sufficient current through it. 
resistor symbol. As a simple analogy, you can think of a resistor as corresponding to a partially open 


valve in a closed water system that restricts the amount of water flowing through a pipe. If 
the valve is opened more (corresponding to less resistance), the water flow (corresponding 
to current) increases. If the valve is closed a little (corresponding to more resistance), the 
water flow (corresponding to current) decreases. 


Ohm: The Unit of Resistance 


Resistance, R, is expressed in the unit of ohms, which is symbolized by the Greek letter 
omega (0). 


One ohm (1 Q) of resistance exists when there is one ampere (1 A) of current in 
a material with one volt (1 V) applied across the material. 


CONDUCTANCE The reciprocal of resistance is conductance, symbolized by G. It 
is a measure of the ease with which current is established. The formula is 


1 
R (2-4) 


The unit of conductance is the siemens, symbolized by S. For example, the conductance of 
a 22 KQO resistor is 


G= pa HS 


Occasionally, the obsolete unit of mho is still used for conductance. 


Resistors 


Components that are specifically designed to have a certain amount of resistance are called 
resistors. The principal applications of resistors are to limit current, divide voltage, and, in 
certain cases, generate heat. Although different types of resistors come in many shapes and 
sizes, they can all be placed in one of two main categories: fixed or variable. 


FIXED RESISTORS Fixed resistors are available with a large selection of resistance 
values that are set during manufacturing and cannot be changed easily. Fixed resistors are 
constructed using various methods and materials. Figure 2-24 shows several common types. 
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—<=_—_- — RL 


(a) Carbon-composition (b) Metal film chip resistor 


(d) Resistor network (simm) (e) Resistor network (surface mount) (f£) Radial-lead for PC board insertion 


FIGURE 2-24 Typical fixed resistors. 


One common fixed resistor is the carbon-composition type, which is made with a 
mixture of finely ground carbon, insulating filler, and a resin binder. The ratio of carbon to 
insulating filler sets the resistance value. The mixture is formed into rods which are cut 
into short lengths, and lead connections are made. The entire resistor is then encapsulated 
in an insulated coating for protection. Figure 2—25(a) shows the construction of a typical 
carbon-composition resistor. 


Color bands Protective glass 
Resistance material overcoat 
(carbon composition) External electrode (solder) Secondary 


electrode 


Insulated coating 


Leads 


Ceramic Resistive 
substrate material 


Internal 
electrode 


(a) Cutaway view of a carbon-composition resistor (b) Cutaway view of a tiny chip resistor 


FIGURE 2-25 Two types of fixed resistors (not to scale). 


The chip resistor is another type of fixed resistor and is in the category of SMT 
(surface-mount technology) components. It has the advantage of a very small size for com- 
pact assemblies. Small-value chip resistors (<1 Q) can be made with very close tolerances 
(£0.5%) and have application as current-sensing resistors. Figure 2-25(b) shows the con- 
struction of a chip resistor. 

Other types of fixed resistors include carbon film, metal film, metal-oxide film, and 
wirewound. In film resistors, a resistive material is deposited evenly onto a high-grade 
ceramic rod. The resistive film may be carbon (carbon film) or nickel chromium (metal 
film). In these types of resistors, the desired resistance value is obtained by removing part 
of the resistive material in a helical pattern along the rod using a spiraling technique, as 
shown in Figure 2-26(a). Very close tolerance can be achieved with this method. Film 
resistors are also available in the form of resistor networks, as shown in Figure 2—26(b). 

Wirewound resistors are constructed with resistive wire wound around an insulating 
rod and then sealed. Normally, wirewound resistors are used because of their relatively 
high power ratings. Since they are constructed with a coil of wire, wirewound resistors 
have significant inductance and are not used at higher frequencies. Some typical wire- 
wound resistors are shown in Figure 2—27. 
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Outer insulated 
Insulating coating Insulated 
base 


coating 
Resistive 
element 


Wire lead | 


Metal Metal or 
end cap carbon film 
scribed helix 


Termination 


(a) Film resistor showing spiraling technique (b) Resistor network 


FIGURE 2-26 Construction views of typical film resistors. 


EANNAN 


Ipp 


FIGURE 2-27 Typical wirewound power resistors. 


RESISTOR COLOR CODES Some types of fixed resistors with value tolerances 
of 5% or 10% are color coded with four bands to indicate the resistance value and the toler- 
ance. This color-code band system is shown in Figure 2-28, and the color code is listed in 
Table 2—1. The bands are always located closer to one end. 


Ist digit A, f —— Percent tolerance 


2nd Multiplier 
digit (Number of zeros 
following 2nd digit) 


FIGURE 2-28 Color-code bands on a 4-band resistor. 


The 4-band color code is read as follows: 


1. Start with the band closest to one end of the resistor. The first band is the first digit of 
the resistance value. If it is not clear which 1s the banded end, start from the end that 
does not begin with a gold or silver band. 


2. The second band is the second digit of the resistance value. 
3. The third band is the number of zeros following the second digit, or the multiplier. 


4. The fourth band indicates the percent tolerance and is usually gold or silver. If there 
is no fourth band, the tolerance is =20%. 


For example, a 5% tolerance means that the actual resistance value is within +5% of 
the color-coded value. Thus, a 100 © resistor with a tolerance of +5% can have an accept- 
able range of values from a minimum of 95 (2 to a maximum of 105 O. 

As indicated in the table, for resistance values less than 10 O, the third band is either 
gold or silver. Gold in the third band represents a multiplier of 0.1, and silver represents 
0.01. For example, a color code of red, violet, gold, and silver represents 2.7 Q with a tol- 
erance of +10%. A table of standard resistance values is in Appendix A. 
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TABLE 2-1 + 4-band resistor color code. 


Black 
Brown 
Red 


. . Orange 
Resistance value, first three bands: 5 


First band—1st digit Yellow 


Second band—2nd digit 


* Third band—multiplier (number of Green 


zeros following the 2nd digit) Blue 


Violet 


Gray 


White 


Gold 
Fourth band—tolerance 


Silver 


* For resistance values less than 10 02, the third band is either gold or silver. Gold is for a 


multiplier of 0.1 and silver is for a multiplier of 0.01. 


EXAMPLE 2-4 


Find the resistance values in ohms and the percent tolerance for each of the color- 
coded resistors shown in Figure 2-29, 


(a) (b) (c) 


FIGURE 2-29 
SOLUTION 
(a) First band is red = 2, second band is violet = 7, third band is orange = 3 
zeros, fourth band is silver = +10% tolerance. 
R = 27,000 Q + 10% 
(b) First band is brown = 1, second band is black = 0, third band is brown = 1 


zero, fourth band is silver = +10% tolerance. 
R=1000 + 10% 


(c) First band is green = 5, second band is blue = 6, third band is green = 5 
zeros, fourth band is gold = +5% tolerance. 


R = 5,600,000 Q + 5% 


RELATED PROBLEM 


A certain resistor has a yellow first band, a violet second band, a red third band, 
and a gold fourth band. Determine the value in ohms and its percent tolerance. 
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FIVE-BAND COLOR CODE Certain precision 


resistors with tolerances of 2%, 1%, or less are generally 


y y color coded with five bands, as shown in Figure 2-30. 
Ist digit | Percent tolerance Begin at the band closest to one end. The first band is the 
Multiplier (Number of zeros first digit of the resistance value, the second band is the sec- 

3rd digit following 3rd digit) 


ond ond digit, the third band is the third digit, the fourth band is 
digit the multiplier (number of zeros after the third digit), and 
the fifth band indicates the tolerance. Table 2—2 shows the 


FIGURE 2-30 Color-code bands on a 5-band resistor. 
5-band color code. 


TABLE 2-2 + 5-band resistor color code. 
DIGIT 


Resistance value, first 0 
four bands: 


Red 


2 
5 


Third band—3rd digit Green 


Fourth band—multiplier 6 Blue 
7 


(number of zeros Violet 


following 3rd digit) 


9 


Fourth band—multiplier Gold 


0.1 
0.01 Silver 
12% Red 


Fifth band—tolerance 10.5% Green 


10.25% Blue 
50.1% Violet 


EXAMPLE 2-5 


Find the resistance value in ohms and the percent tolerance for each of the color- 
coded resistors shown in Figure 2-31. 


(a) (b) (c) 
FIGURE 2-31 


SOLUTION 


(a) First band is red = 2, second band is violet = 7, third band is black = 0, 
fourth band is gold = X0.1, fifth band is red = +2% tolerance. 


R = 270 x 0.1 = 270 £ 2% 
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(b) First band is yellow = 4, second band is black = 0, third band is red = 2, 
fourth band is black = 0, fifth band is brown = +1% tolerance. 


R= 4020 + 1% 


Il 
N 


(c) First band is orange = 3, second band is orange = 3, third band is red 
fourth band is orange = 3, fifth band is green = +0.5% tolerance. 


R = 332,000 Q + 0.5% 


RELATED PROBLEM 


A certain resistor has a yellow first band, a violet second band, a green third band, 
a gold fourth band, and a red fifth band. Determine its value in ohms and its 
percent tolerance. 


RESISTOR LABEL CODES Not all types of resistors are color coded. Many, 
including surface-mount resistors, use typographical marking to indicate the resistance 
value and tolerance. These label codes consist of either all numbers (numeric) or a combi- 
nation of numbers and letters (alphanumeric). In some cases when the body of the resistor 
is large enough, the entire resistance value and tolerance are stamped on it in standard 
form. For example, a 33,000 Q resistor may be labeled as 33 KO. 

Numeric labeling uses three digits to indicate the resistance value, as shown in Fig- 
ure 2-32 using a specific example. The first two digits give the first two digits of the 
resistance value, and the third digit gives the multiplier or number of zeros that follow the 
first two digits. This code is limited to values of 10 © or greater. 


123 =12,0009 =12k0 


Ist digit T | m Multiplier (Number of zeros) 


2nd 
digit 


FIGURE 2-32 Example of three-digit labeling for 
a resistor. 


Another common type of marking is a three- or four-character label that uses both 
digits and letters. An alphanumeric label typically consists of only three digits or two or 
three digits and one of the letters R, K, or M. The letter is used to indicate the multiplier, 
and the position of the letter indicates the decimal point placement. The letter R indicates 
a multiplier of 1 (no zeros after the digits), the K indicates a multiplier of 1000 (three zeros 
after the digits), and the M indicates a multiplier of 1,000,000 (six zeros after the digits). In 
this format, values from 100 to 999 consist of three digits and no letter to represent the 
three digits in the resistance value. Figure 2-33 shows three examples of this type of resis- 
tor label. 


DN = 220 2M2 =22 M9 220K =220k0 
da] | L r —! | Lanse ae | L 


2nd Decimal point 2nd o 
digit and multiplier digit 3rd digit 


Decimal point 
and multiplier 


Decimal point 
and multiplier 


FIGURE 2-33 Examples of the alphanumeric resistor label. 
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EXAMPLE 2-6 


Interpret the following alphanumeric resistor labels: 


(a) 470 (b) S5R6 (c) 68K (d) 10M (e) 3M3 


SOLUTION 


(a) 470 = 4700 (b) 5R6 = 5.60 (c) 68K = 68kQ 
(d) 10M = 10MQ (e) 3M3 = 3.3MQ 


RELATED PROBLEM 


What is the resistance indicated by 1K2? 


One system of labels for resistance tolerance values uses the letters F, G, and J: 
F= 11% G = 12% J = 15% 


For example, 620F indicates a 620 O resistor with a tolerance of =1%, 4R6G is a 4.6 Q +2% 
resistor, and 56KJ is a 56 kO 15% resistor. 


VARIABLE RESISTORS Variable resistors are designed so that their resistance 
values can be changed easily. Two basic uses for variable resistors are to divide voltage 
and to control current. The variable resistor used to 
divide voltage is called a potentiometer. The vari- 


1 al 1 ; . 
able resistor used to control current is called a rhe- 


.—+3 | 3 ostat. Schematic symbols for these types are shown 
| in Figure 2-34. The potentiometer is a three-terminal 
2 2 2 device, as indicated in part (a). Terminals 1 and 2 
(a) Potentiometer (b) Rheostat (c) Potentiometer connected have a fixed resistance between them, which is the 
asahina total resistance. Terminal 3 is connected to a mov- 
FIGURE 2-34 Potentiometer and rheostat symbols. ing contact (wiper). You can vary the resistance 
between 3 and 1 or between 3 and 2 by moving the 

contact. 


Figure 2-34(b) shows the rheostat as a two-terminal variable resistor. Part (c) shows 
how you can use a potentiometer as a rheostat by connecting terminal 3 to either terminal 
1 or terminal 2. Parts (b) and (c) are equivalent symbols. Some typical potentiometers are 
pictured in Figure 2-35. The construction view is shown under the normal view. 


FIGURE 2-35 Typical potentiometers and construction views. 
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Potentiometers and rheostats can be classified as linear or tapered, as shown in Figure 
2-36, where a potentiometer with a total resistance of 100 Q is used as an example. As 
shown in part (a), in a linear potentiometer, the resistance between either terminal and the 
moving contact varies linearly with the position of the moving contact. For example, one- 
half of a turn results in one-half the total resistance. Three-quarters of a turn results in 
three-quarters of the total resistance between the moving contact and one terminal, or one- 
quarter of the total resistance between the other terminal and the moving contact. 

In a tapered potentiometer, the resistance varies nonlinearly with the position of the 
moving contact, so that one-half of a turn does not necessarily result in one-half the total 
resistance. This concept is illustrated in Figure 2-36(b), where the nonlinear values are arbitrary. 


pO 7 E rd +4 

| | : 250 | | 

| 750 ee | | 600 40.0 

| | — O | | 
100 O Y m. À 100 Q y «—o 

| —9 f | | j 

l 5 l 

1. Quarter turn 2. Half turn 3. Three-quarter turn 1. Quarter turn 2. Half turn 

(a) Linear (b) Tapered (nonlinear) 


FIGURE 2-36 Examples of (a) linear and (b) tapered potentiometers. 


The potentiometer is used as a voltage-control device. When a fixed voltage is 
applied across the end terminals, a variable voltage is obtained at the wiper contact with 
respect to either end terminal. The rheostat is used as a current-control device; the current 
can be changed by changing the wiper position. 


VARIABLE RESISTANCE SENSORS Many sensors operate on the concept of a 
variable resistance, in which a physical quantity alters the electrical resistance. Depending 
on the sensor and the measurement requirements, the change in resistance may be deter- 
mined directly or indirectly using the resistance change to alter a voltage or current. 

Examples of resistance sensors include thermistors that change resistance as a 
function of temperature, photoconductive cells that change resistance as a function of 
light, and strain gages that change resistance when a force is applied to them. Ther- 
mistors are commonly used in thermostats. Photocells have many applications; for 
example, they are used to turn on street lights at 
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| 
900 
| 


<<“ —— 
3. Three-quarter turn 


dusk and turn them off at dawn. Strain gages are 
widely used in scales and applications where 
mechanical motion needs to be sensed. The meas- 


uring instruments for strain gages need to be very 
sensitive because the change in resistance is very 


(a) Thermistor (b) Photoconductive cell 


(c) Strain gage 


small. Figure 2-37 shows symbols for these types FIGURE 2-37 Symbols for resistance devices with sensitivities to 


of resistance sensors. temperature, light, and force. 


Truck Scales 


Many large scales, such as those that are used for weighing 
trucks, use strain gages as the basic sensor to detect the force. 
The strain gage is part of a complete electromechanical 
assembly consisting of four gages. Typically, the strain gages 
are composed of a back-and forth pattern of thin wires that 


are bonded to a steel beam or plate. The steel 1s bent by the 
weight, stretching or compressing the wire in the strain gage 
and changing its resistance. The change is detected and con- 
verted to a number that represents the weight. 


Courtesy of Cardinal Scale 
Manufacturing Co. 


www.CardinalScale.com 
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SECTION 2-5 CHECKUP 


1. Define resistance and name its unit. 5. What resistance value is indicated by each alphanumeric 
2. What are the two main categories of resistors? Briefly explain a 
the difference between them. (a) 33R 
3. In the 4-band resistor color code, what does each band represent? (b) 5K6 
4. Determine the resistance and percent tolerance for each of the (c) 900 
following color codes: (d) 6M8 
cay YE MOM, VOLE wee: Eolo 6. What is the basic difference between a rheostat and a 
(b) blue, red, orange, silver potentiometer? 
(c) brown, gray, black, gold 7. Name three resistance sensors and the physical quantity that 


(d) red, red, bl d affects their resistance. 
read, red, ue, red, green 


2-6 THE ELECTRIC CIRCUIT 


A basic electric circuit is an arrangement of physical components that use voltage, current, and 
resistance to perform some useful function. 


After completing this section, you should be able to 


e Describe a basic electric circuit 
e Relate a schematic to a physical circuit 
¢ Define open circuit and closed circuit 
e Describe various types of protective devices 
e Describe various types of switches 
e Explain how wire sizes are related to gauge numbers 
¢ Define ground or common 


Basically, an electric circuit consists of a voltage source, a load, and a path for cur- 
rent between the source and the load. The load is a device on which work is done by the 
current through it. Figure 2-38 shows an example of a simple electric circuit: a battery 
connected to a lamp with two conductors (wires). The battery is the voltage source, the 
lamp is the load on the battery because it draws current from the battery, and the two 

Wires provide the current path from the negative terminal of the bat- 

Wire conductor (current path) tery to the lamp and back to the positive terminal of the battery, as 

i r -5 indicated by the red arrows. There is current through the filament of 

the lamp (which has a resistance), causing 1t to become hot enough to 

emit visible light. Current through the battery is produced by chemi- 
cal action. 

In many practical cases, one terminal of the battery 1s connected 
to a ground (common) point. For example, in automobiles, the nega- 
tive battery terminal is generally connected to the metal chassis of the 
car. The chassis 1s the ground for the automobile electrical system and 
provides a current path for the circuit. (The concept of ground 1s cov- 
ered later in this chapter.) 

As you know, block diagrams are a basic way to show the signal 
path and functional blocks in a system. When details of a circuit are 
FIGURE 2-38 A simple electric circuit. required for troubleshooting or analysis, in large systems, for example, 
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it is useful to have a schematic of the circuit. A schematic is a diagram that uses standard Lamp 
symbols and designators to represent components and lines to represent conductors; it 
shows the circuit in a logical organized manner so that circuit operation can be determined. 
The schematic may be quite different from the physical layout and is usually drawn to 
show signal flow from left to right. In general, the symbols used in schematics have been 
standardized by various standards organizations. For the U.S., the standard is IEEE STD 
315-1975, available from the American National Standards Institute (ANSI). In this text- 
book, symbols are introduced as they are needed. Figure 2—39 is a basic schematic for the 


circuit in Figure 2—38. 


FIGURE 2-39 A schematic 
for the circuit in Figure 2-38. 


SAFETY NOTE 
To avoid electrical shock, 
never touch a circuit while it is 
connected to a voltage source. 
If you need to handle a circuit, 
remove a component, or change 
a component, first make sure the 
voltage source is disconnected. 


Circuit Current Control and Protection 


The circuit in Figure 2-40(a) illustrates a closed circuit—that is, a circuit in which the cur- 
rent has a complete path. An open circuit 1s a circuit in which the current path is broken so 
that there is no current, as shown in part (b). An open circuit 1s considered to have infinite 
resistance (infinite means immeasurably large). 


MECHANICAL SWITCHES Switches are commonly used for controlling the 
opening or closing of circuits. For example, a switch is used to turn a lamp on or off, as 
illustrated in Figure 2—40. Each circuit pictorial is shown with its associated schematic. 
The type of switch indicated is a single-pole—single-throw (SPST) toggle switch. The term 
pole refers to the movable arm in a switch, and the term throw indicates the number of 
contacts that are affected (either opened or closed) by a single switch action (a single 
movement of a pole). 


en 
Closed ap 
switch 
switch 
aL 
V — 
I 
(a) There is current in a closed circuit because there is a complete (b) There is no current in an open circuit because the path is broken 


current path (switch is ON or in the closed position). Current is (switch is OFF or in the open position). 
always indicated by a red arrow in this text. 


FIGURE 2-40 Illustration of closed and open circuits using an SPST switch for control. 


Figure 2-41 shows a somewhat more complicated circuit using a single-pole—double- 
throw (SPDT) type of switch to control the current to two different lamps. When one lamp 
is on, the other is off, and vice versa, as illustrated by the two schematics that represent 
each of the switch positions. 


Switch (SW) 


(a) Pictorial (b) A schematic showing (c) A schematic showing 
Lamp 1 on and Lamp 2 off Lamp 2 on and Lamp 1 off 


FIGURE 2-41 An example of an SPDT switch controlling two lamps. 
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e 


HANDS ON TIP 
Small electronic parts can be 
damaged easily if you apply too 
much heat to them when 
soldering. The small switches 
shown in Figure 2-43 frequently 
are constructed with plastic that 
can melt and render the switch 
useless. Manufacturers usually 
supply a maximum time and 
temperature that can be applied 
to a part without damage. A 
small heat sink can be 
temporarily connected between 
the point where solder is applied 
and the sensitive region of the 
component. 


In addition to the SPST and the SPDT switches (symbols are shown in Figure 2—42(a) 


and (b)), the following other types of switches are also important: 


Double-pole-single-throw (DPST). The DPST switch permits simultaneous open- 
ing or closing of two sets of contacts. The symbol is shown in Figure 2—42(c). The 
dashed line indicates that the contact arms are mechanically linked so that both move 
with a single switch action. 


Double-pole—double-throw (DPDT). The DPDT switch provides connection from 
one set of contacts to either of two other sets. The schematic symbol is shown in 
Figure 2-42(d). 

Push button (PB). In the normally open push-button switch (NOPB), shown in Fig- 
ure 2—42(e), connection is made between two contacts when the button is depressed, 
and connection is broken when the button is released. In the normally closed push- 
button switch (NCPB), shown in Figure 2—42(f), connection between the two con- 
tacts is broken when the button is depressed. 


Rotary. In a rotary switch, a knob is turned to make a connection between one con- 
tact and any one of several others. A symbol for a simple six-position rotary switch is 
shown in Figure 2-42(g). 


mm 
E i re E 2 
ee — Sf e dl A Las =F = =ù | g= pa ù 
(a) SPST (b) SPDT (c) DPST (d) DPDT (e) NOPB (£) NCPB (g) Single-pole rotary 


(6-position) 


FIGURE 2-42 Switch symbols. 


Figure 2-43 shows several varieties of switches, and Figure 2-44 shows a con- 
struction view of a typical toggle switch. In addition to mechanical switches, a transis- 
tor can be used as the equivalent of a single-pole—single-throw switch in certain 
applications. 


Toggle switch 


Rotary switches 


Push-button switches PC boara mounted pusn-ovutton switcnes 


i n 


DIP switches for mounting on PC boards 


FIGURE 2-43 Typical mechanical switches. 
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PROTECTIVE DEVICES Fuses and circuit breakers are placed 

in the current path and are used to deliberately create an open circuit 
when the current exceeds a specified number of amperes due to a mal- 
function or other abnormal condition in a circuit. For example, a fuse or = 
circuit breaker with a 20 A rating will open a circuit when the current 
exceeds 20 A. 

The basic difference between a fuse and a circuit breaker is that 
when a fuse is “blown,” it must be replaced; but when a circuit breaker FIGURE 2-44 Construction view of a typical 
opens, it can be reset and reused repeatedly. Both of these devices protect toggle switch. 
against damage to a circuit due to excess current or prevent a hazardous 
condition created by the overheating of wires and other components when the current is too 
great. Because fuses cut off excess current more quickly than circuit breakers, fuses are 
used whenever delicate electronic equipment needs to be protected. Several typical fuses 
and circuit breakers, along with their schematic symbols, are shown in Figure 2—45. 


7 


= a f 
F 


(b) Plug fuse (c) Circuit breakers (d) Fuse symbol (e) Circuit breaker 
symbol 


FIGURE 2-45 Typical fuses and circuit breakers and their symbols. 


Two basic categories of fuses in terms of their physical configuration are cartridge type 
and plug type (screw in). Cartridge type fuses have various shaped housings with leads or 
other types of contacts as shown in Figure 2—45(a). A typical plug type fuse is shown in part 
(b). Fuse operation is based on the melting temperature of a wire or other metal element. As 
current increases, the fuse element heats up and when the rated current is exceeded, the ele- 
ment reaches its melting temperature and opens, thus removing power from the circuit. 

Two common types of fuses are the fast-acting and the time-delay (slow blow). Fast- 
acting fuses are type F and time-delay fuses are type T. In normal operation, fuses are 
often subjected to intermittent current surges that may exceed the rated current, such as 
when power to a circuit is turned on. Over time, this reduces the fuse’s ability to withstand 
short surges or even current at the rated value. A slow blow fuse can tolerate greater and 
longer duration surges of current than the typical fast-acting fuse. A fuse symbol is shown 
in Figure 2-45(d). 

Typical circuit breakers are shown in Figure 2-45(c) and the symbol is shown in part (e). 
Generally, a circuit breaker detects excess current either by the heating effect of the current 
or by the magnetic field 1t creates. In a circuit breaker based on the heating effect, a bime- 
tallic spring opens the contacts when the rated current is exceeded. Once opened, the con- 
tact is held open by mechanical means until manually reset. In a circuit breaker based on a 
magnetic field, the contacts are opened by a sufficient magnetic force created by excess 
current and must be mechanically reset. 


SAFETY NOTE 


Always use fully insulated fuse 
pullers to remove and replace 
fuses in an electrical box. Even 
if the disconnect switch is in 
the off position, line voltage is 
still present in the box. Never 
use metal tools to remove and 
replace fuses. 
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Y X AME = 


A QUIZ BOARD 


Figure 2—46 shows a quiz board for a science fair project; it is an example of a small sys- 
tem that uses components introduced in this chapter. The operation of the circuit is for the 
user to rotate the switch into one of four positions to select a battery type (shown with a 
light). After selecting the battery type, the user presses a pushbutton corresponding to the 
correct cell voltage for that battery. The “correct” light will illuminate only if the selected 
pushbutton is correct. The quiz board is constructed with the sequence of correct answers 
as B, D, A, C for batteries 1, 2, 3, and 4. A rheostat is added to control the brightness of all 
lights and the circuit should be fused. 


BATTERIES 
Hypothes Data 
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FIGURE 2-46 A quiz board. 


The schematic for the circuit is shown in Figure 2—47. Notice that each position of 
the rotary switch goes to a light and that only one pushbutton switch corresponds to the 
correct answer. 


FIGURE 2-47 Quiz board O S 
X 2 X 
schematic. i P) Ll ? 
© 
e Sa = 
ese. 
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Wires 


Wires are the most common form of conductive material used in 
electrical applications. They vary in diameter size and are arranged 
according to standard gauge numbers, called AWG (American Wire Cross-sectional area, A 
Gauge) sizes. As the gauge number increases, the wire diameter 
decreases. The size of a wire is also specified in terms of its cross- 
sectional area, as illustrated in Figure 2—48. The unit of cross- 
sectional area is the circular mil, abbreviated CM. One circular mil is the area of a wire with 
a diameter of 0.001 inch (0.001 in., or 1 mil). You can find the cross-sectional area in circular 
mils by expressing the diameter in thousandths of an inch (mils) and squaring it, as follows: 


FIGURE 2-48 Cross-sectional area of a wire. 


Ade (2-5) 


where A is the cross-sectional area in circular mils and d is the diameter in mils. Table 2-3 
lists the AWG sizes with their corresponding cross-sectional area and resistance in ohms 
per 1000 ft at 20°C. 


TABLE 2-3 « AWG (American Wire Gauge) sizes and resistances for solid round copper. 


RESISTANCE RESISTANCE 
AWG # AREA (CM) (9/1000 FT AT 20°C) AWG # AREA (CM) (9/1000 FT AT 20°C) 


0000 211,600 0.0490 19 1,288.1 8.051 

000 167,810 0.0618 20 OZ IES 10.15 
133,080 0.0780 21 810.10 12.80 

105,530 0.0983 22 642.40 16.14 

83,694 0.1240 23 509.45 20.36 

66,373 0.1563 24 404.01 25.67 

52,634 0.1970 25 320.40 32.a 

41,742 0.2485 26 254.10 40.81 

33,102 oiis 21 201.50 51.47 


26,250 03951 28 Beg) 64.90 


20,816 0.4982 29 126.72 81.83 


16,509 0.6282 30 100.50 1032 
13,094 0.7921 31 VID 130.1 
10,381 0.9989 a2 63.21 164.1 
8,234.0 1.260 33 50.13 206.9 
6,529.0) 1.588 34 Beh IS 260.9 
5,178.4 2.003 35 3132 329.0 
4,106.8 292S 36 25.00 414.8 
3230.7 3.184 37 19.83 IZ 
2,382.9 4.016 38 a 659.6 
2,048.2 5.064 39 12.47 831.8 


1,624.3 6.385 40 959 1049.0 
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EXAMPLE 2-7 


What is the cross-sectional area of a wire with a diameter of 0.005 inch? 


SOLUTION 


d = 0.005 in. = 5 mils 
A = d? = (5mils)* = 25 CM 


RELATED PROBLEM 


What is the cross-sectional area of a 0.0201 in. diameter wire? What is the AWG + 
for this wire from Table 2—3? 


WIRE RESISTANCE Although copper wire conducts current extremely well, it still 
has some resistance, as do all conductors. The resistance of a wire depends on three physi- 
cal characteristics: (a) type of material, (b) length of wire, and (c) cross-sectional area. In 
addition, temperature can also affect the resistance. 

Each type of conductive material has a characteristic called its resistivity, which is rep- 
resented by the Greek letter rho (p). For each material, p is a constant value at a given tem- 
perature. The formula for the resistance of a wire of length / and cross-sectional area A is 


a p! 


R 
A 


(2-6) 


Connectors 


Connectors route wiring to and from system assemblies.;The, size and typeof connector needed 
depends on the number and type of signals, power requirements, environment, and physical 
requirements. Connectors should be mechanically strong, reliable, and provide a low-resist- 
ance contact. A loose or corroded connection will have higher than normal resistance and can 
lead to internal arcing and breakdown. 


In most systems, connectors are critical for reliability. NASA has experienced delays in 
missions due to connector problems and has developed certain reliability tests for connectors 
for space missions. For this reason, life support systems, space, and military systems all have 
unique requirements and specifications for system connectors. 


This formula shows that resistance increases with an increase in resistivity and length 
and decreases with an increase 1n cross-sectional area. For resistance to be calculated in 
ohms, the length must be in feet (ft), the cross-sectional area in circular mils (CM), and the 
resistivity in CM-O/ft. 


EXAMPLE 2-8 


Find the resistance of a 100 ft length of copper wire with a cross-sectional area of 
810.1 CM. The resistivity of copper is 10.37 CM-0/ft at 20°C. 


SOLUTION 


pl (10.37 CM-0/£0 (100 ft) 
R= = = = 1, 
A 810.1 CM LARE 
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RELATED PROBLEM 


Use Table 2-3 to determine the resistance of 100 ft of copper wire with a cross- 
sectional area of 810.1 CM. Compare with the calculated value. 


As mentioned, Table 2-3 lists the resistance of the various standard wire sizes in 
ohms per 1000 ft at 20°C. For example, a 1000 ft length of 14-gauge copper wire has a 
resistance of 2.525 (2. A 1000 ft length of 22-gauge wire has a resistance of 16.14 Q. For 
a given length, the smaller-gauge wire has more resistance. Thus, for a given voltage, 
larger-gauge Wires can carry more current than smaller ones. 


SPLICING WIRES In some systems it is necessary to splice wires, especially when 
the run is long. Specific rules for splicing of electrical cables are given in the National 
Electric Code (NEC). Spicing is generally permissible provided that the wire is clean and 
a good electrical and mechanical connection is made. Most of the time, the splice is within 
an electrical box to protect it. For small-diameter wires, the crimp-type connectors are use- 
ful and quick. A crimping tool is used to make the connections. 

Soldering the wires together in a splice is also permitted except on conductors used for 
grounding, provided that there is a good mechanical connection prior to soldering. After 
splicing, the splice should be encased in an insulation that is as good as the wire insulation. 

One problem to avoid is splicing wires made from different conductors such as alu- 
minum and copper. In this case, a chemical reaction called electrolysis can occur at the 
junction, leading to a high resistance connection that fails. Another problem with splicing 
different conductors is that they can expand differently if they are warmed, causing the 
splice to loosen and fail. 


Ground 


Ground is the reference point in an electric circuit. The term ground originated from the 
fact that one conductor of a circuit was typically connected with an 8-foot long metal rod 
driven into the earth itself. Today, this type of connection is referred to as an earth ground. 
In household wiring, earth ground is indicated with a green or bare copper wire. Earth 
ground is normally connected to the metal chassis of an appliance or a metal electrical box 
for safety. Unfortunately, there have been exceptions to this rule, which can present a 
safety hazard if a metal chassis is not at earth ground. It is a good idea to confirm that a 
metal chassis is actually at earth ground potential before doing any work on an instrument 
or appliance. 

Another type of ground is called a reference ground. Voltages are always specified 
with respect to another point. If that point is not stated explicitly, the reference ground is 
understood. Reference ground defines 0 V for the circuit. The reference ground can be at 
a completely different potential than the earth ground. Reference ground is also called 
common and labeled COM or COMM because it represents a common conductor. When 
you are wiring a protoboard in the laboratory, you will normally reserve one of the bus | a L 
strips (a long line along the length of the board) for this common conductor. = 


Three ground symbols are shown in Figure 2-49. Unfortunately, there is not a sep- (a) (b) (c) 
arate symbol to distinguish between earth ground and reference ground. The symbolin FIGURE 2-49 Symbols for 
(a) represents either an earth ground or a reference ground, (b) shows a chassis ground, ground. 


and (c) is an alternate reference symbol typically used when there 1s more than one 
common connection (such as analog and digital ground in the same circuit). In this 
book, the symbol in part (a) will be used throughout. 

Figure 2-50 illustrates a simple circuit with ground connections. The current is + 
from the negative terminal of the 12 V source, through the common ground connec- — 
tion, through the lamp, and through the wire back to the positive terminal of the source. T 

0v = 


+12 V 


Ground provides a path for the current from the source because all of the ground 
points are electrically the same point and provide a zero resistance (ideally) current 
path. The voltage at the top of the circuit is +12 V with respect to ground. You can FIGURE 2-50 A simple circuit 
think of all the ground points in a circuit as being connected together by a conductor. with ground connections. 
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SECTION 2-6 CHECKUP 


. What are the basic elements of an electric circuit? 5. What is the purpose of a fuse? 


. Define open circuit. . What is the difference between a fuse and a circuit breaker? 


6 
Define closed circuit. 7. Which wire is larger in diameter, AWG #3 or AWG #22? 
8 


ae pr 


What is the resistance of an open switch? Ideally, what is the - What is ground in an electric circuit? 


resistance of a closed switch? 


2-7 BASIC CIRCUIT MEASUREMENTS 


In working on electrical or electronic circuits, you will frequently need to measure voltage, 
current, and resistance and to use meters safely and correctly. 


After completing this section, you should be able to 


e Make basic circuit measurements 
e Properly measure voltage in a circuit 
e Properly measure current in a circuit 
e Properly measure resistance 
e Set up and read basic meters 


Voltage, current, and resistance measurements are commonly required in electrical and 
electronics work. The instrument used to measure voltage is a voltmeter, the instrument used 
to measure current is an ammeter, and the instrument used to measure resistance 1s an ohm- 
meter. Commonly, all three instruments are combined into a single instrument known as a 
multimeter, in which you can choose the specific quantity to measure by selecting the appro- 
priate function with a switch. 

Typical portable multimeters are shown in Figure 2—51. Part (a) shows a digital mul- 
timeter (DMM), which provides a digital readout of the measured quantity; and part (b) 
shows an analog meter with a needle pointer. Many digital multimeters also include a bar 
graph display. 


FIGURE 2-51 Typical port- 
able multimeters. (a) Courtesy 
of Fluke Corporation. Reproduced 
with permission. (b) Courtesy of B+K 


Precision. 


(a) Digital multimeter (b) Analog multimeter 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 


violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


2-7 BASIC CIRCUIT MEASUREMENTS 67 


Meter Symbols 


Throughout this book certain symbols will be used 
in circuits to represent meters, as shown in Figure 
2-52. You may see any of four types of symbols for 
voltmeters, ammeters, and ohmmeters, depending 
on which symbol most effectively conveys the 
information required. The digital meter symbol is 
used when specific values are to be indicated in a 
circuit. The bar graph meter symbol and sometimes the analog meter symbol are used to 
illustrate the operation of a circuit when relative measurements or changes in quantities, 
rather than specific values, need to be depicted. A changing quantity may be indicated by an 
arrow in the display showing an increase or decrease. The generic symbol is used to indicate 
placement of meters in a circuit when no values or value changes need to be shown. 


(a) Digital 


(b) Bar graph 


or an ohmmeter (Q). 


Measuring Current 


Figure 2-53 illustrates how to measure current with an ammeter. Part (a) shows a simple 
circuit in which the current through a resistor is to be measured. Connect an ammeter in the 
current path by first opening the circuit, as shown in part (b). Then insert the meter as 
shown in part (c). Such a connection is a series connection. The polarity of the meter must 
be such that the current is in at the negative terminal and out at the positive terminal. If you 
are using a DMM to measure current, the leads must be, movedpte a spesial current jack. 


Alligator 
clips 


(a) Circuit in which the current is to be measured 


(a) 


(c) Analog (d) Generic 


FIGURE 2-52 Examples of meter symbols used in this book. Each of the 
symbols can be used to represent either an ammeter (A), a voltmeter (V), 


(b) Open the circuit either between the resistor and the positive 


terminal or between the resistor and the negative terminal of 


source. 


(c) Install the ammeter in the current path with polarity as shown (negative to 
negative, positive to positive). 


FIGURE 2-53 Example of an ammeter connection to measure current in a simple circuit. 


Measuring Voltage 


To measure voltage, connect a voltmeter across the component for which the voltage is to 
be found. Such a connection 1s a parallel connection. The negative terminal of the meter 
must be connected to the negative side of the circuit, and the positive terminal of the meter 
must be connected to the positive side of the circuit. Figure 2-54 shows a voltmeter con- 
nected to measure the voltage across the resistor. 


SAFETY NOTE 


Never wear rings or any type of 
metallic jewelry while you 
work on a circuit. These items 
may accidentally come in 
contact with the circuit, causing 
shock and/or damage to the 
circuit. With high-energy 
sources, such as a car battery, a 
short across jewelry (a watch or 
ring) can become hot instantly, 
causing burns to the wearer. 
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FIGURE 2-54 Example 
of a voltmeter connection to 
measure voltage in a simple 
circuit. 


Measuring Resistance 


To measure resistance, connect an ohmmeter across the resistor. The resistor must first be 
removed or disconnected from the circuit. This procedure is shown in Figure 2-55. 


(a) Disconnect the resistor from the (b) Measure the resistance. 
circuit to avoid damage to the meter (Polarity is not important.) 
and/or incorrect measurement. 


FIGURE 2-55 Example of using an ohmmeter to measure resistance. 


Digital Multimeters (DMMs) 


A DMM is a multifunction electronic instrument that can measure voltage, current, or 
resistance. DMMs are the most widely used type of electronic measuring instrument. Gen- 
erally, DMMs provide more functions, better accuracy, greater ease of reading, and greater 
reliability than do analog meters, which are covered next. Analog meters have at least one 
advantage over DMMs, however. They can track short-term variations and trends in a 
measured quantity that many DMMs are too slow to respond to. Typical DMMs are shown 
in Figure 2-56. Many DMMs are autoranging types in which the proper range is automati- 
cally selected by internal circuitry. 


FIGURE 2-56 Typical digital z 
multimeters (DMMs). —— 
(Courtesy of B+K Precision) Y on g if | 

| 
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DMM FUNCTIONS The basic functions found on most DMMs are 
e Ohms 


e DC voltage and current 


e AC voltage and current 


Some DMMs provide additional functions such as analog bar graph displays, transistor 
or diode tests, power measurement, and decibel measurement for audio amplifier tests. 


DMM DISPLAYS DMMs are available with either LCD (liquid-crystal display) or 
LED (light-emitting diode) readouts. The LCD is the most commonly used readout in 
battery-powered instruments because it requires only very small amounts of current. A 
typical battery-powered DMM with an LCD readout operates on a 9 V battery that will last 
from a few hundred hours to 2000 hours and more. The disadvantages of LCD readouts are 
that (a) they are difficult or impossible to see in low-light conditions and (b) they are rela- 
tively slow to respond to measurement changes. LEDs, on the other hand, can be seen in the 
dark and respond quickly to changes in measured values. LED displays require much more 
current than LCD displays; and, therefore, battery life is shortened when LEDs are used in 
portable equipment. 

Both LCD and LED DMM displays are in a seven- 
segment format. Each digit in the display consists of seven 
separate segments, as shown in Figure 2—57(a). Each of the 


ten decimal digits is formed by the activation of appropriate (1 Z1) 
segments, as illustrated in Figure 2-57(b). In addition to (a í 


the seven segments, there is also a decimal point. (a) (b) 


RESOLUTION The resolution of a DMM is the smallest increment of a quantity that 
the DMM can measure. The smaller the increment, the better the resolution. One factor 
that determines the resolution of a meter is the number of digits in the display. 

Because many DMMs have 31 digits in their display, we will use this case for illus- 
tration. A 3/2-digit multimeter has three digit positions that can indicate from 0 through 9, 
and one digit position that can indicate only a value of 1. This latter digit, called the half- 
digit, is always the most significant digit in the display. For example, suppose that a DMM 
is reading .999 V, as shown in Figure 2-58(a). If the voltage increases by 0.001 V to 1 V, 
the display correctly shows 1.000 V, as shown in part (b). The “1” is the half-digit. Thus, 
with 3% digits, a variation of 0.001 V, which is the resolution, can be observed. 


SAFETY NOTE 


cE © 


Manufacturers use the CE mark 
to indicate that a product meets 
all the essential requirements 
of the European Directives for 
health and safety. For example, 
DMMs that meet the directive 
IEC 61010-1 are in compliance 
and can use the CE mark on the 
DMM. This mark is used on 
many products in various 
countries much like the UL 
(underwriters lab) mark that 
originated in the U.S. It also 
shows compliance with safety 
standards. 


FIGURE 2-57 Seven-segment 
display. 


(a) Resolution: 0.001 V 


FIGURE 2-58 
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ae 


FUSED 


(c) Resolution: 0.001 V 


A 34-digit DMM illustrates how the resolution changes with the number of digits in use. 


+e 
PRESS 

RANGE ŒD 
AUTORANGE 
TOUCH/HOLD GED 


Vo 


A 1000 V= 


750 V ~ h (com 


FUSED 


(d) Resolution: 0.01 V 
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F Now, suppose that the voltage increases to 1.999 V. This value is indicated on the 
A meter as shown in Figure 2—58(c). If the voltage increases by 0.001 V to 2 V, the half-digit 
HANDS ON TIP cannot display the “2,” so the display shows 2.00. The half-digit is blanked and only three 


When reading the scales onan digits are active, as indicated in part (d). With only three digits active, the resolution is 
analog meter, always view the 0.01 V rather than 0.001 V as it is with 3% active digits. The resolution remains 0.01 V up 
scale and “needle” directly to 19.99 V. The resolution goes to 0.1 V for readings of 20.0 V to 199.9 V. At 200 V, the 
from the front and not froman resolution goes to 1 V, and so on. 

Anat Hus Dische OW) eVold The resolution capability of a DMM is also determined by the internal circuitry and 
pe ee the rate at which the measured quantity is sampled. DMMs with displays of 4% through 


change in position of the a ay 
needle relative to the meter 82 digits are also available. 


scale and results in inaccurate 


readings. ACCURACY As defined in Chapter 1, accuracy is an indication, usually expressed in 
percentage, of the range of error which is the difference in the measured and true or 
accepted value of a quantity. The accuracy of a DMM is established strictly by its internal 
circuitry and calibration. For typical meters, accuracies range from 0.01% to 0.5%, with 
some precision laboratory-grade meters going to 0.002%. 


Reading Analog Multimeters 


Although the DMM is predominately used, you may have to use on analog meter on 
occasion. 


FUNCTIONS The face of a typical analog (needle-type) multimeter is rep- 
resented in Figure 2-59. This particular instrument can be used to measure both 
direct current (dc) and alternating current (ac) quantities as well as resistance 
values. It has four selectable functions: de volts (DC VOLTS), de milliamperes 
(DC mA), ac volts (AC VOLTS), and OHMS. Many analog multimeters are 
similar to this one, although range selections and scales may vary. 


RANGES Within each function there are several ranges, as indicated by 
the brackets around the selector switch. For example, the DC VOLTS function 
has 0.3 V, 3 V, 12 V, 60 V, 300 V, and 600 V ranges. Thus, de voltages from 
0.3 V full-scale to 600 V full-scale can be measured. On the DC mA function, 
direct currents from 0.06 mA full-scale to 120 mA full-scale can be measured. 
On the ohm scale, the range settings are X1, X10, X100, x1000, and <100,000. 


THE OHM SCALE Ohms are read on the top scale of the meter. This 
scale is nonlinear; that is, the values represented by each division (large or 
small) vary as you go across the scale. In Figure 2—59, notice how the scale 
becomes more compressed as you go from right to left. 

To read the actualcvalue im/ohms? multiply the number on the scale as 
indicated by the pointer by the factor selected by the switch. For example, 
FIGURE 2-59 A typical analog multimeter. When the switch is set at X100 and the pointer is at 20, the reading is 20 X 100= 

2000 ©. 

As another example, assume that the switch is at X10 and the pointer is at the seventh 
small division between the 1 and 2 marks, indicating 17 2) (1.7 X 10). Now, if the meter 
remains connected to the same resistance and the switch setting is changed to X1, the 
pointer will move to the second small division between the 15 and 20 marks. This, of 
course, is also a 17 O reading, illustrating that a given resistance value can often be read at 
more than one switch setting. However, the meter should be zeroed each time the range is 
changed by touching the leads together and adjusting the needle. 


COM V/0 


THE AC-DC AND DC mA SCALES The second, third, and fourth scales from the 
top (labeled “AC” and “DC”, are used in conjunction with the DC VOLTS and AC VOLTS 
functions. The upper ac-de scale ends at the 300 mark and is used with range settings such 
as 0.3, 3, and 300. For example, when the switch is at 3 on the DC VOLTS function, the 
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£ 


300 scale has a full-scale value of 3 V; at the range setting of 300, the full-scale value is 
300 V. The middle ac-de scale ends at 60. This scale is used in conjunction with range set- 
tings such as 0.06, 60, and 600. For example, when the switch is at 60 on the DC VOLTS 
function, the full-scale value is 60 V. The lower ac-de scale ends at 12 and is used in con- 
junction with switch settings such as 1.2, 12, and 120. The three DC mA scales are used in 
a similar way to measure current. 


HANDS ON TIP 
When you are using a 
multimeter, such as the analog 
multimeter illustrated in Figure 
2-59, where you manually 
select the voltage and current 
ranges, it is good practice to 
always set the multimeter on 
the maximum range before you 
measure an unknown voltage 
or current. You can then reduce 
the range until you get an 
acceptable reading. 


EXAMPLE 2-9 


In Figure 2-60, determine the quantity (voltage, current, or resistance) that is 
being measured and its value for each of the following specified switch settings 
on the meter in Figure 2—59. 


(a) DC volts: 60 (b) DC mA: 12 (c) OHMS: x1K 


FIGURE 2-60 


SOLUTION 


(a) The reading taken from the middle AC-DC scale is 18 V. 
(b) The reading taken from the lower AC-DC scale is 3.8 mA. 
(c) The reading taken from the ohms scale (top) is 10 KQO. 


RELATED PROBLEM 


For part (c) in this example, the switch is moved to the X100 ohms setting. 
Assuming that the same resistance is being measured, what will the needle do? 


SECTION 2-7 CHECKUP 


1. Name the multimeter functions for measuring 4. List two common types of DMM displays, and discuss the 


advantages and disadvantages of each. 
(a) current 


(b) voltage 5. Define resolution ina DMM. 


6. The analog multimeter in Figure 2-59 is set on the 3 V range 
to measure dc voltage. Assume the pointer is at 150 on the 

2. Show how to place two ammeters in the circuit of Figure 2-41 upper ac-dc scale. What voltage is being measured? 
to measure the current through either lamp (be sure to observe 
the polarities). How can the same measurements be accom- 
plished with only one ammeter? 


(c) resistance 


7. How do you set up the multimeter in Figure 2-59 to measure 
275 V dc, and on what scale do you read the voltage? 


8. If you expect to measure a resistance in excess of 20 kQ with 


3. Show how to place a voltmeter to measure the voltage across ii 
the multimeter in Figure 2-59, where do you set the switch? 


lamp 2 in Figure 2-41. 
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SUMMARY 


e An atom is the smallest particle of an element that retains the characteristics of that element. 
e The electron is the basic particle of negative electrical charge. 

e The proton is the basic particle of positive charge. 

e An ion is an atom that has gained or lost an electron and is no longer neutral. 


e When electrons in the outer orbit of an atom (valence electrons) break away, they become free 
electrons. 


e Free electrons make current possible. 
e Like charges repel each other, and opposite charges attract each other. 
e Voltage must be applied to a circuit before there can be current. 


e Fuel cells and batteries convert chemical energy to electrical energy using oxidation-reduction 
reaction. 


e Resistance limits the current. 

e Basically, an electric circuit consists of a source, a load, and a current path. 

e An open circuit is one in which the current path is broken. 

e A closed circuit is one which has a complete current path. 

e An ammeter is connected in line (series) with the current path to measure current. 
e A voltmeter is connected across (parallel) the current path to measure voltage. 


e An ohmmeter is connected across a resistor to measure resistance. The resistor must be discon- 
nected from the circuit. 


e Figure 2-61 shows the electrical symbols introduced in this chapter. 


= WW pg A e tid 


Battery Resistor Potentiometer Rheostat Lamp Ground 
o— Oo o 
| =r” o o- —O eer O O 
— ©- —2 | Q- -o o o— o —o o—>o— e OO 
NOPB NCPB SPST SPDT DPST DPDT Rotary 
switch switch switch switch switch switch switch 
no e -O -@ -0- 
Fuse Circuit breaker Voltmeter Ammeter Ohmmeter 
FIGURE 2-61 


e One coulomb is the charge on 6.25 X 10!° electrons. 


e One volt is the potential difference (voltage) between two points when one joule of energy is used 
to move one coulomb of charge from one point to the other. 


e One ampere is the amount of current that exists when one coulomb of charge moves through a 
given cross-sectional area of a material in one second. 


e One ohm is the resistance when there is one ampere of current in a material with one volt applied 
across the material. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 
Ammeter An electrical instrument used to measure current. 


Ampere (A) The unit of electrical current. 
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Atom The smallest particle of an element possessing the unique characteristics of that element. 
AWG American Wire Gauge; a standardization based on wire diameter. 


Charge An electrical property of matter that exists because of an excess or a deficiency of elec- 
trons. Charge can be either positive or negative. 


Circuit breaker A resettable protective device used for interrupting excessive current in an elec- 
tric circuit. 

Closed circuit A circuit with a complete current path. 

Conductance The ability of a circuit to allow current. The unit is the siemens (S). 

Conductor A material in which electric current is easily established. An example is copper. 
Coulomb (C) The unit of electrical charge; the total charge possessed by 6.25 X 101* electrons. 


Coulomb’s law A law that states a force exists between two charged bodies that is directly propor- 
tional to the product of the two charges and inversely proportional to the square of the distance 
between them. 


Current The rate of flow of charge (free electrons). 
Current source A device that produces a constant current for a varying load. 


DMM Digital multimeter; an electronic instrument that combines meters for measurement of volt- 
age, current, and resistance. 


Electron A basic particle of electrical charge in matter. The electron possesses negative charge. 


Free electron A valence electron that has broken away from its parent atom and is free to move 
from atom to atom within the atomic structure of a material. 


Fuel cell A device that converts electrochemical energy from an external source into de voltage. 
The hydrogen fuel cell is the most common type. 


Fuse A protective device that burns open when there is excessive current in a circuit. 
Ground The common or reference point in a circuit. 
Insulator A material that does not allow current under normal conditions. 


Load An element (resistor or other component) connected across the output terminals of a circuit 
that draws current from the source and upon which work is done. 


Ohm (QÈ) The unit of resistance. 

Ohmmeter An instrument for measuring resistance. 

Open circuit A circuit in which there is not a complete current path. 

Potentiometer A three-terminal variable resistor. 

Resistance Opposition to current. The unit is the ohm (0). 

Resistor An electrical component designed specifically to have a certain amount of resistance. 
Rheostat A two-terminal variable resistor. 

Schematic A symbolized diagram of an electrical or electronic circuit. 


Semiconductor A material that has a conductance value between that of a conductor and an insu- 
lator. Silicon and germanium are examples. 


Siemens (S) The unit of conductance. 
Switch An electrical or electronic device for opening and closing a current path. 
Volt (V) The unit of voltage or electromotive force. 


Voltage The amount of energy per charge available to move electrons from one point to another in 
an electric circuit. 


Voltage source A device that produces a constant voltage for a varying load. 


Voltmeter An instrument used to measure voltage. 


KEY FORMULAS 


number of electrons 


(2-1) 0 = Á Charge 

6.25 X 101 electrons/C 

W a o 
(2-2) V = Q Voltage in volts equals energy in joules divided 


by charge in coulombs. 
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2-3 I = 2 Current in amperes equals charge in coulombs 
i p q £ 
divided by time in seconds. 
1 
(2-4) G = R Conductance in siemens is the reciprocal of 
resistance in ohms. 
(2-5) A=4 4 Cross-sectional area in circular mils equals the 
i diameter in mils squared. 
(2-6) R = A Resistance is resistivity in CM 0Q/ft times length in 


feet divided by cross-sectional area in circular mils. 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 


1. 


The number of neutrons in the nucleus is the atomic number of that element. 


. The unit of charge is the ampere. 

. Energy in a battery is stored in the form of chemical energy. 

. A volt can be defined in terms of energy per charge. 

. Ina five-band precision resistor, the fourth band is the tolerance band. 
. A rheostat performs the same function as a potentiometer. 

. A strain gage changes resistance in response to an applied force. 


. Soldering is never allowed on a splice. 


All circuits must have a complete path for current. 


A circular mil is a unit of area. 


. The three basic measurements that can be done by a DMM are voltage, current, and power. 


. To measure current with a meter, the meter should be placed in series. 


SELF-TEST 


Answers are at the end of the chapter. 


1. 


A neutral atom with an atomic number of three has how many electrons? 
(a) 1 (b) 3 (c) none (d) depends on the type of atom 


. Electron orbits are called 


(a) shells (b) nuclei (c) waves (d) valences 


. Materials in which current cannot be established are called 


(a) filters (b) conductors (e) insulators (d) semiconductors 


When placed close together, a positively charged material and a negatively charged material will 
(a) repel (b) become neutral (c) attract (d) exchange charges 

The charge on a single electron is 

(a) 6.25 X 1018C (bb) 16x 10'°C (09)16x 103] (4d) 3.14 x 10°C 
Potential difference is another term for 

(a) energy (b) voltage (c) distance of an electron from the nucleus (d) charge 
The unit of energy is the 

(a) watt (b) coulomb (c) joule (d) volt 

Which one of the following is not a type of energy source? 


(a) battery (b) solar cell (c) generator (d) potentiometer 


Which one of the following is the byproduct of a hydrogen fuel cell? 
(a) oxygen (b) carbon dioxide (e) hydrochloric acid (d) water 
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PROBLEMS 13 


10. Which one of the following is generally not a possible condition in an electric circuit? 
(a) voltage and no current (b) current and no voltage 
(c) voltage and current (d) no voltage and no current 
11. Electrical current is defined as 
(a) free electrons (b) the rate of flow of free electrons 
(c) the energy required to move electrons (d) the charge on free electrons 
12. There is no current in a circuit when 
(a) a series switch is closed (b) a series switch is open (c) there is no source voltage 
(d) both (a) and (c) (e) both (b) and (c) 
13. The primary purpose of a resistor 1s to 


(a) increase current (b) limit current (e) produce heat (d) resist current change 


14. Potentiometers and rheostats are types of 


(a) voltage sources (b) variable resistors (e) fixed resistors (d) circuit breakers 


15. The current in a given circuit is not to exceed 22 A. Which value of fuse is best? 
(a) 10 A (b) 25 A (e) 20 A (d) a fuse is not necessary 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 2-2 Electrical Charge 


1. How many coulombs of charge do 50 X 10% electrons possess? 
2. How many electrons does it take to make 80 uC of charge? 

3. What is the charge in coulombs of the nucleus of a copper atom? 
4 


. What is the charge in coulombs of the nucleus of a chlorine atom? 


SECTION 2-3 Voltage 


5. Determine the voltage in each of the following cases: 
(a) 10 J/C (b) 5J/2C (e) 100J/25C 


6. Five hundred joules of energy are used to move 100 C of charge through a resistor. What is the 
voltage across the resistor? 


7. What is the voltage of a battery that uses 800 J of energy to move 40 C of charge through a 
resistor? 


8. How much energy does a 12 V battery in your car use to move 2.5 C through the electrical 
circuit? 

9. Assume that a solar battery charger delivers 2.5 J of energy when 0.2 C of charge has been 
moved. What is the voltage? 


SECTION 2-4 Current 


10. Ifthe solar cell in Problem 9 has moved the charge in 10 s, what is the current? 


11. Determine the current in each of the following cases: 
(a) 75Cinls (b) 10CinO0.5s (e) 5Cin2s 


12. Six-tenths coulomb passes a point in 3 s. What 1s the current in amperes? 
13. How long does it take 10 C to flow past a point if the current is 5 A? 


14. How many coulombs pass a point in 0.1 s when the current is 1.5 A? 


SECTION 2-5 Resistance 


15. Figure 2-62(a) shows color-coded resistors. Determine the resistance value and the tolerance 
of each. 
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E 
TTT 


(b) 


FIGURE 2-62 


16. Find the minimum and the maximum resistance within the tolerance limits for each resistor in 
Figure 2-62(a). 


17. (a) If you need a 270 Q resistor with 5% tolerance, what color bands should you look for? 
(b) From the selection of resistors in Figure 2-62(b), choose the following values: 330 Q, 2.2 KQ, 
39 KQ, 56 kQ, and 100 KQ. 


18. Determine the resistance value and tolerance for each resistor in Figure 2—63. 


(a) (b) (c) 
FIGURE 2-63 


19. Determine the resistance and tolerance of each of the following 4-band resistors: 
(a) brown, black, black, gold (b) green, brown, green, silver (c) blue, gray, black, gold 
20. Determine the color bands for each of the following 4-band resistors. Assume each has a 


5% tolerance. 
(a) 0.47 0 (b) 270 KQ (e) 5.1 MQ 


21. Determine the resistance and tolerance of each of the following 5-band resistors: 
(a) red, gray, violet, red, brown (b) blue, black, yellow, gold, brown 
(c) white, orange, brown, brown, brown 
22. Determine the color bands for each of the following 5-band resistors. Assume each has a 1% 


tolerance. 
(a) 14.7kO (b) 392 Q (ce) 976k0 


23. Determine the resistance values represented by the following labels: 
(a) 220 (b) 472 (e) 823 (d) 3K3 (e) 560 (f) 10M 


24. The adjustable contact of a linear potentiometer is set at the mechanical center of its adjustment. 
If the total resistance is 1000 Q, what is the resistance between each end terminal and the 
adjustable contact? 


SECTION 2-6 The Electric Circuit 


25. Trace the current path in the lamp circuit of Figure 2-41(a) with the switch making contact 
between the middle and lower pins. 
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26. With the switch in either position, redraw the lamp circuit in Figure 2-41(b) with a fuse con- 
nected to protect the circuit against excessive current. 


SECTION 2-7 Basic Circuit Measurements 


27. Show the placement of an ammeter and a voltmeter to measure the current and the source volt- 
age in Figure 2-64. 

28. Show how you would measure the resistance of R, in Figure 2-64. 

29. In Figure 2-65 what does each voltmeter indicate when the switch (SW) is in position 1? In 
position 2? 

30. In Figure 2-65, show how to connect an ammeter to measure the current from the voltage 
source regardless of the switch (SW) position. 


FIGURE 2-64 FIGURE 2-65 


31. What is the voltage reading of the meter in Figure 2-66? 


32. How much resistance is the meter in Figure 2-67 measuring? 


A 


ANALOG MULTIMETER 


ASS A 


FIGURE 2-66 FIGURE 2-67 


33. Determine the resistance indicated by each of the following ohmmeter readings and range settings: 
(a) pointer at 2, range setting at R X 100 (b) pointer at 15, range setting at R X 10M 
(c) pointer at 45, range setting at R X 100 
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34. A multimeter has the following ranges: 1 mA, 10 mA, 100 mA; 100 mV, 1 V, 10 V; R X 1, 
R X 10, R x 100. Indicate schematically how you would connect the multimeter in Figure 
2-68 to measure the following quantities: 


(a) Iri (b) Vr; (e) Ry 


In each case indicate the function to which you would set the meter and the range that you 
would use. 


FIGURE 2-68 


ADVANCED PROBLEMS 


35. A resistor with a current of 2 A through it in an amplifier circuit converts 1000 J of electrical 
energy to heat energy in 15 s. What is the voltage across the resistor? 


36. 1£574 X 101” electrons flow through a wire in 250 ms, what is the current in amperes? 


37. A 120 V source is to be connected to a 1500 Q resistive load by two lengths of wire as shown 
in Figure 2-69. The voltage source is to be located 50 ft from the load. Using Table 2-3, deter- 


mine the gauge number of the smallest wire that can be used if the total resistance of the two 
lengths of wire is not to exceed 6 (). 


50 ft ——————>| 


R 
1500 Q 


FIGURE 2-69 


38. Determine the resistance and tolerance of each resistor labeled as follows: 
(a) 4R7J (b) S60KF (e) IM5G 


39. There is only one circuit in Figure 2-70 in which it is possible to have all lamps on at the same 
time. Determine which circuit it 1s. 


+ 
Y= 

7 7 Lamp 1 Lamp 2 

(a) (b) 
1 2 

+ 
e 

T Lamp 1 Lamp 2 
(c) (d) 


FIGURE 2-70 
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40. Through which resistor in Figure 2-71 is there always current, regardless of the position of the 
switches? 


R6 


+ 
i T 
FIGURE 2-71 


41. In Figure 2-71, show the proper placement of ammeters to measure the current through each 
resistor and the current out of the battery. 


42. Show the proper placement of voltmeters to measure the voltage across each resistor in 
Figure 2-71. 

43. Devise a switch arrangement whereby two voltage sources Vs; and Vs, can be connected simul- 
taneously to either of two resistors (R; and R>) as follows: 


Vs; connected to R; and Vs, connected to R3 
Vs; connected to R, and Vs, connected to R} 


44. Show how to wire the quiz board in Figure 2—46 if the correct sequence of answers is D-B-C-A. 


ANSWERS TO SECTION CHECKUPS 


SECTION 2-1 Atoms 


1. The electron is the basic particle of negative charge. 


2. An atom is the smallest particle of an element that retains the unique characteristics of the 
element. 


An atom is a positively charged nucleus surrounded by orbiting electrons. 

Atomic number is the number of protons in a nucleus. 

No, each element has a different type of atom. 

A free electron is an outer-shell electron that has drifted away from the parent atom. 


Shells are energy bands in which electrons orbit the nucleus of an atom. 


eo AA 


Copper and silver 


SECTION 2-2 Electrical Charge 
1. Q is the symbol for charge. 
2. Coulomb is the unit of charge, and C is the symbol for coulomb. 
3. The two types of charge are positive and negative. 
10 x 10!? electrons 


= 1.6 X 10°C = 1.6 uC 
6.25 X 10% electrons/C ü 


4. Q = 


SECTION 2-3 Voltage 


1. Voltage is energy per unit charge. 

2. The unit of voltage is the volt. 

3. V=W/0=24J/10C=24V 

4. Battery, fuel cell, power supply, solar cell, generator, thermocouple, and piezoelectric sensors 
are voltage sources. 


5. Oxidation-reduction reactions 
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SECTION 2-4 Current 


1. Current is the rate of flow of charge; the unit of current is the ampere (A). 
2. There are 6.25 X 10!® electrons in one coulomb. 
3. I = Ot = 20C/4s =5A 


SECTION 2-5 Resistance 


1. Resistance is opposition to current and its unit is the ohm (Q). 


2. Two resistor categories are fixed and variable. The value of a fixed resistor cannot be changed, 
but that of a variable resistor can. 


3. First band: first digit of resistance value. 
Second band: second digit of resistance value. 
Third band: number of zeros following the 2nd digit. 
Fourth band: percent tolerance. 


4. (a) Yellow, violet, red, gold = 4700Q + 5% 
(b) Blue, red, orange, silver = 62,000Q + 10% 
(c) Brown, gray, black, gold = 18Q + 5% 

(d) Red, red, blue, red, green = 22.6kQ + 0.5% 


5. (a) 33R = 330, (b) 5K6 = 5.6k0 (ec) 900 = 900 Q (d) 6M8 = 6.8 MQ 
6. A rheostat has two terminals; a potentiometer has three terminals. 


7. Thermistor—temperature; photoconductor cell—light; strain gage— force. 


SECTION 2-6 The Electric Circuit 
1. A basic electric circuit consists of source, load, and current path between source and load. 
. An open circuit is one that has no path for current. 
. A closed circuit 1s one that has a complete path for current. 
R = œ (infinite); R = 00 
A fuse protects a circuit against excessive current. 
A fuse must be replaced once blown. A circuit breaker can be reset once tripped. 
AWG #3 is larger than AWG #22. 


Ground is the reference point with zero voltage with respect to other points. 


PUN ap 


SECTION 2-7 Basic Circuit Measurements 


1. (a) Ammeter measures current. 
(b) Voltmeter measures voltage. 
(c) Ohmmeter measures resistance. 


2. See Figure 2-72. 
3. See Figure 2-73. 


(a) Two ammeters (b) One ammeter 


FIGURE 2-72 FIGURE 2-73 


4. Two types of DMM displays are LED and LCD. The LCD requires little current, but it is diffi- 
cult to see in low light and is slow to respond. The LED can be seen in the dark, and it responds 
quickly; however, it requires much more current than does the LCD. 
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. Resolution is the smallest increment of a quantity that a meter can measure. 
. The voltage being measured is 1.5 V. 

. DC VOLTS, 600 setting; 275 V is read on the 60 scale near midpoint. 

. OHMS x 1000 


on XA A 


ANSWERS TO RELATED PROBLEMS 


FOR EXAMPLES 
2-1 1.88 X 10!” electrons 

2-2 600 J 

2-3 12C 

2-4 47000 + 5% 

2-5 4750 + 2% 

2-6 12k0 


2-7 404.01 CM; #24 
2-8 1.280 Q; same as calculated result 
2-9 The needle will indicate 100 on the top scale. 


ANSWERS TO TRUE/FALSE QUIZ 


1. F 2. E 3. T 4. T di e 6. F La AL 8. F 9. T 
10. T 11. F 12. T 


ANSWERS TO SELF-TEST 


1. (b) 2. (a) 3. (c) 4. (c) 5. (b) 6. (b) 7. (E) 8. (d) 
9. (d) 10. (b) 11. (b) 12. (e) 13. (b) 14. (b) 15. (c) 
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OHM’S LAW, ENERGY, 
AND POWER 


O U T L I N E Kilowatt-hour (kWh) Efficiency 


Watt’s law Ah rating 
ae ane : aw Power rating Troubleshooting 
ae Applicaton or Oins Taw Voltage drop Half-splitting 


3-3 Fnergy and Power Power supply 
3—4 Power in an Electric Circuit 


3-5 The Power Rating of Resistors 


3-6 Energy Conversion and Voltage Drop in a I N T R O D U C T I O N 


Resistance 

Georg Simon Ohm (1787-1854) experimentally found 
that voltage, current, and resistance are all related in a 
specific way. This basic relationship, known as Ohm's 
law, 1s one of the most fundamental and important laws 


O B J E C T I V E S in the fields of electricity and electronics. In this chapter, 


Ohm’s law is examined, and its use in practical circuit 


3-7 Power Supplies and Batteries 


3-8 Introduction to Troubleshooting 


Explain Ohm’s law oe ae 
; , applications is discussed and demonstrated by numerous 
e Use Ohm’s law to determine voltage, current, or 
iSt examples. 
resistance oe l 
In addition to Ohm’s law, the concepts and defini- 
* Define energy and power tions of energy and power in electric circuits and sys- 
e Calculate power in a circuit tems are introduced, and the Watt’s law power formulas 
e Properly select resistors based on power are given. A general approach to troubleshooting using 
consideration the analysis, planning, and measurement (APM) method 


e Explain energy conversion and voltage drop is also introduced. 
e Discuss characteristics of power supplies and 
batteries 


e Describe a basic approach to troubleshooting 


KEY TERMS 


Ohm’s law Power 
Linear Joule (J) VISIT THE WEBSITE 
Energy Watt (W) Study aids for this chapter are available at 


http://pearsonhighered.com/floyd 
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3-1 OHM’S LAW 


Ohm”s law describes mathematically how voltage, current, and resistance in a circuit are 
related. Ohm’s law can be written in three equivalent forms; the formula you use depends on 
the quantity you need to determine. 


After completing this section, you should be able to 


e Explain Ohm’s law 
e Describe how voltage (V), current (I), and resistance (R) are related 
e Express J as a function of V and R 
e Express V as a function of I and R 
e Express R as a function of V and I 


Ohm determined experimentally that if the voltage across a resistor is increased, the 
current through the resistor will increase; and, likewise, if the voltage is decreased, the 
current will decrease. For example, if the voltage is doubled, the current will double. If 
the voltage is halved, the current will also be halved. This relationship is illustrated in 
Figure 3—1, with relative meter indications of voltage and current. 


(a) Less V, less / (b) More V, more / 


FIGURE 3-1 Effect on the current of changing the voltage with the resistance 
at a constant value. 


Ohm also determined that if the voltage is held constant, less resistance results in 
more current, and more resistance results in less current. For example, if the resistance is 
halved, the current doubles. If the resistance is doubled, the current is halved. This concept 
is illustrated by the meter indications in Figure 3—2, where the resistance is increased and 
the voltage is held constant. 


NIT, 1 


(a) Less R, more / (b) More R, less Z 


FIGURE 3-2 Effect on the current of changing the resistance with the voltage at a 
constant value. 


Ohm’s law states that current is directly proportional to voltage and inversely propor- 
tional to resistance. 


V 
I = z (3-1) 
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CHAPTER 3 + OHM’S LAW, ENERGY, AND POWER 


where J is current in amperes (A), V is voltage in volts (V), and R is resistance in ohms (Q). 
This formula describes the relationship illustrated by the action in the circuits of Figures 
3-1 and 3-2. 


For a constant resistance, if the voltage applied to a circuit is increased, the 
current will increase; and if the voltage is decreased, the current will decrease. 


V V 
I= — I = — R constant 
R R 
Increase V, I increases Decrease V, J decreases 


For a constant voltage, if the resistance in a circuit is increased, the current 
will decrease; and if the resistance is decreased, the current will increase. 


V 
O — lD — 14 V constant 
R R 


Increase R, Z decreases Decrease R, I increases 


EXAMPLE 3-1 


Using the Ohm’s law formula in Equation 3-1, verify that the current through a 
10 O resistor increases when the voltage is increased from 5 V to 20 V. 


SOLUTION 
For V = 5V, 
V 5V 
I = = 0.5A 
R 100 0 
For V = 20 V, 
V 20V 
: R 100 ae 


RELATED PROBLEM* 


Show that the current decreases when the resistance is increased from 5 Q to 
20 O and the voltage 1s a constant 10 V. 


*Answers are at the end of the chapter. 


Ohm's law can also be stated another equivalent way. By multiplying both sides of 


Equation 3-1 by R and transposing terms, you obtain an equivalent form of Ohm’s law, as 
follows: 


V = IR (3-2) 


With this formula, you can calculate voltage in volts if you know the current in amperes 
and resistance in ohms. 


EXAMPLE 3-2 


Use the Ohm’s law formula in Equation 3-2 to calculate the voltage across a 
1.0 KO resistor when the current is 5.0 mA. 
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SOLUTION 
V = IR = (5.0 mA)(1.0 kO) = 5.0 V 


RELATED PROBLEM 


Find the voltage across a 1.0 kO resistor when the current is 1 mA. 


There is a third equivalent way to state Ohm’s law. By dividing both sides of Equa- 
tion 3—2 by J and transposing terms, you obtain the following formula: 


R = — (3-3) 


This expression of the Ohm’s law formula is used to determine resistance in ohms if you 
know the values of voltage in volts and current in amperes. 

Remember, the three expressions—Equations 3-1, 3-2, and 3-3—are all equivalent. 
They are simply three ways of stating Ohm’s law. 


EXAMPLE 3-3 


Use the Ohm’s law formula in Equation 3-3 to calculate the resistance of a rear 
window defroster grid in a certain vehicle. When it is connected to 12.6 V, it 
draws 15.0 A from the battery. What is the resistance of the defroster grid? 


SOLUTION 


V 126V 
R = 7 150A 7 840 mQ 


RELATED PROBLEM 


If one of the grid wires opens, the current drops to 13.0 A. What is the new 
resistance? 


The Linear Relationship of Current and Voltage 


In resistive circuits, current and voltage are linearly proportional. Linear means that if one 
is increased or decreased by a certain percentage, the other will increase or decrease by the 
same percentage, assuming that the resistance is constant in value. For example, if the volt- 
age across a resistor is tripled, the current will triple. If the voltage is reduced by half, the 
current will decrease by half. 


EXAMPLE 3-4 


Show that if the voltage in the circuit of Figure 3—3 is increased to three times its 
present value, the current will triple in value. 


FIGURE 3-3 
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SOLUTION 
With 10 V, the current is 


OV 10V _ 
R 1000 — 


0.1A 


If the voltage is increased to 30 V, the current will be 


V 30V 
laos = 0.3 A 
R 1000 "> 


The current went from 0.1 A to 0.3 A when the voltage was tripled to 30 V. 


RELATED PROBLEM 


If the voltage in Figure 3-3 is quadrupled, will the current also quadruple? 


Let's take a constant value of resistance, for example, 10 O, and calculate the current 
for several values of voltage ranging from 10 V to 100 V in the circuit in Figure 34(a). 
The current values obtained are shown in Figure 3-4(b). The graph of the / values versus 
the V values is shown in Figure 3-4(c). Note that it is a straight line graph. This graph 
shows that a change in voltage results in a linearly proportional change in current. No mat- 
ter what value R is, assuming that R is constant, the graph of J versus V will always be a 


straight line. 
(A) 
V I 10 
10V | 1A 9 
20 V 2A 8 
30 V 3A 
40V | 4A 7 
50V | 5A 6 
60 V 6A 5 
70 V 7A 
80 V SA 4 
90 V 9A 3 
100 V | 10A ) 
1 
yV 
_ Y V(V 
O (V) 


(b) (c) 


FIGURE 3-4 Graph of current versus voltage for the circuit in part (a). 


A Graphic Aid for Ohm’s Law 


You may find the graphic aid in Figure 3—5 helpful for applying Ohm’s law. It is a way to 
remember the formulas. 


ee a a 
I =E v = R= 


y 
I 


FIGURE 3-5 A graphic aid for the Ohm’s law formulas. 
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SECTION 3-1 CHECKUP* 


1. Briefly state Ohm’s law in words. 6. There is a fixed voltage across a variable resistor, and you 
, measure a current of 10 mA. If you double the resistance, how 

2. Write the Ohm’s law formula for calculating current. . y 

much current will you measure? 
3. Write the Ohm’s law formula for calculating voltage. . l o. 

Š Š 7. What happens to the current in a linear circuit where both the 

4. Write the Ohm’s law formula for calculating resistance. voltage and the resistance are doubled? 
5. If the voltage across a resistor is tripled, does the current 


increase or decrease? By how much? 


*Answers are at the end of the chapter. 


3-2 APPLICATION OF OHM’S LAW 


This section provides examples of the application of Ohm”s law for calculating voltage, cur- 
rent, and resistance in electric circuits. You will also see how to use quantities expressed with 
metric prefixes in circuit calculations. 


After completing this section, you should be able to 


e Use Ohm’s law to determine voltage, current, or resistance 
e Use Ohm’s law to find current when you know voltage and resistance 
e Use Ohm’s law to find voltage when you know current and resistance 
e Use Ohm’s law to find resistance when you know voltage and current 
e Use quantities with metric prefixes 


Current Calculations 


In these examples you will learn to determine current values when you know the values of 
voltage and resistance. In these problems, the formula Z = V/R is used. In order to get 
current in amperes, you must express the value of V in volts and the value of R in ohms. 


EXAMPLE 3-5 


An indicator light requires a 330 Q resistor to limit current. The voltage across 
the current limiting resistor is 3 V. What is the current in the resistor? 


SOLUTION 


V 30V 
z = 9.09 mA 


R 3300 
RELATED PROBLEM 


How will the current change if a 270 Q resistor is used instead and 3.0 V still is 
across the resistor? 


In electronics, resistance values of thousands or millions of ohms are common. The 
metric prefixes kilo (k) and mega (M) are used to indicate large values. Thus, thousands of 
ohms are expressed in kilohms (kQ), and millions of ohms are expressed in megohms 
(MO). The following examples illustrate how to use kilohms and megohms when you use 
Ohm’s law to calculate current. 
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EXAMPLE 3-6 


Calculate the current in milliamperes for the circuit of Figure 3—6. 


FIGURE 3-6 
SOLUTION 
MULTISIM 
x Remember that 1.0 kQ is the same as 1.0 X 10° Q. Use the formula J = V/R 
= and substitute 50 V for V and 1.0 X 10° Q for R. 
Open Multisim file E03-06; V 50 V 50 V 
files are found at www. p= — = LOKO = 10 X 100 = 50 X 10° A = 50mA 
pearsonhighered.com/floyd. l l 
Connect the multimeter to the 
circuit and verify the value of RELATED PROBLEM 
current calculated in this 
example. If the resistance in Figure 3—6 is increased to 10 KO, what is the current? 


In Example 3—6, the current is expressed as 50 mA. Thus, when volts (V) are divided 
by kilohms (kQ), the current is in milliamperes (mA). 

When volts (V) are divided by megohms (MO), the current is in microamperes (pA), 
as Example 3-7 illustrates. 


EXAMPLE 3-7 


Determine the amount of current in microamperes for the circuit of Figure 3-7. 


FIGURE 3-7 
SOLUTION 
Recall that 4.7 MQ equals 4.7 X 10° Q. Use the formula J = V/R and substitute 
MULTISIM 25 V for V and 4.7 X 10% Q for R. 
X Vs 25 V 25 V 
= la E = = 5.32 X 10% A = 5.32 MA 
R 47MQ 47x100 ø 

Open Multisim file E03-07. 
Connect the multimeter to the 
circuit and verify the value of RELATED PROBLEM 


current calculated in this 


ple If the resistance in Figure 3—7 is decreased to 1.0 MO, what is the current? 


Small voltages, usually less than 50 V, are common in electronic circuits. Occasion- 
ally, however, large voltages are encountered. For example, the high-voltage supply in 
radio transmitters, plasma guns, ion motors, and x-ray machines are commonly well above 
1000 V. Transmission voltages generated by the power companies may be as high as 


345,000 V (345 kV). 
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EXAMPLE 3-8 


How much current in microamperes is there through a 100 MO resistor when 
50 kV are applied across 1t? 


SOLUTION 


Divide 50 kV by 100 MQ to get the current. Substitute 50 X 10° V for 50 kV and 
100 x 10° Q for 100 MQ in the formula for current. Vp is the voltage across the 
resistor. 

Ve  SOKV — 5S0X 10°V 


I= = = = 0.5 X 10° A 
R 100M9 100 x 10°Q 


= 500 x 10° = 500 pA 


RELATED PROBLEM 
How much current is there through 10 MQ, when 2 kV are applied? 


Voltage Calculations 


In these examples you will learn how to determine voltage values when you know the cur- 
rent and resistance using the formula V = JR. To obtain voltage in volts, you must express 
the value of Jin amperes and the value of R in ohms. 


EXAMPLE 3-9 


In the circuit of Figure 3-8, how much voltage is needed to produce 5 A of current? 


1000 


FIGURE 3-8 
SOLUTION 
Substitute 5 A for Z and 100 © for R into the formula V = ZR. 
Vs = IR = (5 A)(100 Q) = 500 V 
Thus, 500 V are required to produce 5 A of current through a 100 Q resistor. 
RELATED PROBLEM 


How much voltage is required to produce 8 A in the circuit of Figure 3-8? 


EXAMPLE 3-10 


How much voltage will be measured across the resistor in Figure 3-97? 


FIGURE 3-9 
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SOLUTION 


Note that 5 mA equals 5 X 10” A. Substitute the values for J and R into the formula 
V = IR. 


Ve = IR = (5 mA)(56 Q) = (5 x 10 AX(56 Q) = 280 mV 


When milliamperes are multiplied by ohms, the result is millivolts. 


RELATED PROBLEM 


Change the resistor in Figure 3-9 to 22 O and determine the voltage required to 
produce 10 mA. 


EXAMPLE 3-11 


The circuit in Figure 3-10 has a current of 10 mA. What is the source voltage? 


3.3kO 


FIGURE 3-10 


SOLUTION 


Note that 10 mA equals 10 X 107° A and that 3.3 KO equals 3.3 X 10% Q. Substi- 
tute these values into the formula V = JR. 


Vs = IR = (10mA)(3.3kQ) = (10 x 10% A)(3.3 X 10° Q) = 33 V 


When milliamperes and kilohms are multiplied, the result is volts. 


RELATED PROBLEM 


What is the voltage in Figure 3-10 if the current is 5 mA? 


EXAMPLE 3-12 


A small solar cell is connected to a 27 KO resistor. In bright sunlight, the solar 
cell looks like a current source that can supply 180 uA to the resistor, as shown in 
Figure 3-11. What is the voltage across the resistor? 


I R 
180 yA 27 KQ 
FIGURE 3-11 
SOLUTION 
MULTISIM 
xk Ve = IR = (180 uA)(27 KO) = 4.86 V 
N 

Open Multisim file E03-12. RELATED PROBLEM 
Connect a voltmeter across the How does the voltage change when in cloudy conditions the current drops to 
resistor and confirm the voltage 40 uA? 


calculated in this example. 
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Resistance Calculations 


In these examples you will learn how to determine resistance values when you know the 
voltage and current using the formula R = V/I. To find resistance in ohms, you must 
express the value of V in volts and the value of / in amperes. 


EXAMPLE 3-13 


An automotive lamp draws 2 A from the 13.2 V battery. What is the resistance of 
the bulb? 


SOLUTION 


RELATED PROBLEM 


When operated at 6.6 V, the same bulb has a current of 1.1 A. What is the resist- 
ance of the bulb in this case? 


EXAMPLE 3-14 


A cadmium sulfide cell (CdS cell) is a photo- 
sensitive resistor that changes resistance 
when light strikes it. It is used in applications 
such as turning on lights at dusk. You could 
monitor the resistance indirectly from an 
ammeter when the cell is in an active circuit 
with the setup shown in Figure 3-12. What 
resistance is implied by the readings shown? 


FIGURE 3-12 
SOLUTION 


RELATED PROBLEM 


In the dark, the current drops to 76 wA. What resistance does this imply? 


CURRENT-SENSING RESISTORS 


Current-sensing resistors are precision low-value resistors that are widely used in various 
systems, including power supplies, battery-charging circuits, motor controllers, automotive 
systems, telecommunications, and computers. As stated by Ohm’s law, there is a voltage 
drop across the resistor when current is in it. The current-sensing resistor converts this cur- 
rent into a small voltage that can be easily measured and monitored. The majority of appli- 
cations use precision surface-mount resistors such as the one shown in Figure 3-13. 

Current-sensing resistors have low-resistance values in order to minimize power loss 
and self-heating effects. Low values also ensure there is a minimum effect on the circuit 
due to insertion loss. Resistance values of 20-25 mQ, are common. 

One application for current-sensing resistors is for a battery charger, which is a type 
of power supply. Figure 3-14 shows a simplified drawing of a type of battery charger that 
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FIGURE 3-13 Surface 
mount current-sensing resistor. 


Vs 
Controller 


HA 


is designed to regulate current. The current-sensing resistor is shown in red and is the focus 
of this example. The current from the supply is converted to a small voltage that is moni- 
tored by the controller, which is a small integrated circuit. The controller can adjust the 
amount of current based on an optimum charging profile. The controller enables the 
charger to be highly efficient and reliable. 


Switching 


Ñ Current-sensing 
transistor 


resistor 


j Battery 


Miti to be 
charged 


Current sense lines — — 


Voltage sense line 


FIGURE 3-14 A power supply system for charging batteries that uses a current-sensing resistor 


to monitor the charging current. 


1. V= 10 V andR = 4.7 ©. Find Z. 


2. Ifa 4.7 MQ resistor has 20 kV across it, how much current is 
there? 


3. How much current will 10 kV across a 2 KQ resistance produce? 
4. [= l AandR = 100. Find V. 


5. What voltage do you need to produce 3 mA of current in a 
3 KO resistance? 


7. 
8. 


SECTION 3-2 CHECKUP 


6. 


A battery produces 2 A of current through a 6 Q resistive 
load. What is the battery voltage? 


V=10Vand/ = 2 A. Find R. 


In a stereo amplifier circuit there is a resistor across which 
you measure 25 V, and your ammeter indicates 50 mA of 

current through the resistor. What is the resistor’s value in 
kilohms? In ohms? 


3-3 ENERGY AND POWER 


When there is current through a resistance, electrical energy is converted to heat or other form 
of energy, such as light. A common example of this is an incandescent light bulb that becomes 
too hot to touch. The current through the filament that produces light also produces unwanted 
heat because the filament has resistance. Electrical components must be able to dissipate a 
certain amount of energy in a given period of time. 


After completing this section, you should be able to 


¢ Define energy and power 


e Express power in terms of energy and time 


e State the unit of power 


e State the common units of energy 


e Perform energy and power calculations 
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Energy is the ability to do work, and power is the rate at which energy is used. 


In other words, power, P, 1s a certain amount of energy, W, used in a certain length of time 
(t), expressed as follows: 

W 
a (3-4) 
t 

where P is power in watts (W), W is energy in joules (J), and t£ is time in seconds (s). Note 
that an italic W is used to represent energy in the form of work and a nonitalic W is used 
for watts, the unit of power. The joule is the SI unit for energy. 


Energy in joules divided by time in seconds gives power in watts. For example, 1f 50 J 
of energy are used in 2 s, the power is 50 J/2 s = 25 W. By definition, 


One watt is the amount of power when one joule of energy is used in one second. 


Thus, the number of joules used in 1 s is always equal to the number of watts. For example, 
if 75 J are used in 1 s, the power is 
P = L a = 75 W 
t ls 

Amounts of power much less than one watt are common in certain areas of electron- 
ics. As with small current and voltage values, metric prefixes are used to designate small 
amounts of power. Thus, milliwatts (mW) and microwatts (uW) are commonly found in 
some applications. 

In the electrical utilities field, kilowatts (kW) and megawatts (MW) are common 
units. Radio and television stations also use large amounts of power to transmit signals. 
Electric motors are commonly rated in horsepower (hp) where 1 hp = 746 W. 

Since power is the rate at which energy is used, power utilized over a period of time 
represents energy consumption. If you multiply power in watts and time in seconds, you 
have energy in joules, symbolized by W. 


EXAMPLE 3-15 


An amount of energy equal to 100 J is used in 5 s. What is the power in watts? 


SOLUTION 


_ energy _ W _ 100 J -WW 


time t 5s 


RELATED PROBLEM 


If 100 W of power occurs for 30 s, how much energy in joules is used? 


The Kilowatt-hour (kWh) 
Unit of Energy 


The joule has been defined as the unit of energy. However, there is another way to express 
energy. Since power is expressed in watts and time can be expressed in hours, a unit of 
energy called the kilowatt-hour (kWh) can be used. 

When you pay your electric bill, you are charged on the basis of the amount of energy 
you use. Because power companies deal in huge amounts of energy, the most practical unit 
is the kilowatt-hour. You use a kilowatt-hour of energy when you use the equivalent of 
1000 W of power for 1 h. For example, a 100 W for television that is on 10 h uses 1 kWh 
of energy. 


W = Pt = (100 W)(10 h) = 1000 Wh = 1 kWh 
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EXAMPLE 3-16 


Determine the number of kilowatt-hours (kWh) for each of the following energy 
consumptions: 


(a) 1400 W for 1 hr (b) 2500 W for 2 h (c) 100,000 W for 5 h 


SOLUTION 

(a) 1400 W = 14kW 
W = Pt = (14kW)(1h) = 1.4kWh 
2500 W = 2.5 kW 
Energy = (2.5 kW)(2 h) = 5kWh 


(c) 100,000 W = 100 kW 
Energy = (100 kW)(5 h) = 500 kWh 


RELATED PROBLEM 


How many kilowatt-hours of energy are used by a 250 W light bulb burning for 8 h? 


Table 3-1 lists the typical power rating in watts for several household appliances. 
You can determine the maximum kWh for various appliances by usina the) pewer rating in 
Table 3-1 converted to kilowatts times the number of hours it is used. 


TABLE 3-1 


APPLIANCE POWER RATING (WATTS) 


Air conditioner 860 
Blow dryer 1000 
Clock 

Clothes dryer 

Dishwasher 


Heater 


Microwave oven 


Range 


Refrigerator 


Television 


ae 
© 
© 


Washing machine 


Water heater 


EXAMPLE 3-17 


During a typical 24-hour period, you use the following appliances for the speci- 
fied lengths of time: 

air conditioner: 15 hours 

blow dryer: 10 minutes 

clock: 24 hours 
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clothes dryer: 1 hour 

dishwasher: 43 minutes 

microwave oven: 15 minutes 

refrigerator: 12 hours 

television: 2 hours 

water heater: 8 hours 

Determine the total kilowatt-hours and the electric bill for the time period. The 
rate 1s 11 cents per kilowatt-hour. 


SOLUTION 

Determine the kWh for each appliance used by converting the watts in Table 3-1 
to kilowatts and multiplying by the time in hours: 
air conditioner: 0.860 kW X 15h = 12.9 kWh 
blow dryer: 1.0kW Xx 0.167h = 0.167 kWh 
clock: 0.002 kW x 24h = 0.048 kWh 

clothes dryer: 4.0 kW X 1h = 4.0 kWh 
dishwasher: 1.2kW Xx 0.75h = 0.9 kWh 
microwave: 0.8 kW Xx 0.25h = 0.2 kWh 
refrigerator: 05 kW X 12h = 6kWh 
television: 0.25kW Xx 2h = 0.5 kWh 

water heater: 2.5 kW X 8h = 20kWh 


Now, add up all the kilowatt-hours to get the total energy for the 24-hour period. 


Total energy = (12.9 + 0.167 + 0.048 + 4.0 + 0.9 + 0.2 + 6.0 + 0.5 
+ 20) kWh = 44.7 kWh 


At 11 cents/kilowatt-hour, the cost of energy to run the appliances for the 
24-hour period 1s 


Energy cost = 44.7kWh X 0.11 $/kWh = $4.92 


RELATED PROBLEM 


In addition to the appliances, suppose you used one 200 W humidifier for 2 hours 
and one 75 W heating pad for 3 hours. Calculate your cost for the 24-hour period 
for everything. 


SECTION 3-3 CHECKUP 


. Define power. 5. If you use 100 W of power for 10 h, how much energy (in 


: E kilowatt-hours) have you used? 
. Write the formula for power in terms of energy and time. ) id 


6. Convert 2000 W to kilowatts. 
. Define watt. 


E wo N jm 


7. How much does it cost to run a heater (1322 W) for 24 hours 


. Express each of the following values of power in the most if eneroncostis 116 per Kilowatt hou? 


appropriate units: 


(a) 68,000 W (b) 0.005 W (c) 0.000025 W 
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3-4 POWER IN AN ELECTRIC CIRCUIT 


The generation of heat, which occurs when electrical energy is converted to heat energy, in an 
electric circuit is often an unwanted by-product of current through the resistance in the circuit. 
In some cases, however, the generation of heat is the primary purpose of a circuit as, for exam- 
ple, in an electric resistive heater. In any case, you must frequently deal with power in electri- 
cal and electronic circuits. 


After completing this section, you should be able to 


e Calculate power in a circuit 
e Determine power when you know / and R 
¢ Determine power when you know V and / 
e Determine power when you know V and R 


When there is current through a resistance, the collisions of the 
R ie Heat produced by electrons as they move through the resistance give off heat, resulting 


current through in a conversion of electrical energy to thermal energy as indicated in 
resistance is a result 


Figure 3-15. The amount of power dissipated in an electrical circuit is 
of energy Conversion. 


dependent on the amount of resistance and on the amount of current, 
expressed as follows: 


FIGURE 3-15 Power dissipation in an electric 


=, ye 
circuit is seen as heat given off by the resistance. P= FR (3-5) 
The power dissipation is equal to the power supplied 
by the voltage source. where P is power in watts (W), V is voltage in volts (V), and Z 1s current 


in amperes (A). You can get an equivalent expression for power in 
terms of voltage and current by substituting I X I for P and V for IR. 


P = PR = (I X DR = IIR) = (IRMI 
PENI (3-6) 


You can obtain another equivalent expression by substituting v/ R for I (Ohm’s law). 


P= W= Y 
R 


P = — (3-7) 


The three power expressions in Equations 3-5, 3—6, and 3-7 are known as Watt’s law. To cal- 
culate the power in a resistance, you can use any one of the three equivalent Watt’ s law power 
formulas, depending on what information you have. For example, assume that you know the 
values of current and voltage; in this case, calculate the power with the formula P = VI. If you 
know / and R, use the formula P = PR. If you know V and R, use the formula P = y? /R. 

An aid for using both Ohm’s law and Watt's law is found in the chapter summary, 
Figure 3-27. 


EXAMPLE 3-18 


Calculate the power in each of the three circuits of Figure 3-16. 


470 100 


FIGURE 3-16 
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SOLUTION 
In circuit (a), you know V and /. The power is determined as follows: 
P = VI = (10 V) A) = 20 W 
In circuit (b), you know / and R. Therefore, 
P = PR = (2 A} (47 0) = 188 W 
In circuit (c), you know V and R. Therefore, 


VV (Vv) 
R 109 


p= = 2.5 W 


RELATED PROBLEM 


Determine the power in each circuit of Figure 3—16 for the following changes: In 
circuit (a), Z is doubled and V remains the same; in circuit (b), R is doubled and 7 
remains the same; in circuit (c), V is halved and R remains the same. 


EXAMPLE 3-19 


A solar yard light such as the one shown 
in Figure 3-17 has a solar collector that 
can provide 1.0 W of power for charging 
the 3.0 V batteries. What is the maxi- 
mum charging current the solar collector 
could supply to fully discharged 3.0 V 
batteries? 


FIGURE 3-17 


SOLUTION 


1.0 W 
= == 0.33 A 


I= 
3.0 V 


< 


RELATED PROBLEM 


What is the power dissipated by the light at night 1f the current is 30 mA? 


SECTION 3-4 CHECKUP 


1. Assume a car window defroster is connected to 13.0 V and has 4. Assume a car seat heater has an internal resistance of 3.0 4). 
a current of 12 A. What power is dissipated in the defroster? If the battery voltage is 13.4 V, what power is dissipated by 


, | the heater when it is on? 
2. If there is a current of 5 A through a 47 Q resistor, what is the 


power dissipated? 5. How much power does a 2.2 KO resistor with 8 V across it 


| duce? 
3. Many oscilloscopes have a 50 Q input position that places a produce 


2 W, 50 Q resistor between the input and ground. What is the 6. What is the resistance of a 55 W bulb that draws 0.5 A? 
maximum voltage that could be applied to the input before 
exceeding the power rating of this resistor? 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


3-5 THE POWER RATING OF RESISTORS 


As you know, a resistor gives off heat when there is current through it. There is a limit to the 
amount of heat that a resistor can give off, which is specified by its power rating. 


After completing this section, you should be able to 


e Properly select resistors based on power consideration 
¢ Define power rating 
e Explain how physical characteristics of resistors determine their power rating 


¢ Check for resistor failure with an ohmmeter 


The power rating is the maximum amount of power that a resistor can dissipate with- 
. out being damaged by excessive heat buildup. The power rating is not related to the ohmic 
Some resistors can become f . : . . . . 
. . value (resistance) but rather is determined mainly by the physical composition, size, and 
very hot in normal operation. i j i 
To avoid a burn, do not touch a Shape of the resistor. All else being equal, the larger the surface area of a resistor, the more 
circuit component while the power it can dissipate. The surface area of a cylindrically shaped resistor is equal to the 


power is connected to the length (L) times the circumference (c), as indicated in Figure 3-18. The area of the ends is 
circuit. After power has been not included. 

turned off, allow time for the 

components to cool down. 


SAFETY NOTE 


<— Length (1) ——— 


Circumference (c) 


Surface area=/xc 


FIGURE 3-18 The power rating of a resistor is directly related to 
its surface area. 


© 


Metal-film resistors are available in standard power ratings from Ys W to 1 W, as 
shown in Figure 3-19. Available power ratings for other types of resistors vary. For exam- 
JED ple, wirewound resistors have ratings up to 225 W or greater. Figure 3—20 shows some of 
these resistors. 


— JED Braking Resistors 


Power resistors that are rated for several thousand 


FIGURE 3-19 Relative sizes watts are used as braking resistors for motors that need 
of metal-film resistors with to be stopped completely. When a motor is turning, it 
standard power ratings of has kinetic energy. For example, there is a large amount 
18 W, 14 W, Y W, and 1 W. of energy in a moving elevator that must be dissipated 


when the elevator is stopped at a floor. When the electri- 
cal input is removed from an elevator motor, it would 


try to continue spinning due to inertia. To stop the motor 
quickly and bring it to a smooth stop, a special high- 
power braking resistoris switched across the motor. The 
braking resistor dissipates the energy from the moving 
system as heat. The braking resistor is normally mounted 
to a heat sink to help remove the heat. 
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= Maker 


: ice : — a 


AN 


(a) Axial-lead wirewound (b) Adjustable wirewound (c) Radial-lead for PC board insertion (d) Thick-film power 


FIGURE 3-20 Typical resistors with high power ratings. 


When a resistor is used in a circuit, its power rating should be greater than the maxi- 
mum power that it will have to handle to create a safety margin. Generally, the next higher 
standard value is used. For example, if a metal-film resistor is to dissipate 0.75 W in a cir- 
cuit application, its rating should be the next higher standard value which is | W. 


V X AME — 


A LOAD TEST BOX TH HF 


Most manufacturers run some quality control on a sample of their products to assure each 
tested product meets specifications before shipping it to a customer. In many cases, a spe- 
cialized test fixture is designed to perform the quality test. Assume a manufacturer needs 
to test four different supplies at their maximum rated output, which are as follows: 5.0 V 
@ 1.0 A, 8.0 V at 500 mA, 10 V E 100 mA, and 15 V at 100 mA. A set of selectable resis- 
tors is needed that will allow a technician to check that the power supply can operate prop- 
erly under load. For this example, a resistor test box is designed that will meet the 
requirements, using resistors selected from stock. 

Step | of the design process is to determine the resistance values that will provide the 
required loads and the power dissipated by the resistor when the power supply is con- 
nected to it. From Ohm’s law, the required resistances for each supply are 


5.0 V supply: R= V/T=5.0 V/LOA=5.0 Q 
8.0 V supply: R = V/I = 8.0 V/0.50 A= 16 Q 
10 V supply: R = V/I = 10 V/0.10 A = 100 Q 
15 V supply: R= V/I = 15 V/0.10 A= 150 Q 
Step 2 is to determine the amount of power expected in each resistor. From Watt’s 
law, the expected power dissipation for each power supply is 
5.0 V supply: P= VI = (5.0 V)(1.0 A) = 5.0 W 
8.0 V supply: P = VI = (8.0 V)(0.50 A) =4.0 W 
10 V supply: P = VI = (10 V)(0.10 A) = 1.0 W 
15 V supply: P=VI=(15 V)(0.10 A) =1.5 W 
To be safe, specify resistors that have at least a 20% margin above their rated power 
in case a power supply has more voltage than expected. The power rating of the resistors 
depends on the type of resistor and the power tolerance required. Assume the choices for 
power ratings are 1.0 W, 2.0 W, 5.0 W, or 10 W. The selected resistors are then 
5.0 V supply: R=5.0 Q; P=5.0 W, choose Pirating) = 10 W 
8.0 V supply: R = 16 Q; P=4.0 W, choose Prating), = 5.0 W 
10 V supply: R = 100 Q; P= 1.0 W, choose Pating) = 2-0 W 
15 V supply: R = 150 Q; P= 1.5 W, choose Perating) = 2-0 W 
The final step is to specify the fuse and list the parts. The fuse needs to be large 
enough to accept a more than the maximum expected current (1A). A reasonable fuse is 


1.5 A. The final design is shown in Figure 3—21. To complete the box, a parts list is pre- 
pared including the pc board, components, and hardware items (box, screws, knob, etc.). 
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@ Load resistor © 
substitution box 


150 Q 
(15 V supply) 


100 Q 
(10 V supply) 
16 Q 
(8 V supply) 


50Q 
(5 V supply) 


FIGURE 3-21 A load test box showing top view and the pc board. 


When the power dissipated in a resistor is greater than its rating, the resistor will 
become excessively hot. As a result, the resistor may burn open or its resistance value may 
be greatly altered. 

A resistor that has been damaged because of overheating can often be detected by the 
charred or altered appearance of its surface. If there is no visual evidence, a resistor that 
is suspected of being damaged can be checked with an ohmmeter for an open or increased 
resistance value. Recall that a resistor should be disconnected from the circuit to meas- 
ure resistance. Sometimes an overheated resistor is due to another failure in the circuit. 
After replacing an overheated resistor, the underlying cause should be investigated 
before restoring power to the circuit. 


EXAMPLE 3-20 


Determine whether the resistor in each circuit of Figure 3—22 has possibly been 
damaged by overheating. 


Y, W 


6238262 2043/42/10 12|27.66.5 


Ya W 


+ + + 
T o T o T 


(a) (b) (c) 


100 


FIGURE 3-22 
SOLUTION 
For the circuit in Figure 3-22(a), 
vV? (9vy 
P= = 0.81 W 
R 100 Q i 


The rating of the resistor is 44 W (0.25 W), which is insufficient to handle the power. 
The resistor has been overheated and may be burned out, making it an open. 

For the circuit in Figure 3—22(b), 
y? (24V? 
R 1.5kO 


P= = 0.384 W 
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The rating of the resistor is Y W (0.5 W), which is sufficient to handle the power. 
For the circuit in Figure 3-22(c), 
vV? (Vv) 


p=—= = 2.5 W 
Rin > 


The rating of the resistor is 1 W, which is insufficient to handle the power. The 
resistor has been overheated and may be burned out, making it an open. 


RELATED PROBLEM 


A Y W, 1.0 KO resistor is connected across a 12 V battery. Will it overheat? 


SECTION 3-5 CHECKUP 


1. Name two important parameters associated with a resistor. 4. A resistor must handle 0.3 W. What standard size metal-film 


. l . i resistor should be used to dissipate the energy properly? 
2. How does the physical size of a resistor determine the amount P E 


of power that it can handle? 5. What is the maximum voltage that can be applied to a l4 W, 


. . l 100 O resistor if the power rating is not to be exceeded? 
3. List the standard power ratings of metal-film resistors. P 8 


3-6 ENERGY CONVERSION AND VOLTAGE 
DROP IN A RESISTANCE 


As you have learned, when there is current through a resistance, electrical energy is converted 
to heat energy. This heat is caused by collisions of the free electrons within the atomic structure 
of the resistive material. When a collision occurs, heat is given off; and the electron gives up 
some of its acquired energy as it moves through the material. 


After completing this section, you should be able to 


e Explain energy conversion and voltage drop 
e Discuss the cause of energy conversion in a circuit 
¢ Define voltage drop 
e Explain the relationship between energy conversion and voltage drop 


Figure 3—23 illustrates charge in the form of electrons flowing from the negative ter- 
minal of a battery, through a circuit, and back to the positive terminal. As they emerge 
from the negative terminal, the electrons are at their highest energy level. The electrons 
flow through each of the resistors that are connected together to form a current path (this 
type of connection is called series, as you will learn in Chapter 4). As the electrons flow 
through each resistor, some of their energy is given up in the form of heat. Therefore, the 
electrons have more energy when they enter a resistor than when they exit the resistor, as 
illustrated in the figure by the decrease in the intensity of the red color. When they have 
traveled through the circuit back to the positive terminal of the battery, the electrons are at 
their lowest energy level. 

Recall that voltage equals energy per charge (V = W/O) and that charge is a prop- 
erty of electrons. Based on the voltage of the battery, a certain amount of energy is imparted 
to all of the electrons that flow out of the negative terminal. The same number of electrons 
flow at each point throughout the circuit, but their energy decreases as they move through 
the resistance of the circuit. 
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Heat 


Je 


20909099 


@ Most energy 
© Less energy 
= Least energy 


FIGURE 3-23 A loss of energy by electrons (charge) as they flow through a 
resistance creates a voltage drop because voltage equals energy divided by charge. 


In Figure 3-23, the voltage at the left end of R4 is equal to Wenter/Q, and the voltage 
at the right end of R4 is equal to W,,;,/Q. The same number of electrons that enter R4 also 
exit R¡, so Q is constant. However, the energy W,, i 15 less than Wanter, so the voltage at the 
right end of Rj is less than the voltage at the left end. This decrease in voltage across the 
resistor due to a loss of energy is called a voltage drop. The voltage at the right end of R;¡ 
is less negative (or more positive) than the voltage at the left end. The voltage drop is indi- 
cated by — and + signs (the + implies a more positive voltage). 

The electrons have lost some energy in R, and now they enter R, with a reduced 
energy level. As they flow through R,, they lose more energy, resulting in another voltage 
drop across R». 


Integrated Circuit Thermal Sensors 


Heat is the bane of many electronic systems. Noncontact inte- 
grated circuit (IC) temperature sensors that measure infrared 
energy are available for applications where heat can be a prob- 
lem and space is limited. Temperature sensors are available 
that include the sensor, signal conditioning, analog-to-digital 
converter (ADC) and a reference all in a single IC package. 


This simplifies data collection and recording of temperature 
data over a continuous time period. 


Photo/image provided courtesy 
of Fluke Corporation. 


SECTION 3-6 CHECKUP 


1. What is the basic reason for energy conversion in a resistor? 3. What is the polarity of a voltage drop in relation to current 


direction? 
2. What is a voltage drop? 
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3-7 POWER SUPPLIES AND BATTERIES 


Recall that power supplies and batteries were briefly introduced as types of voltage sources in 


Section 2-3. A power supply is generally defined as a device that converts ac (alternating cur- 
rent) from the utility lines to a de (direct current) voltage that virtually all electronic circuits 
and some transducers require. Batteries are also capable of supplying de; in fact, many sys- 
tems, such as laptop computers, can run from a power supply or internal battery. In this sec- 
tion, both types of voltage sources are described. 


After completing this section, you should be able to 


e Discuss characteristics of power supplies and batteries 
¢ Describe controls on typical laboratory power supplies 
e Determine the efficiency of a power supply given the input and output power 


¢ Define ampere-hour rating of batteries 


Utilities universally have adopted ac for transmitting electricity from the generating 
station to the user because it can be readily transformed to high voltages for transmission 
and low voltages for the end user. High voltages are much more efficient and cost-effective 
to transmit over long distances. In the United States, the standard voltage supplied to out- 
lets is approximately 120 V or 240 V at 60 Hz, but in Europe and other countries, the outlet 
voltage is 240 V at 50 Hz. 

Virtually all electronic systems require stable de for the integrated circuits and other a 
devices to work properly. Power supplies fulfill this function by converting ac to stable de 
and are usually built into the product. Many electronic systems have a recessed and pro- R NDS ON TIP 
tected switch that allows the internal power supply to be set for either the 120 Mostandard,,,, 4 power supply provides both 
or for the 240 V standard. That switch must be set correctly, or serious damage can occur ee eee sen 
(cadena should make sure the voltage 


o range 1s sufficient for your 
In the laboratory, circuits are developed and tested. The purpose of a laboratory 


applications. Also, you must 
power supply is to provide the required stable de to the circuit under test. The test circuit 
can be anything from a simple resistive network to a complex amplifier or logic circuit. 
To meet the requirement for a constant voltage, with almost no noise or ripple, laboratory 


have sufficient current capacity 
to assure proper circuit 
operation. The current capacity 


is the maximum current that a 
power supply can provide to a 
load at a given voltage. 


power supplies are regulated power supplies, meaning the output is constantly sensed 
and automatically adjusted 1f 1t tries to change because of a change in the line voltage or 
the load. 

Many circuits require multiple voltages, as well as the ability to set the voltage to a 
precise value or change it a small amount for testing. For this reason, laboratory power 
supplies usually have two or three outputs that are independent of each other and can be 
controlled separately. Output metering is normally part of a good laboratory power supply, 
in order to set and monitor the output voltage or current. 
Control may include fine and coarse controls or digital 
inputs to set precise voltages. 

Figure 3-24 shows a triple output bench supply such 
as the type used in many electronic laboratories. The model 
shown has two 0-30 V independent supplies and a4 V-6.5 V 
high current supply (commonly referred to a logic supply). 
Voltages can be precisely set using coarse and fine controls. 
The 0-30 V supplies have floating outputs, meaning they 
are not referenced to ground. This allows the user to set 
them up as a positive or negative supply or even connect 
them to another external supply. Another feature of this sup- 
ply is that it can be set up as a current source, with a maxi- 
mum voltage set for constant-current applications. 

As in many power supplies, there are three output 
banana jacks for each of the 0-30 V supplies. The output is 
taken between the red (more positive) and black terminals. The green jack is referenced to 
the chassis, which is earth ground. Ground can be connected to either the red or black 


ma pes wa 
a ee RT ae: 
lg? ff wat y E > 
A A j ne- / E ' 
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ahah A 


an A 


FIGURE 3-24 A triple out- 
put power supply. 
tesy of B&K Precision Corp.) 


(Photo cour- 
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jacks, which are normally “floating” (not referenced to ground). In addition, current and 
voltage can be monitored using the built-in digital meters. 

The power delivered by a power supply is the product of the absolute voltage and 
current. For example, if a power supply is providing —15.0 V at 3.0 A, the supplied power 
is 45 W. For a triple output supply, the total power supplied by all three supplies is the sum 
of the power from each one individually. 


EXAMPLE 3-21 


What is the total power delivered by a triple output power supply if the output 
voltage and current are as follows? 

Source 1: 18 V at 2.0 A 

Source 2: —18 V at 1.5 A 

Source 3: 5.0 V at 1.0 A 


SOLUTION 

Power delivered from each supply is the product of voltage and current (ignoring 
the sign). 

Source 1: P1 = Vi = (18 V)(2.0 A) = 36 W 


Source 2: Pa = Vh = (18 V)(1.5 A) = 27 W 
Source 3: Pz = V3 = (5.0 V)(1.0 A) = 5.0 W 


The total power is 


Pr =P, + Po + P3 = 36W +27W + 50W = 68 W 


RELATED PROBLEM 


How will the total power delivered change 1f the current from Source 1 increases 
to 2.5 A? 


Power Supply Efficiency 


An important characteristic of power supplies is efficiency. Efficiency is the ratio of the 
output power, Pour, to the input power, Pin. 


Pout 
IN 


Efficiency = (3-8) 


Efficiency is often expressed as a percentage. For example, if the input power is 100 W 
and the output power is 50 W, the efficiency is (50 W/100 W) x 100% = 50%. 

All electronic power supplies are energy converters and require that power be put 
into them in order to get power out. For example, an electronic dc power supply might 
use the ac power from a wall outlet as its input. Its output is usually regulated de volt- 
age. The output power is always less than the input power because some of the total 
power is used internally to operate the power supply circuitry. This internal power dis- 
sipation is normally called the power loss. The output power is the input power minus 
the power loss. 


Pout = Pin — Pross (3-9) 


High efficiency means that very little power is dissipated in the power supply and 
there is a higher proportion of output power for a given input power. 
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EXAMPLE 3-22 


A certain electronic power supply requires 25 W of input power. It can produce 
an output power of 20 W. What is its efficiency, and what is the power loss? 


SOLUTION 


P 20 W 
Efficiency = _ = (2¥) = 0.8 
IN 


Expressed as a percentage, 


20 W 
Efficiency = 25 W = 80% 


Pross = Pin — Pour = 25 W -— 20W = 5W 


RELATED PROBLEM 
A power supply has an efficiency of 92%. If Pin is 50 W, what is Pour? 


Ampere-Hour Ratings of Batteries 


Batteries convert stored chemical energy to electrical energy. They are widely used to 
power small systems, such as laptop computers and cell phones, to supply the stable dc 
required. The batteries used in these small systems are normally rechargeable, meaning 
that the chemical reaction can be reversed from an external source. The capacity for any 
battery is measured in ampere-hours (Ah). For a rechargeable battery, the Ah rating is the 
capacity before it needs to be recharged. The Ah rating determines the length of time a 
battery can deliver a certain amount of current at the rated voltage. 

A rating of one ampere-hour means that a battery can deliver an average of one 
ampere of current to a load for one hour at the rated voltage output. This same battery can 
deliver an average of two amperes for one-half hour. The more current the battery is 
required to deliver, the shorter the life of the battery. In practice, a battery usually is rated 
for a specified current level and output voltage. For example, a 12 V automobile battery 
may be rated for 70 Ah at 3.5 A. This means that it can supply an average of 3.5 A for 20 h 
at the rated voltage. 


EXAMPLE 3-23 


For how many hours can a battery deliver 2 A if itis rated at 70 Ah? 


SOLUTION 


The ampere-hour rating is the current times the number of hours, x. 
70 Ah x (2 A)(xh) 


Solving for the number of hours, x, yields 


_ 70 Ah 
2A 


= 35h 


Xx 


RELATED PROBLEM 


A certain battery delivers 10 A for 6 h. What is its minimum Ah rating? 
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SECTION 3-7 CHECKUP 


1. When a loading device draws an increased amount of current 4. If the battery in Question 3 is a 12 V device, what is its power 
from a power supply, does this change represent a greater or a output for the specified value of current? 


smaller load on the $ ly? 
orate: AA OT ee Pp 5. A power supply used in the lab operates with an input power 


2. A power supply produces an output voltage of 10 V. If the of 1 W. It can provide an output power of 750 mW. What is 
supply provides 0.5 A to a load, what is the power output? its efficiency? 


3. Ifa battery has an ampere-hour rating of 100 Ah, how long 
can it provide 5 A to a load? 


3-8 INTRODUCTION TO TROUBLESHOOTING 


Technicians must be able to diagnose and repair malfunctioning circuits and systems. In this 
section, you learn a general approach to troubleshooting using a simple example. Trouble- 
shooting coverage is an important part of this textbook, so you wilh find actreubleshsofimg sec- 
tion in many of the chapters as well as troubleshooting problems for skill building. 


After completing this section, you should be able to 


¢ Describe a basic approach to troubleshooting 
e List three steps in troubleshooting 
e Explain what is meant by half-splitting 
e Discuss and compare the three basic measurements of voltage, current, and resistance 


Troubleshooting is the application of logical thinking combined with a thorough 
knowledge of circuit or system operation to correct a malfunction. The basic approach to 
troubleshooting consists of three steps: analysis, planning, and measuring. We will refer to 
this 3-step approach as APM. 


$ Analysis 


HANDS ON TIP The first step in troubleshooting a circuit is to analyze clues or symptoms of the failure. 


When you troubleshoot a The analysis can begin by determining the answer to certain questions: 
newly manufactured circuit on o 
a pc board, certain failures are 1. Has the circuit ever worked? 


possible that are not likely on a . If the circuit once worked, under what conditions did it fail? 
circuit that has been working. 
For example, a wrong part may 
have accidentally been used in 
the new circuit or a pin may 
have been bent when it was 
installed. Cases occur where a 


series of newly manufactured 


2 
3. What are the symptoms of the failure? 
4 


. What are the possible causes of failure? 


Planning 


The second step in the troubleshooting process, after analyzing the clues, is formulating a 
logical plan of attack. Much time can be saved by proper planning. A working knowledge 
of the circuit is a prerequisite to a plan for troubleshooting. If you are not certain how the 
circuit is supposed to operate, take time to review circuit diagrams (schematics), operating 
instructions, and other pertinent information. A schematic with proper voltages marked at 
various test points is particularly useful. Although logical thinking is perhaps the most 
important tool in troubleshooting, it rarely can solve the problem by itself. 


boards have identical faults 
because of a wrong part. 
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Measuring 


The third step is to narrow the possible failures by making carefully thought out measure- 
ments. These measurements usually confirm the direction you are taking in solving the 
problem, or they may point to a new direction that you should take. Occasionally, you may 
find a totally unexpected result. 


An APM Example 


The thought process that is part of the APM approach can 
be illustrated with a simple example. Suppose you have a 
string of eight decorative 15 V bulbs connected in series to 
a 120 V source Vs, as shown in Figure 3-25. Assume that 
this circuit worked properly at one time but stopped work- 
ing after 1t was moved to a new location. When plugged in 
at the new location, the bulbs fail to turn on. How do you 
go about finding the trouble? 


FIGURE 3-25 A string of 
THE ANALYSIS THOUGHT PROCESS You may think like this as you proceed bulbs connected to a voltage 


to analyze the situation: source. 


e Since the circuit worked before it was moved, the problem could be that there is no 
voltage at the new location. 


e Perhaps the wiring was loose and pulled apart when moved. 


e It is possible that a bulb is burned out or loose in its socket. 


With this reasoning, you have considered possible causes and failures that may have 
occurred. The thought process continues: 


e The fact that the circuit once worked eliminates the possibility that the original cir- 
cuit was improperly wired. 


e If the fault is due to an open path, it is unlikely that there is more than one break 
which could be either a bad connection or a burned out bulb. 


You have now analyzed the problem and are ready to plan the process of finding the fault 
in the circuit. 


THE PLANNING THOUGHT PROCESS The first part of your plan is to meas- 
ure for voltage at the new location. If the voltage is present, then the problem is in the 
string of lights. If voltage is not present, check the circuit breaker at the distribution box in 
the house. Before resetting breakers, you should think about why a breaker may be tripped. 
Let’s assume that you find the voltage is present. This means that the problem is in the 
string of lights. 

The second part of your plan is to measure either the resistance in the string of lights 
or to measure voltages across the bulbs. The decision whether to measure resistance or 
voltage is a toss-up and can be made based on the ease of making the test. Seldom is a 
troubleshooting plan developed so completely that all possible contingencies are included. 
You will frequently need to modify the plan as you go along. 


THE MEASUREMENT PROCESS You proceed with the first part of your plan 
by using a multimeter to check the voltage at the new location. Assume the measurement 
shows a voltage of 120 V. Now you have eliminated the possibility of no voltage. You 
know that, since you have voltage across the string and there is no current because no bulb 
is on, there must be an open in the current path. Either a bulb is burned out, a connection at 
the lamp socket is broken, or the wire is broken. 

Next, you decide to locate the break by measuring resistance with your multimeter. 
Applying logical thinking, you decide to measure the resistance of each half of the string 
instead of measuring the resistance of each bulb. By measuring the resistance of half the 
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bulbs at once, you can usually reduce the effort required to find the open. This technique is 
a type of troubleshooting procedure called half-splitting. 

Once you have identified the half in which the open occurs, as indicated by an infinite 
resistance, you use half-splitting again on the faulty half and continue until you narrow the 
fault down to a faulty bulb or connection. This process is shown in Figure 3-26, assuming 
for purposes of illustration that the seventh bulb is burned out. 


A good resistance reading indicates An infinite resistance reading indicates 
this part of the circuit is OK. Step 1 Step 2 this part of the circuit is open. 


Step 5 

One additional measurement 
will find which of these two 
bulbs is open. 


The voltage is A good resistance 

disconnected. reading indicates this An infinite resistance reading 
part of the circuit is OK. indicates this part of the circuit 

is open. 


FIGURE 3-26 Illustration of the half-splitting method of troubleshooting. The numbered steps 
indicate the sequence in which the multimeter is moved from one position to another. 


As you can see in the figure, the half-splitting approach in this particular case takes a 
maximum of five measurements to identify the open bulb. If you had decided to measure 
each bulb individually and had started at the left, you would have needed seven measure- 
ments. So, sometimes half-splitting saves steps; sometimes it doesn’t. The number of steps 
required depends on where you make your measurements and in what sequence. 

Unfortunately, most troubleshooting is more difficult than this example. However, 
analysis and planning are essential for effective troubleshooting in any situation. As meas- 
urements are made, the plan is often modified; the experienced troubleshooter narrows the 
search by fitting the symptoms and measurements into a probable cause. In some cases, 
low-cost equipment is simply discarded or recycled when troubleshooting and repair costs 
are comparable to replacement costs. 


Comparison of V, R, and J Measurements 


As you know from Section 2—7, you can measure voltage, current, or resistance in a cir- 
cuit. To measure voltage, place the voltmeter in parallel across the component; that is, 
place one lead on each side of the component. This makes voltage measurements the easi- 
est of the three types of measurements. 

To measure resistance, connect the ohmmeter across a component; however, the 
voltage must be first disconnected, and sometimes the component itself must be removed 
from the circuit. Therefore, resistance measurements are generally more difficult than volt- 
age Measurements. 

To measure current, place the ammeter in series with the component; that is, the 
ammeter must be in line with the current path. To do this you must disconnect a compo- 
nent lead or a wire before you connect the ammeter. This usually makes a current measure- 
ment the most difficult to perform. 


SECTION 3-8 CHECKUP 


1. Name the three steps in the APM approach to troubleshooting. 3. Why are voltages easier to measure than currents in a circuit? 


2. Explain the basic idea of the half-splitting technique. 
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SUMMARY 


e Voltage and current are linearly proportional. 

e Ohm’s law gives the relationship of voltage, current, and resistance. 
e Current is inversely proportional to resistance. 

e Akilohm (kQ) is one thousand ohms. 

+ A megohm (MO) is one million ohms. 

e A microampere (mA) is one-millionth of an ampere. 

e A milliampere (mA) is one-thousandth of an ampere. 

e Use l = V/R to calculate current. 

e Use V = IR to calculate voltage. 

e Use R = V/I to calculate resistance. 

e One watt equals one joule per second. 

e Watt is the unit of power, and joule is the unit of energy. 

e The power rating of a resistor determines the maximum power that it can handle safely. 


e Resistors with a larger physical size can dissipate more power in the form of heat than smaller 
ones. 


e A resistor should have a power rating as high or higher than the maximum power that it is 
expected to handle in the circuit. 


e Power rating is not related to resistance value. 

e A resistor usually opens when it overheats and fails. 

e Energy is equal to power multiplied by time. 

e The kilowatt-hour is a unit of energy. 

e An example of one kilowatt-hour is one thousand watts used for one hour. 

e A power supply is an energy source used to operate electrical and electronic devices. 

e A battery is one type of power supply that converts chemical energy into electrical energy. 


e A power supply converts commercial energy (ac from the power company) to regulated dc at 
various voltage levels. 


e The output power of a power supply is the output voltage times the 
load current. 


e A load is a device that draws current from the power supply. 
e The capacity of a battery is measured in ampere-hours (Ah). 


e One ampere-hour equals one ampere used for one hour, or any 
other combination of amperes and hours that has a product of 
one. 


e A power supply with a high efficiency has a smaller percentage 
power loss than one with a lower efficiency. 


e The formula wheel in Figure 3-27 gives the Ohm’s law and Watt’s 
law relationships. 


e APM (analysis, planning, and measurement) provides a logical 


approach to troubleshooting. I Ohm’s law [E Watt’s law 


e The half-splitting method of troubleshooting generally results in 
fewer measurements. FIGURE 3-27 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 


Ah rating A capacity rating for batteries determined by multiplying the current (A) times the 
length of time (h) a battery can deliver that current to a load. 


Efficiency The ratio of the output power to the input power of a circuit, usually expressed as a 
percent. 


Energy The ability to do work. The unit is the joule (J). 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


110 CHAPTER 3 + OHM’S LAW, ENERGY, AND POWER 


Half-splitting A troubleshooting procedure where one starts in the middle of a circuit or system 
and, depending on the first measurement, works toward the output or toward the input to find the 
fault. 


Joule (J) The SI unit of energy. 
Kilowatt-hour (kWh) A large unit of energy used mainly by utility companies. 
Linear Characterized by a straight-line relationship. 


Ohm/’slaw A law stating that current is directly proportional to voltage and inversely proportional 
to resistance. 


Power The rate of energy usage. The unit is the watt (W). 


Power rating The maximum amount of power that a resistor can dissipate without being damaged 
by excessive heat buildup. 


Power supply A device that converts ac from the utility lines to a de voltage. 


Troubleshooting A systematic process of isolating, identifying, and correcting a fault in a circuit 
or system. 


Voltage drop The decrease in voltage across a resistor due to a loss of energy. 
Watt (W) The unit of power. One watt is the power when 1 J of energy is used in 1 s. 


Watt’slaw A law that states the relationships of power to current, voltage, and resistance. 


KEY FORMULAS 


V 
(3-1) I = R Form of Ohm’s law for calculating current 
(3-2) V = IR Form of Ohm’s law for calculating voltage 
V . l 
(3-3) R = T Form of Ohm’s law for calculating resistance 
W o. l 
(3-4) P= F3 Power equals energy divided by time. 
(3-5) P = PR Power equals current squared times resistance. 
(3-6) P = VI Power equals voltage times current. 
y2 
(3-7) P = R Power equals voltage squared divided by resistance. 
a Pour 
(3-8) Efficiency = Pp Power supply efficiency 
IN 
(3-9) Pour = Pin BE PLoss Output power 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. Ifthe total resistance of a circuit increases, current decreases. 
. Ohm’s law for finding resistance is R=1/V. 
. When milliamps and kilohms are multiplied together, the result is volts. 


2 
3 
4. Ifa 10 kQ resistor is connected to a 10 V source, the current in the resistor will be | A. 
5. The kilowatt-hour is a unit of power. 

6 


. One watt is equal to one joule per second. 
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7. The power rating of a resistor should always be less than the required power dissipation in the 
circuit. 


8. Within limits, a regulated power supply can automatically keep the output voltage constant 
even if the load changes. 


9. A power supply that has a negative output voltage absorbs power from the load. 


10. When analyzing a circuit problem, you should consider the conditions under which it failed. 


SELF-TEST 


Answers are at the end of the chapter. 


1. Ohm’s law states that 


(a) current equals voltage times resistance 

(b) voltage equals current times resistance 

(e) resistance equals current divided by voltage 
(d) voltage equals current squared times resistance 


2. When the voltage across a resistor is doubled, the current will 
(a) triple (b) halve (c) double (d) not change 


3. When 10 V are applied across a 20 Q resistor, the current is 
(a) 10A (b) OSA (c) 200A (d) 2A 


4. When there are 10 mA of current through a 1.0 kQ resistor, the voltage across the resistor is 
(a) 100 V (b) 0.1V (c) 10kV (d) 10V 


5. If 20 V are applied across a resistor and there are 6.06 mA of current, the resistance is 
(a) 33k0 (b) 33k0 (e) 3300 (d) 3.03k0Q 


6. A current of 250 yA through a 4.7 KQ resistor produces a voltage drop of 
(a) 53.2 V (b) 1.175 mV (c) 18.8 V (d) 1.175 V 


7. A resistance of 2.2 MQ is connected across a 1 kV source. The resulting current is approximately 
(a) 2.2 mA (b) 455 nA (e) 45.5 uA (d) O455A 


8. Power can be defined as 
(a) energy (b) heat 
(c) the rate at which energy is used (d) the time required to use energy 
9. For 10 V and 50 mA, the power is 
(a) 500 mW (b) 0.5 W 
(e) 500,000 uW (d) answers (a), (b), and (c) 
10. When the current through a 10 kQ resistor is 10 mA, the power is 
(a) 1 W (b) 10W (e) 100 mW (d) 1 mW 
11. A 2.2 KQ resistor dissipates 0.5 W. The current is 
(a) 15.1 mA (b) 227 UA (e) 1.1mA (d) 44mA 
12. A 330 Q resistor dissipates 2 W. The voltage is 
(a) 2.57 V (b) 660 V (c) 66V (d) 25.7 V 
13. The power rating of a resistor that is to handle up to 1.1 W should be 
(a) 0.25 W (b) 1W (c) 2W (dd SW 


14. A 22 O half-watt resistor and a 220 Q half-watt resistor are connected across a 10 V source. 
Which one(s) will overheat? 


(a) 220, (b) 2200 (c) both (d) neither 


15. When the needle of an analog ohmmeter indicates infinity, the resistor being measured is 
(a) overheated (b) shorted (c) open (d) reversed 
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TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


Determine the cause for each set of symptoms. Refer to Figure 3-28. 


FIGURE 3-28 The meters 
indicate the correct readings 
for this circuit. 


1. Symptom: The ammeter reading is zero, and the voltmeter reading is 10 V. 


Cause: 
(a) R is shorted. 
(b) R is open. 
(c) The voltage source is faulty. 
2. Symptom: The ammeter reading is zero, and the voltmeter reading is O V. 
Cause: 
(a) R is open. 
(b) R is shorted. 
(c) The voltage source is turned off or faulty. 
3. Symptom: The ammeter reading is 10 mA, and the voltmeter reading is 0 V. 
Cause: 
(a) The voltmeter is defective. 
(b) The ammeter is faulty. 
(c) The voltage source is turned off or faulty. 
4. Symptom: The ammeter reading is 1 mA, and the voltmeter reading is 10 V. 
Cause: 
(a) The voltmeter is defective. 
(b) The resistor value is higher than it should be. 
(c) The resistor value is lower than it should be. 
5. Symptom: The ammeter reading is 100 mA, and the voltmeter reading is 10 V. 
Cause: 


(a) The voltmeter is defective. 
(b) The resistor value is higher than it should be. 
(c) The resistor value is lower than it should be. 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 3-1 Ohm’s Law 


1. The current in a circuit is 1 A. Determine what the current will be when 
(a) the voltage is tripled 
(b) the voltage is reduced by 80% 
(c) the voltage is increased by 50% 
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2. The current in a circuit is 100 mA. Determine what the current will be when 
(a) the resistance is increased by 100% 
(b) the resistance is reduced by 30% 
(c) the resistance is quadrupled 


3. The current in a circuit is 10 mA. What will the current be if the voltage is tripled and the resist- 
ance is doubled? 


SECTION 3-2 Application of Ohm’s Law 


4. Determine the current in each case. 
(a) V=5V,R=100 (bì) V= 15V,R = 100 
(e) V = 50V,R = 1000 (d) V = 30V,R = 15k0 
(e) V = 250 V,R = 47M0 

5. Determine the current in each case. 
(a) V=9V,R = 2.7kO, (b) V = 5.5 V,R = 10k0 
(e) V = 40 V, R = 68k0 (dd) V= 1kV,R = 2k0 
(e) V = 66kV,R = 1OMO 


6. A 10 Q resistor is connected across a 12 V battery. How much current is there through the resistor? 


7. A resistor is connected across the terminals of a de voltage source in each part of Figure 3-29. 
Determine the current in each resistor. 


e 
PRESS 

RANGE Gp 
AUTORANGE 
TOUCH/HOLD 


PRESS PRESS 

~ RANGE Gp RANGE Gp 
AUTORANGE GED AUTORANGE 
TOUCH/HOLD GED TOUCH/HOLD 


vo vo 


A 1000 V 
750 V ~ 


O 
A 1000 VW] A100V == AA | 


o e) 


40 mA 


FUSED ( A FUSED | 2 o FUSED 


DC voltage source DC voltage source DC voltage source 
(a) (b) (c) 


FIGURE 3-29 


8. A 5-band resistor is connected across a 12 V source. Determine the current if the resistor color 
code is orange, violet, yellow, gold, brown. 


9. Ifthe voltage in Problem 8 is doubled, will a 0.5 A fuse blow? Explain your answer. 
10. Calculate the voltage for each value of J and R. 

(a) J=2A,R = 180 (b) 7=SA,R = 470, 

(e) J=2.5A,R = 6200 (d) Z= 0.6 A,R = 470 

(e) Z= 0.1 A,R = 4700 
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11. Calculate the voltage for each value of J and R. 


(a) I=1mA,R= 100 (b) J = 50 mA, R = 330 
(ec) = 3A,R = 4.7k0 (d) J = 1.6mA,R = 22k0 
(e) J = 250 uA, R = 1.0k0, (f) 7 = 500mA,R = 15M0O 
(g) J = 850 uA, R = 10MQ (h) J = 75 pA, R = 470, 


12. A 20 mQ current-sensing resistor has 3 A. What is the voltage across the current-sensing resistor? 


13. Assign a voltage value to each source in the circuits of Figure 3-30 to obtain the indicated 
amounts of current. 


27 KQ 100 MQ 47 0 


(b) 


FIGURE 3-30 


14. Calculate the resistance for each value of V and J. 
(a) V= 10V,/=2A (b) V = 90 V,I = 45A 
(ce) V= 50V, = 5A (d V= 55V, = 10A 
(e) V = 150V, = 05A 
15. Calculate R for each set of V and Z values. 
(a) V= 10kV,J=5A (b) V=7V,I=2mA 
(e) V = 500 V,I = 250 mA (d) V = 50 V, Z = 500 uA 
(e) V=1kV,/] = I mA 
16. Six volts are applied across a resistor. A current of 2 mA is measured. What is the value of the 
resistor? 


17. Choose the correct value of resistance to get the current values indicated in each circuit of 
Figure 3-31. 


(a) (b) 


FIGURE 3-31 


18. A flashlight is operated from 3.2 V and has a resistance of 3.9 Q when the filament is hot. What 
current is supplied by the batteries? 


SECTION 3-3 Energy and Power 

19. The flashlight in Problem 18 uses 26 J in 10 s. What is the power in watts? 
20. What is the power when energy is used at the rate of 350 J/s? 

21. What is the power in watts when 7500 J of energy are used in 5 h? 


22. Convert the following to kilowatts: 
(a) 1000 W (b) 3750 W (e) 160 W (d) 50,000 W 


23. Convert the following to megawatts: 
(a) 1,000,000 W (b) 3 X 100 W (e) 15 X 107 W (d) 8700 kW 
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24. Convert the following to milliwatts: 


(a) 1 W (b) 0.4 W 

(e) 0.002 W (d) 0.0125 W 
25. Convert the following to microwatts: 

(a) 2W (b) 0.0005 W 

(c) 0.25 mW (d) 0.00667 mW 
26. Convert the following to watts: 

(a) 15kW (b) 05 MW 

(e) 350 mW (d) 9000 uW 


27. Prove that the unit for power (the watt) is equivalent to 1 V X 1A. 
28. Show that there are 3.6 X 10° joules in a kilowatt-hour. 


SECTION 3-4 Power in an Electric Circuit 
29. Ifa resistor has 5.5 V across it and 3 mA through it, what is the power dissipation? 


30. An electric heater works on 115 V and draws 3 A of current. How much power does it use? 
31. What is the power when there are 500 mA of current through a 4.7 KQ resistor? 

32. A 25 mQ current-sensing resistor has 5 A of current. What power is dissipated? 

33. If there are 60 V across a 620 Q resistor, what is the power dissipation? 


34. A 56 Q resistor is connected across the terminals of a 1.5 V battery. What is the power dissipa- 
tion in the resistor? 


35. If a resistor is to carry 2 A of current and handle 100 W of power, how many ohms must it be? 
Assume that the voltage can be adjusted to any required value. 


36. Convert 5 X 10% watts used for 1 minute to kWh. 
37. Convert 6700 watts used for 1 second to kWh. 
38. How many kilowatt-hours do 50 W used for 12 h equal? 


39. Assume that an alkaline D-cell battery can maintain an average voltage of 1.25 V for 90 h in a 
10 Q load before becoming unusable. What average power is delivered to the load during the 
life of the battery? 


40. What is the total energy in joules that is delivered during the 90 hours for the battery in 
Problem 39? 


SECTION 3-5 The Power Rating of Resistors 


41. A 6.8 KQ resistor has burned out in a circuit. You must replace it with another resistor with the 
same resistance value. If the resistor carries 10 mA, what should its power rating be? Assume 
that you have available resistors in all the standard power ratings. 


42. A certain type of power resistor comes in the following ratings: 3 W, 5 W, 8 W, 12 W, 20 W. 
Your particular application requires a resistor that can handle approximately 8 W. Which rating 
would you use for a minimum safety margin of 20% above the rated value? Why? 


SECTION 3-6 Energy Conversion and Voltage Drop in a Resistance 


43. For each circuit in Figure 3—32, assign the proper polarity for the voltage across the resistor. 


(a) 


FIGURE 3-32 
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SECTION 3-7 Power Supplies and Batteries 

44. A 50 Q load dissipates 1 W of power. What is the output voltage of the power supply? 

45. A battery can provide an average of 1.5 A of current for 24 h. What is its ampere-hour rating? 
46. How much average current can be drawn from an 80 Ah battery for 10 h? 

47. Ifa battery is rated at 650 mAh, how much average current will it provide for 48 h? 


48. If the input power is 500 mW and the output power is 400 mW, what is the power loss? What is 
the efficiency of this power supply” 


49. To operate at 85% efficiency, how much output power must a source produce if the input power 
is 5 W? 


SECTION 3-8 Introduction to Troubleshooting 


50. In the light circuit of Figure 3-33, identify the faulty bulb based on the series of ohmmeter read- 
ings shown. 


51. Assume you have a 32-light string and one of the bulbs is burned out. Using the half-splitting 
approach and starting in the left half of the circuit, how many resistance measurements will it 
take to find the faulty bulb if it is seventeenth from the left. 


Infinite resistance 
reading 


Infinite resistance 
reading 


+ 
The voltage is 
disconnected. Infinite resistance 
7 reading 
A good resistance 
reading 
FIGURE 3-33 
ADVANCED PROBLEMS 


52. A certain power supply provides a continuous 2 W to a load. It is operating at 60% efficiency. 
In a 24 h period, how many kilowatt-hours does the power supply use? 


53. The filament of a light bulb in the circuit of Figure 3-34(a) has a certain amount of resistance, 
represented by an equivalent resistance in Figure 3—34(b). If the bulb operates with 120 V and 
0.8 A of current, what is the resistance of its filament? 


V, == Vs —= R (filament) 


(a) (b) 
FIGURE 3-34 
54. A certain electrical device has an unknown resistance. You have available a 12 V battery and an 


ammeter. How would you determine the value of the unknown resistance? Draw the necessary 
circuit connections. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


PROBLEMS 117 


55. A variable voltage source is connected to the circuit of Figure 3-35. Start at O V and increase 
the voltage in 10 V steps up to 100 V. Determine the current at each voltage value, and plot a 
graph of V versus Z. Is the graph a straight line? What does the graph indicate? 


56. In a certain circuit, Vg = 1 V and Z = 5 mA. Determine the current for each of the following 
voltages in a circuit with the same resistance: 


(d) Vs =4V (e) Vs = 10 V 
57. Figure 3-36 is a graph of current versus voltage for three resistance values. Determine R4, Ro, 
and R3. 
I(A) R, 
+ 
l R 
Variable V 1000 
v 
1 2 3 4 5 6 ep 
FIGURE 3-35 FIGURE 3-36 


58. You are measuring the current in a circuit that is operated on a 10 V battery. The ammeter reads 
50 mA. Later, you notice that the current has dropped to 30 mA. Eliminating the possibility of 
a resistance change, you must conclude that the voltage has changed. How much has the voltage 
of the battery changed, and what is its new value? 


59. If you wish to increase the amount of current in a resistor from 100 mA to 150 mA by changing 
the 20 V source, by how many volts should you change the source? To what new value should 
you set it? 


60. A 6 V source is connected to a 100 Q resistor by two 12 ft lengths of 18-gauge copper wire. 
Refer to Table 2—3 to determine the following: 
(a) current (b) resistor voltage (c) voltage across each length of wire 


61. If a 300 W bulb is allowed to burn continuously for 30 days, how many kilowatt-hours of 
energy does it use? 


62. At the end of a 31-day period, your utility bill shows that you have used 1500 kWh. What is the 
average daily power? 

63. A certain type of power resistor comes in the following ratings: 3 W, 5 W, 8 W, 12 W, 20 W. 
Your particular application requires a resistor that can handle approximately 10 W. Which rat- 
ing would you use? Why? 

64. A 12 V source is connected across a 10 Q resistor for 2 min. 

(a) What is the power dissipation? 

(b) How much energy is used? 

(c) If the resistor remains connected for an additional minute, does the power dissipation 
increase or decrease? 


65. The rheostat in Figure 3—37 is used to control the current to a heating element. When the rheo- 
stat is adjusted to a value of 8 Q or less, the heating element can burn out. What is the rated 
value of the fuse needed to protect the circuit if the voltage across the heating element at the 
point of maximum current is 100 V? 


Resistive 
heating 
element 


FIGURE 3-37 
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71. 
72, 
73. 
74. 
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A 30 mQ current-sensing resistor is rated for Ya W. What is the maximum current it can have 
before the rating is exceeded? 


What happens to the power dissipated in a resistor if the current 1s doubled? 
Develop a complete materials list for the load test box in Figure 3—21. 


Draw the schematic for the load test box in Figure 3-21. 


we MULTISIM TROUBLESHOOTING 
PROBLEMS 


70. 


Open file PO3-70; files are found at www.pearsonhighered.com/floyd. Determine whether or 
not the circuit is operating properly. If not, find the fault. 


Open file PO3-71. Determine whether or not the circuit is operating properly. If not, find the fault. 
Open file PO3-72. Determine whether or not the circuit is operating properly. If not, find the fault. 
Open file PO3-73. Determine whether or not the circuit is operating properly. If not, find the fault. 
Open file PO3-74. Determine whether or not the circuit is operating properly. If not, find the fault. 


ANSWERS TO SECTION CHECKUPS 


SECTION 3-1  Ohm”s Law 


. Ohm’s law states that current varies directly with voltage and inversely with resistance. 


I= V/R 
V= IR 
R= VJI 


The current increases; three times when V is tripled 
Doubling R cuts J in half to 5 mA. 
No change in / if V and R are doubled. 


SECTION 3-2 Application of Ohm’s Law 


1=10V/470. =213A4 

I = 20kV/4.7MQ, = 4.26 mA 

I= 10kV/2kQ =5A 
V=(1A)10Q0) = 10V 

V = 3 mA)(3kQ) = 9 V 
V=(2A)6Q) = 12V 
R=10V/2A=5Q0 

R = 25V/50mA = 0.5kQ = 5000 


SECTION 3-3 Energy and Power 


Power is the rate at which energy is used. 

P=W/t 

Watt is the unit of power. One watt is the power when 1 J of energy is used in 1 s. 
(a) 68,000 W = 68 kW (b) 0.005 W = 5mW (e) 0.000025 = 25 uW 
(100 W)(10h) = 1 kWh 

2000 W = 2kW 

(1.322 kW)(24h) = 31.73 kWh; (0.11 $/kWh)(31.73 kWh) = $3.49 


SECTION 3-4 Power in an Electric Circuit 
1. 
2. 
3. 


P = IV = (12A113V) = 156 W 
P = (5 A}(47 0) = 1175 W 
V = VPR = V(2 WIX50 0) = 10V 
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V? (134 VvyY 
R 300 
5. P=(8Vy?/22k0 = 29.1 mW 
6. R = 55 W/(0.5 A)* = 220 0 


4. P= = 60 W 


SECTION 3-5 The Power Rating of Resistors 
1. Two resistor parameters are resistance and power rating. 
A larger resistor physical size dissipates more energy. 
Standard ratings of metal-film resistors are 0.125 W, 0.25 W, 0.5 W, and | W. 
At least a 0.5 W rating to handle 0.3 W 
5.0 V 


mM A 


SECTION 3-6 Energy Conversion and Voltage Drop in a Resistance 


1. Energy conversion in a resistor is caused by collisions of free electrons with the atoms in the 
material. 


2. Voltage drop is a decrease in voltage across a resistor due to a loss of energy. 


3. Voltage drop is negative to positive in the direction of current. 


SECTION 3-7 Power Supplies and Batteries 
1. An increased amount of current represents a greater load. 
Pour = (10 V)(0.5 A) =5W 
100 Ah/5 A = 20h 
Pour = (12 V)(5 A) = 60 W 
Efficiency = (750 mW/1000 mW)100% = 75% 


mk YN 


SECTION 3-8 Introduction to Troubleshooting 


1. Analysis, Planning, and Measuring 
2. Half-splitting identifies the fault by successively isolating half of the remaining circuit. 


3. Voltage is measured across a component. Current is measured in series with the component. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


3-1 1, = 10V/5Q0 = 2A; = 10V/200 =05A 
32 IV 

33 970 m0, 

34 Yes 

3-5 11.1 mA 

3-6 SmA 

3-7 25 pA 

3-8 200 uA 

3-9 800V 

3-10 220 mV 

3-11 16.5 V 

3-12 Voltage drops to 1.08 V. 
3-13 600 

3-14 395k0 

3-15 3000 J 

3-16 2kWh 

3-17 $4.92 + $0.07 = $4.99 
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3-18 (a) 40 W  (b)376W (©) 625 mW 
3-19 26 W 

3-20 No 

3-21 77W 

3-22 46 W 

3-23 60 Ah 


ANSWERS TO TRUE/FALSE QUIZ 


1. T 2: E 3. T 4. F 5. F 6. T Te E 8. T 
9. F 10. T 


ANSWERS TO SELF-TEST 


1. (b) 2: (6) 3. (b) 4. (d) 5. (a) 6. (d) 7. (b) 8. (c) 
9. (d) 10. (a) 11. (a) 12. (d) 13. (c) 14. (a) 15. (c) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


(b) 
(c) 
(a) 
(b) 
(c) 


oS Sh} E 
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SERIES CIRCUITS 


OUTLINE KEY TERMS 


4-1 Resistors in Series Serles Voltage divider 
4-2 Total Series Resistance Series-aiding Reference ground 
4-3 Current in a Series Circuit Series-opposing Open 

4-4 Application of Ohm's Law Kirchhoff’s voltage law Short 


4-5 Voltage Sources in Series 
4—6 Kirchhoff’s Voltage Law 
4-7 Voltage Dividers 


4-8 Power in Series Circuits I N T R O D U C T I O N 


4-9 Voltage Measurements Resistive circuits can be of two basic forms: series or 

4-10 Troubleshooting parallel. In this chapter series circuits are discussed. Par- 

allel circuits are covered in Chapter 5, and combinations 

O B E C T I V E S of series and parallel circuits are examined in Chapter 6. 

J In this chapter you will see how Ohm’s law is used in 

e Identify a series resistive circuit series circuits; and you will study another important law, 

Kirchhoff”s voltage law. Also, important system appli- 
cations of series circuits are presented. 


e Determine total series resistance 

e Determine the current throughout a series circuit 

e Apply Ohm’s law in series circuits 

e Determine the total effect of voltage sources 
connected in series 

e Apply Kirchhoff’s voltage law 

e Use a series circuit as a voltage divider 

e Determine power in a series circuit 

e State how to measure voltage with respect to 
ground 


e Troubleshoot series circuits 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 
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4-1 RESISTORS IN SERIES 


When connected in series, resistors form a “string” in which there is only one path for current. 


After completing this section, you should be able to 


e Identify a series resistive circuit 


¢ Translate a physical arrangement of resistors into a schematic diagram 


Figure 4-1(a) shows two resistors connected in series between point A and point B. 
Part (b) shows three resistors in series, and part (c) shows four in series. Of course, there 
can be any number of resistors in series. 


Ry Ry Ry Ry R3 Ry Ry R3 R4 
A MM Mn B A NM MM MNW B A 9—MN— AM MN MNN B 
(a) (b) (c) 


FIGURE 4-1 Resistors in series. 


When a voltage source is connected from point A to point B, the only way for current 
to get from one point to the other in any of the connections of Figure 4—1 is to go through 
each of the resistors. A series circuit is identified as follows: 


A series circuit provides only one path for current between two points so that 
the current is the same through each series resistor. 


In an actual circuit diagram, a series circuit may not always be as easy to identify as 
those in Figure 4-1. For example, Figure 4-2 shows series resistors drawn in other ways 
with a voltage applied. Remember, if there is only one current path between two points, the 
resistors between those two points are in series, no matter how they appear in a diagram. 


| One path, AtoB n 


One path, One path, 
A to B A to B 


One path, 
A to B 


One path, 
A to B 


(a) (b) (d) (e) 


FIGURE 4-2 Some examples of series connections of resistors. Notice that the current must be 
the same at all points because the current has only one path. 


EXAMPLE 4-1 


Five resistors are positioned on a protoboard as shown in Figure 4-3. Wire them 
together in series so that, starting from the negative (—) terminal, R4 is first, R} is 
second, R3 is third, and so on. Draw a schematic showing this connection. 


FIGURE 4-3 RAEE 


7 
— fii . 
Qe = 
EN... .«.q.u wf 

| 


A it if 


ee 
HH Ha F 
HH Ha F 


HH aa F 
© 
a E 
| 
I E 
HH H F 


H E H 


EAS AAA ek | 2 
LS REA AAA Ey 
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TR ee ae A 
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SOLUTION 


The wires are connected as shown in Figure 44(a), which is the assembly dia- 
gram. The schematic is shown in Figure 44(b). Note that the schematic does not 
necessarily show the actual physical arrangement of the resistors as does the 
assembly diagram. The schematic shows how components are connected electri- 
cally; the assembly diagram shows how components are arranged and intercon- 
nected physically. 


O. 7 


| ELA E E 


12 - E Thi E Eya 
E` O O a a M (it i 


PRR RPP RRR PPR Ree 


E TE 5 5 5 = 5 5 = 5 5 6 ya 
OTETA rrr rr 


— EMM M 


Q E rrr 
EN 


(a) Assembly diagram (b) Schematic 


FIGURE 4-4 


RELATED PROBLEM* 


(a) Show how you would rewire the circuit board in Figure 4—4(a) so that all the 
odd-numbered resistors come first starting at point A followed by the even- 
numbered ones. 


(b) Determine the value of each resistor. 


*Answers are at the end of the chapter. 


EXAMPLE 4-2 


Describe how the resistors on the printed circuit (PC) board in Figure 4-5 are 
related electrically. Determine the resistance value of each resistor. 


Pin 1 
Pin 2 


Pin 3 
Pin 4 


FIGURE 4-5 


SOLUTION 


Resistors R, through R; are in series with each other. This series combination is 
connected between pins 1 and 2 on the PC board. 

Resistors Rg through R;z are in series with each other. This series combina- 
tion is connected between pins 3 and 4 on the PC board. 
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The values of the resistors are Rj = 2.2k0,R, = 3.3 KO, R3} = 1.0k0, 
R4 = 1.2 KQO, R; = 3.3k0, Ro = 4.7 KO, RJ = 5.6k0,Rg = 12k0, Ro = 
68 kO, Rio = 27 kO, R4] = 12 kO, Ri? = 82 kO, and Ri3 = 270k. 


RELATED PROBLEM 


How is the circuit in Figure 4-5 changed when pin 2 and pin 3 are connected? 


SECTION 4-1 CHECKUP* 


1. How are the resistors connected in a series Ra 
circuit? A oy —o0 A oNMN—o 
; ) ba dica R A 
2. How can you identify a series circuit? de Rs 
Ry o WW o AAA, —o 
3. Complete the schematics for the circuits in R, Re Rg de 
each part of Figure 4-6 by connecting the resis- 
ae ) B oANy—>o B AW —o B 
tors in series in numerical order from A to B. 
(a) (b) (c) 
4. Now connect each group of series resistors in 
Figure 4—6 in series. FIGURE 4-6 


* Answers are at the end of the chapter. 


4-2 TOTAL SERIES RESISTANCE 


The total resistance of a series circuit is equal to the sum of the resistances of each individual 
resistor. 


After completing this section, you should be able to 


e Determine total series resistance 
e Explain why resistance values add when resistors are connected in series 
e Apply the series resistance formula 


Series Resistor Values Add 


When resistors are connected in series, the resistor values add because each resistor offers 
opposition to the current in direct proportion to its resistance. A greater number of resistors con- 
nected in series creates more opposition to current. More opposition to current implies a higher 
value of resistance. Thus, for every resistor that is added in series, the total resistance increases. 

Figure 4-7 illustrates how series resistances add together to increase the total resist- 
ance. Part (a) has a single 10 © resistor. Part (b) shows another 10 O resistor connected in 


FIGURE 4-7 Total resistance 
increases with each additional 
series resistor. The ground 
symbol used here was intro- 


duced in Section 2-6. 300 
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series with the first one, making a total resistance of 20 QO. If a third 10 Q resistor is con- 
nected in series with the first two, as shown in part (c), the total resistance becomes 30 Q. 


Series Resistance Formula 


For any number of individual resistors connected in series, the total resistance 1s the sum 
of each of the individual values. 


Ry = Ry + Ro + R33 + °°: + R (4-1) 


where Rr is the total resistance and R, is the last resistor in the series string (n can be any 
positive integer equal to the number of resistors in series). For example, 1f there are four 
resistors in series (n = 4), the total resistance formula is 


Ry = Ri + Ro + R3 + R4 
If there are six resistors in series (n = 6), the total resistance formula is 
Ry = R, + Ry + R3 + R4 + R; + Re 


To illustrate the calculation of total series resistance, let’s determine Ry 
of the circuit of Figure 4—8, where Vs is the source voltage. This circuit has 
five resistors in series. To find the total resistance, simply add the values. 


Ry = 560 + 1000 + 270 + 100 + 470 = 2400 


470 100 


Note in Figure 4-8 that the order in which the resistances are added does not 
matter. Also, you can physically change the positions of the resistors in the FIGURE 4-8 Example of five resistors in 
circuit without affecting the total resistance or the current. series. Vs stands for source voltage. 


EXAMPLE 4-3 


Connect the resistors on the protoboard in Figure 4—9 in series, and determine the total resistance, Rr, from the 
color codes. 


FIGURE 4-9 


i i i A O A O 
A O NN O IN NN O A G E 


EERE EY 


E 
E 
E E E E 
E 
E 


SOLUTION 
The resistors are connected as shown in Figure 4—10. Find the total resistance by adding all the values. 


COC Cee eee ee ee ee | Ri R, 


EE Ca SAA AAA 


A 


a 


AAA AAA 100 470 
(a) Circuit assembly (b) Schematic 
FIGURE 4-10 


RELATED PROBLEM 


Determine the total resistance in Figure 4—10(a) if the positions of R, and R4 are interchanged. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


126 CHAPTER 4 + SERIES CIRCUITS 


EXAMPLE 4-4 


Calculate the total resistance, Rr, for each circuit in Figure 4-11. 


(a) (b) 
FIGURE 4-11 


SOLUTION 
For circuit (a), 
Rr = 1.0kQ0 + 2.2k0 + 4.7kQO + 10k0 = 17.9kQ 
For circuit (b), 
Ry = 4.7 KO + 10k0 + 10k0 + 2.2kO = 17.9 kQ 
Notice that the total resistance does not depend on the position of the resis- 
tors. Both circuits are identical in terms of total resistance. 
RELATED PROBLEM 


What is the total resistance for the following series resistors: 1.0 kQ, 2.2 KO, 
3.3kQ, and 5.6 kO? 


EXAMPLE 4-5 


Determine the value of R4 in the circuit of Figure 4-12. 


FIGURE 4-12 
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SOLUTION 
From the ohmmeter reading, Ry = 146 KQ. 
Rr = Ri + R + R3 + R4 
Solving for R4 yields 
R4 = Ri — (Ry + Ro + R3) = 146k0 — (10kQ + 33k0 + 47k0) = 56k0D 


RELATED PROBLEM 


Determine the value of R4 in Figure 4-12 if the ohmmeter reading is 112 kQ. 


Equal- Value Series Resistors 


When a circuit has more than one resistor of the same value in series, there is a shortcut 
method to obtain the total resistance: Simply multiply the resistance value of the resistors 
having the same value by the number of equal-value resistors that are in series. This 
method is essentially the same as adding the values. For example, five 100 Q resistors in 
series have an Rr of 5(100 Q) = 500 ©. In general, the formula is expressed as 


Ry = nR (4-2) 


where n is the number of equal-value resistors and R is the resistance value. 


EXAMPLE 4-6 


Find the Ry of eight 22 Q resistors in series. 


SOLUTION 
Find Ry by adding the values. 


Re == 220 P22 F20 22 22 0 220 F220 F2 
= 1760 


However, it is much easier to multiply. 


Rr = 8020) = 1760 


RELATED PROBLEM 


Find Rr for three 1.0 kQ and two 680 Q resistors in series. 


V X AME 4 — 


A MOTOR STARTER HHO 


Shunt dc motors (discussed in Section 7-7) are a type of motor that has a torque-speed char- 
acteristic that can be varied over a wide range while still retaining high efficiency. For variable 
loads, such as an electric hoist motor, a dc shunt motor has an advantage of allowing control 
of both speed and torque. Speed is controlled by voltage; torque is controlled by current. 

The shunt motor has two interacting electromagnets: one is called the field coil and 
the other is called the rotor, which is a rotating electromagnet. [f,full, voltage is applied 
without a current-limiting device to the motor, the initial current can be very high, which 
runs the risk of burning out the motor or overloading the line and blowing a fuse or circuit 
breaker. To avoid this, a shunt dc motor should be started by limiting current with resistors 
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(or other means) until the motor begins to speed up. After that, the resistance can be 
dropped out to adjust speed and torque to the load requirement. 

A motor starter circuit, such as the one shown in Figure 4-13, provides the means to 
limit current. The resistors are effectively removed as required so that there is less resist- 
ance as the rotary switch is moved clockwise. For this example, a manual rotary switch is 
shown, but automated methods are also used. To start the motor, the rotary switch is moved 
from the off position to position 1. This applies dc to the field coil and the series solenoid 
(an electromagnet, which keeps the switch in place). If power drops out for any reason, the 
solenoid releases its pull and the switch is pulled by the spring back to the off position. 
This prevents the motor from restarting with no resistance in place. 


Vs 


1 


O 2 field coil 
|_| 


FIGURE 4-13 A manual motor starter for a dc shunt motor. 


SECTION 4-2 CHECKUP 


1. Calculate Ry between points A and B for each circuit in resistance of 10 kQ, you need one more resistor. What should 
Figure 4-14. its value be? 
2. The following resistors are in series: one 100 Q, two 47 Q, 4. What is the Ry for twelve 47 Q resistors in series? 


four 12 Q, and one 330 QO. What is the total resistance? 


3. Suppose that you have one resistor for each of the following 
values: 1.0 KQ, 2.7 KQO, 3.3 kQ, and 1.8k0. To get a total 


FIGURE 4-14 


MAA AAA EEEE 

it Wf mum) E LE E T O T EET i O i 
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| 


(a) (b) (c) 


4-3 CURRENT IN A SERIES CIRCUIT 


The current is the same through all points in a series circuit. The current through each resistor in 
a series circuit is the same as the current through all the other resistors that are in series with it. 


After completing this section, you should be able to 


e Determine the current throughout a series circuit 
e Show that the current is the same at all points in a series circuit 
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Figure 4-15 shows three resistors connected 
in series to a voltage source. At any point in this 
circuit, the current into that point must equal the 
current out of that point, as illustrated by the cur- 
rent directional arrows. Notice also that the current 
out of each of the resistors must equal the current in 
because there is no place where part of the current 
can branch off and go somewhere else. Therefore, 
the current in each section of the circuit 1s the same as 
the current in all other sections. It has only one path 
going from the negative (—) side of the source to 
the positive (+) side. (a) Pictorial (b) Schematic 

In Figure 4-16, the battery supplies 1.82 mA 
of current to the series resistors. There are 1.82 mA 
from the battery’s negative terminal. As shown, the 
same current is measured at several points in the series circuit. 


2.2k0 


FIGURE 4-15 Current entering any point in a series circuit is the same 
as the current leaving that point. 


(a) Pictorial (b) Schematic 


FIGURE 4-16 Current is the same at all points in a series circuit. 


SECTION 4-3 CHECKUP 


1. What statement can you make about the amount of current at 3. A milliammeter is connected between points A and B in 
any point in a series circuit? Figure 4-17. It measures 50 mA. If you move the meter and 
connect it between points C and D, how much current will it 


2. In a series circuit with a 100 Q and a 47 Q resistor, there are ian 
vee de indicate? Between E and F? 


20 mA through the 100 Q resistor. How much current is there 
through the 47 Q resistor? 4. In Figure 4-18, how much current does ammeter 1 indicate? 
Ammeter 2? 


FIGURE 4-17 FIGURE 4-18 
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4-4 APPLICATION OF OHM’S LAW 


The basic concepts of series circuits and Ohm”s law can be applied to series circuit analysis. 


After completing this section, you should be able to 


e Apply Ohm’s law in series circuits 
e Find the current in a series circuit 


e Find the voltage across each resistor in series 


The following are key points to remember when you analyze series circuits: 


1. Current through any of the series resistors is the same as the total current. 


2. If you know the total applied voltage and the total resistance, you can determine the 
total current by Ohm’s law. 


3. If you know the voltage drop across one of the series resistors, R,, you can determine 
the total current by Ohm’s law. 


4. If you know the total current, you can find the voltage drop across any of the series 
resistors by Ohm’s law. 


Vy = IR, 
5. The polarity of a voltage drop across a resistor is positive at the end of the resistor 


that is closest to the positive terminal of the voltage source. 


6. The current through a resistor is defined to be in a direction from the negative end of 
the resistor to the positive end. 


7. An open in a series circuit prevents current; and, therefore, there is zero voltage drop 
across each series resistor. The total voltage appears across the points between which 
there is an open. 


Now let’s look at several examples that use Ohm’s law for series circuit analysis. 


EXAMPLE 4-7 


Find the current in the circuit of Figure 4-19. 


FIGURE 4-19 R, R 


820 Q 180 Q 


25 Vy “== 150 0 


SOLUTION 


The current is determined by the source» voltage ¡and the; total resistance. First, 
calculate the total resistance. 


Rr = Ry + Ry + R, + Ry = 8200 + 1800 + 1500 + 1000 = 125k0 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


4-4 APPLICATION OF OHM’S LAW 131 


Next, use Ohm’s law to calculate the current. MULTISIM 
. ay x 
[= = = 20mA 
Rr 1.25 KO 


Open Multisim file E04-07; 
files are found at www. 
pearsonhighered.com/floyd. 
Connect the multimeter and 
verify the value of current 
calculated in this example. 
Change the value of R4 to 

200 © and verify the value of 
current calculated in the related 
problem. 


Remember, the same current exists at all points in the circuit. Thus, each resistor 
has 20 mA through it. 


RELATED PROBLEM 


What is the current in the circuit of Figure 4-19 if Ry is changed to 200 0? 


EXAMPLE 4-8 


The current in the circuit of Figure 4-20 is 1 mA. For this amount of current, what 
must the source voltage Vs be? 


FIGURE 4-20 


SOLUTION 
In order to calculate Vs, first determine Rr. 


Rr = 12k0 + 5.6k0 + 12kQ0 + 15k0 =95k0 MULTISIM 


Now use Ohm’s law to determine Vs. \ 


Vs = IRp = (1 mA)(9.5 KQ) = 9.5 V 
Open Multisim file E04-08. 
Verify that the calculated 
source voltage establishes the 
current in Figure 4-20. Verify 
the value of Vs determined in 
the related problem. 


RELATED PROBLEM 


If the 5.6 KO resistor is changed to 3.9 kO, what value of Vs is necessary to keep 
the current at 1 mA? 


EXAMPLE 4-9 


Calculate the voltage drop across each resistor in Figure 4—21, and find the value 
of Vs. To what value can Vs be raised if the current is to be limited to 5 mA? 


FIGURE 4-21 
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SOLUTION 


By Ohm’s law, the voltage drop across each resistor is equal to its resistance mul- 
tiplied by the current through it. Use the Ohm’s law formula V = JR to determine 
the voltage drop across each of the resistors. Keep in mind that there is the same 
current through each series resistor. The voltage drop across Ry (designated V1) is 


V, = IR; = AmA)1.0k9) =1V 
The voltage drop across R, is 

V, = IR, = (1 mA)(3.3kQ) = 3.3 V 
The voltage drop across R3 is 

V3 = IR} = (1 mA)(4.7 KO) = 4.7 V 
To calculate the value of Vs, first determine the total resistance. 

Rr = 1.0k0 + 33kO0 + 4.7kO = 9k0 
The source voltage Vg is equal to the current times the total resistance. 
Vs = IRy = (1 mA)OKD) = 9V 


Notice that if you add the voltage drops of the resistors, they total 9 V, which is the 
same as the source voltage. 
Vs can be increased to a maximum value where / = 5 mA. Therefore the 


MULTISIM maximum value of Vg is 
Vs max) = [Ry = (5 mA)\9 KQ) = 45 V 


Open Multisim file E04-09. 
Using the multimeter, verify 
that the voltages across the Repeat the calculations for Vj, V2, V3, Vs, and Vs(max) if R3 = 2.2k© and J is 


resistors agree with the values waa ikaied ak | wk: 
calculated in this example. 


RELATED PROBLEM 


Indicator Lights 


Indicator lights are a common way to ascertain a specific condition of 
a machine or relay, such as a motor starter. Incandescent indicator 
lights are available for common voltages used in industrial plants (120 V, 
240 V, 480 V, and 600 V). In small systems, low voltages are com- 
mon, and LEDs are a good choice for indicating a condition (such as a 


power supply ts on). A typical indicating LED will drop about 2 V and 
has an on current of 20 mA. To prevent current from exceeding the 
specification, a current-limiting resistor is used in series (in-line) with 
the LED. Example 4-10 shows how to calculate the size of current limiting resistors when a 
variable brightness is needed to account for different ambient conditions. 


(yukosourov/F otolia.com) 


EXAMPLE 4-10 


LEDs are commonly used in systems to indicate a certain condition. The LED 
indicators have specific current requirements. Too little current, and the LED is 
too dim; too much and it burns out. In some systems, a control is needed to adjust 
the light intensity based on ambient conditions. Figure 4—22 shows this basic 
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application, where the red LED is used 
as a system indicator light. In this case, 
a rheostat and series fixed resistor limit 
current to the LED. The rheostat is 
included to dim the LED, depending on 
ambient conditions. We will focus on 
just these two current-limiting resistors. 
A red LED will always have a FIGURE 4-22 
voltage across it of about +1.7 V when 
it is on and working within its normal operating range. The remaining voltage 
from the power supply will be across the two series resistors. Together, the rheo- 
stat and the fixed resistor will have a total of 3.3 V across them. 
Assume you want current in the LED to range from a minimum of 2.5 mA 
(dim) to a maximum of 10 mA (bright). What values of R; and R, would you 
choose to accomplish this? 


SOLUTION 


Start with the brightest condition when the resistance of the rheostat is adjusted 
for 0 O. In this case, there will be no voltage across R¡ and 3.3 V will be across 
R,. Because it is a series circuit, the same current is in Ry as the LED. Therefore, 


V 33V 


= = Q 
I 10 mA dd 


j= 


Now determine the total resistance required to limit the current to 2.5 mA. The 
total resistance is Rr = Rı + Ro», and the voltage drop across Rr is 3.3 V. From 
Ohm's law, 


V 33V 


Rr = — 
i I 2.5 mA 


= 1.32 kQ 


To find R4, subtract the value of R, from the total resistance. 
Ri = Ry — R = 1.32 kQ — 3300 = 990 0 


Choose a 1.0 KO rheostat as the nearest standard value. 


RELATED PROBLEM 


What is the value of R, 1f the highest current is 12 mA? 


SECTION 4-4 CHECKUP 


1. A 6 V battery is connected across three 100 Q resistors in 3. How much voltage is dropped across each resistor in Figure 
series. What is the current through each resistor? 4-23 when the current is 5 mA? 
2. How much voltage is required to produce 5 mA through the 4. Four equal-value resistors are connected in series with a 5 V 
circuit of Figure 4-23? source. The measured current is 4.63 mA. What is the value 
Ri FIGURE 4-23 of each resistor? 
+ 5. What size should a series current-limiting resistor be to limit 
100 the current o a fed LED to 10 mA from a 3.0 V source? 
Assume the LED drops 1.7 V. 
Vs Ry 
R3 


180 
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4-5 VOLTAGE SOURCES IN SERIES 


Recall that a voltage source is an energy source that provides a constant voltage to a load. Bat- 
teries and power supplies are practical examples of de voltage sources. When two or more 
voltage sources are in series, the total voltage is equal to the algebraic sum of the individual 
source voltages. 


After completing this section, you should be able to 


e Determine the total effect of voltage sources connected in series 
e Determine the total voltage of series sources with the same polarities 


e Determine the total voltage of series sources with opposite polarities 


When batteries are placed in a flashlight, they are connected in a series-aiding 
arrangement to produce a larger voltage, as illustrated in Figure 4-24. In this example, 
three 1.5 V batteries are placed in series to produce a total voltage (Vstop). 


Vs(tot) — Voy ud Vo ar Vs3 =15V+15V+15V=45V 


-45V+ 


(a) Flashlight with series batteries 


f 


ANDS ON TIP 
When you replace batteries in a 
flashlight or other device, it is 
best to use all of the same type 
of battery and not mix old 
batteries with new batteries. In 
particular, do not mix alkaline 
with nonalkaline batteries. 
Incorrect use of batteries can 
cause hydrogen gas to build 
inside the battery and cause the 
casing to rupture. Worse, the 
mixing of hydrogen gas with 
oxygen can be an explosion 
hazard. Cases are reported of 
flashlights that have exploded 
in hazardous situations. 


(b) Schematic of flashlight circuit 


FIGURE 4-24 Example of series-aiding voltage sources. 


Series voltage sources (batteries in this case) are added when their polarities are in 
the same direction, or series-aiding, and are subtracted when their polarities are in opposite 
directions, or series-opposing. For example, if one of the batteries in the flashlight is turned 
around, as indicated in the schematic of Figure 4—25, its voltage subtracts because it has a 
negative value and reduces the total voltage. 


Vs(tot) = Vs] — Vo UN Vs3 =15VW-15V+15V=15V 


There is no valid reason for reversing a battery, and it can lead to high current and 
reduced life if it happens accidentally. However, an opposing source does occur naturally 
in the case of motors. An opposing voltage to the source voltage is generated within the 
motor, which reduces the current as you will see in Section 7-7. 


FIGURE 4-25 When batteries are connected 
in opposite directions, the total voltage is the 
algebraic sum of the voltages. As noted, this is 
not a valid configuration for batteries. 
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EXAMPLE 4-11 


What is the total source voltage (Vs(to1)) in Figure 4-26? 


E 
6V == Ys R 18 V == Vs (tot) R 
la - 
CT” | 
FIGURE 4-26 FIGURE 4-27 


SOLUTION 


The polarity of each source is the same (the sources are connected in the same 
direction in the circuit). Therefore, add the three voltages to get the total. 


Vs (tot) = Vs] un Vs) E Vsz3 =6V+6V+6V= 18V 


The three individual sources can be replaced by a single equivalent source of 18 V 

with its polarity as shown in Figure 4-27. MULTISIM 
N < 

RELATED PROBLEM — 

Open Multisim file E04-11. 


Verify the total source voltage. 
Repeat for the related problem. 


If the battery Vs; in Figure 4-26 is accidentally installed backwards, what is the 
total voltage? 


Y XA ME A — 


SOLAR PANELS IN SERIES TH LE 


Solar panels (modules) are composed of many solar cells in an array, wired to produce a 
certain voltage in full sunlight. Within the module, each solar cell produces only about 0.5 V 
in full sun. Therefore, an 18 V panel requires at least 36 solar cells wired in series, and a 
24 V panel requires at least 48 solar cells in series. For battery charging, this is sufficient 
voltage for most applications. In general, module voltages range from 16.5 V to 72.3 V as 
specified under standard test conditions (STC), which allow comparisons between mod- 
ules. Actual operating conditions are different. 

Figure 4—28 is a block diagram of a basic solar electric system that is independent of 
the utility grid (in this case). It has a battery bank for storing energy when there is no solar 


Solar modules 


retire [reer 
AS rotor 
rete eee 
rete eee 
rete eee 
rite 3> LE 
IS A | 
IS AS 
A IS fe 
A IS 
A IS a a 
A IS fe 


DC load 


FIGURE 4-28 Typical small solar electric system. 
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input. The solar modules convert sunlight to de electrical power, which is sent to a charge 
controller. The charge controller regulates charging current to prevent overcharging the 
batteries or draining the batteries back through the solar modules when they are needed for 
the load. The inverter converts the de output to ac for powering small appliances. The 
inverter is a basic one in this system rather than a more expensive grid-tied inverter. Grid- 
tied inverters are special inverters that are required for any renewable energy system that is 
connected to a utility grid. 

For most systems, a number of modules are connected together to provide a high 
voltage dc for converting to ac. The voltage rating of the module and the inverter voltage 
ratings determine how many modules can be put in series. All components in the system 
(including modules, wiring, and inverters) must be rated for the maximum system voltage. 
In the United States, the maximum permitted voltage is 600 V for most installations. 

For this example, assume a single panel has a maximum voltage of 34.6 V and is 
rated for 250 W. The number of these panels that can be installed in series depends on the 
maximum permitted voltage. For a permitted voltage of 600 V, 17 panels in series is the 
maximum that can be connected without exceeding 600 V. In this case, the maximum volt- 
age will be 588 V. The advantage of the series connection for these panels is that the 
higher voltage is more efficient and can use smaller wire because the current is the same 
going into and from each panel. The maximum rated power from the array is 17 panels X 
250 W/panel = 4250 W. 


EXAMPLE 4-12 


Many circuits use positive and negative supply voltages. A dual-power supply will normally have two independ- 
ent outputs, such as those shown in Figure 4—29. Show how to connect the two 12 V outputs from the power 
supply so that there is both a positive and a negative output and the two sources are series-aiding. 


Dual Output Power Supply 


— 
Fa, ae 
í i gi y 
y J 
Y d h y 


Dual Output Power Supply 


PT PT] 


Power 
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1 
0 
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Q 
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FIGURE 4-29 FIGURE 4-30 


ly +12 V 


SOLUTION 


See Figure 4-30. The positive output of one supply is connected to the negative output of the second supply. This 
makes the connection series-aiding. The ground terminal is connected to the common point between the supplies, 
forcing the A output to be below ground (meaning it is a negative voltage with respect to ground) and the B output 
to be above ground (positive with respect to ground). 


RELATED PROBLEM 


Draw the schematic of the setup in Figure 4—30. 
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SECTION 4-5 CHECKUP 


1. How many 12 V batteries must be connected in series to produce 4. Determine the total source voltage for the circuit in Figure 4-32. 
60 V? Draw a schematic that shows the battery connections. 


2. Four 1.5 V flashlight batteries are connected in series-aiding. 
What is the total voltage across the bulb? 


3. The resistive circuit in Figure 4-31 is used to bias a transistor 
amplifier. Show how to connect the resistors to two 15 V 
power supplies in order to get 30 V across the series resistors. 


Ry 
i FIGURE 4-32 
Bias voltage 
de 5. Assume that in a four-cell flashlight one of the four 1.5 V 
batteries was accidentally installed in the wrong direction. 
In this case, what voltage would be across the bulb when the 
FIGURE 4-31 light was turned on? 


4-6 KIRCHHOFF’S VOLTAGE LAW 


Kirchhoff’s voltage law is a fundamental circuit law that states that the algebraic sum of all the 
voltages around a single closed path is zero or, in other words, the sum of the voltage drops 
equals the total source voltage. 


After completing this section, you should be able to 


e Apply Kirchhoff’s voltage law 
e State Kirchhoff’s voltage law 
e Determine the source voltage by adding the voltage drops 
e Determine an unknown voltage drop 


In an electric circuit, the voltages across the resistors (voltage drops) always 
have polarities opposite to the source voltage polarity. For example, in Figure 
4—33, follow a counterclockwise loop around the circuit. Note that the source 
polarity is plus-to-minus and each voltage drop is minus-to-plus. 

In Figure 4—33, the current is out of the negative side of the source and 
through the resistors as the arrows indicate. The current is into the negative side 
of each resistor and out the positive side. As you learned in Chapter 3, when 
electrons flow through a resistor, they lose energy and are therefore at a lower 
energy level when they emerge. The lower energy side is less negative (more 
positive) than the higher energy side. The drop in energy level across a resistor 
creates a potential difference, or voltage drop, with a minus-to-plus polarity in 
the direction of the current. 

The voltage from point A to point B in the circuit of Figure 4-33 is the 
source voltage, Vs. Also, the voltage from A to B is the sum of the series resistor 
voltage drops. Therefore, the source voltage is equal to the sum of the three volt- 
age drops, as stated by Kirchhoff’s voltage law. 


FIGURE 4-33 Illustration 
of voltage polarities in a 
The sum of all the voltage drops around a single closed path in a circuit is closed-loop circuit. 

equal to the total source voltage in that closed path. 
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Kirchhoff’s voltage law applied to a series circuit is illustrated in Figure 4-34. For 
this case, Kirchhoff’s voltage law can be expressed by the equation 


Vo — Vice Vo toa F- Fy, (4-3) 


where the subscript n represents the number of voltage drops. 

If all the voltage drops around a closed path are added and then this total is sub- 
tracted from the source voltage, the result is zero. This result occurs because the sum of 
the voltage drops in a series circuit always equals the source voltage. 

Equation 4-3 can be applied to any circuit that has a voltage source and resistors or 
ae other loads. The key idea is that a single closed path is followed from an arbitrary start- 
y. ing point and back to this point. In a series circuit, the closed path will always include a 

- voltage source and one or more resistors or other loads. In this case, the source repre- 

sents a voltage rise, and each load represents a voltage drop. Another way of stating 

FIGURE 4-34 Sum ofn voltage Kirchhoff’s voltage law for a series circuit is that the sum of all voltage rises is equal to 

drops equals the source voltage. the sum of all voltage drops. 

You can verify Kirchhoff’ s voltage law in a series circuit by connecting the circuit 

and measuring each resistor voltage and the source voltage, as illustrated in Figure 4-35. 

When the resistor voltages are added together, their sum will equal the source voltage. Any 
number of resistors can be used. 


FIGURE 4-35 Illustration of a verification of 
Kirchhoff’s voltage law. 


Kirchhoff’s voltage law was developed here for a series circuit, but the concept can be 
applied to any circuit. In complex circuits, you can still write Kirchhoff’s voltage law, but 
there are cases where there is no source voltage in a given closed loop. Even so, Kirchhoff’s 
voltage law still applies. This leads to a more general statement of Kirchhoff’s voltage law: 


The algebraic sum of the voltages around any closed path in a circuit is equal 
to zero. 


If a voltage source is present, it is just treated as one of the terms in the summation. It 
is important to assign the correct algebraic sign to the terms, noting if the voltage is rising 
or dropping as one traverses the loop. In equation form, 


Vi + V2 + V3 + °°: + Vz, = 0 (4-4) 


Any of the variables in Equation 44 can represent a voltage rise or a voltage drop. This 
more-general form of Kirchhoff’s voltage law can be expressed more concisely as 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


4-6 KIRCHHOFF’S VOLTAGE LAW 139 


This equation is a shorthand way of writing Equation 44. The capital sigma (>) means to 
add the voltages from the first (¿ = 1) to the last @ = n). 

This form of Kirchhoff’s voltage law can be applied to circuits other than the series 
circuits, provided you follow a single closed path. In appiying Rquation 474, ou need to 
assign an algebraic sign to each voltage in the path. In circuits other than series circuits, 
a voltage across a resistor can appear as either a rise or a drop, depending on the path 
chosen. As you traverse the path, you will need to write voltage rises and voltage drops 
in a consistent manner. For series circuits such as given in Figure 4—34, the main idea is 
that the source voltage (rise) is equal to the sum of the voltages (drops) across the loads 
(resistors). 


EXAMPLE 4-13 


Determine the source voltage, Vs, in Figure 5V 
4-36 where the two voltage drops are 
given. 


= 10V 
SOLUTION 


By Kirchhoff’s voltage law (Eq. 4—3), the 
source voltage (applied voltage) must 
equal the sum of the voltage drops. Adding 
the voltage drops gives the value of the 
source voltage. MULTISIM 


Vs =5V+10V=15V 


FIGURE 4-36 


Open Multisim file E04-13. 
Verify that the voltage drops 
equal to Vs. Repeat for the 
related problem. 


RELATED PROBLEM 


If Vs is increased to 30 V in Figure 4-36, what are the two voltage drops? 


EXAMPLE 4-14 


Determine the unknown voltage drop, 
V3, 1n Figure 4-37. 


SOLUTION 


By Kirchhoff’s voltage law (Equation 
4-4), the algebraic sum of the voltages 
around the circuit is zero. V3 


Vie Voor Va Ve) FIGURE 4-37 
Substitute — Vs for V4. Then, 
V, + Vo + V3 -— Vs = 0 
Solve for V3. 
V3 = Vs — Vj — Vo = SOV -— 12V —- 25V = 13V MULTISIM 


The voltage drop, V3, across R3 is 13 V, and its polarity is as shown in Figure 4-37. * 


Open Multisim file E04-14. 
RELATED PROBLEM Verify that V3 agrees with the 
calculated value. Repeat for the 


Determine V3 in Figure 4-37 if the source is changed to 25 V. 
related problem. 
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EXAMPLE 4-15 
Find the value of R4 in Figure 4-38. 


FIGURE 4-38 R, R, 
47100  10KQ 
+ — + — 


SOLUTION 


In this problem you will use both Ohm’s law and Kirchhoff s voltage law. First, 
use Ohm’s law to find the voltage drop across each of the known resistors. 
V, = IR; = (10mA)J(d100 Q) = 1.0 V 
V> = IR, = (10 mA)(470 Q) = 4.7 V 
V3 = IR} = (10mA)(1.0kQ) = 10 V 
Next, use Kirchhoff’ s voltage law to find V4, the voltage drop across the unknown 
resistor. 
Vs = Vi; = Vo -— V3 -— Vg = OV 
50V — 1.0V — 4.7V — 10V — V¿ =0V 
34.3 V — V4 = 0V 


Now that you know V,, you can use Ohm’s law to calculate R4. 


V, 34.3 V 
R, = = = 3.43 kQ 
MULTISIM I 10 mA 
| x | Ra is most likely a 3.3 kQ standard-value resistor because 3.43 KQ is within a 


standard tolerance range (15%) of 3.3 KQ. 
Open Multisim file E04-15. 


Verify that the calculated value 
of R4 produces the current in RELATED PROBLEM 


Pe eee Go REPEAL LOrE Determine the value of Ry in Figure 4-38 if Vs = 20 V and/ = 10 mA. 
related problem. 


SECTION 4-6 CHECKUP 


1. State Kirchhoff s voltage law in two ways. 4. Ina series circuit with a 25 V source, there are three resistors. 
One voltage drop is 5 V, and the other is 10 V. What is the 


2. A 50 V source is connected to a series resistive circuit. What 
E = i X value of the third voltage drop? 


is the sum of the voltage drops in this circuit? 

5. The individual voltage drops in a series circuit are 1 V, 3 V, 
5 V, 7 V, and 8 V. What is the total voltage applied across 
the series circuit? 


3. Two equal-value resistors are connected in series across 
a 10 V battery. What is the voltage drop across each 
resistor? 
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4-7 VOLTAGE DIVIDERS 


A series circuit acts as a voltage divider. The voltage divider is an important application of 
series circuits. 


After completing this section, you should be able to 


e Use a series circuit as a voltage divider 
e Apply the voltage-divider formula 
e Use the potentiometer as an adjustable voltage divider 


e Describe some voltage-divider applications 


A circuit consisting of a series string of resistors connected to a voltage source acts as 
a voltage divider. Figure 4-39(a) shows a circuit with two resistors in series, although 
there can be any number. As you already know, there are two voltage drops: one across R} 
and one across R». These voltage drops are labeled V; and V>, respectively, as indicated in 
the schematic. Since each resistor has the same current through it, the voltage drops are 
proportional to the resistance values. For example, if the value of R, is twice that of Rj, 
then the value of V> is twice that of Vj. 

The total voltage drop around a single closed path divides among the series resistors 
in amounts directly proportional to the resistance values. The smallest resistance has the 
least voltage, and the largest resistance has the most voltage (V = JR). For example, in 
Figure 4—39(b), if Vs is 10 V, Ry is 100 Q, and R, is 200 Q, then V} is one-third the total 
voltage, or 3.33 V, because Ry is one-third the total resistance. Likewise, V> is two-thirds 
Vs, or 6.67 V, because R, is two-thirds the total resistance. 


Ys = (o V=3.33 V 


This Vg notation is 
equivalent to a Ry =300 Q 
battery symbol. 


Jr = G) V =6.67V 


(a) (b) 
FIGURE 4-39 Example of a two-resistor voltage divider. 


Voltage-Divider Formula 


With a few calculations, you can develop a formula for determining how 

the voltages divide among series resistors. Assume a circuit with n resistors 

in series as shown in Figure 4—40, where n can be any number. V, 
Let V, represent the voltage drop across any one of the resistors and 

R, represent the number of a particular resistor or combination of resistors. 

By Ohm's law, you can express the voltage drop across R, as follows: 


V, = IR, 


The current through the circuit is equal to the source voltage divided 
by the total resistance (I = Vs/Rr). In the circuit of Figure 4-40, the total 
resistance is 


FIGURE 4-40 Generalized voltage divider 
Rr = Ri + Ra + R3 +--+: + Ro with n resistors. 
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By substitution of Vs /R+ for Jin the expression for V, 
V 
Le ta 
Rr 


(=) Vs (4-5) 
Ry 


Rearranging the terms you get 


Vy 


Equation 4-5 is the general voltage-divider formula, which can be stated as follows: 


The voltage drop across any resistor or combination of resistors in a series 
circuit is equal to the ratio of that resistance value to the total resistance, mul- 
tiplied by the source voltage. 


Flash Converters 


In many systems, an analog signal is converted to digital for processing. This process uses an 
analog-to-digital converter (ADC). For applications where speed is critical, a flash converter is 
the fastest type of ADC. 

The standard flash converter uses a large voltage-divider string composed of hundreds of 


resistors to set up a series of reference voltages. For example, an 8-bit flash ADC uses 255 
resistors in a divider string. The resistors must be very accurate, so they are carefully control- 
led within the integrated circuit. The input analog signal is compared to all of the different 
voltages simultaneously, and the level closest to the signal level is digitized. 


a 6238262 2013/12/10 12.27.66.5 


EXAMPLE 4-16 


Determine V; (the voltage across R,) and 
V, (the voltage across R3) in the circuit in 
Figure 441. Vs 


+ 
v = 
SOLUTION | 


To determine V;, use the voltage-divider 
formula, V, = (R,/Ry)Vs, where x = 1. 
The total resistance is 


Ry = Ry + R = 820 + 680 = 1500 


FIGURE 4-41 


R, is 82 Q and Vs is 10 V. Substitute these values into the voltage-divider formula. 


(RN (820 7 
Ys eal = (#25 jov = 5.47 V 


There are two ways to find the value of V,: Kirchhoff’ s voltage law or the 
voltage-divider formula. If you use Kirchhoff’s voltage law (Vs = Vi + Va), 
substitute the values for Vs and V} and solve for V3. 


V> = Vs = Vi = 10 V — 5.47 V = 4.53 Y 


MULTISIM To determine V>, use the voltage-divider formula where x = 2. 
AS 3 ( 680 
V =| — |]Vs = | J10 V = 4,53 V 
? "1500 


Open Multisim file E04-16. 
Use the multimeter to verify 


the calculated values of V; and RELATED PROBLEM 


Vz ie Cree Find the voltage drops across Ry and R; if R, is changed to 180 Q in Figure 441. 
problem. 
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EXAMPLE 4-17 


Calculate the voltage drop across each 
resistor in the circuit of Figure 442. 


SOLUTION 


Look at the circuit and consider the fol- 
lowing: The total resistance is 1000 Q. 
Ten percent of the total voltage is across 
R, because it is 10% of the total resist- 
ance (100 is 10% of 1000 O). Like- 
wise, 22% of the total voltage is dropped FIGURE 4-42 

across R, because it is 22% of the total 

resistance (220 Q is 22% of 1000 0). 

Finally, R3 drops 68% of the total voltage (680 Q is 68% of 1000 ©). 

Because of the convenient values in this problem, it is easy to mentally cal- 
culate the voltage drops (V; = 0.10 x 10 V = 1 V, Y, = 0.22 x 10 V = 2.2 V, 
and V3 = 0.68 X 10 V = 6.8 V). Such is usually not the case, but sometimes a 
little thinking will produce a result more efficiently. 

Although you have already reasoned through this problem, the calculations are 


(RN (1000 E 
n = (®ve = (2° oy = 1v 


R 2200 
V, = y, = Jiov = 2.2 V 


Rr 1000 Q 
R3 680 Q 
= n — V = 6. 
Y Go vs Coe a Jio can 


Notice that the sum of the voltage drops is equal to the source voltage, in accord- 
ance with Kirchhoff’ s voltage law. This check is a good way to verify your results. 


MULTISIM 


AS 


RELATED PROBLEM 7 
Open Multisim file E04-17. 


If R, and R, are both changed to 680 Q in Figure 4-42, what are all the voltage Verify the values of V1, V2, and 
drops? V3. Repeat for the related 
problem. 


EXAMPLE 4-18 
Determine the voltages between the following points in the circuit of Figure 443: 


(a) AtoB (b) AtoC (c) BtoC (d) BtoD (e) CtoD 


FIGURE 4-43 
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SOLUTION 
First determine Rr. 
Ry = 1.0k0 + 82k0 + 33k0 = 12.5k0 
Then apply the voltage-divider formula to obtain each required voltage. 


(a) The voltage A to B is also the voltage drop across Rj. 


van = (yg = (Ls a ay 
A oo ee 12.5k0 
(b) The voltage from A to C is the combined voltage drop across both R; and R3. 
In this case, R, in the general formula given in Equation 4-3 is R¡ + Ro). 


R, + 2) ES 
Vac = | |V; = | ——— 125 V = 18.4 V 
e Rr à 125k0)”> 


(c) The voltage from B to C is the voltage drop across R3. 


Ry 82k0 
Vgc = | = |v; = | == 125 V = 16.4 V 
AS (2) A o) i 


(d) The voltage from B to D is the combined voltage drop across both R, and R3. 
In this case, R, in the general formula is Ry + Ra. 


nik) ee 
Ven ( Ry Ys 1250. )7 a 


(e) Finally, the voltage from C to D is the voltage drop across R3. 


R 3.3 KQ 
Ves (Jr = (2340 asv = 6.6V 


MULTISIM 
AS 


If you connect this voltage divider, you can verify each of the calculated 
voltages by connecting a voltmeter between the appropriate points in each case. 


Open Multisim file E04-18. 
Verify the values of Vaz, Vac; 
Vgc, Vgp, and Vep. Repeat 
for the related problem. 


RELATED PROBLEM 


Determine each of the previously calculated voltages if Vs 1s doubled. 


The Potentiometer as an Adjustable 
Voltage Divider 


Recall from Chapter 2 that a potentiometer is a variable resistor with three terminals. A 
linear potentiometer connected to a voltage source is shown in Figure 4-44. Notice that the 
two end terminals are labeled 1 and 2. The adjustable terminal or wiper is labeled 3. The 


(a) Pictorial (b) Schematic (c) Equivalent schematic 


FIGURE 4-44 The potentiometer used as a voltage divider. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


4-7 VOLTAGE DIVIDERS 145 


potentiometer acts as a voltage divider, which can be illustrated by separating the total 
resistance into two parts as shown in Figure 4-44(c). The resistance between terminal 1 
and terminal 3 (R¡3) is one part, and the resistance between terminal 3 and terminal 2 (R32) 
is the other part. The potentiometer acts like a two-resistor voltage divider that can be 
manually adjusted. 

Figure 4—45 shows what happens when the wiper contact (3) is moved. In part (a), 
the wiper is exactly centered, making the two resistances equal. If you measure the voltage 
across terminals 3 to 2 as indicated, you have one-half of the total source voltage. When 
the wiper is moved up from the center position, as in part (b), the resistance between termi- 
nals 3 and 2 increases, and the voltage across it increases proportionally. When the wiper 
is moved down from the center position, as in part (c), the resistance between terminals 3 
and 2 decreases, and the voltage decreases proportionally. 


+ 
Vs 


| 


(a) (b) (c) 
FIGURE 4-45 Adjusting the voltage divider. 


Applications 


There are many applications of voltage dividers in systems. A radio receiver can be thought 
of as a small system. The volume control is a common application of a potentiometer used 
as a voltage divider. Since the loudness of the sound is dependent on the amount of voltage 
associated with the audio signal, you can increase or decrease the volume by adjusting the 
potentiometer, that is, by turning the knob of the volume control. The block diagram in 
Figure 4—46 shows how a potentiometer can be used for volume control. 


Intermediate | | 
— frequency ———— Detector ie 
(IF) | | amplifier 
-amplifier _ L | L 
Volume 
control 


FIGURE 4-46 A variable voltage divider used for volume control in a 
radio receiver. 


Figure 4—7 illustrates how a potentiometer voltage divider can be used as a level sen- 
sor in a storage tank. As shown in part (a), the float moves up as the tank is filled and moves 
down as the tank empties. The float is mechanically linked to the wiper arm of a potentiom- 
eter, as shown in part (b). The output voltage varies proportionally with the position of the 
wiper arm. As the liquid in the tank decreases, the sensor output voltage also decreases. 
The output voltage goes to the indicator circuitry, which controls a digital readout to show 
the amount of liquid in the tank. The schematic of this system is shown in part (c). 

Another application for voltage dividers is in setting the gain of operational amplifi- 
ers and setting up reference voltages in power supplies. In certain precision applications, 
voltage dividers are available in IC form. In addition, voltage dividers are used for setting 
the dc operating voltage (bias) in transistor amplifiers. Figure 4—48 shows a voltage divider 
used for this purpose. 
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Resistive 
element 
(potentiometer) 


Ground 


Empty 


a 


| Moving contact 


(wiper arm) ON 


Float 


_ Processing 
circuit 


Volume 
display 


n Full Full 
a a “oO 
Supply Empty Output 
he voltage voltage 
Output voltage is 
proportional to float 
position. = Ground 
(a) Storage tank (b) Detail of level sensor (c) Schematic of level 


sensor 


FIGURE 4-47 A potentiometer voltage divider used as a level sensor. 


Transistor 


e“ symbol 


Voltage 
divider 


FIGURE 4-48 The voltage divider used as a bias 
circuit for a transistor amplifier. 


A voltage divider is useful for converting a resistance sensor output to a voltage. 
Resistance sensors were described in Section 2—5 and include thermistors, photoconduc- 
tive cells, and strain gages. To convert a change in resistance to an output voltage, the 
resistance sensor can be used in place of one of the resistors of a voltage divider. 


EXAMPLE 4-19 


Assume you have a CdS cell (a type of photoconductive cell) con- Vs 
figured as shown in Figure 4-49 that uses three AA batteries fora  +45V 
voltage source (4.5 V). At dusk, the resistance of the cell rises 

from a low resistance to above 90 kO. The cell is used to trigger a 

logic circuit that will turn on lights if Voyr 1s greater than approx- R 
imately 1.5 V. What value of R will produce an output voltage of 

1.5 V when the cell resistance is 90 kQ? 


Vout 
SOLUTION oe 
Notice that the threshold voltage (1.5 V) is one-third of the supply eee} 
voltage. You know that 90 kO represents one-third of the total 
resistance at this point. Therefore, the total resistance is y 
FIGURE 4-49 


Rr = 3(90k0) = 270k0 
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The resistance needed to produce an output voltage of 1.5 V 1s 


R = Ry — 90 kO = 270k0 — 90k0 = 180k0 


RELATED PROBLEM 


Starting with Equation 4-5, prove that the required resistance is 180 kQ to 
produce an output of 1.5 V when the cell resistance is 90 KO. 


SECTION 4-7 CHECKUP 


1. What is a voltage divider? 6. The circuit of Figure 4-50 is an adjustable voltage divider. If 
the potentiometer is linear, where would you set the wiper in 


2. How many resistors can there be in a series voltage-divider 
sid y S order to get 5 V from B to A and 5 V from C to B? 


circuit? 
3. Write the general voltage-divider formula. 


4. Iftwo series resistors of equal value are connected across a 20 V 
source, how much voltage is there across each resistor? 


5. A 56KO resistor and an 82 kO resistor are connected as a 
voltage divider. The source voltage is 10 V. Draw the circuit, 
and determine the voltage across each of the resistors. FIGURE 4-50 


4-8 POWER IN SERIES CIRCUITS 


The power dissipated by each individual resistor in a series circuit contributes to the total 
power in the circuit. The individual powers are additive. 


After completing this section, you should be able to 


e Determine power in a series circuit 


* Apply any of the power formulas 


The total amount of power in a series resistive circuit is equal to the sum of the 
powers in each resistor in series, 


Pe = Li AA FP, (4-6) 


where Pr is the total power and P,, is the power in the last resistor in series (n can be any 
positive integer equal to the number of resistors in series). 

The power formulas that you learned in Chapter 3 are, applicable to series circuits. 
Since each resistor in series has the same current through it, the following formulas are 
used to calculate the total power: 


Pr = Val 

Pr = Ri 
Vs 

Pr = 
Rr 


where / is the current through the circuit, Vs is the source voltage across the series circuit, 
and Rr is the total resistance. 
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EXAMPLE 4-20 


Determine the total amount of power in the series circuit in Figure 4-51. 


FIGURE 4-51 


SOLUTION 


The source voltage is 15 V. The total resistance is 

Ry = 100 + 120 + 560 + 220 = 1000 
The easiest formula to use is Py = Ve /Rr since you know both Vs and Ry. 
OvO (SV)? _ 225 Vv? 


= = = = 225W 
Rr 1000 1000 i 


Pr 


If you determine the power of each resistor separately and add all these 
powers, you obtain the same result. Another calculation will 1llustrate. First, find 
the current. 


Vs  15V 
Rr 1000 


[= = 150 mA 


Next, calculate the power for each resistor using P = PR. 
P, = (150 mA)*(10 Q) = 225 mW 
Py = (150 mA (12 Q) = 270 mW 
Pz = (150 mA)*(56 Q) = 1.26 W 
P, = (1500090) 249) fW 
Now, add these powers to get the total power. 


Py = 225 mW + 270 mW + 1.260 W + 495 mW = 2.25 W 


This result shows that the sum of the individual powers is equal to the total power 
as determined by the formula Py = Ve [Rr 


RELATED PROBLEM 


What is the total power in the circuit of Figure 4-51 if Vs is increased to 30 V? 


SECTION 4-8 CHECKUP 


1. If you know the power in each resistor in a series circuit, how 3. A circuit has a 100 Q, a 330 O, and a 680 O resistor in 
can you find the total power? series. There is a current of 1 mA through the circuit. What 1s 


dl l the total power? 
2. The resistors in a series circuit have the following powers: 1 W, p 


2 W, 5 W, and 8 W. What is the total power in the circuit? 
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4-9 VOLTAGE MEASUREMENTS 


The concept of reference ground was introduced in Chapter 2 and designated as the 0 V refer- 
ence point for a circuit. Voltage is always measured with respect to another point in the circuit. 
Ground is discussed in more detail in this section. 


After completing this section, you should be able to 


e State how to measure voltage with respect to ground 
¢ Define the term reference ground 


e Explain the use of single and double subscripts for indicating voltages 


The term ground has its origin in telephone systems in which one of the conductors 
was the earth itself. The term was also used in early radio receiving antennas (called aeri- 
als) where one part of the system was connected to a metal pipe driven into the earth. 
Today, ground can mean different things and is not necessarily at the same potential as the 
earth. In electronic systems, reference ground (or common) refers to a conductor that is 
the comparison point for voltage measurements in a circuit. Frequently, it is the conductor 
that carries the power supply return current. Most electronic circuit boards have a larger 
conducting surface area for ground. For many multilayer boards the surface area is a sepa- 
rate internal layer, which is referred to as a ground plane. 

In electrical wiring, the reference ground is usually the same as the earth potential 
because neutral and earth ground are connected at the entrance point to a building. In this 
case, reference ground and earth ground are at the same potential. (Section 517 of the 
National Electric Code (NEC) specifies certain exceptions to this grounding method for 
hospital operating rooms and health care facilities.) 

The concept of reference ground is also used in automotive electrical systems. In most 
automotive systems, the chassis of the automobile is the ground reference (even though the 
tires insulate it from the earth, which can be a different potential). In nearly all modern auto- 
mobiles, the negative post of the battery is connected to the chassis with a solid low-resistance 
connection. This makes the chassis of the vehicle serve as the return path for all of the elec- 
trical circuits in the vehicle, as illustrated in the simplified drawing in Figure 4-52. In some 
vintage cars, the positive terminal was connected to the chassis in an arrangement called 
positive ground. In both cases, the chassis represents the reference ground point. 


SAFETY NOTE 
When removing a battery from 
an automobile, remove the 
ground wire first. If a tool 
should then accidentally come 
in contact with the chassis and 
the positive terminal, a spark 
will be avoided; there is no 
current because there is no 
return path. When installing a 
battery, always install the 
ground connection last to avoid 
a spark if a tool accidentally 
touches the chassis. 


= 


TE y Ground 


Electrical and electronic == 
loads (lights, radio, etc.) | | 
I 
I P 


Chassis 


FIGURE 4-52 The chassis serves as a return path for the 
electrical circuits in a vehicle. 


Measuring Voltages with Respect to Ground 


When voltages are measured with respect to ground, they are indicated with a single-letter 
subscript. For example, V4 is voltage at point A with respect to ground. Each circuit in Figure 
4-53 consists of three 1.0 kQ series resistors and four lettered reference points. Reference 
ground represents a potential of 0 V with respect to all other points in each circuit as illus- 
trated. In part (a), the reference point is D, and all voltages are positive with respect to D. In 
part (b), the reference point is A in the circuit, and all other points have a negative voltage. 
Many circuits use both positive and negative voltages and as mentioned, the return 
path for these supplies is designated as reference ground. Figure 4-53(c) shows the same 
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1.0 kQ 1.0 kQ 1.0 kQ 


(a) Positive voltages with respect to ground (b) Negative voltages with respect to ground (c) Positive and negative voltages with respect 
to ground 


FIGURE 4-53 The ground point does not affect the current in the circuit or the voltage drops 
across the resistors. 


circuit but with two 6 V series-aiding sources replacing the 12 V source. In this case, the 
reference point is arbitrarily designated between the two voltage sources. There is exactly 
the same current in all three circuits, but now voltages are referenced to the new ground 
point. As you can see from these examples, the reference ground point is arbitrary and 
does not change the current. 

Not all voltages are measured with respect to ground. If you wish to specify the volt- 
age drop across an ungrounded resistor, you can name the resistor in the subscript or use 
two-lettered subscripts. When two different subscripts are used, the voltage represents the 
difference between the points. For example, Vgc means Vg — Vc. In Figure 4-53, Vgc is 
the same in all three circuits (+4.0 V) as you can confirm by performing the subtraction in 
each case. Another way of designating Vgc 1s to write simply Vp». 

There is one more convention commonly used to express voltages using subscripts. 
Power supply voltages are usually given with a double-letter subscript. The reference point 
is ground or common. For example, a voltage written as Vcc is a positive power supply 
voltage with respect to ground. Other common power supply voltages are Vpp (positive), 
Ver (negative), and Vss (negative). 

To measure voltages with a digital meter, the meter leads can be connected across any 
two points and the meter will indicate the voltage, either positive or negative. The meter 
reference jack is labeled “COM” (normally black). This is common only to the meter, not to 
the circuit. Figure 4—54 shows a DMM used to measure the voltage across the ungrounded 
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FIGURE 4-54 A DMM has a “floating” common, so the leads can be connected to any points in 
the circuit and it will indicate the correct voltage between the two leads. 
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FIGURE 4-55 An analog meter needs to be connected so that the positive lead goes to the more 
positive point in the circuit. 


(floating) resistor Rz. The circuit is the same one given in Figure 4-53(b), which has a 
negative power supply. It is shown as it might be constructed in a lab. Notice that the meter 
indicates a negative voltage, which means that the meter’s COM lead is the more positive 
lead. If you wanted to measure voltages with respect to the circuit’ s reference ground, you 
would connect the COM on the meter to the circuit’s reference grouphsiheyoltage with 
respect to the reference ground will be indicated. 

If you are using an analog meter to make circuit measurements, you must connect the 
meter so that its common lead is connected to the most negative point in the circuit, or else MULTISIM 
the meter movement will try to move backward. Figure 4-55 shows an analog meter con- 
nected to the same circuit as before; notice that the meter leads are reversed. To measure 
voltage across Ry, the leads must be connected so that the meter will deflect in the positive 
direction. The positive lead on the meter is connected to the more positive point in the cir- 
cuit, which in this case is the circuit’s ground. The user appends a minus sign to the reading 
when recording the reading. 


Open Multisim file E04-21. For 
each circuit, verify the values 
of the voltages at each point 
with respect to ground. Repeat 
for the related problem. 


EXAMPLE 4-21 


Determine the voltages at each of the indicated points in each circuit of Figure 4-56 with respect to ground. Since 
each of the four resistors has the same value, 25 V are dropped across each one. 


(b) 
FIGURE 4-56 
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SOLUTION 


For the circuit in Figure 4—56(a), the voltage polarities are as shown. Point E is ground. Single-letter subscripts 
denote voltage at a point with respect to ground. The voltages with respect to ground are as follows: 


VE =0V, Vp = +25V, Vo= +50V, V¿= +75V, Vy = +100V 


For the circuit in Figure 4—56(b), the voltage polarities are as shown. Point D is ground. The voltages with 
respect to ground are as follows: 


Ve = -25V, Vp =0V, Ve= +25V, Vg = +50V, V, = +75V 


For the circuit in Figure 4—56(c), the voltage polarities are as shown. Point C is ground. The voltages with 
respect to ground are as follows: 


Ve= =50V, Vp = —25 V, V¿=0V, Vg = +25V, Vy = +50V 


RELATED PROBLEM 


If the ground is moved to point A in Figure 4-56(a), what are the voltages at each of the other points with respect 
to ground? 


SECTION 4-9 CHECKUP 


1. What is the reference point in a circuit called? 4. The housing or chassis can be used as reference ground. (True 
ere or False 
2. If Vag in a circuit is +5.0 V, what is Vga? ) 
3. Voltages in a circuit are generally referenced to ground. (True 
or False) 


4-10 TROUBLESHOOTING 


Open components or contacts and shorts between conductors are common problems in all 
circuits. An open produces an infinite resistance. A short produces nearly zero resistance. 


After completing this section, you should be able to 


e Troubleshoot series circuits 
e Check for an open circuit 
e Check for a short circuit 
¢ Identify primary causes of opens and shorts 


Open Circuit 


The most common failure in a series circuit is an open. For example, when a resistor or a 
lamp burns out, it creates an open, causing a break in the current path, as illustrated in 
Figure 4-57. 


An open in a series circuit prevents current. 


TROUBLESHOOTING AN OPEN In Chapter 3, you were introduced to the anal- 


ysis, planning, and measurement (APM) approach to troubleshooting. You also learned 
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(a) A complete series circuit has current. (b) An open series circuit has no current. 


FIGURE 4-57 Current ceases when an open occurs. 


about the half-splitting method and saw an example using an ohmmeter. Now, the same 
principles will be applied using voltage measurements instead of resistance measurements. 
As you know, voltage measurements are generally the easiest to make because you do not 
have to disconnect anything. 

As a beginning step, prior to analysis, it is a good idea to make a visual check of the 
faulty circuit. Occasionally, you can find a charred resistor, a broken lamp filament, a loose 
wire, or a loose connection this way. However, it is possible (and probably more common) 
for a resistor or other component to open without showing visible signs of damage. When 
a visual check reveals nothing, then proceed with the APM approach. 

When an open occurs in a series circuit, all of the source voltage appears across the 
open. The reason for this is that the open condition prevents current through the series 
circuit. With no current, there can be no voltage drop across any of the other resistors (or 
other component). Since JR = (0 A)R = 0 V, the voltage on each end of a good resistor is 
the same. Therefore, the voltage applied across a series string also appears across the open 
component because there are no other voltage drops in the circuit, as illustrated in Figure 4-38. 
The source voltage will appear across the open resistor in accordance with Kirchhoff’s 
voltage law as follows: 


Ves Vid Y. E Ver Vas Ve Ve 
V=V. —V-=V=-WVW- WoW 

10V =0V=0VW=0V =0V =0Y 
Vs = 10V 


V4 


HANDS ON TIP 
When measuring a resistance, 
make sure that you do not 
touch the meter leads or the 
resistor leads. If you hold both 
ends of a high-value resistor in 
your fingers along with the 
meter probes, the measurement 
will be inaccurate because your 
body resistance can affect the 
measured value. When body 
resistance is placed in parallel 
with a high-value resistor, the 
measured value will be less 
than the actual value of the 
resistor. 


FIGURE 4-58 The source voltage appears across the open series 
resistor. 


EXAMPLE OF HALF-SPLITTING USING VOLTAGE MEASUREMENTS 
Suppose a circuit has four resistors in series. You have determined by analyzing the symp- 
toms (there is voltage but no current) that one of the resistors is open, and you are planning 
to find the open resistor using a voltmeter for measuring by the half-splitting method. A 
sequence of measurements for this particular case is illustrated in Figure 4-59. 


Step 1: Measure across R; and R, (the left half of the circuit). A 0 V reading indicates 
that neither of these resistors is open. 


Step 2: Move the meter to measure across R3 and R4; the reading is 10 V. This indi- 
cates there is an open in the right half of the circuit, so either R3 or R4 is the 
faulty resistor (assume no bad connections). 
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+ 10V = 


FIGURE 4-59 Troubleshooting a series circuit for an open using 
half-splitting. 


Step 3: Move the meter to measure across R3. A measurement of 10 V across R3 identi- 
fies it as the open resistor. If you had measured across R4, it would have indi- 
cated O V. This would have also identified R3 as the faulty component because 
it would have been the only one left that could have 10 V across it. 


Short Circuit 


Sometimes an unwanted short circuit occurs when two conductors touch or a foreign object 
such as solder or a wire clipping accidentally connects two sections of a circuit together. 
This situation is more common in circuits with a high component density. Three potential 
causes of short circuits are illustrated on the PC board in Figure 4-60. 


Wire 
clipping 


Shorted 


leads Solder splash 


FIGURE 4-60 Examples of shorts on a PC board. 


When there is a short, a portion of the series resistance is bypassed (all of the current 
goes through the short), thus reducing the total resistance as illustrated in Figure 4-61. 
Notice that the current increases as a result of the short. 


A short in a Series circuit causes more current. 


TROUBLESHOOTING A SHORT A short is generally very difficult to trouble- 

shoot. As in any troubleshooting situation, it is a good idea to make a visual check of the 

faulty circuit. In the case of a short in the circuit, a wire clipping, solder splash, or touching 
. , 13238202 2013/12/10 12,27.66.5 

leads is often found to be the culprit. In terms of component failure, shorts are less Common 


than opens in many types of components. Furthermore, a short in one part of a circuit can 
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(a) Before short (b) After short 


FIGURE 4-61 The effect of a short in a series circuit. 


cause overheating in another part due to the higher current caused by the short. As a result 
two failures, an open and a short, may occur together. 

When a short occurs in a series circuit, there is essentially no voltage across the 
shorted part. A short has zero or near zero resistance, although shorts with significant 
resistance values can occur from time to time. These are called resistive shorts. For pur- 
poses of illustration, zero resistance 1s assumed for all shorts. 

In order to troubleshoot a short, measure the voltage across each resistor until you get 
a reading of 0 V. This is the straightforward approach and does not use half-splitting. In 
order to apply the half-splitting method, you must know the correct voltage at each point in 
the circuit and compare it to measured voltages. Example 4—22 illustrates using half-splitting 
to find a short. 


EXAMPLE 4-22 


Assume you have determined that there is a short in a circuit with four series 
resistors because the current is higher than it should be. You know that the volt- 
age at each point in the circuit should be as shown in Figure 4-62 if the circuit is 
working properly. The voltages are shown relative to the negative terminal of the 
source. Find the location of the short. 


O 0) 
+ 10Y = 


FIGURE 4-62 Series circuit (without a short) with correct voltages 
marked. 


SOLUTION 
Use the half-splitting method to troubleshoot the short. 


Step 1: Measure across R; and Ry. The meter shows a reading of 6.67 V, which 
is higher than the normal voltage (it should be 5 V). Look elsewhere for 
a voltage that is lower than normal because a short will make the volt- 
age less across that part of the circuit. 


Step 2: Move the meter and measure across R3 and R4; the reading of 3.33 V is 
incorrect and lower than normal (it should be 5 V). This shows that the 
short is in the right half of the circuit and that either R3 or R4 is shorted. 
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Step 3: Again move the meter and measure across R3. A reading of 3.3 V across R3 
tells you that Ry is shorted because it must have O V across it. Figure 4-63 
illustrates this troubleshooting technique. 


Step 2 


©) © 
+ 10V - 


FIGURE 4-63 Troubleshooting a series circuit for a short using 
half-splitting. 


RELATED PROBLEM 


Assume that R4 is shorted in Figure 4-63. What would the Step | measurement be? 


SECTION 4-10 CHECKUP 


1. Define open. 5. When a resistor fails, it will normally open. (True or False) 
2. Define short. 6. The total voltage across a string of series resistors is 24 V. If 
3, Whath h en P one of the resistors is open, how much voltage is there across 
; at happens when a series circuit opens? l . l 
PP P it? How much is there across each of the good resistors? 
4. Name two general ways in which an open circuit can occur in 


7. Explain why the voltage measured in Step 1 of Figure 4—63 is 


practice. How can a short circuit occur? l 
higher than normal. 


SUMMARY 


e The total series resistance is the sum of all resistors in the series circuit. 


e The total resistance between any two points in a series circuit is equal to the sum of all resistors 
connected in series between those two points. 


e Ifall of the resistors in a series circuit are of equal value, the total resistance is the number of 
resistors multiplied by the resistance value of one resistor. 


e The current is the same at all points in a series circuit. 
e Voltage sources in series add algebraically. 


e Kirchhoff s voltage law: The sum of the voltage drops in a series circuit equals the total source 
voltage. 


e Kirchhoff s voltage law: the algebraic sum of all the voltages around a closed single path is zero. 
e The voltage drops in a circuit are always opposite in polarity to the total source voltage. 
e Current is defined to be out of the negative side of a source and into the positive side. 


e Current is defined to be into the negative side of each resistor and out of the positive side. 
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e A voltage divider is a series arrangement of resistors connected to a voltage source. 


e A voltage divider is so named because the voltage drop across any resistor in the series circuit is 
divided down from the total voltage by an amount proportional to that resistance value in relation 
to the total resistance. 


e A potentiometer can be used as an adjustable voltage divider. 


e The total power in a resistive circuit is the sum of all the individual powers of the resistors making 
up the series circuit. 


e Voltages given with a single-lettered subscript are referenced to ground. When two different let- 
ters are used in the subscript, the voltage is the difference in the two points. 


e Ground (common) is zero volts with respect to all points referenced to it in the circuit. 
e Negative ground is the term used when the negative side of the source is grounded. 

e Positive ground is the term used when the positive side of the source is grounded. 

e The voltage across an open component always equals the source voltage. 


e The voltage across a shorted component is always 0 V. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 


Kirchhoff’s voltage law A law stating that (1) the sum of the voltage drops around a single closed 
path equals the source voltage in that loop or (2) the algebraic sum of all the voltages around a single 
closed path in a circuit is zero. 


Open A circuit condition in which the current path is interrupted. 


Reference ground The metal chassis that houses the assembly or a large conductive area on a 
printed circuit board used as the common or reference point; also called common (com). 


Series In an electric circuit, a relationship of components in which the components are connected 
such that they provide a single current path between two points. 


Series-aiding An arrangement of two or more series voltage sources with polarities in the same 
direction. 


Series-opposing An arrangement of two series voltage sources with polarities in the opposite 
direction; not a normal configuration. 


Short A circuit condition in which there is a zero or abnormally low resistance path between two 
points: usually an inadvertent condition. 


Voltage divider A circuit consisting of series resistors across which one or more output voltages 
are taken. 


KEY FORMULAS 


(4-1) Ry = Ri + Ry + R3 + te +R, Total resistance of n resistors in series 
(4-2) Ry = nR Total resistance of n equal-value 
resistors in series 

(4-3) Vg = V, + Vo + V3 +--° +V Kirchhoff s voltage law in a series circuit 
(4—4) Vi + Va + V3 +--° + Vz, = 0 Kirchhoff’s voltage law 

Ry ~ 
(4-5) V = Re Vs Voltage-divider formula 

T 

(4-6) Pr = Pi + Py + P3 + +++ + P, Total power 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. A series circuit can have more than one path for current. 
2. The total resistance of a series circuit can be less than the largest resistor in that circuit. 


3. Iftwo series resistors are different sizes, the larger resistor will have the larger current. 
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4. If two series resistors are different sizes, the larger resistor will have the larger voltage. 


5. If three equal resistors are used in a voltage divider, the voltage across each one will be one- 
third of the source voltage. 


There is no valid electrical reason for installing flashlight batteries so that they are series-opposing. 
Kirchhoff s voltage law is valid only if a loop contains a voltage source. 


The voltage-divider equation can be written as V, = (R,/Rr)Vs. 


> PAE A 


The power dissipated by the resistors in a series circuit is the same as the power supplied by the 
source. 


10. If point.A in a circuit has a voltage of +10 V and point B has a voltage of —2 V, then V4z is +8 V. 


SELF-TEST 


Answers are at the end of the chapter. 


1. Five equal-value resistors are connected in series and there is a current of 2 mA into the first 
resistor. The amount of current out of the second resistor is 


(a) 2mA (b) 1 mA (c) 4mA (d) 0.4 mA 


2. To measure the current out of the third resistor in a circuit consisting of four series resistors, an 
ammeter can be placed 


(a) between the third and fourth resistors (b) between the second and third resistors 
(c) at the positive terminal of the source (d) at any point in the circuit 


3. When a third resistor is connected in series with two series resistors, the total resistance 


(a) remains the same (b) increases (c) decreases (d) increases by one-third 


4. When one of four series resistors is removed from a circuit and the circuit reconnected, the current 


(a) decreases by the amount of current through the removed resistor 
(b) decreases by one-fourth (e) quadruples (d) increases 


5. A series circuit consists of three resistors with values of 100 0, 220 Q, and 330 Q. The total 
resistance 1S 


(a) less than 100 Q (b) the average of the values (e) 550 Q (d) 650 Q 


6. A 9 V battery is connected across a series combination of 68 Q, 33 Q, 100 Q, and 47 Q resis- 
tors. The amount of current is 


(a) 36.3mA (b) 276A (©) 223mA (d) 363 mA 


7. While putting four 1.5 V batteries in a flashlight, you accidentally put one of them in backward. 
The light will be 


(a) brighter than normal (b) dimmer than normal (c) off (d) the same 


8. If you measure all the voltage drops and the source voltage in a series circuit and add them 
together, taking into consideration the polarities, you will get a result equal to 


(a) the source voltage (b) the total of the voltage drops 
(e) zero (d) the total of the source voltage and the voltage drops 


9. There are six resistors in a given series circuit and each resistor has 5 V dropped across it. The 
source voltage is 


(a) 5V (b) 30 V 
(c) dependent on the resistor values (d) dependent on the current 


10. A series circuit consists of a 4.7 kQ, a 5.6 kQ, and a 10 kQ resistor. The resistor that has the 
most voltage across it is 


(a) the 4.7 kQ (b) the 5.6 kQ 
(c) the 10k0 (d) impossible to determine from the given information 


11. Which of the following series combinations dissipates the most power when connected across a 
100 V source? 
(a) one 100 Q resistor (b) two 100 Q resistors 
(c) three 100 Q resistors (d) four 100 Q resistors 
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TROUBLESHOOTING: 
SYMPTOM AND CAUSE 
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The total power in a certain circuit is 1 W. Each of the five equal-value series resistors making 
up the circuit dissipates 


(a) 1 W (b) 5 W (e) 0.5 W (d) 0.2 W 

When you connect an ammeter in a series resistive circuit and turn on the source voltage, the 
meter reads zero. You should check for 

(a) a broken wire (b) a shorted resistor (c) an open resistor (d) both (a) and (c) 
While checking out a series resistive circuit, you find that the current is higher than 1t should be. 
Y ou should look for 


(a) an open circuit (b) a short (e) a low resistor value (d) both (b) and (c) 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


Determine the cause for each set of symptoms. Refer to Figure 4-64. 


FIGURE 4-64 The meters 
indicate the correct readings 
for this circuit. 


Symptom: The ammeter reading is zero, the voltmeter | and voltmeter 3 readings are zero, and 
the voltmeter 2 reading is 10 V. 


Cause: 


(a) Ry is open. (b) R, is open. (e) R, is open. 


Symptom: The ammeter reading is zero, and all the voltmeter readings are zero. 
Cause: 


(a) A resistor is open. (b) The voltage source is turned off or faulty. 
(c) One of the resistor values is too high. 


Symptom: The ammeter reading is 2.33 mA, and the voltmeter 2 reading 1s zero. 
Cause: 
(a) Ry is shorted. (b) The voltage source is set too high. (e) Rə is shorted. 


Symptom: The ammeter reading is zero, voltmeter 1 reads 0 V, voltmeter 2 reads 5 V, and volt- 
meter 3 reads 5 V. 


Cause: 

(a) R, is shorted. (b) R; and R> are open. (c) R, and R; are open. 

Symptom: The ammeter reading is 0.645 mA, the voltmeter 1 reading is too high, and the other 
two voltmeter readings are too low. 

Cause: 


(a) R; has an incorrect value of 10 KQ. (b) R, has an incorrect value of 10 KQ. 
(c) R, has an incorrect value of 10 kQ. 
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PROBLEMS 
6238262 2013/12/10 12.27.66.5 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 4-1 Resistors in Series 


1. Connect each set of resistors in Figure 4-65 in series between points A and B. 


ni A B A B 
A o—A\\— 
Ry 
R, o——AM o 
o——AMN O Ri R> R, Ri R3 Ra R 
ANO 
R; 
o—A\\y—— B 
(a) (b) (c) 
FIGURE 4-65 


2. Determine which resistors in Figure 4-66 are in series. Show how to interconnect the pins to put 
all the resistors in series. 


3. Determine the resistance between pins | and $ in the circuit board in Figure 4-66. 


4. Determine the resistance between pins 2 and 3 in the circuit board in Figure 4-66. 


Rh UY no 


FIGURE 4-66 


SECTION 4-2 Total Series Resistance 
5. An 82 Q resistor and a 56 Q resistor are connected in series. What is the total resistance? 


6. Find the total resistance of each group of series resistors shown in Figure 4-67. 


rer IS 
eee ee ee 


aaa 
aaa 
aaa 


rit ff [cit 


(b) 
FIGURE 4-67 
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7. Determine Rr for each circuit in Figure 4-68. Show how to measure Rr with an ohmmeter. 


1.0MQ 560k2 <S10MO 


4.7 KQ 
680 KQ 


(a) 


FIGURE 4-68 


8. What is the total resistance of twelve 5.6 kQ resistors in series? R, R, 


9. Six 47 Q resistors, eight 100 Q resistors, and two 22 Q resistors are in series. What is the total 
resistance? 


10. The total resistance in Figure 4-69 is 20 kQ. What is the value of Rs? 

11. Determine the resistance between each of the following sets of pins on the PC board in Figure 
4-66. ' 
(a) pin 1 and pin 8 (b) pin 2 and pin 3 3.9 kQ 
(e) pin 4 and pin 7 (d) pin 5 and pin 6 FIGURE 4-69 


12. If all the resistors in Figure 4-66 are connected in series, what is the total resistance? 


SECTION 4-3 Current in a Series Circuit 


13. What is the current through each of four resistors in a series circuit if the source voltage is 12 V 
and the total resistance is 120 Q? 


14. The current from the source in Figure 4-70 is 5 mA. How much current does each milliammeter 
in the circuit indicate? 


FIGURE 4-70 


SECTION 4-4 Application of Ohm’s Law 


15. What is the current in each circuit of Figure 4-71? Show how to connect an ammeter in each 
case. 


16. Determine the voltage across each resistor in Figure 4-71. 


(a) (b) 


FIGURE 4-71 
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17. Three 470 () resistors are in series with a 48 V source. 
(a) How much current is there? 
(b) What is the voltage across each resistor? 
(c) What is the minimum power rating of the resistors? 


18. Four equal-value resistors are in series with a 5 V source, and a current of 1 mA is measured. 
What is the value of each resistor? 


SECTION 4-5 Voltage Sources in Series 


19. Show how to connect four 6 V batteries to achieve a voltage of 24 V. 


20. What happens if one of the batteries in Problem 19 is accidentally connected in reverse? 


SECTION 4-6 Kirchhoff’s Voltage Law 


21. The following voltage drops are measured across each of three resistors in series: 5.5 V, 8.2 V, 
and 12.3 V. What is the value of the source voltage to which these resistors are connected? 


22. Five resistors are in series with a 20 V source. The voltage drops across four of the resistors are 
1.5 V,5.5 V, 3 V, and 6 V. How much voltage is across the fifth resistor? 


23. Determine the unspecified voltage drop(s) in each circuit of Figure 4-72. Show how to connect 
a voltmeter to measure each unknown voltage drop. 


(b) 


FIGURE 4-72 


SECTION 4-7 Voltage Dividers 


24. The total resistance of a series circuit is 500 Q. What percentage of the total voltage appears 
across a 22 Q resistor in the series circuit? 


25. Find the voltage between A and B in each voltage divider of Figure 4—73. 


FIGURE 4-73 


26. Determine the voltage with respect to ground for output A, B, and C in Figure 4—74(a). 


27. Determine the minimum and maximum output voltage from the voltage divider in Figure 
4—74(b). 

28. What is the voltage across each resistor in Figure 4-75? R is the lowest value and all others are 
multiples of that value as indicated. 
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B 
Vs 
12 V 
C 
GND 
(a) (b) = 
FIGURE 4-74 FIGURE 4-75 


29. What is the voltage across each resistor on the protoboard in Figure 4-76(b)? 


CS naa = mE CS 
sas MN M 
aaa CS mE E 


LO O a e CE E E E E E E 
Pete ee PPP ee eee ee 


TE T eR Pe eee eee eee nE 


Pe Pee eee eee = = = = 
O O E El 


CS CS 


ao 


+ (b) Protoboard with meter leads (yellow and green) 


oo and power supply leads (red and black) 


AUTORANGE 
TOUCH/HOLD connected 


J 
A 1000 Vv) a 
750V~ 1 con 


FUSED 


(a) Meter with leads 
going to protoboard 


FIGURE 4-76 


SECTION 4-8 Power in Series Circuits 
30. Five series resistors each dissipate 50 mW of power. What is the total power? 


31. Find the total power in Figure 4—76. 


SECTION 4-9 Voltage Measurements 
32. Determine the voltage at each point with respect to ground in Figure 4-77. 


A 


FIGURE 4-77 
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100 KQ 


FIGURE 4-78 


33. In Figure 4-78, how would you determine the voltage across R by measurement, without con- 
necting a meter directly across the resistor? 


34. Determine the voltage at each point with respect to ground in Figure 4-78. 
35. In Figure 4-78, what is V4? 
36. In Figure 4-78, what is Vca? 


SECTION 4-10 Troubleshooting 


37. By observing the meters in Figure 4-79, determine the types of failures in the circuits and 
which components have failed. 


FIGURE 4-79 


38. Is the multimeter reading in Figure 4-80 correct? If not, what is wrong? 
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CS CS CI IS CS 


eer tee eee ee 
err rite 


Peet a ne 
SS === 
TEAT AAA 


O a 


+ 

PRESS 

RANGE Gp 
AUTORANGE dE» 
TOUCH/HOLD EP» 


A 1000 Vaz 
750 Y ~ 


w | (b) Protoboard with meter leads connected 
COM N 
| 


- 


(a) Meter with leads 
going to protoboard 


FUSED 


FIGURE 4-80 


ADVANCED PROBLEMS 


39. Determine the unknown resistance (R3) in the circuit of Figure 4-81. 


FIGURE 4-81 


40. You have the following resistor values available to you in the lab in unlimited quantities: 
10 Q, 100 0, 470 0, 560 0,680 Q,10k0,22k0Q, and 5.6kQ. All of the other standard 
values are out of stock. A project that you are working on requires an 18 kQ resistance. What 
combination of available values can you use to obtain the needed value” 


41. Determine the voltage at each point in Figure 4-82 with respect to ground. 


FIGURE 4-82 
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42. Find all the unknown quantities (shown in red) in Figure 4-83. 


R, 
O 
+ _ - mi 
1 
+ y | 
+ 1000 = y, = + 20 mA 
ct ei -Z 4 | 4 20 V 
E R3 
Rs 2 6.6 V | 
R6 Ty; 7 -= M 
J O 
Pe =112 mW 
FIGURE 4-83 


43. There are 250 mA in a series circuit with a total resistance of 1.5 KQ. The current must be 
reduced by 25%. Determine how much resistance mus? We 2Gdéd 4n ‘bidet/t@oaecomplish this 
reduction in current. 


44. Four //2 W resistors are in series: 47 (0,68 Q, 100 Q, and 120 Q. To what maximum value can 
the current be raised before the power rating of one of the resistors is exceeded? Which resistor 
will burn out first if the current 1s increased above the maximum? 


45. A certain series circuit is made up of a !/s W resistor, a 1/4 W resistor, and a /2 W resistor. The 
total resistance is 2400 Q. If each of the resistors is operating at its maximum power level, 
determine the following: 

(a) I (b) Vs (c) the value of each resistor 


46. Using 1.5 V batteries, a switch, and three lamps, devise a circuit to apply 4.5 V across one lamp, 
two lamps in series, or three lamps in series with a single control switch. Draw the schematic. 


47. Develop a variable voltage divider to provide output voltages ranging from a minimum of 10 V 
to a maximum of 100 V using a 120 V source. The maximum voltage must be at the maximum 
resistance setting of the potentiometer. The minimum voltage must be at the minimum resist- 
ance (zero ohms) setting. The current is to be 10 mA. 


48. Using the standard resistor values given in Appendix A, design a voltage divider to provide the 
following approximate voltages with respect to the negative terminal of a 30 V source: 8.18 V, 
14.7 V, and 24.6 V. The current drain on the source must be limited to no more than 1 mA. The 
number of resistors, their resistance values, and their power ratings must be specified. Draw a 
schematic showing the circuit with all resistor values indicated. 


49. On the double-sided PC board in Figure 4-84, identify each group of series resistors and deter- 
mine its total resistance. Note that many of the interconnections feed through the board from the 
top side to the bottom side. 


FIGURE 4-84 
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50. What is the total resistance from A to B for each switch position in Figure 4-85? 


FIGURE 4-85 


680 Q 


51. Determine the current measured by the meter in Figure 4-86 for each switch position. 


FIGURE 4-86 


52. Determine the current measured by the meter in Figure 4-87 for each position of the ganged 
switch. 


FIGURE 4-87 


53. Determine the voltage across each resistor in Figure 4-88 for each switch position if the current 
through R; is 6 mA when the switch is in the D position. 


FIGURE 4-88 
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54. Table 4-1 shows the results of resistance measurements on the PC circuit board in Figure 4-84. 
Are these results correct? If not, identify the possible problems. 


TABLE 4-1 


55. You measure 15 kQ between pins 5 and 6 on the PC board in Figure 4-84. Does this indicate a 
problem? If so, identify it. 


56. In checking out the PC board in Figure 4-84, you measure 17.83 kQ between pins | and 2. 
Also, you measure 13.6kQ between pins 2 and 4. Does this indicate a problem on the PC 
board? If so, identify the fault. 


57. The three groups of series resistors on the PC board in Figure 4-84 are connected in series with 
each other to form a single series circuit by connecting pin 2 to pin 4 and pin 3 to pin 5. A volt- 
age source is connected across pins | and 6 and an ammeter is placed in series. As you increase 
the source voltage, you observe the corresponding increase in current. Suddenly, the current 
drops to zero and you smell smoke. All resistors are !/2 W. 

(a) What has happened? 
(b) Specifically, what must you do to fix the problem? 
(c) At what voltage did the failure occur? 


58. Refer to System Example 4-1. If the field coil should open while the motor is running, what 
happens? 


59. Refer to System Example 4-1. Assume the rotor has a resistance of 2 Q and resistors R4, Ry, and 
R, are each 10 O. Assuming Vs is 12 V, what is the current when the motor first starts (in posi- 
tion 1)? 

60. Refer to System Example 4—2. Assume the system voltage is maximum (588 V for 17 panels) 
and power is 4250 W. 
(a) What is the current in the first module? 
(b) How does it compare to the current in the last module? 


61. Refer to System Example 4—2. If one of the panels is shaded and can only source 5.0 A, what 
will happen to the total current from the array? 
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MULTISIM TROUBLESHOOTING MULTISIN 
PROBLEMS 


62. Open file P04-62: Files are found at www.pearsonhighered.com/floyd. Determine if there is a 
fault and, if so, identify the fault. 


63. Open file P04-63. Determine if there is a fault and, if so, identify the fault. 
64. Open file P04-64. Determine if there is a fault and, if so, identify the fault. 
65. Open file P04-65. Determine if there is a fault and, if so, identify the fault. 
66. Open file P04-66. Determine if there is a fault and, if so, identify the fault. 
67. Open file P04-67. Determine if there is a fault and, if so, identify the fault. 


ANSWERS TO SECTION CHECKUPS 


SECTION 4-1 Resistors in Series 


1. Series resistors are connected end-to-end in a “string.” 
2. There is a single current path in a series circuit. 
3. See Figure 4-89. 


A 
Rg 
R7 Ry 
B 
(c) 
FIGURE 4-89 
4. See Figure 4-90. 
R4 
A O O O 
R} Re 
R; Re 
O O O 
B 
FIGURE 4-90 


SECTION 4-2 Total Series Resistance 


1. (a) Rp = 3304+ 1000 + 100 = 1430 
(b) Rp = 3990 +560 4+ 100 = 1050 
(e) Rr = 8200 + 22009 + 10000 = 40200 


2. Rr = 100 Q + 2(47 0) + 4012 0) + 330 Q = 572 0 
. 1LOkKOD — 88k0 = 12k0 
4. Ry = 12(47 Q) = 5640 


SECTION 4-3 Current in a Series Circuit 

1. The current is the same at all points in a series circuit. 
There are 20 mA through the 47 Q resistor. 
50 mA between C and D, 50 mA between E and F 


Ammeter | indicates 17.9mA. Ammeter 2 indicates 17.9 mA. 


= le 
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SECTION 4-4 Ohm?”s Law in Series Circuits 
1. J = 6 V/300 Q = 0.020 A = 20 mA 
2. V = (5mA)(43 Q) = 125 mV 
3. Vi = (5mA)(10 0) = 50 mv, 
V, = (5mA)(15 0) = 75 mV, 
V3 = (SmA)(18 Q) = 90 mV 
4. R = 1.25 V/4.63 mA = 2700 
5. R= 1300 


SECTION 4-5 Voltage Sources in Series 
1. 60 V/12 V = 5; see Figure 4-91. 
2. Vr = (41.5 V) = 6.0 V 
3. See Figure 4-92. 


12 V 12 V 12 V 12 V 12 V 
hkkk 


60 V~~ >t 


FIGURE 4-91 FIGURE 4-92 


5. 30V 


SECTION 4-6 Kirchhoff”s Voltage Law 


1. Kirchhoff s voltage law states: 
(a) The algebraic sum of the voltages around a closed path is zero. 
(b) The sum of the voltage drops equals the total source voltage. 


Veco) = Vs = 50 V 

Ve = Ve = 10V/2=5V 

Vez = 25V—-5V—10V = 10V 
Vy=1V4+3V4+5V4+7V48V = 24V 


5 =? 


SECTION 4-7 Voltage Dividers 


1. A voltage divider is a series circuit with two or more resistors in which the voltage taken across 
any resistor or combination of resistors is proportional to the value of that resistance. 


. Two or more resistors form a voltage divider. 
. V, = (R,/Rr)Vs is the general voltage-divider formula. 
. Ve = 20V/2 = 10V 


See Figure 4-93. Ve; = (56k0./138kQ)10 V = 4.06 V, 
FIGURE 4-93 Vp = (82k0/138k0)10 V = 5.94 V. 


6. Set the potentiometer at the midpoint. 


Nn E Ww N 


SECTION 4-8 Power in Series Circuits 
1. Add the powers in each resistor to get total power. 
2. Prp=1W+2W=5W+8W = 16W 
3. Py = (1 mA}? (100 Q + 3300 + 680 0) = 1.11 mW 


SECTION 4-9 Voltage Measurements 
1. Ground 
Ze 50V 
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3. True 
4. True 


SECTION 4-10 Troubleshooting 


1. An open is a break in the current path. 

2. A short is a zero resistance path that bypasses a portion of a circuit. 
3. Current ceases when a series circuit opens. 
4 


. An open can be created by a component failure or a faulty contact. A short can be created by 
wire clippings, solder splashes, etc. 


vi 


True 
6. 24 V across the open R; 0 V across the other resistors. 


7. Because Ry is shorted, more voltage is dropped across the other resistors than normal. The total 
voltage is divided across three equal-value resistors. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


4-1 (a) Left end of R} to terminal A, right end of Ry to top end of R}, bottom end of Rx to right 
end of Rs, left end of Rs to left end of R2, right end of R- to right end of Ra, left end of 
R, to terminal B 
(b) Ry = 1.0k0, Ry = 33 KQ, R} = 39k0, Ra = 4700, R; = 22k0 


4-2 The two series circuits are connected in series, so all the resistors on the board are in series. 
4-3 258 Q (No change) 
44 121k0 


45 22k0 ff, = 
B 


46 436k0 12.0 


Y 
V = 

4-7 18.5mA 7 

48 78V i 1 

49 v= iV V2 = 33V, V3 = 22V,Vs = 6.5 V, Va = 32.5 V le 7 


12.0 = 
4-10 2750 
Ly 


4-11 6V 

4-12 See Figure 4-94. FIGURE 4-94 
4-13 10V,20V 

4-14 65V 

4-15 4300 

4-16 Vi = 3.13 V; V = 6.87 V 

4-17 Vi = V2 = V3 = 3.33 V 

4-18 Vig = 4 V; Vac = 36.8 V; Vgc = 32.8 V; Van = 46 V; Vep = 13.2 V 


Ry 
4-19 Y — Gal 


Ry 
Ve Ry R 
Vs Rr R+R, 
15V 90k0 


45V R+90k0 
1.5 V(R + 90kQ) = (45 V)\(90kQ) 


1.5R = 270 Q 
R = 1800 
4-20 9 W 


4-21 V; = OV: Vg = -25 V; Ve = —50 V: Vp = —75 V; Ve = —100 V 
4-22 3.33 V 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


172 CHAPTER 4 + SERIES CIRCUITS 


ANSWERS TO TRUE/FALSE QUIZ 


1. F 2. E 3, F 4. T 5. T 
6. T Ta F 8. T 9. T 10. F 


ANSWERS TO SELF-TEST 


1. (a) 2. (d) 3. (b) 4. (d) 5. (d) 6. (a) 7. (b) 
8. (c) 9. (b) 10. (c) 11. (a) 12. (d) 13. (d) 14. (d) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


1. (b) 2. (b) 3. (c) 4. (c) 5. (a) 
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PARALLEL CIRCUITS 


OUTLINE INTRODUCTION 


5-1 Resistors in Parallel In this chapter, you will see how Ohm’s law is used in 
sa mia Panle Rekane parallel circuits; and you will learn Kirchhoff’ s current 
law. Also, several system applications of parallel cir- 
cuits, including automotive lighting, residential wiring, 
and control circuits are presented. You will learn how to 


5-3 Voltage in a Parallel Circuit 
5-4 Application of Ohm’s Law 


5-5 Kirchhoff s Current Law determine total parallel resistance and how to trouble- 
5—6 Current Dividers shoot for open resistors. 

5-7 Power in Parallel Circuits When resistors are connected in parallel and a volt- 
5-8 Troubleshooting age 1s applied across the parallel circuit, each resistor 


provides a separate path for current. The total resistance 
of a parallel circuit is reduced as more resistors are con- 
O B J E C T I Vv E S nected in parallel. The voltage across each of the parallel 
resistors 1s equal to the voltage applied across the entire 


e Identify a parallel resistive circuit A 
parallel circuit. 


e Determine total parallel resistance 

e Determine the voltage across each parallel branch 
e Apply Ohm’s law in a parallel circuit 

e Apply Kirchhoff’s current law 

e Use a parallel circuit as a current divider 

e Determine power in a parallel circuit 


e Troubleshoot parallel circuits 


KEY TERMS 


Parallel Node 
Branch Current divider 
Kirchhoff’s currentlaw Radiometric image 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


5-1 RESISTORS IN PARALLEL 


When two or more resistors are individually connected between the same two points, they are 


in parallel with each other. A parallel circuit provides more than one path for current. 
After completing this section, you should be able to 


e Identify a parallel resistive circuit 


¢ Translate a physical arrangement of parallel resistors into a schematic 


Each parallel path in a circuit is called a branch. Two resistors connected in parallel 
are shown in Figure 5—1(a). As shown in part (b), the current out of the source (Ir) divides 
when it gets to point B. I; goes through Ry and J, goes through R2. The two currents come 
back together at point A. If additional resistors are connected in parallel with the first two, 
more current paths are provided, as shown in Figure 5—1(c). All points along the top shown 
in blue are electrically the same as point A, and all the points along the bottom shown in 
green are electrically the same as point B. 


FIGURE 5-1 Resistors in parallel. 


In Figure 5-1, it is obvious that the resistors are connected in parallel. However, in 
actual circuit diagrams, the parallel relationship often is not as clear. It is important that 
you learn to recognize parallel circuits regardless of how they may be drawn. 

A rule for identifying parallel circuits is as follows: 


If there is more than one current path (branch) between two points, and if the 
voltage between those two points also appears across each of the branches, 
then there is a parallel circuit between those two points. 


Figure 5—2 shows parallel resistors drawn in different ways between two points 
labeled A and B. Notice that in each case, the current has two paths going from A to B, and 
the voltage across each branch is the same. Although these figures show only two parallel 
paths, there can be any number of resistors in parallel. 


FIGURE 5-2 Examples of circuits with two parallel paths. 
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EXAMPLE 5-1 


Five resistors are positioned on a protoboard as shown in Figure 5-3. Show the wiring required to connect all the 
resistors in parallel between A and B. Draw a schematic and label each of the resistors with its value. 


CO O O A 


a ES FIGURE 5-3 


- O E 
ae l ee (GY = haia Caella a lo 
Tritt wf Trt Ww 
CI O A A tf WF 


OCR OOOO = 
Ke opere nm 
ME = «Fe AY 
o manne 
EA EA í : 
E EEE EEEE EEEREN EE EREE 


SOLUTION 


Wires are connected as shown in the assembly wiring diagram of Figure 5—4 (a). The schematic is shown in 
Figure 5—4(b) with resistance values from the color bands. Again, note that the schematic does not necessarily 
have to show the actual physical arrangement of the resistors. The schematic shows how components are con- 
nected electrically. 


A eee eh hm mm 
inh i oss — F 


AO 
R5 
1.0 kQ 
BO 
(a) Assembly wiring diagram (b) Schematic 


FIGURE 5-4 


RELATED PROBLEM* 


Would the circuit have to be rewired if R) is removed? 
* Answers are at the end of the chapter. 


EXAMPLE 5-2 


Determine the parallel groupings in Figure 5-5 and the value of each resistor. 


SOLUTION 


Resistors R; through R4 and R4; and R}; are all in parallel. This parallel combina- 
tion is connected to pins 1 and 4. Each resistor in this group is 56 KO. 

Resistors R5 through R jo are all in parallel. This combination is connected to 
pins 2 and 3. Each resistor in this group is 100 KO. 


RELATED PROBLEM 


How would you connect all the resistors on the PC board in parallel? 
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Pin 1 


Pin 2 


Pin 3 


Pin 4 


FIGURE 5-5 


SECTION 5-1 CHECKUP* 


1. How are the resistors connected in a parallel circuit? 4. Connect each group of parallel resistors in Figure 5—6 in 
E a arallel with each other. 
2. How do you identify a parallel circuit? P 
3. Complete the schematics for the circuits in each part of 
Figure 5—6 by connecting the resistors in parallel between 
points A and B. 


R7 
ame Ao—\WW— 

A R, 
R o—A\A,—o 

R, R, R3 l 
Ry 
B Bo—AW— o—MW— B 
Rs 
(a) (b) (c) 
FIGURE 5-6 


* Answers are at the end of the chapter. 
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When resistors are connected in parallel, the total resistance of the circuit decreases. The 
total resistance of a parallel circuit is always less than the value of the smallest resistor. For 
example, if a 10 © resistor and a 100 © resistor are connected in parallel, the total resistance 
is less than 10 ©. 


After completing this section, you should be able to 


e Determine total parallel resistance 
e Explain why resistance decreases as resistors are connected in parallel 
e Apply the parallel-resistance formula 
e Describe two applications of a parallel circuit 


When resistors are connected in parallel, the current has more than one path. The 
number of current paths is equal to the number of parallel branches. 

In Figure 5—7(a), there is only one current path because it is a series circuit. There is 
a certain amount of current, I4, through R4. If resistor R) is connected in parallel with Ry, 
as shown in Figure 5—7(b), there is an additional amount of current, I, through R3. The 
total current coming from the source has increased with the addition of the parallel branch. 
Assuming that the source voltage 1s constant, an increase in the total current from the 
source means that the total resistance has decreased, in accordance with Ohm’s law. 
Additional resistors connected in parallel will further reduce the resistance and increase 
the total current. 


<< _ 
Ir includes 


I, and h. 


Ry 


(a) (b) 


FIGURE 5-7 Connecting resistors in parallel reduces total resistance and 
increases total current. 


Formula for Total Parallel Resistance, Ry 


The circuit in Figure 5-8 shows a general case of n resistors in parallel (n can be any inte- 
ger greater than 1). As resistors are added, there are more paths for current; hence, there 1s 
increased conductance. Recall that conductance (G) was defined in Section 2-5 as the 
reciprocal of resistance, (1/R). It has the unit of siemens (S). 

With parallel resistors, it is simple to think in terms of the conductive paths; each 
resistor adds to the total conductance as given by the following equation: 


Gr = Gi + Go + Gg t-e t Gp 


FIGURE 5-8 Circuit with n resistors in parallel. 
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Substituting 1/R for G, 


1 1 1 1 1 
E a ¿»lo a + — 
Rr R ky R; Ra 
Solve for Rr by taking the reciprocal of (that is, by inverting) both sides of the equation. 
1 
Ry = = ——_——— 5-1 
= E 1 1 a 
— + — +— + + — 
Ri R è R Rn 


Equation 5-1 shows that to find the total parallel resistance, add all the 1/R (or conductance, 
G) terms and then take the reciprocal of the sum. 


R= == 
T Gr 


EXAMPLE 5-3 


Calculate the total parallel resistance between 4° 
points A and B of the circuit in Figure 5-9. e 
1 
100 Q 
SOLUTION 
BO 
Use Equation 5-1 to calculate the total resist- 
FIGURE 5-9 


ance when you know the individual resistances. 
First, find the conductance, which is the reciprocal of the resistance, of each of the 
three resistors. 


1 1 
G=— = = 10 mS 
1 R, 1009 7 
G=- l —213m8 
— — == . m 
2 R 470 
] ] 
G,=—= = 45.5 mS 
3 R 20 al 


Next, calculate Ry by adding G,, Gy, and G3 and taking the reciprocal of the sum. 


1 1 
Rr = = 
i.it.it G+, 
+— + 
Ri R R 
1 1 


= ——— = 13.00 
10mS + 21.3 mS + 45.5 mS 76.8 mS on 
For a rough accuracy check, notice that the value of Ry (13.0 O) is smaller 
than the smallest value in parallel, which is R, (22 O), as it should be. 


RELATED PROBLEM 


If a 33 O resistor is connected in parallel in Figure 5-9, what is Rr? 


CALCULATOR TIP The parallel-resistance formula is easily solved on a calculator 
using Equation 5—1. The general procedure is to enter the value of R; and then take its 
reciprocal by pressing the x ! key (x | is a secondary function on some calculators). The 
notation x | means 1/x. Some calculators use 1/x instead of x ?. Next press the + key; 
then enter the value of R, and take its reciprocal. Repeat this procedure until all of the 
resistor values have been entered and the reciprocal of each has been added. The final step 
is to press the x ? key to convert 1 /Rx to Ry. The total parallel resistance is now on the 
display. The display format may vary, depending on the particular calculator. 
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EXAMPLE 5-4 


Show the steps required for a typical calculator solution of Example 5-3. 


SOLUTION 


. Enter 100. Display shows 100. 

. Press the x | key (or the 2nd then x ! keys). 

. Press the + key. 

. Enter 47. 

. Press the x | key. 

. Press the + key. 

Enter 22. 

. Press the x | key. 

. Press the ENTER key. Display shows 76.7311411992E *. 

. Press the x | and ENTER keys. Display shows 13.0325182758E”. 


SA NAN A = 


— 
© 


The number displayed in Step 10 is the total resistance, which is rounded to 


13.0 Q. 


RELATED PROBLEM 


Show the additional calculator steps for Ry when a 33 Q resistor is placed in 
parallel in the circuit of Example 5-3. 


THE CASE OF TWO RESISTORS IN PARALLEL Equation 5-1 is a general 
formula for finding the total resistance of any number of resistors in parallel. It is often 
useful to consider only two resistors in parallel because this situation occurs commonly 
in practice. 

Derived from Equation 5-1, the formula for two resistors in parallel is 


RR 
Roe 142 


TT 5-2 
R, + R, is 


Equation 5-2 states 


The total resistance for two resistors in parallel is equal to the product of the 
two resistors divided by the sum of the two resistors. 


This equation is sometimes referred to as the “product over the sum” formula. 


EXAMPLE 5-5 


Calculate the total resistance connected 
to the voltage source of the circuit in 
Figure 5-10. 


SOLUTION 
Use Equation 5-2. 


e RiR _ (680 0)G30 9) _ 224,000 o? 
YR, +R. 6809 + 3300 1,010 Q 


FIGURE 5-10 


RELATED PROBLEM 


Find Ry if a 220 © resistor replaces R, in Figure 5-10. 
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THE CASE OF EQUAL-VALUE RESISTORS IN PARALLEL Another spe- 
cial case of parallel circuits is the parallel connection of several resistors having the same 
value. The following is a shortcut method of calculating Ry when this case occurs: 


Ry = — (5-5) 
Equation 5-3 says that when any number of resistors (n), all having the same resistance 


(R), are connected in parallel, Ry is equal to the resistance divided by the number of resis- 
tors in parallel. 


EXAMPLE 5-6 


Find the total resistance between points A and B in Figure 5-11. 


AO 
bus que ue o o 
Bo 


FIGURE 5-11 


SOLUTION 
There are five 100 Q resistors in parallel. Use Equation 5-3. 


R 1000 
Tn 5 


= 20 Q 


RELATED PROBLEM 
Find Ry for three 100 kO resistors in parallel. 


NOTATION FOR PARALLEL RESISTORS Sometimes, for convenience, 
parallel resistors are designated by two parallel vertical marks. For example, Ry in parallel 
with R» can be written as R] | R>. Also, when several resistors are in parallel with each 
other, this notation can be used. For example, 


Ry || R2 || R; || Ral] Rs 


indicates that R; through Rs are all in parallel. 
This notation is also used with resistance values. For example, 


10k0||5kO 


means that a 10 KO resistor is in parallel with a 5 kO resistor. 


Applications of Parallel Circuits 


AUTOMOTIVE One advantage of a parallel circuit over a series circuit is that when 
one branch opens, the other branches are not affected. For example, Figure 5-12 shows a 
simplified diagram of an automobile lighting system. When one headlight on your car goes 
out, it does not cause the other lights to go out because they are all in parallel. 

Notice that the brake lights are switched on independently of the headlights and tail- 
lights. They come on only when the driver closes the brake light switch by depressing the 
brake pedal. When the lights switch is closed, both headlights and both taillights are on. 
When the headlights are on, the parking lights are off and vice versa, as indicated by the 
dashed line connecting the switches. If any one of the lights burns out (opens), there is still 
current in each of the other lights. The back-up lights are switched on when the reverse 
gear is engaged. 
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Lights 


Reverse 0 


Back-up 
lights 


FIGURE 5-12 Simplified diagram of the exterior light system of an automobile. 


Another automotive application of parallel resistances is the rear window defroster. 
As you know, power is dissipated in resistance in the form of heat. The defroster consists 
of a group of parallel resistance wires that warm the glass when power is applied. A typical 
defroster can dissipate over 100 W across the window. Although resistance heating is not 
as efficient as other forms of heat, in applications like this it is simple and cost effective. 


RESIDENTIAL Another common use of parallel circuits is in residential electrical sys- 
tems. All the lights and appliances in a home are wired in parallel. Figure 5-13 shows a typical 
room wiring arrangement with two switch-controlled lights and three wall outlets in parallel. 


FIGURE 5-13 Example of a parallel circuit in residential wiring. 


CONTROL CIRCUITS Many control systems use parallel circuits or equivalent 
circuits for control and monitoring an industrial process such as a production line. Most 
complex control applications are implemented on a dedicated computer called a program- 
mable logic controller (PLC). A PLC shows an equivalent parallel circuit, which is dis- 
played on a computer screen. Internally, the circuit may exist only as a computer code, 
written in a computer programming language. However, the displayed circuit is one that 
could in principle be constructed with hardware. These circuits can be drawú to tesembie 
a ladder—with rungs representing the load (and a source) and the rails representing the 
two conductors that are connected to the voltage source. (For example, notice that Fig- 
ure 5—13 resembles a ladder on its side, with the lights and wall outlets as loads.) Parallel 
control circuits use ladder diagrams but add additional control elements (switches, relays, 
timers, and more). The result of adding the control elements creates a logical diagram, 
which is referred to as ladder logic. Ladder logic is easy to understand, so it is popular for 
showing control logic in industrial environments, such as factories or food processors. 
Entire books are written about ladder logic, but a ladder diagram (parallel circuit) is at the 
core of all ladder logic. The most important aspect is that ladder logic shows the basic 
functionality of the circuit in an easy-to-read format. 

In addition to ladder diagrams used in industrial control problems, many auto repair 
manuals use these diagrams for showing circuits for troubleshooting purposes. Ladder 
diagrams are logical, so a technician can organize a test procedure by reading the diagram. 
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SECTION 5-2 CHECKUP 


1. Does the total resistance increase or decrease as more resis- 
tors are connected in parallel? 


2. The total parallel resistance is always less than what value? 


3. Determine Rr (between pin 1 and pin 4) for the circuit in 
Figure 5—14. Note that pins 1 and 2 are connected and pins 3 
and 4 are connected. 


FIGURE 5-14 


VOLTAGE IN A PARALLEL CIRCUIT 


The voltage across any given branch of a parallel circuit is equal to the voltage across each of 
the other branches in parallel. As you know, each current path in a parallel circuit is called 
a branch. 


After completing this section, you should be able to 


e Determine the voltage across each branch in a parallel circuit 
e Explain why the voltage is the same across all parallel resistors 


To illustrate voltage in a parallel circuit, let’s examine Figure 5-15(a). Points A, B, C, 
and D along the left side of the parallel circuit are electrically the same point because the 
voltage is the same along this line. You can think of all of these points as being connected 


FIGURE 5-15 Voltage across D a E 
parallel branches 3 
is the same. 


(a) (b) 
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by a single wire to the negative terminal of the battery. The points E, F, G, and H along 
the right side of the circuit are all at a voltage equal to that of the positive terminal of the 
source. Thus, voltage across each parallel resistor is the same, and each is equal to the 
source voltage. Notice that the parallel circuit in Figure 5-15 resembles a ladder as 
described earlier. 

Figure 5—15(b) is the same circuit as in part (a), drawn in a slightly different way. 
Here the left side of each resistor is connected to a single point, which is the negative bat- 
tery terminal. The right side of each resistor is connected to a single point, which is the 
positive battery terminal. The resistors are still all in parallel across the source. 

In Figure 5-16, a 12 V battery is connected across three parallel resistors. When 
the voltage is measured across the battery and then across each of the resistors, the read- 
ings are the same. As you can see, the same voltage appears across each branch in a 
parallel circuit. 


(a) Pictorial (b) Schematic 


FIGURE 5-16 The same voltage appears across each 
resistor in parallel. 


EXAMPLE 5-7 


Determine the voltage across each resistor in Figure 5-17. 


FIGURE 5-17 
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MULTISIM SOLUTION 


The five resistors are in parallel; so the voltage across each one is equal to the 


source voltage, Vs. There is no voltage across the fuse. 
Open Multisim file EO5-07; 


files are found at www. Vi = Vo = V3 = Vi = Vs = Vs = 25 V 
pearsonhighered.com/floyd. 
Verify that each resistor RELATED PROBLEM 


voltage equals the source 
voltage. Repeat for the related 


If R4 is removed from the circuit, what is the voltage across R3? 
problem. a a 


62382622Q L3 


DUMMY LOADS AND LOAD BANKS 


A dummy load is a precision high-power resistor and may include multiple resistors in 
one enclosure. A dummy load is used to test a system such as a radio transmitter without 
the actual load (the antenna) in place. A load bank performs the same function electroni- 
cally, but it absorbs a certain amount of current, which is controlled to represent a specific 
resistance. Both a dummy load and a load bank absorb energy from the system. For radio 
transmitters, the energy from the transmitter that is normally routed to the antenna system 
as electromagnetic energy is instead routed to the dummy load, where it is dissipated in the 
form of heat. Without an antenna or a dummy load, the transmitter could be damaged. The 
dummy load enables the transmitter to be tested under simulated conditions without caus- 
ing interference to other systems as adjustments are made. In addition to testing radio 
transmitters, dummy loads can allow testing of other systems. For example, load cells can 
be tested with a dummy load for calibration purposes. 

Figure 5-18(a) shows the schematic for a dummy load for testing a small radio trans- 
mitter and is composed of 1 W resistors (R¡ ¡ and R¡» can be 0.5 W each). Resistors R¡¡ and 
R¡, form a voltage divider, which is in parallel with the other resistors in the array. The 
output from the divider is rectified and measured with a voltmeter that can be calibrated for 
power. To match a 50 Q antenna system, the total resistance is 50 Q as you can determine 
from the values given. The entire assembly is contained in a shielded enclosure to avoid 
radiating any electromagnetic energy. The enclosure contains a meter to read the power in 
the load, as shown in Figure 5-18(b). 


To voltmeter 


R — Rip = 560 Q each; R¡¡ = Ri, = 270 Q each 


(a) Schematic 


(b) Front panel of dummy load 


FIGURE 5-18 A dummy load for testing a small transmitter. 
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SECTION 5-3 CHECKUP 


1. A 100 Q and a 220 O resistor are connected in parallel witha 3. In Figure 5-20, how much voltage does voltmeter 1 indicate? 
5 V source. What is the voltage across each of the resistors? Voltmeter 2? 


2. A voltmeter connected across Ry in Figure 5-19 measures 
118 V. If you move the meter and connect it across Ra, how 
much voltage will it indicate? What is the source voltage? 


FIGURE 5-20 


4. How are voltages across each branch of a parallel circuit 
FIGURE 5-19 related? 


5-4 APPLICATION OF OHM’S LAW 


Ohm ’s law can be applied to parallel circuit analysis. 


After completing this section, you should be able to 


e Apply Ohm’s law in a parallel circuit 
e Find the total current in a parallel circuit 
e Find the branch currents, voltage, and resistance in a parallel circuit 


The following examples illustrate how to apply Ohm’s law in parallel circuits. 


EXAMPLE 5-8 


Find the total current from the battery in 
Figure 5-21. 


SOLUTION 


The battery “sees” a total parallel resistance 


that determines the amount of current. First, 
calculate Rr. FIGURE 5-21 


R = RiR _ (10001560) _ 5600 07 
T R +R 1000+560 1560 


= 3590 


The battery voltage is 10 V. Use Ohm's law to find Jr. 


Vs 10 V 
Ihr = === — A 
TTR. 3590 777™ 
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MULTISIM 


Open Multisim file EOS-08. 
Using the multimeter, verify 
the calculated values of total 


RELATED PROBLEM 


Find the currents through R; and R; in Figure 5-21. Show that the sum of the cur- 
rents through R, and R, equals the total current. 


current and the branch currents. 


EXAMPLE 5-9 


Determine the current through each resistor in the parallel circuit of Figure 5-22. 


FIGURE 5-22 


SOLUTION 


The voltage across each resistor (branch) is equal to the source voltage. That is, 
the voltage across R4 is 20 V, the voltage across R, is 20 V, and the voltage across 
R3 is 20 V. Determine the current through each resistor as follows: 


Vs 20V _ 
MULTISIM l = Ri = wo 20.0 mA 
AS Vs 20 V 
pa = 9.09 mA 
S 2 R, 22k0 
Open Multisim file E05-09. y ae 
Measure the current through = 2 — = 
each resistor. Connect a 910 Q 3 o R3 560 Q 35.7 mA 


resistor in parallel with the 
other resistors and measure the 
branch currents. How much 
does the total current from the 
source change when the new 
resistor is added? 


RELATED PROBLEM 


If an additional resistor of 910 © is connected in parallel to the circuit in Figure 


5—22, determine all the branch circuits. 


EXAMPLE 5-10 


Find the voltage across the parallel cir- 


cuit shown in Figure 5-23. 


SOLUTION 


The total current into the parallel circuit 
is 37 mA. If you know the total resist- 


ance, then you can apply Ohm’s law to FIGURE 5-23 
get the voltage. The total resistance is 
Ro = 1 1 
+4 MENE: A E 
Ri R R 2200 5600 10k0 
1 1 


A558 = 1990mS lms 7348 


= 1360 
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Therefore, the source voltage and the voltage across each branch is 


Vs = IpRy = 37 mA)(136 Q) = 5.05 V 


RELATED PROBLEM 


Find the total current if R3 opens in Figure 5—23. Assume Vs remains the same. 


EXAMPLE 5-11 


Sometimes a direct measurement of resistance is not practical. For example, tung- 
sten filament bulbs get hot after turning them on, causing the resistance to 
increase. An ohmmeter can only measure the cold resistance. Assume you want 
to know the equivalent hot resistance of the two headlight bulbs and the two tail- 
light bulbs in a car. The two headlights normally operate on 12.6 V and draw 2.8 A 
each when they are on. 


(a) What is the total equivalent hot resistance when the two headlights are on? 


(b) Assume the total current for headlights and taillights is 8.0 A when all four 
bulbs are on. What is the equivalent resistance of each taillight? 


SOLUTION 


(a) Use Ohm’s law to calculate the equivalent resistance of one headlight. 


V 126V 
Raan = 7 = =450 


Because the two bulbs are in parallel and have equal resistances, 


Rygap 4530 
RTMHEAD) = a = o = 2.25 QO 
(b) Use Ohm’s law to find the total resistance with two taillights and two head- 
lights on. 
12.6V 
R = ——— = 1.58 2 
T(HEAD + TAIL) SOA 
Apply the formula for parallel resistors to find the resistance of the two tail- 
lights together. 
1 1 1 
= — 
Rrmeab+Tan) Rrap = Atal) 
1 1 E 1 1 1 


Ryan  RKrmeaD+Tan)  RKT(HEAD) 1580 2250 
RT(TAIL) = 5.25 0 


The two taillights are in parallel, so each light has a resistance of 


RTA = NRTTALL) = 2(5.25 O) = 10.5 Q 


RELATED PROBLEM 


What is the total equivalent resistance of two headlights that each draw 3.15 A? 
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SECTION 5-4 CHECKUP 


1. A 12 V battery is connected across three 680 Q resistors that 
are in parallel. What is the total current from the battery? 


2. How much voltage is required to produce 20 mA through the 
circuit of Figure 5-24? 


3. How much current is there through each resistor of Figure 5-24? 


4. There are four equal-value resistors in parallel with a 12 V 
source and 6 mA of current from the source. What is the value 


of each resistor? FIGURE 5-24 


5. A 1.0 KO anda 2.2 KO resistor are connected in parallel. 
There is a total of 100 mA through the parallel combination. 
How much voltage is dropped across the resistors? 


5-5 KIRCHHOFF’S CURRENT LAW 


Kirchhoff’s voltage law deals with voltages in a single closed path. Kirchhoff’s current law 
applies to currents in multiple paths. 


After completing this section, you should be able to 


e Apply Kirchhoff’s current law 
e State Kirchhoff’s current law 
¢ Define node 
e Determine the total current by adding the branch currents 
e Determine an unknown branch current 


Kirchhoff’s current law, often abbreviated KCL, can be stated as follows: 


The sum of the currents into a node (total current in) is equal to the sum of the 
currents out of that node (total current out). 


A node is any point or junction in a circuit where two or more components are connected. 
In a parallel circuit, a node is a point where the parallel branches come together. For exam- 
ple, in the circuit of Figure 5—25, there are two nodes as indicated, node A and node B. Let’s 


FIGURE 5-25 Kirchhoff’s 
current law: The current into a 
node equals the current out of 
that node. 
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start at the negative terminal of the source and follow the current. The total current Jr from the 
source 1s into node A. At this point, the current splits up among the three branches as indicated. 
Each of the three branch currents (J), h and B) is out of node A. Kirchhoff s current law says 
that the total current into node A is equal to the total current out of node A; that is, 


F=h+ht+kh 


Now, following the currents in Figure 5—25 through the three branches, you see that 
they come back together at node B. Currents /;, £,, and J; are into node B, and Jy is out of 
node B. Kirchhoff’s current law formula at node B is therefore the same as at node A. 


L+tht+h=h 


Kirchhoff’s current law can be applied to anything that acts as a load for an electrical system. 
For example, the power connections to a circuit board will have the same current supplied to the 
board as leaving the board. Likewise, a building has the same current on the incoming “hot” line 
as leaving on the neutral. The supply and return currents are always the same, but a fault in a 


system can cause return current to follow a different path other than the neutral line (a condition 
known as a “ground fault”). 


By Kirchhoff s current law, the sum of the currents into a node must equal the sum of 
the currents out of that node. Figure 5—26 illustrates the general case of Kirchhoff’s current 
law and can be written as a mathematical relationship. 


Lino + Imno + lino + e: + fina) 


5-4 
= loura + louro + louro) + *** + Louta) i. 


Moving the terms on the right side to the left side and changing the sign results in the fol- 
lowing equivalent equation: 


Inao) + Ino + fine) +t fina 7 foura) 7 louto 7 louto) T *** ourm = O 


This equation shows that all current into and out of the junction sums to zero. It is equiva- 
lent to “balancing the books” by accounting for all current into and out of a node. 

An equivalent way of writing Kirchhoff’s current law can be expressed using the 
mathematical summation shorthand as was done for Kirchhoff s voltage law in Section 4—6. 
To express Kirchhoff’s current law with this method, we will assign all currents with a 
sequential subscript (1, 2, 3, and so on) no matter 1f the current is into or out of the node. 


Tour) FIGURE 5-26 Generalized 
circuit node illustrates 
Kirchhoff’s current law. 


Dy) 
Tour) 


D2) 


ING) louro) 


y 
ay 


I IN(2) I OUT(m) 


Ina + Ana) t+ tna) +: o + Any = loura + louro + outa) +° * < Louton) 
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Currents into the node are assigned a positive sign and currents leaving the node are assigned 
a negative sign. Using this notation, Kirchhoff”s current law can be stated this way: 


This equation uses the mathematical symbol for summation, > , which means to add the 
terms from i = 1 toi = n, taking into account their signs, and set them equal to zero. It 
can be expressed as a statement as 


The algebraic sum of all of the currents entering and leaving a node is equal to 
zero. 


You can verify Kirchhoff’s current law by connecting a circuit and measuring each 
branch current and the total current from the source, as illustrated in Figure 5—27. When 
the branch currents are added together, their sum will equal the total current. This rule 
applies for any number of branches. 


FIGURE 5-27 An illustration of Kirchhoff’s 
current Paw. 


EXAMPLE 5-12 


In Example 5—11, you found the equivalent resistance of the headlights and taillights 
of a car. Using Kirchhoff’s current law, find the current in each of the two taillights, 
given that the total current is 8.0 A and together the headlights draw 5.6 A. Assume 
the lights are the only load on the battery. 


SOLUTION 
The current from the battery equals the current to the lights. 


Igar = ÍrueaD) + ran) 


The total current from the battery is +8.0 A and the currents to the bulbs are nega- 
tive. Rearranging, 


ITAI) = IBaT — lræan) = SOA —=56A=24A 
Because the taillights are identical, each draws 2.4 A/2 = 1.2 A. 


RELATED PROBLEM 


Using the resistance of the taillights from Example 5-11, show that Ohm’s law 
gives the same result. 
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EXAMPLE 5-13 


You know the branch currents in the circuit of Figure 5-28. Determine the total 
current entering node A and the total current leaving node B. 


FIGURE 5-28 


SOLUTION 


The total current out of node A is the sum of the two branch currents. Therefore, 
the total current into node A is 


Ir = l + Tp = 5mA + 12mA = 17mA 


The total current entering node B is the sum of the two branch currents. 
Thus, the total current out of node B is 


=] +h =5mA + 12mA = 17mA MULTISIM 
NS 
AI A A Open Multisim file E05-13. 


Verify that the total current is 
the sum of the branch currents. 
Repeat for the related problem. 


If a third resistor is connected in parallel to the circuit of Figure 5-28 and its cur- 
rent is 3 mA, what is the total current into node A and out of node B? 


EXAMPLE 5-14 


Determine the current through R, in Figure 5-29. 


FIGURE 5-29 


SOLUTION 


The total current out of node A is Jy = 4 + h + h. From Figure 5-29, you 
know the total current and the branch currents through R; and R3. Solve for J. 


MULTISIM 
lb = Ip - 1, — k = 100mA — 30mA — 20mA = 50mA z 
N 
RELATED PROBLEM Open Multisim file E05-14. 


Verify the calculated value for 
D. Repeat for the related 
problem. 


Determine /y and 1, if a fourth branch is added to the circuit in Figure 5-29 and it 
has 12 mA through it. 
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EXAMPLE 5-15 


Use Kirchhoff’s current law to find the current measured by ammeters A3 and AS 
in Figure 5-30. 


FIGURE 5-30 


SOLUTION 


The total current out of node X is 5 mA. Two currents are into node X: 1.5 mA 
through resistor R, and the current through A3. Kirchhoff s current law at node X is 


5mA = 15mA + T x3 
Solving for /13 yields 
13 = 5mA — 15mA = 3.5 mA 


The total current out of node Y is [13 = 3.5 mA. Two currents are into node Y: 
1 mA through resistor R, and the current through AS and R3. Kirchhoff’s current 
law applied to node Y gives 


35mA = 1mA + IAs 
Solving for /15 yields 
Ias = 35mA — 1mA = 2.5 mA 


RELATED PROBLEM 


How much current will an ammeter measure when it is placed in the circuit in 
Figure 5-30 right below R3? Below the negative battery terminal? 


SECTION 5-5 CHECKUP 


1. State Kirchhoff s current law in two ways. 4. Each of the two taillights on a trailer draws 1 A and the two 
brake lights each draw another 1 A. What is the current in the 


2. A total current of 2.5 A is into a node and the current out of ; , 
ground lead to the trailer when all lights are on? 


the node divides into three parallel branches. What is the sum 
of all three branch currents? 5. A underground pump has 10 A of current on the hot line. 


What should be tl ton tl tral line? 
3. In Figure 5-31, 100 mA and 300 mA are into the node. What A A ena egestas 


is the amount of current out of the node? 


FIGURE 5-31 
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5-6 CURRENT DIVIDERS 


A parallel circuit acts as a current divider because the current entering the junction of paral- 
lel branches “divides” up into several individual branch currents. 


After completing this section, you should be able to 


e Use a parallel circuit as a current divider 
e Apply the current-divider formula 


¢ Determine an unknown branch current 


In a parallel circuit, the total current into the junction of the parallel branches 
(node) divides among the branches. Thus, a parallel circuit acts as a current divider. 
This current-divider principle is illustrated in Figure 5-32 for a two-branch parallel 
circuit in which part of the total current [y goes through R, and part through R3. 

Since the same voltage is across each of the resistors in parallel, the branch cur- 
rents are inversely proportional to the values of the resistors. For example, if the value 
of R is twice that of R,, then the value of J, is one-half that of J,. In other words, 


The total current divides among parallel resistors into currents with values 
inversely proportional to the resistance values. FIGURE 5-32 Total current 


. . l . divides between the two branches. 
The branches with higher resistance have less current, and the branches with lower dk j = 


resistance have more current, in accordance with Ohm’s law. If all the branches have 
the same resistance, the branch currents are all equal. 


Power Resistors in the TO Case 


In high-current systems (up to about 40 A), a shunt resistor normally has a very 
small resistance. Small-value resistors with a large power rating are available in 
various case configurations that are designed to be mounted to a heat sink. The 
resistor shown is in a TO style case. Resistors as small as 5 mQ with 1% toler- 
ance are available in the TO case. 
The TO case configuration allows heat to be dissipated by the heat sink 
and away from the sensitive electronics assembly. Power specifications depends 
on the thermal design and range from | W to 100 W. An advantage to resistors 
used in TO cases is that they can operate in fast-switching circuits and in high-frequency applica- 
tions because there is little effect on the signal. 


Figure 5-33 shows specific values to demonstrate how the currents 
divide according to the branch resistances. Notice that in this case the resist- 
ance of the upper branch is one-tenth the resistance of the lower branch, but 
the upper branch current is ten times the lower branch current. 


Current-Divider Formula 


You can develop a formula for determining how currents divide among any 
number of parallel resistors, as shown in Figure 5-34, where n is the total 
number of resistors. 

The current through any one of the parallel resistors is [,, where x rep- 
resents the number of a particular resistor (1, 2, 3, and so on). By Ohm’s law, 
you can express the current through any one of the resistors in Figure 5-34 
as follows: FIGURE 5-33 The branch with the lowest 
resistance has the most current, and the 


T = branch with the highest resistance has the 
X 
R; least current. 
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FIGURE 5-34 A parallel circuit with n branches. 


The source voltage, Vs, appears across each of the parallel resistors, and R, represents any 
one of the parallel resistors. The total source voltage, Vs, 1s equal to the total current times 
the total parallel resistance. 


Vs = IRT 
Substituting /;R; for Vs in the expression for J, results in 


HR 
Ea 


R 
I; = (Fn (5-5) 


I, 


Rearranging terms yields 


where x = 1,2, 3, etc. Equation 5—5 is the general current-divider formula and applies to 
a parallel circuit with any number of branches. 


The current (/,) through any branch equals the total parallel resistance (Rr) 
divided by the resistance (R,) of that branch, and then multiplied by the total 
current (/r) into the junction of parallel branches. 


EXAMPLE 5-16 


Determine the current through each resistor in the circuit of Figure 5-35. 


FIGURE 5-35 


SOLUTION 
First, calculate the total parallel resistance. 


1 1 
h = = 111 Q 
1 1 1 1 1 1 


— — — 
R Ry R 6800 3300 2200 
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The total current is 10 mA. Use Equation 5—5 to calculate each branch current. 


R 
l= E = (E o J1Oma = 1.63 mA 


Ri 680 O 
Ry 1110 
bL = | — |r = 1 A = 3.36 mA 
2 Cae Gin) om m 
Rr 1110 
h = | 1 A = 5.05 mA 
3 ea ey Om 05 m 


RELATED PROBLEM 


Determine the current through R, and R, in Figure 5-33 if R3 is removed. Assume 
the source voltage remains the same. 


CURRENT-DIVIDER FORMULAS FOR TWO BRANCHES You already 
know how to use Ohm’s law (J = V/R) to determine the current in any branch in a parallel 
circuit when you know the voltage and resistance. When you do not know the voltage but 
you know total current, you can find both of the branch currents (J; and /,) by using the 


following formulas: 
a ) (5-6) 
Ri + R)" 5 


(E) T (5-7) 
Ri + R, 


These formulas show that the current in either branch is equal to the opposite branch resist- 
ance divided by the sum of the two resistances and then multiplied by the total current. 


l 


h 


EXAMPLE 5-17 
Find J, and J in Figure 5-36. 


Ry 
100 0 
100 mA 
 _ + 
—0 O+ 
IT 
Ry 
470 
FIGURE 5-36 


SOLUTION 


Use Equation 5—6 to determine J). 


i ( Ro Jz Ez )100 A = 32.0 mA 
— — m — x 
E 147 0 


Use Equation 5—7 to determine J). 


R O 
n= ( (E )100ma = 68.0 ma 


147 O 
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RELATED PROBLEM 6238262 2013/12/10 12.27.66.5 


If Ri = 56 O and Ry = 82 Q in Figure 5-36 and [y stays the same, what will 
each branch current be? 


HHF AMMETER SHUNTS 


Many systems incorporate basic analog ammeters; they are built into a control panel to 
give a visual indication of current. Most ammeters are set up to read more than one scale. 
Often, the meter is sensitive and will be destroyed with large currents. In order to avoid 
this and to read higher currents, parallel resistors called shunts are switched in, allowing 
most of the current to go around the meter. 

The mechanism in an analog ammeter that causes the pointer to move in proportion to 
the current is called the meter movement. A meter movement has a certain resistance and a 
maximum current. This maximum current, called the full-scale deflection current, causes the 
pointer to go all the way to the right side of the scale. The meter in this example has 50 O 
internal resistance and a full-scale deflection current of 1 mA. A basic meter with this par- 
ticular movement can measure currents of 1 mA or less, but if a current greater than 1 mA is 
in the meter movement, the pointer will “peg” (or stop) at full scale, which can damage the 
sensitive movement. 

Parallel resistors are used to extend the range of an ammeter. The resistor values can be 
determined by applying the current-divider rule or Ohm’s law. Figure 5-37 illustrates a 50 O, 
1 mA meter with three ranges: 1 mA, 10 mA, and 100 mA. In the 1 mA setting, there is no 
shunt. In the 10 mA setting, the shunt resistance is 1/9 of the meter resistance or 5.56 Q. 

The maximum current in the meter and maximum shunt current are shown in Table 
5-1 for each setting of the range switch. Notice that the maximum meter current never 
exceeds its rated 1.0 mA. The meter in Figure 5-37 is shown measuring the maximum cur- 
rent. In this case, 99 mA goes through the shunt and 1.0 mA goes through the meter move- 
ment. If the meter reads less than full scale, the currents in the meter and the shunt are 
proportionately less. 


100 x 1 mA = 100 mA 


TABLE 5-1 + Meter current. 
RANGE MAXIMUM MAXIMUM 


1mA,500 


SWITCH METER SHUNT + a _ 
SETTING CURRENT CURRENT movement 


FIGURE 5-37 A milliammeter with three ranges. 
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SECTION 5-6 CHECKUP 


1. A circuit has the following resistors in parallel with a voltage 3. Find the currents through each resistor in the circuit of 
source: 220 Q, 100 O, 68 O, 56 O, and 22 O. Which resistor Figure 5-39, 
has the most current through 1t? The least current? 


2. Determine the current through R3 in Figure 5-38. + 


FIGURE 5-39 
FIGURE 5-38 


5-7 POWER IN PARALLEL CIRCUITS 


Total power in a parallel circuit is found by adding up the powers of all the individual resis- 
tors, the same as for series circuits. 


After completing this section, you should be able to 


e Determine power in a parallel circuit 


Equation 5—8 states the formula for total power for any number of resistors in parallel. 
| ee a era ie ee E FPR, (5-8) 


where Pr is the total power and P,, is the power in the last resistor in parallel. As you can 
see, the powers are additive, just as in a series circuit. 

The power formulas from Chapter 3 are directly applicable to parallel circuits. The 
following formulas are used to calculate the total power Pr: 


Pr = Vslt 

Py = IpRy 
Vs 

Pr me 
Rr 


where Vs is the voltage across the parallel circuit, Jy is the total current into the parallel 
circuit, and Rr is the total resistance of the parallel circuit. Examples 5-18 and 5-19 show 
how total power can be calculated in a parallel circuit. 


EXAMPLE 5-18 


Determine the total amount of power in the parallel circuit in Figure 5—40. 


SOLUTION 
The total current is 200 mA. The total resistance is 


1 

Ry = = 11.10 
T 1 1 1 11.1 

+ 


+ — —— 
68 O 33 0 224) 
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FIGURE 5-40 


The easiest formula to use is Py = ER since you know both /7 and Rr. Thus, 
Pr = É Rp = (200 mA)’ (11.19) = 444 mW 


Let’s demonstrate that if you determine the power in each resistor and if you 
add all of these values together, you get the same result. First, find the voltage 
across each branch of the circuit. 


Vs = ItRr = (200 mA)(11.1 0) = 2.22 V 


Remember that the voltage across all branches is the same. 
Next, use P = Vé/R to calculate the power for each resistor. 


(2.22 V)? 

j.= 680 = 72.5mW 
(2.22 Vy 

a ae 149 mW 
Oyy 

3= =p An 


Now, add these powers to get the total power. 
Pr = 72.5mW + 149 mW + 224 mW = 446 mW 


This calculation shows that the sum of the individual powers is equal (approxi- 
mately) to the total power as determined by one of the power formulas. Rounding 
to three significant figures accounts for the difference. 


RELATED PROBLEM 


Find the total power in Figure 5—40 if the total voltage is doubled. 


EXAMPLE 5-19 


The amplifier in one channel of a stereo system as shown in Figure 5-41 drives 
two parallel speakers. If the maximum voltage* to the speakers is 15 V, how 
much power must the amplifier be able to deliver to the speakers? 


Channel | 
stereo 
amplifier 


FIGURE 5-41 


*Voltage is ac in this case; but power is determined the same for ac voltage as for de voltage, as you 
will learn later. 
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SOLUTION 


The speakers are connected in parallel to the amplifier output, so the voltage 
across each is the same. The maximum power to each speaker is 
2 2 
p Vinx _ (15 V) 
max R 8 O 


= 28.1 W 


The total power that the amplifier must be capable of delivering to the speaker ,../ 
system is twice the power in an individual speaker because the total power is the 
sum of the individual powers. 


Promax) = Pmax + Pmax = 2P max = 2(28.1 W) = 56.2 W 


RELATED PROBLEM 


If the amplifier can produce a maximum of 18 V, what is the maximum total 
power to the speakers? 


SECTION 5-7 CHECKUP 


1. If you know the power in each resistor in a parallel circuit, 4. Normally, circuits are protected with a fuse that is at least 

how can you find the total power? 120% of the maximum current expected. What size of fuse 
should be installed for an automotive rear window 
defroster that is rated for 100 W? Assume the battery 
voltage is 12.6 V. 


2. The resistors in a parallel circuit dissipate the following powers: 
1 W, 2 W, 5 W, and 8 W. What is the total power in the circuit? 


3. A circuit hasa1.0kQ,a2.7kQ, and a 3.9 kQ resistor in par- 
allel. There is a total current of 1 mA into the parallel circuit. 
What is the total power? 


5-8 TROUBLESHOOTING 


Recall that an open circuit is one in which the current path is interrupted and there is no cur- 
rent. In this section, you will see how an open in a parallel branch affects the parallel circuit. 


After completing this section, you should be able to 


e Troubleshoot parallel circuits 
e Check for an open in a circuit 


Open Branches 


If a switch is connected in a branch of a parallel circuit, 
as shown in Figure 5-42, an open or a closed path can 
be made by the switch. When the switch is closed, as in 
Figure 5—42(a), R; and R, are in parallel. The total 
resistance is 50 Q (two 100 Q resistors in parallel). 


Current is through both resistors. If the switch is FIGURE 5-42 When the switch opens, total current decreases and 
opened, as in Figure 5—42(b), R, is effectively removed current through R, remains unchanged. 


(b) 
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Open 


+ 


10V 10V 


FIGURE 5-44 All parallel 
branches (open or not) have 
the same voltage. 


fê 


HANDS ON TIP 
An alternate way to measure 
current without having to break 
a circuit to connect an ammeter 
is to place, as part of the 
original circuit, a 1 Q series 
resistor in each line through 
which current is to be 
measured. This small “sense” 
resistor will generally not 
affect the total resistance. By 
measuring the voltage across 
the sense resistor, you 
automatically have the current 
reading since 

V V 


[I = — = — = V 
R IQ 


from the circuit, and the total resistance is 100 O. There is still the same voltage across R, and 
the same current through it although the total current from the source is reduced by the amount 
of the R, current. 

In general, 


When an open occurs in a parallel branch, the total resistance increases, the 
total current decreases, and the same current continues through each of the 
remaining parallel paths. 


Consider the lamp circuit in Figure 5-43. There are four bulbs in parallel with a 12 V 
source. In part (a), there is current through each bulb. Now suppose that one of the bulbs 
burns out, creating an open path as shown in Figure 5-43(b). This light will go out because 
there is no current through the open path. Notice, however, that current continues through 
all the other parallel bulbs, and they continue to glow. The open branch does not change 
the voltage across the remaining parallel branches; it remains at 12 V, and the current 
through each branch remains the same. 


(b) 


FIGURE 5-43 When a lamp filament opens, total current decreases by the amount of current 
in the lamp that opened. The other branch currents remain unchanged. 


You can see that a parallel circuit has an advantage over a series connection in 
lighting systems because if one or more of the parallel bulbs burn out, the others will 
stay on. In a series circuit, when one bulb goes out, all of the others go out also because 
the current path is completely interrupted. 

When a resistor in a parallel circuit opens, the open resistor cannot be located by 
measurement of the voltage across the branches because the same voltage exists across 
all the branches. Thus, there is no way to tell which resistor is open by simply measur- 

ing voltage (the half-splitting method is not applicable). The good resistors will always 
have the same voltage as the open one, as illustrated in Figure 5-44 (note that the middle 
resistor 1s open). However, a temperature measurement with a thermal-imaging camera 
(see System Note on page 202) can reveal which resistors have current (good) and which 
do not (bad). 

If a visual inspection does not reveal the open resistor, it can be located by resistance 
or current measurements. In practice, measuring resistance or current is more difficult than 
measuring voltage because you must disconnect a component to measure the resistance 
and you must insert an ammeter in series to measure the current. Thus, a wire or a printed 
circuit connection must usually be cut or disconnected, or one end of a component must be 
lifted off the circuit board, in order to connect a DMM to measure resistance and current. 
This procedure, of course, is not required when voltage measurements are made because 
the meter leads are simply connected across a component. 


Finding an Open Branch by Current 
Measurement 


In a parallel circuit with a suspected open branch, the total current can be measured to find 
the open. When a parallel resistor opens, [y is always less than its normal value. Once you 
know fr and the voltage across the branches, a few calculations will determine the open 
resistor when all the resistors are of different values. 
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Consider the two-branch circuit in Figure 5—45(a). If one of the resistors opens, the 
total current will equal the current in the good resistor. Ohm’s law quickly tells you what 
the current in each resistor should be. 


50 V 
h = = 89.3 mA 
1 = 600 89.3 m 
50 V 
— == A 
h 1000 500 m 


Fr = l T h = 589.3 mA 


If R is open, the total current is 89.3 mA, as indicated in Figure 5—45(b). If Ry is 
open, the total current is 500 mA, as indicated in Figure 5—45(c). 


(a) Current with no open branch (b) Current with R, open (c) Current with R, open 


FIGURE 5-45 Finding an open path by current measurement. 


This procedure can be extended to any number of branches having unequal resist- 
ances. If the parallel resistances are all equal, the current in each branch must be checked 
until a branch is found with no current. 


EXAMPLE 5-20 


In Figure 5—46, there is a total current of 31.09 mA, and the voltage across the 
parallel branches is 20 V. Is there an open resistor, and if so, which one is it? 


FIGURE 5-46 


SOLUTION 


Calculate the current in each branch. 


LR ioko ^” 
V 20V 
L =— = = 4.26 mA 
2 R, 4.7kO i 
V 20V 
Oo ea 
20 V 
mane = 20 mA 
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The total current should be 


r=], +h +h += 2mA + 426mA + 9.09mA + 20 mA 
MULTISIM = 35.35 mA 


AS The actual measured current is 31.09 mA, as stated, which is 4.26 mA less than 


normal, indicating that the branch with 4.26 mA is open. Thus, Rz must be open. 
Open Multisim file EO5-20. 


Measure the total current and 
the current in each resistor. 
There are no faults in the 
circuit. 


RELATED PROBLEM 


What is the total current measured in Figure 5—46 if Ry and not R, is open? 


Shorted Branches 


When a branch in a parallel circuit shorts, the current increases to an excessive value, usu- 
ally causing the resistor to burn open or a fuse or circuit breaker to blow. This results in a 
difficult troubleshooting problem because it is hard to isolate the shorted branch. 

A pulser and a current tracer are tools often used to find shorts in a circuit. They are 
not restricted to use in digital circuits but can be effective in any type of circuit. The pulser 
is a pen-shaped tool that applies pulses to a selected point in a circuit, causing pulses of cur- 
rent through the shorted path. The current tracer is also a pen-shaped tool that senses pulses 
of current. By following the current with the tracer, the current path can be identified. 


Thermal Imaging 


Components are always designed to handle a certain 
amount of power as specified by the manufacturer. 
Sometimes a fault occurs (such as a loose or oxidized 
connection) and a component or junction overheats. 
A tool for detecting overheating in any device is ther- 
mal imaging, which is sensitive to the infrared radia- 
tion emitted by all objects. Thermal imaging is useful 


in a number of fields (e.g., mechanical, electrical, 
medical). 

Many manufacturers routinely do thermal Courtesy of Fluke Corporation 
imaging of equipment as part of a preventive mainte- 
nance program. Thermal imaging has advantages in that it can often spot potential problems 
before they cause a complete malfunction. A thermal inspection is noncontacting and very 
sensitive to temperature differences. 


Thermography 


Figure 5—47 shows the main part of the electromagnetic spectrum. Electromagnetic energy 
is a continuous band of frequencies that includes visible light. We respond to the visible 
region with our eyes, but this is only a small fraction of the electromagnetic spectrum. The 
infrared region has longer wavelengths than the visible region. The infrared region is sub- 
divided into the near-infrared, mid-infrared, and the far-infrared. It is this far-infrared 
region that the temperature-sensitive nerve endings in our skin sense as thermal energy 
when we are in sunlight or stand next to a hot stove. At wavelengths that are longer than 
the far-infrared are microwave frequencies and radio waves. At wavelengths shorter than 
the visible light region are the ultraviolet and x-ray regions. 

The surfaces of all bodies radiate electromagnetic energy. If all bodies are constantly 
emitting energy, why don’t they eventually radiate all of their energy and cool to absolute 
zero? The answer is because they continuously absorb energy from their surroundings. If 
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Shorter wavelengths 


W higher ener 
Wavelength | 7) 1 102 10% 10% 108 1010 10 "S ES 
In meters 


Infrared Ultraviolet 


far near 


Radio waves Microwaves 


X-rays 


Visible 
light 


700 nm 400 nm 


FIGURE 5-47 The electromagnetic spectrum. 


the amount of energy they absorb is greater than what is radiated, the temperature rises; 1f 
it is less, the temperature falls. The wavelength that is emitted depends on the temperature 
of the body. If a body is hot enough, it radiates energy in the visible 
spectrum. If it is cooler, the radiated energy is primarily in the infrared 
region. 

Although our skin is very sensitive to heat, humans have physi- 
cal limitations on detecting specific direction and quantizing the 
amount of heat. Thermal imaging instruments extend our senses and 
enable us to measure heat and provide a radiometric image of a hot source. 
A radiometric image is a thermal image that contains temperature- 
measurement calculations for various points within the image. The 
image is displayed on a screen where colors correspond to the tem- 
perature of the infrared radiation emitted by the target. Figure 5—48 
shows a thermal imager that is viewing the infrared energy emitted by 
three fuses. The color corresponds to the temperature within the 
image. From this, it is obvious which fuses are carrying the largest 
current because they are warmer. 

Thermal imaging is used in a variety of applications and is widely 
used in electronics and industrial operations for both troubleshooting 
and preventive maintenance. It can immediately show a component that 
is too hot or one that is not carrying current because it 1s cooler than 
normal. In the case of the dummy load in System Example 5-1, the set 
of parallel resistors needs to all be functioning correctly to present the 
required resistance that simulates an antenna. If one resistor were to 
open, the total resistance would increase and there would be a reflected 
signal back toward the transmitter. A thermal imager will show the FIGURE 5-48 


Thermal imager showing the 
open resistor as a cooler component than the others with no need to temperature profile of the target (a set of three 


disconnect it in the circuit to test it. The test is fast and noncontacting. fuses). (Courtesy of Fluke Corporation) 


SECTION 5-8 CHECKUP 


1. Ifa parallel branch opens, what changes can be detected in the 4. There is one ampere of current in each branch of a parallel 


circuit’ s voltage and the currents, assuming that the parallel circuit. If one branch opens, what is the current in each of the 
circuit is across a constant voltage source? remaining branches? 
2. What happens to the total resistance if one branch opens? 5. Assume a load draws a hot current of 1.00 A, and the neutral 


return current is 0.90 A. If the source voltage is 120 V, what 


3. If several light bulbs are connected in parallel and one isthe apparent failty resistance inthe oround path? 


of the bulbs opens (burns out), will the others continue to 
glow? 6. What do the colors represent in a radiometric image? 
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SUMMARY 


e Resistors in parallel are connected between two nodes in a circuit. 

e A parallel circuit provides more than one path for current. 

e The total parallel resistance is less than the lowest-value parallel resistor. 
e The voltages across all branches of a parallel circuit are the same. 


e Kirchhoff s current law: The sum of the currents into a node (total current in) equals the sum of 
the currents out of the node (total current out). 


The algebraic sum of all the currents entering and leaving a node is zero. 


e A parallel circuit is a current divider, so called because the total current entering a node divides up 
into each of the branches connected to the node. 


e Tf all of the branches of a parallel circuit have equal resistance, the currents through all of the 
branches are equal. 


e The total power in a parallel-resistive circuit is the sum of all of the individual powers of the resis- 
tors making up the parallel circuit. 


e The total power for a parallel circuit can be calculated with the power formulas using values of 
total current, total resistance, or total voltage. 


e If one of the branches of a parallel circuit opens, the total resistance increases, and therefore the 
total current decreases. 


e Ifa branch of a parallel circuit opens, there is still the same current through the remaining 
branches. 


e A radiometric image of a circuit is useful for preventive maintenance and for troubleshooting. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 
Branch One current path in a parallel circuit. 


Current divider A parallel circuit in which the currents divide inversely proportional to the paral- 
lel branch resistances. 


Kirchhoff’s current law A law stating that the total current into a node equals the total current out 
of the node. Equivalently, it can be stated that the algebraic sum of all the currents entering and leav- 
ing a node is zero. 


Node A point or junction in a circuit at which two or more components are connected. 


Parallel The relationship between two circuit components that exists when they are connected 
between the same pair of nodes. 


Radiometric image A thermal picture in which colors represent temperature. 


KEY FORMULAS 


1 

(5-1) Ry = T a n a Total parallel resistance 

== === === + . + ==, 

Ri R R Rn 
(5-2) Ry = Rı R2 Special case for two resistors in 

Ri + R, parallel 

_ R Special case for n equal-value resis- 

53) EE n tors in parallel 
(5-4) Ina) + Ino + Imno + + Lina) Kirchhoff’ s current law 


= ovra + louro + Loure) 
+ -** + IOUT) 


R 
(5-5) l = EST General current-divider formula 
x 
R2 a 
(5-6) I, = T Two-branch current-divider formula 
R, + R, 
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R 
(5-7) I, = AS Two-branch current-divider formula 
Ri + R3 
(5-8) Py =P, + Pa + P3 +--+? + Pa Total power 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. To find the total conductance of parallel resistors, you can add the conductance of each of the resistors. 
. The total resistance of parallel resistors is always smaller than the smallest resistor. 
. The product-over-sum rule works for any number of parallel resistors. 


. Ina parallel circuit, the voltage is larger on a larger resistor and smaller on a smaller resistor. 


2 
3 
4 
5. When a new path is added to a parallel circuit, the total resistance goes up. 
6. When a new path is added to a parallel circuit, the total current goes up. 

7. The total current entering a node is always equal to the total current leaving the node. 
8 


. In the current-divider formula, 7, = (Ry/R Hr, the quantity in parentheses is a fraction that is 
never greater than 1. 


9. When two resistors are in parallel, the smaller resistor will have the smaller power dissipation. 


10. The total power dissipated by parallel resistors can be larger than the power supplied by the source. 


SELF-TEST 


Answers are at the end of the chapter. 


1. In a parallel circuit, each resistor has 


(a) the same current (b) the same voltage 
(c) the same power (d) all of the above 


2. When a 1.2 kQ resistor and a 100 Q resistor are connected in parallel, the total resistance is 


(a) greater than 1.2 kQ (b) greater than 100 Q but less than 1.2 kQ 
(c) less than 100 Q but greater than 90 Q (d) less than 90 Q 


3. A 330 Q resistor, a 270 Q resistor, and a 68 Q resistor are all in parallel. The total resistance is 
approximately 


(a) 6680 (09470 (09680 (dd 220 


4. Eight resistors are in parallel. The two lowest-value resistors are both 1.0 kQ. The total resistance 


(a) cannot be determined (b) is greater than 1.0 kQ 
(e) is less than 1.0 KQ (d) is less than 500 Q 
5. When an additional resistor is connected across an existing parallel circuit, the total resistance 
(a) decreases (b) increases 
(e) remains the same (d) increases by the value of the added resistor 


6. If one of the resistors in a parallel circuit is removed, the total resistance 


(a) decreases by the value of the removed resistor (b) remains the same 
(c) increases (d) doubles 


7. The currents into a node are along two paths. One current is 5 A and the other is 3 A. The total 
current out of the node is 
(a) 2A (b) unknown 
(c) 8A (d) the larger of the two 


8. The following resistors are in parallel across a voltage source: 390 O, 560 Q, and 820 Q. The 
resistor with the least current is 
(a) 390 Q (b) 560 Q 
(e) 820 Q (d) impossible to determine without knowing the voltage 
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9. A sudden decrease in the total current into a parallel circuit may indicate 

(a) a short (b) an open resistor 
(e) a drop in source voltage (d) either (b) or (c) 

10. In a four-branch parallel circuit, there are 10 mA of current in each branch. If one of the 
branches opens, the current in each of the other three branches is 
(a) 13.33 mA (b) 10 mA (ce) OA (d) 30 mA 

11. Ina certain three-branch parallel circuit, R; has 10 mA through it, Rə has 15 mA through it, and 
R3 has 20 mA through it. After measuring a total current of 35 mA, you can say that 
(a) R, is open (b) R, is open 
(e) R3 is open (d) the circuit is operating properly 

12. If there are a total of 100 mA into a parallel circuit consisting of three branches and two of the 
branch currents are 40 mA and 20 mA, the third branch current is 
(a) 60 mA (b) 20 mA (c) 160 mA (d) 40mA 


13. A complete short develops across one of five parallel resistors on a PC board. The most likely 
result is 


(a) the smallest-value resistor will burn out 

(b) one or more of the other resistors will burn out 
(c) the fuse in the power supply will blow 

(d) the resistance values will be altered 


14. The power dissipation in each of four parallel branches is 1 mW. The total power dissipation is 
(a) 1 mW (b) 4mW (e) 0.25 mW (d) 16 mW 


TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


Determine the cause for each set of symptoms. Refer to Figure 5-49. 


FIGURE 5-49 The meters indicate the correct readings for this circuit. 


1. Symptom: The ammeter and voltmeter readings are zero. 

Cause: 

(a) Rj, is open. (b) The voltage source is turned off or faulty. (e) R3is open. 
2. Symptom: The ammeter reading is 16.7 mA, and the voltmeter reading is 6 V. 

Cause: 

(a) R, is open. (b) R is open. (e) R3 is open. 
3. Symptom: The ammeter reading is 28.9 mA, and the voltmeter reading is 6 V. 


Cause: 
(a) R¡ is open. (b) R, is open. (e) R3 is open. 
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4. Symptom: The ammeter reading is 24.2 mA, and the voltmeter reading is 6 V. 
Cause: 
(a) R, is open. 
(b) R, is open. 
(e) R, is open. 

5. Symptom: The ammeter reading is 34.9 mA, and the voltmeter reading is 0 V. 
Cause: 


(a) A resistor is shorted. 
(b) The voltmeter is faulty. 
(c) The voltage source is turned off or faulty. 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 5-1 Resistors in Parallel 


1. Connect the resistors in Figure 5-50 in parallel across the battery. 


2. Determine whether or not all the resistors in Figure 5-51 are connected in parallel on the printed 
circuit board. Draw the schematic including resistor values. 


Ry 
P o—MN—o 
Lo. 
Wọ = Mw R, Rs 
Lo 
> o—“\\y—o 
FIGURE 5-50 FIGURE 5-51 


SECTION 5-2 Total Parallel Resistance 
3. Determine the total resistance between pins | and 2 in Figure 5-51. 


4. The following resistors are connected in parallel: 1.0 MO, 2.2 MQ, 4.7 MO, 12 MO, and 
22 MQ). Determine the total resistance. 


5. Find the total resistance between nodes A and B for each group of parallel resistors in Figure 5-52. 


E OE 
SA o o 


aaa 
laa 
AS 


|m m| CE n | 
m = m =u mu | 7 = = 7 = = 
E m m : | 
= i o | E = eee | Ln e (Bru mm - E 
| | | s | | AAA ON (AA A me BEER ERR 
(m Pa A A A AS m| m A A A A | (| I | | 
(a) (b) (c) (d) 


FIGURE 5-52 
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6. Calculate Ry for each circuit in Figure 5-53. 


A kQ kQ ao 
o o 
(a) (b) 
FIGURE 5-53 


7. What is the total resistance of eleven 22 kQ) resistors in parallel? 


8. Five 15 Q, ten 100 Q, and two 10 Q resistors are all connected in parallel. What is the total 
resistance? 


SECTION 5-3 Voltage in a Parallel Circuit 


9. Determine the voltage across and the current through each parallel resistor if the total voltage is 
12 V and the total resistance is 600 Q. There are four resistors, all of equal value. 


10. The source voltage in Figure 5—54 is 100 V. How much voltage does each of the three meters read? 


FIGURE 5-54 


SECTION 5-4 Application of Ohm’s Law 


11. What is the total current, /;, in each circuit of Figure 5-55? 


FIGURE 5-55 


12. The resistance of a 60 W bulb is approximately 240 Q. What is the current from the source 
when three bulbs are on in a 120 V parallel circuit? 


13. What is the current in each resistor for the circuits shown in Figure 5-56? 


FIGURE 5-56 


14. Four equal-value resistors are connected in parallel. Five volts are applied across the parallel 
circuit, and 2.5 mA are measured from the source. What is the value of each resistor? 
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SECTION 5-5  Kirchhoff”s Current Law 


15. The following currents are measured in the same direction in a three-branch parallel circuit: 
250 mA, 300 mA, and 800 mA. What is the value of the current into the node to which these 
three branches are connected? 


16. There is a total of 500 mA of current into five parallel resistors. The currents through four of the 
resistors are 50 mA, 150 mA, 25 mA, and 100 mA. What is the current through the fifth resistor? 


17. How much current is through R, and Rx in Figure 5-57 if R, and R, have the same resistance? 
Show how to connect ammeters to measure these currents. 


FIGURE 5-57 


18. A trailer has four running lights that draw 0.5 A each and two taillights that draw 1.2 A each. 
What is the current supplied to the trailer when the taillights and running lights are on? 


19. Assume the trailer in Problem 18 has two brake lights that draw 1 A each. 
(a) When all lights are on, what current is supplied to the trailer? 
(b) For this condition, what is the ground return current from the trailer? 


SECTION 5-6 Current Dividers 


20. A 10 KQ resistor and a 15 kQ resistor are in parallel with a voltage source. Which resistor has 
the highest current? 


21. How much branch current should each meter in Figure 5-58 indicate? 


R, 


FIGURE 5-58 


22. Using the current-divider formula, determine the current in each branch of the circuits of Figure 
5-59. 


FIGURE 5-59 
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SECTION 5-7 Power in Parallel Circuits 
23. Five parallel resistors each handle 40 mW. What is the total power? 
24. Determine the total power in each circuit of Figure 5-59. 


25. Six light bulbs are connected in parallel across 120 V. Each bulb is rated at 75 W. How much 
current is through each bulb, and what is the total current? 


SECTION 5-8 Troubleshooting 


26. If one of the bulbs burns out in Problem 25, how much current will be through each of the 
remaining bulbs? What will be the total current? 


27. In Figure 5-60, the current and voltage measurements are indicated. Has a resistor opened, and, 
if so, which one? 


FIGURE 5-60 


28. What is wrong with the circuit in Figure 5-61? 


FIGURE 5-61 


29. Find the open resistor in Figure 5-62. 


30. From the ohmmeter reading in Figure 5-63, can you tell if a resistor is open? If so, can you 
identify it? 


FIGURE 5-62 FIGURE 5-63 
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ADVANCED PROBLEMS 
31. In the circuit of Figure 5-64, determine resistances R2, R3, and R4. 


32. The total resistance of a parallel circuit is 25 Q. If the total current is 100 mA, how much cur- 
rent is through a 220 Q resistor that makes up part of the parallel circuit? 


FIGURE 3-64 


33. What is the current through each resistor in Figure 5—65? R is the lowest-value resistor, and all 
others are multiples of that value as indicated. 


FIGURE 5-65 


34. A certain parallel circuit consists of only !/2 W resistors each having the same resistance. The 
total resistance is 1 kQ, and the total current is 50 mA. If each resistor is operating at one-half 
its maximum power level, determine the following: 

(a) the number of resistors (b) the value of each resistor 
(c) the current in each branch (d) the applied voltage 


35. Find the values of the unspecified quantities (shown in color) in each circuit of Figure 5-66. 


R, 


FIGURE 5-66 


36. What is the total resistance between terminal A and ground in Figure 5-67 for the following 


conditions? 
(a) SWI and SW2 open (b) SW1 closed, SW2 open 
(ec) SWI open, SW2 closed (d) SW1 and SW2 closed 
A 
Sw1 SW2 
Ry R) R3 
510 kQ 470 KQ 910 kQ 


FIGURE 5-67 
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37. What value of R, in Figure 5-68 will cause excessive current? 


38. Determine the total current from the source and the current through each resistor for each switch 
position in Figure 5-69. 


+ 
24 V => 
R | 


FIGURE 5-68 FIGURE 5-69 


39. The electrical circuit in a room is protected with a 15 A circuit breaker. A space heater that 
draws 8.0 A is plugged into one wall outlet, and two table lamps that draw 0.833 A each are 
plugged into another outlet. Can a vacuum cleaner that uses 5.0 A be plugged into this same 
circuit without exceeding the breaker current? Explain your answer. 


40. The total resistance of a parallel circuit is 25 (1. What is the current through a 220 () resistor 
that makes up part of the parallel circuit if the total current is 100 mA? 


41. Identify which groups of resistors are in parallel on the double-sided PC board in Figure 5-70. 
Determine the total resistance of each group. 


6 5 4 3 2 1 
Side 2 


FIGURE 5-70 
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42. If the total resistance in Figure 5-71 is 200 Q, what is the value of R2? 


43. Determine the unknown resistances in Figure 5-72. 


FIGURE 5-71 FIGURE 5-72 


44. There is a total of 250 mA into a parallel circuit with a total resistance of 1.5 kQ. The current 
must be increased by 25%. Determine how much resistance to add in parallel to accomplish this 
increase in current. 

45. Draw the schematic for the setup in Figure 5-73 and determine what is wrong with the circuit if 
25 V are applied across the red and black leads. 


sa 
EENE) | i I 
AA ny 
A a A 
EO ON 


à - yy 
PRESS 
~ RANGE di» 
AUTORANGE dE» 
TOUCH/HOLD EE) 


VQ 


art Pritt rier tw 


(b) Protoboard with leads connected. 
RER Yellow lead is from meter and gray 
lead is from 25 V power supply ground. 
The red meter lead goes to +25 V. 


FUSED ( 
\ 


(a) Meter with yellow lead going 
to protoboard and red lead 
going to the positive terminal 
of the 25 V power supply. 


FIGURE 5-73 


46. Refer to System Example 5-1. If you needed to design the load for a 10 W, 75 Q resistance 
using standard values of 1 W, 1% resistors, what values would you choose? Draw your com- 
pleted design. 

47. A dummy load has the values shown in Figure 5-74. All resistors are rated for 2 W except Ry4 
and R15 are rated for /2 W each. (a) What is the resistance of the load? (b) What is its power 
rating? 


| TITTET 


— Ri = = 1. 00 kQ each; Ria = Ri; = = 1. 5 KQ 


FIGURE 5-74 
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48. Refer to System Example 5-2. For this example, what is the correct value of Rs»? 


49. Assume you have a meter that has a 100 wA full-scale deflection current and an internal resist- 
ance of 80 Q. What shunt resistance would you specify to cause the meter to read 1 mA full 
scale? 


mms MULTISIM TROUBLESHOOTING 
= PROBLEMS 


50. Open file POS-50; files are found at www.pearsonhighered.com/floyd. Using current measure- 
ments, determine if there is a fault in the circuit. If so, identify the fault. 


E 


51. Open file POS-51. Using current measurements, determine if there is a fault in the circuit. If so, 
identify the fault. 


52. Open file POS-52. Using resistance measurements, determine if there is a fault in the circuit. If 
so, identify the fault. 


53. Open file POS-53. Measure the total resistance of each circuit and compare to the calculated 
values. 


ANSWERS TO SECTION CHECKUPS 


SECTION 5-1 Resistors in Parallel 


1. Parallel resistors are connected between the same two points. 
2. A parallel circuit has more than one current path between two given points. 
3. See Figure 5-75. 


R, 
A 
Rs 
B 
Rs 
(a) (b) (c) 


FIGURE 5-75 


4. See Figure 5-76. 


FIGURE 5-76 


SECTION 5-2 Total Parallel Resistance 


1. As more resistors are connected in parallel, the total resistance decreases. 
2. Rr is always less than the smallest resistance value. 
3. Rr = 22k0/12 = 183 0 
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SECTION 5-3 Voltage in a Parallel Circuit 
1. 5V 
2 Ve = 118 V: Vs = 118 V 
3. Ve = 50 V: Ve = 50 V 
4 


. Voltage is the same across all parallel branches. 


SECTION 5-4 Application Ohm's Law 
1. Ip = 12 V/(680 0/3) = 53 mA 
. Vs = 20 mA(680 Q [1330 Q) = 4.44 V 
I, = 444 V/680 Q = 6.53 mA; h = 4.44 V/330 Q = 13.5 mA 
Rr = 412 V/6 mA) = 8k0 
V = (1.0 KQ |/2.2k0)100 mA = 68.8 V 


nepr 


SECTION 5-5 Kirchhoff’s Current Law 


1. Kirchhoff s current law: The algebraic sum of all currents at a node is zero; The sum of the cur- 
rents entering a node equals the sum of all the currents leaving that node. 


RABIA 

3. 100 mA + 300 mA = 400 mA 
4. 4A 

5. 10A 


SECTION 5-6 Current Dividers 
1. The 22 Q has most current; the 220 Q has least current. 
2. 13 = (R_/R3)4 mA = (113.6 0/470 0)4 mA = 967 yA 
3. h = (R7/680 Q)10 mA = 3.27 mA; 1; = (R7/330 Q0)10mA = 6.73 mA 


SECTION 5-7 Power in Parallel Circuits 
1. Add the powers in each resistor to get Pr. 
2. Pp =1W+2W+5W+8W = 16W 
3. Py = (1 mA)*R; = 615 uW 
4. The normal current is 7 = P/V = 100 W/12.6 V = 7.9 A. Choose a 10 A fuse. 


SECTION 5-8 Troubleshooting 


1. When a parallel branch opens, there is no change in voltage and the total current decreases. 
When the total resistance is greater than it should be, a branch is open. 
Yes, all other bulbs continue to glow. 


The current in each nonopen branch remains | A. 


ot oS oe Ie 


By Kirchhoff’s current law, the ground return current is 0.10 A and represents a parallel return 
path. From Ohm’s law, R = 120 V/0.1 A = 1200 Q. 


6. Temperature 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


5-1 No rewiring is necessary. 

5-2 Connect pin | to pin 2 and pin 3 to pin 4. 

53 9340 

54 Replace Step 9 with “Press the + key.” 
Display shows 100! + 47! + 22 +. 
Replace Step 10 with “Enter 33.” 
Display shows 100! + 47! + 221 + 33. 
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Step 11: Press the x! key. 
Display shows 1007! + 47! + 221 + 33! 
Step 12: Press the ENTER key. Display shows 107.034171502e °. 
Step 13: Press the x | and ENTER keys. Display shows 9.3428 1067406E0. 
5-5 1320 
5-6 = 33.3k0 
5-7 25V 
5-8 J, = 100mA; = 179 mA; 100 mA + 179mA = 279 mA 
5-9 1, = 20.0 mA; b = 9.09 mA; h = 35.7 mA; l, = 22.0 mA 
5-10 31.9mA 
5-11 2.00 
5-12 1 = V/Rran = 12.6 V/10.5 Q = 1.2A 
5-13 20mA 
5-14 7; = 112 mA; h = 50mA 
5-15 2.5 mA; 5mA 
5-16 J, = 1.63 mA; h = 3.35 mA 
5-17 J, = 594 mA; h = 40.6 mA 
5-18 1.78 W 
5-19 81 W 
5-20 15.4 mA 


ANSWERS TO TRUE/FALSE QUIZ 


1. T 2. T 3. F 4. F SP 6. T de A 8. T 9. F 10. F 


ANSWERS TO SELF-TEST 


1. (b) 2. (c) 3. (b) 4. (d) 5. (a) 6. (c) 7. (œ) 
8. (c) 9. (d) 10. (b) 11. (a) 12. (d) 13. (c) 14. (b) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


a ee ES 
a 
jab) 
wa 
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SERIES-PARALLEL 
CIRCUITS 


OUTLINE 


6-1 Identifying Series-Parallel Relationships 


6-2 Analysis of Series-Parallel Resistive Circuits 
6-3 Voltage Dividers with Resistive Loads 

6-4 Loading Effect of a Voltmeter 

6-5 The Wheatstone Bridge 

6-6 Thevenin’s Theorem 


6-7 The Maximum Power Transfer Theorem 


6-8 The Superposition Theorem 
6-9 Troubleshooting 


O 


BJECTIVES 


Identify series-parallel relationships 

Analyze series-parallel circuits 

Analyze loaded voltage dividers 

Determine the loading effect of a voltmeter on 

a circuit 

Analyze and apply a Wheatstone bridge 

Apply Thevenin’s theorem to simplify a circuit 
for analysis 

Apply the maximum power transfer theorem 
Apply the superposition theorem to circuit analysis 


Troubleshoot series-parallel circuits 


KEY TERMS 


Loading 

Load current 
Bleeder current 
Wheatstone bridge 
Balanced bridge 


Unbalanced bridge 
Thevenin’s theorem 
Terminal equivalency 
Maximum power transfer 
Superposition 


INTRODUCTION 

Various combinations of both series and parallel resis- 
tors are often found in electronic systems. In this chap- 
ter, examples of such series-parallel arrangements are 
examined and analyzed. An important circuit called the 
Wheatstone bridge is introduced, which is widely used 
in Measurement systems. You will learn how complex 
circuits can be simplified using Thevenin’s theorem. 
The maximum power transfer theorem, used in applica- 
tions where it is important for a given circuit to provide 
maximum power to a load, is discussed. Also, circuits 
with more than one voltage source are analyzed in sim- 
ple steps using the superposition theorem. Troubleshoot- 
ing series-parallel circuits for shorts and opens is also 
covered. 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 
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6-1 IDENTIFYING SERIES-PARALLEL 
RELATIONSHIPS 


A series-parallel circuit consists of combinations of both series and parallel current paths. It is 
important to be able to identify how the components in a circuit are arranged in terms of their 
series and parallel relationships. 


After completing this section, you should be able to 


e Identify series-parallel relationships 
e Recognize how each resistor in a given circuit is related to the other resistors 


e Determine series and parallel relationships on a PC board 


Figure 6-1(a) shows an example of a simple series-parallel combination of resistors. 
Notice that the resistance from A to B is R;. The resistance from B to C is R, and R3 in 
parallel (R, | R3) because these resistors are connected to the same pair of nodes (node B 
and node C). The total resistance from A to C is R in series with the parallel combination 
of R, and R3, as indicated in Figure 6—1(b). 


Risin 
series with 
R, Il R}. | 


Ao 


Co 
(a) (b) (c) (d) 


FIGURE 6-1 A simple series-parallel resistive circuit. 


When the resistors in Figure 6-1 are connected to a voltage source as shown in part (c) 
the total current through R, divides at point B into the two parallel paths. These two branch 
currents then recombine. The total current is into the positive source terminal as shown. 
The resistor relationships are shown in block form in part (d). 

Now, to further illustrate series-parallel relationships, let’s increase the complexity 
of the arrangement in Figure 6—1(a) step-by-step. 


1. In Figure 6—2(a), R4 is connected in series with R,. The resistance between points A 
and B is now R, + R4. This series combination is in series with the parallel combina- 
tion of R, and R3, as illustrated in Figure 6-2(b). Part (c) shows the resistor relation- 
ships in block form. 


R, + R41s in series 


CO 
(c) 


FIGURE 6-2 R4is added to the circuit in series with R4. 
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2. In Figure 6-3(a), R5 is connected in series with R2. The series combination of R, and R5 
is in parallel with R3. This entire series-parallel combination is in series with the R; + R4 
combination, as illustrated in Figure 6—3(b). The block diagram is shown in part (c). 


Beige groups 
R4 and Ry [ are in series. | 


are in series. 


B 


A A 
Ra OR 
a Ro +R IR; 
$ Rr~=R,+R,+(R5+R-) IIR R,+R-) IR 
are in series. T 1 4 + (Ry sR, | Rp 5) I R3 
C C 


Blue groups 


are in parallel. 
(a) (b) (c) 
FIGURE 6-3 Rs is added to the circuit in series with R2. 


3. In Figure 6-4(a), Re is connected in parallel with the series combination of R; and 
R4. The series-parallel combination of R¡, R4, and Rẹ is in series with the series- 
parallel combination of Ry, R3, and Rs, as indicated in Figure 6-4(b). The block dia- 
gram is shown in part (c). 


Blue groups Beige groups 
are in are in series. 
parallel. 


(Ri + Ry) Il Re 


Rr = (Ry + Ra) II Rg 


+(R¿+Ry IR M 


are in series. R, 


(a) (b) (c) 
FIGURE 6-4 Rg is added to the circuit in parallel with the series combination of KR, and R4. 


EXAMPLE 6-1 


Identify the series-parallel relationships in 
Figure 6-5. 
SOLUTION 


Starting at the negative terminal of the 
source, follow the current paths. 


1. All the current produced by the source 
must go through Ry, which is in series FIGURE 6-5 
with the rest of the circuit. 


2. The total current takes two paths when it gets to node A. Part of itis through 
Ro, and part of it is through R3. 


3. Resistors R, and R3 are in parallel with each other because they are connected 
to the same pair of nodes. This parallel combination is in series with R}. 
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4. At node B, the currents through R, and Rx come together again into a single 
path. Thus, the total current is through R4. 


5. Resistor R4 is in series with both R; and the parallel combination of R, 
and R3. 


The currents are shown in Figure 6-6, where Jr is the total current. In sum- 
mary, R¡ and R, are in series with the parallel combination of R, and R3. 


Ri + Ra + R || R3 


FIGURE 6-6 


RELATED PROBLEM* 


If another resistor, R5, 1s connected from node A to the positive side of the source 
in Figure 6—6, what is its relationship to the ethergesistors? 


*Answers are at the end of the chapter. 


EXAMPLE 6-2 


Describe the series-parallel combination between terminals A and D in Figure 6—7. 


Ry R3 


DO 


FIGURE 6-7 


SOLUTION 
Between nodes B and C, there are two parallel paths. 


1. The lower path consists of R4. 


2. The upper path consists of a series combination of R, and Ra. 


This parallel combination is in series with both R; and R5. In summary, Ry and R5 
are in series with the parallel combination of R4 and (Ry + R3). 


Ry + Rs + Ral (R2 + R3) 


RELATED PROBLEM 


If a resistor is connected from node C to node D in Figure 6-7, describe its rela- 
tionship in the circuit. 
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EXAMPLE 6-3 


Describe the total resistance between each pair of terminals in Figure 6-8. 


Ry Ry 


A C 


FIGURE 6-8 


SOLUTION 


1. From A to B: R; is in parallel with the series combination of R, and R3. 
2. From A to C: R3 is in parallel with the series combination of R; and R3. 


3. From B to C: R, is in parallel with the series combination of R, and Ra. 


RELATED PROBLEM 


In Figure 6-8, describe the total resistance between each terminal and an added 
ground if a new resistor, R4, is connected from terminal C to ground. None of the 
existing resistors connect directly to the ground. 


When connecting a circuit on a protoboard from a schematic, it is easier to check the 
circuit if the resistors and connections on the protoboard are oriented so that they approxi- 
mately match the way the schematic is drawn. In some cases, it is difficult to see the series- 
parallel relationships on a schematic because of the way in which it is drawn. In such a 
situation, it helps to redraw the diagram so that the relationships become clear. The physi- 
cal arrangement of components on a PC or protoboard usually bears no resemblance to the 
actual electrical relationships. By tracing out the circuit and rearranging the components 
on paper into a recognizable form, you can determine the series-parallel relationships. 


EXAMPLE 6-4 


Identify the series-parallel relationships in Figure 6-9. 


FIGURE 6-9 FIGURE 6-10 


SOLUTION 


The circuit schematic is redrawn in Figure 6-10 to better illustrate the series- 
parallel relationships. Now you can see that R, and Rx are in parallel with each 
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other and also that Ry and Rs are in parallel with each other. Both parallel combi- 
nations are in series with each other and with R}. 


Ry + R2]|R3 + R4||Rs 


RELATED PROBLEM 


If a resistor is connected from the bottom end of Ry to the top end of Rs in Figure 
6-10, what effect does it have on the circuit? Explain. 


SECTION 6-1 CHECKUP* 


1. A certain series-parallel circuit is described as follows: R; and 3. Which resistors are in parallel in Figure 6-12? 
R, are in parallel. This parallel combination is in series with oo. 
another parallel combination of R3 and Ry. Draw the circuit. E Epa on ee 


i i i i —13 i ies? 
2. In the circuit of Figure 6—11, describe the series-parallel rela- Se ANE Parallel cOmO gue O LA series 


tionships of the resistors. R; 


R; R A 


B 


B 


FIGURE 6-11 FIGURE 6-12 FIGURE 6-13 


* Answers are at the end of the chapter. 


6-2 ANALYSIS OF SERIES-PARALLEL 
RESISTIVE CIRCUITS 


The analysis of series-parallel circuits can be approached in many ways, depending on what 
information you need and what circuit values you know. The examples in this section do not 


represent an exhaustive coverage, but they give you an idea of how to approach series-parallel 
circuit analysis. 


After completing this section, you should be able to 


e Analyze series-parallel circuits 
e Determine total resistance 
e Determine all the currents 
e Determine all the voltage drops 


If you know Ohm’s law, Kirchhoff s laws, the voltage-divider formula, and the current- 
divider formula, and if you know how to apply these laws, you can solve most resistive 
circuit analysis problems. The ability to recognize series and parallel combinations is, of 
course, essential. There is no standard “cookbook” approach that can be applied to all situ- 
ations. Logical thought is the most powerful tool you can apply to problem solving. 
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Total Resistance 


In Chapter 4, you learned how to determine total series resistance. In Chapter 5, you 
learned how to determine total parallel resistance. To find the total resistance (Ry) of a 
series-parallel combination, first identify the series and parallel relationships, and then 
simplify the circuit by finding the total resistance. The following two examples illustrate 
the general approach. 


EXAMPLE 6-5 


Determine Rr between terminals A and B of the circuit in Figure 6-14. 


Ry 
AO 
100 
Ry 
100 0 
Bo 
FIGURE 6-14 


SOLUTION 


Resistors R, and R, are in parallel, and this parallel combination is in series with 
R,. First find the parallel resistance of R, and R3. Since R, and Rx are equal in 


value, divide the value by 2. MULTISIM 


R 1009 NS 
Ral = — = 90 = 500 
I i 


Open Multisim file E06-05; 
files are found at www. 
pearsonhighered.com/floyd. 
Using the multimeter, verify 
the calculated value of total 
resistance. Change R; to 18 QO, 
R, to 82 Q, and R3 to 82 Q 
and measure the total resistance. 


Now, since R; is in series with R>|3, add their values. 


Ry = R} + Rijs = 100 + 500 = 60 Q 


RELATED PROBLEM 
Determine Ry in Figure 6-14 if R, is changed to 82 Q. 


EXAMPLE 6-6 


Find Ry of the circuit in Figure 6-15. 


FIGURE 6-15 


SOLUTION 


1. In the upper branch between nodes A and B, R, is in series with R3. The 
series combination is designated R»+3 and is equal to Ry + Ra. 


Roi3 = R} + R} = 470 + 470 = 940 
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2. In the lower branch, R4 and R; are in parallel with each other. This parallel 
combination is designated R4|5. 


RRs (68. 2)39 Q) 


= = 24.8 Q 
R4 + R5; 6804+ 390 


Ras = 


3, Also in the lower branch, the parallel combination of R4 and R; is in series 
with Re. This series-parallel combination is designated R4|5+6. 
Rals+6 = Ro T Rals = 750 + 2480 = 99.8 Q 


Figure 6-16 shows the original circuit in a simplified equivalent form. 


R243 


FIGURE 6-16 


4. Now you can find the resistance between nodes A and B. It is Ry+3 in parallel 
with R4¡5+6. Calculate the equivalent resistance as follows: 
1 1 
Raz = = = 4840 
= | _ i 1 ot 
R343 Rals+6 94 Q 99.8 Q 


MULTISIM 


x 
=> 5. Finally, the total circuit resistance is Ry in series with Ra. 
Open Multisim file E06-06. Rr = Ry + Rag = 1000 + 484 0 = 1480 
Verify the total calculated 
resistance. Remove Rs from the 
circuit and measure the total 
resistance. Then check your Determine Ry if a 68 O resistor is connected to the circuit in Figure 6-16 from 


measured value by calculatin 
y 8 node A to node B. 
the total resistance. 


RELATED PROBLEM 


Total Current 


Once you know the total resistance and the source voltage, you can apply Ohm’s law to 
find the total current in a circuit. Total current is the source voltage divided by the total 


resistance. 
Vs 
I pS 
Rr 


For example, let's find the total current in the circuit of Example 6-6 (Figure 6-15). 
Assume that the source voltage is 10 V. The calculation is 


Vs 10V 


= = 67.6 mA 
R; 1480 a 


lr = 


Branch Currents 


Using the current-divider formula, Kirchhoff’s current law, Ohm’s law, or combinations 
of these, you can find the current in any branch of a series-parallel circuit. In some cases, it 
may take repeated application of the formula to find a given current. 
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EXAMPLE 6-7 


Determine the current through R, in Figure 6-17 if Vs = 5.0 V. 


A 


FIGURE 6-17 


SOLUTION 


First, find the current (J) into node B. Once you know this current, you can use 
the current-divider formula to find 74, the current through R4. 

Notice that there are two main branches in the circuit. The left-most branch 
consists of only R4. The right-most branch has R, in series with the parallel com- 
bination of R; and R4. The voltage across both of these main branches is the same 
and equal to 5.0 V. Calculate the equivalent resistance (R>+ 3/4) of the right-most 
main branch and then apply Ohm’s law; J is the total current through this main 
branch. Thus, 


RR, (330 9)(560 Q) 
Raaja = R += 3300 + = 538 Q 
A p Ry 890 Q 
VS o 50V 
h — = 9.29 mA 


R>+3|4 7 538 Q 


Use the two-resistor current-divider formula to calculate 74. MULTISIM 


R 3300 
bel- O oh O — 
4 ja 5 i de 


Open Multisim file E06-07. 
RELATED PROBLEM 


Measure the current in each 
resistor. Compare the 
Find /;, fa, and J; in Figure 6-17. 


measurements with the 
calculated values. 


Voltage Relationships 


The circuit in Figure 6-18 illustrates voltage relationships in a series-parallel circuit. 
Voltmeters are connected to measure each of the resistor voltages, and the readings are 
indicated. 

Some general observations about Figure 6-18 are as follows: 


1. Vp; and Vr, are equal because R; and R, are in parallel. (Recall that voltages across 
parallel branches are the same.) Vp; and Vp are the same as the voltage from A to B. 

2. Vp3 is equal to Veg + Vps because R3 is in parallel with the series combination of R4 
and Rs. (Vp3 is the same as the voltage from B to C.) 

3. Vez is about one-third of the voltage from B to C because R; is about one-third of the 
resistance R4 + Rs (by the voltage-divider principle). 

4. Vps is about two-thirds of the voltage from B to C because R5 is about two-thirds of 
R4 + Rs. 

5. Very + Vr3 — Vs = 0 because, by Kirchhoff’s voltage law, the algebraic sum of the 
voltage drops around a single closed path must equal zero. 
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FIGURE 6-18 Illustration of 
voltage relationships. 


Example 6-8 will verify the meter readings in Figure 6-18. 


EXAMPLE 6-8 


Verify that the voltmeter readings in Figure 6-18 are correct. The circuit is 
redrawn as a schematic in Figure 6-19. 


Ry 


FIGURE 6-19 


SOLUTION 
The resistance from A to B is the parallel combination of R; and R3. 


RiR — (10k0)Q.2k0) 
¡MESA 32k0 


= 688 Q 


The resistance from B to C is Rx in parallel with the series combination of R4 and R5. 


R4 + Rs = 3300 + 6800 = 10100 = 1.01k0 
R3(Ry + Rs) — (1.8 KQ)(1.01 KO) 


Rec = = = 647 Q 
BC R3 + R4 T R5 2.81 kO 


The resistance from A to B is in series with the resistance from B to C, so the total 
circuit resistance is 
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Use the voltage-divider principle to calculate the voltages. 


Zas) ( 688 Q 
Vie = | 2 |V: = 10 V 
an (2a à 13350 
Rac ( 647 Q 
Vac = | — |V; = 10 V 
Be (7 È 1335 Q 
Vri = Vr? = VAB = 5.115 V 
VR3 — Vgc = 4.85 V 


Ra 3300 
Vea = | ——— Ve = 4.85 V = 1.58 V 
Ra (z + =) 26 (20 5) pa 


V - (¿E y = (£ 485 V = 327V 
B Rye Rep O° TT ' 


5.15 V 


4.85 V 


RELATED PROBLEM 


Determine each voltage drop in Figure 6-19 if the source voltage is doubled. 


EXAMPLE 6-9 


Determine the voltage drop across each resistor in Figure 6-20. 


Ry 


FIGURE 6-20 


SOLUTION 


Because you know the total voltage, you can solve this problem by forming an 
equivalent series circuit and applying the voltage-divider formula. 


Step 1: Reduce each parallel combination to an equivalent resistance. Since R] 
and R, are in parallel between nodes A and B, combine their values. 
RR) (3.3 kO)(6.2 kO) 
R 1 ES R, 95k0 


Raz = = 2,.15k0 
Since Ry is in parallel with the Rs; and Rẹ series combination 
(R546) between nodes C and D, combine these values. 
R4(R5+6) (1.0 kQO)(1.07 kO) 


Rcp = T = 5170 
del Ra T Rs+6 2.07 kQ 


Step 2: Draw the equivalent circuit as shown in Figure 6-21. The total circuit 
resistance is 


Rr = Rag + R3 + Rep = 2.15KQ + 1.0KQ + 517 Q = 3.67k0 


MULTISIM 


Open Multisim file E06-08. 
Measure the voltage across 
each resistor and compare to 
the calculated values. Verify by 
measurement that each voltage 
drop doubles if the source 
voltage is doubled and is 
halved if the source voltage is 
halved. 
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FIGURE 6-21 


Step 3: Apply the voltage-divider formula to solve for the voltages in the 
equivalent series circuit. 


Pas (25 | 
Vag = | = |v; = | E J8 V = 4,69 V 
me E Vs 367K0)° aa 


R 1.0k9 
Vac = Cale = ( sv = 2.18 V 
T 


R 3.67kO 

“co í 5170 
Ven = | —— Ve = | ———— ]8 V = 1.13 V 
(E s = \367x0)° 


Refer to Figure 6-20. V¿g equals the voltage across both R, and R>. 
Vri = Vp = Vag = 4.69 V 
Vgc 1s the voltage across Ra. 
Vr3 = Vgc = 2.18 V 
Vcn 1s the voltage across R4 and also across the series combination of 
Rs and Rs. 
Vera = Vcp = 1.13 V 


MULTISIM Step 4: Apply the voltage-divider formula to the series combination of R5 and 
Re to get Ves and Vre. 


Ves eS = (2E 113V = 718 mv 
Open Multisim file E06-09. Be" TO 8 10700) 

Measure the voltage across R 3900 

each resistor and compare to Vre = (Ez) Vep = Juas V = 412 mV 
the calculated values. If R4 is Rs + Re 1070 Q 


increased to 2.2 kQ, specify 
which voltage drops increase RELATED PROBLEM 


and which ones decrease. 
Verify this by measurement. 


Determine the current and power in each resistor in Figure 6-20. 


SECTION 6-2 CHECKUP 


1. Find the total resistance between A and B in the circuit of 3. Find Vp in Figure 6-22. 
Figure 6-22. 


4. Determine Rr and Jy in Figure 6-23. 


2. Find the current through Rx in Figure 6-22. 


470 


FIGURE 6-22 FIGURE 6-23 
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6-3 VOLTAGE DIVIDERS WITH 
RESISTIVE LOADS 


Voltage dividers were introduced in Chapter 4. In this section, you will learn how resistive 
loads affect the operation of voltage-divider circuits. 


After completing this section, you should be able to 


e Analyze loaded voltage dividers 
e Determine the effect of a resistive load on a voltage-divider circuit 


¢ Define bleeder current 


The voltage divider in Figure 6-24(a) produces an output voltage (Voyr) of 5 V 
because the input is 10 V and the two resistors are of equal value. This voltage is the 
unloaded output voltage. When a load resistor, R,, is connected from the output to ground 
as Shown in Figure 6—24(b), the output voltage is reduced by an amount that depends on 
the value of Rz. This effect is called loading. The load resistor is in parallel with R}, reduc- 
ing the resistance from node A to ground and, as a result, also reducing the voltage across 
the parallel combination. This is one effect of loading a voltage divider. Another effect of 
a load is that more current is drawn from the source because the total resistance of the cir- 
cuit is reduced. 


(a) Unloaded (b) Loaded 


FIGURE 6-24 A voltage divider with both unloaded and loaded outputs. 


The effect of loading on a voltage divider is important to take into account when 
choosing resistors for a divider. When Rz is large compared to the divider resistors, the 
loading effect is small and the output voltage will change only a small amount from its 
unloaded value. If the loading effect is small, the divider is said to be a stiff voltage 
divider. This term is relative but generally means that the difference between the 
unloaded and loaded output voltage is small. As a rule of thumb, a stiff voltage divider 
is one in which the load resistor is at least ten times larger than the divider resistors. Stiff 
voltage dividers are more stable but use more power, so the choice of divider resistors is 
a trade-off between these two parameters. Figure 6-25 illustrates the effect of a load 
resistor on the output voltage. 


Vout = Vout (no load) 


AUT 


Vout (no load) 


WN 


+ f + 


Vout < VOUT load) 


(a) No load (b) R, not significantly greater than R, (c) R, much greater than R, 


FIGURE 6-25 The effect of a load resistor. The circuit in part (c) illustrates a stiff voltage divider. 
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EXAMPLE 6-10 


(a) Determine the unloaded output voltage of the voltage divider in Figure 6-26. 


(b) Find the loaded output voltages of the voltage divider in Figure 6—26 for the 
following two values of load resistance: Rg = 10kQ and R; = 100k. 


FIGURE 6-26 


SOLUTION 


(a) The unloaded output voltage is 


V -(, "ev = (ey SY = 3:40 Y 
OUT(unloaded) R; Pa Ry S 147k0 ° 


(b) With the 10 kQ load resistor connected, R, is in parallel with Ry, which 
gives 
RR, | (10k0)d0k0) 


R| R = 
2x ¡NA 20k0 


= 5.0k0 


The equivalent circuit is shown in Figure 6—27(a). The loaded output voltage is 


Rp || Rz = (208 
Ri +R||R,/ > \9.7kO 


VoutTdoaded) = ( )s V = 2.58 V 


(a) R, =10kO (b) R,=100k0 


FIGURE 6-27 


With the 100 kO load, the resistance from output to ground is 


RR, — (10KOQI100k0) 
Ro +R, 110k0 


R)|R, = =91k0 


The equivalent circuit is shown in Figure 6—27(b). The loaded output voltage 1s 


Ry || Ry A E 
Ri + R || R; 13.8 kQ 


VoutT(loaded) = ( )s V = 3.30 V 


For the smaller value of Rz, the reduction in Voyr 1s 


3.40 V — 2.58 V = 0.82 V (a 24% drop in output voltage) 
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For the larger value of Rz, the reduction in Voyr 1s MULTISIM 
3.40 V — 3.30 V = 0.10 V (a 3% drop in output voltage) \s 
This illustrates the loading effect of Rz on the voltage divider. Open Multisim file E06-10. 
Measure the voltage at the 
output terminal with respect to 
ground. Connect a 10 kQ load 
resistor from the output to 
ground and measure the output 
voltage. Change the load 
resistor to 100 kQ and measure 
the output voltage. Do these 
measurements agree closely 
with your calculated values? 


RELATED PROBLEM 


Determine Vour in Figure 6-26 for a 1.0 MO load resistance. 


Load Current and Bleeder Current 


In a multiple-tap loaded voltage-divider circuit, the total current drawn from the source 
consists of currents through the load resistors, called load currents, and the divider resis- 
tors. Figure 6-28 shows a voltage divider with two voltage outputs or taps. Notice that the 
total current, /;, is through R,. The total current is composed of the two branch currents, 
Ip, ¡ and J. The current /, is composed of two additional branch currents, Jp; and J. Cur- 
rent J; is called the bleeder current, which is the current left after the total load current is 
subtracted from the total current in the circuit. 


IBLEEDER = lr — Írum — [nt (6-1) 


Ir 


ÍBLEEDER = 43 


FIGURE 6-28 Currents in a two-tap loaded volt- 
age divider. 


EXAMPLE 6-11 


Determine the load currents /,¡ and /g,, and the bleeder current J in the two-tap loaded voltage divider in 
Figure 6-28. 


SOLUTION 


The equivalent resistance from node A to ground is the 100 KO load resistor Rz; in parallel with the combination 
of R, in series with the parallel combination of R3 and R;». Determine the resistance values first. R3 in parallel 
with Rz is designated Rp. The resulting equivalent circuit is shown in Figure 6-29(a). 

RR — (62k0)(100k0) 


Ry = = = 5.84k0 
1 Ro Rio 106.2kO ae 


R, in series with Rp is designated R> +. The resulting equivalent circuit is shown in Figure 6—29(b). 
Ro+p = R + Rg = 6.2k0 + 5.84k0D = 12.0k0 
R,, in parallel with R>, g is designated R4. The resulting equivalent circuit is shown in Figure 6—29(c). 


e. ReiRove _ 100 k2)(12.0 KO) 
a ey ae og 112k0 


= 10.7 kQ 
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R, 
A 12 KQ 
+ + 
Vs = y= 
AV = AV = 
B Rr 
100 ka Ra 
10.7 KQ 
(a) (c) 
FIGURE 6-29 


Ra is the total resistance from node A to ground. The total resistance for the circuit is 
Rr = Ra + Ry = 10.7kQ, + 12k0 = 22.7kO, 


Determine the voltage across Rz; as follows, using the equivalent circuit in Figure 6-29(c): 


Vai V = (2)v = (oe pa = 113v 
Me eRe ROTO 


The load current through R7, is 


— Ven ( 11.3 V 


Iki = = = 113 pA 
ie 100 25 di 
Determine the voltage at node B by using the equivalent circuit in Figure 6-29(a) and the voltage at node A. 


Rpg 5.84 kQ 
Vp = = | > J]llL3 V = 550V 
. al ( 12.0 3) dl 


The load current through R7> is 


Ma Rea Rp  100k0 a 


The bleeder current is eee 
Va 5504 
Rh=—=2 = 887 pA 
R3  62k0 Open Multisim file E06-11. 


Measure the voltage across and 
the current through each load 
resistor, R, ¡ and R75. 


RELATED PROBLEM 


What will happen to the load current in Rz2 1f Rz; is disconnected? 


DISCRETE AMPLIFIERS WITH 
VOLTAGE-DIVIDER BIAS 


Amplifiers are fundamental to electronic systems because they are the basis of many other 
circuits. In linear circuits, bipolar transistors are often selected because of their linear char- 
acteristics. For a small-signal bipolar transistor amplifier, a voltage-divider is commonly 
used to develop the correct dc conditions (called bias) in order for the transistor to amplify. 
Figure 6—30 shows a simplified bipolar transistor voltage amplifier. The transistor requires 
a certain amount of base current to operate, which is set up by the voltage-divider bias 
network composed of R; and R,. In an amplifier in which bias is set by a voltage divider, 
the base current should normally be much smaller (<10%) than the bleeder current. When 
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Vec 
Vec +15 V 
O 


Vout Ci 
j ) 03 
4.7 pF j l 2N3053 
Bleeder a Speaker 


100 Q 
Re; 100 uF 
Reo 220 
330 Q WwW 
FIGURE 6-30 A voltage amplifier. FIGURE 6-31 A power amplifier. 


this condition is met, the basic calculation of base voltage is simple; simply apply the 
unloaded voltage-divider rule you already learned, substituting Vcc for the source voltage, 
Vs, in the original equation: 


R, + Ro 10kQ + 47k0 


The actual base voltage in this circuit 1s 3.7 V, showing a small loading effect. 

Figure 6-31 shows another example with voltage-divider bias, but the load is a 
speaker and the amplifier is a power amplifier. The divider for a power amplifier will usu- 
ally have different values for the divider string depending on the type of amplifier and the 
bias current required for proper operation. If the bias current requirement is large, the bias 
resistors will be smaller. The simplifying assumption of an unloaded voltage divider can 
be used whenever the base current is small compared to the bleeder current, and the result 
is a reasonable estimate of the base voltage. 


SECTION 6-3 CHECKUP 


1. A load resistor is connected to an output on a voltage divider. 
What effect does the load resistor have on the output voltage? 


2. A larger-value load resistor will cause the output voltage of a 
voltage divider to change less than a small-value one will. 
(True or False) 2 
09 A 
3. For the voltage divider in Figure 6-32, determine the T R, 100k02 Output 
unloaded output voltage. Also determine the output voltage 
with a 10 MQ load resistor connected from the output to 
ground. 


FIGURE 6-32 
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6-4 LOADING EFFECT OF A VOLTMETER 


As you have learned, voltmeters must be connected in parallel with a resistor in order to meas- 
ure the voltage across the resistor. Because of its internal resistance, a voltmeter, or any other 
measuring instrument for that matter, puts a load on the circuit and will affect, to a certain 
extent, the voltage that is being measured. Until now, we have ignored the loading effect 
because the internal resistance of a voltmeter is very high, and normally it has negligible effect 
on the circuit that is being measured. However, if the internal resistance of the voltmeter is not 
sufficiently greater than the circuit resistance across which it is connected, the loading effect 
will cause the measured voltage to be less than its actual value. 


After completing this section, you should be able to 


e Determine the loading effect of a voltmeter on a circuit 
e Explain why a voltmeter can load a circuit 


¢ Discuss the internal resistance of a voltmeter 


When a voltmeter is connected to a circuit as shown, for example, in Figure 6-33(a), 
its internal resistance appears in parallel with R3, as shown in part (b). The resistance from 
A to B is altered by the loading effect of the voltmeter’s internal resistance, Ry, and is 
equal to R3 | Rm, as indicated in part (c). 


Ry Ry Ry 


+ + 
=> ¡PEA 

| i l 
(b) 


(c) 
FIGURE 6-33 The loading effect of a voltmeter. 


B 


(a) 


If Ry is much greater than R3, the resistance from A to B changes very little, and the 
meter reading is very close to the actual voltage when no meter is present. If Ry is not suf- 
ficiently greater than R3, the resistance from A to B is reduced significantly, and the voltage 
across R3 is altered by the loading effect of the meter. A good rule of thumb for trouble- 
shooting work is that if the meter resistance is at least ten times greater than the resistance 
across which it is connected, the loading effect can be neglected (measurement error is 
less than 10%). 

Most voltmeters are part of a multifunction instrument such as the DMM or the analog 
multimeter discussed in Section 2-7. The voltmeter in a DMM will typically have an internal 
resistance of 10 MQ or more, so the loading effect is important only in very high-resistance 
circuits. DMMs have a constant resistance on all ranges because the input is connected to an 
internal fixed voltage divider. For analog multimeters, the internal resistance depends on the 
range selected for making a measurement. To determine the loading effect, you need to know 
the sensitivity of the meter, a value given by the manufacturer on the meter or in the manual. 
Sensitivity is expressed in ohms/volt and is typically about 20,000 Q/V. To determine the 
internal series resistance, multiply the sensitivity by the maximum voltage on the range 
selected. For example, a 20,000 Q/V meter will have an internal resistance of 20,000 Q on 
the 1 V range and 200,000 Q on the 10 V range. As you can see, there is a smaller loading 
effect for higher voltage ranges than for lower ones on the analog multimeter. 
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EXAMPLE 6-12 


How much does the digital voltmeter affect the voltage being measured for each 
circuit indicated in Figure 6-34? Assume the meter has an input resistance (Ry) 
of 10MQ. 


FIGURE 6-34 


SOLUTION 


To show the small differences more clearly, the results are expressed in more than 
three significant digits in this example. 


(a) Refer to Figure 6-34(a). The unloaded voltage across R, in the voltage- 
divider circuit is 


R> 100 0 
Vp = | —*— |y; = | A 15 V = 5.357 V 
na (= 2) È 5 à 


The meter’s resistance in parallel with R, is 


ER ) (100 0)(10MO) 
10.0001 MO 


¡EAS 6 e le = 99.999 Q 


The voltage actually measured by the meter is 


R; || Ru ) ( 99.999 Q 
Vo = Ve = 15 V = 5.357 V 
de e + R||Ryu/ °  \279.999 Q i 


The voltmeter has no measurable loading effect. 
(b) Refer to Figure 6-34(b). 


R 100 kQ 
Ve = (Js = )rsv = 5.357 V 


R, + Ry 280k0 

RoRm (100 kQ)(10 MQ) 
Ry||Ru = = = 99.01 KQ 
2 Rn Ro + Ry 10.1 MQ nae 


The voltage actually measured by the meter is 


R2 || Rm ) ( 99.01 KQ 
= = 15 V = 5.323 V 
Vra 6 + Roll Rm Vs = \579.01k0)? pees 


The loading effect of the voltmeter reduces the voltage by a very small 
amount. 
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(c) Refer to Figure 6-34(c). 


R> 10MQ 
Vr = jr = (Maisy = 5.357 V 
Rin — (10MOJ10MO) 
Re Ry 11 MQ 


Ra || Rm = 909.09 kQ 


The voltage actually measured is 


Rz || R 909.09 kO 
Ve, = ( ES ws = ( : isv = 5.034 V 
Ri + R || Rm 2.709 MQ 


The loading effect of the voltmeter reduces the voltage by a noticeable amount. 
As you can see, the higher the resistance across which a voltage is measured, the 
more the loading effect. 


RELATED PROBLEM 


Calculate the voltage across R, in Figure 6—34(c) if the meter resistance is 20 MO. 


SECTION 6-4 CHECKUP 


1. Explain why a voltmeter can potentially load a circuit. 3. Ifa voltmeter with a 10 MQ) resistance is measuring the volt- 
age across a 3.3 MQ) resistor, should you be concerned about 


2. Ifa voltmeter with a 10 MQ internal resistance is measuring 
the loading effect? 


the voltage across a 1.0 kQ resistor, should you normally be 
concerned about the loading effect? 4. What is the internal series resistance of a 20,000 Q/V VOM if 
1t 1s on the 200 V range? 


6-5 THE WHEATSTONE BRIDGE 


The Wheatstone bridge circuit can be used to precisely measure resistance. However, the 
bridge is most commonly used in an automated circuit in conjunction with transducers to 
measure physical quantities such as strain, temperature, and pressure. Transducers are 
devices that sense a change in a physical parameter and convert that change into an electrical 
quantity such as a change in resistance. For example, a strain gage exhibits a change in resist- 
ance when it is exposed to mechanical factors such as force, pressure, or displacement. A ther- 
mistor exhibits a change in its resistance when it is exposed to a change in temperature. The 
Wheatstone bridge can be operated in a balanced or an unbalanced condition. The condition of 
operation depends on the type of application. 


After completing this section, you should be able to 


e Analyze and apply a Wheatstone bridge 
e Determine when a bridge is balanced 
e Determine an unknown resistance with a balanced bridge 
e Determine when a bridge is unbalanced 
e Discuss measurements using an unbalanced bridge 


A Wheatstone bridge circuit is shown in its most common diamond-shaped configu- 
ration in Figure 6—35(a). It consists of four resistors and a dc voltage source connected 
across the top and bottom points of the diamond. The output voltage is taken across the left 
and right points of the diamond between A and B. In part (b), the circuit is drawn in a 
slightly different way to more clearly show its series-parallel configuration. 
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(a) (b) 


FIGURE 6-35 Wheatstone bridge. Notice that the bridge forms two 
back-to-back voltage dividers. 


The Balanced Wheatstone Bridge 


The Wheatstone bridge in Figure 6-33 is in the balanced bridge condition when the output 
voltage (Voy) between terminals A and B is equal to zero. 


Vout = 0V 


When the bridge is balanced, the voltages across R; and R, are equal (V; = V,) and the volt- 
ages across R, and Ry are equal (V3 = V4). Therefore, the voltage ratios can be written as 


Vi _ Vo 
V3 V4 
Substituting JR for V by Ohm’s law gives 
HST a 
BR U4Ry 
Since J) = J; and h = 74, all the current terms cancel, leaving the resistor ratios. 
R Ro 
R Rg 


Solving for R, results in the following formula: 


Ry 
Ri = R} R, 
4 


This formula allows you to find the value of resistor R; in terms of the other resistor 
values when the bridge is balanced. You can also find the value of any other resistor in a 
similar way. 


USING THE BALANCED WHEATSTONE BRIDGE TO FIND AN 
UNKNOWN RESISTANCE Assume that R in Figure 6-35 has an unknown value, 
which we call Ry. Resistors R, and R, have fixed values so that their ratio, Ry /R4, also has 
a fixed value. Since Ry can be any value, R3 must be adjusted to make R,/R3 = R,/R4 in 
order to create a balanced condition. Therefore, R3 is a variable resistor, which we will call 
Ry. When Ry is placed in the bridge, Ry is adjusted until the bridge is balanced as indi- 
cated by a zero output voltage. Then, the unknown resistance is found as 


(e 

Ry = Ri = (6-2) 
R4 

The ratio R/R; is the scale factor. 

An older type of measuring instrument called a galvanometer can be connected 
between the output terminals A and B to detect a balanced condition. The galvanometer is 
essentially a very sensitive ammeter that senses current in either direction. It differs from a 
regular ammeter in that the midscale point is zero. Most Wheatstone bridges are now auto- 
mated and use an amplifier connected across the bridge output to indicate a balanced con- 
dition when its output is O V. Also, high precision micro-adjustable resistors can be used in 
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demanding applications. The micro-adjustable resistors enable fine adjustment of the 
bridge resistors during manufacture for applications such as medical sensors, scales, and 
precision measurements. 

From Equation 6-2, the value of Ry at balance multiplied by the scale factor R, /R4 is 
the actual resistance value of Ry. If R¿/R4 = 1, then Ry = Ry, if Ra/R4 = 0.5, then 
Rx = 0.5Ry, and so on. In a practical bridge circuit, the position of the Ry adjustment can be 
calibrated to indicate the actual value of Ry on a scale or with some other method of display. 


EXAMPLE 6-13 


Determine the value of Rx in the balanced bridge shown in Figure 6-36. The 
bridge is balanced (Vour = 0 V) when Ry is set at 1200 O. 


FIGURE 6-36 


SOLUTION 
The scale factor 1s 


Ry 1500 | 


= =] 
R, 1000 


The unknown resistance is 


R 
Ry = 169 = (1200 9)(1.5) = 1800 Q 


RELATED PROBLEM 
If Ry must be adjusted to 2.2 KO to balance the bridge in Figure 6-36, what is Ry? 


The Unbalanced Wheatstone Bridge 


An unbalanced bridge condition occurs when Voyr is not equal to zero. The unbal- 
anced bridge is used to measure several types of physical quantities such as mechani- 
cal strain, temperature, or pressure. This can be done by connecting a transducer in 
one leg of the bridge, as shown in Figure 6—37. The resistance of the transducer 
changes proportionally to the changes in the parameter that it is measuring. If the 
bridge is balanced at a known point, then the amount of deviation from the balanced 
condition, as indicated by the output voltage, indicates the amount of change in the 
parameter being measured. Therefore, the value of the parameter being measured can 
be determined by the amount that the bridge is unbalanced. 


Transducer 


FIGURE 6-37 A bridge circuit for A BRIDGE CIRCUIT FOR MEASURING TEMPERATURE If temper- 
measuring a physical parameter ature is to be measured, the transducer can be a thermistor, which is a temperature- 
using a transducer. sensitive resistor. The thermistor resistance changes in a predictable way as the 
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temperature changes. A change in temperature causes a change in thermistor resistance, 
which causes a corresponding change in the output voltage of the bridge as 1t becomes unbal- 
anced. The output voltage is proportional to the temperature; therefore, either a voltmeter 
connected across the output can be calibrated to show the temperature or the output voltage 
can be amplified and converted to digital form to drive a readout display of the temperature. 

A bridge circuit used to measure temperature is designed so that it is balanced at a 
reference temperature and becomes unbalanced at a measured temperature. For example, 
let’s say the bridge is to be balanced at 25°C. A thermistor will have a known value of 
resistance at 25°C. 


EXAMPLE 6-14 


Determine the output voltage of the temperature-measuring bridge circuit in Figure 
6-38 if the thermistor is exposed to a temperature of 50°C and its resistance at 25°C 
is 1.0kQ.. Assume the resistance of the thermistor decreases to 900 Q at 50°C. 


Riherm 
1.0 KO @ 25°C 


FIGURE 6-38 


SOLUTION 
Apply the voltage-divider formula to the left side of the bridge at 50°C. 


R 1k0 
V, = ( : vs = ( : 2v = 632v 
Rs + Roen 1kQ + 9000 


Apply the voltage-divider formula to the right side of the bridge. 


Vp, = AS -= (Gs ev = 6.00 V 
B betu] o 


The output voltage at 50°C is the difference between V4 and Vg. 
Vour = Va — Vg = 6.32 V — 6.00 V = 0.32 V 


Node A is positive with respect to node B. 


RELATED PROBLEM 


If the temperature is increased to 60°C, causing the thermistor resistance in Figure 
6-38 to decrease to 850 QO, what is Vour? 


STRAIN GAGE APPLICATION OF THE WHEATSTONE BRIDGE A 
Wheatstone bridge with a strain gage can be used to measure forces. A strain gage is a 
device that exhibits a change in resistance when it is compressed or stretched by the appli- 
cation of an external force. As the resistance of the strain gage changes, the previously 
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balanced bridge becomes unbalanced. This unbalance causes the output voltage to change 
from zero, and this change can be measured to determine the amount of strain. In strain 
gages, the resistance change is extremely small. This tiny change unbalances a Wheatstone 
bridge and can be detected because of its high sensitivity. For example, Wheatstone 
bridges with strain gages are commonly used in weight scales. 

Some resistive transducers have extremely small resistance changes, and these changes 
are difficult to measure accurately with a direct measurement. In particular, strain gages are 
one of the most useful resistive transducers that convert the stretching or compression of a fine 
wire into a change in resistance. When strain causes the wire in the gage to stretch, the resist- 
ance increases a small amount and when 1t compresses, the resistance of the wire decreases. 

Strain gages are used in many types of scales, from those that are used for weighing 
small parts to those for weighing huge trucks. Typically, the gages are mounted on a spe- 
cial block of aluminum that deforms when a weight is on the scale. The strain gages are 
extremely delicate and must be mounted properly, so the entire assembly is generally pre- 
pared as a single unit called a load cell. A load cell is a transducer that uses strain gages to 
convert mechanical force into an electrical signal. A wide variety of load cells with differ- 
ent shapes and sizes are available from manufacturers depending on the application. A 
typical S-shaped load cell for a weighing application that has four strain gages is illustrated 
in Figure 6—39(a). The gages are mounted so that two of the gages stretch (tension) when 
a load is placed on the scale and two of the gages compress. 


Applied force 


Strain gages (SG) 


(a) A typical load cell with four active strain gages (b) Wheatstone bridge 
(two compression and two tension) 


FIGURE 6-39 Example of a load cell. 


The 4-20 mA Current Loop 


Many systems use transducers including strain gages and load cells that have very small signal 
levels, which are subject to corruption due to interference. Signal conditioning 1s the process 
of converting the signal to a usable level that is not likely to pick up unwanted noise. Typi- 
cally, the signal is converted from an analog signal to a digital signal close to the source. 

An older, but widely used, standard for sending information in an industrial environment 
is the 4-20 mA current loop shown in the block diagram. It is particularly useful when the 
information needs to be transmitted a long distance (1000 feet or more). The sensor’s output is 
converted to a signal that uses 4 mA to signal the lowest level and 20 mA to signal the highest 
level. Because the signaling method is current rather than voltage, the line resistance is not a 
factor, as long as the transmitter can overcome the voltage drop in the line. The major advan- 
tage of the method is that it is virtually immune to noise pickup. 


Transmitter Receiver 
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Load cells are usually connected to a Wheatstone bridge as shown in Figure 6-39(b) 
with strain gages (SG) in tension (T) and compression (C) in opposite diagonal legs as 
shown. The output of the bridge is normally digitized and converted to a reading for a dis- 
play or sent to a computer for processing. The major advantage of the Wheatstone bridge 
circuit is that it is capable of accurately measuring very small differences in resistance. The 
use of four active transducers increases the sensitivity of the measurement and makes the 
bridge the ideal circuit for instrumentation. The Wheatstone bridge circuit has the added 
benefit of compensating for temperature variations and wire resistance of connecting wires 
that would otherwise contribute to inaccuracies. 

In addition to scales, strain gages are used with Wheatstone bridges in other types of 
measurements including pressure measurements, displacement and acceleration measure- 
ments to name a few. In pressure measurements, the strain gages are bonded to a flexible 
diaphragm that stretches when pressure is applied to the transducer. The amount of flexing 
is related to the pressure, which again converts to a very small resistance change. 


Y 


A LIQUID LEVEL-SENSING SYSTEM [HHF 


Load cells were described in the text as force-sensing transducers. Weight is the force grav- 

ity exerts on an object, so load cells are widely used in scales. An application that converts 

the force to another quantity is a liquid-level detection system for a large tank. Cylindrical 

tanks will usually use three load cells; other shapes may have four cells. A tank containing 

hazardous materials or subject to wind loading might use more than four load cells. 
Typical methods for measuring the liquid-level in a tank include floats, capacitive 

sensors, and ultrasonic sensors. Certain liquids, like paint, hazardous liquids or those at a 

high temperature can be a problem for contacting sensors, so weighing systems are an 

attractive alternative in these cases. Essentially the system described in this example is a 

weighing system that indicates the liquid level by a basic calculation of net ad pi 

weight is translated by the computer into a liquid-level indication. ADES LAIO 0 
Figure 6—40 shows a liquid-level sensor composed of three load cells arranged so that 

each load cell has the same load. The tank needs to be initially set level and be able to freely 

move up and down for this method to work properly. Because the tank needs to move freely 

in the vertical direction, flexible fittings are used. The load cells must not experience any 

horizontal motion, and the tank needs to be restrained in the horizontal direction. The tank 

is fully supported by the load cells, so that the sum of the weights represents the gross 

weight (tank plus fluid). Each load cell is instrumented with a Wheatstone bridge. A com- 

puter calculates the percentage of liquid in the tank and the result is displayed. Figure 6-41 

shows a block diagram of the system. 


Load cells 


FIGURE 6-40 Tank liquid-level sensing system. FIGURE 6-41 Block diagram of system. 
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SECTION 6-5 CHECKUP 


1. Draw a basic Wheatstone bridge circuit. 4. How is a Wheatstone bridge used in the unbalanced 
condition? 


2. Under what condition is a bridge balanced? 


5. What is a load cell? 
3. What is the unknown resistance in Figure 6-36 when 


Ry = 3.3 KQ, Rə = 10kQ, and R4 = 2.2 kQ? 


6-6 THEVENIN’S THEOREM 


Thevenin’s theorem provides a method for simplifying a circuit to a standard equivalent form 
with respect to two output terminals. In many cases, this theorem can be used to simplify the 
analysis of series-parallel circuits. Another method for simplifying a circuit to an equivalent 
form is Norton’s theorem, which is covered in Appendix C. 


After completing this section, you should be able to 


e Apply Thevenin’s theorem to simplify a circuit for analysis 
e Describe the form of a Thevenin equivalent circuit 
e Obtain the Thevenin equivalent voltage source 
e Obtain the Thevenin equivalent resistance 
+ Explain terminal equivalency in the context of Thevenin’s theorem 
e Thevenize a portion of a circuit 
e Thevenize a Wheatstone bridge 


A The Thevenin equivalent form of any two-terminal resistive circuit consists of an 

RtH equivalent voltage source (Vrp) and an equivalent resistance (Rypy), arranged as shown in 

+ Figure 6—42. The values of the equivalent voltage and resistance depend on the values in the 

= "E original circuit. Any two-terminal resistive circuit can be simplified to a Thevenin equivalent 
7 regardless of its complexity. 

B The equivalent voltage, Vry, 1s one part of the complete Thevenin equivalent circuit. 


The other part is Rī. 
FIGURE 6-42 The general 


form of a Thevenin equivalent The Thevenin equivalent voltage (Vrp) is the open circuit (no-load) voltage 


circuit is a voltage source in between two specified output terminals in a circuit. 
series with a resistance. 


Any component connected between these two terminals effectively “sees” Vry in series 
with Rip. As defined by Thevenin’s theorem, 


The Thevenin equivalent resistance (Rrp) is the total resistance appearing 
between two specified output terminals in a circuit with all sources replaced by 
their internal resistances (which for an ideal voltage source is zero). 


Although a Thevenin equivalent circuit is not of the same form as the original circuit, 
it acts the same in terms of the output voltage and current. Consider the following demon- 
stration as illustrated in Figure 6-43. A resistive circuit of any complexity is placed in a 
box with only the output terminals exposed. The Thevenin equivalent of that circuit is 
placed in an identical box with, again, only the output terminals exposed. Identical load 
resistors are connected across the output terminals of each box. Next, a voltmeter and an 
ammeter are connected to measure the voltage and current for each load as shown in the 
figure. The measured values will be identical (neglecting tolerance variations), and you 
will not be able to determine which box contains the original circuit and which contains 
the Thevenin equivalent of the original circuit. That is, in terms of what you can observe by 
electrical measurement, both circuits appear to be the same. This condition is sometimes 
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| 1 | 
¡SU a | 


Original Output 
circuit terminals 


\ 


Same J, and V, 
readings 


UL) 
RU Le | 


Thevenin's 
equivalent 
circuit 


Output 
terminals 


(b) 


FIGURE 6-43 Which box contains the original circuit and which contains 
the Thevenin equivalent circuit? You cannot tell by observing the meters 
because the circuits have terminal equivalency. 


known as terminal equivalency because both circuits look the same from the “viewpoint” 
of the two output terminals. 

To find the Thevenin equivalent of any circuit, you must determine the equivalent 
voltage, Vryp, and the equivalent resistance, Ryy. For example, the Thevenin equivalent for 
the circuit between output terminals A and B is developed in Figure 6-44. 


R R R R 
1 3 A 1 3 A 
j Vs A Risin 
OV VTH = Vr = (=) replaced series with RTH = R3 + Ry Il R 
daie — by short R> RR 
voltage 
parallel. 
B B 
(a) Finding Vry (b) Finding Ry 
A 
RTH 
+ 
= Vin 


(c) Thevenin equivalent circuit 


FIGURE 6-44 Example of the simplification of a circuit by Thevenin’s theorem. 


In Figure 6-44(a), the voltage across the designated terminals A and B is the Thevenin 
equivalent voltage. In this particular circuit, the voltage from A to B is the same as the volt- 
age across R, because there is no current through Rx and, therefore, no voltage drop across 
it. Vry is expressed as follows for this particular example: 


V. = (E y 
H IR +R) ee 
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In Figure 6-44(b), the resistance between terminals A and B with the source replaced 
by a short to represent its zero internal resistance is the Thevenin equivalent resistance. In 
this particular circuit, the resistance from A to B 1s R3 in series with the parallel combina- 
tion of R; and R». Therefore, Ry y is expressed as follows: 

Ri Ro 
Rry = R3 uE 
R¡ + R 


The Thevenin equivalent circuit is shown in Figure 6-44(c). 


EXAMPLE 6-15 


Find the Thevenin equivalent circuit between the output terminals A and 
B of the circuit in Figure 6-45. If there were a load resistance connected 
across terminals A and B, it would first have to be removed. 


SOLUTION 


Since there is no voltage drop across Ry, Vag, equals the voltage across 
R, + R, and Vry = Vas, as shown in Figure 6-46(a). Use the volt- 


age-divider principle to find Vry. FIGURE 6-45 
Ry + R3 ( 690 Q 
Vu = Vs = | ]10V = 4.08 V 
i (z + Ra + R) ° 1.69 KQ 


R4 is in series with Ry II (R, + R3). 


R} R4 
1.0 kQ 1.0 KQ 
A 
Vg replaced 
by short 
parallel R 
with F P ii 
R, + R3. 3 
O B 
(a) The voltage from A to B is Vry and equals V>,3. (b) Looking from terminals A and B, R4 appears in series 


with the combination of R; in parallel with (R, + R3). 


(c) Thevenin equivalent circuit 


FIGURE 6-46 


To find Ryp, first replace the source with a short to simulate a zero internal resistance. Then R, appears in parallel 
with R, + R3, and Rz 1s in series with the series-parallel combination ef.R 1; R>,,and, Rs as indicated in Figure 6—46(b). 
R1(R) + R3) (1.0 0690 Q) 


Ra = kt = 10k0 + = 1.41 kQ 
O ET 1.69k0 


The resulting Thevenin equivalent circuit is shown in Figure 646(c). 


RELATED PROBLEM 


Determine Vry and Rx y if a 560 © resistor is connected in parallel across R, and Rx in Figure 6-45. 
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Thevenin Equivalency Depends 
on the Viewpoint 


The Thevenin equivalent for any circuit depends on the location of the two output termi- 
nals from which the circuit is “viewed.” In Figure 6-45, you viewed the circuit from 
between the two terminals labeled A and B. Any given circuit can have more than one 
Thevenin equivalent, depending on how the output terminals are designated. For example, 
if you view the circuit in Figure 6-47 from between terminals A and C, you obtain a com- 
pletely different result than 1f you view it from between terminals A and B or from between 
terminals B and C. 


A 
Viewed from 
= terminals 
A and B Viewed from 
B terminals 
Viewed from A and C 
= terminals 
Band C 


C 


FIGURE 6-47 Thevenin’s equivalent depends on the output terminals from 
which the circuit is viewed. 


In Figure 6—48 (a), when viewed from between terminals A and C, Vry is the voltage 
across R) + R, and can be expressed using the voltage-divider formula as 


A Ry + R; ) 
THAC) AR, + R +R) > 
Also, as shown in Figure 6—48 (b), the resistance between terminals A and C is R) + R3 in 
parallel with R, (the source is replaced by a short) and can be expressed as 
Ri) + R3) 
Ri + Ry + R3 


Rrwacy = Ri ll (Ra + R3) = 


The resulting Thevenin equivalent circuit is shown in Figure 6-48(c). 


R, + R3 . . 
a) Vrag =| n= |V b) Rima = R; || (R+ R >) Th alent 
(a) VTHUO) (z EDA z) S (b) RrHac) ill ¢ 3+ R3) (c) Thevenin equivalen 
RTH(BC) 
B 
+ 
A Vino) 
bo C 
R3 l E | 
(d) Vireo = (7) (e) Rruga = 23 || (R1 + R2) (f) Thevenin equivalent 


FIGURE 6-48 Example of a circuit thevenized from two different sets of terminals. 
Parts (a), (b), and (c) illustrate one set of terminals and parts (d), (e), and (f) illustrate 
another set of terminals. (The Vry and Ry y values are different for each case.) 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


246 CHAPTER 6 + SERIES-PARALLEL CIRCUITS 


When viewed from between terminals B and C as indicated in Figure 6-48(d), 
Vru) 18 the voltage across R3 and can be expressed as 


V. = ( Rs )y 
TO O 


As shown in Figure 6-48(e), the resistance between terminals B and C is R3 in parallel 
with the series combination of R, and R3. 


Rxí(R¡ + Ro) 
R, + Ro + R3 


Rruecy = R3\|(Ry + Ra) = 


The resulting Thevenin equivalent is shown in Figure 6—48(f). 


EXAMPLE 6-16 


(a) Determine the Thevenin equivalent circuit for the circuit in Figure 6-49 viewed from terminals A and C. 


(b) Determine the Thevenin equivalent circuit for the circuit in Figure 6-49 viewed from terminals B and C. 


FIGURE 6-49 


SOLUTION 


R» + Ry ) | 4.7KQ + 3.3 kQ 
5 = 


V. = 
(a) Vrmac) 6 + Ro + R3 S6kQ + 4.7kO + 33k0 


)rov = 5.88 V 


Raco) = Ri || (R + R3) = 5.6 KO || (4.7KQ + 3.3kO) = 3.29 kQ 


The Thevenin equivalent circuit is shown in Figure 6—50(a). 


or 7 ( R; y E ( 3.3kO )rov 2,43 V 
THEO | Ri + Rot R3/ > \5.6kKO + 4.7kO + 3.3k0 l 


Rruga = R3 || (Ri + Ro) = 3.3 kO | 6.6KQ + 4.7 KQ) = 2.5 kQ 


The Thevenin equivalent circuit is shown in Figure 6—50(b). 


RTHAC) RTHEC) 


FIGURE 6-50 


RELATED PROBLEM 


Determine the Thevenin equivalent circuit viewed from terminals A and B in Figure 6-49. 
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Thevenizing a Bridge Circuit + Vs 


The usefulness of Thevenin’s theorem can be illustrated when it is applied to a Wheatstone 
bridge circuit. For example, consider the case when a load resistor is connected to the out- 
put terminals of a Wheatstone bridge, as shown in Figure 6-51. The bridge circuit is diffi- 
cult to analyze because it is not a straightforward series-parallel arrangement when a load 
resistance 1s connected between the output terminals A and B. There are no resistors that 
are in series or in parallel with another resistor. 

Using Thevenin’s theorem, you can simplify the bridge circuit to an equivalent 
circuit viewed from the load resistor as shown step-by-step in Figure 6-52. Study 
carefully the steps in this figure. Once the equivalent circuit for the bridge is found, 
the voltage and current for any value of load resistor can easily be determined by 
Ohm’s law. 


FIGURE 6-51 A Wheatstone 
bridge with a load resistor 
connected between the output 
terminals is not a straightfor- 
ward series-parallel circuit. 


(a) Remove R, to create an open (b) Redraw Gf you wish). (c) Find Vry: 
circuit between the output RE PO = ( R3 y R4 y 
terminals A and B. TH, it > sR, + Ry 3o R, + Ry a 


(d) Replace Vg with a short to represent its (e) Redraw (1f you wish) and (f) Thevenin’s equivalent circuit (beige block) 
zero internal resistance. Note: The red find Ry: with R, reconnected 
lines represent the same electrical Roy = R,|| Ry + Roll Ry 


point as the red lines in Part (e). 


FIGURE 6-52 Simplifying a Wheatstone bridge with Thevenin’s theorem. 


EXAMPLE 6-17 


Determine the voltage and current for the load resistor, Rz, in the bridge circuit of Figure 6-53. 


FIGURE 6-53 


24 V | 
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SOLUTION 


Step 1: Remove R, to create an open circuit between A and B. 


Step 2: To thevenize the bridge as viewed from between terminals A and B, as was shown in Figure 6-52, first 
determine Vry. 


O Ry + Ra) > 


= (E jav = ee jav = 16.16 V — 10.84 V = 5.32 V 
1010 Q 1240 Q 


Step 3: Determine Rry. 
RR, RR, 
RUS RoR, TR +R 
1 3 2 4 
(33001680 0) (680 Q)(560 Q) 
7 10109 12400 


= 2220 + 307 Q = 5290 


Step 4: Place Vry and Rx y in series to form the Thevenin equivalent circuit. 


Step 5: Connect the load resistor from terminals A to B of the equivalent circuit, and determine the load voltage 
and current as illustrated in Figure 6-54. 


R 1.0 kQ 
Vi = ( > Wn = ( : )s32v = 3.48 V 


Ri + Rry 1.529 kO 
Vi 3.48 V 
lI === = 3.48 mA 
L R; 1.0kO 7 


FIGURE 6-54 Thevenin’s equivalent 
tor the Wheatstone 
bridge \ 


RELATED PROBLEM 
Calculate 7; for Ry = 2.2 KQO, Ro = 3.9k0,R3 = 3.3kQ, and Ry = 2.7 KO in Figure 6-53. 


MULTISIM 


A. Summary of Thevenin’s Theorem 


Determine the voltage and l . ae — da 3 . 
gi Remember, the Thevenin equivalent circuit for any resistive circuit is always an equivalent 
current for R, using a 


, p voltage source in series with an equivalent resistance regardless of the original circuit that it 
multimeter. Change the resistor _ | j , Ha 
values to those specified in the Yeplaces. The significance of Thevenin’ s theorem is that the equivalent circuit can replace the 
related problem and measure original circuit as far as any external load is concerned. Any load resistor connected between 
the voltage and current for Rz. the terminals of a Thevenin equivalent circuit will have the same current through it and the 
same voltage across it as 1f 1t were connected to the terminals of the original circuit. 
A summary of steps for applying Thevenin’s theorem is as follows: 


Step 1: Open the two terminals (remove any load) between which you want to find the 
Thevenin equivalent circuit. 


Step 2: Determine the voltage (Vrp) across the two open terminals. 
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£ 


Step 3: Determine the resistance (Rry) between the two terminals with all sources 
replaced by their internal resistance. (An ideal voltage source is replaced by a 
short.) 


Step 4: Connect Vry and Rry in series to produce the complete Thevenin equivalent 
for the original circuit. 


HANDS ON TIP 

The Thevenin resistance of a 
circuit can be measured by 
connecting a variable resistance 
on the output of the circuit and 
adjusting the resistance until 
the output voltage of the circuit 
is one-half of its open circuit 
value. Now, if you remove the 
variable resistance and measure 
it, the value equals the 
Thevenin equivalent resistance 
of the circuit. 


Step 5: Replace the load removed in Step 1 across the terminals of the Thevenin 
equivalent circuit. You can now calculate the load current and load voltage 
using only Ohm’s law, and they have the same value as the load current and 
load voltage in the original circuit. 


Two additional theorems are sometimes used in circuit analysis. One of these is Nor- 
ton’s theorem, which is similar to Thevenin’s theorem except that it deals with current sources 
instead of voltage sources. The other is Millman’s theorem, which deals with parallel voltage 
sources. See Appendix C for a coverage of Norton’s theorem and Millman’s theorem. 


SECTION 6-6 CHECKUP 


. What are the two components of a Thevenin equivalent circuit? Ri 
. Draw the general from of a Thevenin equivalent circuit. 
. Define VrH. 
. Define Rey. 


N Bb Y N = 


. For the original circuit in Figure 6-55, determine the 
Thevenin equivalent circuit as viewed from the output 
terminals A and B. 


FIGURE 6-55 


6-7 THE MAXIMUM POWER 
TRANSFER THEOREM 


The maximum power transfer theorem is important when you need to know the value of the 
load at which the most power is delivered from the source. 


After completing this section, you should be able to 


e Apply the maximum power transfer theorem 
e State the theorem 


e Determine the value of load resistance for which maximum power is transferred from a 
given circuit 


The maximum power transfer theorem is stated as follows: 


For a given source voltage, maximum power is transferred from a source to a 
load when the load resistance is equal to the internal source resistance. 


The source resistance, Rg, of a circuit is the equivalent resistance as viewed from the out- 

put terminals using Thevenin’s theorem. A Thevenin equivalent circuit with its output FIGURE 6-56 Maximum 
resistance and load is shown in Figure 6-36. When Rz; = Rg, the maximum power possi- power is transferred to the 
ble is transferred from the voltage source to Rz for a given value of Vs. load when R; = Rs. 
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Practical applications of the maximum power transfer theorem include audio systems 
such as stereo, radio, and public address. In these systems the resistance of the speaker is 
the load. The circuit that drives the speaker is a power amplifier. The systems are typically 
optimized for maximum power to the speakers. Thus, the resistance of the speaker must 
equal the internal source resistance of the amplifier. 

Example 6-18 shows that maximum power occurs when R, = Rs. 


EXAMPLE 6-18 


The source in Figure 6-57 has an internal resistance of 75 0. Determine the load 
power for each of the following values of the variable load resistance: 


(a) 00 (b) 25 0 (c) 500 
(d) 750 (e) 1000 (f) 1250 


Draw a graph showing the load power versus the load resistance. 


FIGURE 6-57 


SOLUTION 


Use Ohm’s law (J = V/R) and the power formula (P = PR) to find the load 
power, Pz, for each value of load resistance. 


(a) For R = 00, 


I Vs CA 133 mA 
== ===> II —= m 
Ro +R, 750+00 
P; = PR, = (133 maJ(0 Q) = 0 mW 
(b) For R; = 25 0, 
Vs 10 V 
I = 100 mA 


C Ro +R, 750+250 
P; = PR, = (100 mAY(25 Q) = 250 mW 


(©) For R; = 50 0, 


i= Vs = 10y 
Rs +R, 1250 
P; = PR, = (80 mA)*(50 Q) = 320 mW 


= §0 mA 


(d) For R; = 75 0, 

© Vo 10y 
Rs +R, 1500 

P; = PR, = (66.7 mA)*(75 Q) = 334 mW 


I = 66.7 mA 
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(e) For Rz = 100 0, 


Ve 10 V 
I= — = 57.1 mA 
Rs +R, 1750 


P; = PR, = (57.1 mA)*(100 Q) = 326 mW 


(£) For R; = 


| 
— 
NO 
Cn 
© 


V 10 V 
j= > = : = 50mA 
Rg + R; 2000 


P; = PR, = (50 mA)*(125 Q) = 313 mW 


Notice that the load power is greatest when Rz = Rs = 75 Q, which is the 
same as the internal source resistance. When the load resistance 1s less than or 
greater than this value, the power drops off, as the curve in Figure 6-58 graphi- 
cally illustrates. 


P; (mW) 


R; (Q 
e 25 50 75 100 125 ae 


FIGURE 6-58 Curve showing that the load power is 
maximum when Rz, = Rs. 


RELATED PROBLEM 


If the source resistance in Figure 6-57 is 6000, what is the maximum power that 
can be delivered to a load? 


SECTION 6-7 CHECKUP 


1. State the maximum power transfer theorem. 3. A given circuit has an internal source resistance of 50 Q. 
What will be the value of the load to which the maximum 


2. When is maximum power delivered from a source to a i . E 
power is delivered? 


load? 
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6-8 THE SUPERPOSITION THEOREM 


Some circuits require more than one voltage or current source. For example, most amplifiers 
operate with two voltage sources: an ac and a de source. Additionally, some amplifiers require 
both a positive and a negative de voltage source for proper operation. When multiple sources 
are used in a circuit, the superposition theorem provides a method for analysis. 


After completing this section, you should be able to 


e Apply the superposition theorem to circuit analysis 
e State the superposition theorem 


e List the steps in applying the theorem 


The superposition theorem is a way to determine currents in a circuit with multiple 
sources by leaving one source at a time and replacing the other sources by their internal 
resistances. Recall that the ideal voltage source has a zero internal resistance and the ideal 
current source has infinite internal resistance. All sources will be treated as ideal in order 
to simplify the coverage. 


The Superposition Theorem in Physics 


The superposition theorem is not restricted to electri- 
cal and electronic systems. It can be applied to any 
linear system with two or more sources (stimuli). In 
physics, it is applied to various types of waves 
(including sound and water waves), mechanical 
structures (beams), field theory, quantum mechanics, 
and even overlapping magnetic or electric fields. 


For example, when water, sound, or light waves 
are combined from independent sources, the result can 
be predicted within certain limits by the superposition 
theorem. Where two crests overlap, the wave ampli- Anja Kaiser/Fotolia.com 
tude increases; when a crest and a trough overlap, they 
tend to cancel. Another familiar example of superposition is the superimposing of an airplane’s 
forward motion with any wind motion. The vector sum of the two is the net motion of the plane. 


A general statement of the superposition theorem is as follows: 


The current in any given branch of a multiple-source linear circuit can be 
found by determining the currents in that particular branch produced by each 
source acting alone, with all other sources replaced by their internal resist- 
ances. The total current in the branch is the algebraic sum of the individual 
source currents in that branch. 


The steps in applying the superposition theorem are as follows: 


Step 1: Leave one voltage (or current) source at a time in the circuit and replace each 
of the other voltage (or current) sources with its internal resistance. For ideal 
sources, a short represents zero internal resistance and an open represents infi- 
nite internal resistance. 


Step 2: Determine the particular current (or voltage) that you want to find just as if 
there were only one source in the circuit. This is a component of the total cur- 
rent or voltage that you are looking for. 


Step 3: Take the next source in the circuit and repeat Steps 1 and 2 for each source. 
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Step 4: To find the actual current in a given branch (with all sources active), algebrai- 
cally add the results for all sources. Once you find this current, you can deter- 
mine the voltage using Ohm’s law. 


The approach to superposition is illustrated in Figure 6-59 for a series-parallel circuit 
with two ideal voltage sources. Study the steps in this figure. 


Short 
replaces 


Vs2 


(a) Problem: Find />. (b) Replace Vs, with zero resistance (short). (c) Find Ry and [y looking from Vs: 
Kris) = Ry + Kyl R3 
Its = Vs Eras) 


Short 
replaces 
Vs 77, 
1n ue to : e eplace with zero resistance (short). In an ooking from : 
(d) Find Z, d Vai (e) Replace Vg, with i (short) (f) Find Ry and J; looking from Ve, 
R, Rrís2 =R; + Ry IR, 
hs = ATALS Irez = Vs2/Rrs2 


(g) Find J, due to Vgz: (h) Restore the original sources. Algebraically add f>(s¡, and 
i L>(s2) to get the actual /> (they are in same direction): 
L(s2) = ( R, +R; re» Ty = bast Laso) 


FIGURE 6-59 Illustration of the superposition theorem. 


EXAMPLE 6-19 


Use the superposition theorem to find the current through R, and the voltage 
across it in Figure 6—60. 


FIGURE 6-60 


SOLUTION 


Step 1: Replace Vs, with a short to represent its zero internal resistance and 
find the current through R, due to voltage source Vs), as shown in 
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Figure 6-61. To find J), use the current-divider formula. Looking 


from Vsy, 
Rr(s1) = R, a Ro || R3 = 100 0 T 220 Q 11330 10) — 232 0 
Vsi 10 V 
T(S1) RSI) 232 0 m 


The component of the total current through R, due to Vg, 1s 


R3 330 0 
List) = (z zi z Jin = (2 + son) mA = 25.9 mA 


Note that this current is upward through R3. 


Replace Vg with 
a short 


FIGURE 6-61 


Step 2: Find the current through R, due to voltage source Vs, by replacing Vs 
with a short, as shown in Figure 6-62. Looking from Vs), 
Rx (s2) = R3 T R] || Ro = 3300 + 100 Q ||220 Q = 399 0 
Vs2 oY 
Rys» 390 


Msz = = 12.5 mA 


The component of the total current through R, due to Vs is 


f R 7 100 Q 7 
Isy = 6 > z Jis» = (a 4. m0 0 Jas mA = 3.90mA 


Note that this current is upward through Ro. 


Ry R3 


Replace Vg, 
with 
a short hg 7 
S2 
5V 


FIGURE 6-62 


Step 3: Both component currents are upward through R», so they have the 
same algebraic sign. Therefore, add the values to get the total current 
through R3. 


Lo (tot) = Isi) T IXxsS2) = 25.9 mA + 3.90 mA = 29.8 mA 
The voltage across R) is 


Vr = Lyor Ro = (29.8 mA)(220 O) = 6.56 V 


RELATED PROBLEM 


Determine the total current through R, if the polarity of Vs, in Figure 6-60 is 
reversed. 
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EXAMPLE 6-20 


Find the total current through and voltage across R, in Figure 6-63. 


FIGURE 6-63 


SOLUTION 


Step 1: Find the current through R, due to source Vs; by replacing source Vs, 
with a short to represent its zero internal resistance, as shown in Figure 
6-64. Looking from Vs, 


R>R3 (10k0)Q.2k0) 
R = Ry + 5 =10k0 + = 1.69k0 
IS AL FoR, S 3.2 KQ . 
Vs 20 V 
Isi) = = = 11.8 mA 


Rxr(st) 7 1.69k0 


Now apply the current-divider formula to get the current through R3 
due to source Voy. 


R, 1.0k0 
Risi = R, + Rs Isi) — 32k0 11.8mA = 3.69 mA 


Notice that this current is upward through R3. 


Replace 
Vs, with a 


FIGURE 6-64 


Step 2: Find the current through R, due to source Vs» by replacing source Vg, 
with a short, as shown in Figure 6-65. Looking from Vs», 


rre BRB ioro, MIR) Le 
A O or) es o. eS 
Yo 15 V 


ÍT(s2) = = 8.88 mA 


Riesz 7 1.69 kO 
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Replace Vs; with 
a short. 


FIGURE 6-65 


Now apply the current-divider formula to find the current through R3 
due to source Vs). 


Ry 1.0kQ 
I = | ————— J = | —_—_ 8. A = 2.78mA 
3(S2) (= 7 =) T(S2) (es 88 m 8m 


Notice that this current is downward through Ra. 


Step 3: Calculate the total current through R, and the voltage across it. 


L3(tot) = 13(81) — Bsz) = 3.69 mA — 2.78 mA = 0.91 mA = 910 pA 
Ve = ron k3 = (910 uA)(2.2 KO) =2V 


The current is upward through R3. 


RELATED PROBLEM 


Find the total current through R3 in Figure 6-63 if Vs; is changed to 12 V and its 
polarity reversed. 


Although regulated dc power supplies are close to ideal voltage sources, many ac 
sources are not. For example, function generators generally have 50 Q or 600 Q of inter- 
nal resistance, which appears as a resistance in series with an ideal source. Also, batteries 
can look ideal when they are fresh, but as they age, the internal resistance increases. When 
applying the superposition theorem, it is important to recognize when a source 1s not ideal 
and replace it with its equivalent internal resistance. 

Current sources are not as common as voltage sources and are also not always ideal. 
If a current source 1s not ideal, as in the case of transistors, it should be replaced by its 
equivalent internal resistance when the superposition theorem is applied. 


SECTION 6-8 CHECKUP 


1. State the superposition theorem. 4. If, as aresult of applying the superposition theorem, two com- 
ponent currents are in opposing directions through a branch of 


2. Why is the superposition theorem useful for analysis of ee ae 
y Pee y a circuit, in which direction is the net current? 


multiple-source linear circuits? 


3. Why is an ideal voltage source shorted when the superposition 
theorem is applied? 
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Troubleshooting is the process of identifying and locating a failure or problem in a circuit. 
Some troubleshooting techniques and the application of logical thought have already been dis- 
cussed in relation to both series circuits and parallel circuits. A basic premise of troubleshoot- 
ing is that you must know what to look for before you can successfully troubleshoot a circuit. 


After completing this section, you should be able to 


e Troubleshoot series-parallel circuits 
e Determine the effects of an open in a circuit 
e Determine the effects of a short in a circuit 


e Locate opens and shorts 


Opens and shorts are typical problems that occur in electric circuits. As mentioned in 
Chapter 4, if a resistor burns out, it will normally produce an open. Bad solder connec- 
tions, broken wires, and poor contacts can also be causes of open paths. Pieces of foreign 
material, such as solder splashes, broken insulation on wires, and so on, can lead to shorts 
in a circuit. A short is considered to be a zero resistance path between two points. 

In addition to complete opens or shorts, partial opens or partial shorts can develop in 
a circuit. A partial open would be a much higher than normal resistance, but not infinitely 
large. A partial short would be a much lower than normal resistance, but not zero. 

The following three examples illustrate troubleshooting series-parallel circuits. 


EXAMPLE 6-21 


From the indicated voltmeter reading in Figure 6—66, determine if there is a fault by 
applying the APM approach. If there is a fault, identify it as either a short or an open. 


FIGURE 6-66 


SOLUTION 
Step 1: Analysis 


Determine what the voltmeter should be indicating as follows. Since R, 
and R3 are in parallel, their combined resistance is 
RoR3 — (47k0)010k0) 


= 3.20 KQ 
R + Ry 14.7kO . 


Raja = 


Determine the voltage across the parallel combination by the 
voltage-divider formula. 


V. ( izle \v = (A jav = 4.22 V 
23 Ri + Raj È 18.2 kQ l 


This calculation shows that 4.22 V is the voltage reading that you 
should get on the meter. However, the meter reads 9.6 V across R>|3. 
This value is incorrect, and, because it is higher than it should be, either 
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R, or Rx is probably open. Why? Because if either of these two resistors 
is open, the resistance across which the meter is connected is larger than 
expected. A higher resistance will drop a higher voltage in this circuit. 


Step 2: Planning 


Start trying to find the open resistor by assuming that R, is open. If it is, 
the voltage across R3 1s 


n= AS = o Jas = 9.6 V 
i R, a R3 3 25 kQ l 
Since the measured voltage is also 9.6 V, this calculation shows that R, 
is probably open. 


Step 3: Measurement 


Disconnect power and remove Ry. Measure its resistance to verify it is 


MULTISIM open. If it is not, inspect the wiring, solder, or connections around R», 
looking for the open. 
K 


RELATED PROBLEM 


Open Multisim file E06-21. 
Determine if a fault exists in What would be the voltmeter reading if Rz were open in Figure 6-66? If R; were 
open? 


the circuit and, if so, isolate the 
fault to a single component. 


EXAMPLE 6-22 


Suppose that you measure 24 V with the voltmeter in Figure 6-67. Determine 1f 
there is a fault, and, if there is, identify it. 


FIGURE 6-67 


SOLUTION 
Step 1: Analysis 


There is no voltage drop across R¡ because both sides of the resistor are 
at +24 V. Either there is no current through R; from the source, which 
tells you that R, is open in the circuit, or R, is shorted. 


Step 2: Planning 
The most probable failure is an open R}. If it is open, then there will be 
no current from the source. To verify this, plan to measure across R» 
with the voltmeter. If R» is open, the meter will indicate 24 V. The right 


side of R, will be at zero volts because there is no current through any 
of the other resistors to cause a voltage drop across them. 


Step 3: Measurement 


The measurement to verify that R, is open is shown in Figure 6-68. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


6-9 TROUBLESHOOTING 259 


R, open 


FIGURE 6-68 MULTISIM 


RELATED PROBLEM 
Open Multisim file E06-22. 


What would be the voltage across an open Rs in Figure 6-67 assuming no other Determine if a fault exists in 
faults? the circuit and, if so, isolate the 
fault to a single component. 


EXAMPLE 6-23 


The two voltmeters in Figure 6-69 indicate the voltages shown. Apply logical 
thought and your knowledge of circuit operation to determine if there are any 
opens or shorts in the circuit and, if so, where they are located. 


R, Re 
> 47k0 22 KQ 
= 2 = 
3.5 Iv] 15x0 (5.5 5v) Ya 
E 2 E Rs Ry 
= Ya 10kQ 15kO 
R3 
33 KQ 
FIGURE 6-69 
SOLUTION 


Step 1: Determine if the voltmeter readings are correct. R4, Ry, and Rx act as a 
voltage divider. Calculate the voltage (V4) across R; as follows: 


V = ( R3 y a v 3.67 
a R, + Ry + R3 : 21.6 kO l 


The voltmeter A reading is correct. This indicates that R,, Ro, and R3 
are connected and are not faulty. 


Step 2: See if the voltmeter B reading is correct. R¿ + R4 is in parallel with Rs. 
The series-parallel combination of Rs, Re, and RZ is in series with Ry. 
Calculate the resistance of the R5, Rg, and R- combination as follows: 

Rs(Re + R) — (10k0)17.2k0) 

Rs +R, t+ Ry 272k0 


Rs|(6+7) = = 6.32k0 


Rs|(6+7) and Ry form a voltage divider, and voltmeter B is measuring 
the voltage across R5\\(6+7). Is it correct? Check as follows: 


Ve = ( de ad y = (yay = 13.8 V 
sl Ra T Rsll6+7) È 11 KÈ l 
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Thus, the actual measured voltage (6.65 V) at this point is incorrect. 
Some logical thinking will help to isolate the problem. 


Step 3: R4 is not open, because if it were, the meter would read O V. If there 
were a short across it, the meter would read 24 V. Since the actual volt- 
age is much less than it should be, R5|(6+7, must be less than the calcu- 
lated value of 6.32 kQ. The most likely problem is a short across R4. If 
there is a short from the top of R4 to ground, R¢ is effectively in parallel 
with Rs. In this case, 


RsRg — (10k0)Q2.2k0) 


R5|| Re = = 1.80k0 
5|| Re EN? 12.2 KQ 
Then Vp is 
= (ee av = 6.65 V 
E (65KO | 
This value for Vg agrees with the voltmeter B reading. So there is a short 
MULTISIM across R4. If this were an actual circuit, you would try to find the physical 

cause of the short. 
Open Multisim file E06-23. RELATED PROBLEM 
Determine if a fault exists in If the only fault in Figure 6-69 is that R, is shorted, what will voltmeter A read? 


the circuit and, if so, isolate the 
fault to a single component. 


What will voltmeter B read? 


SECTION 6-9 CHECKUP 


1. Name two types of common circuit faults. 3. In Figure 6-71, one of the resistors in the circuit is open. 
2. For the following faults in Figure 6-70, determine what volt- mete NN A A ee 
age would be measured at node A: 
(a) no faults (b) Ry open 
(e) short across Rs (d) R, and Ry open 
(e) R open 


FIGURE 6-71 


FIGURE 6-70 


SUMMARY 


e A series-parallel circuit is a combination of both series current paths and parallel current paths. 


e To determine total resistance in a series-parallel circuit, identify the series and parallel relationships, 
and then apply the formulas for series resistance and parallel resistance from Chapters 4 and 5. 


+ To find the total current, divide the total voltage by the total resistance. 


e To determine branch currents, apply the current-divider formula, Kirchhoff’s current law, or 
Ohm's law. Consider each circuit problem individually to determine the most appropriate method. 
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e To determine voltage drops across any portion of a series-parallel circuit, use the voltage-divider 
formula, Kirchhoff’s voltage law, or Ohm’s law. Consider each circuit problem individually to 
determine the most appropriate method. 


e When a load resistor is connected across a voltage-divider output, the output voltage decreases. 


e The load resistor should be large compared to the resistance across which it is connected, in order 
that the loading effect may be minimized. A /0-times value is sometimes used as a rule of thumb, 
but the value depends on the accuracy required for the output voltage. 


e To find any current or voltage in a circuit with two or more voltage sources, take the sources one 
at a time using the superposition theorem. 


e A balanced Wheatstone bridge can be used to measure an unknown resistance. 


e A bridge is balanced when the output voltage is zero. The balanced condition produces zero curt- 
rent through a load connected across the output terminals of the bridge. 


e An unbalanced Wheatstone bridge can be used to measure physical quantities using transducers. 


e Any two-terminal resistive circuit, no matter how complex, can be replaced by its Thevenin 
equivalent. 


e The Thevenin equivalent circuit is made up of an equivalent resistance (Ry) in series with an 
equivalent voltage source (Vrp). 


e The maximum power transfer theorem states that maximum power is transferred from a source to 
a load when Rs = Ry. 


e Opens and shorts in circuits are typical faults. 


e Resistors normally open when they fail. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 

Balanced bridge A bridge circuit that is in the balanced state as indicated by zero volts across the 
bridge. 

Bleeder current The current left after the total load current is subtracted from the total current into 
the circuit. 

Load current The output current of a circuit supplied to a load. 


Loading The effect on a circuit when an element that draws current from the circuit is connected 
across the output terminals. 


Maximum power transfer The condition, when the load resistance equals the source resistance, 
under which maximum power is transferred from source to load. 


Superposition A method for analyzing circuits with two or more sources by examining the effects 
of each source by itself and then combining the effects. 


Terminal equivalency A condition that occurs when two circuits produce the same load voltage 
and load current where the same value of load resistance is connected to either circuit. 


Thevenin’s theorem A circuit theorem that provides for reducing any two-terminal resistive circuit 
to a single equivalent voltage source in series with an equivalent resistance. 


Unbalanced bridge A bridge circuit that is in the unbalanced state as indicated by a voltage across 
the bridge proportional to the amount of deviation from the balanced state. 


Wheatstone bridge A 4-legged type of bridge circuit with which an unknown resistance can be 
accurately measured using the balanced state of the bridge. Deviations in resistance can be measured 
using the unbalanced state. 


KEY FORMULAS 


(6-1) IBLEEDER = Fr — Terr = Irr? Bleeder current 
R2 
(6-2) Ry = Ry PR Unknown resistance in a Wheatstone bridge 
4 
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TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 


. Parallel resistors are always connected between the same pair of nodes. 


If one resistor is connected in series with a parallel combination, the series resistor will always 
have a larger voltage drop than the parallel resistors. 


In a series-parallel combinational circuit, the same current will always be in parallel resistors. 
A larger load resistor has a smaller loading effect on a circuit. 
When measuring de voltage, a DMM will normally have a small loading effect on a circuit. 


When measuring de voltage, the input resistance of a DMM is the same no matter on what scale 
it is used. 


When measuring de voltage, the input resistance of an analog multimeter is the same no matter 
on what scale it is used. 


A Thevenin circuit consists of a voltage source with a parallel resistor. 
The internal resistance of an ideal voltage source is zero. 


To transfer maximum power to a load, the load resistor should be twice the Thevenin resistance 
of the source. 


SELF-TEST 


Answers are at the end of the chapter. 


L, 


Which of the following statements are true concerning Figure 6-72? 

(a) R, and R, are in series with R3, Ra, and Rs. 

(b) R; and R, are in series. 

(e) R3, Ra, and Rs are in parallel. 

(d) The series combination of Ry and R, is in parallel with the series combination of R3, Ra, 
and Rs. 

(e) answers (b) and (d) 


FIGURE 6-72 


The total resistance of Figure 6-72 can be found with which of the following formulas? 
(a) Ry + Ry + R3|[Ra|| Rs (b) Rı|| R> + R3||R4|| Rs 
(0) (Ry + Ry) (R3 + Ra + Rs) (d) none of these answers 


If all of the resistors in Figure 6-72 have the same value, when voltage is applied across termi- 
nals A and B, the current is 


(a) greatest in Rs (b) greatest in R3, Ra, and R5 
(c) greatest in Rı and R3 (d) the same in all the resistors 


Two 1.0 KQ resistors are in series and this series combination is in parallel with a 2.2 KQ resistor. 
The voltage across one of the 1.0 kQ resistors is 6 V. The voltage across the 2.2 KQ resistor is 


a) 6V b3V (0) 12V  (®) 132V 


The parallel combination of a 330 Q resistor and a 470 Q resistor is in series with the parallel 
combination of four 1.0 kQ resistors. A 10 V source is connected across the circuit. The resistor 
with the most current has a value of 


(a) 1.0 kQ (b) 330 Q (e) 4700 
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6. In the circuit described in Question 5, the resistor(s) with the most voltage has a value of 
(a) 10k0Q (b) 470 0 (e) 330 0, 


7. In the circuit described in Question 5, the percentage of the total current through any single 
1.0 kQ resistor is 
(a) 100% (b) 25% 
(c) 50% (d) 31.25% 


8. The output of a certain voltage divider is 9 V with no load. When a load is connected, the output 
voltage 


(a) increases 

(b) decreases 

(c) remains the same 
(d) becomes zero 


9. A certain voltage divider consists of two 10 kQ resistors in series. Which of the following load 
resistors will have the most effect on the output voltage? 
(a) 10MO (b) 20k, 
(e) 100k0, (d) 10kQ 


10. When a load resistance 1s connected to the output of a voltage-divider circuit, the current drawn 
from the source 


(a) decreases 
(b) increases 
(c) remains the same 
(d) is cut off 


11. The output voltage of a balanced Wheatstone bridge is 


(a) equal to the source voltage 

(b) equal to zero 

(c) dependent on all of the resistor values in the bridge 
(d) dependent on the value of the unknown resistor 


12. The primary method of analyzing a circuit with two or more voltage sources is usually 


(a) Thevenin’s theorem 
(b) Ohm’s law 

(c) superposition 

(d) Kirchhoff’s law 


13. In a certain two-source circuit, one source acting alone produces 10 mA through a given branch. 
The other source acting alone produces 8 mA in the opposite direction through the same branch. 
With both sources, the total current through the branch is 
(a) 10 mA 
(b) 8 mA 
(c) 18 mA 
(d) 2 mA 


14. A Thevenin equivalent circuit consists of 


(a) a voltage source in series with a resistance 
(b) a voltage source in parallel with a resistance 
(e) a current source in parallel with a resistance 
(d) two voltage sources and a resistance 


15. A voltage source with an internal source resistance of 300 Q transfers maximum power to a 


(a) 150 Q load 
(b) 50 Q load 

(©) 300 Q load 
(d) 600 Q load 


16. You are measuring the voltage at a given point in a circuit that has very high resistance values 
and the measured voltage is a little lower than it should be. This is possibly because of 
(a) one or more of the resistance values being off 
(b) the loading effect of the voltmeter 
(c) the source voltage is too low 
(d) all of these answers 
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TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


Determine the cause for each set of symptoms. Refer to Figure 6-73. 


+ 
T 12 V 


FIGURE 6-73 The meters indicate the correct readings for this 
circuit. 


1. Symptom: The ammeter reading is too low, and the voltmeter reading is 5.45 V. 
Cause: 
(a) Ry, is open. 
(b) R, is open. 
(e) Ry is open. 
2. Symptom: The ammeter reading is 1 mA, and the voltmeter reading is 0 V. 
Cause: 
(a) There is a short across R4. 
(b) There is a short across Ro». 
(e) R3 is open. 
3. Symptom: The ammeter reading is near zero, and the voltmeter reading is 12 V. 
Cause: 
(a) R, is open. 
(b) R, is open. 
(c) Both R and R3 are open. 
4. Symptom: The ammeter reading is 444 uA, and the voltmeter reading is 6.67 V. 
Cause: 
(a) R, is shorted. 
(b) R> is open. 
(e) R3 is open. 
5. Symptom: The ammeter reading is 2 mA, and the voltmeter reading is 12 V. 


Cause: 


(a) R, is shorted. 
(b) R> is shorted. 
(c) Both R, and R, are open. 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 6-1 Identifying Series-Parallel Relationships 


1. Identify the series and parallel relationships in Figure 6-74 as seen from the source terminals. 
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100 


FIGURE 6-74 


2. Visualize and draw the following series-parallel combinations: 
(a) R, in series with the parallel combination of R, and Ra. 
(b) R; in parallel with the series combination of R, and Ra. 
(c) Ry in parallel with a branch containing R, in series with a parallel combination of four other 
resistors 
3. Visualize and draw the following series-parallel circuits: 


(a) a parallel combination of three branches, each containing two series resistors 
(b) a series combination of three parallel circuits, each containing two parallel resistors 


4. In each circuit of Figure 6-75 identify the series and parallel relationships of the resistors 
viewed from the source. 


+ 
3 V i 
(b) 
SECTION 6-2 Analysis of Series-Parallel Resistive Circuits 


5. A certain circuit is composed of two parallel resistors. The total resistance is 667 Q. One of the 
resistors is 1.0 kQ. What is the other resistor? 


FIGURE 6-75 


For the circuit in Figure 6-76, determine the total resistance between A and B. 
Determine the total resistance for each circuit in Figure 6-75. 


Determine the current through each resistor in Figure 6—74; then calculate each voltage drop. 


= eS oP 


Determine the current through each resistor in both circuits of Figure 6-75; then calculate each 
voltage drop. 


10. In Figure 6-77, find the following: 
(a) total resistance between terminals A and B 
(b) total current drawn from a6 V source connected from A to B 


Queue oe I l 
m yaaa aaa» py 
CO A A O EN tw [ft itt 
LE i i Gng i Fi - 
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A rt 
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FIGURE 6-76 FIGURE 6-77 
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(c) current through Rs 
(d) voltage across R> 
11. In Figure 6-77, determine the current through R, for Vip = 6 V. 


12. In Figure 6-77, determine the current through Ry for Vaz = 6 V. 


SECTION 6-3 Voltage Dividers with Resistive Loads 


13. A voltage divider consists of two 56 KQ resistors and a 15 V source. Calculate the unloaded 
output voltage taken across one of the 56 kQ resistors. What will the output voltage be if a load 
resistor of 1.0 MQ is connected across the output? 


14. A 12 V battery output is divided down to obtain two output voltages. Three 3.3 kQ resistors are 
used to provide the two outputs with only one output at a time loaded with 10 kQ. Determine 
the output voltages in both cases. 


15. Which will cause a smaller decrease in output voltage for a given voltage divider, a 10kQ load 
or a 56 KQ load? 


16. In Figure 6—78, determine the current drain on the battery with no load on the output terminals. 
With a 10 kQ load, what is the current from the battery? 


FIGURE 6-78 


SECTION 6-4 Loading Effect of a Voltmeter 


17. Across which one of the following resistances will a voltmeter with a 10 MQ) internal resistance 
present the minimum load on a circuit? 
(a) 100k, 
(b) 1.2 MQ 
(e) 22 kQ 
(d) 8.2 MQ 

18. A certain voltage divider consists of three 1.0 MQ resistors connected in series to a 100 V 
source. Determine the voltage across one of the resistors measured by a 10 MO voltmeter. 


19. What is the difference between the measured and the actual unloaded voltage in Problem 18? 
20. By what percentage does the voltmeter in Problem 18 alter the voltage which it measures? 


21. A 10,000 Q /V VOM is used on the 10 V scale to measure the output of a voltage divider. If the 
divider consists of two series 100kQ, resistors, what fraction of the source voltage will be 
measured across one of the resistors? 


22. Ifa DMM with 10 MO input resistance is used instead of the VOM in Problem 21, what per- 
centage of the source voltage will be measured by the DMM? 


SECTION 6-5 The Wheatstone Bridge 


23. A resistor of unknown value is connected to a Wheatstone bridge circuit. The bridge parameters 
for a balanced condition are set as follows: Ry = 18 kQ and R>/R4 = 0.02. What is Ry? 


24. A bridge network is shown in Figure 6-79. To what value must Ry be set in order to balance the 
bridge? 
25. Determine the value of Ry in the balanced bridge in Figure 6-80. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


PROBLEMS 267 


FIGURE 6-80 


FIGURE 6-79 


26. Determine the output voltage of the unbalanced bridge in Figure 6-81 for a temperature of 
65°C. The thermistor has a nominal resistance of 1 kQ at 25°C and a positive temperature coef- 
ficient. Assume that its resistance changes 5 Q for each C° change in temperature. 


R 49V FIGURE 6-81 
O 


Thermistor 


SECTION 6-6 Thevenin’s Theorem 


27. Reduce the circuit in Figure 6-82 to its Thevenin equivalent as viewed from terminals A and B. 


FIGURE 6-82 
28. For each circuit in Figure 6-83, determine the Thevenin equivalent as seen from terminals A and B. 


3V 


(b) 
FIGURE 6-83 
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29. Determine the voltage and current for Rz in Figure 6-84. 


FIGURE 6-84 


SECTION 6-7 The Maximum Power Transfer Theorem 


30. Determine the value of a load resistor connected between terminals A and B in Figure 6-82 for 
maximum power transfer to the load resistor. 


31. A certain Thevenin equivalent circuit has a Vry = 5.5 V and an Rip = 75 Q. To what value 
of load resistor will maximum power be transferred? 


32. Determine the value of R, in Figure 6-83(a) for which Ry dissipates maximum power. 


SECTION 6-8 The Superposition Theorem 
33. In Figure 6-85, use the superposition theorem to find the current in R3. 
34. In Figure 6-85, what is the current through R2? 


FIGURE 6-85 


SECTION 6-9 Troubleshooting 


35. Is the voltmeter reading in Figure 6-86 correct? If not, what is the problem? 


GND +12V 


Y 
AE 


E m ee RS 


ANA 
AAA Zire 
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PRESS 

RANGE Gp 
AUTORANGE dE» 
TOUCH/HOLD 


Ae = b) Protoboard with meter leads and red and 
COM 


750 V ~ black leads from a 12 V dc power supply 


FUSED 


(a) Meter with leads going 
to protoboard 


FIGURE 6-86 
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36. If Rin Figure 6-87 opens, what voltages will be read at points A, B, and C? 


1.0 KQ 560 Q 


FIGURE 6-87 


37. Check the meter readings in Figure 6-88 and locate any fault that may exist. 


FIGURE 6-88 


38. Determine the voltage you would expect to measure across each resistor in Figure 6-87 for each 
of the following faults. Assume the faults are independent of each other. 
(a) Ry open (b) R3 open (c) Ry open (d) R; open 
(e) point C shorted to ground 

39. Determine the voltage you would expect to measure across each resistor in Figure 6-88 for each 
of the following faults: 
(a) R¡ open (b) R> open (c) R3open (d) a short across Ra 


ADVANCED PROBLEMS 


40. In each circuit of Figure 6-89, identify the series and parallel relationships of the resistors 
viewed from the source. 


R, 
R, 
1.0 KQ 
10 kQ 
Rs 
5.6 KQ 4.7 KQ 2.2 KQ 1.0 KQ 
(a) (b) 


FIGURE 6-89 
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41. Draw the schematic of the PC board layout in Figure 6-90 showing resistor values and identify 
the series-parallel relationships. Which resistors, if any, can be removed with no effect on Ry? 


FIGURE 6-90 


42. For the circuit shown in Figure 6-91, calculate the following: 
(a) total resistance across the source 
(b) total current from the source 
(c) current through the 910 Q resistor 
(d) voltage from point A to point B 


FIGURE 6-91 


43. Determine the total resistance and the voltage at points A, B, and C in the circuit of Figure 6-92. 


R, 


+ 
T 


FIGURE 6-92 
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44. Determine the total resistance between terminals A and B af the circuit in Figure 6-93. Also 
calculate the current in each branch with 10 V between A and B. 


45. What is the voltage across each resistor in Figure 6-93? There are 10 V between A and B. 


FIGURE 6-93 


46. Determine the voltage, V4pg, in Figure 6-94. 


FIGURE 6-94 


47. Find the value of R, in Figure 6-95. 


FIGURE 6-95 


48. Determine the total resistance and the voltage at points A, B, and C in the circuit of Figure 6-96. 


+ 
A 


FIGURE 6-96 
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49. Develop a voltage divider to provide a 6 V output with no load and a minimum of 5.5 V across 
a 1.0 kQ load. The source voltage is 24 V, and the unloaded current is not to exceed 100 mA. 


50. Determine the resistance values for a voltage divider that must meet the following specifica- 
tions: The current under an unloaded condition is not to exceed 5 mA. The source voltage is to 
be 10 V. A 5 V output and a 2.5 V output are required. Draw the circuit. Determine the effect on 
the output voltages if a 1.0 kQ load is connected to each output. 


51. Using the superposition theorem, calculate the current in the right-most branch of Figure 6-97. 


FIGURE 6-97 


52. Determine Voyr for the circuit in Figure 6-98 for the following conditions: 
(a) Switch SW2 connected to +12 V and the rest to ground 
(b) Switch SW1 connected to +12 V and the rest to ground 


FIGURE 6-98 


53. The voltage divider in Figure 6-99 has a switched load. Determine the voltage at each tap 
(Vi, V2, and V3) for each position of the switch. 


330 KQ 


FIGURE 6-99 
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54. Figure 6-100 shows a dc biasing arrangement for a field-effect transistor amplifier. Biasing is a 
common method for setting up certain de voltage levels required for proper amplifier operation. 
Although you may not be familiar with transistor amplifiers at this point, the de voltages and 
currents in the circuit can be determined using methods that you already know. 

(a) Find Vg and Vs with respect to ground 
(b) Determine /,, I, fp, and Is 
(e) Find Vps and Vpg 


Vop FIGURE 6-100 
+16 V 


Field-effect 


55. For the circuit in Figure 6-100, what is Vg if R4 is open? 
56. For the circuit in Figure 6-100, what is Vg if R; and R, are reversed? 


57. There is one fault in Figure 6-101. Based on the voltmeter indications, determine what the fault is. 


FIGURE 6-101 


58. Assume a student decided to increase resistors R; and R, in Figure 6-30 to ten times the values. 
The result was a drop in the voltage from 3.7 V to 2.8 V. Explain why this happened. 


59. Calculate the base voltage for the circuit in Figure 6-31. Assume there is no loading effect. 
60. Repeat problem 59 if the transistors have the same loading effect as a 470 KQ resistor. 


61. Assume a 4-20 mA current loop is terminated with a 150 Q resistor. What voltage is repre- 
sented by a 4 mA current? What voltage is represented by a 20 mA current? 


62. For the liquid-level sensing system in Figure 6—40, assume the gross weight of the tank is 1700 
pounds when full and 300 pounds when empty. What percentage should the display indicate if 
the load cells indicate a total weight of 700 pounds? 


63. For the liquid-level sensing system in Figure 6-40, what is the advantage of using three load 
cells over four? 
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we MULTISIM TROUBLESHOOTING 
= PROBLEMS 


64. Open file P06-64; files are found at www.pearsonhighered.com/floyd. Determine if there is a 
fault in the circuit. If so, identify the fault. 


65. Open file P06-65 and determine if there is a fault in the circuit. If so, identify the fault. 
66. Open file PO6-66 and determine if there is a fault in the circuit. If so, identify the fault. 
67. Open file PO6-67 and determine if there is a fault in the circuit. If so, identify the fault. 
68. Open file P06-68 and determine if there is a fault in the circuit. If so, identify the fault. 
69. Open file P06-69 and determine if there is a fault in the circuit. If so, identify the fault. 
70. Open file PO06-70 and determine if there is a fault in the circuit. If so, identify the fault. 
71. Open file P06-71 and determine if there is a fault in the circuit. If so, identify the fault. 


ANSWERS TO SECTION CHECKUPS 


SECTION 6-1 Identifying Series-Parallel Relationships 
1. See Figure 6-102. 


R, R, 


FIGURE 6-102 


R, and R, are in series with the parallel combination of R3 and R4. 
All resistors are in parallel. 


R, and R, are in parallel; R} and R, are in parallel. 


AE = a 


Yes, the two parallel combinations are in series with each other. 


SECTION 6-2 Analysis of Series-Parallel Resistive Circuits 
1. Rr = Ry + Ra + Ro||R3 = 599 Q 
2. h = 11.2 mA 
3. Ve = b R= 3 7V 
4. Rp = 89 Q; Ir = 11.2 mA 


SECTION 6-3 Voltage Dividers with Resistive Loads 
1. The load resistor decreases the output voltage. 
2. True 
3. Vourtqnioaded) = 19.23 V, Voutdoaded) = 19.16 V 


SECTION 6-4 Loading Effect of a Voltmeter 


1. A voltmeter loads a circuit because the internal resistance of the meter appears in parallel with 
the circuit resistance across which it is connected, reducing the resistance between those two 
points of the circuit and drawing current from the circuit. 


2. No, because the meter resistance is much larger than 1.0 KQ. 
3. Yes. 
4. 40MQ 


SECTION 6-5 The Wheatstone Bridge 

1. See Figure 6-103. 

2. A bridge is balanced when the output voltage is zero. 
FIGURE 6-103 3. Ry = 15k0 
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4. An unbalanced bridge is used to measure transducer-sensed quantities. i A 


5. A load cell is a transducer that uses strain gauges to convert mechanical force into an electrical RrH 
signal. 


+ 


x 
T 


SECTION 6-6 Thevenin’s Theorem 
1. A Thevenin equivalent circuit consists of Vry and Ry. B 
2. See Figure 6-104. FIGURE 6-104 
3. Vry is the open circuit voltage between two points in a circuit. 

4 


. Rp is the resistance as viewed from two terminals in a circuit, with all sources replaced by their 2270 


internal resistances. , A 
5. See Figure 6-105. 
+ 
SECTION 6-7 The Maximum Power Transfer Theorem -== 2.58 V 
1. The maximum power transfer theorem states that maximum power is transferred from a source 
to a load when the load resistance is equal to the internal source resistance. 


2. Maximum power is delivered to a load when R, = Rs. 
3. Ry m Rs = 50 Q 


FIGURE 6-105 


SECTION 6-8 The Superposition Theorem 


1. The total current in any branch of a multiple-source linear circuit is equal to the algebraic sum 
of the currents due to the individual sources acting alone, with the other sources replaced by 
their internal resistances. 


2. The superposition method allows each source to be treated independently. 
3. A short simulates the zero internal resistance of an ideal voltage source. 


4. The net current is in the direction of the larger current. 


SECTION 6-9 Troubleshooting 


1. Opens and short are two common faults. 
2. (a) 62.8 V (b) 62.8 V (e) 62 V (d) 100 V (e 0V 
3. The 10 kQ resistor is open. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


6-1 The added resistor would be in parallel with the combination of R4 in series with R, and R3 in 
parallel. 


6-2 The added resistor is in parallel with Rs. 
6-3 Atognd: Ry = R3|| (R; + Ro) + Ra 
B to gnd: Ry = R3 || (R; + R3) + Ra 
Cto gnd: Ry = Ra 
6-4 None. The new resistor will be shorted by the existing connection between those points. 
6-5 55.10 
6-6 12830 
6-7 1, = 8.93 mA; lh = 5.85 mA; Ir = 18.2 mA 
6-8 Vi = V = 10.3 V; V3 = 9.70 V; V4 = 3.16 V; V5 = 6.54 V 
6-9 J, = 1.42 mA, P; = 6.67 mW; b = 756 uA, Po = 3.55 mW; 
Iz = 2.18 mA, P} = 4.75 mW; l4 = 1.13 mA, P4 = 1.28 mW; 
ls = 1.06 mA, Ps = 758 uW; I = 1.06 mA, Pe = 435 uW 
6-10 3.39V 
6-11 The current will increase because there is a smaller loading effect on the circuit. The new cur- 
rent in Ry, is 59 uA. 
6-12 5.19 V 
6-13 3.3k0 
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6-14 0.49 V 

6-15 2.36 V; 124 0 

6-16 Via = 3.46 V; Rras, = 3.08k0 
6-17 1.17 mA 

6-18 41.7 mW 

6-19 22.0 mA 

6-20 5 mA 

6-21 5.73V,0V 

6-22 9.46 V 

6-23 V, = 12 V; Vz = 13.8 V 


ANSWERS TO TRUE/FALSE QUIZ 


1. T Ze FE 3. F 4. T 5. T 6. T 7. F 
8. F 9. T 10. F 

ANSWERS TO SELF-TEST 

1. (e) 2. (c) 3. (c) 4. (œ) 5. (b) 6. (a) 7. (b) 


8. (b) 9. (d) 10. (b) 11. (b) 12. (c) 13. (d) 14. (a) 
15. (c) 16. (d) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


1. (c) 2. (b) 3. (c) 4. (b) 5. (a) 
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MAGNETISM AND 
ELECTROMAGNETISM 


O U TLI N E Solenoid Induced voltage (ving) 


Relay Electromagnetic 
7-1 The Magnetic Field Speaker induction 
7-2 Electromagnetism Magnetic field intensity Induced current (iina) 
7-3 Electromagnetic Devices Hysteresis Faraday’s law 
7-4 Magnetic Hysteresis Retentivity Lenz’s law 


7-5 Electromagnetic Induction 


7-6 DC Generators INTRODUCTION 


7-7 DC Motors I 
nos This chapter departs from the previous six chapters and 


introduces two new concepts: magnetism and electro- 
OBJ E C TIVES magnetism. The operation of many types of electrical 
devices is based partially on magnetic or electromag- 
netic principles. Electromagnetic induction is important 
in an electrical component called an inductor or coil 


e Explain the principles of the magnetic field 
e Explain the principles of electromagnetism 


e Describe the principle of operation for several (covered in Chapter 11). 

types of electromagnetic devices Two types of magnets are the permanent magnet 
e Explain magnetic hysteresis and the electromagnet. The permanent magnet main- 
e Discuss the principle of electromagnetic induction tains a constant magnetic field between its two poles 


with no external excitation. The electromagnet pro- 
duces a magnetic field only when there is current 
through it. The electromagnet is basically a coil of wire 
wound around a magnetic core material. The chapter 


KEY TERMS includes an introduction to dc generators and to de 


motors. Motors are widely used in industrial systems, 


e Explain how a dc generator works 
e Explain how a de motor works 


Magnetic field Electromagnetism so a basic understanding of motors is important. 

Lines of force Electromagnetic field 

Magnetic flux Permeability 

Weber (Wb) Reluctance (R) 

Tesla (T) Magnetomotive force 

Gauss (mmf) VISIT THE WEBSITE 
Hall effect Ampere-turn (At) 


Study aids for this chapter are available at 


NEUS ABORT ANOS NEI ed.com/ floy d 


=) 
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7-1 THE MAGNETIC FIELD 


A permanent magnet has a magnetic field surrounding it. A magnetic field is visualized by 
lines of force that radiate from the north pole (N) to the south pole (S) and back to the north 
pole through the magnetic material. 


After completing this section, you should be able to 


¢ Explain the principles of the magnetic field 
¢ Define magnetic flux 
¢ Define magnetic flux density 
e Discuss how materials are magnetized 


e Explain how a magnetic switch works 


A permanent magnet, such as the bar magnet shown in Figure 7—1, has a magnetic 
field surrounding it. All magnetic fields have their origin in moving charge, which in solid 
materials is caused by moving electrons. In certain materials such as iron, 
atoms can be aligned so that the electron motion is reinforced, creating an 
observable field that extends in three dimensions. Even some electrical insu- 
lators can exhibit this behavior; ceramics make excellent magnets but are 
electrical insulators. 

To explain and illustrate magnetic fields, Michael Faraday drew “lines 
of force” or flux lines to represent the unseen field. Flux lines are widely 
used as a description of that field, showing the strength and direction of the 
field. The flux lines never cross. When lines are close together, the field is 
more intense; when they are farther apart, the field is weaker. The flux lines 

Blue lines represent only a few of the many magnetic are always drawn from the north pole (N) to the south pole (S) of a magnet. 
Bee nee OS Even in small magnets, the number of lines based on the mathematical defi- 
FIGURE 7-1 Magnetic lines of force around nition is extremely large, so for clarity, only a few lines are generally shown 
a bar magnet. in drawings of magnetic fields. 
When unlike poles of two permanent magnets are placed close together, their mag- 
netic fields produce an attractive force, as indicated in Figure 7—2(a). When two like poles 
are brought close together, they repel each other, as shown in part (b). 


(a) Unlike poles attract. 


(b) Like poles repel. 


FIGURE 7-2 Magnetic attraction and repulsion. 
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When a nonmagnetic material such as paper, glass, wood, or plastic is placed in a 
magnetic field, the lines of force are unaltered, as shown in Figure 7—3(a). However, when 
a magnetic material such as iron is placed in the magnetic field, the lines of force tend to 
change course and pass through the iron rather than through the surrounding air. They do 
so because the iron provides a magnetic path that is more easily established than that of air. 
Figure 7—3(b) illustrates this principle. The fact that magnetic lines of force follow a path 
through iron or other materials is a consideration in the design of shields that prevent stray 
magnetic fields from affecting sensitive circuits. 


Soft iron 


(b) 


FIGURE 7-3 Effect of (a) nonmagnetic and (b) magnetic materials on a magnetic field. 


Magnetic Flux (œQ) 


The group of force lines going from the north pole to the south pole of a magnet is called 
the magnetic flux, symbolized by q (the lowercase Greek letter phi). A stronger field is 
represented by more lines of force. Several factors determine the strength of a magnet, 
including the material and physical geometry as well as the distance from the magnet. 
Magnetic field lines tend to be more concentrated at the poles. 

The unit of magnetic flux is the weber (Wb). One weber equals 10% lines. The weber 
is a very large unit; thus, in most practical situations, the microweber (uWb) is used. One 
microweber equals 100 lines of magnetic flux. 


Magnetic Flux Density (5) 


The magnetic flux density is the amount of flux per unit area perpendicular to the mag- 
netic field. Its symbol is B, and its unit is the tesla (T). One tesla equals one weber per 
square meter (Wb/m?). The following formula expresses the flux density: 


B = — (7-1) 


where ¢ is the flux in webers (Wb) and A is the cross-sectional area in square meters (m?) 
of the magnetic field. 


EXAMPLE 7-1 


Compare the flux and the flux density in the two magnetic cores shown in Figure 
74. The diagram represents the cross section of a magnetized material. Assume 
that each dot represents 100 lines or 1 yWb. 


SOLUTION 


The flux is simply the number of lines. In Figure 7-4(a) there are 49 dots. Each 
represents 1 Wb, so the flux is 49 uWb. In Figure 7—4(b) there are 72 dots, so 
the flux is 72 uWb. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


280 CHAPTER 7 + MAGNETISM AND ELECTROMAGNETISM 
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e 
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2.3 cm e 2.5 cm 
e 
e 
e 
(a) (b) 
FIGURE 7-4 


To calculate the flux density, first calculate the area in m?. For Figure 7-4(a) 
the area is 


A=1X w= 0.025m X 0.025 m = 6.25 X 10 *m? 
For Figure 7-4(b) the area is 
A=IX w= 005m X 0.050m— 1.25 X 10° m? 


Use Equation 7—1 to calculate the flux density. For Figure 7—4(a) the flux density is 
6238262 2013/12/10 12.27.66.5 


49 u Wb 
te A = 78.4 X 103 Whim? = 78.4 X 103T 
A 625 xX10"m 


For Figure 7-4(b) the flux density is 
p 72 uWb 
A 125X10”m 


B = 


B = z = 57.6 X 10° Wb/m* = 57.6 X 10 °T 


The data in Table 7—1 compares the two cores. Note that the core with the 
largest flux does not necessarily have the highest flux density. 


TABLE 7-1 


FLUX (Wb) AREA (m*) FLUX DENSITY (T) 


Figure 74(a): 49 uWb 6.25 X 10% m? 78.4 X 109 T 


Figure 7-4(b): 72 wWb ISO as 57.6 X 1079 T 


RELATED PROBLEM* 


What is the flux density if the same flux shown in Figure 7—4(a) is in a core that is 
5.0 cm X 5.0 cm? 


* Answers are at the end of the chapter. 


EXAMPLE 7-2 


If the flux density in a certain magnetic material is 0.23 T and the area of the 
material is 0.38 in.?, what is the flux through the material? 


SOLUTION 
First, 0.38 in.” must be converted to square meters. 39.37 in. = 1 m; therefore, 


A = 0.38 in.” [1 m?/(39.37 in.)?] = 245 X 10 ° m? 
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The flux through the material is 
p = BA = (0.23 T)(245 X 10 * mô = 56.4 „Wb 


RELATED PROBLEM 
Calculate B if A = 0.05 in.” and p = 1000 uWb. 


THE GAUSS Although the tesla (T) is the SI unit for flux density, another unit called 
the gauss (G) from the CGS (centimeter-gram-second) system, is used (107 G = 1D) In 
fact, the instrument used to measure flux density is the gaussmeter. A typical gaussmeter is 
shown in Figure 7-5. This particular gaussmeter is a portable unit with four ranges that can 
measure magnetic fields as small as the earth’s field (about 0.5 G, but changes depending 
on location) to strong fields such as in an MRI unit (about 10,000 G). The unit gauss is still 
in widespread use, so you should be familiar with it as well as the tesla. 


FIGURE 7-5 A de gaussmeter. 
(Integrity Model IDR-329 distributed 
by Less EMF Inc.) 


ue, f 
4 OFF 
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How Materials Become Magnetized 


Ferromagnetic materials such as iron, nickel, and cobalt become magnetized when placed 
in the magnetic field of a magnet. We have all seen a permanent magnet pick up paper 
clips, nails, or iron filings. In these cases, the object becomes magnetized (that is, 1t actu- 
ally becomes a magnet itself) under the influence of the permanent magnetic field and 
becomes attracted to the magnet. When removed from the magnetic field, the object tends 
to lose its magnetism. 

The magnetic material affects not only the magnetic flux density at the poles but also 
how the magnetic flux density falls off as distance from the poles increases. The physical 
size also affects the flux density. For example, two disk magnets (both made from sintered 
Alnico) have very similar densities near the pole, but the larger magnet has much higher 
flux density, as you move away from the pole, as shown in Figure 7—6. Notice that the flux 
density falls off rapidly as you move away from the pole. This type of plot can illustrate 1f 
a given magnet is effective for a specific application that depends on the distance in which 
the magnet must work. 

Ferromagnetic materials have minute magnetic domains created within their atomic 
structure by the orbital motion and spin of electrons. These domains can be thought of as 
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FIGURE 7-6 Example of 

magnetic flux densities for two 0.14 
disk magnets as a function of 

distance. The blue curve repre- 0.12 
sents the larger magnet. 


— 50 mm diam 


50 mm thick 


— 150 mm diam 
100 mm thick 


Flux density in teslas 


0.04 


0 0.2 0.4 0.6 0.8 


Distance in cm 


very small bar magnets with north and south poles. When the material is not exposed to an 
external magnetic field, the magnetic domains are randomly oriented, as shown in Figure 
7—7(a). When the material is placed in a magnetic field, the domains align themselves, as 
shown in part (b). Thus, the object itself effectively becomes a magnet. 


Ə o ve 2 = = = 
a S v,‘ a € = | s 
SS SJ = = 
(a) The magnetic domains (N <@ S) are (b) The magnetic domains become aligned 
randomly oriented in the unmagnetized when the material is magnetized. 


material. 


FIGURE 7-7 Ferromagnetic domains in (a) an unmagnetized and (b) a magnetized 
material. 


The type of material is an important parameter for the actual flux density of magnets. 
Table 7-2 lists the flux densities of typical magnetic fields in teslas. For permanent mag- 
nets, the numbers given are based on the flux density of the field that is typical if measured 
close to the pole. As previously discussed, these values can drop significantly as distance 
from the poles is increased. The strongest field most people will ever experience is about 1 T 
(10,000 G) if they have an MRI exam. The strongest commercially available permanent 


TABLE 7-2 + Flux density of various magnetic fields. 


SOURCE TYPICAL FLUX DENSITY IN TESLAS (T) 
4 X 10” (varies with location) 
SAFETY NOTE TORE 
Many strong magnets are very 
brittle and can shatter on Ceramic magnets 0.2 to 0.3 
impact. Eye protection should 
always be worn when you Alnico 5 reed switch magnet 0.1 to 0.2 
work with strong magnets. 


Strong magnets are not toys Neodymium magnets 0.3 to 0.52 

and should not be given to 

children. People with 

pacemakers should stay away 

from strong magnetic fields. The strongest steady magnetic field 
ever achieved in a laboratory 
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magnets are neodymium-iron-boron composites (NdFeB). To find the flux density in 
gauss, multiply the values in teslas by 10* (10,000). 


Sensitive Magnetic Sensor 


A new sensor developed by the National Institute of 
Standards and Technology (NIST) has the ability to 
measure the very tiny magnetic field associated with a 
human heartbeat. The heart’s magnetic signature is 
measured in picoteslas (trillionths of a tesla), which is a 
million times smaller than Earth’s magnetic field. The 


measurement had to be made in a building with magnetic 
shielding to block out effects of Earth’s magnetic field. 

The miniature sensors may eventually find 
application as manetocardiograms, as a supplement to 
electrocardiograms. 


Applications 


Permanent magnets are widely used in brushless motors (discussed in Section 7—7), mag- 
netic separators, speakers, microphones, automobiles, and magnetic resonance-imaging 
devices. They are also commonly used in switches, such as the normally closed switch 
illustrated in Figure 7—8. When the magnet is near the switch mechanism, as in Figure 7-8 (a), 
the switch is closed. When the magnet is moved away, as in part (b), the spring pulls the 
arm open. Magnetic switches are widely used in security systems. 


FIGURE 7-8 Operation of a 
magnetic switch. 


(a) Contact is closed when magnet 
is near. 


(b) Contact opens when magnet is 
moved away. 


System Applications for Magnetic Magnet 
Switches X 


Magnetic switches are widely used in sys- 

tems. One important application is for Reed 

proximity detectors, which are useful for switch 

counting operations or measuring the Magnets 
speed of movement in rotating machin- 


ery. Reed type magnetic switches sense a 
moving magnet as it moves by the switch. Reed switches can open and close up to 1000 times 
per second and can have an expected lifetime of three billion cycles. 

Magnetic switches are also used in float detectors for monitoring liquid level. The float 
has a magnet that moves up and down with the fluid. As the magnets pass by the switch, the 
reeds are pulled together closing the switch. 
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Hall element Another important application of permanent magnets 1s in 

(semiconductor) N Á sensors that take advantage of an effect known as the Hall effect. 
The Hall effect is the occurrence of a small voltage (a few uV) that 
is generated on opposite sides of a thin current-carrying conductor 
or semiconductor (the Hall element) that is in a magnetic field. A 
voltage called the Hall voltage appears across the Hall element, as 
illustrated in Figure 7-9. The Hall voltage is due to the forces 
exerted on the electrons as they traverse the magnetic field, causing 
an excess of charge on one side of the Hall element. Although the 
effect was first noticed in a conductor, it is more pronounced in 
semiconductors, which are normally used in Hall-effect sensors. 
Notice that the magnetic field, the electric current, and the Hall 
voltage are all at right angles to each other. This voltage is amplified and can be used to 
detect the presence of the magnetic field. The detection of a magnetic field is useful in 
sensor applications. 

Hall-effect sensors are widely used because they are small, inexpensive, and have 
no moving parts. In addition, they are noncontacting sensors, so they can last for billions 
of repeated operations, a clear advantage over contacting sensors that can wear out. 
Hall-effect sensors can detect the nearby presence of a magnet by sensing its magnetic 
field. For this reason, they can be used for position measurements or for sensing motion. 
They are used in conjunction with other sensor elements to measure current, tempera- 
ture, or pressure. 

There are many system applications for Hall-effect sensors. In automobiles, Hall- 
effect sensors are used to measure various parameters such as throttle angle, crankshaft 
and camshaft positions, distributor position, tachometer, power seat and rear-view mirror 
positions. A few other applications for Hall-effect sensors include measuring parameters 
for rotating devices such as drills, fans, flow meter vanes, and disk speed detection. They 
are also used in de motors as will be seen in Section 7-7. 


a 
Hall voltage Magnetic field 


FIGURE 7-9 The Hall effect. The Hall voltage is 
induced across the Hall element—the red side is 
positive; the blue side is negative. 


SECTION 7-1 CHECKUP* 


1. When the north poles of two magnets are placed close 3. What are two units for measuring magnetic flux density? 


together, do tl l or attract each other? I 
A a e ote re 4. What is the flux density when @ = 4.5 uWb and 


2. What is the difference between magnetic flux and magnetic A=5 xio m? 
flux density? 


* Answers are at the end of the chapter. 


7-2 ELECTROMAGNETISM 


Electromagnetism is the production of a magnetic field by current in a conductor. 
After completing this section, you should be able to 


e Explain the principles of electromagnetism 
e Determine the direction of the magnetic lines of force 
¢ Define permeability 
¢ Define reluctance 
¢ Define magnetomotive force 


e Describe a basic electromagnet 
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Current produces a magnetic field, called an electromagnetic field, around a conduc- 
tor, as illustrated in Figure 7—10. The invisible lines of force of the magnetic field form a 
concentric circular pattern around the conductor and are continuous along its length. The 
direction of the lines of force surrounding a conductor for the given current direction is as 
indicated. The lines of force are in a clockwise direction. When current direction is 
reversed, the magnetic field lines are in a counterclockwise direction. 


Magnetic lines of force 
are continuous along conductor 


FIGURE 7-10 Magnetic field around a current-carrying conductor. 
The red arrows indicate the direction of electron flow current (— to +). 


Although the magnetic field cannot be seen, it is capable of producing visible effects. 
For example, if a current-carrying wire is inserted through a sheet of paper in a perpen- 
dicular direction, iron filings placed on the surface of the paper arrange themselves along 
the magnetic lines of force in concentric rings, as illustrated in Figure 7-11(a). Part (b) of 
the figure illustrates that the needle of a compass placed in the electromagnetic field will 
point in the direction of the lines of force. The field is stronger closer to the conductor and 
becomes weaker with increasing distance from the conductor. 


LEFT-HAND RULE An aid to remembering the direction of the lines of force is 
illustrated in Figure 7-12. Imagine that you are grasping the conductor with your left hand, 
with your thumb pointing in the direction of current. Your fingers indicate the direction of 
the magnetic lines of force. 


(b) 


FIGURE 7-11 Visible effects of an electromagnetic field. FIGURE 7-12 Illustration of left-hand rule. 
The left hand rule is used for electron flow cur- 
rent (— to +). 


Electromagnetic Properties 


Several important properties related to electromagnetic fields are now discussed. 
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PERMEABILITY (u) The ease with which a magnetic field can be established in a 
given material is measured by the permeability of that material. The higher the permeabil- 
ity, the more easily a magnetic field can be established. The symbol of permeability is u 
(the Greek letter mu). 

A material’s permeability depends on its type. The permeability of a vacuum (Lp) is 
4a X 10 ’ Wb/At- m (webers/ampere-turn + meter) and is used as a reference. Ferromag- 
netic materials typically have permeabilities hundreds of times larger than that of a vac- 
uum, indicating that a magnetic field can be set up with relative ease in these materials. 
Ferromagnetic materials include iron, steel, nickel, cobalt, and their alloys. 

The relative permeability (u,) of a material is the ratio of its absolute permeability 
(u) to the permeability of a vacuum (up). 


My = — (7-2) 
Bo 


Because it is a ratio of permeabilities, u, has no units. Typical magnetic materials, such as 
iron, have a relative permeability of a few hundred. Highly permeable materials can have 
a relative permeability as high as 100,000. 


RELUCTANCE (R) The opposition to the establishment of a magnetic field in a 
material is called reluctance (R). The value of reluctance is directly proportional to the 
length (/) of the magnetic path, and inversely proportional to the permeability (u) and to 
the cross-sectional area (A) of the material, as expressed by the following equation: 


R = — (7-3) 


Reluctance in magnetic circuits is analogous to resistance in electric circuits. The 
unit of reluctance can be derived using / in meters, A (area) in square meters, and p in 
Wb/At : m as follows: 


nt At 


pA y (Wb/At- a?)  Wb 


R= 


At/Wb is ampere-turns/weber. 
Equation 7-3 is similar to Equation 2-6 for determining wire resistance. Recall 
Equation 2-6 is 


_ pl 
A 


R 


The reciprocal of resistivity (p) is conductivity (a). By substituting 1/o for p, Equation 2—6 
can be written as 


l 
R == 
TA 
Compare this last equation for wire resistance with Equation 7—3. The length (/) and 
the area (A) have the same meaning in both equations. The conductivity (a) in electrical 
circuits is analogous to permeability (u) in magnetic circuits. Also, resistance (R) in elec- 
tric circuits is analogous to reluctance (2) in magnetic circuits; both are oppositions. Typ- 
ically, the reluctance of a magnetic circuit is 50,000 At/Wb or more, depending on the size 
and type of material. 


EXAMPLE 7-3 


Calculate the reluctance of a torus (a doughnut-shaped core) made of low-carbon 
steel. The inner radius of the torus is 1.75 cm and the outer radius of the torus is 
2.25 cm. Assume the permeability of low-carbon steel is 2 X 10 4 Wb/At- m. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


7-2 ELECTROMAGNETISM 287 


SOLUTION 


You must convert centimeters to meters before you calculate the area and length. 
From the dimensions given, the thickness (diameter) is 0.5 cm = 0.005 m. Thus, 
the cross-sectional area is 


A = amr = 7(0.0025)* = 1.96 x 10° m? 
The length is equal to the circumference of the torus measured at the average 
radius of 2.0 cm or 0.020 m. 

l = C = 2rr = 21(0.020 m) = 0.125 m 
Substituting values into Equation 7-3, 


l 0.125 m 


= - = = 31.9 x 10° At/Wb 
pA (2 X 10 * Wb/At- m)(1.96 x 10° m?) 


= 


RELATED PROBLEM 


What happens to the reluctance if cast steel with a permeability of 
5 X 10 * Wb/At: mis substituted for the cast iron core? 


EXAMPLE 7-4 


Mild steel has a relative permeability of 800. Calculate the reluctance of a mild 
steel core that has a length of 10 cm, and has a cross section of 1.0 cm X 1.2 cm. 
SOLUTION 
First, determine the permeability of mild steel. 

u = poe, = (4r X 10” Wb/At- m)(800) = 1.00 x 10% Wb/At: m 
Next, convert the length to meters and the area to square meters. 


l = 10cm = 0.10m 
A = 0.010m X 0.012m = 1.2 X 10^ m? 


Substituting values into Equation 7-3, 


Lo 0.10 m 
pA (1.00 X 10° Wb/At: m)(1.2 X 104 m?) 


= 8.33 X 10° At/Wb 


RELATED PROBLEM 


What happens to the reluctance 1f the core is made from 78 Permalloy with a rela- 
tive permeability of 4000? 


MAGNETOMOTIVE FORCE (mmf) As you have learned, current in a conduc- 
tor produces a magnetic field. The cause of a magnetic field is called the magnetomotive 
force (mmf). Magnetomotive force is something of a misnomer because in a physics sense 
mmf is not really a force, but rather it is a direct result of the movement of charge (current). 
The unit of mmf, the ampere-turn (At), is established on the basis of the current in a coil 
of wire. The formula for mmf is 


F,, = NI (7-4) 


where F„ is the magnetomotive force, N is the number of turns of wire, and / is the current 
in amperes. 
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Figure 7-13 illustrates that a number of turns of wire carrying a current around a 
magnetic material creates a force that sets up flux lines through the magnetic path. The 
amount of flux depends on the magnitude of the mmf and on the reluctance of the material, 
as expressed by the following equation: 


ee (7-5) 


Equation 7-5 is known as the Ohm's law for electromagnetic circuits because the flux (p) 
is analogous to current, the mmf (F,,) is analogous to voltage, and the reluctance (9) is 
analogous to resistance. Like other phenomena in science, the flux 1s an effect, the mmf is 
a cause, and the reluctance is an opposition. 


Magnetic 
material 
reluctance 


(R) 


FIGURE 7-13 A basic electromagnetic circuit. 


One important difference between an electric circuit and a magnetic circuit is that in 
magnetic circuits, Equation 7-5 is only valid up to a certain point before the magnetic 
material saturates (flux becomes a maximum). You will see this when you look at mag- 
netization curves in Section 7—4. Another difference that was already noted is that flux 
does occur in permanent magnets with no source of mmf. In a permanent magnet, the flux 
is due to internal electron motion rather than to an external current. No equivalent effect 
occurs 1n electric circuits. 


EXAMPLE 7-5 


How much flux is established in the magnetic path of Figure 7—14 if the reluc- 
tance of the material is 2.8 X 10° At/Wb? 


FIGURE 7-14 
Magnetic 
material 


SOLUTION 


Em NI — (50090.3A) 
RR 28 xX 10° At/Wb 


$ = = 5.36 X 104 Wb = 536 uWb 
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RELATED PROBLEM 


How much flux is established in the magnetic path of Figure 7—14 if the reluc- 
tance is 7.5 X 10° At/Wb, the number of turns is 300, and the current is 0.18 A? 


EXAMPLE 7-6 


There is 0.1 ampere of current through a coil with 400 turns. 


(a) What is the mmf? 
(b) What is the reluctance of the circuit if the flux is 250 ~Wb? 


SOLUTION 


(a) N = 400 and 7 = 0.1 A 
F,, = NI = (400t)(0.1 A) = 40 At 
F, 40At 


b) Ee T 250 wo 


= 1,60 X 10° At/Wb 


RELATED PROBLEM 
Rework the example for 7 = 85 mA, N = 500, and $ = 500 uWb. 


In many magnetic circuits, the core is not continuous. For example, if an air gap is 
cut into the core, it will increase the reluctance of the magnetic circuit. This means that 
more current is required to establish the same flux as before because an air gap represents 
a significant opposition to establishing flux. The situation is analogous to a series electrical 
circuit; the total reluctance of the magnetic circuit is the sum of the reluctance of the core 
and the reluctance of the air gap. 


The Electromagnet 


An electromagnet is based on the properties that you have just learned. A basic electromagnet 
is simply a coil of wire wound around a core material that can be easily magnetized. 

The shape of the electromagnet can be designed for various applications. For exam- 
ple, Figure 7-15 shows a U-shaped magnetic core. When the coil of wire is connected to a 
battery and there is current, as shown in part (a), a magnetic field is established as indi- 
cated. If the current direction is reversed, as shown in part (b), the direction of the mag- 
netic field is also reversed. The closer the north and south poles are brought together, the 
smaller the air gap between them becomes, and the easier it becomes to establish a mag- 
netic field because the reluctance is reduced. 


+ e - T FIGURE 7-15 Reversing the 
I | | | I current in the coil causes the 
electromagnetic field to reverse. 


(a) (b) 
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SECTION 7-2 CHECKUP 


1. Explain the difference between magnetism and electromagnetism. 3. State Ohm”s law for electromagnetic circuits. 


2. What happens to the magnetic field in an electromagnet when 4. Compare each quantity in Question 3 to its electrical 
the current through the coil is reversed? counterpart. 


7-3 ELECTROMAGNETIC DEVICES 


Many types of useful devices such as tape recorders, electric motors, speakers, solenoids, and 
relays are based on electromagnetism. The transformer is another important example and will 
be covered in Chapter 14. 


After completing this section, you should be able to 


e Describe the principle of operation for several types of electromagnetic devices 
e Discuss how a solenoid and a solenoid valve work 
e Discuss how a relay works 
e Discuss how a speaker works 
e Discuss the basic analog meter movement 
e Explain a magnetic disk and tape read/write operation 
+ Explain the concept of the magneto-optical disk 


The Solenoid 


The solenoid is a type of electromagnetic device that has a movable iron core called a 
plunger. The movement of this iron core depends on both an electromagnetic field and a 
mechanical spring force. The basic structure of a solenoid is shown in Figure 7—16. It con- 
sists of a cylindrical coil of wire wound around a nonmagnetic hollow form. A stationary 
iron core is fixed in position at the end of the shaft, and a sliding iron core is attached to the 
stationary core with a spring. 


Sliding core 
(plunger) 


Stationary core 


MIA 


[AAN 
UI 


Plunger Spring 


| 


(a) Solenoid (b) Basic construction (c) Cutaway view 


FIGURE 7-16 Basic solenoid structure. 


In the at-rest (or unenergized) state, the plunger is extended as shown in Figure 7-17(a). 
The solenoid is energized by current through the coil, as shown in part (b). The current sets 
up an electromagnetic field that magnetizes both iron cores as indicated. The south pole of 
the stationary core attracts the north pole of the movable core, which causes it to slide inward, 
thus retracting the plunger and compressing the spring. As long as there is coil current, the 
plunger remains retracted by the attractive force of the magnetic fields. When the current is 
cut off, the magnetic fields collapse; and the force of the compressed spring pushes the 
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(a) Unenergized (no voltage or current)—plunger extended (b) Energized—plunger retracted 


FIGURE 7-17 Basic solenoid operation. 


plunger back out. The solenoid is used for applications such as opening and closing valves 
and automobile door locks. 


SOLENOID VALVES In industrial controls, solenoid valves are widely used to 
control the flow of air, water, steam, oils, refrigerants, and other fluids. Solenoid valves 
are used in both pneumatic (air) and hydraulic (o11) systems, common in machine con- 
trols. Solenoid valves are also common in the aerospace and medical fields. Solenoid 
valves can either move a plunger to open or close a port or can rotate a blocking flap a 
fixed amount. 
A solenoid valve consists of two functional units: a solenoid coil that provides 
the magnetic field to provide the required movement to open or close the valve and a 
valve body, which is isolated from the coil assembly via a leakproof seal and includes 
a pipe and butterfly valve. Figure 7-18 shows a cutaway of one type of solenoid valve. Butterfly valve 
When the solenoid is energized, the butterfly valve is turned to open a normally closed 
(NC) valve or to close a normally open (NO) valve. FIGURE 7-18 A basic sole- 
Solenoid valves are available with a wide variety of configurations including nor- noid valve structure. 
mally open or normally closed valves. They are rated for different types of fluids (for 
example, gas or water), pressures, number of pathways, sizes, and more. The same valve 
may control more than one line and may have more than one solenoid to move. 


Solenoid 


The Relay 


Relays differ from solenoids in that the electromagnetic action is used to open or close 
electrical contacts rather than to provide mechanical movement. Figure 7-19 shows the 
basic operation of an armature-type relay with one normally open (NO) contact and one 
normally closed (NC) contact (single pole—double throw). When there is no coil current, 


NC contact 


NO contact 


Spring 


(a) Unenergized: continuity from terminal 1 (b) Energized: continuity from terminal 1 
to terminal 2 to terminal 3 


FIGURE 7-19 Basic structure of a single-pole—double-throw armature relay. 
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the armature is held against the upper contact by the spring, thus providing continuity from 
terminal 1 to terminal 2, as shown in Figure 7—19(a). When energized with coil current, the 
armature is pulled down by the attractive force of the electromagnetic field and makes con- 
nection with the lower contact to provide continuity from terminal | to terminal 3, as 
shown in Figure 7—19(b). 

A typical armature relay and its schematic symbol are shown in Figure 7-20. 


Contact points 


Armature 
Spring Terminals 


cm. 
= 


3 
4 
Connecting 
wire 5 
Electromagnetic Terminals 
coil 
(a) Typical relay structure (b) Symbol 


FIGURE 7-20 A typical armature relay. 


Another widely used type of relay is the reed relay, which is shown in Figure 7-21. 
The reed relay, like the armature relay, uses an electromagnetic coil. The contacts are thin 
reeds of magnetic material and are usually located inside the coil. When there is no coil 
current, the reeds are in the open position as shown in Figure 7—21(b). When there is cur- 
rent through the coil, the reeds make contact because they are magnetized and attract each 
other as shown in part (c). 


J Reed 
y Enclosure 


(a) (b) Unenergized (c) Energized 


FIGURE 7-21 Basic structure of a reed relay. 


Reed relays are faster, are more reliable, and produce less contact arcing than arma- 
ture relays. However, they have less current-handling capability than armature relays and 
are more susceptible to mechanical shock. 


AN ALARM SYSTEM 


Figure 7-22 shows a simplified intrusion detection! sy stefalthat eses a relay to turn on an 
audible alarm and lights. The relay uses a battery that allows it to function and sound the 
audible alarm even if ac power is off. The relay uses 50 mA to close and the audible alarm 
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draws 2 A from the battery. Notice that the contacts for the relay are physically close but 
drawn separated for clarity of reading the schematic. If any one of the magnetic detection 
switches closes when the system is on, the relay is energized, providing current to the audi- 
ble alarm and turning on ac power. The system is designed such that the high current for 
the audible alarm is not in the detection switches; most magnetic switches are low-current 
devices, so the relay provides a path for the high-current output. 


Magnetic detection switches 


120 V ac 


Audible 
alarm 


System ON/OFF House lights 


FIGURE 7-22 Simplified security alarm system. 


The Speaker A =a 
Spider | PA 


A speaker is an electromagnetic device that converts electrical signals Ga 


into sound. Essentially, it is a linear motor that alternately attracts and Lamy 
repels an electromagnet to and from a permanent magnet called a donut di 
magnet. Figure 7-23 shows the key parts of a speaker. The audio signal voice coil 
is connected using very flexible wires to a cylindrical coil called the (moves with 
voice coil. The voice coil and its movable core form an electromagnet, audio input) 
which is suspended in an accordion-like structure called the spider. The o — 

E : : ; : E oa Audio input ——— A 
spider acts like an accordion spring, keeping the voice coil in the center tá 
and restoring it to the rest position when there is no input signal. 

Current from the audio input alternates back and forth and 

powers the electromagnet; when there is more current, the attraction a 


or repulsion is greater. When the input current reverses direction, the 

polarity of the electromagnet reverses direction also, faithfully fol- FIGURE 7-23 Key parts of a speaker (cutaway view). 
lowing the input signal. The voice coil and its moving magnet are 

firmly attached to the cone. The cone is a flexible diaphragm that vibrates to produce 

sound. 


Meter Movement 


The d’Arsonval meter movement is the most common type used in analog multimeters. In 
this type of meter movement, the pointer is deflected in proportion to the amount of current 
through a coil. Figure 7-24 shows a basic d’ Arsonval meter movement. It consists of a coil 
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Permanent 


o magnet 


bearing mounts 


FIGURE 7-24 The basic d*Arsonval meter movement. 


of wire wound on a bearing-mounted assembly that is placed between the 
poles of a permanent magnet. A pointer is attached to the moving assembly. 
With no current through the coil, a spring mechanism keeps the pointer at its 
left-most (zero) position. When there is current through the coil, electromag- 
netic forces act on the coil, causing a rotation to the right. The amount of rota- 
tion depends on the amount of current. 

Figure 7-25 illustrates how the interaction of magnetic fields produces 
rotation of the coil assembly. Current 1s inward at the “cross” and outward at 
the “dot” in the single winding shown. The inward current produces a coun- 
€) Current in terclockwise electromagnetic field that reinforces the permanent magnetic 
(+) Current out field below it. The result is an upward force on the left side of the coil as 
shown. A downward force is developed on the right side of the coil, where the 
current is outward. These forces produce a clockwise rotation of the coil 


FIGURE 7-25 When the electromagnetic 
field interacts with the permanent magnetic 


field, forces are exerted on the rotating coil assembly and are opposed by a spring mechanism. The indicated forces and 
assembly, causing it to move clockwise and the spring force are balanced at the value of the current. When current is 
thus deflecting the pointer. removed, the spring force returns the pointer to its zero position. 


Magnetic Disk and Tape Read/Write Head 


A simplified diagram of a magnetic disk or tape surface read/write operation is shown in 
Figure 7-26. A data bit (1 or 0) is written on the magnetic surface by the magnetization of 
a small segment of the surface as it moves by the write head. The direction of the magnetic 


Write head Read head 
Input Output 
current voltage 
pulse pulse 


Moving magnetic surface Magnetized spot 
(a) The magnetic flux from the write head follows the low (b) When read head passes over magnetized spot, an induced 
reluctance path through the moving magnetic surface. voltage appears at the output. 


FIGURE 7-26  Read/write function on a magnetic surface. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


7-3 ELECTROMAGNETIC DEVICES 295 


flux lines is controlled by the direction of the current pulse in the winding, as shown in 
Figure 7—26(a) for the case of a positive pulse. At the air gap in the write head, the mag- 
netic flux takes a path through the surface of the storage device. This magnetizes a small 
spot on the surface in the direction of the field. A magnetized spot of one polarity repre- 
sents a binary 1, and one of the opposite polarity represents a binary 0. Once a spot on the 
surface is magnetized, it remains until written over with an opposite magnetic field. 

When the magnetic surface passes a read head, the magnetized spots produce mag- 
netic fields in the read head, which induce voltage pulses in the winding. The polarity of 
these pulses depends on the direction of the magnetized spot and indicates whether the 
stored bit is a 1 or a 0. This process is illustrated in Figure 7—26(b). Often the read and 
write heads are combined into a single unit. 


The Magneto-Optical Disk 


The magneto-optical disk uses an electromagnet and laser beams to read and write (record) 
data on a magnetic surface. Magneto-optical disks are formatted in tracks and sectors sim- 
ilar to hard disks. However, because of the ability of a laser beam to be precisely directed 
to an extremely small spot, magneto-optical disks are capable of storing much more data 
than standard magnetic hard disks. 

Figure 7—27(a) illustrates a small cross-sectional area of a disk before recording, with 
an electromagnet positioned below it. Tiny magnetic particles, represented by the arrows, 
are all magnetized in the same direction. 


ll ID Lens 


High-power 


Magnetic | laser beam 
Substrate particle i 
rotation 
— A + 


L Magnetic particle is a É 
E _ 5 g p <= 


Magnetic = — Electromagnet heated by laser and SS 
5 `, =a E 2 ==3 — current 
material magnetized by ——<— == 
electromagnetic field. 
(a) Small cross-section of unrecorded disk (b) Writing: A high-power laser beam heats the spot, causing the 


magnetic particle to align with the electromagnetic field. 


Retlected beam 


<—— Detector 


Mirror 
High-power 
Low-power laser beam 


laser beam 


==3 x— Erase 
SS —=> current 
SF 


< 


+ 
(c) Reading: A low-power laser beam reflects off of the reversed- (d) Erasing: The electromagnetic field is reversed as the high- 
polarity magnetic particle and its polarization shifts. If the particle power laser beam heats the spot, causing the magnetic particle 
is not reversed, the polarization of the reflected beam is unchanged. to be restored to the original polarity. 


FIGURE 7-27 Basic concept of the magneto-optical disk. 
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Writing (recording) on the disk is accomplished by applying an external magnetic 
field opposite to the direction of the magnetic particles as indicated in Figure 7—27(b) and 
then directing a high-power laser beam to heat the disk at a precise spot where a binary 1 
is to be stored. The disk material, a magneto-optic alloy, is highly resistant to magnetiza- 
tion at room temperature; but at the spot where the laser beam heats the material, the inher- 
ent direction of magnetism is reversed by the external magnetic field produced by the 
electromagnet. At points where binary Os are to be stored, the laser beam is not applied and 
the inherent upward direction of the magnetic particle remains. 

As illustrated in Figure 7—27(c), reading data from the disk is accomplished by turn- 
ing off the external magnetic field and directing a low-power laser beam at a spot where a 
bit is to be read. Basically, if a binary 1 is stored at the spot (reversed magnetization), the 
low-power laser beam is reflected and its polarization is shifted; but if a binary 0 is stored, 
the polarization of the reflected laser beam 1s unchanged. A detector senses the difference 
in the polarity of the reflected laser beam to determine if the bit being read is a 1 or a Q. 

Figure 7—27(d) shows that the disk is erased by restoring the original magnetic direc- 
tion of each particle by reversing the external magnetic field and applying the high-power 
laser beam. 


SECTION 7-3 CHECKUP 


1. Explain the difference between a solenoid and a relay. 4. Upon what basic principle is the d’Arsonval meter movement 


based? 
2. What is the movable part of a solenoid called? ad 


3. What is the movable part of a relay called? 


7-4 MAGNETIC HYSTERESIS 


When a magnetizing force is applied to a material, the magnetic flux density in the material 
changes in a certain way. 


After completing this section, you should be able to 


e Explain magnetic hysteresis 
e State the formula for magnetic field intensity 
e Discuss a hysteresis curve 
¢ Define retentivity 


Magnetic Field Intensity (H) 


The magnetic field intensity (also called magnetizing force) in a material is defined to be 
the magnetomotive force (F,,,) per unit length (/) of the material, as expressed by the fol- 
lowing equation. The unit of magnetic field intensity (H) is ampere-turns per meter (At/m). 


F 
H = 7 (7-6) 


where F„ = NI. Note that the magnetic field intensity (H) depends on the number of turns 
(N) of the coil of wire, the current (7) through the coil, and the length (/) of the material. It 
does not depend on the type of material. 

Since p = F,,,/R, as F increases, the flux increases. Also, the magnetic field inten- 
sity (H) increases. Recall that the flux density (B) is the flux per unit cross-sectional area 
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(B = /A), so Bis also proportional to H. The curve showing how these two quantities 
(B and H) are related is called the B-H curve, or the hysteresis curve. The parameters that 
influence both B and H are illustrated in Figure 7-28. 


Cross-sectional area 


(A) Flux (6) 
pow 
A 
Number of turns Length around core (/) 
(N) 
En 
H = 


Reluctance of 
core material (2) 


FIGURE 7-28 Parameters that determine the magnetic field intensity (H) 
and the flux density (B). 


The Hysteresis Curve and Retentivity 


Hysteresis is a characteristic of a magnetic material whereby a change in magnetization 
lags the application of the magnetic field intensity. The magnetic field intensity (H) can be 
readily increased or decreased by varying the current through the coil of wire, and it can be 
reversed by reversing the voltage polarity across the coil. 

Figure 7-29 illustrates the development of the hysteresis curve. Let's start by assum- 
ing a magnetic core is unmagnetized so that B = 0. As the magnetic field intensity (H) is 
increased from zero, the flux density (B) increases proportionally as indicated by the curve 
in Figure 7-29(a). When H reaches a certain value, the value of B begins to level off. As H 
continues to increase, B reaches a saturation value (Bat) when H reaches a value (Hat), as 
illustrated in Figure 7—29(b). Once saturation is reached, a further increase in H will not 
increase B. 

Now, if H is decreased to zero, B will fall back along a different path to a residual 
value (Bp), as shown in Figure 7-29(c). This indicates that the material continues to be 
magnetized even when the magnetic field intensity is removed (H = 0). The ability of a 
material, once magnetized, to maintain a magnetized state without magnetic field intensity 
is called retentivity. The retentivity of a material is indicated by the ratio of Br to Bat- 

Reversal of the magnetic field intensity is represented by negative values of H on the 
curve and is achieved by reversing the current in the coil of wire. An increase in H in the 
negative direction causes saturation to occur at a value (— Asa) where the flux density is at 
its maximum negative value, as indicated in Figure 7—29(d). 

When the magnetic field intensity is removed (H = 0), the flux density goes to its 
negative residual value (—Bp), as shown in Figure 7—29(e). From the —Bp value, the flux 
density follows the curve indicated in part (f) back to its maximum positive value when the 
magnetic field intensity equals H,, in the positive direction. 

The complete B-H curve is shown in Figure 7—29(g) and is called the hysteresis 
curve. The magnetic field intensity required to make the flux density zero is called the 
coercive force, Hc. 
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B B 
Saturation 


Saturation —B 


(a) (d) 


B 


FIGURE 7-29 Development of a magnetic hysteresis (B-H) curve. 


Materials with a low retentivity do not retain a magnetic field very well while those 
with high retentivities exhibit values of Bp very close to the saturation value of B. Depend- 
ing on the application, retentivity in a magnetic material can be an advantage or a disad- 
vantage. In permanent magnets and memory cores, for example, high retentivity is 
required. In ac motors, retentivity is undesirable because the residual magnetic field must 
be overcome each time the current reverses, thus wasting energy. 


SECTION 7-4 CHECKUP 


1. For a given wirewound core, how does an increase in current 2. Define retentivity. 
through the coil affect the flux density? 


7-5 ELECTROMAGNETIC INDUCTION 


In this section, you are introduced to electromagnetic induction. Electromagnetic induction is what 
makes transformers, electrical generators, electrical motors, and many other devices possible. 


After completing this section, you should be able to 


e Discuss the principle of electromagnetic induction 
e Explain how voltage is induced in a conductor in a magnetic field 
e Determine polarity of an induced voltage 
e Discuss forces on a conductor in a magnetic field 
e State Faraday’s law 
e State Lenz’s law 
e Explain how a crankshaft position sensor works 
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Relative Motion 


When a straight conductor is moved perpendicular to a magnetic field, there is a relative 
motion between the conductor and the magnetic field. Likewise, when a magnetic field 
is moved past a stationary conductor, there is also relative motion. In either case, this 
relative motion results in an induced voltage (ving) across the conductor, as Figure 7-30 
indicates. This principle is known as electromagnetic induction. The lowercase v stands 
for instantaneous voltage. The amount of the induced voltage depends on the rate at which 
the conductor and the magnetic field move with respect to each other: The faster the rela- 
tive motion, the greater the induced voltage. 


FIGURE 7-30 Relative 
motion between a straight con- 
ductor and a magnetic field. 


| Induced voltage (vina) | Induced voltage (vina) 


(a) Conductor moving downward (b) Magnetic field moving upward 


Vibrating Wire Strain Gage 


A strain gage that works on the principle of magnetic 
induction is the vibrating wire strain gage. It consists of 
a strong magnetic wire stretched between two blocks 
and encased in a tube. A sensor in the tube has a perma- 
nent magnet and a plucking coil. 


When the wire is plucked by the sensor, it vibrates 
at a natural frequency. The frequency is picked up by the coil and is sent to instruments that 
record it. When the assembly is subject to strain, the wire is stretched, changing its frequency. 
Thus, the frequency recorded is related to strain. The gage is well suited to systems that have 
wet and damp environments because it is a sealed unit. 


Polarity of the Induced Voltage 


If the conductor in Figure 7-30 is moved first one way and then another in the magnetic 
field, a reversal of the polarity of the induced voltage will be observed. When the relative 
motion of the conductor is downward, a voltage is induced with the polarity indicated in 
Figure 7-31(a). When the relative motion of the conductor is upward, the polarity is as 
indicated in part (b) of the figure. 


(a) Downward relative motion (b) Upward relative motion 


FIGURE 7-31 Polarity of induced voltage depends on direction of motion of the conductor 
relative to the magnetic field. 
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When a straight conductor moves perpendicular to a constant magnetic field, the 
induced voltage 1s given by 


Vind ~ B ly (7-7) 
where vina 18 the induced voltage in volts, B, is the component of the magnetic flux density 


that is perpendicular to the moving conductor (in teslas), / is the length of the conductor 
that is exposed to the magnetic field, and v is the velocity of the conductor in m/s. 


EXAMPLE 7-7 


Assume the conductor in Figure 7—31 is 10 cm long and the pole face of the mag- 
net is 5.0 cm wide. The flux density is 0.5 T, and the conductor is moved upward 
at a velocity of 0.8 m/s. What voltage is induced in the conductor? 


SOLUTION 


Although the conductor is 10 cm, only 5.0 cm (0.05 m) is in the magnetic field 


because of the size of the pole faces. Therefore, 


Ving = Blv = (0.5 T)(0.05 m)(0.8 m/s) = 20 mV 


RELATED PROBLEM 


What is the induced voltage if the velocity is doubled? 


Induced Current 


When a load resistor is connected to the conductor in Figure 7-31, the voltage induced by 
the relative motion between the conductor and the magnetic field will cause a current in the 
load, as shown in Figure 7-32. This current is called the induced current 
(iina). Lhe lowercase į stands for instantaneous current. 

The action of producing a voltage and a current in a load by moving 
a conductor across a magnetic field is the basis for electrical generators. 
A single conductor will have a small induced current, so practical gen- 
erators use coils with many turns. Also, the existence of a conductor in a 
moving magnetic field is fundamental to the concept of inductance in an 
electric circuit. 


FIGURE 7-32 Induced 


current (i;,q) in a load as the 


conductor moves through F ar ad ay ? S L aw 


the magnetic field. 


Michael Faraday discovered the principle of electromagnetic induction in 1831. The key 
idea behind Faraday’s law is that a changing magnetic field can induce a voltage in a con- 
ductor. Sometimes Faraday’s law is stated as Faraday’s law of induction. Faraday experi- 
mented with coils, and his law is an extension of the principle of electromagnetic induction 
for straight conductors discussed previously. 

When a conductor is coiled into multiple turns, more conductors can be exposed to 
the magnetic field, increasing the induced voltage. When the flux is caused to change by 
any means, an induced voltage will result. The change in the magnetic field can be caused 
by relative motion between the magnetic field and the coil. Faraday’s observations can be 
stated as follows: 


1. The amount of voltage induced in a coil is directly proportional to the rate of change 
of the magnetic field with respect to the coil. 


2. The amount of voltage induced in a coil is directly proportional to the number of 
turns of wire in the coil. 
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Faraday”s first observation is demonstrated in Figure 7—33, where a bar magnet is moved 
through a coil, thus creating a changing magnetic field. In part (a) of the figure, the magnet is 
moved at a certain rate, and a certain induced voltage is produced as indicated. In part (b), the 
magnet 1s moved at a faster rate through the coil, creating a greater induced voltage. 


(a) As the magnet moves slowly to the right, 1ts magnetic field (b) As the magnet moves more rapidly to the right, 1ts magnetic 
is changing with respect to the coil, and a voltage is induced. field is changing more rapidly with respect to the coil, and a 
greater voltage is induced. 


FIGURE 7-33 A demonstration of Faraday’s first observation: The amount of induced voltage is 
directly proportional to the rate of change of the magnetic field with respect to the coil. 


Faraday”s second observation is demonstrated in Figure 7-34. In part (a), the magnet 
is moved through the coil and a voltage is induced as shown. In part (b), the magnet is 
moved at the same rate through a coil that has a greater number of turns. The greater 
number of turns creates a greater induced voltage. 


[KK] 
— (aS alala 
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(a) Magnet moves through a coil and induces a voltage. (b) Magnet moves at same rate through a coil with more turns 
(loops) and induces a greater voltage. 


FIGURE 7-34 A demonstration of Faraday’s second observation: The amount of induced voltage 
is directly proportional to the number of turns in the coil. 


Faraday’s law is stated as follows: 


The voltage induced across a coil equals the number of turns in the coil times 
the rate of change of the magnetic flux. 


Any relative motion between the magnetic field and the magnet will produce the 
changing magnetic field that will induce a voltage in the coil. The changing magnetic field 
can even be induced by ac applied to an electromagnet, just as if there were motion. This 
type of changing magnetic field is the basis for transformer action in ac circuits, as you will 
see in Chapter 14. 


Lenz’s Law 


You have learned that a changing magnetic field induces a voltage in a coil that is directly 
proportional to the rate of change of the magnetic field and the number of turns in the coil. 
Lenz’s law defines the polarity or direction of the induced voltage. 


When the current through a coil changes, the polarity of the induced voltage 
created by the changing magnetic field is such that it always opposes the 
change in current that caused it. 
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An Application of Electromagnetic Induction 


Automotive control systems include a large number of sensors. For optimum engine per- 
formance, it is necessary to know the position and/or speed of the crankshaft to control 
engine ignition timing, fuel mixture, tachometer, and antilock brakes. The most common 
method for sensing the crankshaft (or camshaft) position is with a Hall-effect sensor, 
which was discussed in Section 7-1. 

Another widely used method is to detect a change in the magnetic field as a metallic 
tab moves though the air gap in a magnetic assembly. A basic concept is shown in Figure 
7-35. A steel disk with protruding tabs is connected to the end of the crankshaft. As the 
crankshaft turns, the tabs move through the magnetic field. Steel has a much lower reluc- 
tance than does air, so the magnetic flux increases when a tab is in the air gap. This change 
in the magnetic flux causes an induced voltage to appear across the coil, indicating the 
position of the crankshaft. 


Coil output goes 
to signal-processing 
and control circuit. 


Magnet 


“a 


Steel disk 


Protruding tab 


/ 


Extension of 
crankshaft 


FIGURE 7-35 A crankshaft position sensor that produces a voltage 
when a tab passes through the air gap of the magnet. 


Forces on a Current-Carrying Conductor 
in a Magnetic Field (Motor Action) 


Figure 7-36(a) shows current inward through a wire in a magnetic field. The electromag- 
netic field set up by the current interacts with the permanent magnetic field; as a result, the 
permanent lines of force above the wire tend to be deflected down under the wire because 


(a) Upward force: weak field above, strong (b) Downward force: strong field above, 
field below. weak field below 
($) Current in 


@) Current out 


FIGURE 7-36 Forces on a current-carrying conductor in a magnetic field. 
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they are opposite in direction to the electromagnetic lines of force. Therefore, the flux den- 
sity above is reduced, and the magnetic field is weakened. The flux density below the 
conductor is increased, and the magnetic field is strengthened. An upward force on the 
conductor results, and the conductor tends to move toward the weaker magnetic field. Fig- 
ure 7—36(b) shows the current outward, resulting in a force on the conductor in the down- 
ward direction. These upward and downward forces on a conductor are the basis for 
electric motors. 
The force on a current-carrying conductor is given by the equation 


F = Bil (7-8) 


where F is the force in newtons, B is the magnetic flux density in teslas, Z is the current in 
amperes, and / is the length of the conductor exposed to the magnetic field in meters. 


EXAMPLE 7-8 


Assume a magnetic pole face is a square that is 3.0 cm on a side. Find the force on 
a conductor that has a current of 2 A if the conductor is perpendicular to the field 
and the flux density is 0.35 T. 


SOLUTION 
The length of conductor exposed to the magnetic flux is 3.0 cm (0.030 m). Therefore, 
F = BII = (0.35 T)(2.0 A)(0.03 m) = 0.21 N 


RELATED PROBLEM 


What is the direction of the force if the field is directed up (along the y axis), and 
the current (electron flow) 1s directed inward (along the z axis)? 


SECTION 7-5 CHECKUP 


1. What is the induced voltage across a stationary conductor ina 3. When there is current through a conductor in a magnetic field, 


stationary magnetic field? what happens? 

2. When the rate at which a conductor is moved through a mag- 4. If the steel disk in the crankshaft position sensor has stopped 
netic field is increased, does the induced voltage increase, with a tab in the magnet’s air gap, what is the induced 
decrease, or remain the same? voltage? 


7-6 DC GENERATORS 


DC generators produce a voltage that is proportional to the magnetic flux and the rotational 
speed of the armature. 


After completing this section, you should be able to 


e Explain how a dc generator works 
e Draw an equivalent circuit for a self-excited shunt-type de generator 
e Discuss the parts of a de generator 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


304 CHAPTER 7 + MAGNETISM AND ELECTROMAGNETISM 


Figure 7-37 shows a greatly simplified de generator consisting of a single loop of wire 
that rotates in a magnetic field. Notice that each end of the loop is connected to a split-ring 
arrangement. This conductive metal ring is called a commutator. As the wire loop rotates in 
the magnetic field, the split commutator ring also rotates. Each half of the split ring rubs 
against the fixed contacts, called brushes, and connects the wire to an external circuit. 


Mechanical 
input 


Commutator Brushes 


External output 
circuit 


FIGURE 7-37 A simplified de generator. FIGURE 7-38 End view of loop of wire 
cutting through the magnetic field. 


Driven by an external mechanical force, the loop of wire rotates through the mag- 
netic field and cuts through the flux lines at varying angles, as illustrated in Figure 7-38. 
At position A in its rotation, the loop is effectively moving parallel with the magnetic field. 
Therefore, at this instant, the rate at which it is cutting through the magnetic flux lines 1s 
zero. As the loop moves from position A to position B, it cuts through the flux lines at an 
increasing rate. At position B, it is moving effectively perpendicular to the magnetic field 
and thus is cutting through a maximum number of lines. As the loop rotates from position 
B to position C, the rate at which it cuts the flux lines decreases to minimum (zero) at C. 
From position C to position D, the rate at which the loop cuts the flux lines increases to a 
maximum at D and then back to a minimum again at A. 

As you have learned, when a wire moves through a magnetic field, a voltage is 
induced, and by Faraday’s law, the amount of induced voltage is proportional to the 
number of loops (turns) in the wire and the rate at which it is moving with respect to the 
magnetic field. The angle at which the wire moves with respect to the magnetic flux lines 
determines the amount of induced voltage because the rate at which the wire cuts through 
the flux lines depends on the angle of motion. 

Figure 7—39 illustrates how a voltage is induced in the external circuit as a single loop 
of wire rotates in the magnetic field. Assume that the loop is in its instantaneous horizontal 
position, so the induced voltage is zero. As the loop continues in its rotation, the induced 
voltage builds up to a maximum at position B, as shown in part (a) of the figure. Then, as the 
loop continues from B to C, the voltage decreases to zero at C, as shown in part (b). 

During the second half of the revolution, shown in Figure 7—39(c) and (d), the 
brushes switch to opposite commutator sections, so the polarity of the voltage remains the 
same across the output. Thus, as the loop rotates from position C to D and then back to A, 
the voltage increases from zero at C to a maximum at D and back to zero at A. 

Figure 7—40 shows how the induced voltage varies as a wire loop in a de generator goes 
through several rotations (three in this case). This voltage is a de voltage because its polarity 
does not change. However, the voltage is pulsating between zero and its maximum value. 
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Position B: Loop is moving perpendicular to flux lines, Position C: Loop is moving parallel with flux lines, 
and voltage is maximum. 


and voltage is zero. 


Vind $ 
Position D: Loop is moving perpendicular to flux lines, Position A: Loop is moving parallel with flux lines, 


and voltage is maximum. and voltage is zero. 


FIGURE 7-39 Basic operation of a de generator. 


Angular 
positions 


1st rotation 2nd rotation 3rd rotation 


FIGURE 7-40 Induced voltage over three rotations of a wire loop in a de generator. 
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In practical generators, multiple coils are pressed into slots in a ferromagnetic-core 
assembly. The entire assembly, called the rotor, is connected to bearings and rotates in the 
magnetic field. Figure 7-41 is a diagram of the rotor core with no wire loops (coils) shown. 
The commutator 1s divided into segments, with each pair of segments connected to the end of 
a coil. With more coils, the voltages from several coils are combined because the brushes can 
contact more than one of the commutator segments at once. The loops do not reach maxi- 
mum voltage at the same time, so the pulsating output voltage is much smoother than is the 
case with only one coil or loop shown previously. The variations can be further smoothed by 
filters to produce a nearly constant de output. (Filters are discussed in Chapter 13.) 


=> 


O 


Ferromagnetic core ——>, 


Slots for windings ———>) 


Commutator 


FIGURE 7-41 A simplified rotor core. The coils are pressed into the 
slots and connected to the commutator. 


Instead of permanent magnets, most generators use electromagnets to provide the 
required magnetic field. One advantage to this is that flux density can be controlled, thus 
controlling the output voltage of the generator. The windings for the electromagnets are 
appropriately called the field windings. The field windings require current to produce the 
magnetic field. 

The current for the field windings can be provided from a separate voltage source, 
but this is a disadvantage. A better method is to use the generator itself to provide the cur- 
rent for the electromagnets; this is called a self-excited generator. The generator starts 
because there is normally enough residual magnetism in the field magnets due to hysteresis 
that causes a small initial field and allows the generator to start producing a voltage. In 
cases where a generator has not been used for a long time, it may be necessary to provide 
an external source to the field windings to start it. 

The stationary part of a generator (or a motor) includes all of the nonmoving parts 
and is called the stator. Figure 7—42 illustrates a simplified two-pole de generator showing 


Magnetic path 


Air gap 


Stator => — Field coil 
(only a few of many 
windings shown) 


FIGURE 7-42 The magnetic structure of a generator (or motor). In 
this case, the rotor is also the armature because it produces the power. 
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the magnetic paths (end caps, bearings, and commutator are not shown). Notice that the 
frame 1s part of the magnetic path for the field magnets. To make a generator have high 
efficiency, the air gap is kept as small as possible. The armature is the power-producing 
component and can be either on the rotor or the stator. In the de generator described previ- 
ously, the armature is the rotor because power is produced in the moving conductors and 
taken from the rotor via the commutator. 


Equivalent Circuit for a DC Generator 


A self-excited generator can be represented by a basic de circuit with a coil to produce the 
magnetic field and a mechanically driven generator, as shown in Figure 7—43. There are 
other configurations of de generators, but this represents a common one. In the case shown, 
the field windings are in parallel with the source; this configuration,is 
called a shunt-wound generator. The resistance of the field windings is 
shown as Rp. For the equivalent circuit, this resistance is shown in series 
with the field windings. The armature is driven by a mechanical input, 
causing it to spin; the armature is the generator voltage source, Vg. The 
armature resistance is shown as the series resistance, Ra. The rheostat, Ry 
Rpg, 18 in series with the field winding resistance and regulates the output 
voltage by controlling the current to the field windings and thus the flux 


RREG 


density. Field 
When a load is connected to the output, current in the armature is ae Medana- 
shared between the load and the field windings. The efficiency of the gen- input 


erator can be calculated as the ratio of the power delivered to the load (Py) 
to the total power (Pr), which includes the losses in the armature and the FIGURE 7-43 Equivalent circuit for a self- 
resistance in the field circuit. excited shunt de generator. 


SECTION 7-6 CHECKUP 


1. What is the moving part of a generator called? 4. What is meant by a self-excited generator? 
2. What is the purpose of a commutator? 


3. How does greater resistance in the field windings of a genera- 
tor affect the output voltage? 


7-7 DC MOTORS 


Motors convert electrical energy to mechanical motion by taking advantage of the force pro- 
duced when a current-carrying conductor is in a magnetic field. A dc motor operates from a dc 
source and can use either an electromagnet or a permanent magnet to supply the field. 


After completing this section, you should be able to 


e Explain how a de motor works 
e Draw an equivalent circuit for a series and a shunt-type de motor 
e Discuss back emf and how it reduces armature current 
e Discuss power rating of motors 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


308 CHAPTER 7 * MAGNETISM AND ELECTROMAGNETISM 


Basic Operation 


As in the case of generators, motor action is the result of the interaction of magnetic 
fields. In a de motor, the rotor field interacts with the magnetic field set up by current in 
the stator windings. The rotor in all de motors contains the armature winding, which 
sets up a magnetic field. The rotor moves because of the attractive force between oppo- 
site poles and the repulsive force between like poles, as illustrated in the simplified 
diagram of Figure 7-44. The rotor moves because of the attraction of 1ts north pole with 
the south pole of the stator (and vice-versa). As the two poles near each other, the 
polarity of the rotor current is suddenly switched by the commutator, reversing the 
magnetic poles of the rotor. The commutator serves as a mechanical switch to reverse 
the current in the armature just as the unlike poles are near each other, continuing the 
rotation of the rotor. 


Mechanical 
output 


External input 


Commutator Brushes 


FIGURE 7-44 Simplified de motor. 


Motor Maintenance 


Industrial systems typically have many motors to per- 
form functions such as pumps, machine operations, 
conveyers, and robotic control. A motor that is run- 
ning too hot may be indicating that there is lubrication 
or bearing issues that need to be addressed. A thermal 
image can reveal such problems, so in many compa- 
nies thermal imaging 1s part of a routine inspection 
and maintenance program. 


Courtesy of Fluke Corporation. 
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Brushless DC Motors 


Many de motors do not use a commutator to reverse the polarity of the current. Instead of 
supplying current to a moving armature, the magnetic field is rotated in the stator windings 
using an electronic controller. The direction of current in the field coils is periodically 
reversed by the controller by producing an ac waveform (or modified ac waveform) from 
the dc input. This causes the stator field to rotate, and the permanent magnet rotor moves 
in the same direction to keep up with the rotating field. A common way to sense the posi- 
tion of the rotating magnet is to use a Hall-effect sensor, which provides the controller with 
position information by sending pulses every time a magnet passes it. Brushless motors 
have higher reliability than traditional brushed motors because they do not need to have 
periodic brush replacement, but have the added complexity of the electronic controller. 
Figure 7-45 shows a cutaway view of a brushless de motor that includes a pulse width 
modulation control within the motor housing as well as an optical encoder to indicate the 
shaft position. 


Laminations Stator 


Hall sensor 
commutator 


assembly Motor end 


shield 


Permanent magnet Shaft 
rotor (segmented 
ring magnets) 


FIGURE 7-45 Cutaway view of a brushless de motor. (Courtesy of Bodine Electric Company) 


Back EMF e 


When a de motor is first started, a magnetic field is present from the field windings. Arma- 
ture current develops another magnetic field that interacts with the one from the field wind- 
ings and starts the motor turning. The armature windings are now spinning in the presence 
of the magnetic field, so generator action occurs. In effect, the spinning armature has a 
voltage developed across it that opposes the original applied voltage in accordance with 
Lenz’s law. This self-generated voltage is called back emf (electromotive force). The term 
emf was once common for voltage but is not favored because voltage is not a “force” in the 
physics sense, but back emf is still applied to the self-generated voltage in motors. Back 
emf, also called counter emf, serves to significantly reduce the armature current when the 
motor is turning at constant speed. 


HANDS ON TIP 

One characteristic of dc motors 
is that if they are allowed to 
run without a load, the torque 
can cause the motor to “run 
away” to a speed beyond the 
manufacturer’ s rating. 
Therefore, de motors should 
always be operated with a load 
to prevent self-destruction. 


Motor Ratings 


Some motors are rated by the torque they can provide; others are rated by the power they 
produce. Torque and power are important parameters for any motor. Although torque and 
power are different physical parameters, if one is known, the other can be obtained. 
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Torque tends to rotate an object. In a de motor, the torque is proportional to the 
amount of flux and to the armature current. Torque, T, in a de motor can be calculated from 
the equation 


TL (7-9) 


where T is torque in newton-meters (N-m) k is a constant that depends on physical param- 
eters of the motor, họ is magnetic flux in webers (Wb), and J, is armature current in 
amperes (A). 

Recall that power is defined as the rate of doing work. To calculate power from 
torque, you must know the speed of the motor in rpm for the torque that you measured. The 
equation to determine the power, given the torque at a certain speed, is 


P = 0.105Ts (7-10) 


where P is power in W, 7 is torque in N-m, and s is speed of motor in rpm. 


EXAMPLE 7-9 


What is the power developed by a motor that turns at 350 rpm when the torque is 
3.6 N-m? 


SOLUTION 


Substitute into Equation 7-10. 


P = 0.1057s = 0.105(3.6 N-m)(350 rpm) = 132 W 


RELATED PROBLEM 


There are 746 W in one hp. What is the hp of this motor under these conditions? 


THF) DC MOTOR REVERSING 


DC motors have many applications in systems ranging from small portable drills to large 
cranes. In many systems that use a dc motor, the motor needs to have the ability to be 
reversed. For example, a motor that operates a garage door needs to be reversed to open or 
close the door. To reverse a dc motor, you need to be able to connect separate power leads 
to the field (stator) and the armature (rotor) and switch the polarity on either the rotor or 
the stator. Only one of the windings is reversed; if both were reversed, the motor would 
turn in the same direction. 

In some cases, the forward or reverse direction may be controlled by a logic opera- 
tion. In the system described here, a relay is used to interface logic that is used to specify 
the direction with the motor-reversing switches, which are the relay contacts. A simplified 
reversing circuit is shown in Figure 7—46. In addition to its role in reversing the motor, the 
relay provides a second benefit. It completely isolates the low voltage logic circuits from 
the motor circuit. 

The transistor (Q,) acts as a switch to interface the logic to the relay coil. When the 
logic is LOW, the transistor is off, and the relay is in its unenergized position. When the 
logic is HIGH, the transistor conducts and activates the relay. The logic circuits are iso- 
lated from the motor power by the relay. The purpose of the diode is to avoid noise spikes 
when the relay is deenergized. The On/Off switch is controlled by the logic to remove 
power from the motor before changing its direction. 
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FIGURE 7-46 DC motor reversing circuit using a relay. 


Series DC Motors 


The series de motor has the field coil windings and the armature coil windings in series. A 
schematic of this arrangement is shown in Figure 7-47 (a). The internal resistance is gener- 
ally small and consists of field coil resistance, armature winding resistance, and brush 
resistance. As in the case of generators, dc motors may also contain an interpole winding, 
as shown, and current limiting for speed control. In a series de motor, the armature current, 
field current, and line current are all the same. 


Internal resistance Field coil 


Speed 


de voltage Armature 


Starting torque 


| 


Speed control Interpole winding 
(a) (b) 


Torque 


FIGURE 7-47 Simplified schematic for a series dc motor and torque-speed characteristic. 


As you know, magnetic flux is proportional to the current in a coil. The magnetic flux 
created by the field windings is proportional to armature current because of the series con- 
nection. Thus, when the motor is loaded, armature current rises, and the magnetic flux rises 
too. Recall that Equation 7-9 showed that the torque in a dc motor is proportional to both 
the armature current and the magnetic flux. Thus, the series-wound motor will have a very 
high starting torque when the current is high because flux and armature current are high. 
For this reason, series dc motors are used when high starting torques are required (such as 
a starter motor in a car). 

The plot of the torque and motor speed for a series dc motor is shown in Figure 
7-47(b). The starting torque is at its maximum value. At low speeds, the torque is still very 
high, but drops off dramatically as the speed increases. As you can see, the speed can be 
very high if the torque is low; for this reason, the series-wound dc motor always is oper- 
ated with a load. 
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Shunt DC Motors 


A shunt de motor has the field coil in parallel with the armature, as shown in the equiva- 
lent circuit in Figure 7-48(a). In the shunt motor, the field coil is supplied by a constant 
voltage source, so the magnetic field set up by the field coils is constant. The armature 
resistance and the back emf produced by generator action in the armature determine the 
armature current. 


Full load torque 


Speed 


de voltage 
O 


Torque 


(a) (b) 


FIGURE 7-48 Simplified schematic for a shunt de motor and torque-speed 
characteristic. 


The torque-speed characteristic for a shunt de motor is quite different than for a 
series de motor. When a load is applied, the shunt motor will slow down, causing the back 
emf to be reduced and the armature current to increase. The increase in armature current 
tends to compensate for the added load by increasing the torque of the motor. Although the 
motor has slowed because of the additional load, the torque-speed characteristic is nearly a 
straight line for the shunt dc motor as shown in Figure 7-48(b). At full load, the shunt de 
motor still has high torque. 


SECTION 7-7 CHECKUP 


1. What creates back emf? 3. What type of de motor has the highest starting torque? 
2. How does back emf affect current in a rotating armature as it 4. What is the major advantage of a brushless motor over a 
comes up to speed? brushed motor? 


SUMMARY 


e Unlike magnetic poles attract each other, and like poles repel each other. 
e Materials that can be magnetized are called ferromagnetic. 


e When there is current through a conductor, it produces an electromagnetic field around the con- 
ductor. 


e You can use the left-hand rule to establish the direction of the electromagnetic lines of force 
around a conductor. 


e An electromagnet is basically a coil of wire around a magnetic core. 


e When a conductor moves within a magnetic field, or when a magnetic field moves relative to a 
conductor, a voltage is induced across the conductor. 


+ The faster the relative motion between a conductor and a magnetic field, the greater is the induced 
voltage. 


e Table 7-3 summarizes the quantities and SI units used in this chapter. 
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TABLE 7-3 
SYMBOL 


QUANTITY 
Magnetic flux density 


Flux 


Magnetomotive force (mmf) 


Magnetic field intensity 
Force 


Torque 


SI UNIT 


Tesla (T) 


Weber (Wb) 


Ampere-turns/weber (At/Wb) 
Ampere-turn (At) 
Ampere-turns/meter (At/m) 
Newton (N) 


Newton-meter (N-m) 


KEY TERMS 


313 


e Hall-effect sensors use current to sense the presence of a magnetic field. 

e DC generators convert mechanical power to de electrical power. 

e The moving part of a generator or motor is called the rotor; the stationary part is called the stator. 
e DC motors convert electrical power to mechanical power. 


e Brushless de motors use a permanent magnet as the rotor, and the stator is the armature. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 
Ampere-turn (At) The SI unit of magnetomotive force (mmf). 


Electromagnetic field A formation of a group of magnetic lines of force surrounding a conductor 
created by electrical current in the conductor. 


Electromagnetic induction The phenomenon or process by which a voltage is produced in a 
conductor when there is relative motion between the conductor and a magnetic or electromagnetic 
field. 


Electromagnetism The production of a magnetic field by current in a conductor. 


Faraday’s law A law stating that the voltage induced across a coil equals the number of turns in 
the coil times the rate of change of the magnetic flux. 


Gauss A CGS unit of flux density. 


Hall effect A change in current density across a conductor or semiconductor when current in the 
material is perpendicular to a magnetic field. The change in current density produces a small trans- 
verse voltage in the material, called the Hall voltage. 


Hysteresis A characteristic of a magnetic material whereby a change in magnetization lags the 
application of the magnetic field intensity. 


Induced current (iing) A current induced in a conductor as a result of a changing magnetic field. 
Induced voltage (ving) Voltage produced as a result of a changing magnetic field. 


Lenz’s law A physical law that states when the current through a coil changes, the polarity of the 
induced voltage created by the changing magnetic field is such that it always opposes the change in 
current that caused it. The current cannot change instantaneously. 


Lines of force Magnetic flux lines in a magnetic field radiating from the north pole to the south 
pole. 


Magnetic field A force field radiating from the north pole to the south pole of a magnet. 


Magnetic flux The lines of force between the north and south poles of a permanent magnet or an 
electromagnet. 


Magnetic field intensity The amount of mmf per unit length of magnetic material. 
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Magnetomotive force (mmf) The cause of a magnetic field, measured in ampere-turns. 
Permeability The measure of ease with which a magnetic field can be established in a material. 


Relay An electromagnetically controlled mechanical device in which electrical contacts are 
opened or closed by a magnetizing current. 


Reluctance (R) The opposition to the establishment of a magnetic field in a material. 


Retentivity The ability of a material, once magnetized, to maintain a magnetized state without the 
presence of a magnetizing force. 


Solenoid An electromagnetically controlled device in which the mechanical movement of a shaft 
or plunger is activated by a magnetizing current. 


Speaker Anelectromagnetic device that converts electrical signals to sound waves. 
Tesla (T) The SI unit of flux density. 
Weber (Wb) The SI unit of magnetic flux, which represents 10° lines. 


KEY FORMULAS 


(7-1) B = ? Magnetic flux density 
M . oe 
(7-2) My = — Relative permeability 
Mo 
l 
(7-3) R = — Reluctance 
pA 
(7-4) Fn = NI Magnetomotive force 
Fin : 
(7-5) p = R Magnetic flux 
l . . . 
(7-6) H= 7 Magnetic field intensity 
(7-7) Vina = B lv Induced voltage 
(7-8) F = BII Force on current-carrying conductor 
(7-9) T = kol, Torque in a de motor 
(7-10) P = 0.105Ts Power from torque 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. The tesla (T) and the gauss (G) are both units for magnetic flux density. 
2. The unit for measuring magnetomotive force (mmf) is the volt. 


3. Ohm’s law for a magnetic circuit gives the relationship between flux density, magnetomotive 
force, and reluctance. 


A solenoid is a form of electromagnetic switch that opens and closes mechanical contacts. 
A hysteresis curve is a plot of flux density (B) as a function of field intensity (H). 
To produce an induced voltage in a coil, the magnetic field surrounding it can be changed. 


The speed of a generator can be controlled with a rheostat in the field windings. 


E p A e 


A self-excited de generator will normally have enough residual magnetism in the field magnets 
to start the generator, producing voltage at the output when it is first turned on. 


9. The power developed by a motor is proportional to its torque. 


10. In a brushless motor, the magnetic field is supplied by permanent magnets. 
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SELF-TEST 


Answers are at the end of the chapter. 


1. When the south poles of two bar magnets are brought close together, there will be 
(a) a force of attraction (b) a force of repulsion 
(c) an upward force (d) no force 
2. A magnetic field is made up of 
(a) positive and negative charges (b) magnetic domains 
(c) flux lines (d) magnetic poles 
3. The direction of a magnetic field is from 


(a) north pole to south pole (b) south pole to north pole 
(c) inside to outside the magnet (d) front to back 


4. Reluctance in a magnetic circuit is analogous to 
(a) voltage in an electric circuit (b) current in an electric circuit 
(e) power in an electric circuit (d) resistance in an electric circuit 
5. The unit of magnetic flux is the 


(a) tesla (b) weber (c) gauss (d) ampere-turn 


6. The unit of magnetomotive force is the 
(a) tesla (b) weber (c) ampere-turn (d) electron-volt 


7. A unit of magnetic flux density is the 
(a) tesla (b) weber (c) ampere-turn (d) ampere-turns/meter 


8. The electromagnetic activation of a movable shaft is the basis for 
(a) relays (b) circuit breakers 
(c) magnetic switches (d) solenoids 

9. When there is current through a wire placed in a magnetic field, 


(a) the wire will overheat (b) the wire will become magnetized 
(c) a force is exerted on the wire (d) the magnetic field will be cancelled 


10. A coil of wire is placed in a changing magnetic field. If the number of turns in the coil is 
increased, the voltage induced across the coil will 
(a) remain unchanged (b) decrease 
(c) increase (d) be excessive 


11. Ifa conductor is moved back and forth at a constant rate in a constant magnetic field, the volt- 
age induced in the conductor will 
(a) remain constant (b) reverse polarity 
(c) be reduced (d) be increased 


12. In the crankshaft position sensor in Figure 7-35, the induced voltage across the coils is 
caused by 
(a) current in the coil 
(b) rotation of the disk 
(e) a tab passing through the magnetic field 
(d) acceleration of the disk’s rotational speed 


13. The purpose of the commutator in a generator or motor is to 


(a) change the direction of the current to the rotor as it spins 
(b) change the direction of the current to the stator windings 
(e) support the motor or generator shaft 

(d) provide the magnetic field for the motor or generator 


14. Ina motor, back emf serves to 


(a) increase the power from the motor (b) decrease the flux 
(c) increase the current in the field windings (d) decrease the current in the armature 


15. The torque of a motor is proportional to the 


(a) amount of flux (b) armature current 
(c) both of the above (d) none of the above 
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PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 7-1 The Magnetic Field 


1. The cross-sectional area of a magnetic fielebis mareased) bno rhesBux remains the same. Does 
the flux density increase or decrease? 


2. Ina certain magnetic field the cross-sectional area is 0.5 m? and the flux is 1500 Wb. What is 
the flux density? 


3. What is the flux in a magnetic material when the flux density is 2500 X 10 °T and the cross- 
sectional area is 150 cm?? 


4. Ata given location, the earth’s magnetic field is 0.6 G (gauss). Express this flux density in tesla. 


5. A very strong permanent magnet has a field of 100,000 uT. Express this flux density in gauss. 


SECTION 7-2 Electromagnetism 


6. What happens to the compass needle in Figure 7—11 when the current through the conductor is 
reversed? 


7. What is the relative permeability of a ferromagnetic material whose absolute permeability is 
750 X 10 Wb/At: m? 


8. Determine the reluctance of a material with a length of 0.28 m and a cross-sectional area of 
0.08 m° if the absolute permeability is 150 X 10°’ Wb/At-m. 


9. What is the magnetomotive force in a 500 turn coil of wire with 3 A through it? 


SECTION 7-3 Electromagnetic Devices 


10. Typically, when a solenoid is activated, is the plunger extended or retracted? 
11. (a) What force moves the plunger when a solenoid is activated? 
(b) What force causes the plunger to return to its at-rest position? 


12. Explain the sequence of events in the circuit of Figure 7-49 starting when switch 1 (SW1) is closed. 


Lamp 2 Lamp 1 


Relay 


FIGURE 7-49 


13. What causes the pointer in a d’Arsonval meter movement to deflect when there is current 
through the coil? 


SECTION 7-4 Magnetic Hysteresis 
14. What is the magnetizing force in Problem 9 if the length of the core is 0.2 m? 


15. How can the flux density in Figure 7-50 be changed without altering the physical characteris- 
tics of the core? 


16. In Figure 7-50, determine the following if the winding has 100 turns: 
YA hp B 


17. Determine from the hysteresis curves in Figure 7-51 which material has the most retentivity. 
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— E 
2 cm 
B Material A 
+ 0 ‘ 
Gi Material B 

L H 

l = 30 cm B Material C 
FIGURE 7-50 FIGURE 7-51 


SECTION 7-5 Electromagnetic Induction 


18. According to Faraday’s law, what happens to the induced voltage across a given coil if the rate 
of change of magnetic flux doubles? 


19. The voltage induced across a certain coil is 100 mV. A 100 Q resistor is connected to the coil 
terminals. What is the induced current? 


20. In Figure 7-35, why is there no induced voltage when the steel disk is not rotating? 


21. A 20cm long conductor is moving upward between the poles of a magnet as shown in Figure 
7-52. The pole faces are 8.5 cm on each side and the flux is 1.24 mWb. The motion produces an 
induced voltage across the conductor of 44 mV. What is the speed of the conductor? 


FIGURE 7-52 


22. (a) For the conductor shown in Figure 7-52, what is the polarity of the end marked with the letter A? 
(b) Assuming a complete path is provided and current is in the direction you indicated, what 
direction is the induced force on the conductor? 


SECTION 7-6 DC Generators 
23. Ifa generator is 80% efficient and delivers 45 W to a load, what is the input power? 


24. Assume the self-excited shunt de generator in Figure 7-43 has a load connected to it that draws 
12 A. If the field windings draw 1.0 A, what is the armature current? 


25. (a) If the output voltage in Problem 24 is 14 V, what power is supplied to the load? 
(b) What power is dissipated in the field resistance? 


SECTION 7-7 DC Motors 


26. (a) What power is developed by a motor that turns at 1200 rpm and has a torque of 3.0 N-m? 
(b) What is the horsepower rating of the motor? (746 W = 1 hp) 


27. Assume a motor dissipates 12 W internally when it delivers 50 W to a load. What is the efficiency? 


ADVANCED PROBLEMS 


28. A basic one-loop dc generator is rotated at 60 rps. How many times each second does the dc 
output voltage peak (reach a maximum)? 


29. Assume that another loop of wire, 90° from the first loop, is added to the de generator in Prob- 
lem 28. Describe the output voltage. Let the maximum voltage be 10 V. 


30. Explain the purpose of each of the three sets of relay contacts (A, B, and C) in Figure 7-22. 


31. For the DC motor reversing circuit in Figure 7-46, assume the polarity to the armature is oppo- 
site to the polarity of the stator. Is the relay coil energized or not? Explain your answer. 
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mins MULTISIM TROUBLESHOOTING 
X PROBLEMS 


32. Open file P07-32; files are found at www.pearsonhighered.com/floyd. Determine if there is a 
fault in the circuit. If so, identify the fault. 


33. Open file P07-33 and determine if there is a fault in the circuit. If so, identify the fault. 


ANSWERS TO SECTION CHECKUPS 


SECTION 7-1 The Magnetic Field 
1. The north poles repel. 


2. Magnetic flux is the group of lines of force that make up a magnetic field; magnetic flux density 
is the flux per area. 


3. The gauss and the tesla 
4. B = $/A = 900 uT 


SECTION 7-2 Electromagnetism 


1. Electromagnetism is produced by current through a conductor. An electromagnetic field exists 
only when there is current. A magnetic field exists independently of current. 


2. The direction of the magnetic field also reverses when the current is reversed. 
3. Flux equals magnetomotive force divided by reluctance. 


4. Flux is analogous to current, mmf is analogous to voltage, and reluctance is analogous to resistance. 


SECTION 7-3 Electromagnetic Devices 


1. A solenoid provides mechanical movement of a shaft. A relay provides an electrical contact 
closure. 


2. The movable part of a solenoid is the plunger. 
3. The movable part of a relay is the armature. 


4. The d'Arsonval meter movement is based on the interaction of magnetic fields. 


SECTION 7-4 Magnetic Hysteresis 


1. Ina wirewound core, an increase in current increases the flux density. 


2. Retentivity is the ability of a material to remain magnetized after removal of the magnetizing force. 


SECTION 7-5 Electromagnetic Induction 
1. The induced voltage is zero. 
2. The induced voltage increases. 
3. A force is exerted on the current-carrying conductor in a magnetic field. 


4. The induced voltage is zero. 


SECTION 7-6 DC Generators 
1. The rotor 
2. The commutator reverses the current in the rotating coil. 
3. Greater resistance will reduce the magnetic flux, causing the output voltage to drop. 


4. A generator in which the field windings derive their current from the output 


SECTION 7-7 DC Motors 


1. Back emf is a voltage developed in a motor because of generator action as the rotor turns. It 
opposes the original supply voltage. 


2. Back emf reduces the armature current. 
3. A series-wound motor 


4. Higher reliability because there are no brushes to wear out 
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ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


7-1 19.6 x 10° T 

7-2 31.0T 

7-3 The reluctance is reduced to 12.8 X 10% At/Wb. 
7-4 Reluctance is 165.7 X 10° At/Wb 


7-5 7.2 mWb 
7-6 F,, = 42.5 Ati R = 8.5 X 10% At/Wb 
7-7 40mV 
7-8 The direction is along the negative x axis. 
7-9 0.18 hp 
ANSWERS TO SELF-TEST 
1. (b) 2. (c) 3. (a) 4. (d) 5. (b) 6. (c) 7. (a) 8. (d) 


9. (c) 10. (c) 11. (b) 12. (c) 13. (a) 14. (d) 15. (c) 


ANSWERS TO TRUE/FALSE QUIZ 


1. T 2. F 3. F 4. F deL 6. T lF 8. T 
9. T 10. F 
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INTRODUCTION TO 
ALTERNATING CURRENT 
AND VOLTAGE 


O U T L I N E e Identify the characteristics of basic nonsinusoidal 


waveforms 
8-1 The Sinusoidal Waveform e Use the oscilloscope to measure waveforms 
8-2 Voltage and Current Values of Sine Waves e Describe the types of signal sources and explain 


8-3 Angular Measurement of a Sine Wave 
8-4 The Sine Wave Formula 

8-5 Analysis of AC Circuits 

8-6 Alternators (AC Generators) 

8-7 AC Motors 


the purpose of typical controls 


KEY TERMS 


8-8 Nonsinusoidal Waveforms Sine wave Alternator 
8-9 The Oscilloscope Waveform Induction motor 
8-10 Signal Sources Cycle Synchronous motor 
Period (T) Squirrel cage 
Frequency (f) Slip 
O B J E C T I V E S Hertz (Hz) Pulse 
e Identify a sinusoidal waveform and measure its Oscillator Pulse width (tw) 
characteristics Function generator Rise time (¢,) 
e Determine the voltage and current values of sine Instantaneous value Fall time (ty) 
waves Peak value Periodic 
e Describe angular relationships of sine waves Amplitude Duty cycle 
e Mathematically analyze a sinusoidal waveform Peak-to-peak value Ramp 
e Apply the basic circuit laws to resistive ac circuits rms value Fundamental frequency 
e Describe how an alternator generates electricity Degree Harmonics 
e Explain how ac motors convert electrical energy Radian Oscilloscope 
into rotational motion Phase Modulation 


VISIT THE WEBSITE 
Study aids for this chapter are available at 


J 


| a o | f: AAPCAT h a | taro y Tatan IA n we 
http://pearsonhighered.com/floyd 
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I N T R O D U C T I O N Alternators, which generate sine waves, and ac motors 


are introduced. Other types of waveforms are also intro- 
duced, including pulse, triangular, and sawtooth. The use 
of an oscilloscope for displaying and measuring wave- 
forms 1s discussed. Frequently, specialized waveforms 
are needed to test systems. The chapter concludes with a 
discussion on signal generating. 


This chapter provides an introduction to alternating cur- 
rent (ac) circuits. Alternating voltages and currents fluc- 
tuate with time and periodically change polarity and 
direction according to certain patterns called waveforms. 
Particular emphasis is given to the sinusoidal waveform 
(sine wave) because of its basic importance in ac circuits. 


9-1 THE SINUSOIDAL WAVEFORM 


The sinusoidal waveform or sine wave is the fundamental type of alternating current (ac) and 
alternating voltage. It is also referred to as a sinusoidal wave, or, simply, sinusoid. The electri- 
cal service provided by the power companies is in the form of sinusoidal voltage and current. 


In addition, other types of repetitive waveforms are composites of many individual sine waves 
called harmonics. 


After completing this section, you should be able to 


e Identify a sinusoidal waveform and measure its characteristics 
¢ Define and determine the period 
¢ Define and determine the frequency 
e Relate the period and the frequency 
e Describe two types of electronic signal generators 


Sine waves, or sinusoids, are produced by two types of sources: rotating electrical 
machines (ac generators) or electronic oscillator circuits, which are used in instruments 
commonly known as electronic signal generators. Electronic signal generators are intro- 
duced in this section and covered in more detail in Section 8—10. Alternators, which gener- 
ate ac by electromechanical means, are covered in Section 8—6. Figure 8-1 shows the 
symbol used to represent a source of sinusoidal voltage. 

Figure 8-2 is a graph that shows the general shape of a sine wave, 
which can be either an alternating current or an alternating voltage. Volt- 
age (or current) is displayed on the vertical axis, and time (1) is displayed + Voltage (+V) hace ia 
on the horizontal axis. Notice how the voltage (or current) varies with iron an 
time. Starting at zero, the voltage (or current) increases to a positive max- 
imum (peak), returns to zero, and then increases to a negative maximum 
(peak) before returning again to zero, thus completing one full cycle. 


FIGURE 8-1 Symbol for a 
sinusoidal voltage source. 


Time (t) 


Polarity of a Sine Wave 


As mentioned, a sine wave changes polarity at its zero value; that is, it ~ Voltage (-V) 
otk . : i or Negative maximum 
alternates between positive and negative values. When a sinusoidal volt- En 
age source (V,) is applied to a resistive circuit, as in Figure 8-3, an alter- 
nating sinusoidal current results. When the voltage changes polarity, the FIGURE 8-2 Graph of one cycle of a sine wave. 
current correspondingly changes direction as indicated. 
During the positive alternation of the source voltage V,, the current is in the direction 
shown in Figure 8—3(a). During a negative alternation of the source voltage, the current is 
in the opposite direction, as shown in Figure 8—3(b). The combined positive and negative 
alternations make up one cycle of a sine wave. 
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Positive alternation 


R R 
Negative alternation 
Y, -V, 
(a) During a positive alternation of the voltage, current is in the direction (b) During a negative alternation of the voltage, current reverses direction, 
shown. as shown. 


FIGURE 8-3 Alternating current and voltage. 


Period of a Sine Wavé 


A sine wave varies with time (t) in a definable manner. 


The time required for a given sine wave to complete one full cycle is called the 
period (T). 


Figure $4(a) illustrates the period of a sine wave. Typically, a sine wave continues to 
repeat itself in identical cycles, as shown in Figure 8-4(b). Since all cycles of a repetitive 
sine wave are the same, the period is always a fixed value for a given sine wave. The 
period of a sine wave can be measured from a zero crossing to the next corresponding zero 
crossing, as indicated in Figure 8-4(a). The period can also be measured from any peak in 
a given cycle to the corresponding peak in the next cycle. 


0 f 0 


Jus Period (T) a 


/ 
j 

— Ist cycle nd cycle Elan 3rd cycle A 
(b) 


FIGURE 8-4 The period of a given sine wave is the same for each cycle. 


(a) 


EXAMPLE 8-1 


What is the period of the sine wave in Figure 8—5? 


t (s) 


FIGURE 8-5 
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SOLUTION 


As shown in Figure 8—5, it takes twelve seconds (12 s) to complete three cycles. 
Therefore, to complete one cycle it takes four seconds (4 s), which is the period. 


T=4s 


RELATED PROBLEM* 


What is the period if a given sine wave goes through five cycles in 12 s? 


*Answers are at the end of the chapter. 


EXAMPLE 8-2 


Show three possible ways to measure the period of the sine wave in Figure 8-6. 
How many cycles are shown? 


V FIGURE 8-6 


SOLUTION 


Method 1: The period can be measured from one zero crossing to the corre- 
sponding zero crossing in the next cycle (the slope must be the same 
at the corresponding zero crossings). 


Method 2: The period can be measured from the positive peak in one cycle to the 
positive peak in the next cycle. 


Method 3: The period can be measured from the negative peak in one cycle to 
the negative peak in the next cycle. 


These measurements are indicated in Figure 8—7, where two cycles of the 
sine Wave are shown. Keep in mind that you obtain the same value for the period 
no matter which corresponding peaks or corresponding zero crossings on the 
waveform you use. 


V 


Zero to zero 


<——_ TH Peak to peak 
Zero to zero 
FIGURE 8-7 Measurement of the period of a sine wave. 


RELATED PROBLEM 


If a positive peak occurs at 1 ms and the next positive peak occurs at 2.5 ms, what 
is the period? 
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Frequency of a Sine Wave 


Frequency is the number of cycles that a sine wave completes in one second. 


The more cycles completed in one second, the higher the frequency. Frequency (f) is 
measured in units of hertz (Hz). One hertz is equivalent to one cycle per second; for exam- 
ple, 60 Hz is 60 cycles per second. Figure 8-8 shows two sine waves. The sine wave in part 
(a) completes two full cycles in one second. The one in part (b) completes four cycles in one 
second. Therefore, the sine wave in part (b) has twice the frequency of the one in part (a). 


(a) Lower frequency: fewer cycles per second (b) Higher frequency: more cycles per second 


FIGURE 8-8 Illustration of frequency. 


Relationship of Frequency and Period 


The formulas for the relationship between frequency and period are 


1 
f= 7 (8-1) 
T= 1 (8-2) 
f 


There is a reciprocal relationship between f and T. Knowing one, you can calculate the 
other with the x ! or 1 /x key on your calculator. (On some calculators, the reciprocal key 
is a secondary function.) This inverse relationship indicates that a sine wave with a longer 
period goes through fewer cycles in one second than one with a shorter period. 


EXAMPLE 8-3 


Which sine wave in Figure 8—9 has the higher frequency? Determine the fre- 
quency and the period of both waveforms. 


(a) (b) 
FIGURE 8-9 
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SOLUTION 


The sine wave in Figure 8—9(b) has the higher frequency because it completes 
more cycles in 1 s than does the one in part (a). 
In Figure 8—9(a), three cycles are completed in 1 s. Therefore, 


f=3Hz 
One cycle takes 0.333 s (one-third second), so the period is 
T = 0.333 s = 333 ms 
In Figure 8—9(b), five cycles are completed in 1 s. Therefore, 
f=5Hz 
One cycle takes 0.2 s (one-fifth second), so the period is 


T = 0.2s = 200 ms 


RELATED PROBLEM 


If the time interval between consecutive negative peaks of a given sine wave is 
50 us, what is the frequency? 


EXAMPLE 8-4 


The period of a certain sine wave is 10 ms. What is the frequency? 


SOLUTION 

Use Equation 8-1. 

1 doo. 1 

T 10ms 10 x 10 °s 


f= = 100 Hz 


RELATED PROBLEM 


A certain sine wave goes through four cycles in 20 ms. What is the frequency’? 


EXAMPLE 8-5 


The frequency of a sine wave is 60 Hz. What is the period? 


SOLUTION 
Use Equation 8-2. 


RELATED PROBLEM 
If f = 1 kHz, what is T? 


Electronic Signal Generators 


The signal generator is an instrument that electronically produces sine waves for use in test- 
ing or controlling electronic circuits and systems. There are a variety of signal generators, 
ranging from special-purpose instruments that produce only one type of waveform in a lim- 
ited frequency range to programmable instruments that produce a wide range of frequencies 
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and a variety of waveforms. All signal generators consist basically of an oscil- 
lator, which is an electronic circuit that produces a repetitive waveform on its 
output with only the de supply voltage as an input. 

Electronic signal generators are important in testing various types of 
systems. One type of signal generator is the function generator, so called 
because it can generate a variety of waveforms such as sine, triangle, and 
square waves. An arbitrary waveform generator is another generator that 
can generate complex signals that simulate different types of inputs. For 


FIGURE 8-10 A typical arbi- example, a laboratory that does testing of structures for earthquake safety 
trary waveform generator. may need to simulate the complex signal from an earthquake; an arbitrary waveform 
Copyright © Tektronix, Inc. generator such as shown in Figure 8-10 can easily simulate this. Section 8-10 covers 
Reproduced by permission. these generators and other types of electronic signal generators in more detail. 


SECTION 5-1 CHECKUP* 


1. Describe one cycle of a sine wave. 5. Define frequency, and state its unit. 

2. At what point does a sine wave change polarity? 6. Determine f when T = 5 ps. 

3. How many maximum points does a sine wave have during 7. Determine T when f = 120 Hz. 
one cycle? 


4. How is the period of a sine wave measured? 


*Answers are at the end of the chapter. 


9-2 VOLTAGE AND CURRENT 
VALUES OF SINE WAVES 


Five ways to express and measure the value of a sine wave in terms of its voltage or its current 
magnitude are instantaneous, peak, peak-to-peak, rms, and average values. 


After completing this section, you should be able to 


e Determine the voltage and current values of sine waves 
e Find the instantaneous value at any point 
e Find the peak value 
e Find the peak-to-peak value 
¢ Define rms and find the rms value 


e Explain why the average value of an alternating sine wave is always zero Over a com- 
plete cycle 


e Find the half-cycle average value 


Instantaneous Value 


Figure 8—11 illustrates that at any point in time on a sine wave, the voltage (or current) has 
an instantaneous value. This instantaneous value is different at different points along the 
curve. Instantaneous values are positive during the positive alternation and negative during 
the negative alternation. Instantaneous values of voltage and current are symbolized by 
lowercase v and i, respectively. The curve in part (a) shows voltage only, but it applies 
equally for current when v’s are replaced with i’s. An example of instantaneous values is 
shown in part (b), where the instantaneous voltage is 3.1 V at 1 ws, 7.07 V at 2.5 us, 10 V 
at 5 us, O V at 10 ws, —3.1 V at 11 us, and so on. 
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t (us) 


FIGURE 8-11 Example of instantaneous values of a sinusoidal voltage. 


Peak Value 


The peak value of a sine wave is the value of voltage (or current) at the 
positive or the negative maximum (peaks) with respect to zero. Since 
positive and negative peak values are equal in magnitude, a sine wave 
is characterized by a single peak value, as is illustrated in Figure 8-12. 
For a given sine wave, the peak value is constant and is represented by 
V, or /,. The maximum or peak value of a sine wave is also called its 
amplitude. The amplitude is measured from the 0 V line to the peak. In 
the figure, the peak voltage is 8 V, which is also its amplitude. 


FIGURE 8-12 Peak voltage. 


Peak-to-Peak Value 


The peak-to-peak value of a sine wave, as illustrated in Figure 8-13, is the voltage (or cur- 
rent) from the positive peak to the negative peak. It is always twice the peak value as 
expressed by the following equations. Peak-to-peak values are represented by V,,, or Ipp. 


Vp = 2V, (8-3) 
Ipp = 21, (S-4) 


In Figure 8-13, the peak-to-peak voltage is 16 V. 


V (V) FIGURE 8-13 Peak-to-peak 
voltage. 


RMS Value 


The term rms stands for root mean square. Most ac voltmeters display the rms voltage. The 
120 V at your wall outlet is an rms value. The rms value, also referred to as the effective 
value, of a sinusoidal voltage is actually a measure of the heating effect of the sine wave. For 
example, when a resistor is connected across an ac (sinusoidal) voltage source, as shown in 
Figure 8—14(a), it dissipates a certain amount of heat. Figure 8—14(b) shows the same resistor 
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FIGURE 8-14 When the 
same amount of heat is being 
produced by the resistor 

in both setups, the sinusoidal 
voltage has an rms value equal 
to the de voltage. 


Sinusoidal voltage 
I source 


Same amount 
of radiated 
heat as 

in part (a) 


Radiated 
heat 


(a) (b) 


connected across a de voltage source. The value of the ac voltage can be adjusted so that the 
resistor gives off the same amount of heat as it does when connected to the dc source. 


The rms value of a sinusoidal voltage is equal to the dc voltage that produces 
the same amount of heat in a resistance as does the sinusoidal voltage. 


You can convert the peak value of a sine wave to the corresponding rms value by 
using the following relationships for either voltage or current: 


Vims = 0.707V, (8-5) 
Tims = 0.7071, (8-6) 
Using these formulas, you can also determine the peak value if you know the rms 
value. 
Vims 
Va = Ta 
P 0.707 
Vp = 1.414Vims (8-7) 
Similarly, 
Ip = 1.414T ms (8-8) 


To find the peak-to-peak values, simply double the peak value, which is equivalent to 
multiplying the rms value by 2.828. 


Wop E ARDS as (8-9) 
and 
ly = BLOM ocr (8-10) 
Y XA ME 5 — 


CHHT] CLAMP METERS 


Most industrial electrical and electronic systems have ac motors and other high current 
loads used for fans, pumps, and conveyors. It is often impractical, time consuming, and a 
safety hazard to break open these circuits to check current, particularly when a process is 
ongoing. The traditional clamp meter is a noncontacting meter designed to measure large 
ac current by sensing the changing magnetic field surrounding the conductor through 
transformer action (transformers are covered in Chapter 14). The user selects the scale and 
clamps the jaws or flexible current probe around the conductor. The meter then displays 
the current based in the selected scale. It is a quick and easy way to check motor current to 
verify that loading is not excessive or to check for phase balance in three-phase motors. 
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Originally, clamp meters were designed to only 
measure ac current; today they also frequently have all of 
the traditional DMM functions available (resistance, volt- 
age, de current and sometimes frequency). Meters that can 
measure direct current (dc) use a Hall-effect sensor. The 
meter in Figure 8-15 is a multifunction meter that is meas- 
uring dc current from a car battery. 

Some clamp meters have min/max capability. The 
min/max function will show the current range. This 1s use- 
ful for reading the currents in a 4-20 mA current loop. 
(See System Note on page 240.) The min/max capability 
is also useful for troubleshooting a problem such as deter- 
mining the maximum current for a circuit breaker that 
trips intermittently. 


FIGURE 8-15 A multifunction clamp meter with detachable 
jaw. Courtesy of Fluke Corporation. 


Average Value 


The average value of a sine wave when taken over one complete cycle is V 
always zero because the positive values (above the zero crossing) offset the  y,,,=0.637/, 
negative values (below the zero crossing). 
To be useful for comparison purposes and in determining the average 
value of a rectified voltage such as found in power supplies, the average 
value of a sine wave is defined over a half-cycle rather than over a full 
cycle. The average value is expressed in terms of the peak value as follows 
for both voltage and current sine waves: 


FIGURE 8-16 Half-cycle 
Vavg = 0.637V, (8-11) average value. 


Lave = 0.6371, (8-12) 


The half-cycle average value of a voltage sine wave is illustrated in Figure 8-16. 


EXAMPLE 8-6 
Determine V,, Vp, Vims» and the half-cycle V,,, for the sine wave in Figure 8-17. 


+V (V) 


D= NW A 


FIGURE 8-17 
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SOLUTION 


As taken directly from the graph, V, = 4.5 V. From this value, calculate the 
other values. 


Vip = 2V, = 2(4.5 V) = 9 V 
Vins = 0.707V, = 0.707(4.5 V) = 3.18 V 
Vave = 0.637V, = 0.637(4.5 V) = 2.87 V 


RELATED PROBLEM 


If V, = 25 V, determine Vpp, Vins, and Vayg for a sine wave. 


SECTION 8-2 CHECKUP 


1. Determine V,, in each case when 3. Determine the half-cycle V,yg in each case when 
(a) V, = 1 (b) Vins = 1.414 V (e) Vag = 3 V (a) V, = 10V (b) Vims = 2.3 V (c) V,, = 60 V 
2. Determine Vi, in each case when 


(a) Vp =25V (b) Vp =10V (© Vag = 15V 


9-3 ANGULAR MEASUREMENT 
OF A SINE WAVE 


As you have seen, sine waves can be measured along the horizontal axis on a time basis; how- 
ever, since the time for completion of one full cycle or any portion of a cycle is frequency- 
dependent, it is often useful to specify points on the sine wave in terms of an angular measurement 
expressed in degrees or radians. Angular measurement is independent of frequency. 


After completing this section, you should be able to 


e Describe angular relationships of sine waves 
e Show how to measure a sine wave in terms of angles 
¢ Define radian 
e Convert radians to degrees 
e Determine the phase of a sine wave 


SN A sinusoidal voltage can be produced by an alternator, which is an ac generator. 
‘rad There is a direct relationship between the rotation of the rotor in an alternator and the sine 
wave output. Thus, the angular measurement of the rotor’s position is directly related to 
A | the angle assigned to the sine wave. 


Angular Measurement 


A degree is an angular measurement corresponding to 1/360 of a circle or a complete 
FIGURE 8-18 Angular meas- revolution. A radian (rad) is the angle formed when the distance along the circumference 
urement showing relationship of a circle is equal to the radius of the circle. One radian is equivalent to 57.3°, as illus- 
of the radian to degrees. trated in Figure 8—18. In a 360° revolution, there are 277 radians. 
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The Greek letter m (pi) represents the ratio of the circumference of any circle 
to its diameter and has a constant value of approximately 3.1416. 


Scientific calculators have a m function so that the actual numerical value does not have to 
be entered. 

Table 8-1 lists several values of degrees and the corresponding radian values. These 
angular measurements are illustrated in Figure 8-19. 


TABLE 8-1 90°, 7/2 rad 


DEGREES (° ) RADIANS (RAD) 135°, 37/4 rad 


45°, 7/4 rad 


0°, Orad 


SRU, eae 360°, 27 rad 


225°, 57/4 rad 315°, 77/4 rad 


270°, 37/2 rad 


FIGURE 8-19 Angular measurements starting at 0° 
and going counterclockwise. 


Radian/Degree Conversion 


Degrees can be converted to radians using Equation 8—13. 


d 
rad = ( Tr ) Xx degrees (8-13) 


Similarly, radians can be converted to degrees with Equation 8-14. 


degrees = ( x rad (8-14) 
mra 


EXAMPLE 8-7 


(a) Convert 60° to radians. (b) Convert 7/6 radian to degrees. 


SOLUTION 


d 
(a) Rad = (= Jeo = a rad (b) Degrees 


RELATED PROBLEM 


(a) Convert 15° to radians. (b) Convert 577 /8 radians to degrees. 


Sine Wave Angles 


The angular measurement of a sine wave is based on 360° or 277 rad for a complete cycle. A 
half-cycle is 180° or 7 rad; a quarter-cycle is 90° or 7r/2 rad; and so on. Figure 8—20(a) shows 
angles in degrees over a full cycle of a sine wave; part (b) shows the same points in radians. 
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(a) Degrees (b) Radians 


FIGURE 8-20 Sine wave angles. 


Phase of a Sine Wave 


The phase of a sine wave is an angular measurement that specifies the position of that sine 
wave relative to a reference. Figure 8—21 shows one cycle of a sine wave to be used as the 
reference. Note that the first positive-going crossing of the horizontal axis (zero crossing) 
is at 0° (0 rad), and the positive peak is at 90° (7/2 rad). The negative-going zero crossing 
is at 180° (7 rad), and the negative peak is at 270° (37/2 rad). The cycle is completed at 
360° (27 rad). When the sine wave is shifted left or right with respect to this reference, 
there is a phase shift. 


Positive peak (90°) 


Negative-going 
zero crossing (180°) 


Positive-going 
zero crossing (0°) 


Negative peak (270°) 


FIGURE 8-21 Phase reference. 


Figure 8—22 illustrates phase shifts of a sine wave. In part (a), sine wave B is shifted 
to the right by 90° (a7 /2 rad) with respect to sine wave A. Thus, there is a phase angle of 
90° between sine wave A and sine wave B. In terms of time, the positive peak of sine wave 
B occurs later than the positive peak of sine wave A because time increases to the right 


(a) A leads B by 90°, or B lags A by 90°. (b) B leads A by 90°, or A lags B by 90°. 


FIGURE 8-22 Illustration of a phase shift. 
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along the horizontal axis. In this case, sine wave B is said to lag sine wave A by 90° or 77/2 
radians. In other words, sine wave A leads sine wave B by 90°. 

In Figure 8—22(b), sine wave B is shown shifted left by 90° with respect to sine wave 
A. Thus, again there is a phase angle of 90° between sine wave A and sine wave B. In this 
case, the positive peak of sine wave B occurs earlier in time than that of sine wave A; there- 
fore, sine wave B is said to lead sine wave A by 90°. In both cases there is a 90° phase 
angle between the two waveforms. 


EXAMPLE 8-8 


What are the phase angles between sine waves A and B in Figure 8—23(a) and 
8—23(b)? 


pe 


45-90 135° 


(a) (b) 
FIGURE 8-23 


SOLUTION 


In Figure 8—23(a), the zero crossing of sine wave A is at 0°, and the corresponding 
zero crossing of sine wave B is at 45°. There is a 45° phase angle between the two 
waveforms with sine wave A leading. 

In Figure 8-23(b) the zero crossing of sine wave B is at —30°, and the cor- 
responding zero crossing of sine wave A is at 0°. There is a 30° phase angle 
between the two waveforms with sine wave B leading. 


RELATED PROBLEM 


If the positive-going zero crossing of one sine wave is at 15° relative to the 0° 
reference and that of the second sine wave is at 23° relative to the 0° reference, 
what is the phase angle between the sine waves? 


When you measure the phase shift between two waveforms on an oscilloscope, you 
should align the waveforms vertically and make them appear to have the same amplitude. 
This is done by taking one of the channels out of vertical calibration and adjusting the cor- 
responding waveform until its apparent amplitude equals that of the other waveform. This 
procedure eliminates the error caused if both waveforms are not measured at 
their exact center. 


Phase 1 Phase 2 Phase 3 


Polyphase Power 


One important application of phase-shifted sine waves is in electrical power 
systems. Electrical utilities generate ac with three phases that are separated by 
120° as shown in Figure 8—24. The reference is called neutral. Normally, three- 
phase power 1s delivered to the user with four lines—three hot lines and neu- 
tral. There are important advantages to three-phase power for ac motors. 
Three-phase motors are more efficient and simpler than an equivalent single- FIGURE 8-24 Three-phase 
phase motor. Motors are discussed further in Section 8—7. power waveforms. 


120° > 120° > 120° >| 
l l I 
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Phase Converters 


Many industrial motors and other devices use three-phase 
motors, which are simpler in construction, more efficient, and 
more reliable than single-phase motors. Three-phase motors 
are particularly useful for operations that require frequent start- 
ing and stopping or reversal such as used with machine tools. 
Because of costs, some smaller industrial plants do not 
have three-phase power installed. For these plants, phase con- 


verters can supply three-phase power from a single-phase 
source. Several different technologies are available for con- 
verting single-phase to three-phase power. The solid-state 
phase converter shown here uses a digital signal processor 
(DSP) to monitor the load and generate the required three- 
phase power. If the load changes, the converter responds to 
keep constant voltage in all three phases. 


Courtesy of Phase Technologies 


The three phases can be split up by the utility Company to supply three separate single- 
phase systems. If only one of the three phases plus neutral is supplied, the result is standard 
120 V, which is single-phase power. Single-phase power is distributed to residential and 
small commercial buildings; it consists of two 120 V hot lines that are 180° out of phase 
with each other and a neutral, which is grounded at the service entrance. The two hot lines 
allow for connecting to 240 V for high-power appliances (dryers, air conditioners). 


SECTION 8-3 CHECKUP 


1. When the positive-going zero crossing of a sine wave occurs 
at 0°, at what angle does each of the following points occur? 


(a) positive peak (b) negative-going zero crossing 
(c) negative peak (d) end of first complete cycle 
2. A half cycle is completed in degrees, or radians. 


3. A full cycle is completed in degrees, or radians. 


4. Determine the phase angle between the sine waves B and C in 


Figure 8—25. 
FIGURE 8-25 


9-4 THE SINE WAVE FORMULA 


A sine wave can be graphically represented by voltage or current values on the vertical axis 
and by angular measurement (degrees or radians) along the horizontal axis. This graph can be 
expressed mathematically, as you will see. 


After completing this section, you should be able to 


e Mathematically analyze a sinusoidal waveform 
e State the sine wave formula 
e Find instantaneous values using the sine wave formula 
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A generalized graph of one cycle of a sine wave is shown in Figure 8—26. The sine wave 
amplitude, A, is the maximum value of the voltage or current on the vertical axis; angular val- 
ues run along the horizontal axis. The variable y is an instantaneous value that can represent 
either voltage or current at a given angle, 0. The symbol 0 is the Greek letter theta. 


FIGURE 8-26 One cycle of a generic sine wave showing 
amplitude and phase. 


All electrical sine waves follow a specific mathematical formula. The general expres- 
sion for the sine wave curve in Figure 8-26 is 


y = Asin0 (8-15) 


This formula states that any point on the sine wave, represented by an instantaneous value y, is 
equal to the maximum value A times the sine (sin) of the angle 0 at that point. For example, a 
certain voltage sine wave has a peak value of 10 V. The instantaneous voltage at a point 60° 
along the horizontal axis can be calculated as follows, where y = v and A = V}: 


v = V, sind = (10 V)sin 60° = (10 V)0.866 = 8.66 V 


Figure 8—27 shows this particular instantaneous value on the curve. You can find the sine 
of any angle on most calculators by first entering the value of the angle and then pressing 
the SIN key. The calculator must be in the degree mode. 


60° 90° 


FIGURE 8-27 Illustration of the instantaneous value of a 
voltage sine wave at 0 = 60°. 


Derivation of the Sine Wave Formula 


As you move along the horizontal axis of a sine wave, the angle increases and the magni- 
tude (height along the y axis) varies. At any given instant, the magnitude of a sine wave 
can be described by the values of the phase angle and the amplitude (maximum height) and 
can, therefore, be represented as a phasor quantity. A phasor quantity is one that has both 
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magnitude and direction (phase angle). A phasor is represented graphically as an arrow 
that rotates around a fixed point. The length of a sine wave phasor 1s the peak value (ampli- 
tude), and its angular position as it rotates is the phase angle. One full cycle of a sine wave 
can be viewed as the rotation of a phasor through 360°. 

Figure 8-28 illustrates a phasor rotating counterclockwise through a complete revo- 
lution of 360°. If the tip of the phasor is projected over to a graph with the phase angles 
running along the horizontal axis, a sine wave is “traced out,” as shown in the figure. At 
each angular position of the phasor, there is a corresponding magnitude value. As you can 
see, at 90° and at 270°, the amplitude of the sine wave is maximum and equal to the length 
of the phasor. At 0° and at 180°, the sine wave is equal to zero because the phasor lies 
horizontally at these points. 


180° 
Y 225° 270° 315° 360° 


0° 45° 90° 135° 


FIGURE 8-28 Sine wave represented by a rotating phasor. 


Let's examine a phasor representation at one specific angle. Figure 8—29 shows the volt- 
age phasor at an angular position of 45° and the corresponding point on the sine wave. The 
instantaneous value, v, of the sine wave at this point is related to both the position (angle) and 
the length (amplitude) of the phasor. The vertical distance from the phasor tip down to the 
horizontal axis represents the instantaneous value of the sine wave at that point. 


90° 


FIGURE 8-29 Right triangle derivation of sine wave formula, v = V, sin 6. 


Notice that when a vertical line is drawn from the phasor tip down to the horizontal axis, 
a right triangle is formed, as shown in Figure 8—29. The length of the phasor is the hypo- 
tenuse of the triangle, and the vertical projection is the opposite side. From trigonometry, the 
opposite side of a right triangle is equal to the hypotenuse times the sine of the angle 0. In this 
case, the length of the phasor is the peak value of the voltage sine wave, V,. Thus, the opposite 
side of the triangle, which is the instantaneous value, can be expressed as 


v = V sin 0 (8-16) 
This formula also applies to a current sine wave. 


i = [, sin 0 (8-17) 
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Expressions for Phase-Shifted Sine Waves 


When a sine wave is shifted to the right of the reference (lags) by a certain angle, p, (Greek 
letter phi) as illustrated in Figure 8—30(a), the general expression is 


y = Asin(0 — $) (S-18) 


where y represents instantaneous voltage or current, and A represents the peak value 
(amplitude). When a sine wave is shifted to the left of the reference (leads) by a certain 
angle, p, as shown in Figure 8—30(b), the general expression is 


y = Asin(0 + dd) (8-19) 


(a) y =A sin(@ — ø) (b) v=A sin(0 + @) 
FIGURE 8-30 Shifted sine waves. 


EXAMPLE 8-9 


Determine the instantaneous value at 90° on the horizontal axis for each voltage 
sine wave in Figure 8-31. 


FIGURE 8-31 


SOLUTION 


Sine wave A is the reference. Sine wave B is shifted left 20° with respect to A, so 
B leads. Sine wave C is shifted right 45° with respect to A, so C lags. 

va = V,sin0 = (10 V)sin 90° = 10 V 

vg = V,sin(@ + dg) = (5 V)sin(90” + 20°) = (5 V)sin 110° = 4.70 V 

ve = V,sin(@ — pc) = (8 V)sin(90° — 45°) = (8 V)sin 45° = 5.66 V 


RELATED PROBLEM 


A sine wave has a peak value of 20 V. What is the instantaneous value at +65° 
from the 0° reference? 
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SECTION 5-4 CHECKUP 


1. Determine the sine of the following angles: 2. Calculate the instantaneous value at 120° for the sine wave in 
(a) 30° Figure 8—27. 
(b) 60° 3. Determine the instantaneous value at 45° on a voltage sine 
wave that leads the zero reference by 10° (V, = 10 V). 
(c) 90° 


9-5 ANALYSIS OF AC CIRCUITS 


When a time-varying ac voltage such as a sinusoidal voltage is applied to a circuit, the circuit 
laws and power formulas that you studied earlier still apply. Ohm’s law, Kirchhoff’s laws and 
the power formulas apply to ac circuits in the same way that they apply to dc circuits. 


After completing this section, you should be able to 


e Apply the basic circuit laws to resistive ac circuits 
e Apply Ohm’s law to resistive circuits with ac sources 
e Apply Kirchhoff’s voltage law and current law to resistive circuits with ac sources 
e Determine power in resistive ac circuits 
e Determine total voltages that have both ac and de components 


Sine wave generator If a sinusoidal voltage is applied across a resistor, as shown in Figure 8-32, there 
f is a sinusoidal current. The current is zero when the voltage is zero and is maximum 

when the voltage is maximum. When the voltage changes polarity, the current reverses 

direction. As a result, the voltage and current are said to be in phase with each other. 

When you use Ohm’s law in ac circuits, remember that both the voltage and the 
current must be expressed consistently, that is, both as peak values, both as rms values, 
both as average values, and so on. 

Kirchhoff’s voltage and current laws apply to ac circuits as well as to de circuits. 
Figure 8—33 illustrates Kirchhoff s voltage law in a resistive circuit that has a sinusoidal 
voltage source. As you can see, the source voltage is the sum of all the voltage drops 
across the resistors, just as in a de circuit. 


FIGURE 8-32 A sinusoidal 
voltage produces a sinusoidal 
current. 


OZ Y 


FIGURE 8-33 Illustration of Kirchhoff”s voltage law in an ac circuit. 
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Power in resistive ac circuits is determined the same as for de circuits except that you 
must use rms values of current and voltage. Recall that the rms value of a sine wave volt- 
age 1s equivalent to a de voltage of the same value in terms of its heating effect. The gen- 
eral power formulas are restated for a resistive ac circuit as 


P = V imalini 
p — Vims 

R 
P= R 


EXAMPLE 8-10 


Determine the rms voltage across each resistor and the rms current in Figure 8-34. 
The source voltage is given as an rms value. Also, determine the total power. 


Ry 
1.0 kQ 
V, 
12.0 V 
Ry 
560 Q 
FIGURE 8-34 


SOLUTION 
The total resistance of the circuit is 

Rio = Ry + R = 1.0k0 + 5600 = 1.56k0 
Use Ohm’s law to find the rms current. 


7 _ Vs(rms) O 12.0 V 
ne Riot 1.56 kQ 


= 7.69 mA 
MULTISIM 


The rms voltage drop across each resistor is k 


Viams) = ImsR = (7.69 mA)(1.0 KQ) = 7.69 V 


Open Multisim file E08-10; 
Vms) = linka = (7.69 mA )(560 O) = 4,31 V 


files are found at www. 
pearsonhighered.com/floyd. 
Measure the rms voltage across 
each resistor and compare to 
the calculated values. Change 
the source voltage to a peak 
value of 10 V, measure each 
resistor voltage, and compare 
to your calculated values. 


The total power is 


Pro = FensRior = (7.69 mA)*(1.56kQ.) = 92.3 mW 


RELATED PROBLEM 


Repeat this example for a source voltage of 10 V peak. 


EXAMPLE 8-11 


All values in Figure 8—35 are given in rms. 


(a) Find the unknown peak voltage drop in Figure 8—35(a). 
(b) Find the total rms current in Figure 8—35(b). 
(c) Find the total power in Figure 8—35(b). 
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Ry 


(Y 10 mA R; 3mA 


(a) (b) 
FIGURE 8-35 


SOLUTION 
(a) Use Kirchhoff’s voltage law to find V3. 


V = V, + Vo + V3 
V3qms) = Vstems) ~ Viam ~ Voam = 24V — 12V -8V=4V 
Convert rms to peak. 
Vz) = 1.414V3(ms, = 1.4144 V) = 5.66 V 
(b) Use Kirchhoff’s current law to find J,,,. 
Loim = liams) + Rams = 10 MA + 3 mA = 13 mA 
(e) Pot = Vimslims = (24 W1(13 mA) = 312 mW 


RELATED PROBLEM 


A series circuit has the following voltage drops: Vigms) = 3.50 V, Voy, = 4.25 V, 
V3(avg) = 1.70 V. Determine the peak-to-peak source voltage. 


Superimposed DC and AC Voltages 


In many practical circuits, you will find both de and ac voltages combined. An example of 
this is in amplifier circuits where ac signal voltages are superimposed on dc operating volt- 
ages. Figure 8-36 shows a de source and an ac source in series. These two voltages will add 
algebraically to produce an ac voltage “riding” on a de level, as measured across the resistor. 

If Vpc is greater than the peak value of the sinusoidal voltage, the combined ac and 
de voltage is a sine wave that never reverses polarity and is therefore nonalternating. That 
is, the sine wave is riding on a dc level, as shown in Figure 8—37(a). If Vpc is less than the 
peak value of the sine wave, the sine wave will be negative during a portion of its lower 
half-cycle, as illustrated in Figure 8—37(b), and is therefore alternating. In either case, the 
sine wave will reach a maximum voltage equal to Vpc + Vp, and it will reach a minimum 
voltage equal to Voc — Vp. 


(a) Voc > Vp- The sine wave never goes (b) Voc < Vp. The sine wave reverses 
negative. polarity during a portion of its cycle. 


FIGURE 8-36 Superimposed dc and ac voltages. FIGURE 8-37 Sine waves with dc levels. 
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EXAMPLE 8-12 


Determine the maximum and minimum voltages across the resistor in each circuit 
of Figure 8-38 and show the resulting waveforms. 


(b) 
FIGURE 8-38 


SOLUTION 
In Figure 8—38(a), the maximum voltage across R is 

Vmax = Voc + Vp = 12 V + 10V = 22V 
The minimum voltage across R is 

Van = Vos ~ Vy 12V == 10 =2Y 


Therefore, Vr(ros) 18 a nonalternating sine wave that varies from +22 V to +2 V, 
as shown in Figure 8-39(a). 


V(V) 


FIGURE 8-39 


In Figure 8—38(b), the maximum voltage across R is 
Vinge = Voce +t Vp= 6V IOV = 169 
The minimum voltage across R is 
Vmin = Voc — Vp = =4V 
Therefore, Varo) 18 an alternating sine wave that varies from +16 V to —4 V, as 
shown in Figure 8-39(b). 
RELATED PROBLEM 


Explain why the waveform in Figure 8—39(a) is nonalternating but the waveform 
in part (b) is considered to be alternating. 
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SECTION 8-5 CHECKUP 


1. A sinusoidal voltage with a half-cycle average value of 12.5 V 3. What is the maximum positive value of the resulting total 


is applied to a circuit with a resistance of 330 Q. What is the voltage when a sine wave with V, = 5 V is added to a de 
peak current in the circuit? voltage of +2.5 V? 

2. The peak voltage drops in a series resistive circuit are 6.2 V, 4. Will the resulting voltage in Question 3 alternate polarity? 
11.3 V, and 7.8 V. What is the rms value of the source 5. If the de voltage in Question 3 is —2.5 V, what is the maxi- 
voltage? mum positive value of the resulting total voltage? 


8-6 ALTERNATORS (AC GENERATORS) 


An alternator is an ac generator that converts energy of motion into electrical energy. Although 
it is similar to a dc generator, the alternator is more efficient than the dc generator. Alternators 
are widely used in vehicles, boats, and other applications even when dc is the final output. 


After completing this section, you should be able to 


¢ Describe how an alternator generates electricity 
¢ Identify the main parts of an alternator, including the rotor, stator, and slip rings 
¢ Explain why the output of a rotating-field alternator is taken from the stator 
¢ Describe the purpose of the slip rings 
¢ Explain how an alternator can be used to produce dc 


Simplified Alternator 


Both the de generator and the alternator, which generates ac voltage, are based on the 
principle of electromagnetic induction that produces a voltage when there 1s relative 
motion between a magnetic field and a conductor. For a simplified alternator, a single 
rotating loop passes permanent magnetic poles. The natural voltage that is generated by a 
rotating loop is ac. In an alternator, instead of the split rings used in a de generator, solid 
rings called slip rings are used to connect to the rotor, and the output is ac. The simplest 
form of an alternator has the same appearance as a de generator (see Figure 7-37) except 
for the slip rings, as shown in Figure 8-40. 


Armature 


Pole piece 


XENA SA) 
ORAR 1) 
Es == 

Magnetic field 


FIGURE 3-40 A simplified alternator. 
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Frequency 


In the simplified alternator in Figure 8-40, each revolution of the loop produces one cycle 
of a sine wave. The positive and negative peaks occur when the loop cuts the maximum 
number of flux lines. The rate the loop spins determines the time for one complete cycle and 
the frequency. If it takes 1/60 of a second to make a revolution, the period of the sine wave 
is 1/60 of a second and the frequency is 60 Hz. Thus, the faster the loop rotates, the higher 
the frequency. 

Another way of achieving a higher frequency is to use more magnetic poles. When 
four poles are used instead of two, as shown in Figure 8—41, the conductor passes under a 
north and a south pole during one-half a revolution, which doubles the frequency. Alterna- 
tors can have many more poles, depending on the requirements; some have as many as 
100. The number of poles and the speed of the rotor determine the frequency in accordance 
with the following equation: 


Ns 
1: Fam (8-20) 


where f is the frequency in hertz, N is the number of poles, and s is the rotational speed in 
revolutions per minute. 


FIGURE 8-41 Four poles produce twice the frequency of two 
poles for the same rotational speed. 


EXAMPLE 8-13 


Assume a large alternator is turned by a turbine at 300 rpm and has 24 poles. 
What is the output frequency? 


SOLUTION 


Ns — (24)(300 rpm) 
120 120 


f= = 60 Hz 


RELATED PROBLEM 


At what speed must the rotor move to produce a 50 Hz output? 


Practical Alternators 


The single loop in our simplified alternator produces only a tiny voltage. In a practical 
alternator, hundreds of loops are wound on a magnetic core, which forms the rotor. Practi- 
cal alternators usually have fixed windings surrounding the rotor instead of permanent 
magnets. Depending on the type of alternator, these fixed windings can either provide the 
magnetic field (in which case they are called field windings) or act as the fixed conductors 
that produce the output (in which case they are the armature windings). 
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ROTATING-ARMATURE ALTERNATORS [Nn a rotating-armature alternator, 
the magnetic field is stationary and is supplied by permanent magnets or electromagnets 
operated from dc. With electromagnets, field windings are used instead of permanent mag- 
nets and provide a fixed magnetic field that interacts with the rotor coils. Power is gener- 
ated in the rotating assembly and supplied to the load through the slip rings. 

In a rotating-armature alternator, the rotor is the component from which power is 
taken. In addition to hundreds of windings, the practical rotating-armature alternator usu- 
ally has many pole pairs in the stator that alternate as north and south poles, which serve to 
increase the output frequency. 


ROTATING-FIELD ALTERNATOR The rotating-armature alternator is gener- 
ally limited to low-power applications because all output current must pass through the 
slip rings and brushes. To avoid this problem, rotating-field alternators take the output 
from the stator coils and use a rotating magnet, hence the name. Small alternators may 
have a permanent magnet for a rotor, but most use an electromagnet formed by a wound 
rotor. A relatively small amount of de is supplied to the rotor (through the slip rings) to 
power the electromagnet. As the rotating magnetic field sweeps by the stator windings, 
power is generated in the stator. The stator is therefore the armature in this case. 

Figure 8-42 shows how a rotating-field alternator can generate three-phase sine 
waves. (For simplicity, a permanent magnet is shown for the rotor.) AC is generated in 
each windings as the north pole and the south pole of the rotor alternately sweep by a 
stator winding. If the north pole generates the positive portion of the sine wave, the 
south pole will generate the negative portion; thus, one rotation produces a complete 
sine wave. Each winding has a sine wave output; but because the windings are separated 
by 120°, the three sine waves are also shifted by 120°. This produces the three-phase 
output as shown. Most alternators generate three-phase voltage because it is more effi- 
cient to produce and is widely used in industry. If the final output is dc, three-phase is 
easier to convert to dc. 


Stator winding Outputs 


Phase 1 Phase 2 Phase 3 


Phase 3 


Outputs 


FIGURE 8-42 The rotor shown is a permanent magnet that produces a strong magnetic 
field. As it sweeps by each stator winding, a sine wave is produced across that winding. 
The neutral is the reference. 


Rotor Current 


A wound rotor offers important control advantages to alternators. A wound rotor enables 
control over the strength of the magnetic field by controlling the rotor current and hence 
the output voltage. For wound rotors, dc must be supplied to the rotor. This current is usu- 
ally supplied through brushes and slip rings, which are made of a continuous ring of mate- 
rial, (unlike a commutator, which is segmented). Because the brushes need to pass only the 
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magnetizing rotor current, they last longer and are smaller than the brushes in an equiva- 
lent de generator, which pass all of the output current. 

In wound-rotor alternators, the only current through the brushes and slip rings is the 
de that is used to maintain its magnetic field. The de is usually derived from a small portion 
of the output current, which is taken from the stator and converted to dc. Large alternators, 
such as in power stations, may have a separate de generator, called an exciter, to supply 
current to the field coils. An exciter can respond very fast to changes in output voltage to 
keep the alternator’s output constant, an important consideration in high-power alterna- 
tors. Some exciters are set up using a stationary field with the armature on the rotating 
main shaft. The result is a brushless system because the exciter output is on the rotating 
shaft. A brushless system eliminates the primary maintenance issue with large alternators 
in cleaning, repairing, and replacing brushes. 


An Application 


Alternators are used in nearly all modern automobiles, trucks, tractors, and other vehicles. 
In vehicles, the output is usually three-phase ac taken from stator windings and then con- 
verted to de with diodes that are housed inside the alternator case. (Diodes are solid-state 
devices that allow current in only one direction.) Current to the rotor is controlled by a 
voltage regulator, which is also internal to the alternator. The voltage regulator keeps the 
output voltage relatively constant for engine speed changes or changing loads. Alternators 
have replaced dc generators in automobiles and most other applications because they are 
more efficient and more reliable. 

Important parts of a small alternator, such as you might find in an automobile are 
shown in Figure 8-43. Like the self-excited generator discussed in Section 7—6, the rotor 
has a small residual magnetism to begin with, so an ac voltage is generated in the stator as 
soon as the rotor starts spinning. This ac is converted to de by a set of rectifier diodes. A 
portion of the dc is used to provide current to the rotor; the rest is available for the loads. 
The amount of current required by the rotor is much less than the total current from the 
alternator, so it can easily provide the required current to the load. 


Diode plate 


Rectifier diodes 


Slip rings 


FIGURE 8-43 Simplified view of a rotor, stator, and diode plate for a 
small alternator that produces dc. 


In addition to the fact that three-phase voltage is more efficient to produce, it can 
produce a stable de output easily by using two diodes in each winding. Since vehicles 
require dc for the charging system and loads, the output of the alternator is converted to dc 
internally using a rectifier diode array mounted on a diode plate. Thus, a standard three- 
phase automotive alternator will normally have six diodes inside to convert the output to 
dc. (Some alternators have six independent stator coils and twelve diodes.) 
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Y 


AUTOMOTIVE CHARGING SYSTEM 


The schematic for a basic automotive charging system is shown in Figure 8-44. The alter- 
nator is at the heart of the system. The alternator provides ac which is rectified (changed to 
dc) by the diode array. The dc is sent to the battery through a heavy wire. 

There are normally four terminals on an alternator that are connected to the rest of the 
charging system. The terminals are labeled B, L, IG, and S. Terminal B is connected to the 
battery and carries the charging current. Terminal L is connected to the charge warning 
lamp. The charge lamp is located on the dash panel and is illuminated when there is a dif- 
ference in voltage across it; if the lamp has equal positive voltages on both sides, it is off. 
Terminal IG is connected to the run side of the ignition switch, which activates the regula- 
tor. If voltage is removed from either side of the lamp, it illuminates to indicate a problem 
with the charging system. Terminal S is a “sense” connection, which is connected to the 
battery to provide a battery voltage monitor for the voltage regulator. 
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FIGURE 8-44 A basic automotive charging system. 


SECTION 8-6 CHECKUP 


1. What two factors affect the frequency of an alternator? 3. What is an exciter? 


2. What is the advantage of taking the output from the stator ina 4. What is the purpose of the diodes in an automobile alternator? 
rotating-field alternator? 
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8-7 AC MOTORS 


Motors are electromagnetic devices that represent the most common loads for ac in power 
applications. AC motors are used to operate household appliances such as heat pumps, refrig- 
erators, washers, dryers, and vacuums. In industry, ac motors are used in many applications to 
move and process materials as well as refrigeration and heating units, machining operations, 
pumps, and much more. In this section, the two major types of ac motors, induction motors 
and synchronous motors, are introduced. 


After completing this section, you should be able to 


+ Explain how ac motors convert electrical energy into rotational motion 
e Cite the main differences between induction and synchronous motors 
e Explain how the magnetic field rotates in an ac motor 


e Explain how an induction motor develops torque 


AC Motor Classification 


The two major classifications of ac motors are induction motors and synchronous motors. 
Several considerations determine which of these types are best for any given application. 
These considerations include the speed and power requirements, voltage rating, load char- 
acteristics (such as starting torque required), efficiency requirements, maintenance require- 
ments, and operating environment (such as underwater operation or temperature). 

An induction motor is so named because a magnetic field induces current in the rotor, 
creating a magnetic field that interacts with the stator field. Normally, there is no electrical 
connection to the rotor!, so there is no need for slip rings or brushes, which tend to wear out. 
The rotor current is caused by electromagnetic induction, which also occurs in transformers 
(covered in Chapter 14), so induction motors are said to work by transformer action. 

In a synchronous motor, the rotor moves in sync (at the same rate) as the rotating 
field of the stator. Synchronous motors are used in applications where maintaining con- 
stant speed is important. Synchronous motors are not self-starting and must receive start- 
ing torque from an external source or from built-in starting windings. Like alternators, 
synchronous motors use slip rings and brushes to provide current to the rotor. 


Rotating Stator Field 


Both synchronous and induction ac motors have a similar arrangement for the stator wind- $ 
ings, which allow the magnetic field of the stator to rotate. The rotating stator field is | 
equivalent to moving a magnet in a circle except that the rotating field 1s produced electri- 
cally, with no moving parts. 

How can the magnetic field in the stator rotate 1f the stator itself does not move? The 
rotating field is created by the changing ac itself. Let’s look at a rotating field with a three- 
phase stator, as shown in Figure 8-45. Notice that one of the three phases “dominates” at 
different times. When phase 1 is at 90°, the current in the phase 1 winding is at a maximum 
and current in the other windings is smaller. Therefore, the stator magnetic field will be 
oriented toward the phase-1 stator winding. As the phase-1 current declines, the phase-2 
current increases, and the field rotates toward the phase-2 winding. The magnetic field will 
be oriented toward the phase-2 winding when current in it is a maximum. As the phase-2 
current declines, the phase-3 current increases, and the field rotates toward the phase-3 
winding. The process repeats as the field returns to the phase-1 winding. Thus, the field 
rotates at a rate determined by the frequency of the applied voltage. With a more detailed 
analysis, it can be shown that the magnitude of the field is unchanged; only the direction of 
the field changes. 


HANDS ON TIP 
New motor technology for high 
power motors will use high 
temperature superconductors 
(HTS). The new technology 
significantly reduces the size 
and weight of large motors by 
hundreds of tons. One 
application is for ships” 
propulsion motors, which will 
reduce fuel consumption and 
free up space on board. A 
49,000 HP HTS motor has 
passed initial tests for the Navy 
and will be installed in the near 
future on Navy ships. 


lAn exception is the wound-rotor motor, which is a type of large induction motor that generally has limited 
application. 
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Induced magnetic field 
Inputs from the 3-phase inputs 


Phase 1 


Phase 2 


Phase 3 


Phase 1 Phase 2 Phase 3 


Inputs 


FIGURE 8-45 The application of three phases to the stator produces a net magnetic field as 
shown by the red arrow. The rotor (not shown) moves in response to this field. 


As the stator field moves, the rotor moves in sync with it in a synchronous motor but 
lags behind in an induction motor. The rate the stator field moves is called the synchronous 
speed of the motor. 


Induction Motors 


The theory of operation is essentially the same for both single-phase and three-phase 
induction motors. Both types use the rotating field described previously, but the single- 
phase motor requires starting windings or another method to produce torque for starting 
the motor, whereas the three-phase motor is self-starting. When starting windings are 
employed in a single-phase motor, they are removed from the circuit by a mechanical cen- 
trifugal switch as the motor speeds up. 

The core of the induction motor’s rotor consists of an aluminum frame that forms the 
conductors for the circulating current in the rotor. (Some larger induction motors use cop- 
per bars.) The aluminum frame is similar in appearance to the exercise wheel for pet squir- 
rels (Common in the early 20th century), so it is aptly called a squirrel cage, illustrated in 
Figure 8-46. The aluminum squirrel cage itself is the electrical path; it is embedded within 


FIGURE 8-46 Diagram ofa Ferromagnetic 
squirrel-cage rotor. material 


Aluminum 
conductors 
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a ferromagnetic material to provide a low reluctance magnetic path through the rotor. In 
addition, the rotor has cooling fins that may be molded into the same piece of aluminum as 
the squirrel cage. The entire assembly must be balanced so that it spins easily and without 
vibrating. 


OPERATION OF AN INDUCTION MOTOR When the magnetic field from the 
stator moves across the squirrel cage of the inductor, a current 1s generated in the squirrel 
cage. This current creates a magnetic field that reacts with the moving field of the stator, 
causing the rotor to start turning. The rotor will try to “catch-up” with the moving field, but 
cannot, in a condition known as slip. Slip is defined as the difference between the synchro- 
nous speed of the stator and the rotor speed. The rotor can never reach the synchronous 
speed of the stator field because, if it did, 1t would not cut any field lines and the torque 
would drop to zero. Without torque, the rotor could not turn itself. 

Initially, before the rotor starts moving, there 1s no back emf, so the stator current 1s 
high. As the rotor speeds up, it generates a back emf that opposes the stator current. As the 
motor speeds up, the torque produced balances the load and the current is just enough to 
keep the rotor turning. The running current is significantly lower than the initial start-up 
current because of the back emf. If the load on the motor is then increased, the motor will 
slow down and generate less back emf. This increases the current to the motor and increases 
the torque it can apply to the load. Thus, an induction motor can operate over a range of 
speeds and torque. Maximum torque occurs when the rotor is spinning at about 75% of the 
synchronous speed. 


Synchronous Motors 


Recall that an induction motor develops no torque if it runs at the synchronous speed, so it 
must run slower than the synchronous speed, depending on the load. The synchronous 
motor will run at the synchronous speed and still develop the-requr'ed torque-for different 
loads. The only way to change the speed of a synchronous motor is to change the frequency. 

The fact that synchronous motors maintain a constant speed for all load conditions is 
a Major advantage in certain industrial operations and in applications where clock or tim- 
ing requirements are involved (such as a telescope drive motor or a chart recorder). In fact, 
the first application of synchronous motors was in electric clocks (in 1917). 

Another important advantage to large synchronous motors is their efficiency. 
Although their original cost is higher than a comparable induction motor, the savings in 
power will often pay for the cost difference in a few years. 


OPERATION OF A SYNCHRONOUS MOTOR Essentially, the rotating stator 
field of the synchronous motor is identical to that of an induction motor. The primary dif- 
ference in the two motors 1s in the rotor. The induction motor has a rotor that is electrically 
isolated from a supply, and the synchronous motor uses a magnet to follow the rotating 
stator field. Small synchronous motors use a permanent magnet for the rotor; larger motors 
use an electromagnet. When an electromagnet is used, de is supplied from an external 
source via slip rings as in case of the alternator. 


SECTION 8-7 CHECKUP 


1. What is the main difference between an induction motor anda 3. What is the purpose of a squirrel cage? 


synchronous motor? 
y 4. With reference to motors, what does the term slip mean? 


2. What happens to the magnitude of the rotating stator field as it 
moves? 
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Sine waves are important in electronics, but they are not the only type of ac or time-varying wave- 
form. Two other major types of waveforms are the pulse waveform and the triangular waveform. 


After completing this section, you should be able to 


e Identify the characteristics of basic nonsinusoidal waveforms 
e Discuss the properties of a pulse waveform 
¢ Define duty cycle 
e Discuss the properties of triangular and sawtooth waveforms 
e Discuss the harmonic content of a waveform 


Pulse Waveforms 


Basically, a pulse can be described as a very rapid transition (leading edge) from one volt- 
age or current level (baseline) to another level; and then, after an interval of time, a very 
rapid transition (trailing edge) back to the original baseline level. The transitions in level 
are called steps. An ideal pulse consists of two opposite-going steps of equal amplitude. 
When the leading or trailing edge is positive-going, it is called a rising edge. When the 
leading or trailing edge is negative-going, it 1s called a falling edge. 

Figure 8—47(a) shows an ideal positive-going pulse consisting of two equal but opposite 
instantaneous steps separated by an interval of time called the pulse width. Figure 8-47(b) 
shows an ideal negative-going pulse. The height of the pulse measured from the baseline is its 
voltage (or current) amplitude. Commonly, analysis is simplified by treating all pulses as ideal 
(composed of instantaneous steps and perfectly rectangular in shape). 


FIGURE 8-47 Ideal pulses. Leading (rising) edge Leading (falling) edge 
Trailing (falling) edge Trailing (rising) edge 
T y F y Baseline 
Amplitude Amplitude 


y Baseline x 


Pulse > Pulse > 
width width 


(a) Positive-going pulse (b) Negative-going pulse 


Actual pulses, however, are never ideal. Pulses cannot change from one level to 
another instantaneously. Time is always required for a transition (step), as illustrated in 
Figure 8-48(a). As you can see, there is an interval of time during which the pulse is rising 
from its lower value to its higher value. This interval is called the rise time, t,. 


Rise time is the time required for the pulse to go from 10% of its amplitude to 
90% of its amplitude. 


(a) Rise and fall times (b) Pulse width 


FIGURE 8-48  Nonideal pulse. 
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The interval of time during which the pulse is falling from its higher value to its 
lower value is called the fall time, tp. 


Fall time is the time required for the pulse to go from 90% of its amplitude to 
10% of its amplitude. 


Pulse width (tw) also requires a precise definition for the nonideal pulse because the 
leading and trailing edges are not vertical. 


Pulse width is the time between the point on the leading edge where the value 
is 50% of the amplitude and the point on the trailing edge where the value is 
50% of the amplitude. 


Pulse width is shown in Figure 8-48(b). 


REPETITIVE PULSES Any waveform that repeats itself at fixed intervals is periodic. 
Figure 8-49 shows some examples of periodic pulse waveforms. Notice that in each case, 
the pulses repeat at regular intervals. The rate at which the pulses repeat is the pulse rep- 
etition frequency, which is the fundamental frequency of the waveform. The frequency 
can be expressed in hertz or in pulses per second. The time from one pulse to the corre- 
sponding point on the next pulse is the period (T). The relationship between frequency and 
period is the same as with the sine wave, f = 1/T. 
An important characteristic of periodic pulse waveforms is the duty cycle. 


The duty cycle is the ratio of the pulse width (tw) to the period (7) and is usually 
expressed as a percentage. 


Í 
Percent duty cycle = (2) 100% (8-21) 
>| he tw 
ha] E A re 
(a) (b) 
>| | ty 
JUILILILILILILILILILILIW 
LT >| 


(c) 
FIGURE 8-49 Repetitive pulse waveforms. 


EXAMPLE 8-14 


Determine the period, frequency, and duty cycle for the pulse waveform in 


Figure 8-50. 
+ 1 pis 
|<——10 us ——>| 
FIGURE 8-50 
SOLUTION 


As indicated in Figure 8—50, the period is 
T = 10 us 
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Use Equations 8—1 and 8—21 to determine the frequency and duty cycle. 


1 
I= 5770 15 = 100 KHz 


lw 1 pus 
Percent duty cycle = | —— 1100% = | -—— 1100% = 10% 
T 10 us 


RELATED PROBLEM 


A certain pulse waveform has a frequency of 200 kHz and a pulse width of 
0.25 us. Determine the duty cycle expressed as a percentage. 


SQUARE WAVES A square wave is a pulse waveform with a duty cycle of 50%. Thus, 
the pulse width is equal to one-half of the period. A square wave is shown in Figure 8—51. 


l\“~T| YT | 


FIGURE 8-51 Square wave. 


THE AVERAGE VALUE OF A PULSE WAVEFORM The average value of 
a pulse waveform is equal to its baseline value plus the product of its duty cycle and its 
amplitude. The lower level of a positive-going waveform or the upper level of a negative- 
going waveform is taken as the baseline. The formula for average voltage is as follows: 


Vavg = baseline + (duty cycle)(amplitude) (8-22) 


The following example illustrates the calculation of the average voltage of pulse 
waveforms. 


EXAMPLE 8-15 


Determine the average voltage of each of the positive-going waveforms in Figure 8—52. 


t (ms) 


V (V) V (V) 


t (us) 


FIGURE 8-52 
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SOLUTION 
In Figure 8-52(a), the baseline is at O V, the amplitude is 2 V, and the duty cycle is 10%. The average voltage is 


Vavg = baseline + (duty cycle) (amplitude) 
= 0V + (0.1)2 V) = 0,2 V 


The waveform in Figure 8—52(b) has a baseline of +1 V, an amplitude of 5 V, and a duty cycle of 50%. The 
average voltage is 


Vavg = baseline + (duty cycle)(amplitude) 


1V + 05)5V) =1V+25V= 35V 


The waveform in Figure 8—52(c) is a square wave with a baseline of —1 V and an amplitude of 2 V. The 
duty cycle is 50%. The average voltage is 


Vavg = baseline + (duty cycle)(amplitude) 
—1 V + 05)\2V)=-1V+1V=0V 


This is an alternating square wave, and, like an alternating sine wave, it has an average voltage of zero over a full 
cycle. 
RELATED PROBLEM 


If the baseline of the waveform in Figure 8-52(a) is shifted to +1 V, what is the average voltage? 


Triangular and Sawtooth Waveforms 


Triangular and sawtooth waveforms are formed by voltage or current ramps. A ramp is a 
linear increase or decrease in the voltage or current. Figure 8—53 shows both positive- and 
negative-going ramps. In part (a), the ramp has a positive slope; in part (b), the ramp has a 
negative slope. The slope of a voltage ramp is +V/t and the slope of a current ramp is +7/t. 


==] — | 


(a) Positive ramp (b) Negative ramp 


FIGURE 8-53 Voltage ramps. 


EXAMPLE 8-16 


What are the slopes of the voltage ramps in Figure 8-54? 


V(V) V(V) 


t (ms t (ms 
(ms) a (ms) 


(a) 
Da ae ere 
(a) 


(a) (b) 
FIGURE 8-54 
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SOLUTION 


In Figure 8-54(a), the voltage increases from 0 V to +10 V in 5 ms. Thus, 
V = 10V and 1 = 5 ms. The slope is 


V 10y 
t 5 ms 


= 2 V/ms 


In Figure 8—54(b), the voltage decreases from +5 V to 0 V in 100 ms. Thus, 
V =—5 V and t = 100 ms. The slope is 
V 3. 


= = —0.05 
in meme 


RELATED PROBLEM 


A certain voltage ramp has a slope of +12 V/s. If the ramp starts at zero, what 
is the voltage at 0.01 ms? 


TRIANGULAR WAVEFORMS Figure 8-55 shows that a triangular waveform 
is composed of positive-going and negative-going ramps having equal slopes. The 
period of this waveform can be measured from one peak to the next corresponding peak, 
as illustrated. This particular triangular waveform is alternating and has an average value 
of zero. 


FIGURE 8-55 Alternating triangular waveform. 


Figure 8-56 depicts a triangular waveform with a nonzero average value. The 
frequency for triangular waves is determined in the same way as for sine waves, that is, 


f= 1/7. 


FIGURE 8-56 Nonalternating triangular waveform. 


SAWTOOTH WAVEFORMS The sawtooth waveform is actually a special case 
of the triangular waveform consisting of two ramps, one of much longer duration than the 
other. Sawtooth waveforms are used in many electronic systems. For example, a sawtooth 
waveform is used in automatic test equipment, control systems, and certain types of dis- 
plays, including analog oscilloscopes. 
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Figure 8-57 is an example of a sawtooth waveform. Notice that it consists of a positive- 
going ramp of relatively long duration, followed by a negative-going ramp of relatively 
short duration. 


<——_ T——>| 


Y 


FIGURE 8-57 Alternating sawtooth waveform. 


Harmonics 


A repetitive nonsinusoidal waveform contains sinusoidal waveforms with a fundamental 
frequency and harmonic frequencies. The fundamental frequency is the repetition rate of 
the waveform, and the harmonics are higher-frequency sine waves that are multiples of the 
fundamental. 


ODD HARMONICS Odd harmonics are frequencies that are odd multiples of the fun- 
damental frequency of a waveform. For example, a 1 kHz square wave consists of a funda- 
mental of 1 kHz and odd harmonics of 3 kHz, 5 kHz, 7 kHz, and so on. The 3 kHz frequency 
in this case is the third harmonic; the 5 kHz frequency is the fifth harmonic; and so on. 


EVEN HARMONICS Even harmonics are frequencies that are even multiples of the 
fundamental frequency. For example, if a certain wave has a fundamental of 200 Hz, the 
second harmonic is 400 Hz, the fourth harmonic is 800 Hz, the sixth harmonic is 1200 Hz, 
and so on. These are even harmonics. 


COMPOSITE WAVEFORM Any variation from a pure sine wave produces har- 
monics. A nonsinusoidal wave is a composite of the fundamental and the harmonics. Some 
types of waveforms have only odd harmonics, some have only even harmonics, and some 
contain both. The shape of the wave is determined by its harmonic content. Generally, only 
the fundamental frequency and the first few harmonics are of significant importance in 
determining the wave shape. 

A square wave is an example of a waveform that consists of a fundamental frequency 
and only odd harmonics. When the instantaneous values of the fundamental and each odd 
harmonic are added algebraically at each point, the resulting curve will have the shape of a 
square wave, as illustrated in Figure 8—58. In part (a), the fundamental and the third harmonic 


Sum 


/ 


Fundamental 


3rd harmonic 


/ dá harmonic 


y 
Py 


3rd harmonic 


(a) (b) (c) 


FIGURE 8-58 Odd harmonics combine to produce a square wave. The plot is for a continuous 
pulse that theoretically extends from —© to +00, 


£ 


HANDS ON TIP 
The frequency response of an 
oscilloscope limits the 
accuracy with which 
waveforms can be accurately 
displayed. To view pulse 
waveforms, the frequency 
response must be high enough 
for all significant harmonics of 
the waveform. For example, a 
100 MHz oscilloscope distorts 
a 100 MHz pulse waveform 
because the third, fifth, and 
higher harmonics are greatly 
attenuated. 


Fundamental + 3rd + 5th + 7th 


Ideal square wave 
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produce a wave shape that begins to resemble a square wave. In part (b), the fundamental, 
third, and fifth harmonics produce a closer resemblance. When the seventh harmonic is 
included, as in part (c), the resulting wave shape becomes even more like a square wave. As 
more harmonics are included, a square wave is approached. 


W 


ANALYZING SIGNALS IN THE 
FREQUENCY DOMAIN 


As you have learned, signals can be thought of as being composed of various sine waves. 
All waves can be broken into sine waves that are related to each other. A plot of the ampli- 
tude of the sine waves as a function of their frequency is called a frequency domain plot. 
(The domain refers to the independent variable.) The same wave can be plotted with time 
as the independent variable, which is referred to as a time domain plot. Figure 8-59 shows 
the time and frequency domain views of a periodic signal. Notice that the time domain 
view shows a summation of all of the frequencies in the signal and the frequency domain 
view breaks the signal into its constituent frequencies. 


Amplitude 


Frequency 


0° y none 


"e 


Time domain view Frequency domain view 


FIGURE 8-59 Time and frequency domain views of a signal. 


The time and frequency domains are the two principal domains for describing elec- 
tronic signals. The relationship between the time and frequency domains was first described 
mathematically by Joseph Fourier in 1807 in describing heat flow, so the conversion 
between domains is called Fourier analysis. 

The spectrum analyzer is an instrument that is widely used in radio-frequency (rf) 
and microwave systems. A spectrum analyzer breaks the signal of interest into its sinusol- 
dal components and displays these components to the user. The oscilloscope, which is 
introduced in Section 8-9, is a time domain instrument (although some specialized oscil- 
loscopes can display the frequency domain). 

Many systems use radio-frequency devices including cell phones, wireless LANs, 
certain remote controls, medical devices, and various tracking devices (for tracking pack- 
ages or even livestock!). As a result of these applications, the demand for bandwidth has 
increased significantly and so have problems with interference between various systems. 
Testing for interfering frequencies is the type of frequency domain measurement ideally 
suited to the spectrum analyzer. It is also useful for measurements of frequency, power, 
modulation, distortion, and noise levels. 
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SECTION 8-8 CHECKUP 


. What is the period of the triangular wave in Figure 8—60(b)? 


1. Define the following parameters: 


(a) rise time (b) fall time (c) pulse width . What is the frequency of the sawtooth wave in Figure 8-60(c)? 


2. Ina certain repetitive positive-going pulse waveform, the 
pulses are 200 us wide and occur once every millisecond. 
What is the frequency of this waveform? 


. Define fundamental frequency. 


Na HA AA A 


. What is the second harmonic of a fundamental frequency of 
1 kHz? 
3. Determine the duty cycle, amplitude, and average value of the 


waveform in Figure 8-60(a). 8. What is the fundamental frequency of a square wave having a 


period of 10 us? 


V V 
LON 
L L 
L Y 
t (ms t S 

0 16 32 Nue) 0 1 2 3 (45) 
(b) (c) 
FIGURE 8-60 


9-9 THE OSCILLOSCOPE 


The oscilloscope, or (scope for short) is a widely used and versatile test instrument for observing 
and measuring waveforms. 


After completing this section, you should be able to 


e Use an oscilloscope to measure waveforms 
e Recognize common oscilloscope controls 
e Measure the amplitude of a waveform 
e Measure the period and frequency of a waveform 


The oscilloscope is basically a graph-displaying device that traces a graph of a meas- 
ured electrical signal on its screen. In most applications, the graph shows how signals 
change over time. The vertical axis of the display screen represents voltage and the hori- 
zontal axis represents time. You can measure amplitude, period, and frequency of a signal 
using an oscilloscope. Also, you can determine the pulse width, duty cycle, rise time, and 
fall time of a pulse waveform. Most scopes can display at least two signals on the screen at 
one time, enabling you to observe their time relationship. Two different digital oscillo- 
scopes are shown in Figure 8-61. 
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FIGURE 8-61 Digital 
oscilloscopes. Copyright O 


Tektronix. Reproduced by permission. 


Two basic types of oscilloscopes, analog and digital, can be used to view digital 
waveforms. The older analog scope works by applying the measured waveform directly to 
control the up and down motion of the electron beam in the cathode-ray tube (CRT) as 1t 
sweeps across the screen. As a result, the beam traces out the waveform pattern on the 
screen. The digital scope converts the measured waveform to digital information by a sam- 
pling process in an analog-to-digital converter (ADC). The digital information 1s then used 
to reconstruct the waveform on the screen. 

The digital scope is more widely used than the analog scope. However, either type can 
be used in many applications; each has characteristics that make 1t more suitable for certain 
situations. An analog scope displays waveforms as they occur in “real time.” Digital scopes 
are useful for measuring transient pulses that may occur randomly or only once. Also, 
because information about the measured waveform can be stored in a digital scope, 1t may be 
viewed at some later time, printed out, or thoroughly analyzed by a computer or other means. 


Basic Operation of Analog Oscilloscopes 


To measure a voltage, a probe must be connected from the scope to the point in a circuit at 
which the voltage is present. Generally, a X10 probe is used that reduces (attenuates) the 
signal amplitude by ten. The signal goes through the probe into the vertical circuits where 
it is either further attenuated (reduced) or amplified depending on the actual amplitude and 
on where you set the vertical control of the scope. The vertical circuits then drive the verti- 
cal deflection plates of the CRT. Also, the signal goes to the trigger circuits that trigger the 
horizontal circuits to initiate repetitive horizontal sweeps of the electron beam across the 
screen using a sawtooth waveform. There are many sweeps per second so that the beam 
appears to form a solid line across the screen in the shape of the waveform. This basic 
operation is illustrated in Figure 8-62. 


FIGURE 8-62 Block diagram 
of an analog oscilloscope. Oscilloscope 


Vertical circuits 


pea 


Probe 
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sÀ 
jas 


Board under test 


Trigger circuits Horizontal circuits 
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Basic Operation of Digital Oscilloscopes 


Some parts of a digital scope are similar to the analog scope. However, the digital scope is 
more complex than an analog scope and typically has an LCD screen rather than a CRT. 
Rather than displaying a waveform as it occurs, the digital scope first acquires the meas- 
ured analog waveform and converts it to a digital format using an analog-to-digital con- 
verter (ADC). The digital data is stored and processed. The data then goes to the 
reconstruction and display circuits for display in its original analog form. Figure 8-63 
shows a block diagram for a digital oscilloscope. 


Oscilloscope 
Vertical circuits 


Acquisition circuits 


Processing 


1010011010 


1010011010 Reconstruction 


and display 
circuits 


Trigger circuits Horizontal circuits 


Board under test 


FIGURE 8-63 Block diagram of a digital oscilloscope. 


Oscilloscope Controls 


A front panel view of a typical dual-channel oscilloscope is shown in Figure 8—64. Instru- 
ments vary depending on model and manufacturer, but most have certain common features. 


SAVE/RECALL 


L 


UTILIT 


< 


HORIZONTAL 


(| POSITION 


VOLTS/DIV 


FORCE TRIGGER 


ó0606c 


PROBE COMP (6 EXT TRIG 


FIGURE 8-64 A typical dual-channel oscilloscope. Numbers below screen indicate the values for 
each division on the vertical (voltage) and horizontal (time) scales and can be varied using the 
vertical and horizontal controls on the scope. 


: 
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For example, the two vertical sections contain a Position control, a channel menu button, 
and a Volts/Div control. The horizontal section contains a Sec/Div control. 

Some of the main controls are now discussed. Refer to the user manual for complete 
details of your particular scope. 


VERTICAL CONTROLS [In the Vertical section of the scope in Figure 8-64, there 
are identical controls for each of the two channels (CH1 and CH2). The position control 
lets you move a displayed waveform up or down vertically on the screen. The Menu button 
provides for the selection of several items that appear on the screen, such as the coupling 
modes (ac, dc, or ground) and coarse or fine adjustment for the Volts/Div. The Volts/Div 
control adjusts the number of volts represented by each vertical division on the screen. The 
Volts/Div setting for each channel is displayed on the bottom of the screen. The Math 
Menu button provides a selection of operations that can be performed on the input wave- 
forms, such as subtraction and addition of signals. 


HORIZONTAL CONTROLS In the Horizontal section, the controls apply to both 
channels. The Position control lets you move a displayed waveform left to right horizontally 
on the screen. The Horizontal Menu button provides for the selection of several items that 
appear on the screen such as the main time base, expanded view of a portion of a waveform, 
and other parameters. The Sec/Div control adjusts the time represented by each horizontal 
division or main time base. The Sec/Div setting 1s displayed at the bottom of the screen. 


TRIGGER CONTROLS In the Trigger section, the Level control determines the 
point on the triggering waveform where triggering occurs to initiate the sweep to display 
input waveforms. The Trigger Menu button provides for the selection of several items that 
appear on the screen including edge or slope triggering, trigger source, trigger mode, and 
other parameters. There is also an input for an external trigger signal. 

Triggering stabilizes a waveform on the screen and properly triggers on a pulse that 
occurs only one time or randomly. Also it allows you to observe time delays between two 
waveforms. Figure 8-65 compares a triggered to an untriggered signal. The untriggered 
signal tends to drift across the screen producing what appears to be multiple waveforms. 


(a) Untriggered waveform display (b) Triggered waveform display 


FIGURE 8-65 Comparison of an untriggered and a triggered waveform on an 
oscilloscope. 


COUPLING A SIGNAL INTO THE SCOPE Coupling is the method used to 
connect a signal voltage to be measured into the oscilloscope. The DC and AC coupling 
modes are selected from the Vertical menu. DC coupling allows a waveform including its 
dc component to be displayed. AC coupling blocks the dc component of a signal so that 
you see the waveform centered at 0 V. The Ground mode allows you to connect the chan- 
nel input to ground to see where the 0 V reference is on the screen. Figure 8—66 illustrates 
the result of DC and AC coupling using a sinusoidal waveform that has a dc component. 
The voltage probe, shown in Figure 8—67, is used for connecting a signal to the scope. 
Since all instruments tend to affect the circuit being measured due to loading, most scope 
probes provide an attenuation network to minimize loading effects. Probes that attenuate 
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(a) DC coupled waveform (b) AC coupled waveform 


FIGURE 8-66 Displays of the same waveform having a dc component. 


the measured signal by a factor of 10 are called X10 (times ten) probes. Probes with no 
attenuation are called X1 (times one) probes. Most oscilloscopes automatically adjust the 
calibration for the attenuation of the type of probe being used. For most measurements, the 
X10 probe should be used. However, if you are measuring very small signals, a X1 may be 
the best choice. 


FIGURE 8-67 An oscilloscope 
voltage probe. Copyright © 
Tektronix, Inc. Reproduced by 


permission. 


The probe has an adjustment that allows you to compensate for the input capacitance 
of the scope. Most scopes have a probe compensation output that provides a calibrated 
Square wave for probe compensation. Before making a measurement, you should make 
sure that the probe is properly compensated to eliminate any distortion introduced. Typi- 
cally, there is a screw or other means of adjusting compensation on a probe. Figure 8-68 
shows scope waveforms for three probe conditions: properly compensated, undercompen- 
sated, and overcompensated. If the waveform appears either over- or undercompensated, 
adjust the probe until the properly compensated square wave is achieved. 


013/12/10 12.27.66.5 


Properly compensated Undercompensated Overcompensated 


FIGURE 8-68 Probe compensation conditions. 
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EXAMPLE 8-17 


Determine the peak-to-peak value and period of each sine wave in Figure 8—69 from the digital scope screen 
displays and the settings for Volts/Div and Sec/Div, which are indicated under the screens. Sine waves are cen- 
tered vertically on the screens. 


| Ch1 0.5V 2ms Ch1 50mv 0.1ms 


~ 


(a) (b) 


(c) (d) 


SOLUTION 
Looking at the vertical scale in Figure 8-69(a), 

Vip = 6 divisions X 0.5 V/division = 3.0 V 
From the horizontal scale (one cycle covers ten divisions), 


20 ms 


T = 10 divisions X 2 ms /division 
Looking at the vertical scale in Figure 8—69(b), 
Vip = 5 divisions X 50 mV/division = 250 mV 
From the horizontal scale (one cycle covers six divisions), 
T = 6 divisions X 0.1 ms/division = 0.6 ms = 600 ps 


Looking at the vertical scale in Figure 8—69(c), 


Vpp = 6.8 divisions X 2 V/division = 13.6 V 
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From the horizontal scale (one-half cycle covers ten divisions), 
T = 20 divisions X 10 us /division = 200 ps 
Looking at the vertical scale in Figure 8—69(d), 


V 


pp = 4 divisions X 5 V/division = 20 V 


From the horizontal scale (one cycle covers two divisions), 


T = 2divisions X 2 us/division = 4 us 


RELATED PROBLEM 


Determine the rms value and the frequency for each waveform displayed in Figure 8-69. 


SECTION 3-9 CHECKUP 


1. What is the main difference between a digital and an analog 4. What does the Sec/Div control on an oscilloscope do? 


scillos ? 
a sad 5. When should you use a X10 probe for making a voltage 


2. Is voltage read horizontally or vertically on a scope screen? measurement? 


3. What does the Volts/Div control on an oscilloscope do? 


8-10 SIGNAL SOURCES 


The function generator was introduced in Section 8-1. In this section, we’ll look in more depth 
at function generators and other signal sources, which are commonly used for testing circuits. 
The function generator is found at nearly every electronic workbench. Other signal sources 
include specialized generators and digital pattern generators. 


After completing this section, you should be able to 


e Describe the types of signal sources and explain the purpose of typical controls 
e Discuss types of signal sources and their application 
e Describe important specifications for signal sources 


e Describe the function selection, frequency/amplitude adjustment controls, and the de 
offset/duty cycle control for a typical function generator 


Types of Signal Sources 


Signals can be generated from a variety of low-power electronic instruments, ranging from 
basic sine wave oscillators to generators that have a selection of waveforms including sine 
waves, ramps, pulses and even arbitrary waveforms from specialized generators. Except 
for low-end instruments, the output frequency and amplitude are calibrated and can be 
varied over a specified range. Instruments for producing waveforms for test are generally 
categorized as low frequency, radio frequency, and microwave. Traditionally, low-frequency 
generators extend from de to about 1 MHz. Radio-frequency sources generally fall in the 
region from 100 kHz to 1 GHz, and microwave sources are from 1 GHz up. The wide vari- 
ety of generators on the market has blurred the distinction between these traditional ranges; 
the range may vary depending on the wave shape. 
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Some important types of signal sources are function generators, arbitrary function gen- 
erators (AFGs), signal generators (sometimes referred to as rf generators), swept-frequency 
oscillators (or sweepers), pulse generators, and digital-pattern generators (DPGs). 


Function generators Function generatorsuse a free-running oscillator to provide a selec- 
tion of sine, square, and triangle waveforms in a single instrument. Function generators 
may also produce pulses, ramps, and other waveforms. 


Arbitrary function generators (AFGs) Arbitrary function generators are the most versa- 
tile signal generators. They are digital synthesizers that allow the user to create custom wave- 
forms from a mathematical formula, a captured waveform, or simulation software. AFGs 
create an analog waveform using a controller and a digital-to-analog converter (DAC). 


Signal generators Signal generators produce high-frequency sine waves and modulated 
sine waves. A large variety of signal generators are available with frequencies that go from 
dc to microwave, and many use frequency synthesizers to generate precise waveforms. A 
frequency synthesizer generates waveforms digitally from a fixed-reference oscillator. 


Swept-frequency oscillators Swept-frequency oscillators generate a sine wave output 
that varies at a cyclic rate between two selected frequencies. They allow the user to view 
signals directly in the frequency domain. Some models produce a logarithmic or other 
nonlinear sweep output. 


Pulse generators Pulse generators are specialized instruments for producing pulses with 
fast rise times over a wide frequency range and with varying duty cycles. They frequently 
have outputs for specific logic levels. Most pulse generators allow the user to control a 
variety of pulse parameters, such as amplitude, rise time, offsets, triggering, and polarity. 
In addition, some units produce2piilse paltsiand trains. 

Digital-pattern generators (DPGs) Digital-pattern generators produce a digital sequence 
for testing digital equipment. Some DPGs can generate a series of standard test patterns for 
performance checks. 


Swept-Frequency Measurements 


Many times a system needs to be tested for its frequency response. Swept-frequency oscilla- 
tors are a type of signal generator that has an output that can be set for a given range depending 
on the system under test. For example, a radar transmitter may have multiple stages that need 
to work together to produce a desired output. The frequencies are in the microwave region, so 


the generator is a specialized microwave oscillator. 

A swept-frequency oscillator can generate a small high-frequency signal that is used for 
tuning purposes. The response is converted to a signal that can be observed on an oscilloscope 
while the system is tuned in real time. 


“tute 


Specifications for Signal Generators 


The most important specifications for signal generators are those for mode, frequency 
range, spectral purity, amplitude range, modulation, and output impedance. These param- 
eters are discussed here: 


Mode The mode is a specification of signal types that can be output. Specialized genera- 
tors may only have one mode, such as a sine wave. Function generators will have several 
modes (waveform types) to choose from. Typically these are sine, square, triangle, posi- 
tive and negative pulse, and positive and negative ramps. The duty cycle, which is the on/ 
off time for a pulse, may be adjustable. 


Frequency range This is the span of frequencies over which instrument performance is 
specified. Accuracy and resolution limits are also generally given with the frequency range 
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specification. The accuracy specification depends on the internal oscillator’s accuracy as 
well as the type of dial controls (mechanical or digital). A precise digital control is of little 
value if the internal oscillator is not accurate, nor is it meaningful to have an accurate oscil- 
lator if the control is an imprecise mechanical dial. 


Spectral purity Recall that a pure sine wave consists of a single fundamental line in the 
frequency domain. One type of distortion called phase noise can broaden the fundamental 
line, meaning the signal is not a pure sine wave. Another distortion is called harmonic 
distortion, which means multiples of the fundamental frequency are present in the output. 
These and other noise sources can create problems with certain system tests, particularly 
for verifying communication equipment. Even if the equipment is working properly, a 
signal generator with distortion can make the circuit under test to look worse than it 1s. 


Amplitude range This specification gives the output voltage amplitude range or the max- 
imum and minimum power delivered to a specified load. In addition to the ac voltage 
amplitude range, output specifications include the de offset range as well as the accuracy, 
resolution, and flatness of the output across the frequency range. A related adjustment 1s 
the amount of dc offset. The dc offset range is either a positive or negative dc voltage that 
can be added to the output; it is typically a variable amount up to about 10 V. 


Modulation Modulation is the process in which a signal containing information is used to 
modify the characteristic of another signal, such as amplitude frequency or pulse width, so 
that the information on the first is also contained in the second. A signal generator with 
modulation allows the user to change a high-frequency waveform (called a carrier in com- 
munications systems) by a lower-frequency waveform called the modulating signal. The 
modulation signal can be supplied from an external source or may be generated within the 
generator; typically, a sine, square, triangle, or ramp can be selected as the modulation 
signal. The parameter being modulated can be the high-frequency signal’s amplitude, fre- 
quency, or phase. The various modulation methods are useful for testing the performance 
of different communication systems. 


Output impedance No matter how complicated the internal circuitry, signal generators 
can be modeled as a Thevenin circuit, which consists of a voltage source in series with a 
resistance. The output impedance is equivalent to the resistance in series with an ideal 
source. Generators are normally marked with the output impedance on the output terminals. 
Typical values are 50 O, 75 Q, or 600 ©. Keep in mind that connecting a load to a source 
that has a finite output resistance will change the output voltage amplitude of the generator. 

The change in output voltage amplitude can affect the desired measurement to the 
point of making it meaningless if it is not taken into account. For example, to measure the 
frequency response of a circuit without having the generator affect the results, the ampli- 
tude must be maintained at a constant value from the generator. The output of the circuit 
under test is monitored while the frequency is changed. Each change in frequency changes 
the input impedance of the amplifier and causes a different loading effect to occur. To 
prevent input loading from affecting the output, the amplitude of the generator should be 
readjusted to the same value each time a new frequency is tested. 


Waveform Modes 


Depending on the complexity, waveform generators can have from one to several wave- 
form modes from which to choose. Common waveform modes are as follows. 


e Continuous The output is steady at a specific frequency, amplitude, and offset. This 
is the basic output of signal generators. 


e Triggered The output is initiated by an internal or external (user-supplied) trigger. 
The trigger can be generated by external equipment, a manual pushbutton, or sent 
over a control bus. 


e Burst This is the same as the triggered mode, except the output is programmed for a 
specific number of cycles at a time, which can be repeated as set by a separate oscil- 
lator. The burst can be triggered manually or with a command in programmable 
instruments. 
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e Gated The output is enabled for the duration of an external gate signal. 


e Swept The frequency of the output changes in some predetermined way. Sweeps 
can be triggered or programmed (start-and-stop frequency), linear, or logarithmic. 


e Modulation The output is modulated by an internal or external waveform. Modu- 
lated outputs are useful for testing communication systems. 


The Basic Function Generator 


Function generators are characterized by the various waveforms they produce; they all pro- 
duce sine, square, and triangle waves and may also include pulses and ramp (sawtooth) 
waveforms. Sine and square waves are commonly used for general-purpose testing of cir- 
cuits such as amplifiers. Pulses that have a duty cycle that is not near 50% are useful for 
digital testing because it is easy to tell if the pulses have been inverted; they don’t have the 
same appearance when inverted as when not. (If a square wave is inverted, it still looks like 
a square wave.) A versatile function generator is the Agilent 33220A, shown in Figure 8—70. 
This generator includes more functions than a basic generator, such as the ability to store 
waveforms in a memory. To set up a standard waveform on the Agilent 33220A, you can 
set the controls as indicated in the figure. 


Me Ani 33220A 
EN Agilent 20M Function y Arpita 


20.000 OOMHz y% 


Mire MN dao ee 
Period Hi eve ol eve 


Press the power switch to turn on power. 


2. Choose a function switch to select the type of waveform (sinusoidal, pulse, etc.). 
The function key will be lighted. 


UY 


Use graph mode to view all setup parameters at once. 
4. Select a pushbutton to adjust a function (frequency, amplitude, etc.) 
z 


Adjust the selected function with the keypad or the circular knob. 


FIGURE 8-70 The Agilent 33220A function generator. (© Agilent Technologies, Inc. 
2012, Reproduced with Permission, Courtesy of Agilent Technologies, Inc.) 


An option for function generators is a display. Some models do not include a display, 
and the user verifies the generator signal using an oscilloscope. Others, such as the Agilent 
33220A have a digital readout that indicates the precise frequency (or period), offset, etc. 
and shows a visual indication of the waveform mode. It also has a graph mode that shows 
a graphical view of the selected waveform with a soft key menu of available parameters 
that can be displayed (frequency, period, rise time, etc.). 

Function generators often have outputs that are designed for testing digital systems. 
Digital systems are characterized by two voltage levels, called HIGH and LOW, which are 
determined by the type of logic to be tested. The pulse output may be set by the manufac- 
turer or may be set by the user depending on the generator. Digital systems use fast signals, 
so the rise time specification is important. This specification is the time required for the 
signal to make a 10% to 90% change in the output level. 
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Another option available for function generators is the ability to control the output 
with a computer or controller. This is particular useful in automatic test systems. The sys- 
tem can change the output based on the particular requirements for a test. 


EXAMPLE 8-18 


Assume a function generator is showing the signal shown on the oscilloscope 
display in Figure 8—71. The oscilloscope controls are set as shown. Determine the 
type of waveform that is selected on the function generator, the frequency setting, 
and the peak-to-peak amplitude. Often the peak-to-peak is the simplest measure- 
ment with an oscilloscope and, as the name implies, is measured between the 
maximum excursions of the waveform. 


FIGURE 8-71 The horizontal axis 
represents 0 V. 


SOLUTION 


The waveform that is selected is a triangle wave. 
The period is 


T = (10div)(0.1 us/div) = 1.0 us 


The frequency setting is 


1 
= = = 1.0 MH 
J T S 


The peak-to-peak amplitude is 
Vop = (6.0 div)(20 mV /div) = 1.20 V,, 


RELATED PROBLEM 


What setting of de offset will produce a triangle waveform that goes from 0 V to 
1.20 V? (With no dc offset, the waveform is centered on O V.) 


SECTION 8-10 CHECKUP 


fe Y i 


A 1a e of signals can be generated with an arbitrary0238262 2033/ WHY 1s2soeótrál purity important for a function generator? 
1. What type of signal be g ted witl bitrary6238262 2033/WMy i2PE61 A p portant for a function g tor? 


function generator? 
S 4. What is modulation? 


2. What is a swept-frequency oscillator? . E 
pred Á 5. What is burst mode for a function generator? 
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SUMMARY 


e The sine wave is a time-varying, periodic waveform. 

e The sine wave is the fundamental type of alternating current (ac) and alternating voltage. 

e Alternating current changes direction in response to changes in the polarity of the source voltage. 
e One cycle of an alternating sine wave consists of a positive alternation and a negative alternation. 


e The average value of a sine wave determined over one half-cycle is 0.637 times the peak value. 
The average value of a sine wave determined over a full cycle is zero. 


e A full cycle of a sine wave is 360°, or 27 radians. A half-cycle is 180°, or 7 radian. A quarter- 
cycle is 90° or 7/2 radians. 


e Phase angle is the difference in degrees (or radians) between two sine waves or between a sine 
wave and a reference wave. 


e The angular position of a phasor represents the angle of a sine wave, and the length of the phasor 
represents the amplitude. 


e Voltages and currents must all be expressed with consistent units when you apply Ohm’s or 
Kirchhoff’ s laws in ac circuits. 


e Power in aresistive ac circuit is determined using rms voltage and/or current values. 


e Alternators (ac generators) produce power when there is relative motion between a magnetic field 
and a conductor. 


e Most alternators take the output from the stator. The rotor provides a moving magnetic field. 
e Two major types of ac motors are induction motors and synchronous motors. 

e Induction motors have a rotor that turns in response to a rotating field from the stator. 

e Synchronous motors move at a constant speed in sync with the field of the stator. 


e A pulse consists of a transition from a baseline level to an amplitude level, followed by a transi- 
tion back to the baseline level. 


e A triangular or sawtooth wave consists of positive-going and negative-going ramps. 


e Harmonic frequencies are odd or even multiples of the repetition rate (or fundamental frequency) 
of a nonsinusoidal waveform. 


e Conversions of sine wave values are summarized in Table 8-2. 


TABLE 8-2 
TO CHANGE FROM TO MULTIPLY BY 


Peak rms 0.707 
Peak Peak-to-peak 2 


Peak Average 0.637 


rms Peak 1.414 
Peak-to-peak Peak 0.5 
Average Peak 1.57 


e Signal sources include function generators and a number of specialized instruments. 


e Key specifications for signal generators include mode, frequency range, spectral purity, amplitude 
range, modulation, and output impedance. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 
Alternator An ac generator, alternators convert mechanical energy to electrical energy. 
Amplitude The maximum value of a voltage or current. 


Cycle One repetition of a periodic waveform. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


KEY FORMULAS 369 


Degree The unit of angular measure corresponding to 1/360 of a complete revolution. 


Duty cycle A characteristic of a pulse waveform that indicates the percentage of time that a pulse 
is present during a cycle; the ratio of pulse width to period expressed as either a fraction or as a 
percentage. 


Fall time (t) The time interval required for a pulse to change from 90% to 10% of its amplitude. 


Frequency (f) A measure of the rate of change of a periodic function; the number of cycles com- 
pleted in 1 s. The unit of frequency is the hertz. 


Function generator An instrument that produces more than one type of waveform. 
Fundamental frequency The repetition rate of a waveform. 


Harmonics The frequencies contained in a composite waveform, which are integer multiples of 
the pulse repetition frequency (fundamental). 


Hertz (Hz) The unit of frequency. One hertz equals one cycle per second. 
Induction motor An ac motor that achieves excitation to the rotor by transformer action. 
Instantaneous value The voltage or current value of a waveform at a given instant in time. 


Modulation The process in which a signal containing information is used to modify the character- 
istics of another signal such as amplitude frequency or pulse width so that the information on the first 
is also contained in the second. 


Oscillator An electronic circuit that produces a repetitive waveform on its output with only the de 
supply voltage as an input. 


Oscilloscope A measurement instrument that displays signal waveforms on a screen. 


Peak-to-peak value The voltage or current value of a waveform measured from its minimum to its 
maximum points. 


Peak value The voltage or current value of a waveform at its maximum positive or negative points. 
Period (T) The time interval of one complete cycle of a periodic waveform. 
Periodic Characterized by a repetition at fixed-time intervals. 


Phase The relative angular displacement of a time-varying waveform in terms of its occurrence 
with respect to a reference. 


Pulse A type of waveform that consists of two equal and opposite steps in voltage or current sepa- 
rated by a time interval. 


Pulse width (fw) The time interval between the opposite steps of an ideal pulse. For a nonideal 
pulse, the time between the 50% points on the leading and trailing edges. 


Radian A unit of angular measurement. There are 277 radians in one complete 360° revolution. 
One radian equals 57.3°. 


Ramp A type of waveform characterized by a linear increase or decrease in voltage or current. 
Rise time (t,) The time interval required for a pulse to change from 10% to 90% of its amplitude. 


rms value The value of a sinusoidal voltage that indicates its heating effect, also known as the 
effective value. It is equal to 0.707 times the peak value. rms stands for root mean square. 


Sine wave A type of waveform that follows a cyclic sinusoidal pattern defined by the formula 
v = Asiné. 


Slip The difference between the synchronous speed of the stator field and the rotor speed in an 
induction motor. 


Squirrel cage An aluminum frame within the rotor of an induction motor that forms the electrical 
conductors for a rotating current. 


Synchronous motor An ac motor in which the rotor moves at the same rate as the rotating mag- 
netic field of the stator. 


Waveform The pattern of variations of a voltage or current showing how the quantity changes 
with time. 


KEY FORMULAS 
8-1) f= 


Frequency 


(8-2) T = Period 
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(8-3) Vip = 2V, Peak-to-peak voltage (sine wave) 
(8-4) Ipp = 2p Peak to peak current (sine wave) 
(8-5) Vims = 0.707V, Root-mean-square voltage (sine wave) 
(8—6) Tims = 0.7071, Root-mean-square current (sine wave) 
(8-7) V, = 1.414Vins Peak voltage (ste wave) 
(8-8) I, = 1.414 1 0ms Peak current (sine wave) 
(S-9) Vip = 2.828Vims Peak-to-peak voltage (sine wave) 
(8-10) Ipp = 2.8281 55 Peak-to-peak current (sine wave) 
(8-11) = Vayg = 0.637V, Half-cycle average voltage (sine wave) 
(8-12)  Iavg = 0.6371, Half-cycle average current (sine wave) 
(8-13) rad = ( am) X degrees Degrees to radian conversion 
(8-14) degrees = ( el x rad Radian to degrees conversion 

m rad 
(8-15) y= Asinó0 General formula for a sine wave 
(8-16) v = V, sinó Sinusoidal voltage 
(8-17) i= IJ,sn0 Sinusoidal current 
(8-18) y = Asin(0 — dp) Lagging sine wave 
(8-19) y = Asin(0 + dp) Leading sine wave 
(8-20) f= = Output frequency of an alternator 
(8-21) Percent duty cycle = (21005 Duty cycle 


(8-22)  Vavg = baseline + (duty cycle)(amplitude) Average voltage of pulse waveform 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 


The period of a 60 Hz sine wave is 16.7 ms. 

The rms and average value of a sine wave are the same. 

A sine wave with a peak value of 10 V has the same heating effect as a 10 V de source. 
The peak value of a sine wave is the same as its amplitude. 


The number of radians in 360° is 277. 


. Ina three-phase electrical system, the phases are separated by 60°. 

. The purpose of an exciter is to supply de rotor current to an alternator. 

. In an automotive alternator, the output current is taken from the rotor through slip rings. 
. A maintenance issue with induction motors is brush replacement. 

. Asynchronous motor can be used when constant speed is required. 

. Clamp meters are available that can measure dc. 


. The purpose of the diode array in an automobile alternator is to convert dc to ac. 
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SELF-TEST 


Answers are at the end of the chapter. 


1. The difference between alternating current (ac) and direct current (dc) is 
(a) ac changes value and dc does not (b) ac changes direction and de does not 
(c) both (a) and (b) (d) neither (a) nor (b) 

2. During each cycle, a sine wave reaches a peak value 


(a) one time (b) two times (c) four times 
(d) a number of times depending on the frequency 


3. A sine wave with a frequency of 12 kHz is changing at a faster rate than a sine wave with a 
frequency of 
(a) 20 kHz (b) 15,000 Hz (c) 10,000 Hz (d) 1.25 MHz 


4. A sine wave with a period of 2 ms is changing at a faster rate than a sine wave with a period of 
(a) 1 ms (b) 0.0025 s (e) 1.5 ms (d) 1000 us 


5. When a sine wave has a frequency of 60 Hz, in 10 s it goes through 
(a) 6 cycles (b) 10 cycles (e) 1/16 cycle (d) 600 cycles 


6. Ifthe peak value of a sine wave is 10 V, the peak-to-peak value is 
(a) 20 V (b) 5V (e) 100 V (d) none of these 


7. Ifthe peak value of a sine wave is 20 V, the rms value is 
(a) 14.14 V (b) 6.37 V (e) 7.07 V (d) 0.707 V 


8. The average value of a 10 V peak sine wave over one complete cycle is 
(a) OV (b) 6.37 V (e) 7.07 V (d) 5V 


9. The average half-cycle value of a sine wave with a 20 V peak is 
(a) OV (b) 6.37 V (e) 12.74 V (d) 14.14 V 


10. One sine wave has a positive-going zero crossing at 10° and another sine wave has a positive- 
going zero crossing at 45°. The phase angle between the two waveforms is 


(a) 55° (b) 35° (e) 0° (d) none of these 

11. The instantaneous value of a 15 A peak sine wave at a point 32° from its positive-going zero 
crossing is 
(a) 7.95 A (b) 7.5A (e) 2.13 A (d) 7.95 V 


12. Ifthe rms current through a 10 kQ resistor is 5 mA, the rms voltage drop across the resistor is 
(a) 70.7 V (b) 7.07 V (ce) 5V (d) 50 V 
13. Two series resistors are connected to an ac source. If there is 6.5 V rms across one resistor and 


3.2 V rms across the other, the peak source voltage is 
(a) 9.7 V (b) 9.19 V (e) 13.72 V (d) 4.53 V 


14. An advantage of a three-phase induction motor is that it 


(a) maintains constant speed for any load (b) does not require starting windings 
(e) has a wound rotor (d) all of the above 


15. The difference in the synchronous speed of the stator field and the rotor speed of a motor is 
called 


(a) differential speed (b) loading (c) lag (d) slip 


16. A 10 kHz pulse waveform consists of pulses that are 10 us wide. Its duty cycle is 
(a) 100% (b) 10% (c) 1% (d) not determinable 


17. The duty cycle of a square wave 
(a) varies with the frequency (b) varies with the pulse width 
(c) both (a) and (b) (d) is 50% 
18. A waveform mode that changes the output between a start-and-stop frequency is called 


(a) triggered (b) burst 
(c) swept (d) modulation 
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TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


Determine the cause for each set of symptoms. Refer to Figure 8-72. 


FIGURE 8-72 The ac meters indicate the correct 
readings for this circuit. 


1. Symptom: The voltmeter | reading is 0 V, and the voltmeter 2 reading is 20 V. 
Cause: 
(a) Ry, is open. (b) R, is open. (e) R3 is open. 

2. Symptom: The voltmeter 1 reading is 20 V, and the voltmeter 2 reading is 0 V. 
Cause: 
(a) R, is open. (b) R, is shorted. (e) R3 is shorted. 

3. Symptom: The voltmeter 1 reading is 18.2 V, and the voltmeter 2 reading is 1.8 V. 
Cause: 
(a) R, is open. (b) R» is open. (e) R¡ is shorted. 

4. Symptom: Both voltmeter readings are 10 V. 
Cause: 
(a) Ry is open. (b) R; is shorted. (e) R, is open. 

5. Symptom: The voltmeter | reading is 16.7 V, and the voltmeter 2 reading is 3.3 V. 


Cause: 
(a) R, is shorted. (b) Ro is 10kQ instead of 1 KQ. (e) R3z is 10k0 instead of 1 KQ. 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 


SECTION 8-1 The Sinusoidal Waveform 


1. Calculate the frequency for each of the following periods: 
(a) ls (b) 0.2 s (c) 50 ms (d) 1 ms (e) 500 us (£) 10 us 


2. Calculate the period for each of the following frequencies: 
(a) 1 Hz (b) 60 Hz (e) 500 Hz (d) 1 kHz (e) 200 kHz (1) 5 MHz 


3. A sine wave goes through 5 cycles in 10 us. What is its period? 
4. A sine wave has a frequency of 50 kHz. How many cycles does it complete in 10 ms? 


5. How long does it take a 10 kHz sine wave to complete 100 cycles? 
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SECTION 8-2 Voltage and Current Values of Sine Waves 


6. A sine wave has a peak value of 12 V. Determine the following voltage values: 
(a) rms (b) peak-to-peak (c) half-cycle average 

7. A sinusoidal current has an rms value of 5 mA. Determine the following current values: 
(a) peak (b) half-cycle average (c) peak-to-peak 

8. For the sine wave in Figure 8—73, determine the peak, peak-to-peak, rms, and half-cycle aver- 
age values. 


9. If each horizontal division in Figure 8—73 is 1 ms, determine the instantaneous voltage value at 
(a) 1 ms (b) 2 ms (c) 4 ms (d) 7 ms 


FIGURE 8-73 


SECTION 8-3 Angular Measurement of a Sine Wave 


10. In Figure 8—73, what is the instantaneous voltage at 
(a) 45° (b) 90° (c) 180° 


11. Sine wave A has a positive-going zero crossing at 30° from a reference. Sine wave B has a 
positive-going zero crossing at 45° from the same reference. Determine the phase angle between 
the two signals. Which signal leads? 


12. One sine wave has a positive peak at 75° and another has a positive peak at 100°. How much is 
each sine wave shifted in phase from the 0° reference? What is the phase angle between them? 


13. Draw two sine waves as follows: Sine wave A is the reference, and sine wave B lags A by 90°. 
Both have equal amplitudes. 


14. Convert the following angular values from degrees to radians: 
(a) 30° (b) 45° (e) 78° (d) 135° (e) 200° (f) 300° 


15. Convert the following angular values from radians to degrees: 
(a) 7/8 (b) 7/3 (ce) 7/2 (d) 37/5 (e) 67 /5 (f) 1.87 


SECTION 8-4 The Sine Wave Formula 


16. A certain sine wave has a positive-going zero crossing at 0° and an rms value of 20 V. Calculate 
its instantaneous value at each of the following angles: 
(a) 15° (b) 33° (c) 50° (d) 110° 
(e) 70° (£) 145° (g) 250° (h) 325° 

17. For a particular 0° reference sinusoidal current, the peak value is 100 mA. Determine the instan- 
taneous value at each of the following points: 
(a) 35° (b) 95° (c) 190° (d) 215° (e) 275° (f) 360° 

18. For a 0° reference sine wave with an rms value of 6.37 V, determine its instantaneous value at 
each of the following points: 
(a) 7/8 rad (b) 7/4 rad (e) 7/2rad (d) 37/4 rad 
(e) mrad (f) 37/2rad (g) 27r rad 

19. Sine wave A lags sine wave B by 30”. Both have peak values of 15 V. Sine wave A is the refer- 
ence with a positive-going crossing at 0°. Determine the instantaneous value of sine wave B at 
30°, 45°, 90°, 180°, 200°, and 300°. 


20. Repeat Problem 19 for the case when sine wave A leads sine wave B by 30°. 
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SECTION 8-5 Analysis of AC Circuits 


21. A sinusoidal voltage is applied to the resistive circuit in Figure 8—74. Determine the following: 
(a) Los (b) lave (e) J, (d) Lp (e) ¡at the positive peak 


22. Find the half-cycle average values of the voltages across Ry and R, in Figure 8-75. All values 
shown are rms. 


23. Determine the rms voltage across R3 in Figure 8—76. 


30 V 
(peak) 


560 Q 


FIGURE 8-74 FIGURE 8-75 FIGURE 8-76 


24. A sine wave with an rms value of 10.6 V is riding on a de level of 24 V. What are the maximum 
and minimum values of the resulting waveform? 


25. How much dc voltage must be added to a 3 V rms sine wave in order to make the resulting volt- 
age nonalternating (no negative values)? 


26. A 6 V peak sine wave is riding on a dc voltage of 8 V. If the de voltage is lowered to 5 V, how 
far negative will the sine wave go? 


SECTION 8-6 Alternators (AC Generators) 


27. The conductive wire loop on the rotor of a simple two-pole, single-phase generator rotates at a 
rate of 250 rps. What is the frequency of the induced output voltage? 


28. A certain four-pole generator has a speed of rotation of 3600 rpm. What is the frequency of the 
voltage produced by this generator? 


29. At what speed of rotation must a four-pole generator be operated to produce a 400 Hz sinusoi- 
dal voltage? 


30. A common frequency for alternators on aircraft is 400 Hz. How many poles does a 400 Hz 
alternator have if the speed of rotation is 3000 rpm? 


SECTION 8-7 AC Motors 


31. What is the main difference between a one-phase induction motor and a three-phase induction 
motor? 


32. Explain how the field in a three-phase motor rotates if there are no moving parts to the field 
coils. 


SECTION 8-8  Nonsinusoidal Waveforms 


33. From the graph in Figure 8-77, determine the approximate values of t, ff, tw, and amplitude. 


V(V) 


eae N WwW A yu 


on) 


t (ms) 


0 12 3 4 5 6 7 8 9 10 11 12 13 14 15 16 17 18 


FIGURE 8-77 
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34. Determine the duty cycle for each pulse waveform in Figure 8-78. 


V (V) 


t (ms) 


O 10 20 30 40 50 60 70 


(b) 


FIGURE 8-78 


35. Find the average value of each positive-going pulse waveform in Figure 8-78. 
36. What is the frequency of each waveform in Figure 8-78. 


37. What is the frequency of each sawtooth waveform in Figure 8-79? 


V 
V 
LAL Zz oy 
Va en 40,7 ELAN) 0 100 200 ms) 
(a) (b) 


FIGURE 8-79 


38. A square wave has a period of 40 ys. List the first six odd harmonics. 


39. What is the fundamental frequency of the square wave mentioned in Problem 38? 


SECTION 8-9 The Oscilloscope 


40. Determine the peak value and the period of the sine wave displayed on the scope screen in 
Figure 8-80. The horizontal axis is 0 V. 


41. Determine the rms value and the frequency of the sine wave displayed on the scope screen in 
Figure 8-80. 

42. Determine the rms value and the frequency of the sine wave displayed on the scope screen in 
Figure 8-81. The horizontal axis is 0 V. 


a 


FIGURE 8-80 FIGURE 8-81 
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43. Find the amplitude, pulse width, and duty cycle for the pulse waveform displayed on the scope 
screen in Figure 8-82. The horizontal axis is 0 V. 


FIGURE 8-82 


SECTION 8-10 Signal Sources 
44. Why is spectral purity important for a sinusoidal signal generator? 
45. What is a modulating signal and how is it applied to an analog signal generator? 


46. Assume you are testing a circuit with different frequencies to measure its response. Why is it 
important to check the signal level from the generator each time the frequency is changed? 


47. What is the difference between burst mode and gated mode for a generator? 


ADVANCED PROBLEMS 


48. A certain sine wave has a frequency of 2.2 kHz and an rms value of 25 V. Assuming a given 
cycle begins (zero crossing) at t = O s, what is the change in voltage from 0.12 ms to 0.2 ms? 


49. Figure 8-83 shows a sinusoidal voltage source in series with a de source. Effectively, the two 
voltages are superimposed. Draw the total voltage across Rz. Determine the maximum current 
through Rz and the average voltage across Ry. 


50. A nonsinusoidal waveform called a stairstep is shown in Figure 8-84. Determine its average 
value. 


V(V) 


eae NW BRN DN 


t (ms) 


12 3 4 5 6 7 
[| 


== 


FIGURE 8-83 FIGURE 8-84 


51. Refer to the oscilloscope screen in Figure 8-85. 
(a) How many cycles are displayed? 
(b) What is the rms value of the sine wave? 
(c) What is the frequency of the sine wave? 
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FIGURE 8-85 


52. Accurately draw on a grid representing the scope screen in Figure 8-85 how the sine wave will 
appear if the Volts/Div control is moved to a setting of 5 V. 


53. Accurately draw on a grid representing the scope screen in Figure 8-85 how the sine wave will 
appear if the Sec/Div control is moved to a setting of 10 ys. 


54. Based on the instrument settings and an examination of the scope display and the circuit board 
in Figure 8-86, determine the frequency and peak value of the input signal and output signal. 
The waveform shown is channel |. Draw the channel 2 waveform as it would appear on the 
scope with the indicated settings. 
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Input signal 


FIGURE 8-86 
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55. Examine the circuit board and the oscilloscope display in Figure 8—87 and determine the peak 
value and the frequency of the unknown input signal. 


E 
| SAVE/RECALL MEASURE ACQUIRE AUTOSET 
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FIGURE 8-87 


wus MULTISIM TROUBLESHOOTING 
© PROBLEMS 


56. Open file PO8-56; files are found at www.pearsonhighered.com/floyd. Measure the peak value 
and period of the voltage sine wave using the oscilloscope. 


57. Open file POS-57 and determine if there is a fault. If so, identify it. 
58. Open file POS-58 and determine if there is a fault. If so, identify it. 


59. Open file POS-59 and measure the amplitude and period of the pulse waveform using the 
oscilloscope. 


60. Open file PO8—60 and determine if there is a fault. If so, identify it. 


ANSWERS TO SECTION CHECKUPS 


SECTION 8-1 The Sinusoidal Waveform 


1. One cycle goes from the zero crossing through a positive peak, then through zero to a negative 
peak and back to the zero crossing. 


2. A sine wave changes polarity at the zero crossings. 


3. A sine wave has two maximum points (peaks) in one cycle. 
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4. The period is measured from one zero crossing to the next corresponding zero crossing, or from 
one peak to the next corresponding peak. 


5. Frequency is the number of cycles completed in one second and its unit is the hertz. 
6. f= 1/5 us = 200 kHz 
7. T = 1/120 Hz = 8.33 ms 


SECTION 8-2 Voltage and Current Values of Sine Waves 


1. (a) Vp = 21 V) = 2V 
(b) V,, = 2(1.414)(1.414 V) = 4V 
(c) Vip = 2(1.57)(3 V) = 9.42 V 


2. (a) Vans = (0.707)(2.5 V) = 1.77V 
(b) Van. = (0.5)(0.707)(10 V) = 3.54 V 
(e) Vans = (0.707)(1.57)(1.5 V) = 1.66 V 

3. (a) Vag = (0.637)(10 V) = 6.37 V 
(b) Vavg = (0.637)(1.414)(2.3 V) = 2.07 V 
(€) Vavg = (0.637)(0.5)(60 V) = 19.1 V 


SECTION 8-3 Angular Measurement of a Sine Wave 


1. (a) The positive peak is at 90°. 
(b) The negative-going zero crossing is at 180°. 
(c) The negative peak is at 270°. 
(d) The cycle ends at 360°. 


2. A half-cycle is completed in 180° or 7 radians. 
3. A full cycle is completed in 360° or 277 radians. 
4. 0 = 90° — 45° = 45° 


SECTION 5-4 The Sine Wave Formula 


1. (a) sin 30° = 0.5 
(b) sin 60° = 0.866 
(e) sin 90° = 1 


2. v = 10sin 120° = 8.66 V 
3. v = 10sin(45° + 10°) = 8.19 V 


SECTION 8-5 Analysis of AC Circuits 
1l. dy = VR = (1:57X(12.5 V)/330 Q = 59.5 mA 
Vans, = (0.707)(25.3 V) = 179V 
+V ing = 5V4+2.5V = 7.5V 
Yes, it will alternate. 
+V uy = SV -2.5V = 2.5V 


oa = a a 


SECTION 8-6 Alternators (AC Generators) 
1. The number of poles and the rotor speed. 
2. The brushes do not have to handle the output current. 
3. Adc generator that supplies rotor current to larger alternators. 
4 


. The diodes convert the ac from the stator to de for the final output. 


SECTION 8-7 AC Motors 


1. The difference is the rotors. In an induction motor, the rotor obtains current by transformer 
action; in a synchronous motor, the rotor is a permanent magnet or an electromagnet that is sup- 
plied current from an external source through slip rings and brushes. 


2. The magnitude is constant. 
3. The squirrel cage is composed of the electrical conductors that generate current in the rotor. 


4. Slip is the difference between the synchronous speed of the stator field and the rotor speed. 
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SECTION 8-8  Nonsinusoidal Waveforms 


(a) Rise time is the time interval from 10% to 90% of the amplitude; 

(b) Fall time is the time interval from 90% to 10% of the amplitude; 

(c) Pulse width is the time interval from 50% of the leading pulse edge to 50% of the trailing 
pulse edge. 


f= 1/1 ms = 1 kHz 

d = (1/5)100% = 20%; Ampl. 1.5 V; Vag = 0.5 V + 0.20.5 V) = 0.8 V 
T = 16ms 

f =1/T = 1/1 ps = 1 MHz 

Fundamental frequency is the repetition rate of the waveform. 

2nd harmonic: 2 kHz 

f = 1/10 ws = 100 kHz 


SECTION §-9 The Oscilloscope 


Digital: Signal is converted to digital for processing and then reconstructed for display. 


Analog: Signal drives display directly. 


2. Voltage is measured vertically. 


3. The Volts/Div control sets the amount of volts represented by each division on the vertical 


scale. 


The Sec/Div control sets the amount of time represented by each division on the horizontal 
scale. 


Use a X10 probe most of the time except when measuring very small voltages. 


SECTION 8-10 Signal Sources 


Any waveform within the limits (amplitude and frequency) of the generator. Waves can be 
specified by various methods. 


A generator that has a sine wave output that is varied at a cyclic rate between two selected 
frequencies. 


Certain measurements of a unit under test can be distorted if the generator does not have good 
spectral purity. 


The process in which a signal containing information is used to modify the characteristic of 
another signal. 


A mode where the output is triggered for a specific number of cycles at a time. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


2.45 

1.5 ms 

20 kHz 

200 Hz 

I ms 

Vo = WY, Vms = 17.7 VW; Vayg = 15.9 V 
(a) 7/12 rad 

(b) 112.57 

go 

18.1 V 

Lrms = 4.53 mA; Vigms) = 4.53 V; Vmgo = 2-54 V; Prop = 32 mV 
23.7 V 


The waveform in part (a) never goes negative. The waveform in part (b) goes negative for a 
portion of its cycle. 


250 rpm 
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8-14 5% 
8-15 1.2V 
8-16 120 V 
8-17 (a) Van = 1.06 V:f = 50 Hz 
(b) Vas = 88.4 mV: f = 1.67 kHz 
(© Vans = 4.81 V; f = 5 kHz 
(d) Vans = 7.07 V; f = 250 kHz 
8-18 0.6V 


ANSWERS TO TRUE/FALSE QUIZ 


1. T 2. F 3. F 4. T 5. T 6. F 
Te T 8. F 9. F 10. T 11. T 12. F 


ANSWERS TO SELF-TEST 


1. (b) 2. (b) 3. (c) 4. (b) 5. (d) 6. (a) 
7. (a) 8. (a) 9. (c) 10. (b) 11. (a) 12. (d) 
13. (c) 14. (b) 15. (d) 16. (b) 17. (d) 18. (c) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


(c) 
(c) 
(b) 
(a) 
(b) 


TS 
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CAPACITORS 


OUTLINE Dielectric constant Reactive power 


Charging VAR (volt-ampere 
9-1 The Basic Capacitor RC time constant reactive) 
9-2 Types of Capacitors Exponential Filter 
9-3 Series Capacitors Transient time Ripple voltage 
9-4 Parallel Capacitors Capacitive reactance Coupling 
9-5 Capacitors in DC Circuits Instantaneous power Decoupling 
9-6 Capacitors in AC Circuits True power Bypass 


9-7 Capacitor Applications 
INTRODUCTION 
O B J E C T I V E S The capacitor is a device that can store electrical charge, 


e Describe the basic structure and characteristics of thereby creating an electric field which in turn stores 

a capacitor energy. The measure of the charge-storing ability of a 
capacitor is its capacitance. 

In this chapter, the basic capacitor is introduced 

and its characteristics are studied. The physical con- 

struction and electrical properties of various types of 


e Discuss various types of capacitors 
e Analyze series capacitors 


e Analyze parallel capacitors 


e Describe how a capacitor operates in a de switch- capacitors are discussed. Series and parallel combina- 

ing circuit tions are analyzed, and the basic behavior of capacitors 
e Describe how a capacitor operates in an ac circuit in both de and ac circuits is studied. Representative cir- 
e Discuss some capacitor applications cuits that are found in many systems also are discussed. 


One example, found in nearly all systems that are not 
KE Y T E RM S battery powered, 1s the power supply that 18 used to con- 
vert ac utility voltage to dc. Capacitors are important 
Capacitor Farad (F) elements of power supplies, and they are discussed in 


Dielectric Dielectric strength this chapter. 


Capacitance Temperature coefficient 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


9-1 THE BASIC CAPACITOR 


A capacitor is a passive electrical component that stores electrical charge and has the property 
of capacitance. 


After completing this section, you should be able to 


e Describe the basic structure and characteristics of a capacitor 
e Explain how a capacitor stores charge 
¢ Define capacitance and state its unit 
e Explain how a capacitor stores energy 
e Discuss voltage rating and temperature coefficient 
e Explain capacitor leakage 


e Specify how the physical characteristics of a capacitor affect the capacitance 


Basic Construction 


In its simplest form, a basic capacitor is an electrical device constructed of two parallel 
conductive plates separated by an insulating material called the dielectric. Connecting 
leads are attached to the parallel plates. A basic capacitor is shown in Figure 9-1(a), and 
the schematic symbol for this type of capacitor is shown in part (b). 


Dielectric 


Connecting leads 


B | 
Conductive A 


(a) Construction (b) Symbol 


FIGURE 9-1 A basic capacitor. 


How a Capacitor Stores Charge 


In the neutral state, both plates of a capacitor have an equal number of free electrons, as 
indicated in Figure 9—2(a). When the capacitor is connected to a dc voltage source 
through a resistor, as shown in part (b), electrons (negative charge) are removed from 
plate A, and an equal number are deposited on plate B. As plate A loses electrons and 
plate B gains electrons, plate A becomes positive with respect to plate B. During this 
charging process, electrons flow only through the connecting leads and the source. No 
electrons flow through the dielectric of the capacitor because it is an insulator. The 
movement of electrons ceases when the voltage across the capacitor equals the source 
voltage, as indicated in Figure 9—2(c). If the capacitor is disconnected from the source, it 
retains the stored charge for a long period of time (the length of time depends on the type 
of capacitor) and still has the voltage across it, as shown in Figure 9—2(d). A charged 
capacitor can act as a temporary battery. 


Capacitance 


The amount of charge that a capacitor can store per unit of voltage across its plates is its 
capacitance, designated C. That is, capacitance is a measure of a capacitor’s ability to store 
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r AAA 
Leads = = 

<— Plates 

Ə Ə = Electrons 

A Ə Ə B 
a) Neutral (uncharged) capacitor b) When connected to a voltage source, electrons flow 
£ p £ 
(same charge on both plates) from plate A to plate B as the capacitor charges. 


(c) After the capacitor charges to Vg, no electrons flow. (d) Ideally, the capacitor retains charge when 
disconnected from the voltage source. 


FIGURE 9-2 Illustration of a capacitor storing charge. 


charge. The more charge per unit of voltage that a capacitor can store, the greater its capac- 
itance, as expressed by the following formula: 


-2 
c=% (9-1) 


where C is capacitance, Q is charge, and V is voltage. 
By rearranging the terms in Equation 9-1, you can obtain two other formulas. 


O = CV (9-2) 


Q 
C (9-3) 


THE UNIT OF CAPACITANCE The farad (F) is the basic unit of capacitance. 


Recall that the coulomb (C) is the unit of electrical charge. 


One farad is the amount of capacitance when one coulomb of charge is stored 
with one volt across the plates. 


Most capacitors that are used in electronics work have capacitance values in micro- 
farads (uF) and picofarads (pF). Occasionally, a schematic will show a capacitance in 
nanofarads (nF). A microfarad is one-millionth of a farad (1 uF = 1 X 10 F); and a 
picofarad is one-trillionth of a farad (1 pF = 1 X 102? F). Conversions for farads, micro- 
farads, and picofarads are given in Table 9-1. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


9-1 THE BASIC CAPACITOR 385 


TABLE 9-1 + Conversions for farads, microfarads, and picofarads. 


TO CONVERT FROM TO MOVE THE DECIMAL POINT 


Farads 


Farads 


Microfarads 


Microfarads 


Microfarads 


Picofarads 


Farads 


Picofarads 


right 6 places (X 10°) 


right 12 places (x 10!”) 


left 6 places (X 1050) 


right 6 places (<10°) 


Nanofarads Farads left 9 places (X10 >?) 


Nanofarads Microfarads 


left 3 places (X10 °) 


Picolarads Farads left 12 places (<107!?) 


Picofarads Microfarads 


left 6 places (X10 °) 


EXAMPLE 9-1 


(a) A certain capacitor stores 50 microcoulombs (50 wC) when 10 V are applied 
across its plates. What is its capacitance? 


(b) A 2.2 uF capacitor has 100 V across its plates. How much charge does it store? 
(c) Determine the voltage across a 100 pF capacitor that is storing 2 wC of charge. 


SOLUTION 
Q 50nC | 
w C= y Toy E 
(b) Q = CV = (22 uF)\(100 V) = 220 uC 
O 2 uC 
== == ==; k 
© V= 6 = ior 7 2OKV 


RELATED PROBLEM* 
Determine Vif C = 1000 pF and Q = 10 uC. 


*Answers are at the end of the chapter. 


EXAMPLE 9-2 


Convert the following values to microfarads: 


(a) 0.00001 F (b) 0.0047 F (c) 1000 pF (d) 220 pF 


SOLUTION 


(a) 0.00001 F x 10° ¿F/F = 10 pF 
(b) 0.0047 F X 10° uF/F = 4700 pF 


(©) 1000 pF X 10 ° uF/pF = 0.001 uF 
(d) 220 pF x 10 ° uF/pF = 0.00022 uF 


RELATED PROBLEM 


Convert 47,000 pF to microfarads. 6238262 2013/12/10 12.27.66.5 
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EXAMPLE 9-3 


Convert the following values to picofarads: 


(a) 0.1 x 10°F (b) 0.000027F (© 0.01uF (d) 0.0047 uF 


SOLUTION 


(a) 0.1 X 10 °F x 10!? pF/F = 1000 pF 
(b) 0.000027 F x 10!° pF/F = 27 x 10° pF 


(c) 0.01 uF X 10° pF/uF = 10,000 pF 
(d) 0.0047 uF X 10° pF/uF = 4700 pF 


RELATED PROBLEM 
Convert 100 uF to picofarads. 


Tunes offoree Wow a Capacitor Stores Energy 


A capacitor stores energy in an electric field that is established by the opposite charges 
stored on the two plates. The electric field is represented by lines of force between the 
positive and negative charges and is concentrated within the dielectric, as shown in 
Figure 9-3. 

The plates in Figure 9-3 have acquired a charge because they are connected to a bat- 
tery. This creates an electric field between the plates, which stores energy. The energy 
stored in the electric field is directly related to the size of the capacitor and to the square of 
the voltage as given by the following equation for the energy stored: 


ra 


++ +/+ ++ 


FIGURE 9-3 The electric 
field stores energy in a capaci- 1 
tor. The beige area indicates W = -CV (9-4) 
the dielectric. 2 


When capacitance (C) is in farads and voltage (V) is in volts, the energy (W) is in joules. 


Voltage Rating 


Every capacitor has a limit on the amount of voltage that it can withstand across its plates. 
The voltage rating specifies the maximum dc voltage that can be applied without risk of 
damage to the device. If this maximum voltage, commonly called the breakdown voltage 
or working voltage, is exceeded, permanent damage to the capacitor can result. 

You must consider both the capacitance and the voltage rating before you use a 
capacitor in a circuit application. The choice of capacitance value is based on particular 
circuit requirements. The voltage rating should always be above the maximum voltage 
expected in a particular application. 


DIELECTRIC STRENGTH The breakdown voltage of a capacitor is determined 
by the dielectric strength of the dielectric material used. The dielectric strength is 
expressed in V/mil (1 mil = 0.001 in. = 2.54 X 10” meter). Table 9-2 lists typical 
values for several materials. Exact values vary depending on the specific composition of 
the material. 

The dielectric strength of a capacitor can best be explained by an example. Assume 
that a certain capacitor has a plate separation of 1 mil and that the dielectric material is 
ceramic. This particular capacitor can withstand a maximum voltage of 1000 V because its 
dielectric strength is 1000 V/mil. If the maximum voltage is exceeded, the dielectric may 
break down and conduct current, causing permanent damage to the capacitor. If the 
ceramic capacitor has a plate separation of 2 mils, its breakdown voltage is 2000 V. 
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TABLE 9-2 + Some common dielectric materials 
and their typical dielectric strengths. 


MATERIAL DIELECTRIC STRENGTH (V/MIL) 


80 
375 


Mica 1500 
Glass 2000 


Temperature Coefficient 


The temperature coefficient indicates the amount and direction of a change in capacitance 
value with temperature. A positive temperature coefficient means that the capacitance 
increases with an increase in temperature or decreases with a decrease in temperature. A 
negative coefficient means that the capacitance decreases with an increase in temperature 
or increases with a decrease in temperature. 

Temperature coefficients typically are specified in parts per million per Celsius 
degree (ppm/°C). For example, a negative temperature coefficient of 150 ppm/°C for a 
1 uF capacitor means that for every degree Celsius rise in temperature, the capacitance 
decreases by 150 pF (there are one million picofarads in one microfarad). 


Leakage 


No insulating material is perfect. The dielectric of any capacitor will conduct some very small 

amount of current. Thus, the charge on a capacitor will eventually leak off. Some types of 

capacitors have higher leakages than others. An equivalent circuit for a nonideal capacitor is 

shown in Figure 94. The parallel resistor Rieak represents the extremely high resistance (sev- FIGURE 9-4 Equivalent cir- 
eral hundred kO or more) of the dielectric material through which there is leakage current. cuit for a nonideal capacitor. 


C R leak 


Capacitive Sensors Static plate 


Capacitive sensors are common in systems | 
that measure quantities like pressure, prox- Static position —»; 
imity, humidity, liquid level, and more. A Conductive diaphram A 
capacitive sensor is a variable capacitor | 
that responds to a physical stimulus. In the > 
case of a pressure sensor, a conductive, Pressure => 
flexible diaphragm forms one plate of the ~, 


Insulating 
material 


capacitor. The other plate is fixed. Pressure 
causes the diaphragm to move, thus chang- 
ing the capacitance. The change in capaci- 
tance can be sensed by an external circuit. 

In the case of a proximity sensor, one of the plates can actually be a moving object (such 
as the cam on a rotating shaft). Other sensors can change the dielectric as in the case of a liquid- 
level sensor. 


Air dielectric 


Physical Characteristics of a Capacitor 


The following parameters are important in establishing the capacitance and the voltage 
rating of a capacitor: plate area, plate separation, and dielectric constant. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


388 CHAPTER 9 + CAPACITORS 


PLATE AREA Capacitance is directly proportional to the physical size of the plates 
as determined by the plate area, A. A large plate area produces more capacitance, and a 
smaller plate area produces less capacitance. Figure 9—5(a) shows that the plate area of a 
parallel plate capacitor is the area of one of the plates. If the plates are moved in relation to 
each other, as shown in Figure 9—5(b), the overlapping area determines the effective plate 
area. This variation in effective plate area 1s the basis for a certain type of variable capacitor. 


PLATE SEPARATION Capacitance is inversely proportional to the distance 
between the plates. The plate separation is designated d, as shown in Figure 9-6. A greater 
separation of the plates produces a lesser capacitance, as illustrated in the figure. The 
breakdown voltage is directly proportional to the plate separation. The further the plates 
are separated, the greater the breakdown voltage. 


pw te 


(a) Full plate area: (b) Reduced plate area: (a) Plates closer together: (b) Plates further apart: 
more capacitance less capacitance more capacitance less capacitance 
FIGURE 9-5 Capacitance is directly proportional to FIGURE 9-6 Capacitance is inversely proportional 

plate area (A). to the distance d between the plates. 


DIELECTRIC CONSTANT As you know, the insulating material between the 
plates of a capacitor is called the dielectric. Every dielectric material has the ability to 
concentrate the lines of force of the electric field existing between the oppositely charged 
plates of a capacitor and thus increase the capacity for energy storage. The measure of a 
material’s ability to establish an electric field is called the dielectric constant or relative 
permittivity, symbolized by e, (the Greek letter epsilon). 

Capacitance is directly proportional to the dielectric constant. The dielectric con- 
stant of a vacuum is defined as 1, and that of air is very close to 1. These values are used as 
a reference, and all other materials have values of e, specified with respect to that of a 
vacuum or air. For example, a material with e, = 5 can have a capacitance five times 
greater than that of air, with all other factors being equal. 

Table 9-3 lists several common dielectric materials and a typical dielectric constant for 
each. The values can vary because it depends on the specific composition of the material. 


TABLE 9-3 + Some common dielectric materials 
and their typical dielectric constants. 


MATERIAL TYPICAL z, VALUE 


Air (vacuum) 


Teflon® 2.0 


(paraffined) 2.5 
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The dielectric constant (relative permittivity) is dimensionless because it is a relative 
measure. It 1s a ratio of the absolute permittivity of a material, e, to the absolute permittiv- 
ity of a vacuum, eq, as expressed by the following formula: 


E, = — (9-5) 
E 
The value of € is 8.85 X 10? F/m (farads per meter). 
FORMULA FOR CAPACITANCE You have seen how capacitance is directly 


related to plate area, A, and the dielectric constant, ¢,, and inversely related to plate separa- 
tion, d. An exact formula for calculating the capacitance in terms of these three quantities is 


c 424885 x 107 '* F/m) 


7 (9-6) 


where A is in square meters (m7), d is in meters (m), and C is in farads (F). 


EXAMPLE 9-4 


Determine the capacitance in uF of a parallel plate capacitor having a plate area 
of 0.01 m? and a plate separation of 0.5 mil (1.27 X 10 m). The dielectric is 
mica, which has a dielectric constant of 5.0. 


SOLUTION 
Use Equation 9-6. 


ee Ae,(8.85 X 10! F/m) — (0.01 mô (5.0) (8.85 x 10 '* F/m) 
d 127 x 10m 


= 0.035 uF 


RELATED PROBLEM 


Determine C in uF where A = 3.6 X 10° m?, d = 1 mil (2.54 X 10° m), and 
ceramic 1s the dielectric. 


SECTION 9-1 CHECKUP* 


1. Define capacitance. 5. (a) When the plate area of a capacitor is increased, does the 


, l capacitance increase or decrease? 
2. (a) How many microfarads in one farad? P 


(b) H 'cofarads i farad? (b) When the distance between the plates is increased, does 
ow many picofarads in one farad? l | 
ji yP the capacitance increase or decrease? 
How many picofarads in one microfarad? i l l 
(o Bow YP 6. The plates of a ceramic capacitor are separated by 2 mils. 


3. Convert 0.0015 uF to picofarads. To farads. What is the typical breakdown voltage? 


4. How much energy in joules is stored by a 0.01 uF capacitor 
with 15 V across its plates? 


* Answers are at the end of the chapter. 
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9-2 TYPES OF CAPACITORS 


Capacitors normally are classified according to the type of dielectric material. The most com- 
mon types of dielectric materials are mica, ceramic, plastic-film, and electrolytic (aluminum 
oxide and tantalum oxide). 


After completing this section, you should be able to 


e Discuss various types of capacitors 
¢ Describe the characteristics of mica, ceramic, plastic-film, and electrolytic capacitors 
e Describe types of variable capacitors 
e Identify capacitor labeling 


e Discuss capacitance measurement 


Fixed Capacitors 


MICA CAPACITORS Two types of mica capacitors are stacked-foil and silver-mica. 
The basic construction of the stacked-foil type is shown in Figure 9—7. It consists of alternate 
layers of metal foil and thin sheets of mica. The metal foil forms the plate, with alternate foil 
sheets connected together to increase the plate area. 
More layers are used to increase the plate area, thus 
increasing the capacitance. The mica/foil stack is 
encapsulated in an insulating material such as 
Bakelite®, as shown in Figure 9—7(b). The silver-mica 
capacitor is formed in a similar way by stacking mica 
sheets with silver electrode material screened on them. 

Mica capacitors are generally available with 
capacitance values ranging from 1 pF to 0.1 uF and 


(a) Stacked layer arrangement (b) Layers are pressed together voltage ratings from 100 V dc to 2500 V dc and 
and encapsulated. higher. Mica has a typical dielectric constant of 5. 

FIGURE 9-7 Construction of 

a typical radial-lead mica CERAMIC CAPACITORS Ceramic dielectrics provide very high dielectric con- 

capacitor. stants (1200 is typical). As aresult, comparatively high capacitance values can be achieved 


in a small physical size. Ceramic capacitors are commonly available in a ceramic disk 
form, as shown in Figure 9-8; in a multilayer radial-lead configuration, as shown in Figure 
9-9; or in a leadless ceramic chip, as shown in Figure 9-10. 

Ceramic capacitors typically are available in capacitance values ranging from 1 pF to 
100 uF with voltage ratings up to 6 kV. 


Lead wire soldered 
to silver electrode 


Solder 


: \ 
Ceramic 
dielectric W 
N 
ax Y Y 


(a) (b) 


Dipped phenolic coating 
ONES ——— Silver electrodes deposited on 


top and bottom of ceramic disk 


FIGURE 9-8 A ceramic disk capacitor and its basic construction. 
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Solder 
Ceramic 
dielectric 


A 


Lead wire 


ye 


Molded case 


Solder 


(a) Typical capacitors (b) Construction view 


FIGURE 9-9 Examples of ceramic capacitors. 


Copper (barrier layer) FIGURE 9-10 Construction $ 
Ceramic view of a typical ceramic chip — 
dielectric Solder Capacitor used for surface HANDS ON TIP 
Electrode mounting on printed circuit Chip capacitors are for surface 
boards. mounting on a printed circuit 


board and have conductive 
terminals plated on the ends. 
These capacitors will withstand 
the molten solder temperatures 
encountered in reflow and 
wave soldering used in 
automated circuit board 
assembly. Chip capacitors are 
in great demand because of 
miniaturization. 


PLASTIC-FILM CAPACITORS Common dielectric materials used in plastic-film 
capacitors include polycarbonate, propylene, polyester, polystyrene, polypropylene, and 
mylar. Some of these types have capacitance values up to 100 uF but most are less than 1 uF. 

Figure 9-11 shows a basic construction used in many plastic-film capacitors. A thin 
strip of plastic-film dielectric 1s sandwiched between two thin metal strips that act as plates. 
One lead is connected to the inner plate and one is connected to the outer plate as indi- 
cated. The strips are then rolled in a spiral configuration and encapsulated in a molded 
case. Thus, a large plate area can be packaged in a relatively small physical size, thereby 
achieving large capacitance values. Another method uses metal deposited directly on the 
film dielectric to form the plates. 


Lead connected 
to outer foil 


Lead connected 
to inner foil 


Inner foil 


Plastic film 


Outer foil 


FIGURE 9-11 Basic construction of axial-lead tubular plastic-film 
dielectric capacitors. 
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SAFETY NOTE 
Be extremely careful with 
electrolytic capacitors because 
it does make a difference 
which way an electrolytic 
capacitor is connected. Always 
observe the proper polarity. If a 
polarized capacitor is 
connected backwards, it may 
explode and cause injury. 


HANDS ON TIP 
Scientists are working with 
graphene, a carbon-based 
material that may be used for 
improved charge storage in 
rechargeable batteries and ultra- 
capacitors. The ability to store 
large amounts of charge is 
important in many applications 
from office copiers to 
improving the efficiency of 
electric and hybrid vehicles. 
The new technology may speed 
development of renewable 
energies such as wind and solar 
power, which need to be able to 
store large amounts of energy. 


CAPACITORS 


Figure 9-12(a) shows typical plastic-film capacitors. Figure 9-12(b) shows a con- 
struction view for one type of an axial-lead plastic-film capacitor. 


High-purity 
foil electrodes 


Plastic film 
dielectric 


Outer wrap of 
polyester film 


Capacitor section 
(alternate strips of 
film dielectric and 
foil electrodes rolled 
into cylindrical shape) 


Lead wire 

soldered to 

end of section 
Solder-coated end assures that all turns 
of electrode are positively contacted 


(b) Construction view 


(a) Typical capacitors 


FIGURE 9-12 Examples of plastic-film capacitors. 


ELECTROLYTIC CAPACITORS Electrolytic capacitors are polarized so that 
one plate is positive and the other negative. These capacitors are generally used for high 
capacitance values from 1 uF up to over 200,000 uF, but they have relatively low break- 
down voltages (350 V is a typical maximum but higher voltages are occasionally found) 
and high amounts of leakage. 

Manufacturers have developed new electrolytic capacitors with much larger capaci- 
tance values; however, these new capacitors have lower voltage ratings than smaller-value 
capacitors and tend to be expensive. Super capacitors with capacitances of hundreds of 
farads are available. These capacitors are useful for battery backup and for applications 
like small motor starters that require a very large capacitance. 

Electrolytic capacitors offer much higher capacitance values than mica or ceramic 
capacitors, but their voltage ratings are typically lower. While other capacitors use two 
similar plates, the electrolytic capacitor consists of one plate made of aluminum foil and 
another plate made of a conducting electrolyte applied to a material such as plastic film. 
These two “plates” are separated by a layer of aluminum oxide that forms on the surface of 
the aluminum plate. Figure 9—13(a) illustrates the construction of a typical aluminum elec- 
trolytic capacitor with axial leads. Other electrolytic capacitors with radial leads are shown 
in Figure 9-13(b); the symbol for an electrolytic capacitor is shown in part (c). 

Tantalum electrolytic capacitors can be in either a tubular configuration similar 
to Figure 9-13 or “tear drop” shape as shown in Figure 9-14. In the tear drop configu- 
ration, the positive plate is actually a pellet of tantalum powder rather than a sheet of 
foil. Tantalum pentoxide forms the dielectric, and manganese dioxide forms the nega- 
tive plate. 

Because of the process used for the insulating pentoxide dielectric, the metallic (alu- 
minum or tantalum) plate is always positive with respect to the electrolyte plate, and thus 
all electrolytic capacitors are polarized. The metal plate (positive lead) is usually indicated 
by a plus sign or some other obvious marking on the capacitor and must always be con- 
nected in a de circuit where the voltage across the capacitor does not change polarity. 
Reversal of the polarity of the voltage can result in complete destruction of the capacitor. 


Variable Capacitors 


Variable capacitors are used in a circuit when there is a need to adjust the capacitance 
value either manually or automatically. These capacitors are generally less than 300 pF but 
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Solder-coated brass case 


Sprayed metal end 


termination 
Oxide 


dielectric 


O. X 


e á 
/ 
Aluminum We 


plate Í 


Plastic 
insulating cap 


SY 


è \ (b) Typical radial-lead electrolytics 
/ 
Electrolyte 
plate 
Glass-to-metal Wire lead E E 
seal terminal 
(a) Construction view of an axial-lead electrolytic capacitor (c) Symbol for an electrolytic 


capacitor. 


FIGURE 9-13 Examples of electrolytic capacitors. 


Tantalum pentoxide 
(dielectric) 


Sintered tantalum 


pellet (anode) Manganese dioxide 


Dipped epoxy coating (solid-electrolyte) 


Weld 


Graphite 


Cathode lead soldered 
to silvered area of 
capacitor section 


Tantalum wire welded 
to tantalum pellet 


Nickel lead 
(positive) Nickel lead 
(negative) 


FIGURE 9-14 Construction view of a typical “tear drop” shaped tantalum 
electrolytic capacitor. 


are available in larger values for specialized application. The schematic symbol for a vari- = | 
able capacitor is shown in Figure 9-15. 

Adjustable capacitors that normally have slotted screw-type adjustments and are FIGURE 9-15 Schematic 
used for very fine adjustments in a circuit are called trimmers. Ceramic or mica is a com- symbol for a variable capacitor. 
mon dielectric in these types of capacitors, and the capacitance usually is changed by 
adjusting the plate separation. Generally, trimmer capacitors have values less than 100 pF. 

Figure 9-16 shows some typical devices. 


FIGURE 9-16 Trimmer 
capacitors. 
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The varactor is a semiconductive device that exhibits a capacitance characteristic 
that is varied by changing the voltage across its terminals. This device usually is covered 
in detail in a course on electronic devices. 


Capacitor Labeling 


Capacitor values are indicated on the body of the capacitor either by numerical or alphanu- 
merical labels and sometimes by color codes. Capacitor labels indicate various parameters 
such as capacitance, voltage rating, and tolerance. 

Some capacitors carry no unit designation for capacitance. In these cases, the units 
are implied by the value indicated and are recognized by experience. For example, a 
ceramic capacitor marked .001 or .01 has units of microfarads because picofarad values 
that small are not available. As another example, a ceramic capacitor labeled 50 or 330 has 
units of picofarads because microfarad units that large are not available in this type. In 
some cases a 3-digit designation is used. The first two digits are the first two digits of the 
capacitance value. The third digit is the multiplier or number of zeros after the second 
digit. For example, 103 means 10,000 pF. In some instances, the units are labeled as pF or 
uF; sometimes the microfarad unit is labeled as MF or MFD. 

A voltage rating appears on some types of capacitors with WV or WVDC and 
is omitted on others. When it is omitted, the voltage rating can be determined from 
information supplied by the manufacturer. The tolerance of the capacitor is usually 
labeled as a percentage, such as + 10%. The temperature coefficient is indicated by a 
parts per million marking. This type of label consists of a P or N followed by a 
number. For example, N750 means a negative temperature coefficient of 750 ppm/°C, 
and P30 means a positive temperature coefficient of 30 ppm/°C. An NPO designation 
means that the positive and negative coefficients are zero; thus the capacitance does 
not change with temperature. Certain types of capacitors are color coded. Refer to 
Appendix B for additional capacitor labeling and color code information. 


Capacitance Measurement 


A capacitance meter, such as the one shown in Figure 9-17, can be used to check 
the value of a capacitor. Also, many DMMs provide a capacitance measurement 
feature. All capacitors change value over a period of time, some more than others. 
Ceramic capacitors, for example, often exhibit a 10% to 15% change in the value 
during the first year. Electrolytic capacitors are particularly subject to value change 
due to drying of the electrolytic solution. In other cases, capacitors may be labeled 
incorrectly or the wrong value may have been installed in the circuit. Although a 
value change represents less than 25% of defective capacitors, a value check should 
be made to quickly eliminate this as a source of trouble when troubleshooting a 
circuit. Values from 200 pF to 50,000 uF can be measured by simply connecting 
the capacitor, setting the switch, and reading the value on the display. 

Some capacitance meters can also be used to check for leakage current in 
capacitors. In order to check for leakage, a sufficient voltage must be applied across 
FIGURE 9-17 A typical capacitance the capacitor to simulate operating conditions. This is automatically done by the 
meter. (Photo courtesy of B&K Precision test instrument. Over 40% of all defective capacitors have excessive leakage cur- 
Corp.) rent and electrolytic capacitors are particularly susceptible to this problem. 


SECTION 9-2 CHECKUP 


1. How are capacitors commonly classified? 4. What precautions must be taken when a polarized capacitor is 


installed in a circuit? 
2. What is the difference between a fixed and a variable 


capacitor? 5. An electrolytic capacitor is connected between a negative 
supply voltage and ground. Which capacitor lead should be 


ad? 
3. What type of capacitor normally is polarized’ connected to ground? 
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9-3 SERIES CAPACITORS 


The total capacitance of a series connection of capacitors is less than the individual capacitance 
of any of the capacitors. Capacitors in series divide voltage across them inversely proportional 
to their capacitance. Thus, a large capacitor in series with a smaller one will have less voltage 
than a smaller one. 


After completing this section, you should be able to 


e Analyze series capacitors 
e Determine total capacitance 


e Determine capacitor voltages 


When capacitors are connected in series, the total capacitance is less than the small- 
est capacitance value because the effective plate separation increases. The calculation of 
total series capacitance is analogous to the calculation of total resistance of parallel resis- 
tors (Chapter 5). 

Two capacitors can be used in series to show how the total capacitance is determined. 
Figure 9-18 shows two capacitors, which initially are uncharged, connected in series with 
a dc voltage source. When the switch is closed, as shown in part (a), current begins. 


(a) While charging, I = Q/t is the same at all (b) Both capacitors store the same amount of 
points. Capacitor voltages are increasing. charge (Qr = Q; = Q)). 


FIGURE 9-18 Capacitors in series produce a total capacitance that is less than the 
smallest value. 


Recall that current is the same at all points in a series circuit and that current is 
defined as the rate of flow of charge = Q/t). Inacertain period of time, a certain amount 
of charge moves through the circuit. Since current is the same everywhere in the circuit of 
Figure 9—18(a), the same amount of charge is moved from the negative side of the source 
to plate A of C4, and from plate B of C} to plate A of C5, and from plate B of C, to the 
positive side of the source. As a result, of course, the same amount of charge is deposited 
on the plates of both capacitors in a given period of time, and the total charge (Qr) moved 
through the circuit in that period of time equals the charge stored by Cy and also equals the 
charge stored by C3. 


Or = 01 = Q2 


As the capacitors charge, the voltage across each one increases as indicated. 

Figure 9-18(b) shows the capacitors after they have been completely charged and the 
current has ceased. Both capacitors store an equal amount of charge (Q), and the voltage 
across each one depends on its capacitance value (V = Q/C). By Kirchhoff’s voltage law, 
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which applies to capacitive circuits as well as to resistive circuits, the sum of the capacitor 
voltages equals the source voltage. 


Vs = V, + Vo 


Using the formula V = O/C, you can substitute into the formula for Kirchhoff’s law and 
get the following relationship (where O = Qr = Qi = O»): 

9 Q9 Q 

Er Ci 0 


The O can be factored out of the right side of the equation and canceled with the O on the 
left side as follows: 


Thus, you have the following relationship for two capacitors in series: 


1 1 1 


+ — 
Cr Cy G 


Taking the reciprocal of both sides of this equation gives the formula for the total capaci- 
tance for two capacitors in series. 


Cr = 1 
E 
as + = 
Cı Cy 
This equation can also be expressed equivalently as 
CıC2 
Cr = = = 9-7 
LC +O ai 


EXAMPLE 9-5 


Find the total capacitance Cy in Figure 9-19. 


Č Cc FIGURE 9-19 


100 pF 330 pF 


Vs 


SOLUTION 
Ci + Cp 100 pF + 330 pF 


Cr = 76.7 pF 


RELATED PROBLEM 
Determine Cy if C} = 470 pF and C, = 680 pF in Figure 9-19. 


GENERAL FORMULA Although more than two capacitors in series is rare in prac- 
tical circuits, you should be aware of the general formula, should the situation arise. The 
equation for two series capacitors can be extended to any number of capacitors in series, as 
shown in Figure 9-20. 
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FIGURE 9-20 General circuit with 
n capacitors in series. 


The formula for total capacitance for any number of capacitors in series is developed 
as follows; the subscript n can be any number. 


1 1 1 
—= HO 
Cr Ci 2 3 Cy 
C see = A o O (9-8) 
E E 
1 C 3 o 


Remember, 


The total series capacitance is always less than the smallest capacitance. 


EXAMPLE 9-6 


Determine the total capacitance in Figure 9-21. 


a o a FIGURE 9-21 


104F  474F  82uF 


SOLUTION 


1 1 
T> i 1 1 1 1 1 si 


++ + + 


RELATED PROBLEM 


If another 4.7 uF capacitor is connected in series with the three existing capaci- 
tors in Figure 9-21, what is the value of Cr? 


Capacitor Voltages 


The voltage across each capacitor in a series connection depends on its capacitance value 
according to the formula V = Q/C. You can determine the voltage across any individual 
capacitor in series with the following formula: 


v= (8)u ss 
r= C S (9-9) 
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where C, is any capacitor in series, such as Cy, C2, and C3, and so on, and V, is the voltage 
across C,. 


The largest-value capacitor in a series connection will have the smallest voltage 
across it. The smallest-value capacitor will have the largest voltage across it. 


EXAMPLE 9-7 
Find the voltage across each capacitor in Figure 9-22, 


Ci C3 C3 


100 uF 4704F 220 4F 
+ 


Ve == 
25 V T 
FIGURE 9-22 
SOLUTION 
Calculate the total capacitance. 
C : E 60 uF 
MULTISIM = = = 
T 1l d 1l Loy to 1 j 

aS C CG, ©  1004F  4704F | 220 uF 
Open Multisim file E09-07; The voltages are as follows: 
files are found at www. 
pearsonhighered.com/floyd. y= (=) Vys (S) 25 V = 15.0 V 
Measure the voltage across each C] 100 uF 
of the capacitors and compare C 608 
with the calculated values. V, = (E) Vs = ( 5 )zs V = 3.19 V 
Connect another 470 uF Cy 470 uF 
capacitor in series with the other Ci 60 uF 
three and measure the voltage V3; = (E) Vs = ( )ps V = 6.82 V 
across the new capacitor. Also C3 220 uF 
measure the voltage across Ci, RELATED PROBLEM 
C», and C} and compare with 
the previous voltages. Did the Another 470 uF capacitor is connected in series with the existing capacitors in 
values increase or decrease after Figure 9-22, Determine the voltage across the new capacitor, assuming all the 


the fourth capacitor was added? 


capacitors are initially uncharged. 
Why? 


HHF] FEEDBACK IN A COLPITTS OSCILLATOR 


a Oscillators are circuits that generate a repetitive wave. Sinusoidal oscillators are used in 
many systems and for test signals. The circuit shown in Figure 9—23 is a sinusoidal oscil- 
lator designed for producing 550 kHz sine waves, which are used in AM radio receivers to 
mix with the incoming frequency from the antenna. This circuit is an example of one that 
uses a feedback network; a portion of the output is returned by the feedback network to the 
input to be amplified and reinforce the output. The feedback network is shown in the 
shaded box. Our focus is on the capacitors in the feedback network. Although the circuit is 
an ac circuit, the equations for capacitance and capacitor voltages developed with dc 
sources can be applied. 
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Capacitors C, and C} are in series and form a resonant circuit with L 
(resonant circuits are covered in Chapter 13). The total capacitance of C] 
in series with C; is found by Equation 9-7: 

C¡C 2.2 nF)(220 pF 
o Cia _ ) PE) 900 pF 

Ci Cs 2.2nF + 220 pF 


CT 


The amplifier’s signals are referenced to ground, so the feedback 
signal, Vs is the fraction of the output developed across C1. Notice that V¢ 
is returned to the input of the amplifier. You can find the fraction of output 


voltage that is fed back (Ve/ Vou) by rearranging Equation 9-9 and substi- enteral 
tuting, so Vou for Vs and V;for V,. 2.2nF = 220 pF 
A eee (Z) = 0.0909 = 9.1% 
Vs Vou C} 22nF PELO FIGURE 9-23 A Colpitts 


oscillator showing the feedback 
As you can see from this result, the larger capacitor has the smaller fraction of the network. 

output voltage. The gain of the amplifier has to be high enough to keep oscillations going 

and restore the output to 100%. The feedback network determines the required gain for the 

amplifier portion of the Colpitts oscillator. The feedback has returned only 9.1% of the 

output, so the gain needs to be 11 (9.1% X 11 = 100%). 


SECTION 9-3 CHECKUP 


1. Is the total capacitance of series capacitors less than or greater 3. A 0.01 uF and a 0.015 uF capacitor are in series. Determine 


than the value of the smallest capacitor? the total capacitance. 
2. The following capacitors are in series: 100 pF, 220 pF, and 4. Determine the voltage across the 0.01 uF capacitor in Ques- 
560 pF. What is the total capacitance? tion 3 if LO V are connected across the two series capacitors. 


9-4 PARALLEL CAPACITORS 


Capacitances add when they are connected in parallel. As in all parallel circuits, the voltage 
across each capacitor is the same as the source voltage. 


After completing this section, you should be able to 


e Analyze parallel capacitors 


e Determine total capacitance 


When capacitors are connected in parallel, the total capacitance is the sum of the 
individual capacitances because the effective plate area increases. The calculation of total 
parallel capacitance is analogous to the calculation of total series resistance (Chapter 4). 

Figure 9-24 shows two parallel capacitors connected to a dc voltage source. When 
the switch is closed, as shown in part (a), current begins. A total amount of charge (Qr) 
moves through the circuit in a certain period of time. Part of the total charge is stored by Cy 
and part by C>. The portion of the total charge that is stored by each capacitor depends on 
its capacitance value according to the relationship O = CV. 

Figure 9—24(b) shows the capacitors after they have been completely charged and the 
current has stopped. Since the voltage across both capacitors is the same, the larger capacitor 
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(a) The amount of charge on (b) Or = Q, + 0, 
each capacitor is directly 
proportional to its 
capacitance value. 


FIGURE 9-24 Capacitors in parallel produce a total capacitance 
that is the sum of the individual capacitances. 


stores more charge. If the capacitors are equal in value, they store an equal amount of 
charge. The charge stored by both of the capacitors together equals the total charge that 
was delivered from the source. 


Or = Qj tQ 
Since Q = CV, Equation 9-2, you can use substitution to get the following relationship: 
CrVs = Ci Vs T CVs 


Because all the Vs terms are equal, they can be canceled. Therefore, the total capacitance 
for two capacitors in parallel is 


Cr = Ci + Cz (9-10) 


EXAMPLE’ S230 ——_—_—_—_i- 


What is the total capacitance in Figure 9-25? What is the voltage across each 


capacitor? 
+ 
5y al pe pe 
SOLUTION 


The total capacitance is 
Cr = Cy + C = 330pF + 220pF = 550 pF 
The voltage across each capacitor in parallel is equal to the source voltage. 


Vs =V, =VW=5V 


RELATED PROBLEM 


What is Cr if a 100 pF capacitor is connected in parallel with Cı and C) in 
Figure 9-25? 
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reason, you should be aware of the general formula. Equation 9-10 can be 
extended to any number of capacitors in parallel, as shown in Figure 9-26. The 
expanded formula is as follows; the subscript n can be any number. 


GENERAL FORMULA There are a few cases in practical circuits where 
you may find more than two parallel capacitors. In some industrial plants, par- Ll 
allel capacitors can be switched into the circuit depending on the load. For this 


FIGURE 9-26 General circuit 
Cr = Cp CAES = FC, (9-11) with n capacitors in parallel. 


EXAMPLE 9-9 


Determine Cr in Figure 9-27, 


FIGURE 9-27 


SOLUTION 
Cr = C1 + Cy + Cz = 0.01 uF + 0.022 uF + 0.01 uF = 0.042 pF 


RELATED PROBLEM 


If one more 0.01 uF capacitor is connected in parallel in Figure 9-27, what is Cr? 


SECTION 9-4 CHECKUP 


1. How is total parallel capacitance determined? 3. The following capacitors are in parallel: 10 pF, 56 pF, 33 pF, 


d 68 pF. What is Cr? 
2. Ina certain application, you need 0.05 uF. The only capacitor e E AT 


value available is 0.01 uF, and this capacitor is available in large 
quantities. How can you get the total capacitance that you need? 


9-5 CAPACITORS IN DC CIRCUITS 


A capacitor will charge up when it is connected to a de voltage source. The buildup of charge 
across the plates occurs in a predictable manner that is dependent on the capacitance and the 
resistance in a circuit. 


After completing this section, you should be able to 


e Describe how a capacitor operates in a de switching circuit 
e Describe the charging and discharging of a capacitor 
¢ Define RC time constant 
¢ Relate the time constant to charging and discharging 
e Write equations for the charging and discharging curves 
e Explain why a capacitor blocks constant de 
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Charging a Capacitor 


A capacitor will charge when it 1s connected to a de voltage source, as shown in Figure 
9-28. The capacitor in part (a) is uncharged; that is, plate A and plate B have equal num- 
bers of free electrons. When the switch is closed, as shown in part (b), the source moves 
electrons away from plate A through the circuit to plate B as the arrows indicate. As plate 
A loses electrons and plate B gains electrons, plate A becomes positive with respect to plate 
B. As this charging process continues, the voltage across the plates builds up rapidly until 
it is equal to the source voltage, Vs, but opposite in polarity, as shown in part (c). When the 
capacitor is fully charged, there is no current. 


A capacitor blocks constant dc. 


When the charged capacitor is disconnected from the source, as shown in Figure 
9—28(d), it remains charged for long periods of time, depending on its leakage resistance. 
The charge on an electrolytic capacitor generally leaks off more rapidly than in other 
types of capacitors. 


Fewer electrons More electrons 
make plate A make plate B 
more positive. more negative. 


(a) Uncharged (b) Charging (c) Fully charged (d) Retains charge 


FIGURE 9-28 Charging a capacitor. 


Discharging a Capacitor 


When a conductor is connected across a charged capacitor, as shown in Figure 9-29, the 
capacitor will discharge. In this particular case, a very low resistance path (the conductor) 
is connected across the capacitor with a switch. Before the switch is closed, the capacitor is 
charged to 50 V, as indicated in part (a). When the switch is closed, as shown in part (b), the 
excess electrons on plate B move through the circuit to plate A (indicated by the arrows); as 
a result of the current through the low resistance of the conductor, the energy stored by the 
capacitor is dissipated in the resistance of the conductor. The charge is neutralized when 
the numbers of free electrons on both plates are again equal. At this time, the voltage across 
the capacitor is zero, and the capacitor is completely discharged, as shown in part (c). 


(a) Retains charge (b) Discharging (c) Uncharged 


FIGURE 9-29 Discharging a capacitor. 


Current and Voltage During Charging 
and Discharging 


Notice in Figures 9—28 and 9-29 that the direction of electron flow during discharge is 
opposite to that during charging. It is important to understand that, ideally, there is no cur- 
rent through the dielectric of the capacitor during charging or discharging because the 
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dielectric is an insulating material. There is current from one plate to the other only 
through the external circuit. 

Figure 9-30(a) shows a capacitor connected in series with a resistor and a switch to a 
de voltage source. Initially, the switch is open and the capacitor is uncharged with zero 
volts across its plates. At the instant the switch is closed, the current jumps to its maximum 
value and the capacitor begins to charge. The current is maximum initially because the 
capacitor has zero volts across it and, therefore, effectively acts as a short; thus, the current 
is limited only by the resistance. As time passes and the capacitor charges, the current 
decreases and the voltage across the capacitor (Vç) increases. The resistor voltage is pro- 
portional to the current during this charging period. 


Current jumps to maximum at instant 
switch is closed; then it decreases. 


~<— Voltage is 
zero at instant 
switch is 
closed; then 
it increases. 


(a) Charging: Capacitor voltage increases as the current 


and resistor voltage decrease. The current is zero. 


Current jumps to maximum at instant 
switch is closed; then it decreases. 


WU 
waz 


£ © © o 


wy) 


as Capacitor 
discharges. 


Discharging current 


(c) Discharging: Capacitor voltage, resistor voltage, and the current decrease 
from their initial maximum values. Note that the discharge current is 
opposite to the charge current. 


FIGURE 9-30 Current and voltage in a charging and discharging capacitor. 


After a certain period of time, the capacitor reaches full charge. At this point, the cur- 
rent is zero and the capacitor voltage is equal to the de source voltage, as shown in Figure 
9—30(b). If the switch were opened now, the capacitor would retain its full charge (neglect- 
ing any leakage). 

In Figure 9-30(c), the voltage source has been removed. When the switch is closed, 
the capacitor begins to discharge. Initially, the current jumps to a maximum but in a direc- 
tion opposite to its direction during charging. As time passes, the current and capacitor 
voltage decrease. The resistor voltage is always proportional to the current. When the 
capacitor has fully discharged, the current and the capacitor voltage are zero. 

Remember these two rules about capacitors in de circuits: 


1. A capacitor appears as an open to constant voltage. 


2. A capacitor appears as a short to an instantaneous change in voltage. 


Now let’s examine in more detail how the voltage and current change with timesinsa 
capacitive circuit. 


<— Voltage decreases 


(b) Fully charged: Capacitor voltage equals source voltage. 


SAFETY NOTE 


Capacitors can store charge for 
a long time after power has 
been turned off. Be careful 
when touching or handling 
capacitors in or out of a circuit. 
If you touch the leads, you may 
be in for a shock as the 
capacitor discharges through 
you! It is good practice to 
discharge a capacitor using a 
shorting tool with an insulated 
grip before handling the 


»rep3oltps. 
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Surge Resistor 
Surge resistor 


A typical small power supply for electronic a eS 
systems has a bridge rectifier to change ac to Bridge 

pulsating dc, a filter capacitor to smooth the rectifier 

pulses, and a regulator to provide a constant 
de output. Many times, you will see a small- 
value resistor between the rectifier and the 


regulator. This resistor limits inrush current 
to the capacitor when the supply is first 
turned on. The capacitor is typically a large 
value and has the highest current when it is initially uncharged. By limiting charging current, 
the surge resistor prevents blowing a fuse or tripping a circuit breaker. 


The RC Time Constant 


In a practical situation, there cannot be capacitance without some resistance in a circuit. It 
may simply be the small resistance of a wire, or it may be a designed-in resistance. Because 
of this, the charging and discharging characteristics of a capacitor must always be consid- 
ered with the associated series resistance included. The resistance introduces the element 
of time in the charging and discharging of a capacitor. 

When a capacitor charges or discharges through a resistance, a certain time is required 
for the capacitor to charge fully or discharge fully. The voltage across a capacitor cannot 
change instantaneously because a finite time 1s required to move charge from one point to 
another. The time constant of a series RC circuit determines the rate at which the capacitor 
charges or discharges. 


The RC time constant is a fixed time interval that equals the product of the 
resistance and the capacitance in a series RC circuit. 


The time constant is expressed in units of seconds when resistance is in ohms and capaci- 
tance is in farads. It is symbolized by 7 (Greek letter tau), and the formula is 


T = RC (9-12) 
Recall that Z = Q/t. The current depends on the amount of charge moved in a given 
time. When the resistance is increased, the charging current is reduced, thus increasing the 


charging time of the capacitor. When the capacitance is increased, the amount of charge 
increases; thus, for the same current, more time 1s required to charge the capacitor. 


EXAMPLE 9-10 


A series RC circuit has a resistance of 1.0 MO and a capacitance of 4.7 uF. What 
1s the time constant? 


SOLUTION 
r = RC = (10 X 10 0047 x 10 °F) = 4.75 


RELATED PROBLEM 


A series RC circuit has a 270 kQ), resistor and a 3300 pF capacitor. What is the 
time constant in us? 
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When a capacitor is charging or discharging between two voltage levels, the charge 
on the capacitor changes by approximately 63% of the difference in the levels in one time 
constant. An uncharged capacitor charges to approximately 63% of its fully charged volt- 
age in one time constant. When a fully charged capacitor is discharging, its voltage drops 
to approximately 100% — 63% = 37% of its initial voltage in one time constant. This 
change also corresponds to a 63% change. 


The Charging and Discharging Curves 


A capacitor charges and discharges following a nonlinear curve, as shown in Figure 931. 
In these graphs, the approximate percentage of full charge is shown at each time-constant 
interval. This type of curve follows a precise mathematical formula and is called an expo- 
nential curve. The charging curve is an increasing exponential, and the discharging curve 
is a decreasing exponential. It takes five time constants to reach 99% (considered 100%) of 
the final voltage. This five time-constant interval is generally accepted as the time to fully 
charge or discharge a capacitor and is called the transient time. 


Ve ve 


Vr (final voltage) V; (initial voltage) 


0 17 27 37 Ar 57 0 17 27 37 Ar 57 


(a) Charging curve with percentages of the final voltage (b) Discharging curve with percentages of the initial voltage 


FIGURE 9-31 Exponential voltage curves for the charging and discharging of a capacitor in 
an RC circuit. 


GENERAL FORMULA The general expressions for either increasing or decreasing 
exponential curves are given in the following equations for both instantaneous voltage and 
current: 


v = Vr + (V; — Vee Y (9-13) 
i = Ip t+; — Ipe" (9-14) 


where V and Ip are the final values of voltage and current and V; and J; are the initial val- 
ues of voltage and current. The lowercase italic letters v and i are the instantaneous values 
of the capacitor voltage and current at time t, and e is the base of natural logarithms. The e* 
key on a calculator makes it easy to work with this exponential term. 


CHARGING FROM ZERO The formula for the special case in which an increasing 
exponential voltage curve begins at zero (V; = 0), as shown in Figure 9-31(a), is given in 
Equation 9-15. It is developed as follows, starting with the general formula, Equation 9-13. 


v = Vp + (V; — Ve” = Vp + (0 — Vee VRE = Vp — Vree 
Factoring out Vr, you have 
v = Vr — e ES) (9-15) 
Using Equation 9-15, you can calculate the value of the charging voltage of a capacitor at 


any instant of time if it is initially uncharged. You can calculate an increasing current by 
substituting i for v and Ip for Vp in Equation 9-15. 
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EXAMPLE 9-11 


In Figure 9-32, determine the capacitor voltage 50 us after the switch is closed if 
the capacitor initially is uncharged. Draw the charging curve. 


im 
EO Jin 


FIGURE 9-32 


SOLUTION 
The time constant 1s 
T= RC = (8.2k0)(0.01 uF) = 82 us 


The voltage to which the capacitor will fully charge is 50 V (this is Vr). The ini- 
tial voltage is zero. Notice that 50 pus 1s less than one time constant; so the capac- 
itor will charge less than 63% of the full voltage in that time. 


ve = Vel e VRC) = (50 V) — e05/8%5) = 22,8 V 


The charging curve for the capacitor is shown in Figure 9-33. 


v (V) 


FIGURE 9-33 


RELATED PROBLEM 


Determine the capacitor voltage 15 us after the switch is closed in Figure 9-32. 


DISCHARGING TO ZERO The formula for the special case in which a decreasing 
exponential voltage curve ends at zero (Vr = 0), as shown in Figure 9-31(b), is derived 
from the general formula as follows: 


v = Vp + (Vi — Vie! = 0 + (V; — Oe RC 
This reduces to 
p= ae ES (9-16) 


where V; is the voltage at the beginning of the discharge. You can use this formula to 
calculate the discharging voltage at any instant. The exponent —t/RC can also be written 
as —t/T. 
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EXAMPLE 9-12 


Determine the capacitor voltage in Fig- 

ure 9-34 at a point in time 6 ms after the 

switch is closed. Draw the discharging +l c A 
Curve. aw T 22 uF 10kO 
SOLUTION = = 

The discharge time constant is FIGURE 9-34 


T = RC = (10k0)(2.2 uF) = 22 ms 


The initial capacitor voltage is 10 V. Notice that 6 ms is less than one time 
constant, so the capacitor will discharge less than 63%. Therefore, it will have a 
voltage greater than 37% of the initial voltage at 6 ms. 


vo = Vie VRE = (10 Vje 0/25 = 7,61 V 


The discharging curve for the capacitor is shown in Figure 9-35. 


v (V) FIGURE 9-35 
10 
7.61 | 
t S 
06 110 oe) 
57 


RELATED PROBLEM 


In Figure 9-34, change R to 2.2kQ) and determine the capacitor voltage 1 ms 
after the switch 1s closed. 


GRAPHICAL METHOD USING UNIVERSAL EXPONENTIAL CURVES 
The universal curves in Figure 9-36 provide a graphic solution of the charge and discharge 
of capacitors. Example 9-13 illustrates this graphical method. 


vori FIGURE 9-36 Normalized 
universal exponential curves. 
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EXAMPLE 9-13 


How long will it take the capacitor 
in Figure 9-37 to charge to 75 V? 7 
What is the capacitor voltage 2 ms t 100 kQ 


after the switch is closed? Use the 100V -= - 
il 0.01 uE 


normalized universal curves in Fig- 
ure 9-36 to determine the answers. 


SOLUTION FIGURE 9-37 


The final voltage is 100 V, which is the 100% level (1.0) on the graph. The 
value 75 V 1s 75% of the maximum, or 0.75 on the graph. You can see that this 
value occurs at 1.4 time constants. In this circuit one time constant 1s 
RC = (100k0)(0.01 uF) = 1 ms. Therefore, the capacitor voltage reaches 
75 V at 1.4 ms after the switch 1s closed. 

The capacitor 1s at approximately 86 V (0.86 on the vertical axis) in 2 ms. 
These graphic solutions are shown in Figure 9-38. 


FIGURE 9-38 


RELATED PROBLEM 


Using the normalized universal exponential curves, determine how long it will 
take the capacitor in Figure 9-37 to charge to 50 V from zero. What is the capac- 
itor voltage 3 ms after switch closure? 


Response to a Square Wave 


A common case that illustrates the rising and falling exponential occurs when an RC cir- 
cuit is driven with a square wave that has a long period compared to the time constant. The 
square wave provides on and off action but, unlike a single switch, it provides a discharge 
path back through the generator when the wave drops back to zero. 

When the square wave rises, the voltage across the capacitor rises exponentially 
toward the maximum value of the square wave in a time that depends on the time constant. 
When the square wave returns to the zero level, the capacitor voltage decreases exponen- 
tially, again depending on the time constant. The internal resistance of the square wave 
generator is part of the RC time constant; however, it can be ignored if it is small compared 
to R. The following example shows the waveforms for the case where the period is long 
compared to the time constant; other cases will be covered in detail in Chapter 15. 
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EXAMPLE 9-14 


For the circuit in Figure 9—39(a), calculate the voltage across the capacitor every 0.1 ms for one complete period 
of the input waveform shown in Figure 9—39(b). Then sketch the capacitor waveform. Assume the internal resist- 
ance of the generator is negligible. 


R 
V, (V) 
15 kQ 
V, 
J C 
2.5 V 25 

10 KkHz 0.0056 uF 

0 t (ms) 
0 0.5 1.0 
FIGURE 9-39 
SOLUTION 


T = RC = (15 KQ)(0.0056 uF) = 0.084 ms 


The period of the square wave is 1 ms, which is approximately 127. This means that 6r will elapse after each 
change of the pulse, allowing the capacitor to fully charge and fully discharge. 

For the increasing exponential, 

v= Vp(1 - g RO = Vr — a 

At 0.1 ms: v = 2.5 V(1 — e ®1™ms/0.084ms) — 1,74 V 

At 0.2 ms: v = 2.5 V(1 — e 0-2m5/0.084ms, — 2,27 V 

At 0.3 ms: v = 2.5 V(1 =g 0-3m8/0.084ms) — 2 43 y 

At0.4 ms: v = 2.5 V(1 — e 04ms/0.084ms) — 2 48 V 

AtS msy =25V(1 = e 0oms/ 0.0m) = 2 49'y 


For the decreasing exponential, 
E A aver" 


In the equation, time is shown from the point when the change occurs (subtracting 0.5 ms from the actual 
time). For example, at 0.6 ms, £ = 0.6 ms — 0.5 ms = 0.1 ms. 


At 0.6 ms: v = 2.5 V(e 0-1ms/0.084ms, — 0,76 V Ve (V) 
At 0.7 ms: v = 2.5 V(e 0-2m5/0.084ms, — 9 93 y 


At0.8 ms: v = 2.5 V(e 03ms/0.084m5, = 0,07 V : 

At 0.9 ms: y = 2.5 V(e 04ms/0.08%ms, — 9 92 V a 

At 1.0 ms: y = 2.5 V(e 05ms/0.08%ms, — 9 01 V 

Figure 9-40 is a graph of these results. i 
RELATED PROBLEM Ñ 0.5 lo 
What is the capacitor voltage at 0.65 ms? FIGURE 9-40 


SECTION 9-5 CHECKUP 


1. Determine the time constant when R = 1.2k0 and 3. A certain circuit has a time constant of 1 ms. If it is charged 
C = 1000 pF. with a 10 V battery, what will the capacitor voltage be at each 
of the following times: 2 ms, 3 ms, 4 ms, and 5 ms? The 


2. If the circuit in Question 1 is charged with a 5 V source, es, one 
capacitor is initially uncharged. 


how long will it take the initially uncharged capacitor to 
reach full charge? At full charge, what is the capacitor 4. A capacitor is charged to 100 V. If it is discharged through a 
voltage? resistor, what is the capacitor voltage at one time constant? 
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As you know, a capacitor blocks constant de. A capacitor passes ac with an amount of opposition, 
called capacitive reactance, that depends on the frequency of the ac. 


After completing this section, you should be able to 


¢ Describe how a capacitor operates in an ac circuit 
¢ Define capacitive reactance 
e Determine the value of capacitive reactance in a given circuit 
e Calculate the capacitance for series and parallel capacitors 
e Explain why a capacitor causes a phase shift between voltage and current 


e Discuss instantaneous, true, and reactive power in a capacitor 


Capacitive Reactance, Xc 


In Figure 9-41, a capacitor is shown connected to a sinusoidal voltage source. When the 
source voltage is held at a constant amplitude value and its frequency is increased, the 
amplitude of the current increases. Also, when the frequency of the source is decreased, 
the current amplitude decreases. 


Fixed amplitude ac 
voltage source 


LT 
iit! | 
A 


(a) Current increases when the frequency (b) Current decreases when the frequency 
increases. decreases. 


FIGURE 9-41 The current in a capacitive circuit varies directly with the 
frequency of the source voltage. 


B has the greater B A When the frequency of the voltage increases, its rate of change also 
rate of change increases. This relationship is illustrated in Figure 9-42, where the frequency is 
(steeper slope, : : , : 

more cycles per doubled. Now, if the rate at which the voltage is changing increases, the amount 
second). of charge moving through the circuit in a given period of time must also 


increase. More charge in a given period of time means more current. For exam- 
ple, a tenfold increase in frequency means that the capacitor is charging and 
discharging 10 times more often in a given time interval. The rate of charge 
movement has increased 10 times. This means the current has increased by 10 
because I = Q/t. 
An increase in the amount of current with a fixed amount of voltage indi- 
FIGURE 9-42 Rate of cates that opposition to the current has decreased. Therefore, the capacitor offers opposition 


change of a sine wave increases +) current, and that opposition varies inversely with frequency. 
when frequency increases. 


The opposition to sinusoidal current in a capacitor is called capacitive reactance. 


The symbol for capacitive reactance is Xç, and its unit is the ohm (0). 
You have just seen how frequency affects the opposition to current (capacitive reac- 
tance) in a capacitor. Now let’s see how the capacitance (C) itself affects the reactance. 
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Figure 9-43(a) shows that when a sinusoidal voltage with a fixed amplitude and fixed fre- 
quency is applied to a 1 uF capacitor, there is a certain amount of alternating current. 
When the capacitance value is increased to 2 uF, the current increases, as shown in Figure 
9-43(b). Thus, when the capacitance is increased, the opposition to current (capacitive 
reactance) decreases. Therefore, not only is the capacitive reactance inversely proportional 
to frequency, but it is also inversely proportional to capacitance. This relationship can be 
stated as follows: 


1 
Xc is proportional to —. 
c 15 prop fC 
It can be proven that the constant of proportionality that relates Xç to 1/fC is 1/27. 
Therefore, the formula for capacitive reactance (XC) is 


1 
DA -17 
Xc 25 fC (9-17) 


Xc 1s in ohms when fis in hertz and C is in farads. The 277 term comes from the fact that, 
as you learned in Chapter 8, a sine wave can be described in terms of rotational motion, 
and one revolution contains 27 radians. 


(a) Less capacitance, less current (b) More capacitance, more current 


FIGURE 9-43 For a fixed voltage and fixed frequency, the current varies 
directly with the capacitance value. 


EXAMPLE 9-15 


A sinusoidal voltage is applied to a capacitor, as shown in Figure 9-44. The fre- 
quency of the sine wave is 1.0 kHz. Determine the capacitive reactance. 


FIGURE 9-44 
C 


à T 0.0047 uF 


SOLUTION 


1 1 
© 2nfC 2m(1.0 x 10° Hz) (0.0047 x 10% F) 


Xc = 33.9 kQ 


RELATED PROBLEM 


Determine the frequency required to make the capacitive reactance in Figure 
9—44 equal to 10 kD. 
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Reactance for Series Capacitors 


When capacitors are in series in an ac circuit, the total capacitance is smaller than the 
smallest individual capacitance. Because the total capacitance is smaller, the total capaci- 
tive reactance (opposition to current) must be larger than any individual capacitive reac- 
tance. With series capacitors, the total capacitive reactance (Xcton) is the sum of the 
individual reactances. 


Xcoor = Xcı + Xe + Xc3 + te + Xen (9-18) 


Compare this formula with Equation 4—1 for finding the total resistance of series 
resistors. In both cases, you simply add the individual oppositions. 


Reactance for Parallel Capacitors 


In ac circuits with parallel capacitors, the total capacitance is the sum of the capacitances. 
Recall that the capacitive reactance is inversely proportional to the capacitance. Because 
the total parallel capacitance is larger than any individual capacitances, the total capacitive 
reactance must be smaller than the reactance of any individual capacitor. With parallel 
capacitors, the total reactance is found by 


E _ E _ o. 1 
C (tot) 1 1 1 (9-19) 


—— + — + —+ + 
Xca Aca Xc XCn 


Compare this formula with Equation 5—1 for parallel resistors. As in the case of par- 
allel resistors, the total opposition (resistance or reactance) is the reciprocal of the sum of 
the reciprocals of the individual oppositions. 

For two capacitors in parallel, Equation 9-19 can be reduced to the product-over-sum 
form. This is useful because, for most practical circuits, more than two capacitors in paral- 
lel is not common. 

XciXc, 


X Caor EY 


YY A WV. DÍ 
AC] | AC? 


EXAMPLE 9-16 


What is the total capacitive reactance in each circuit in Figure 9-45? 


A 0.01 uF 
f=5.0 kHz Vs ol Ca 
A f=5.0 kHz | 0.01 uF | 0.068 uF 
2 
FIGURE 9-45 


SOLUTION 


The reactances of the individual capacitors are the same in both circuits. 


1 1 
Xc = = = 3.18 KQ 
C1 2fC,  21(5.0kHz)0.01 uF) . 

1 1 
XC = = = 468 Q 


2mfC,  211(5.0kHz)(0.068 uF) 
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Series Circuit: For the capacitors in series in Figure 9-45(a), the total reactance is 
the sum of Xçı and Xc, as given in Equation 9-18. 


X C(tot) = Xcj F Xc = 3.18 kO + 468 O = 3.65 kO 


Alternatively, you can obtain the total series reactance by first finding the total 
capacitance using Equation 9-7. Then substitute that value into Equation 9-17 to 
calculate the total reactance. 


CıC2) (0.01 uF)(0.068 uF) 


C= = = 0.0087 uF 
tC, + Cy 0.01 uF + 0.068 uF dl 
1 1 
Xeon == = = 3.65k0 
CO!) Cs  21r(5.0kH2)(0.0087 uF) ae 


Parallel Circuit: For the capacitors in parallel in Figure 9-45(b), determine the 
total reactance from the product-over-sum rule using X¢ and Xc). 

7 = Xaoo (3.18 kO)(468 O) 

CO) Xea Aoa 3.18k0 + 468 0 


= 408 Q 


RELATED PROBLEM 


Determine the total parallel capacitive reactance by first finding the total capacitance. 


OHM’S LAW | The reactance of a capacitor is analogous to the resistance of a resistor. 
In fact, both are expressed in ohms. Since both R and Xç are forms of opposition to cur- 
rent, Ohm’s law applies to capacitive circuits as well as to resistive circuits. 


I = — (9-20) 


When applying Ohm’s law in ac circuits, you must express both the current and the 
voltage in the same way, that is, both in rms, both in peak, and so on. 


EXAMPLE 9-17 


Determine the rms current in Figure 9—46. 


FIGURE 9-46 
Vims = 5 V 
f= 10 kHz T 0.0056 uF 
SOLUTION 
First, find Xc. 
1 1 
Xc = 35 = z a 264k 
2TmfC 21r(10 X 10° Hz) (0.0056 x 10° F) 
Then, apply Ohm’s law. MULTISIM 
Vims 5V X 
Lms = ES = 1.76 mA — 
ms Xo — 2.84k0 ii 


Open Multisim file E09-17. 
Measure the rms current and 
compare with the calculated 
value. Change the frequency of 
the source voltage to 25 kHz 
and measure the current. 


RELATED PROBLEM 


Change the frequency in Figure 9—46 to 25 kHz and determine the rms value of 
the current. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


414 CHAPTER 9 + CAPACITORS 


Capacitive Voltage Divider 


In ac circuits, capacitors can be used in applications that require a voltage divider. The 
voltage across a series capacitor was given as Equation 9-9, which is repeated here. 


cwr) 
y, = V, 


A resistive voltage divider is expressed in terms of a resistance ratio, which 1s a ratio 
of oppositions. You can think of the capacitive voltage divider by applying this idea from 
a resistive divider, but using reactance in place of resistance. The equation for the voltage 
across a capacitor in a capacitive voltage divider can be written as 


x 
V, = (==) V, (9-21) 
X C(tot) 


where Xc, is the reactance of capacitor Cy, Xcaon 18 the total capacitive reactance, and V, 
is the voltage across capacitor C,. Compare this equation with Equation 4—5. Either Equa- 
tion 9-9 or Equation 9-21 can be used to find the voltage from a divider as illustrated in 
the following example. 


EXAMPLE 9-18 


What is the voltage across C> in the circuit of Figure 9-47? 


FIGURE 9-47 


SOLUTION 


The reactance of the individual capacitors and the total reactance were deter- 
mined in Example 9-16. Substituting into Equation 9-21, 


Xo ) ( 468 Q 
V, = V, = | 7 ]}10 V = 1.28 V 
A E 5 3.65 kO y 


Notice that the voltage across the larger capacitor is the smaller fraction of the 
total. You can obtain the same result from Equation 9-9: 


Y, = (Sey = E e Jtov = 1.28 V 
2 XC,)* \ 0.068 uF = 


RELATED PROBLEM 


Use Equation 9-21 to determine the voltage across Cj. 


Current Leads Capacitor Voltage by 90° 


A sinusoidal voltage is shown in Figure 9-48. Notice that the rate at which the voltage is 
changing varies along the sine wave curve, as indicated by the “steepness” of the curve. At 
the zero crossings, the curve is changing at a faster rate than anywhere else along the 
curve. At the peaks, the curve has a zero rate of change because it has just reached its 
maximum and is at the point of changing direction. 
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Zero rate of change at 


positive peak 
Maximum positive 


rate of change 


(steepest) at zero 

crossing 
Maximum negative 
rate of change (steepest) XK 
at zero crossing 


Zero rate of change at V¿=0 V¿=+max V¿=0 V¿=- max 
negative peak lpg=+max I¿=0 I¿=-max 1¿=0 


FIGURE 9-48 The rates of change of a sine wave. FIGURE 9-49 Current is always leading the 
capacitor voltage by 90°. 


The amount of charge stored by a capacitor determines the voltage across 1t. There- 
fore, the rate at which the charge is moved (Q/t = J) from one plate to the other determines 
the rate at which the voltage changes. When the current is changing at its maximum rate (at 
the zero crossings), the voltage is at its maximum value (peak). When the current is chang- 
ing at its minimum rate (zero at the peaks), the voltage is at its minimum value (zero). This 
phase relationship is illustrated in Figure 9-49. As you can see, the current peaks occur a 
quarter of a cycle before the voltage peaks. Thus, the current leads the voltage by 90°. 


Power in a Capacitor 


As discussed earlier in this chapter, a charged capacitor stores energy in the electric field 
within the dielectric. An ideal capacitor does not dissipate energy; it only stores energy 
temporarily. When an ac voltage is applied to a capacitor, energy is stored by the capacitor 
during one-quarter of the voltage cycle. Then the stored energy is returned to the source 
during another quarter of the cycle. There is no net energy loss. Figure 9-50 shows the 
power curve that results from one cycle of capacitor voltage and current. 


Power curve 
REVI 


FIGURE 9-50 Power curve for a capacitor. 


INSTANTANEOUS POWER (p) The product of instantaneous voltage, v, and 
instantaneous current, i, gives instantaneous power, p. At points where v or i is zero, p is also 
zero. When both v and i are positive, p 1s also positive. When either v or i is positive and the 
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other negative, p is negative. When both v and i are negative, p is positive. As you can see, 
the power follows a sinusoidal-shaped curve. Positive values of power indicate that energy 
1s stored by the capacitor. Negative values of power indicate that energy 1s returned from 
the capacitor to the source. Note that the power fluctuates at a frequency twice that of the 
voltage or current, as energy 1s alternately stored and returned to the source. 


TRUE POWER (Pue) Ideally, all of the energy stored by a capacitor during the 
positive portion of the power cycle is returned to the source during the negative portion. 
No net energy 1s lost due to conversion to heat in the capacitor, so the true power 1s zero. 
Actually, because of leakage and foil resistance in a practical capacitor, a small percentage 
of the total power is dissipated in the form of true power. 


REACTIVE POWER (P,.) The rate at which a capacitor stores or returns energy is 
called its reactive power, P,. The reactive power 1s a nonzero quantity, because at any 
instant in time, the capacitor 1s actually taking energy from the source or returning 
energy to it. Reactive power does not represent an energy loss. The following formulas 


apply: 
P CS Warps horas (9-22) 
y? 
P, = — (9-23) 
Xc 
A (9-24) 


Notice that these equations are of the same form as those introduced in Chapter 3 for true 
power in a resistor. The voltage and current are expressed as rms values. The unit of reac- 
tive power is VAR (volt-ampere reactive). 


EXAMPLE 9-19 


Determine the true power and the reactive power in Figure 9-51. 


FIGURE 9-51 


SOLUTION 


The true power Prue 18 always zero for an ideal capacitor. Determine the reactive 
power by first finding the value for the capacitive reactance and then using Equa- 


tion 9-23. 
oe E = 796k0 
CT AFC m2 X 10 Hz) (0.01 x 108) ` 
Vis .. Oy pa 
P. = = = 503 X 10° VAR = 503 uVAR 


Xc  796k0 


RELATED PROBLEM 


If the frequency is doubled in Figure 9-51, what are the true power and the reac- 
tive power? 
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SECTION 9-6 CHECKUP 


1. Calculate Xç for f = 5 kHz and C = 47 pF. 6. In Question 5, determine the reactive power at a frequency of 
. 500 Hz. 

2. At what frequency is the reactance of a 0.1 uF capacitor equal Í 

to2kQ? 
3. Calculate the rms current in Figure 9-52, 

Vs = l V 

4. State the phase relationship between current and voltage in a f =1 MHz 0.1 uF 

capacitor. 
5. A 1 uF capacitor is connected to an ac voltage source of 7 7 

12 V rms. What is the true power? FIGURE 9-52 


9-7 CAPACITOR APPLICATIONS 


Capacitors are widely used in electrical and electronic systems. 
After completing this section, you should be able to 


e Discuss some capacitor applications 
e Describe a power supply filter 
e Explain the purpose of coupling and bypass capacitors 


e Discuss the basics of capacitors applied to tuned circuits, timing circuits, and computer 
memories 


If you pick up any circuit board, open any power supply, or look inside any piece of 
electronic equipment, chances are you will find capacitors of one type or another. These 
components are used for a variety of purposes in both de and ac systems. 


Electrical Storage 


One of the most basic applications of a capacitor is as a backup voltage source for low- 
power circuits such as certain types of semiconductor memories in computers. This par- 
ticular application requires a very high capacitance value and negligible leakage. 

A storage capacitor is connected between the dc power supply input to the circuit and 
ground. When the circuit is operating from its normal power supply, the capacitor remains 
fully charged to the dc power supply voltage. If the normal power source is disrupted, 
effectively removing the power supply from the circuit, the storage capacitor temporarily 
becomes the power source for the circuit. 

A capacitor provides voltage and current to a circuit as long as its charge remains suf- 
ficient. As current is drawn by the circuit, charge is removed from the capacitor and the volt- 
age decreases. For this reason, a storage capacitor can only be used as a temporary power 
source. The length of time that a capacitor can provide sufficient power to a circuit depends 
on the capacitance and the amount of current drawn by the circuit. The smaller the current 
and the higher the capacitance, the longer the time a capacitor can provide power to a circuit. 


Power Supply Filtering 


A basic de power supply consists of a circuit known as a rectifier followed by a filter. The 
rectifier converts the 120 V, 60 Hz sinusoidal voltage available at a standard outlet to a 
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pulsating de voltage that can be either a half-wave rectified voltage or a full-wave rectified 
voltage, depending on the type of rectifier circuit. As shown in Figure 9-53(a), a half-wave 
rectifier removes each negative half-cycle of the sinusoidal voltage. As shown in Figure 
9-53(b), a full-wave rectifier actually reverses the polarity of the negative portion of each 
cycle. Both half-wave and full-wave rectified voltages are de because, even though they 
are changing, they do not alternate polarity. 


Half-wave 
rectifier 


OV OV 


60 Hz half-wave rectified de voltage 


120 V rms, 60 Hz ac voltage 
from power outlet 


(a) 


OV 


120 V rms, 60 Hz ac voltage 
from power outlet 


(b) 


FIGURE 9-53 Half-wave and full-wave rectifier operation. 


To be useful for powering electronic circuits, the rectified voltage must be changed to 
constant de voltage because all circuits require constant power. When connected to the 
rectifier output, the filter nearly eliminates the fluctuations in the rectified voltage and pro- 
vides a smooth constant-value dc voltage to the load, which is the electronic circuit, as 
indicated in Figure 9-54. 


aoe ee 


120 V rms, 60 Hz ac 120 Hz full-wave rectified de is at the Constant de voltage (ideal) 
rectifier output before the filter is connected 


Full-wave 


a Circuit load 
rectifier 


FIGURE 9-54 Basic block diagram and operation of a de power supply. 


THE CAPACITOR AS A POWER SUPPLY FILTER Capacitors are used as filters 
in de power supplies because of their ability to store electrical charge. Figure 9-55(a) shows a de 
power supply with a full-wave rectifier and a capacitor filter. The operation can be described 
from a charging and discharging point of view as follows. Assume the capacitor is initially 
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de voltage 


with ripple 
A 


\ \ N - E 
output voltage 
DC voltage j N j \ j À P eS 
lr \ \ \ (without capacitor) 
with ripple E \ rf \ sl 
: \ \ \ 
Rectifier j \ i \ / \ 
\ \ \ 
60 Hz ac A ee 
2 23 ES 
resistance 
Q 2 O 2 Q 
a a 


(a) (b) 


FIGURE 9-55 Basic operation of a power supply filter capacitor. 


uncharged. When the power supply is first turned on and the first cycle of the rectified voltage 
occurs, the capacitor will quickly charge through the low resistance of the rectifier. The capacitor 
voltage will follow the rectified voltage curve up to the peak of the rectified voltage. As the recti- 
fied voltage passes the peak and begins to decrease, the capacitor will begin to discharge very 
slowly through the high resistance of the load circuit, as indicated in Figure 9—55(b). The amount 
of discharge is typically very small and is exaggerated in the figure for purposes of illustration. 
The next cycle of the rectified voltage will recharge the capacitor back to the peak value by 
replenishing the small amount of charge lost since the previous peak. This pattern of a small 
amount of charging and discharging continues as long as the power 1s on. 

A rectifier is designed so that it allows current only in the direction to charge the 
capacitor. The capacitor will not discharge back through the rectifier but will only dis- 
charge a small amount through the relatively high resistance of the load. The small fluctua- 
tion in voltage due to the charging and discharging of the capacitor is called the ripple 
voltage. A good de power supply has a very small amount of ripple on its de output. The 
discharge time constant of a power supply filter capacitor depends on its capacitance and 
the resistance of the load; consequently, the higher the capacitance value, the longer the 
discharge time and, therefore, the smaller the ripple voltage. 


DC Blocking and AC Coupling 


Capacitors are commonly used to block the constant de voltage in one part of a circuit 
from getting to another part. As an example of this, a capacitor is connected between two 
stages of an amplifier to prevent the dc voltage at the output of stage 1 from affecting the 
de voltage at the input of stage 2, as illustrated in Figure 9-56. Assume that, for proper 


Amplifier Amplifier 
Input seme | sige? Output 


FIGURE 9-56 An application of a capacitor used to block de and couple ac in an amplifier. 
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operation, the output of stage 1 has a zero de voltage and the input to stage 2 has a 3 V de 
voltage. The capacitor prevents the 3 V dc at stage 2 from getting to the stage 1 output and 
affecting its zero value, and vice versa. 

If a sinusoidal signal voltage is applied to the input to stage 1, the signal voltage is 
increased (amplified) and appears on the output of stage 1, as shown in Figure 9-56. The 
amplified signal voltage is then coupled through the capacitor to the input of stage 2 where 
it is superimposed on the 3 V dc level and then again amplified by stage 2. In order for 
the signal voltage to be passed through the capacitor without being reduced, the capacitor 
must be large enough so that its reactance at the frequency of the signal voltage is negligi- 
ble. In this type of application, the capacitor is known as a coupling capacitor, which ide- 
ally appears as an open to de and as a short to ac. As the signal frequency is reduced, the 
capacitive reactance increases and, at some point, the capacitive reactance becomes large 
enough to cause a significant reduction in ac voltage between stage 1 and stage 2. 


Y 


TRANSISTOR AMPLIFIER 


Amplifiers form the backbone of many electronic systems. All transistor amplifiers 
require de voltages to establish proper operating conditions for amplifying ac signals. 
These de voltages are referred to as bias voltages and are superimposed on the ac sig- 
nals. Figure 9-57 shows a discrete transistor amplifier with two coupling capacitors to 
connect the ac signal to and from the amplifier without affecting the bias voltages. The 
input bias voltage is set up by the voltage divider formed by R; and R», which divide the 
24 V dc supply voltage. 


AC signal plus 
+94 V de dc level at this point 
© 


Only ac input 
signal at this point 
100 kQ 


10 uF Transistor 


AC source symbol 


DC voltage-divider 
bias circuit 


FIGURE 9-57 A discrete transistor amplifier. 


When an ac signal voltage is applied to the amplifier, the input coupling capacitor, 
C¡, prevents ac source from affecting the dc bias voltage. Without the capacitor, the inter- 
nal source resistance would appear in parallel with R, and drastically change the value of 
the de voltage. The coupling capacitance is chosen so that its reactance, Xç, at the fre- 
quency of the ac signal is very small compared to the bias resistor values. The coupling 
capacitance, therefore, efficiently couples the ac signal from the source to the input of the 
amplifier. On the source side of the input coupling capacitor there is only ac, but on the 
amplifier side there is both the ac signal plus the de bias voltage. Capacitor C, is the output 
coupling capacitor, which couples the amplified ac signal to another amplifier stage that 
would be connected to the output. It isolates the dc voltage at the transistor’s output from 
the ac signal. 
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Power Line Decoupling 


Capacitors connected from the de supply voltage line to ground are used on circuit boards 
to decouple unwanted voltage transients or spikes that occur on the de supply voltage 
because of fast switching digital circuits. A voltage transient contains higher frequencies 
that may affect the operation of the circuits. These transients are shorted to ground through 
the very low reactance of the decoupling capacitors. Decoupling capacitors are often used 
at various points along the supply voltage line on a circuit board, particularly near inte- 
grated circuits (ICs). 


Bypassing 


Bypass capacitors are used to bypass an ac voltage around a resistor in a circuit without 
affecting the de voltage across the resistor. In amplifier circuits, for example, dc voltages 
called bias voltages are required at various points. For the amplifier to operate properly, 
certain bias voltages must remain constant and, therefore, any ac voltages must be removed. 
A sufficiently large capacitor connected from a bias point to ground provides a low reac- 
tance path to ground for ac voltages, leaving the constant dc bias voltage at the given point. 
This bypass application 1s illustrated in Figure 9-58. As frequencies decrease, the bypass 
capacitor becomes less effective because of its increased reactance. 


de plus 
ac 


de only 


Point in circuit where Ry 
de only is required 


pe 


FIGURE 9-58 Example of the operation of a bypass capacitor. 


Signal Filters 


Filters are used for selecting one ac signal with a certain specified frequency from a wide 
range of signals with many different frequencies or for selecting a certain band of frequen- 
cies and eliminating all others. A common example of this application is in radio and tel- 
evision receivers where it 1s necessary to select the signal transmitted from a given station 
and eliminate or filter out the signals transmitted from all the other stations in the area. 

When you tune your radio or TV, you are actually changing the capacitance in the 
tuner circuit (which is a type of filter) so that only the signal from the station or channel 
you want passes through to the receiver circuitry. Capacitors are used in conjunction with 
resistors, inductors (covered in Chapter 11), and other components in these types of filters. 

The main characteristic of a filter is its frequency selectivity, which is based on the 
fact that the reactance of a capacitor depends on frequency (Xc = 1/27fC). 
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Timing Circuits 


Another important area in which capacitors are used is in timing circuits that generate 
specified time delays or produce waveforms with specific characteristics. Recall that the 
time constant of a circuit with resistance and capacitance can be controlled by selecting 
appropriate values for R and C. The charging time of a capacitor can be used as a basic 
time delay in various types of circuits. An example is the circuit that controls the turn indi- 
cators on your car where the light flashes on and off at regular intervals. 


Computer Memories 


Dynamic computer memories use capacitors as the basic storage element for binary infor- 
mation, which consists of two digits, | and 0. A charged capacitor can represent a stored | 
and a discharged capacitor can represent a stored O. Patterns of 1s and Os that make up 
binary data are stored in a memory that consists of an array of capacitors with associated 
circuitry. You will study this topic in a computer or digital fundamentals course. 


SECTION 9-7 CHECKUP 


1. Explain how half-wave or full-wave rectified de voltages are 4. Explain the purpose of a decoupling capacitor. 


smoothed out by a filter capacitor. l l l n 
y P 5. Discuss how the relationship of frequency and capacitive 


2. Explain the purpose of a coupling capacitor. reactance is important in frequency-selective circuits such as 


signal filters. 
3. How large must a coupling capacitor be? i abate 


SUMMARY 


e A capacitor is an electrical device that has the ability to store charge. It consists of one or more 
conductors separated by an insulating material called the dielectric. 


e A capacitor stores electrical charge on its plates. 


e Energy is stored in a capacitor by the electric field created between the charged plates in the 
dielectric. 


e Capacitance is measured in units of farads (F). 


e Capacitance is directly proportional to the plate area and the dielectric constant and inversely 
proportional to the distance between the plates (the dielectric thickness). 


e The dielectric constant is an indication of the ability of a material to establish an electric field. 
e The dielectric strength is one factor that determines the breakdown voltage of a capacitor. 


e Capacitors are commonly classified according to the dielectric material. Typical materials are 
mica, ceramic, plastic-film, and electrolytic (aluminum oxide and tantalum oxide). 


e The total capacitance of series capacitors is less than the smallest capacitance. 
e The total capacitance of parallel capacitors is the sum of all the capacitances. 
e A capacitor blocks constant dc. 


e The time constant determines the charging and discharging time of a capacitor with resistance in 
series. 


e Inan RC circuit, the voltage and current during charging and discharging make an approximate 
63% change during each time-constant interval. 


e Five time constants are required for a capacitor to fully charge or discharge. This is called the 
transient time. 


e The approximate percentage of final charge after each charging time-constant interval is given in 
Table 9—4. 


e The approximate percentage of initial charge after each discharging time-constant interval is 
given in Table 9-5. 
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TABLE 9-4 TABLE 9-5 


NUMBER OF APPROXIMATE % NUMBER OF TIME APPROXIMATE % 
TIME CONSTANTS OF FINAL CHARGE CONSTANTS OF INITIAL CHARGE 


ee ee 


e Alternating current in a capacitor leads the voltage by 90°. 

e A capacitor passes ac to an extent that depends on its reactance and the resistance in the rest of the 
circuit. 

e Capacitive reactance is the opposition to ac, expressed in ohms. 

e Capacitive reactance (Xc) is inversely proportional to the frequency and to the capacitance value. 

e The total capacitive reactance of series capacitors is the sum of the individual reactances. 


e The total capacitive reactance of parallel capacitors is the reciprocal of the sum of the reciprocals 
of the individual reactances. 


e Ideally, there is no energy loss in a capacitor and, thus, the true power (watts) is zero. However, 
in most capacitors there is some small energy loss due to leakage resistance. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 


Bypass A capacitor connected from a point to ground to remove the ac signal without affecting the 
de voltage. A special case of decoupling. 


Capacitance The ability of a capacitor to store electrical charge. 
Capacitive reactance The opposition of a capacitor to sinusoidal current. The unit is the ohm. 


Capacitor An electrical device that has the ability to store charge. It consists of one or more con- 
ductors separated by an insulating material called the dielectric. 


Charging The process in which a current removes charge from one plate of a capacitor and depos- 
its it on the other plate, making one plate more positive than the other. 


Coupling The method of connecting a capacitor from between two points in a circuit to allow ac to 
pass from one point to the other while blocking dc. 


Decoupling The method of connecting a capacitor from one point, usually the dc power supply 
line, to ground to short ac to ground without affecting the de voltage. 


Dielectric The insulating material between the plates of a capacitor. 
Dielectric constant A measure of the ability of a dielectric material to establish an electric field. 


Dielectric strength A measure of the ability of a dielectric material to withstand voltage without 
breaking down. 


Exponential A mathematical function described by a natural logarithm (base). The charging and 
discharging of a capacitor are described by an exponential function. 


Farad (F) The unit of capacitance. 
Filter A type of circuit that passes certain frequencies and rejects all others. 
Instantaneous power (p) The value of power in a circuit at any given instant of time. 


RC time constant A fixed time interval set by R and C values that determines the time response of 
a series RC circuit. It equals the product of the resistance and the capacitance. 


Reactive power (P,) The rate at which energy is alternately stored and returned to the source by a 
capacitor. The unit is the VAR. 


Ripple voltage The small fluctuation in voltage due to the charging and discharging of a capacitor. 


Temperature coefficient A constant specifying the amount of change in the value of a quantity for 
a given change in temperature. 
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VAR (volt-ampere reactive) The unit of reactive power. 


KEY FORMULAS 


_2 
(9-1) C= 5 
(9-2) O = CV 
2 
(9-3) v=% 
1 2 
(9-4) W = aor 
9-5) => 
es 


me Ag,(8.85 x 1072 F/m) 


9—6 
(9-6) F 
C1C) 
9-7 Cr = —— 
(9-7) T= OG 
1 
a = 1 1 1 
A 
CG QO G Cn 
(9-9) V, = (Ey 
TF x7 C. S 
(9-10 Cp=HQ,+G 


(9-11) Cr= CO +O, + C3 +- +C, 
(9-12) 7 = RC 

(9-13) v = Ve + (V; — Vee 

(9-14) i = Ip + dU; —Ipe Y 

(9-15) v = Vel — e KC) 


(9-16) v = Ve Tee 
1 

(9-17) Xc = — 

27fC 


(9-18) Xcwot) = Xc + X02 + X03 + tt + Xen 


1 
A A A + . + 
Xa Xo Xc Xen 
020) r=% 
Xc 
X 
(9-21) V= (=v, 
XC (tot) 


(9-22) P, = Vimslims 


Transient time An interval equal to approximately five time constants. 


True power (Prue) The power that is dissipated in a circuit, usually in the form of heat. 


Capacitance in terms of charge and 
voltage 


Charge in terms of capacitance and 
voltage 


Voltage in terms of charge and 
capacitance 


Energy stored by a capacitor 
Dielectric constant (relative per- 
mittivity) 

Capacitance.interms of physical 


parameters 


Total series capacitance (two 
capacitors) 


Total series capacitance (general) 


Voltage across series capacitor 


Two capacitors in parallel 

n capacitors in parallel 

RC time constant 
Exponential voltage (general) 
Exponential current (general) 


Increasing exponential voltage 
beginning at zero 


Decreasing exponential voltage 
ending at zero 


Capacitive reactance 
Capacitive reactance for series 
capacitors 


Capacitive reactance for parallel 
capacitors 


Ohm’s law for a capacitor 


Capacitive voltage divider 


Reactive power in a capacitor 
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y? 
(9-23) P., = — Reactive power in a capacitor 
r X p p 
C 
(9-24) P, = laia Reactive power in a capacitor 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. The area of the plates of a capacitor is proportional to the capacitance. 
2. A capacitance of 1200 pF is the same as 1.2 uF. 


3. When two capacitors are in series with a voltage source, the smaller capacitor will have the 
larger voltage. 


4. When two capacitors are in parallel with a voltage source, the smaller capacitor will have the 
larger voltage. 


5. A capacitor appears as an open to a constant dc. 


6. When a capacitor is charging or discharging between two levels, the charge on the capacitor 
changes by 63% of the difference in one time constant. 


7. Capacitive reactance is proportional to the applied frequency. 
8. The total reactance of series capacitors is the product-over-sum of the individual reactances. 
9. Voltage leads current in a capacitor. 


10. The unit of reactive power is the VAR. 


SELF-TEST 


Answers are at the end of the chapter. 


1. Which of the following accurately describes a capacitor? 


(a) The plates are conductive. 

(b) The dielectric is an insulator between the plates. 

(c) There is constant direct current (dc) through a fully charged capacitor. 

(d) A capacitor stores charge indefinitely when disconnected from the source. 
(e) none of the above answers 

(f) all the above answers 

(g) only answers (a) and (b) 


2. Which one of the following statements is true? 


(a) There is current through the dielectric of a charging capacitor. 

(b) When a capacitor is connected to a de voltage source, it will charge to the value of the 
source. 

(e) A capacitor can be discharged by disconnecting it from the voltage source. 


3. A capacitance of 0.01 uF is larger than 
(a) 0.00001 F (b) 100,000 pF (e) 1000 pF (d) all of these answers 


4. A capacitance of 1000 pF is smaller than 
(a) 0.01 uF (b) 0.001 uF (e) 0.00000001 F (d) answers (a) and (c) 
5. When the voltage across a capacitor is increased, the stored charge 


(a) increases (b) decreases (c) remains constant (d) fluctuates 


6. When the voltage across a capacitor is doubled, the stored charge 


(a) stays the same (b) is halved (e) increases by four (d) doubles 


7. The voltage rating of a capacitor is increased by 
(a) increasing the plate separation (b) decreasing the plate separation 
(c) increasing the plate area (d) answers (b) and (c) 
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8. The capacitance value is increased by 


(a) decreasing plate area (b) increasing plate separation 
(c) decreasing plate separation (d) increasing plate area 
(e) answers (a) and (b) (f) answers (c) and (d) 
9. Al uF, a 2.2 uF, and a 0.047 uF capacitor are connected in series. The total capacitance is less 
than 
(a) 1 uF (b) 2.2 uF (e) 0.047 uF (d) 0.001 uF 


10. Four 0.022 uF capacitors are in parallel. The total capacitance is 
(a) 0.022 uF (b) 0.088 uF (c) 0.011 uF (d) 0.044 uF 
11. An uncharged capacitor and a resistor are connected in series with a switch and a 12 V battery. 
At the instant the switch is closed, the voltage across the capacitor is 
(a) 12 V (b) 6V (c) 24 V (d) OV 
12. In Question 11, the voltage across the capacitor when it is fully charged is 
(a) 12 V (b) 6V (e) 24 V (d) —6 V 
13. In Question 11, the capacitor will reach full charge in a time equal to approximately 
(a) RC (b) SRC (e) 12RC (d) cannot be predicted 


14. A sinusoidal voltage is applied across a capacitor. When the frequency of the voltage is 
increased, the current 
(a) increases (b) decreases (c) remains constant (d) ceases 


15. A capacitor and a resistor are connected in series to a sine wave generator. The frequency is set 
so that the capacitive reactance is equal to the resistance and, thus, an equal amount of voltage 
appears across each component. If the frequency is decreased, 


(a) Vr > Ve (b) Ve > Vr (c) Ve = Ve (d) Ve < Vr 


TROUBLESHOOTING: SYMPTOM 
AND CAUSE 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


Determine the cause for each set of symptoms. Refer to Figure 9-59, 


e 
10 V 
f=1 kHz 


FIGURE 9-59 The ac meter indicates the correct reading 
for this circuit. 


1. Symptom: The voltmeter reading is 0 V. 
Cause: 
(a) C4 is shorted. (b) C is shorted. (e) C3 is open. 


2. Symptom: The voltmeter reading is 10 V. 
Cause: 
(a) C4 is shorted. (b) C> is open. (e) C3 is open. 
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3. Symptom: The voltmeter reading is 6.86 V. 


Cause: 

(a) Cj is open. (b) C, is open. (e) C3 is open. 
4. Symptom: The voltmeter reading is 0 V. 

Cause: 

(a) Cj is open. (b) C> is open. (e) C3 is open. 
5. Symptom: The voltmeter reading is 8.28 V. 

Cause: 

(a) C, is shorted. (b) C, is open. (e) C3 is open. 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 9-1 The Basic Capacitor 


1. (a) Find the capacitance when Q = 50 uC and V = 10 V. 
(b) Find the charge when C = 0.001 uF and V = 1 kV. 
(c) Find the voltage when O = 2 mC and C = 200 uF. 


2. Convert the following values from microfarads to picofarads: 
(a) 0.1 uF (b) 0.0025 uF (e) 5 uF 

3. Convert the following values from picofarads to microfarads: 
(a) 1000 pF (b) 3500 pF (e) 250 pF 


4. Convert the following values from farads to microfarads: 
(a) 0.0000001 F (b) 0.0022 F (e) 0.0000000015 F 


5. What size capacitor is capable of storing 10 mJ of energy with 100 V across its plates? 


6. A mica capacitor has a plate area of 20 cm? and a dielectric thickness of 2.5 mils. What is its 
capacitance? 


7. An air capacitor has plates with an area of 0.1 m°. The plates are separated by 0.01 m. Calculate 
the capacitance. 


8. A student wants to construct a 1 F capacitor out of two square plates for a science fair project. 
He plans to use a paper dielectric (e, = 2.5) that is 8 X 10 > m thick. The science fair is to be 
held in the Astrodome. Will his capacitor fit in the Astrodome? What would be the size of the 
plates 1f 1t could be constructed” 


9. A student decides to construct a capacitor using two conducting plates 30 cm on a side. He 
separates the plates with a paper dielectric (e, = 2.5) that is 8 X 107% m thick. What is the 
capacitance of his capacitor? 


10. At ambient temperature (25°C), a certain capacitor is specified to be 1000 pF. It has a negative 
temperature coefficient of 200 ppm/C. What is its capacitance at 75°C? 


11. A 0.001 uF capacitor has a positive temperature coefficient of 500 ppm/°C. How mich change 
in capacitance will a 25°C increase in temperature cause? 


SECTION 9-2 Types of Capacitors 
12. Inthe construction of a stacked-foil mica capacitor, how is the plate area increased? 
13. What type of capacitor has the higher dielectric constant, mica or ceramic? 


14. Show how to connect an electrolytic capacitor across points A and B in Figure 9-60. 
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FIGURE 9-60 


15. Determine the value of the typographically labeled ceramic disk capacitors in Figure 9-61. 
16. Name two types of electrolytic capacitors. How do electrolytics differ from other capacitors? 


17. Identify the parts of the ceramic disk capacitor shown in the cutaway view of Figure 9-62 by 
referring to Figure 9-8(b). 


d 
(b) 
<—— (d) 

(a) (b) (c) (d) 

FIGURE 9—61 FIGURE 9—62 
SECTION 9-3 Series Capacitors 
18. Five 1000 pF capacitors are in series. What is the total capacitance? 
19. Find the total capacitance for each circuit in Figure 9—63. 

1 uF 10 uF 4.7uF 


GAL 
30V = T 


+ +| 100pF 560pF 390 pF 


10 V = 100 V == 
E = = 22 UF T 
2.2 UF 
(a) (b) (c) 
FIGURE 9—63 


20. For each circuit in Figure 9—63, determine the voltage across each capacitor. 


21. The total charge stored by the series capacitors in Figure 9-64 is 10 uC. Determine the voltage 
across each of the capacitors. 


Ci C) C3 Ca 


A 4A7UF  14F 22u4F 104F 


FIGURE 9-64 
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SECTION 9-4 Parallel Capacitors 


22. Determine Cr for each circuit in Figure 9-65. 


47 pF |10pF [0.001 uF 0.01 uF | 0.001 wF| 10,000 pF 


(a) (b) 
FIGURE 9-65 


23. Determine the total capacitance and total charge on the capacitors in Figure 9—66. 


2.2 uF .3 UF 


pi Í | 


FIGURE 9-66 


24. Assume you need a total capacitance of 2.1 uF in a certain timing application, but all that is 
available are 0.22 uF and 0.47 uF capacitors (in large quantities). How would you get the total 
capacitance that you need? 


SECTION 9-5 Capacitors in DC Circuits 


25. Determine the time constant for each of the following series RC combinations: 


(a) R = 1000,C = 1 uF (b) R = 10MO,C = 56pF 
(e) R = 4.7 KQ, C = 0.0047 uF (d) R = 1.5MQ,C = 0.01 uF 
26. Determine how long it takes the capacitor to reach full charge for each of the following combi- 
nations: 
(a) R = 47 Q, C = 47 uF (b) R = 3300 Q, C = 0.015 uF 
(e) R = 22 kQ,C = 100 pF (d R = 4.7 MQ0,C = 10 pF 


27. In the circuit of Figure 9-67, the capacitor initially is uncharged. Determine the capacitor volt- 
age at the following times after the switch is closed: 
(a) 10 us (b) 20 us (c) 30 us (d) 40 us (e) 50 us 


R 

| 10k0 | 
L s sv ==" . 
T 1.5 uF 1.0 KQ 


FIGURE 9-67 FIGURE 9-68 


28. In Figure 9-68, the capacitor is charged to 25 V. Find the capacitor voltage at the following 
times when the switch is closed: 


(a) 1.5 ms (b) 4.5 ms (c) 6 ms (d) 7.5 ms 
29. Repeat Problem 27 for the following time intervals: 
(a) 2 us (b) 5 us (e) 15 us 


30. Repeat Problem 28 for the following time intervals: 
(a) 0.5 ms (b) 1 ms (c) 2 ms 
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SECTION 9-6 Capacitors in AC Circuits 


31. Determine Xç for a 0.047 uF capacitor at each of the following frequencies: 
(a) 10 Hz (b) 250 Hz (e) 5 kHz (d) 100 kHz 


32. What is the value of the total capacitive reactance in each circuit in Figure 9-69? 


ne 4 O Hz Fila A oe 
0.047 uF 1. 10 uF 15 uF Z as 
1.0 uF 


(a) (b) (c) 


FIGURE 9—69 


33. For the circuit in Figure 9-70, find the reactance of each capacitor, the total reactance, and the 
voltage across each capacitor. 


FIGURE 9-70 
C] 
V, 56 nF 
10 V 
f = 2.0 kHz E 


34. In each circuit of Figure 9-69, what frequency is required to produce an Xc(ror, of 100 Q? An 


35. A sinusoidal voltage of 20 V rms produces an rms current of 100 mA when connected to a cer- 
tain capacitor. What is the reactance? 


36. A 10 kHz voltage is applied to a 0.0047 uF capacitor, and 1 mA of rms current is measured. 
What is the rms value of the voltage? 


37. Determine the true power and the reactive power in Problem 36. 


SECTION 9-7 Capacitor Applications 


38. If another capacitor is connected in parallel with the existing capacitor in the power supply filter 
of Figure 9-52, how is the ripple voltage affected? 


39. Ideally, what should the reactance of a bypass capacitor be in order to eliminate a 10 kHz ac 
voltage at a given point in an amplifier circuit? 


ADVANCED PROBLEMS 


40. Two series capacitors (one 1 uF, the other of unknown value) are charged from a 12 V source. The 
| uF capacitor is charged to 8 V, and the other to 4 V. What is the value of the unknown capacitor? 


41. How long does it take C to discharge to 3 V in Figure 9-68? 
42. How long does it take C to charge to 8 V in Figure 9-67? 


43. Determine the time constant for the circuit in Figure 9-71. 


0.0022 uF 


FIGURE 9-71 
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44. In Figure 9-72, the capacitor initially is uncharged. At £ = 10 us after the switch is closed, the 
instantaneous capacitor voltage is 7.2 V. Determine the value of R. 


45. (a) The capacitor in Figure 9-73 is uncharged when the switch is thrown into position 1. The 
switch remains in position | for 10 ms and then is thrown into position 2, where it remains 
indefinitely. Draw the complete waveform for the capacitor voltage. 

(b) If the switch is thrown back to position | after 5 ms in position 2, and then is left in position 
1, how will the waveform appear? 


1000 pF 


FIGURE 9-72 FIGURE 9-73 


46. For the Colpitts oscillator in Figure 9-23, assume C4 is changed to 3.3 nF. 
(a) What is the new total capacitance? 
(b) What is the new feedback fraction? 


47. For the Colpitts oscillator in Figure 9-23, assume you need to change C to obtain a feedback 
fraction of 15%. What value would you select? 


48. Assume the discrete amplifier in Figure 9-57 has a 5 kHz, 1 V rms input. Sketch the complete 
signal as it would appear at the point in the circuit labeled B (the base of the transistor). Assume 
there is no loading effect of the transistor on the input voltage divider. 


49. For the discrete amplifier in Figure 9-57, at what frequency will the reactance of C) = 1.0 kQ? 


MULTISIM TROUBLESHOOTING mutism 
PROBLEMS Ad 


50. Open file PO9-50; files are found at www.pearsonhighered.com/floyd. Determine if there is a 
fault. If so, identify it. 


51. Open file PO9-51 and determine if there is a fault. If so, identify it. 
52. Open file PO9-52 and determine if there is a fault. If so, identify it. 
53. Open file PO9-53 and determine if there is a fault. If so, identify it. 
54. Open file PO9-54 and determine if there is a fault. If so, identify it. 


ANSWERS TO SECTION CHECKUPS 


SECTION 9-1 The Basic Capacitor 
1. Capacitance is the ability (capacity) to store electrical charge. 


2. (a) There are 1,000,000 microfarads in one farad. 
(b) There are 1 X 10)? picofarads in one farad. 
(c) There are 1,000,000 picofarads in one microfarad. 
3. 0.0015 uF X 106 pF/uF = 1500 pF; 0.0015 uF X 10° F/uF = 0.0000000015 F 
4. W= CV? = 1/(0.01 uEX1S VY = 1.125 uJ 
5. (a) Capacitance increases when plate area is increased. 
(b) Capacitance decreases when plate separation is increased. 


6. (1000 V/mil)(2 mils) = 2kV 
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SECTION 9-2 Types of Capacitors 


1. Capacitors are commonly classified by the dielectric material. 

2. A fixed capacitance cannot be changed; a variable capacitor can. 

3. Electrolytic capacitors are polarized. 

4. Be sure that the voltage rating is sufficient and connect the positive end to the positive side of 
the circuit when installing a polarized capacitor. 


5. The positive lead should be connected to ground. 


SECTION 9-3 Series Capacitors 
1. Cy of series capacitors is less than the smallest value. 
2. Cy = 61.2 pF 
3. Cr = 0.006 uF 
4. V = (0.006 wF/0.01 uF)10 V = 6V 


SECTION 9-4 Parallel Capacitors 


1. The individual parallel capacitors are added to get Cr. 
2. Use five 0.01 uF capacitors in parallel to get 0.05 uF. 
3. Cy = 167 pF 


SECTION 9-5 Capacitors in DC Circuits 
1. r= RC = 1.2 us 
2. St = 6 us; Vç is approximately 5 V. 
3. Vms = (0.86)10 V = 8.6 V; V3ms = (0.95)10 V = 9.5 V; 
Vams = (0.98)10 V = 9.8 V; Vsms = (0.99)10 V = 9.9 V 
4. ve = (0.37)(100 V) = 37 V 


SECTION 9-6 Capacitors in AC Circuits 
1. Xc = 'aafC = 677k0 

f = Y27CX¿ = 796 Hz 

Lms = 1 V/1.59 Q = 629 mA 

Current leads voltage by 90°. 

Piru = OW 

P, = (12 V)?/318 Q = 0.453 VAR 


5 AA 


SECTION 9-7 Capacitor Applications 


1. Once the capacitor charges to the peak voltage, it discharges very little before the next peak thus 
smoothing the rectified voltage. 


2. A coupling capacitor allows ac to pass from one point to another, but blocks constant dc. 


3. A coupling capacitor must be large enough to have a negligible reactance at the frequency that 
is to be passed without opposition. 


4. A decoupling capacitor shorts power line voltage transients to ground. 


5. Xc is inversely proportional to frequency and so is the filter’s ability to pass ac signals. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


9-1 10kV 

9-2 0.047 uF 

9-3 100,000,000 pF 
9-4 62.7pF 


9-5 278 pF 
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9-6 1.54 uF 

97 283V 

9-8 650 pF 

9-9 0.052 uF 
9-10 891 us 

9-11 8.36 V 
9-12 8.13 V 
9-13 0.7 ms; 95 V 
9-14 0.42 V 
9-15 3.39 kHz 


9-16 (a) 183k0 
(b) 408 Q 


9—17 4.40 mA 
9-18 8.72 V 
9-19 0 W; 1.01 mVAR 


ANSWERS TO TRUE/FALSE QUIZ 


1. T 2. F 3. T 4. F 5. T 6. T Te. E 8. F 9. F 10. T 


ANSWERS TO SELF-TEST 


1. (g) 2. (b) 3. (c) 4. (d) 5. (a) 6. (d) 7. (a) 8. (f) 
9. (c) 10. (b) 11. (d) 12. (a) 13. (b) 14. (a) 15. (b) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


(b) 
(a) 
(c) 
(a) 
(b) 


pi oge A A 
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RC CIRCUITS 


OUTLINE KEY TERMS 


10-1 Sinusoidal Response of Series RC Circuits Impedance (Z) Admittance (Y) 

10-2 Impedance and Phase Angle of Series Phase angle Apparent power (P4) 
RC Circuits RC lag circuit Power factor 

10-3 Analysis of Series RC Circuits RC lead circuit Frequency response 

10-4 Impedance and Phase Angle of Parallel Capacitive susceptance Cutoff frequency 
RC Circuits (Bc) Bandwidth 


10-5 Analysis of Parallel RC Circuits 


10-6 Analysis of Series-Parallel RC Circuits I N T R O D U C T I O N 


10-7 Power in RC Circuits 
10-8 Basic Applications An RC circuit, which contains both resistance and 
10-9 Troubleshooting capacitance, 1s one of the basic types of reactive circuits. 
In this chapter, series and parallel RC circuits and their 
responses to sinusoidal voltages are covered. Series- 
O B J E C T IVE S parallel combinations are also examined. Power consid- 
erations in RC circuits are introduced, and practical 
aspects of power ratings are discussed. Three RC circuit 
applications are presented to give you an idea of how 
simple combinations of resistors and capacitors can be 


e Describe the relationship between current and 
voltage in a series RC circuit 


e Determine impedance and phase angle in a series 


RC circuit applied. Troubleshooting common faults in RC circuits 
e Analyze a series RC circuit is also covered. 
e Determine impedance and phase angle in The methods for analyzing reactive circuits are 
a parallel RC circuit similar to those you studied in de circuits. Reactive cir- 
e Analyze a parallel RC circuit cuit problems can be solved at only one frequency at a 


e Analyze series-parallel RC circuits time, and phasor math must be used. 


e Determine power in RC circuits 
e Discuss some basic RC applications 
e Troubleshoot RC circuits 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 
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10-1 SINUSOIDAL RESPONSE 
OF SERIES RC CIRCUITS 


When a sinusoidal voltage is applied to a series RC circuit, each resulting voltage drop and the 
current in the circuit(s) are also sinusoidal and have the same frequency as the source voltage. 
The capacitance causes a phase shift between the voltage and current that depends on the rela- 
tive values of the resistance and the capacitive reactance. 


After completing this section, you should be able to 


e Describe the relationship between current and voltage in a series RC circuit 
e Discuss voltage and current waveforms 
e Discuss phase shift 


As shown in Figure 10-1 for the case of a series RC circuit, the resistor voltage (Vp), the 
capacitor voltage (Vç), and the current (J) are all sine waves with the frequency of the source. 
Phase shifts are introduced because of the capacitance. As you will learn, the resistor voltage 
and current are in phase with each other and lead the source voltage in phase. The capacitor 
voltage lags the source voltage. The phase angle between the current and the capacitor 
voltage is always 90°. These generalized phase relationships are indicated in Figure 10-1. 


Sine wave generator FIGURE 10-1 Illustration 

3 of sinusoidal response with 
general phase relationships of 
Vr, Vc, and I relative to the 
source voltage. Vp and J are 
in phase, and Vz and Vç are 
90° out of phase. 


E 
Vp leads V, 


The amplitudes and the phase relationships of the voltages and current depend on the 
values of the resistance and the capacitive reactance. When a circuit is purely resistive, the 
phase angle between the source voltage and the total current is zero. When a circuit is 
purely capacitive, the phase angle between the source voltage and the total current is 90°, 
with the current leading the voltage. When there is a combination of both resistance and 
capacitive reactance in a circuit, the phase angle between the source voltage and the total 
current is somewhere between zero and 90°, depending on the relative values of the resist- 
ance and the capacitive reactance. 


SECTION 10-1 CHECKUP* 


1. A 60 Hz sinusoidal voltage is applied to an RC circuit. What 3. When the resistance in a series RC circuit is greater than the 
is the frequency of the capacitor voltage? What is the frequency capacitive reactance, is the phase angle between the source 
of the current? voltage and the total current closer to 0° or to 90°? 


2. What determines the phase shift between V, and Z in a series 
RC circuit? 


*Answers are at the end of the chapter. 
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10-2 IMPEDANCE AND PHASE ANGLE 
OF SERIES RC CIRCUIT 


D 2013/12/10 12.27.66.5 


In circuits where there is no reactance, the opposition to current is strictly resistance. In 
circuits having both resistance and reactance, the opposition to current is more complex 
because of the reactance and the resulting phase shift. Impedance, which is the total opposition 
to ac and includes the effect of phase shift, is introduced in this section. 


After completing this section, you should be able to 


e Determine impedance and phase angle in a series RC circuit 
¢ Define impedance 
¢ Define phase angle 
e Draw an impedance triangle 
e Calculate the total impedance magnitude 
e Calculate the phase angle 


The impedance of a series RC circuit consists of resistance and capacitive reactance 
and is the total opposition to sinusoidal current. Its unit is the ohm. The phase angle is the 
phase difference between the total current and the source voltage. 

In a purely resistive circuit, the impedance is simply equal to the total resistance. In a 
purely capacitive circuit, the impedance is the total capacitive reactance. The impedance of a 
series RC circuit is determined by both the resistance (R) and the capacitive reactance (Xc). 
These cases are illustrated in Figure 10-2. The magnitude of the impedance is symbolized by Z. 


| R 
O Z R 7 X: Z 
Xc 


(a) Z = R (b) Z = Xe (c) Z includes both R and Xc 
FIGURE 10-2 Three cases of impedance. 


In ac analysis, both R and X¢ are treated as phasor quantities, as shown in the phasor 
diagram of Figure 10-3(a), with Xc appearing at a —90° angle with respect to R. This relation- 
ship comes from the fact that the capacitor voltage in a series RC circuit lags the current, and 
thus the resistor voltage, by 90°. Since Z is the phasor sum of R and Xç, its phasor representa- 
tion is as shown in Figure 10-3(b). A repositioning of the phasors, as shown in Figure 10—3(c), 
forms a right triangle, which is called the impedance triangle. The length of each phasor rep- 
resents the magnitude in ohms, and the angle 0 (the Greek letter theta) is the phase angle of the 
RC circuit and represents the phase difference between the source voltage and the current. 


R 


(c) 


FIGURE 10-3 Development of the impedance triangle for a series RC circuit. 


From right-triangle trigonometry (Pythagorean theorem), the magnitude (length) of 
the impedance can be expressed in terms of the resistance and capacitive reactance. 


Z = VR + X% (10-1) 
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The magnitude of the impedance (Z), as shown in the RC circuit in Figure 104, is 
expressed in ohms. 


R Ke 


Z = VR? + Xé 


FIGURE 10-4 Impedance in a series RC circuit. 


The value of the phase angle, 0, 1s expressed as 


— ee Oe 
0 = tan E (10-2) 


The symbol tan ! stands for inverse tangent and can be found on most calculators by 
pressing the 2nd and TAN ! keys. Another term for inverse tangent is arctangent (arctan). 


EXAMPLE 10-1 


Determine the impedance and the R Xc 
phase angle of the RC circuit in 
Figure 10-5. Draw the impedance 470 1000 
triangle. v. 

FIGURE 10-5 
SOLUTION 


The impedance is 


Z= VR + X% = V(470) + (100 0? = 1100 


The phase angle is 


X 100 Q 
0 = ES = car rere = tan !(2.13) = 64.8° 


The source voltage lags the current by 64.8”. 
The impedance triangle is shown in Figure 10-6. 


R=470 FIGURE 10-6 


X¿=1000 


RELATED PROBLEM* 
Find Z and 0 for R = 1.0kQ and Xç = 2.2 KO in Figure 10-5. 


* Answers are at the end of the chapter. 
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SECTION 10-2 CHECKUP 


4. A series RC circuit has a resistance of 33 kQ and a capacitive 


reactance of 50 kQ. What is the value of the impedance? 
2. Does the source voltage lead or lag the current in a series i 
o. What is the phase angle? 
RC circuit? 


1. Define impedance. 


3. What causes the phase angle in an RC circuit? 


10-3 ANALYSIS OF SERIES RC CIRCUITS 


Ohm’s law and Kirchhoff’s voltage law are used in the analysis of series RC circuits to determine 
voltage, current, and impedance. Also, in this section RC lead and lag circuits are examined. 


After completing this section, you should be able to 
¢ Analyze a series RC circuit 
¢ Apply Ohm”s law and Kirchhoff’s voltage law to series RC circuits 
¢ Determine the phase relationships of the voltages and current 
¢ Show how impedance and phase angle vary with frequency 
¢ Analyze the RC lag circuit 
¢ Analyze the RC lead circuit 


Ohm’s Law 


The application of Ohm’s law to series RC circuits involves the use of the quantities of Z, 
V, and /. The three equivalent forms of Ohm’s law are as follows: 


V = IZ (10-3) 
V 

l=-— 10-4 
V 

Z =— 10-5 
7 ( ) 


The following two examples illustrate the use of Ohm’s law. 


EXAMPLE 10-2 


The current in Figure 10-7 is 0.2 mA. Determine the source voltage and the phase 
angle. Draw the impedance triangle. 


FIGURE 10-7 
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SOLUTION 
The capacitive reactance 1s 


1 1 
Xa = == 
C InfC 2m(1000 Hz)(0.01 uF) 
The impedance is 


Z = VR + X = VdOKOY + (15.9 kQ)? = 188k0 


= 15.9 kQ 


Applying Ohm’s law yields 
V, = IZ = (0.2 mA)(18.8 kQ) = 3.76 V 
The phase angle is 


Xc 15.9kO 
6 = tan! —© | = tan! ~2—— ) = 57.8° 
an (ž) i => 


The source voltage has a magnitude of 3.76 V and lags the current by 57.8". 
The impedance triangle is shown in Figure 10-8. 


R=10k0 


Z= 18.5 k) Age 1590 


FIGURE 10-8 


RELATED PROBLEM 
Determine V, in Figure 10—7 if f = 2 kHz and J = 200 pA. 


EXAMPLE 10-3 


Determine the current in the RC circuit of Figure 10-9. 


FIGURE 10-9 


SOLUTION 
The capacitive reactance 1s 
ee oe 1 
2mfC  21r(1.5kHz)(0.022 uF) 
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The impedance is 


Z= VR + X% = VQO2k0) + (4.82k0) = 5.30k0 


MULTISIM 
Applying Ohm’s law yields 
- OV 10V | 
Open Multisim file E10-03; = Z 530kn ~ 1.89 mA 


files are found at www. 
pearsonhighered.com/floyd. 
Measure the current and the 
voltages across the resistor 
and the capacitor. 


RELATED PROBLEM 


Determine the phase angle between V, and / in Figure 10-9. 


Phase Relationships of the Current and Voltages 


In a series RC circuit, the current is the same through both the resistor and the capacitor. 
Thus, the resistor voltage is in phase with the current, and the capacitor voltage lags 
the current by 90°. Therefore, there is a phase difference of 90° between the resistor 
voltage, Vr, and the capacitor voltage, Vc, as shown in the waveform diagram of 
Figure 10-10. 


Vc lags I by 90°. 
Vp and J are in phase. 

Amplitudes depend on the 
particular circuit. 


FIGURE 10-10 Phase relation of the voltages and current in 
a series RC circuit. 


You know from Kirchhoff s voltage law that the sum of the voltage drops must equal 
the source voltage. However, since Vp and Vç are 90° out of phase with each other, they 
must be added as phasor quantities, with Vç lagging Vp, as shown in Figure 10-11(a). As 
shown in Figure 10-11(b), V, is the phasor sum of Vp and Vç, as expressed in the follow- 
ing equation: 


V, = VR + Ve (10-6) 


VR 


90° 


Ve Ve 
(a) (b) 


FIGURE 10-11 Voltage phasor diagram for 
the waveforms in Figure 10-10. 
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The value of the phase angle between the resistor voltage and the source voltage can 
be expressed as 


V, 
0 = ES (10-7) 
Vr 


Since the resistor voltage and the current are in phase, 0 in Equation 10-7 also represents 
the phase angle between the source voltage and the current and 1s equivalent to 
tan '(X¢/R). 

Figure 10-12 shows the voltage and current phasor diagram that represents the wave- 
form diagram of Figure 10-10. 


EXAMPLE 10-4 


Determine the source voltage and the phase angle in Figure 10-13. Draw the volt- 
age phasor diagram. 


FIGURE 10-13 


SOLUTION 


Since Vr and Vç are 90° out of phase, you cannot add them directly. The source 
voltage is the phasor sum of Vp and Vc. 


V, = VV + V = V(10 V} + (15 V? = 18 V 


The phase angle between the resistor voltage and the source voltage is 


V 15 V 
0 = ant Ye) = cv) = 56.3" 
R 


The voltage phasor diagram is shown in Figure 10-14. 


Ve =10V 


Y.= 18 Y 


J 


FIGURE 10-14 


RELATED PROBLEM 


In a certain series RC circuit, V, = 10 V and Vp = 7 V. Find Ve. 


Ve 


FIGURE 10-12 Voltage and 
current phasor diagram for the 
waveforms in Figure 10-10. 
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Variation of Impedance and Phase Angle 
with Frequency 


As you know, capacitive reactance varies inversely with frequency. Since Z = VR? + XZ, 
you can see that when X¿ increases, the entire term under the square root sign increases 
and thus the total impedance also increases; and when Xç decreases, the total impedance 
also decreases. Therefore, in a series RC circuit, Z is inversely dependent on frequency. 

Figure 10-15 illustrates how the voltages and current in a series RC circuit vary as 
the frequency increases or decreases, with the source voltage held at a constant value. Part 
(a) shows that as the frequency 1s increased, Xç decreases; so the voltage across the capac- 
itor decreases. Also, Z decreases as Xç decreases, causing the current to increase. An 
increase in the current causes more voltage across R. 


Wi Wl, 


(a) As frequency is increased, Z decreases as Xç decreases, (b) As frequency is decreased, Z increases as X increases, 
causing J and Vp to increase and Vç to decrease. causing J and Vp to decrease and Vç to increase. 


FIGURE 10-15 An illustration of how the variation of impedance affects the voltages and current 
as the source frequency is varied. The source voltage is held at a constant amplitude. 


Figure 10—15(b) shows that as the frequency is decreased, Xç increases; so more 
voltage is dropped across the capacitor. Also, Z increases as Xç increases, causing the cur- 
rent to decrease. A decrease in the current causes less voltage across R. 

Changes in Z and Xç can be observed as shown in Figure 10-16. As the frequency 
increases, the voltage across Z remains constant because V, is constant (V, = Vz). Also, 
the voltage across C decreases. The increasing current indicates that Z is decreasing. It 


FIGURE 10-16 An illustra- 
tion of how Z and Xç change 
with frequency. 


By watching these two 
meters, you can see 
what Z is doing: / is 
increasing and V7 1s 
constant. Thus, Z 1s 
decreasing. 
Frequency is 
increasing. 
7 By watching these two 
meters, you can see 
what X ç is doing: 
I is increasing and Vç is 
decreasing. Thus, X ¢ 
is decreasing. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


10-3 ANALYSIS OF SERIES RC CIRCUITS 443 


does so because of the inverse relationship stated in Ohm’s law (Z = Vz/I). The 
increasing current also indicates that Xç is decreasing (Xc = Vc/I). The decrease in Vc 
corresponds to the decrease in Xc. 

Since Xç is the factor that introduces the phase angle in a series RC circuit, a change 
in Xç produces a change in the phase angle. As the frequency is increased, X becomes 
smaller, and thus the phase angle decreases. As the frequency is decreased, Xç becomes 
larger, and thus the phase angle increases. The angle between V, and Vp is the phase angle 
of the circuit because / is in phase with Vp. 

Figure 10-17 uses the impedance triangle to illustrate the variations in Xç, Z, and 0 
as the frequency changes. Of course, R remains constant. The key point is that because Xc 
varies inversely with the frequency, the magnitude of the total impedance and the phase 
angle also vary inversely with the frequency. Example 10-5 illustrates this. 


FIGURE 10-17 As the fre- 
Increasing f quency increases, Xç decreases, 
Z decreases, and @ decreases. 
Each value of frequency can be 
visualized as forming a different 
impedance triangle. 


fz 


f 


fi 


EXAMPLE 10-5 


For the series RC circuit in Figure 10-18, determine the impedance and phase 
angle for each of the following values of frequency: 


(a) 10 kHz (b) 20 kHz (c) 30 kHz 


FIGURE 10-18 


SOLUTION 


(a) For f = 10 kHz, calculate the impedance as follows: 


1 1 
= = = 1.59k0 
2nfC  —-27(10 kHz)(0.01 uF) 


Z= VR + X% = V(1.0K0)? + (1.59kNY = 1.88k0 


Xc 


The phase angle is 


Xc 1.59kO 
Pian) ag ee ere 
e (E) e Ga : 
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(b) For f = 20 kHz, 
o 1 
C 2m(20 kHz)(0.01 uF) 
Z = V(10k0)? + (796 Q? = 128k0 
796 Q 
=t =I = » o 
0 an 10 n) 38.5 


(c) For f = 30 kHz, 


= 79 Q 


1 
Xq = = 5310 
C 21r(30kHZ)(0.01 uF) ee 


Z = V(1.0kQ)? + (531 0)? = 113k 


5310 
6 = tan! = 28.02 
= (22) id 


Notice that as the frequency increases, Xç, Z, and 6 decrease. 


RELATED PROBLEM 


Find the total impedance and phase angle in Figure 10-18 for f = 1 kHz. 


RC Lag Circuit 


An RC lag circuit is a phase shift circuit in which the output voltage lags the input voltage 
by a specified angle, p. Phase shift circuits are commonly used in electronic communica- 
tion systems and for other applications. 

A basic series RC lag circuit is shown in Figure 10-19(a). Keep in mind that phase 
angle 0 is measured between the source (input) voltage and the current. In terms of voltages, 
this is equivalent to saying the phase angle is measured between V;, and Vp because current 
and voltage are in phase in a resistor. The output is taken across the capacitor; therefore, the 
phase lag between V;, and Vç is 90° — 0. This angle is designated as ¢ and represents the 
phase difference between the input (V;,,) and the output (V,,,,,), as shown in Figure 10-19(b). 


R 

Vin E Voi 

p= 90°- 0 | 

(phase lag) | 

| 

Ve (Vout) Vix 
= ø (phase lag) 

(a) A basic RC lag circuit (b) Phasor voltage diagram (c) Input and output voltage waveforms 


showing the phase lag 
between V,, and V 


in out 


FIGURE 10-19 The RC lag circuit (Von = Vo). 


Since 0 = tan !(Xc/R), the value of the phase lag, p, can be expressed as 


p = 90° — tmm Že) (10-8) 


The input and output voltage waveforms of the lag circuit are shown in Figure 10-19(c). 
The exact amount of phase lag between the input and the output depends on the values of 
the resistance and the capacitive reactance. The magnitude of the output voltage depends 
on these values also. 
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EXAMPLE 10-6 


Determine the amount of phase lag from input to output in the lag circuit in 
Figure 10-20. 


Vin C V 
f = 1 kH 0.1 UF out 


FIGURE 10-20 


SOLUTION 
First determine the capacitive reactance. 


1 1 
X + === == 
C UnfC  21r(1kH2(0.1 uF) 


= 1.59k0 


The phase lag between the output voltage and the input voltage is 


_1fXc 1.59 kQ 

== (0) 1 2 (0) 1 == [o] 
— t OS == t a 

p = 90 an ( )= 9 an ( ) = 232 


The output voltage lags the input voltage by 23.2”. 


RELATED PROBLEM 


In a lag circuit, what happens to the phase lag 1f the frequency increases? 


The phase-lag circuit can be considered as a voltage divider with a portion of the 
input voltage dropped across R and a portion across C. The output voltage can be deter- 
mined with the following formula: 


Xc 
V out = | TT Vin (1 0-9) 


VR? + X2 


EXAMPLE 10-7 


For the lag circuit in Figure 10-20 of Example 10—6, determine the output voltage 
when the input voltage has an rms value of 10 V. Draw the input and output 
waveforms showing the proper relationships. The values for Xc (1.59 kQ) and 
p (23.2°) were found in Example 10-6. 


SOLUTION 
Use Equation 10-9 to determine the output voltage for the lag circuit in Figure 
10-20. 
Xc 1.59k0 
Vour = í Ja = ( Jiov = 9.2 V rms 
SNARE XE (680 0)? + (1.59 k0)? 


The waveforms are shown in Figure 10-21. (Note that the rms value is converted 
to peak value on the plot.) 
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FIGURE 10-21 


RELATED PROBLEM 


In a lag circuit, what happens to the output voltage 1f the frequency increases? 


EFFECTS OF FREQUENCY ON THE LAG CIRCUIT Since the circuit phase 
angle, 0, decreases as frequency increases, the phase lag p between the input and the out- 
put voltages increases. You can see this relationship by examining Equation 10-$. Also, 
the magnitude of V,,,; decreases as the frequency increases because Xç becomes smaller 
and less of the total input voltage is dropped across the capacitor. 


RC Lead Circuit 


An RC lead circuit is a phase shift circuit in which the output voltage leads the input volt- 
age by a specified angle, p. A basic RC lead circuit is shown in Figure 10-22(a). Notice 
how it differs from the lag circuit. Here the output voltage is taken across the resistor. The 
relationship of the voltages is given in the phasor diagram in Figure 10—22(b). The output 
voltage, V,,,,,, leads V;, by an angle that is the same as the circuit phase angle because Vp 
and J are in phase with each other. 


V 
Vr (Vami 
C ø (phase lead) 

Viz R Vow | 

| 

| 

| 

| 

Vo Vin — 

=Æ ø (phase lead) 

(a) A basic RC lead circuit (b) Phasor voltage diagram showing (c) Input and output voltage waveforms 


the phase lead between V,, and V 


in out 


FIGURE 10-22 The RC lead circuit (Von: = Vp). 


When the input and output waveforms are displayed on an oscilloscope, a relation- 
ship similar to that in Figure 10—22(c) is observed. Of course, the exact amount of phase 
lead and the output voltage magnitude depend on the values of R and Xç. The value of the 
phase lead, $, is expressed as 


— tan-1/ AC 
hp = tan E (10-10) 
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The output voltage is expressed as 


R 
Vou = (2) Vi (10-1 1) 


EXAMPLE 10-8 


Calculate the phase lead and the output voltage for the circuit in Figure 10-23. 


Xc FIGURE 10-23 


R 


220 Q Yoi 


SOLUTION 
The phase lead is 


e 150 0 
= tan !{ — ] = tan | ——— | = 34,3" 
a (ž) an (a) 


The output leads the input by 34.3°. 
Use Equation 10-11 to determine the output voltage. 


R 2200 ) 
' (z ct T Ta Oy + (150 0? 


RELATED PROBLEM 


How does an increase in R affect the phase lead and the output voltage in 
Figure 10-237 


EFFECTS OF FREQUENCY ON THE LEAD CIRCUIT Since the phase lead 
is the same as the circuit phase angle 0, it decreases as frequency increases. The output 
voltage increases with frequency because as X becomes smaller, more of the input volt- 
age is dropped across the resistor. 


Y )— 


A BUFFER AMPLIFIER FOR A PREAMP CHARO 


Often an analog system has a low-level input signal that needs to be amplified to avoid a 
transmission problems before sending it to a controller or processor. For low signal levels, 

a field-effect transistor (FET) is often used as a buffer amplifier followed by a gain stage, 

forming a simple preamp system. A buffer amplifier for voltage is one that has a gain of | 

(output voltage equals input voltage) but presents a high impedance to the input signal thus 
preventing loading of a low-impedance source. Figure 10-24(a) shows a buffer amplifier, 

which then drives other gain stages. The equivalent input circuit for this amplifier is just 

the coupling capacitor, C4, and the bias resistor, Rg, as shown in part (b). For calculating 

any effect on the driving circuit, this is the only part of the amplifier that needs to be con- 

sidered because the transistor looks like an open to the input signal. 
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+12V 


Ci 
Va Va o— 
0.1 WF 
Rg 
1.0 MQ 


(a) (b) 
FIGURE 10-24 A buffer amplifier. 


The input of the amplifier contributes to the lower cutoff frequency of the entire 
preamp. It can be simplified to the basic RC circuit that you studied in this section. In fact, 
the input to any capacitively coupled amplifier can be reduced to this same basic circuit. 
This simplification allows you to apply basic dc/ac theory to a more-complicated circuit 
to calculate a response. For example, you can easily determine the frequency at which 
the voltage across the capacitor is equal to the voltage across the resistor for the buffer 
amplifier. (This frequency is called the cutoff frequency, f, which is discussed in Section 
10-8.) If the voltage across the capacitor is equal to the voltage across the resistor, then 
Xc = R. Then, 


Ac = = R 


1 1 
27RC> 211.0 MQ)(0.1 uF) 


| = 1.59 Hz 


SECTION 10-3 CHECKUP 


1. In a certain series RC circuit, Vp = 4 V and Ve = 6 V. What 5. A certain RC lag circuit consists of a 4.7 kQ resistor and a 
is the magnitude of the source voltage? 0.022 uF capacitor. Determine the phase lag between the 


O input and output voltages at a frequency of 3 kHz. 


6. An RC lead circuit has the same component values as the lag 
circuit in Question 5. What is the magnitude of the output 
voltage at 3 kHz when the input is 10 V rms? 


3. What is the phase difference between the capacitor voltage 
and the resistor voltage in a series RC circuit? 


4. When the frequency of the source voltage in a series RC circuit 
1s increased, what happens to each of the following? 


(a) the capacitive reactance (b) the impedance 
(c) the phase angle 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


10-4 IMPEDANCE AND PHASE ANGLE 
OF PARALLEL RC CIRCUITS 


In this section, you will learn how to determine the impedance and phase angle of a parallel RC 
circuit. Also conductance (G), capacitive susceptance (Bc), and total admittance (Y;,,,) are dis- 
cussed because of their usefulness in parallel circuit analysis. 


After completing this section, you should be able to 


e Determine impedance and phase angle in a parallel RC circuit 
e Express total impedance in a product-over-sum form 
+. Express the phase angle in terms of R and Xc 
e Determine the conductance, capacitive susceptance, and admittance 
e Convert admittance to impedance 


Figure 10-25 shows a basic parallel RC circuit. 


FIGURE 10-25 Parallel RC circuit. 


The expression for the impedance in Equation 10-12 is given in a product-over-sum 
form similar to the way two resistors in parallel can be expressed. In this case, the denom- 
inator is the phasor sum of R and Xc. 


_ RX 
VR? + X2 


The value of the phase angle between the source voltage and the total current can be 
expressed in terms of R and Xç as shown in Equation 10-13. 


R 
0 = TEES (10-13) 
C 


This formula is derived from an equivalent formula using branch currents (Eq. 10-22), 
which is introduced in Section 10-5. 


Z (10-12) 


EXAMPLE 10-9 


For each circuit in Figure 10-26, determine the impedance and the phase angle. 


R X V, 


C Ss 
5V > 1000 500 5V 


(a) (b) 
FIGURE 10-26 
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SOLUTION 
For the circuit in Figure 10—26(a), the impedance and phase angle are 


RXc (100 M(50 Q) 


Z= = — 
VR? + x2  V(100 0) + (50 0)? 


R 100 Q 
_ 1 = -1 _ o 
=t = t = 4 
0 an an 5 63 


For the circuit in Figure 10—26(b), 
(1.0k0)2.0kQ) 
Va0koy? + 20k0y? 


10k0 
d= 0 = 26.67 


70 


= $8940 


2.0 kQ 


RELATED PROBLEM 


Determine Z in Figure 10—26(a) if the frequency is doubled. 


Conductance, Capacitive Susceptance, 
and Admittance 


Recall that conductance (G) is the reciprocal of resistance and is expressed as 
> (10-14) 
R 


Two new terms are now introduced for use in parallel RC circuits. Susceptance is the 
reciprocal of reactance; therefore, capacitive susceptance (Bo) is the reciprocal of capacitive 
reactance and is a measure of the ability of a capacitor to permit current. It is expressed as 


1 
Bo ==> 10-15 
d ( ) 
Admittance (Y) is the reciprocal of impedance and is expressed as 
Y = E (10-16) 
Z 


The unit of each of these three quantities is the siemens (S), which is the reciprocal of 
the ohm. 

In working with parallel circuits, it is often easier to use conductance (G), capacitive 
susceptance (Bç), and admittance (Y) rather than resistance (R), capacitive reactance (Xç) and 
impedance (Z). In a parallel RC circuit, as shown in Figure 10—27(a), the total admittance is the 
phasor sum of the conductance and the capacitive susceptance, as shown in Figure 10—27(b). 


Yot = VG? + BP (10-17) 


Y=VG* + Be 


Bc 


r 


(a) (b) 
FIGURE 10-27 Admittance in a parallel RC circuit. 
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EXAMPLE 10-10 


Determine the total admittance 
in Figure 10-28, and then con- 
vert it to impedance. 


SOLUTION 


To determine Y, first calculate 
the values for G and Bç. Since 
R = 3300, 


The capacitive reactance is 


1 1 


X — — 
C 2mfC 21r(1000 Hz)(0.22 uF) 


= 7230 


The capacitive susceptance is 


Lo 1 
Xe 230 


Therefore, the total admittance is 


Yp: = VG? + BŁ = V(3.03 mS) + (1.38 mS)? = 3.33 mS 


Convert to impedance. 
1 1 


Z= 


=> a O 
Yo, 3.33 mS emu 


RELATED PROBLEM 


Calculate the admittance in Figure 10-28 if fis increased to 2.5 kHz. 


SECTION 10-4 CHECKUP 


1. Determine Z if a 1.0 KO resistance is in parallel witha 650 Q 3. If Z = 100 ©, what is the value of Y? 


iti t i 
e ES 4. In a certain parallel RC circuit, R = 50 Q and Xc = 75 Q. 


2. Define conductance, capacitive susceptance, and admittance. Determine Y. 


10-3 ANALYSIS OF PARALLEL RC CIRCUITS 


Ohm’s law and Kirchhoff’s current law are used in the analysis of RC circuits. Current and 
voltage relationships in a parallel RC circuit are examined. 


After completing this section, you should be able to 


e Analyze a parallel RC circuit 
e Apply Ohm’s law and Kirchhoff’s current law to parallel RC circuits 
e Show how impedance and phase angle vary with frequency 
e Convert from a parallel circuit to an equivalent series circuit 
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For convenience in the analysis of parallel circuits, the Ohm’s law formulas using 


impedance—Equations 10-3, 104, and 10—5—can be rewritten for admittance using the 
relation Y = 1/Z. 


I 
= — 10-1 
V = (10-18) 
I= VY (10-19) 
I 
r= 10-20 
> ( ) 


EXAMPLE 10-11 


Determine the total current and the phase angle in Figure 10-29. 


FIGURE 10-29 


SOLUTION 
First, determine the total admittance. The capacitive reactance is 


1 1 
= WnfC 2m(1.5 kHz)(0.022 uF) 


The conductance is 


Xc = 4.82 kO 


1 
ETT H 
The capacitive susceptance is 
Bç = AE = 207 uS 
COX. 48x0 A 


Therefore, the total admittance is 
Yp: = WO? + B = V(455 pS)? + (207 uS)? = 500 pS 
Next, use Ohm’s law to calculate the total current. 


Lo, = VY; = (10 V)(500 uS) = 5.00 mA 


The phase angle is 
MULTISIM 
R 22k0 
< 0 = tan | —|= tan | ——— ] = 24.5° 
(Z) i (z2 4 
Open Multisim file E10-11. The total current is 5.00 mA, and it leads the source voltage by 24.5”. 


Verify the value of the total 
current that was calculated. Then 
measure each branch current. RELATED PROBLEM 
Double the frequency to 3 kHz 
and measure the total current. 


What is the total current if the frequency is doubled? 
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Phase Relationships of the Currents 
and Voltages 


Figure 10-30(a) shows all the currents and voltages in a basic parallel RC circuit. As you 
can see, the source voltage, V,, appears across both the resistive and the capacitive 
branches, so V,, Vp, and Vç are all in phase and of the same magnitude. The total current, 
Tot, divides at the junction into the two branch currents, Jp and Ic. 


Ic 


I tot I tot 


|x 


i 
T i 


(a) (b) 


FIGURE 10-30 Currents and voltages in a parallel RC circuit. The current directions 
shown in (a) are instantaneous and, of course, reverse when the source voltage reverses. 
The current phasors in (b) rotate once per cycle. 


Stray Capacitance 
e Stray 
Stray capacitance is the unseen capacitance that is in all capacitance 


electronic circuits and systems. It occurs anytime conduc- 
tors are separated by an insulator as in the case of a basic 
transistor. The effect of stray capacitance is to reduce the 
high-frequency response of analog circuits. In high-speed 
digital circuits, it limits switching speed. The stray capaci- 
tance for a transistor can be drawn as an equivalent paral- 
lel RC circuit, enabling high-frequency analysis of a 
transistor circuit by applying a basic circuit concept. 


The current through the resistor is in phase with the voltage. The current through the 
capacitor leads the voltage, and thus the resistive current, by 90°. By Kirchhoff’s current 
law, the total current is the phasor sum of the two branch currents, as shown by the phasor 
diagram in Figure 10-30(b). The total current is expressed as 


le~ VI ee (10-21) 


The value of the phase angle between the resistor current and the total current is 


0 = tan” (ze) (10-22) 


Equation 10-22 is equivalent to Equation 10-13, 0 = tan UR /Xo. 
Figure 10-31 shows a complete current and voltage phasor diagram. Notice that Iç 
leads Ip by 90° and that Jp is in phase with the voltage (V, = Vp = Vo). 


FIGURE 10-31 Current and 
voltage phasor diagram for a 
parallel RC circuit (amplitudes 
depend on the particular 
circuit). 


Ic 
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EXAMPLE 10-12 


Determine the value of each current in Figure 10-32, and describe the phase rela- 
tionship of Ip, Ic, and „+ Draw the current phasor diagram. 


FIGURE 10-32 


SOLUTION 
The resistor current, the capacitor current, and the total current are expressed 
as follows: 
V; 12 V 
IR = === 54.5 mA 
R R 2200 ii 
V; 12 V 
I E = 80 mA 
C Xc 1500 


lo = VB + È = V(54.5 mA)? + (80 mA)? = 96.8 mA 
The phase angle is 


lc 80 mA 
0 = te A A ES t y A E 5 
an (£) an (om 


Ip is in phase with the source voltage, lc leads 
the source voltage by 90°, and /,,; leads the 
source voltage by 55.7°. The current phasor dia- 
gram is shown in Figure 10-33. 


Lo = 96.8 mA 


RELATED PROBLEM 


In a certain parallel circuit, Jp = 100 mA and 
Ic = 60mA. Determine the total current and the 
phase angle. 


FIGURE 10-33 


Note that a parallel RC circuit becomes less reactive when Xç is increased. That is, the 
circuit phase angle becomes smaller. The reason for this effect is that when Xç 1s increased 
relative to R, less current is through the capacitive branch, and although the in-phase or 
resistive current does not increase, it becomes a greater percentage of the total current. 


SECTION 10-3 CHECKUP 


1. The admittance of a parallel RC circuit is 3.5 mS, and the 3. What is the phase angle between the capacitor current and the 
source voltage is 6 V. What is the total current? source voltage in a parallel RC circuit? 


2. In a certain parallel RC circuit, the resistor current is 10 mA, 
and the capacitor current is 15 mA. Determine the phase angle 
and the total current. 
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10-6 ANALYSIS OF SERIES-PARALLEL 
RC CIRCUITS 


The concepts studied in the previous sections are used to analyze circuits with combinations of 
both series and parallel R and C components. 


After completing this section, you should be able to 
e Analyze series-parallel RC circuits 
e Determine total impedance 


e Calculate currents and voltages 


e Measure impedance and phase angle 


As in the case of dc circuits, combinational ac circuits can be solved by combining 
series or parallel elements into equivalent circuits. The following example demonstrates 
the analysis of a series-parallel reactive circuit. 


EXAMPLE 10-13 


In the series-parallel RC circuit of Figure 10—34, determine the following: 


(a) total impedance (b) total current (c) phase angle by which I,,; leads V, 


Ry Cy 


680 Q T 0.047 uF 


FIGURE 10-34 


SOLUTION 
(a) First, calculate the magnitudes of the capacitive reactances. 


1 


= = 3180 
Xcı 2r (5 kHz)(0.1 uF) po 
1 
to = = 6770 
2 21(5 kHz)(0.047 uF) i 


One approach is to find the series equivalent resistance and capacitive 
reactance for the parallel portion of the circuit; then add the resistances 
(Ri + Reg) to get total resistance and add the reactances (Xc] + Xc(eg)) to 
get total reactance. From these totals, you can determine the total impedance. 

Find the impedance of the parallel portion (Z2) by first finding the 


admittance. 
G E : 1.47 mS 
= = = 1.47m 
2 R, 6800 
1 1 
Bo = 1.48 mS 
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VGZ + B2, = V(1.47 mS)? + (1.48 mS) = 2.09 mS 


ER E. 
2 Y, 209mS 


Y, 


= 478 Q 


The phase angle associated with the parallel portion of the circuit is 


R 680 Q 
9, = tan ! Ea tan ! = 251° 
Xa 677 0, 


The series equivalent values for the parallel portion are 
Reg = Z2cos 0, = (478 O)cos(45.1% = 337 Q 
XC(eq) = Zz 8in Op = (478 O)sin(45.1% = 339 Q 


The total circuit resistance is 
Rot = Ry + Reg = 10000 + 337 Q = 1.34k0 
The total circuit reactance is 
Xomo = XAc1 + Xcreq) = 318 0 + 339 0 = 657 Q 
The total circuit impedance is 


Zor = VRZ: + Xe = W(1.34k0) + (657 0) = 149kQ 


(b) Use Ohm’s law to find the total current. 
V, 10V 


is = 6.71 mA 
"Zor  149k0 
MULTISIM (c) To find the phase angle, view the circuit as a series combination of R,,, and 
* X ctor). The phase angle by which Z, leads V, is 
X Clot) 657 Q 
= =] 37 =i AAA a r 
Open Multisim file E10-13. 0 = tan R., = tan 134k0 26.1 


Verify the calculated value of 
the total current. Measure the 
current through R, and the 
current through C2. Measure 
voltages across Z, and Z2. 


RELATED PROBLEM 


Determine the voltages across Z; and Z, in Figure 10-34, 


V XA MVP ) — 


HH PASSIVE OSCILLOSCOPE PROBES 


Although there are many types of oscilloscope probes, the most common type is the X10 
passive probe. The X10 refers to the fact that the probe attenuates the signal by a factor 
of 10. The purpose of the probe is to transmit as accurately as possible the signal while 
avoiding noise pickup or affecting the circuit under test (loading). 

A typical oscilloscope input has about 20 pF of internal capacitance due to the input 
amplifier, cables, and stray capacitance. These are lumped into C, in the circuit shown in 
Figure 10-35. The dotted lines are a reminder that this is not a physical capacitor but has 
all of the attributes of one. There is also about 1.0 MO of internal resistance for the input 
amplifier in the oscilloscope, shown as Rin. To complete the circuit, there is typically a 
series resistor in the probe itself, R,,.,-, and a small variable capacitor, Cprobe, that is 
adjusted to optimize the overall probe/scope response. 

At low frequencies, the small capacitors have very high reactance compared to the 
resistance. Ignoring the capacitors, the resistors form a 10:1 resistive divider. At high fre- 
quencies, the capacitive reactance of C,,,,p. and C;, are both small compared to the resis- 
tors. Ignoring the resistances, Cprobe forms a 10:1 capacitive divider with C;,,, which keeps 
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Probe adjust 


C 


probe 


= 2.2 pF 


Oscilloscope input 


probe Coax cable 


FIGURE 10-35 A passive oscilloscope probe. 


the frequency response flat. The net effect of the probe circuit for an oscilloscope is to 
reduce the input capacitance by the probe’s X10 ratio and increase the input impedance by 
the same amount, thus reducing circuit loading. 


Circuit Measurements 


DETERMINING Z,,; Now, let's see how the value of Z, for the circuit in Example 
10-13 can be determined by measurement. First, the total impedance is measured as 
outlined in the following steps and as illustrated in Figure 10—36 (other ways are 
also possible). 


Step 1: Using a sine wave generator, set the source voltage to a known value (10 V) 
and the frequency to 5 kHz. Check the voltage with an ac voltmeter and the 
frequency with a frequency counter or an oscilloscope rather than relying on 
the marked values on the generator controls. 


Step 2: Connect an ac ammeter as shown in Figure 10-36, and measure the total 
current. Alternately, you can measure the voltage across R¡ and calculate 
the current. 


Step 3: Calculate the total impedance by using Ohm’s law. 


Frequency 
counter 


Cy 
0.047 uF 


A] += Circuit 
10V 
[sk = gronna 


t Ia 6.71 mA 


FIGURE 10-36 Determining Z,,, by measurement of V, and J,,;. 
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DETERMINING 0 To measure the phase angle, the source voltage and the total cur- 
rent must be displayed on an oscilloscope screen in the proper time relationship. Two basic 
types of scope probes are available to measure the quantities with an oscilloscope: the volt- 
age probe and the current probe. The current probe is a convenient device, but it 1s often 
not as readily available as a voltage probe. We will confine our phase measurement tech- 
nique to the use of voltage probes in conjunction with the oscilloscope. Although there are 
special isolation methods, a typical passive oscilloscope voltage probe has two points that 
are connected to the circuit: the probe tip and the ground lead. Thus, all voltage measure- 
ments must be referenced to ground. 

Since only voltage probes are to be used, the total current cannot be measured 
directly. However, for phase measurement, the voltage across R is in phase with the total 
current and can be used to establish the phase angle of the current. 

Before proceeding with the actual phase measurement, there is a problem with display- 
ing Vp . If the scope probe is connected across the resistor, as indicated in Figure 10-37(a), 
the ground lead of the scope will short point B to ground, thus bypassing the rest of the 
components and effectively removing them from the circuit electrically, as illustrated in 
Figure 10-37(b) (assuming that the scope is not isolated from power line ground). 


This part of the 
circuit is shorted 
out by the ground 
connection 
through scope. 


Short through RE, 
scope ground lus 


\ ; 


= < Ground 


(a) Ground lead on scope probe grounds point B. (b) The effect of grounding point B is to short out the 
rest of the circuit. 


FIGURE 10-37 Effects of measuring directly across a component when the instrument and the 
circuit are grounded. The scope ground has shorted out part of the circuit. 


High-Frequency Differential Probing 


Most oscilloscopes will allow you to combine two single-ended probes in order to make a 
measurement of an ungrounded component. This is a good method for low frequencies. For 
high-frequency work, the separate paths for each channel can lead to delay differences between 
the two signals, resulting in amplitude and timing errors. A better way to probe high-frequency 


and fast signals is to use a differential probe. A differential probe uses a differential amplifier 
at the probe tip to subtract the two signals, allowing one channel of the oscilloscope to make a 
measurement across an ungrounded component. The result is a more accurate measurement. 


To avoid this problem, you can switch the generator output terminals so that one end 
of R; is connected to the ground terminal, as shown in Figure 10—38(a). Now the scope can 
be connected across it to display Vpy, as indicated in Figure 10-38(b). The other probe is 
connected across the voltage source to display V, as indicated. Now channel 1 of the scope 
has Vp; as an input, and channel 2 has V,. The scope should be triggered from the source 
voltage (channel 2 in this case). 

Before connecting the probes to the circuit, you should align the two horizontal lines 
(traces) so that they appear as a single line across the center of the scope screen. To do so, 
ground the probe tips and adjust the vertical position knobs to move the traces toward the 
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(a) Ground repositioned so that one end of R} is (b) The scope displays Vp; and V,- Vp, represents the phase 
grounded. of the total current. 


FIGURE 10-38 Repositioning ground so that a direct voltage measurement can be made with 
respect to ground without shorting out part of the circuit. 


center line of the screen until they are superimposed. This procedure ensures that both wave- 
forms have the same zero crossing so that an accurate phase measurement can be made. 

Once you have stabilized the waveforms on the scope screen, you can measure the period 
of the source voltage. Next, use the Volts/Div controls to adjust the amplitudes of the wave- 
forms until they both appear to have the same amplitude. Now, spread the waveforms horizon- 
tally by using the Sec/Div control to expand the distance between them. This horizontal 
distance represents the time between the two waveforms. The number of divisions between the 
waveforms along any horizontal lines times the Sec/Div setting is equal to the time between 
them, Ar. Also, you can use the cursors to determine At if your oscilloscope has this feature. 

Once you have determined the period, T, and the time between the waveforms, At, 
you can calculate the phase angle with the following equation: 


0 = (Jaco (10-23) 


Figure 10-39 shows simulated screen displays for an oscilloscope in Multisim. In 
Figure 10-39(a), the waveforms are aligned and set to the same apparent amplitude by 
adjusting the fine Volts/Div control. The period of these waveforms is 200 us. The Sec/Div 
control is adjusted to spread the waveforms out to read At more accurately. As shown in 
part (b), there are 3.0 divisions between the crossings on the center line. The Sec/Div control 
is set to 5.0 us and there are 3.0 divisions between the waveforms. 


At = 3.0 divisions X 5.0 ps/division = 15 us 
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At = 3.0 divisions x 5 us/division = 15 us 
(a) (b) 


FIGURE 10-39 Determining the phase angle using an oscilloscope. 
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The phase angle is 


o = (At eo = ( 2 beo = 27 
XT 200 us 7 


SECTION 10-6 CHECKUP 


1. Explain why a scope probe ground should be connected to the 3. To what value should Sprobe in Figure 10-35 be adjusted if 
circuit ground. Cin = 15 pF? 


2. What is the voltage across R; in Figure 10-34? 


6238262 2013/12/10 12.27.66.5 


10-7 POWER IN RC CIRCUITS 


In a purely resistive ac circuit, all of the energy delivered by the source is dissipated in the form 
of heat by the resistance. In a purely capacitive ac circuit, all of the energy delivered by the 
source is stored by the capacitor during a portion of the voltage cycle and then returned to the 
source during another portion of the cycle so that there is no net energy conversion to heat. 
When there is both resistance and capacitance, some of the energy is alternately stored and 
returned by the capacitance and some is dissipated by the resistance. The amount of energy con- 
verted to heat is determined by the relative values of the resistance and the capacitive reactance. 


After completing this section, you should be able to 


e Determine power in RC circuits 
e Explain true and reactive power 
e Draw the power triangle 
¢ Define power factor 
e Explain apparent power 
e Calculate power in an RC circuit 


When the resistance is greater than the capacitive reactance in a series RC circuit, 
more of the total energy delivered by the source is dissipated by the resistor than is stored 
by the capacitor. Likewise, when the reactance is greater than the resistance, more of the 
total energy is stored and returned than is converted to heat. 

The formulas for the power dissipated in a resistor, sometimes called true power 
(Prue), and the power in a capacitor, called reactive power (P,), are restated here. The unit 
of true power is the watt (W), and the unit of reactive power is the VAR (volt-ampere 
reactive). 


Pue LR (10-24) 


P, = Ae (10-25) 


Power Triangle for RC Circuits 


The generalized impedance phasor diagram for a series RC circuit is shown in Figure 
10-40(a). A relationship for power can also be represented by a similar diagram because 
the respective magnitudes of the powers, Prue and P,, differ from R and Xç by a factor of 
É p as shown in Figure 10-40(b). 
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Watts (W) 
P, 
r de R ruc 

| 

| 

| P. (reactive) 

| Volt-amperes 

| reactive (VAR) 

J | 2 

Xc Lio Ac Ez =======- STi Z 
(a) Impedance phasors (b) Impedance phasors are multiplied by is (c) Power triangle 


to get power 


FIGURE 10-40 Development of the power triangle for a series RC circuit. 


The resultant power, /2,,Z, represents the apparent power, P,. At any instant in time, 
Pa 1s the total power that appears to be transferred between the source and the RC circuit. 
Part of the apparent power is true power, and part of it is reactive power. The unit of appar- 
ent power is the volt-ampere (VA). The expression for apparent power is 


PSZ (10-26) 


The diagram in Figure 10—40(b) can be rearranged in the form of a right triangle as 
shown in Figure 10—40(c), which is called the power triangle. Using the rules of trigo- 
nometry, Pirye can be expressed as 


Prue = Pacos 0 


Since P, equals DZ or V.Jio,, the equation for true power can be written as 


where V, is the source voltage and Z,» 15 the total current. 

For the case of a purely resistive circuit, 0 = 0° and cos 0° = 1, so Prue equals 
V lio. For the case of a purely capacitive circuit, 0 = 90° and cos 90° = 0, so Pyrue 18 Zero. 
As you already know, there is no power dissipated in an ideal capacitor. 


Power Factor 


The term cos 0 is called the power factor and is stated as 
PF = cos@ (10-28) 


As the phase angle between the source voltage and the total current increases, the 
power factor decreases, indicating an increasingly reactive circuit. The smaller the power 
factor, the smaller the power dissipation. 

The power factor can vary from 0 for a purely reactive circuit to 1 for a purely resis- 
tive circuit. In an RC circuit, the power factor is referred to as a leading power factor 
because the current leads the voltage. 


EXAMPLE 10-14 


Determine the power factor and the true power in the RC circuit of Figure 10-41. 


a C 
y 1.0 KQ 0.0047 uF 
15V 
f = 10 KHz 


FIGURE 10-41 
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SOLUTION 
Calculate the capacitive reactance and phase angle. 


1 1 
2afC  21(10 kHz)(0.0047 uF) 


1 E 1 == o 
tan = tan 1 - ) = 73.6 


PF = cos 0 = cos(73.6°) = 0.282 


Xc = = 3.39 KQ 


D 
| 


The power factor is 


The impedance is 


Z = VR + X% = VAOKO)? + (3.39 k0) = 3.53k0 


Therefore, the current 1s 


MULTISIM V, isy ous 
N = = aes m 
hs Z 35310 
Open Multisim file E10-14. The true power is 
Measure the current and com- Prue = Vsl cos 0 = (15 V)(4.25 mA)(0.282) = 18.0 mW 


pare to the calculated value. 
Measure the voltages across 
R and C at 10 kHz, 5 kHz, RELATED PROBLEM 
and 20 kHz. Explain your 
observations. 


What is the power factor if f is reduced by half in Figure 10-41? 


Significance of Apparent Power 


Apparent power is the power that appears to be transferred between the source and the 
load, and it consists of two components: a true power component and a reactive power 
component. 

In all electrical and electronic systems, it is the true power that does the work. The 
reactive power is simply shuttled back and forth between the source and the load. 
Ideally, in terms of performing useful work, all of the power transferred to the load 
should be true power and none of it reactive power. However, in most practical situations 
the load has some reactance associated with it, and therefore you must deal with both 
power components. 

For any reactive load, there are two components of the total current: the resistive 
component and the reactive component. If you consider only the true power (watts) in a 
load, you are dealing with only a portion of the total current that the load demands from a 
source. In order to have a realistic picture of the actual current that a load will draw, you 
must consider apparent power (in VA). 

A source such as an ac generator can provide current to a load up to some maximum 
value. If the load draws more than this maximum value, the source can be damaged. 
Figure 10-42(a) shows a 120 V generator that can deliver a maximum current of 5 A to a 
load. Assume that the generator 1s rated at 600 W and is connected to a purely resistive 
load of 24 Q (power factor of 1). The ammeter shows that the current is 5 A, and the watt- 
meter indicates that the power is 600 W. The generator has no problem under these condi- 
tions, although it is operating at maximum current and power. 

Now, consider what happens if the load is changed to a reactive one with an imped- 
ance of 18 (2 and a power factor of 0.6, as indicated in Figure 10-42(b). The current is 
120 V/18 O = 6.67 A, which exceeds the maximum. Even though the wattmeter reads 
480 W, which is less than the power rating of the generator, the excessive current probably 
will cause damage. This example shows that a true power rating can be deceiving and is 
inappropriate for ac sources. This particular ac generator should be rated at 600 VA, a rat- 
ing the manufacturer would use, rather than 600 W. 
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Wattmeter indicates 
Ammeter indicates that power is below 
that current is excessive. rated value. 


(a) Generator operating at its limits with a (b) Generator is in danger of internal damage 
resistive load. due to excess current, even though the 
wattmeter indicates that the power is 
below the maximum wattage rating. 


FIGURE 10-42 The wattage rating of a source is inappropriate when the load is reactive. 
The rating should be in VA rather than in watts. 


EXAMPLE 10-15 


For the circuit in Figure 10—43, find the true power, the reactive power, and the 
apparent power. Xç has been determined to be 2.0 KO. 


Xc 


2.0 KQ 


FIGURE 10-43 


SOLUTION 
First find the total impedance so that you can calculate the current. 


Zinn = VR + X% = VAOKkOY? + (2.0 KOP =2.24k0 
Vv, oN 
Z 224KQ 


= 4,46 mA 


The phase angle, 0, is 


Xc 20k0 
O = tan HU —) = tan! = 63.4° 
= (že) dd (=) 


The true power is 


Prue = Vsl cos 0 = (10 V)(4.46 mA)cos(63.4°) = 20 mW 


Note that the same result is realized if you use the formula Pirue = PR. 
The reactive power is 


P, = PX = (4.46 mA)*(2.0kO) = 39.8 mVAR 
The apparent power is 


P, = PZ = (4.46 mA)*(2.24kQ0) = 44.6 mVA 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


464 CHAPTER 10 + RC CIRCUITS 


The apparent power is also the phasor sum of Py, and P,. 


P, = VPZ, + P? = 44.6 mVA 


RELATED PROBLEM 
What is the true power in Figure 10-43 if Xc = 10k)? 


SECTION 10-7 CHECKUP 


1. To which component in an RC circuit is the power 3. A certain series RC circuit has the following parameter 
dissipation due? values: R = 330 0, Xc = 460 Q, and I = 2 A. Determine 


, , the true power, the reactive power, and the apparent power. 
2. Ifthe phase angle, 6, is 45°, what is the power factor? p p Pp P 


10-8 BASIC APPLICATIONS 


RC circuits are found in a variety of applications, often as part of a more complex circuit. 
Three applications are phase shift circuits applied to an oscillator, frequency-selective circuits 
(filters), and ac coupling. 


After completing this section, you should be able to 


¢ Describe some basic RC applications 
e Discuss how the RC circuit is used in an oscillator 
e Discuss how the RC circuit operates as a filter 
e Discuss ac coupling 


The Phase Shift Oscillator 


As you know, a series RC circuit will shift the phase of the output voltage by an amount 
that depends on the values of R and C and the frequency of the signal. This ability to shift 
phase depending on frequency is vital in certain feedback oscillator circuits. An oscillator 
is a circuit that generates a periodic waveform and is an important circuit for many elec- 
tronic systems. You will study oscillators in a devices course, so the focus here is on the 
application of RC circuits for shifting phase. The requirement is that a fraction of the out- 
put of the oscillator is returned to the input (called feedback) in the proper phase to rein- 
force the input and sustain oscillations. Generally, the requirement is to feed back the 
signal with a total of 180° of phase shift. 

A single RC circuit is limited to phase shifts that are smaller than 90°. The basic 
RC lag circuit discussed in Section 10-3 can be “stacked” to form a complex RC network, 
as shown in Figure 10—44, which shows a specific circuit called a phase shift oscillator. 
The phase shift oscillator typically uses three equal-component RC circuits that produce 
the required 180° phase shift at a certain frequency, which will be the frequency at 
which the oscillator works. The output of the amplifier is phase shifted by the RC net- 
work and returned to the input of the amplifier, which provides sufficient gain to main- 
tain oscillations. 

The process of putting several RC circuits together results in a loading effect, so the 
overall phase shift is not the same as simply adding the phase shifts of the individual RC 
circuits. The detailed calculation for this circuit involves a lot of tedious phasor math, but 
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Amplifier 
R 


Phase shift network 


FIGURE 10-44 Phase shift oscillator. 


the result is simple. With equal components, the frequency at which a 180° phase shift 
occurs is given by the following equation: 
_ 1 
2m V6RC 
It also turns out that the RC network attenuates (reduces) the signal from the ampli- 


fier by a factor of 29; the amplifier must make up for this attenuation by having a gain of 
—29 (the minus sign takes into account the phase shift). 


fr 


EXAMPLE 10-16 


In Figure 10—45, calculate the output frequency. 


Ry 


V ot 
0.001 WF 0.001 uF 0.001 uF 


R R 
15 KQ 15 KQ 


FIGURE 10-45 


SOLUTION 


1 1 


27 VW6RC  2mTV6(15k0I(0.001 uF) = 


fr 


RELATED PROBLEM 


If all of the capacitors are changed to 0.0027 uF, what is the oscillator frequency? 


The RC Circuit as a Filter 


Frequency-selective circuits (filters) permit signals of certain frequencies to pass from the 
input to the output while blocking all others. That is, ideally all frequencies but the selected 
ones are filtered out. Frequency-selective circuits are important in many systems, particu- 
larly communication systems. 
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Series RC circuits exhibit a frequency-selective characteristic. There are two types. 
The first one that we examine is a low-pass circuit that is realized by taking the output 
across the capacitor, just as in @lwe circuit! The lsetondstype is a high-pass circuit, which 
is implemented by taking the output across the resistor, as in a lead circuit. In practice, RC 
circuits are used in conjunction with operational amplifiers to create active filters, which 
are much more effective than passive RC circuits. 


LOW-PASS FILTER You have seen what happens to the phase angle and the 
output voltage in a series RC lag circuit. In terms of the filtering action of the series RC 
circuit, the variation in the magnitude of the output voltage as a function of frequency 
is important. 

Figure 10-46 shows the filtering action of a series RC circuit using a specific 
series of measurements in which the frequency starts at 100 Hz and is increased in 
increments up to 20 kHz. At each value of frequency, the output voltage is measured. 
As you can see, the capacitive reactance decreases as frequency increases, thus drop- 
ping less voltage across the capacitor while the input voltage is held at a constant 10 V 
throughout each step. Table 10-1 summarizes the variation of the circuit parameters 
with frequency. 


Frequency 
counter R Von 


LO tz) 


Frequency 
counter 


1 UWF 


(a) f= 0.1 kHz, Xe = 1.59 KQ, V= 9.98 V (b) f= 1 kHz, Xc = 159 Q, V, = 8.46 V 


Frequency i Frequency 
counter = i counter 


(c) f= 10 kHz, Xc = 15.9 Q, V,,,= 1.57 V (d) f= 20 kHz, Xe = 7.96 Q, V, = 0.79 V 


> "out 


FIGURE 10-46 Example of low-pass filtering action. As frequency increases, V,,,,, decreases. 


TABLE 10-1 
f (kHz) Xc(0) Ztot(Q) I (mA) Vout (V) 
1,590 1,590 


159 188 


139 101 


7.96 100 
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The frequency response of the low-pass RC circuit in Figure 10-46 is shown in 
Figure 10—47, where the measured values are plotted on a graph of V,,,, versus f, and a 
smooth curve is drawn connecting the points. This graph, called a response curve, shows 
that the output voltage is greater at the lower frequencies and decreases as the frequency 
increases. The frequency scale is logarithmic. 


Vow (V) 


9.98 


8.46 ——> 


Lo. 


— N UY bin `A 1.0 NN 


Li ——— 


on 
a 10 20 100 482) 


FIGURE 10-47 Frequency response curve for the low-pass RC circuit in 
Figure 10-46. 


HIGH-PASS FILTER To illustrate RC high-pass filtering action, Figure 10-48 
shows a series of specific measurements. The frequency starts at 10 Hz and 1s increased 
in increments up to 10 kHz. As you can see, the capacitive reactance decreases as 
the frequency increases, thus causing more of the total input voltage to be dropped 
across the resistor. Table 10—2 summarizes the variation of circuit parameters with 
frequency. 


Frequency 
counter 


Frequency 
counter 


rir, 
LHZ 


1 WF 
Xc = 15.9kO 


(a) f= 10 Hz, Xc = 15.9 KO, Voip = 0.063 V (b) f= 100 Hz, Xe = 1.59 KO, V,,,, = 0.63 V 


out 


Frequency 
counter 


(c) f= 1 kHz, Xe = 159 Q, V,,,=5.32 V 


Frequency 
counter 


(d) f= 10 kHz, Xe = 15.9 Q, V, = 9.88 V 


FIGURE 10-48 Example of high-pass filtering action. As frequency increases, V,,,,, increases. 
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TABLE 10-2 


f (kHz) Xc(Q) Zot (Q) I (mA) 


15,900 15,900 


In Figure 10—49, the measured values for the high-pass RC circuit shown in Figure 
10—48 have been plotted to produce a frequency response curve for this circuit. As you can 
see, the output voltage is greater at the higher frequencies and decreases as the frequency 
is reduced. The frequency scale is logarithmic. 


Vaa (V) 
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0063—— > 
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FIGURE 10-49 Frequency response curve for the high-pass RC circuit in 
Figure 10-48. 


THE CUTOFF FREQUENCY AND THE BANDWIDTH OF AN RC 
CIRCUIT The frequency at which the capacitive reactance equals the resistance in a 
low-pass or high-pass RC circuit is called the cutoff frequency and is designated f.. This 
condition is expressed as 1/(27f.C) = R. Solving for f, results in the following formula: 


1 
fe = JARC (10-29) 


At f., the output voltage of the RC circuit is 70.7% of its maximum value. It is stand- 
ard practice to consider the cutoff frequency as the limit of a circuit’ s performance in terms 
of passing or rejecting frequencies. For example, in a high-pass circuit, all frequencies 
above f, are considered to be passed from the input to the output, and all those below f, are 
considered to be rejected. The reverse 1s true for a low-pass circuit. 

The range of frequencies that is considered to be passed from the input to the output 
of a circuit is called the bandwidth. Figure 10-50 illustrates the bandwidth and the cutoff 
frequency for a low-pass circuit. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


10-8 BASIC APPLICATIONS 469 


Vout 


+ Voc 


0.707 


Input 
source 
<— Bandwidth ————> Vag 
f 
Je 
(cutoff) = 


FIGURE 10-50 Normalized general response curve of a low-pass FIGURE 10-51 Amplifier bias and signal-coupling circuit. 
RC circuit showing the cutoff frequency and the bandwidth. 


Coupling an AC Signal into a DC Bias Circuit 


Figure 10-51 shows an RC circuit that is used to create a de voltage level with an ac volt- 
age superimposed on it. This type of circuit is commonly found in amplifiers in which the 
de voltage is required to bias the amplifier to the proper operating point and the signal 
voltage to be amplified is coupled through a capacitor and superimposed on the de level. 
The capacitor prevents the low internal resistance of the signal source from affecting the 
de bias voltage. This circuit is similar to the one in System Example 10-1 but uses a volt- 
age-divider to set up the required bias voltage. 

In this type of application, a relatively large value of capacitance is selected so that for 
the frequencies to be amplified, the reactance is very small compared to the resistance of the 
bias network. When the reactance is very small (ideally zero), there is practically no phase 
shift or signal voltage dropped across the capacitor. Therefore, all of the signal voltage passes 
from the source to the input to the amplifier. 

Figure 10-52 illustrates the application of the superposition principle to the circuit in 
Figure 10-51. In part (a), the ac source has been effectively removed from the circuit and 


(a) de equivalent: ac source replaced by (b) ac equivalent: de source is replaced by (c) de + ac: Voltages are superimposed at point A. 
short. C is open to de. Ry and R, act short. Cis short to ac. All of V,,. 18 
as de voltage divider. coupled to point A. 


FIGURE 10-52 The superposition of dc and ac voltages in an RC bias and coupling circuit. 
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replaced with a short to represent its ideal internal resistance. Since C is open to dc, the 
voltage at point A is determined by the voltage-divider action of R; and R, and the de volt- 
age source. 

In Figure 10-52(b), the de source has been effectively removed from the circuit and 
replaced with a short to represent its ideal internal resistance. Since C appears as a short at 
the frequency of the ac, the signal voltage is coupled directly to point A and appears across 
the parallel combination of Ry and R. Figure 10—52(c) illustrates that the combined effect 
of the superposition of the de and the ac voltages results in the signal voltage “riding” on 
the dc level. 


SECTION 10-8 CHECKUP 


1. Ina phase shift oscillator, the RC circuit must provide a total 2. To achieve a low-pass characteristic with a series RC circuit, 
phase shift of how many degrees? across which component is the output taken? 


10-9 TROUBLESHOOTING 


Typical component failures or degradation have an effect on the response of basic RC circuits. 
The APM (analysis, planning, and measurement) method of troubleshooting can be used to 
locate problems in a circuit. 


After completing this section, you should be able to 


¢ Troubleshoot RC circuits 
e Find an open resistor 
e Find an open capacitor 
e Find a shorted capacitor 
e Find a leaky capacitor 


EFFECT OF AN OPEN RESISTOR Itis easy to see how an open resistor affects 
the operation of a basic series RC circuit, as shown in Figure 10-53. Obviously, there is no 
path for current, so the capacitor voltage remains at zero and the total voltage, V,, appears 
across the open resistor. 


EFFECT OF AN OPEN CAPACITOR When the capacitor is open, there is no 
current; thus, the resistor voltage drop 1s zero. The total source voltage appears across the 
open capacitor, as shown in Figure 10-54. 


FIGURE 10-53 Effect of an open resistor. FIGURE 10-54 Effect of an open capacitor. 
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EFFECT OF A SHORTED CAPACITOR When a capacitor shorts out, the volt- 
age across it is zero, the current equals V,/R, and the total voltage appears across the resis- 
tor, as shown in Figure 10-55. 


FIGURE 10-55 Effect of a shorted capacitor. 


EFFECT OF A LEAKY CAPACITOR When a capacitor exhibits a high leakage ¢ 
current, the leakage resistance effectively appears in parallel with the capacitor, as shown T 
in Figure 10—56(a). When the leakage resistance is comparable in value to the circuit 
resistance, R, the circuit response is drastically affected. The circuit, looking from the 
capacitor toward the source, can be thevenized, as shown in Figure 10-56(b). The Thevenin 
equivalent resistance is R in parallel with R;eag (the source appears as a short), and the 
Thevenin equivalent voltage is determined by the voltage-divider action of R and Reap- 


RR leak 
R + Rieäk 


Risa} 
Vin = ( [eak Vn 
R + Kicaj 


As you can see, the voltage to which the capacitor will charge is reduced since 
Vin < Vin. Also, the current is increased. The Thevenin equivalent circuit 1s shown in 
Figure 10-56(c). 


HANDS ON TIP 
Some multimeters have a 
relatively low frequency 
response of | kHz or less, 
while others can measure 
voltages or currents with 
frequencies up to about 2 MHz. 
Always check to make sure 
that your meter is capable of 
making accurate measurements 
at the particular frequency at 
which you are working. 


Rip = R || Ricak = 


R R R 
| 
| | 
Vin Riak C Risak | C = Vin Riak Vin 
| 
| 
| 
al 
(a) (b) 
Ri, = RII Rivas 
R 
Vie ( leak 
ds R+ Kid j 


(c) 
FIGURE 10-56 Effect of a leaky capacitor. 
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HANDS ON TIP 
When connecting protoboard 
circuits, always consistently use 
standard colors for universal 
connections such as signals, 
power supply voltage, and 
ground. For example, you can 
use green wires for signals, red 
wires for power supply voltage, 
and black wires for ground 
connections. This helps you 
identify wiring during connecting 
and troubleshooting. 


EXAMPLE 10-17 


Assume that the capacitor in Figute-10-57 |s/degraded £0-a point where its leak- 
age resistance is 10 kQ. Determine the phase shift from input to output and the 
output voltage under the degraded condition. 


Vant 


FIGURE 10-57 


SOLUTION 
The effective circuit resistance 1s 


RReak  (47kKO)10Kk0) 


= 3.2 kQ 
14.7 KQ : 


Ry = 
R + Rieak 


The phase lag is 


Xc 50KQ 
= 90° — tan !{| — ] = 90° — tan ! = 32,6° 
id sl (% a Gr 


To determine the output voltage, first calculate the Thevenin equivalent voltage. 


y, = [Fea dy = (102 Voy = 680V 
eR ie 147k0 


, -( f Va ( SOLO 
“AVR +Xx2)" \ V3.2)? + 5.0K" 


Jos V = 573V 


RELATED PROBLEM 


What would the output voltage be 1f the capacitor were not leaky? 


Other Troubleshooting Considerations 


Many times, the failure of a circuit to work properly is not the result of a faulty compo- 
nent. A loose wire, a bad contact, or a poor solder joint can cause an open circuit. A 
short can be caused by a wire clipping or solder splash. Things as simple as not plugging 
in a power supply or a function generator happen more often than you might think. 
Wrong values in a circuit (such as an incorrect resistor value), the function generator set 
at the wrong frequency, or the wrong output connected to the circuit can cause improper 
operation. 

When you have problems with a circuit, always check to make sure that the instru- 
ments are properly connected to the circuits and to a power outlet. Also, look for obvious 
things such as a broken or loose contact, a connector that is not completely plugged in, or 
a piece of wire or a solder bridge that could be shorting something out. 

The point is that you should consider all possibilities, not just faulty compo- 
nents, when a circuit is not working properly. The following example illustrates this 
approach with a simple circuit using the APM (analysis, planning, and measurement) 
method. 
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EXAMPLE 10-18 


The circuit represented by the schematic in Figure 10-58 has no output voltage, which is the voltage across the 
capacitor. You expect to see about 7.4 V at the output. The circuit is physically constructed on a protoboard. Use 
your troubleshooting skills to find the problem. 


FIGURE 10-58 


SOLUTION 
Apply the APM method to this troubleshooting problem. 


Analysis: First think of the possible causes for the circuit to have no output voltage. 
1. There is no source voltage or the frequency is so high that the capacitive reactance 1s almost zero. 


2. There is a short between the output terminals. Either the capacitor could be internally shorted, or there could 
be some physical short. 


3. There is an open between the source and the output. This would prevent current and thus cause the output 
voltage to be zero. The resistor could be open, or the conductive path could be open due to a broken or loose 
connecting wire or a bad protoboard contact. 


4, There is an incorrect component value. The resistor could be so large that the current and, therefore, the output 
voltage are negligible. The capacitor could be so large that its reactance at the input frequency 1s near zero. 


Planning: You decide to make some visual checks for problems such as the function generator power cord not 
plugged in or the frequency set at an incorrect value. Also, broken leads, shorted leads, as well as an incorrect 
resistor color code or capacitor label often can be found visually. If nothing is discovered after a visual check, 
then you will make voltage measurements to track down the cause of the problem. You decide to use a digital 
oscilloscope and a DMM to make the measurements. 


Measurement: Assume that you find that the function generator is plugged in and the frequency setting appears 
to be correct. Also, you find no visible opens or shorts during your visual check, and the component values are 
correct. 

The first step in the measurement process is to check the voltage from the source with the scope. Assume a 
10 V rms sine wave with a frequency of 5 KHz is observed at the circuit input as shown in Figure 10-59(a). The 
correct voltage is present, so the first possible cause has been eliminated. 

Next, check for a shorted capacitor by disconnecting the source and placing a DMM (set on the ohmmeter 
function) across the capacitor. If the capacitor is good, an open will be indicated by an OL (overload) in the meter 
display after a short charging time. Assume the capacitor checks okay, as shown in Figure 10-59(b). The second 
possible cause has been eliminated. 

Since the voltage has been “lost” somewhere between the input and the output, you must now look for the 
voltage. You reconnect the source and measure the voltage across the resistor with the DMM (set on the voltme- 
ter function) from one resistor lead to the other. The voltage across the resistor is zero. This means there is no 
current, which indicates an open somewhere in the circuit. 

Now, you begin tracing the circuit back toward the source looking for the voltage (you could also start from 
the source and work forward). You can use either the scope or the DMM, but decide to use the multimeter with one 
lead connected to ground and the other used to probe the circuit. As shown in Figure 10-59(c), the voltage on the 
right lead of the resistor, point ©, reads zero. Since you already have measured zero voltage across the resistor, the 
voltage on the left resistor lead at point @ must be zero as the meter indicates. Next, moving the meter probe to 
point ®, you read 10 V. You have found the voltage! Since there is zero volts on the left resistor lead, and there is 
10 V at point @, one of the two contacts in the protoboard hole into which the wire leads are inserted is bad. It could be 
that the small contacts were pushed in too far and were bent or broken so that the circuit lead does not make contact. 

Move either or both the resistor lead and the wire to another hole in the same row. Assume that when the 
resistor lead is moved to the hole just above, you have voltage at the output of the circuit (across the capacitor). 
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FIGURE 10-59 


RELATED PROBLEM 


Suppose you had measured 10 V across the resistor before the capacitor was checked. What would this have 


indicated? 
SECTION 10-9 CHECKUP 
1. Describe the effect of a leaky capacitor on the de response of 3. What faults can cause O V across the capacitor in a series RC 
an RC circuit. circuit? 


2. Ina series RC circuit, if all the applied voltage appears across 
the capacitor, what is the problem? 
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SUMMARY 


e When a sinusoidal voltage is applied to an RC circuit, the current and all the voltage drops are 
also sine waves. 


e Total current in a series or parallel RC circuit always leads the source voltage. 
e The resistor voltage is always in phase with the current. 
e The capacitor voltage always lags the current by 90°. 


e Inan RC circuit, the impedance is determined by both the resistance and the capacitive reactance 
combined. 


e Impedance is expressed in units of ohms. 

e The circuit phase angle is the angle between the total current and the sowrevoltage 
e The impedance of a series RC circuit varies inversely with frequency. 

e The phase angle (0) of a series RC circuit varies inversely with frequency. 

e In an RC lag circuit, the output voltage lags the input voltage. 

e In an RC lead circuit, the output voltage leads the input voltage. 


e The impedance of a circuit can be determined by measuring the source voltage and the total cur- 
rent and then applying Ohm’s law. 


+ Inan RC circuit, part of the power is resistive and part reactive. 


e The phasor combination of resistive power (true power) and reactive power is called apparent 
power. 


e Apparent power is expressed in volt-amperes (VA). 
e The power factor (PF) indicates how much of the apparent power is true power. 


e A power factor of 1 indicates a purely resistive circuit, and a power factor of O indicates a purely 
reactive circuit. 


e Ina circuit that exhibits frequency selectivity, certain frequencies are passed to the output while 
others are rejected. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 


Admittance (Y) A measure of the ability of a reactive circuit to permit current; the reciprocal of 
impedance. The unit is the stemens (S). 


Apparent power (P) The phasor combination of resistive power (true power) and reactive power. 
The unit is the volt-ampere (VA). 


Bandwidth The range of frequencies that is considered to be passed from the input to the output of 
a circuit. 


Capacitive susceptance (Bc) The ability of a capacitor to permit current: the reciprocal of capaci- 
tive reactance. The unit is the siemens (S). 


Cutoff frequency The frequency at which the output voltage of a filter is 70.7% of the maximum 
output voltage. 


Frequency response In electric circuits, the variation in the output voltage (or current) over a 
specified range of frequencies. 


Impedance (Z) The total opposition to sinusoidal current expressed in ohms. 
Phase angle The angle between the source voltage and the total current in a reactive circuit. 


Power factor The relationship between volt-amperes and true power or watts. Volt-amperes mul- 
tiplied by the power factor equals true power. 


RC lag circuit A phase shift circuit in which the output voltage, taken across the capacitor, lags the 
input voltage by a specified angle. 


RC lead circuit A phase shift circuit in which the output voltage, taken across the resistor, leads 
the input voltage by a specified angle. 
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CHAPTER 10 «+ RC CIRCUITS 


KEY FORMULAS 


(10-1) 


(10-2) 


(10-3) 


(10-4) 


(10-5) 


(10-6) 


(10-7) 


(10-8) 


(10-9) 


(10-10) 


(10-11) 


(10-12) 


(10-13 


(10-14) 


(10-15) 


(10-16) 


(10-17) 


(10-18) 


(10-19) 


(10-20) 


(10-21) 


(10-22) 


Z = VR + X% 


V = IZ 
r=% 
Z 
Z=~ 
I 


X 
Vout = (va 
VR + Xt 


q = tae) 


RXc 
VA — A 
VR? + X% 
R 
0 = (E) 
XC 
1 
G = — 
R 
Ree 4 
c= Xx 
1 
Y = — 
Z 


I 
V=-= 
Y 
I = VY 
I 
Y == 
7 


Lot = V Ik + It 


I 
0 = te) 
Ir 


Series RC impedance 


Series RC phase angle 


Ohm's law 


Ohm's law 


Ohm's law 


Total voltage in series RC circuits 


Series RC phase angle 


Phase angle of lag circuit 


Output voltage of lag circuit 


Phase angle of lead circuit 


Output voltage of lead circuit 


Parallel RC impedance 


Parallel RC phase angle 


Conductance 


Capacitive susceptance 


Admittance 


Total admittance 


Ohm’s law 


Ohm’s law 


Ohm’s law 


Total current in parallel RC circuits 


Parallel RC phase angle 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


SELF-TEST 477 


(10-23) 0 = (oeo Phase angle using time measurements 

(10-24) Prue = IZR True power (W) 

(10-25) P, = IXe Reactive power (VAR) 

(10-26 Pa = lays Apparent power (VA) 

(10-27) — Piue = Volto COS O True power 

(10-28) PF = cos U Power factor 

(10-29) fe = : Cutoff frequency of an RC circuit 
2a7RC 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. Ina series RC circuit, the impedance increases when frequency increases. 
. Ina series RC lag circuit, the output voltage is taken across the resistor. 
. Admittance is the reciprocal of susceptance. 


2 

3 

4. Ina parallel RC circuit, as frequency is increased, the conductance is unchanged. 

5. The phase angle of an RC circuit is measured between the source voltage and current. 
6 


. The impedance of a parallel RC circuit can be found by applying phasor arithmetic to the product- 
over-sum rule. 


7. If Xc = R, the phase shift in a series RC circuit is 45° with current leading voltage. 
8. The power factor is equal to the tangent of the phase angle. 
9. A purely resistive circuit has a power factor of 0. 


10. Apparent power is measured in watts. 


SELF-TEST 


Answers are at the end of the chapter. 


1. Ina series RC circuit, the voltage across the resistance is 


(a) in phase with the source voltage (b) lagging the source voltage by 90° 
(c) in phase with the current (d) lagging the current by 90° 

2. Ina series RC circuit, the voltage across the capacitor is 
(a) in phase with the source voltage (b) lagging the resistor voltage by 90° 
(e) in phase with the current (d) lagging the source voltage by 90° 


3. When the frequency of the voltage applied to a series RC circuit is increased, the impedance 
(a) increases (b) decreases (c) remains the same (d) doubles 


4. When the frequency of the voltage applied to a series RC circuit is decreased, the phase angle 
(a) increases (b) decreases (c) remains the same (d) becomes erratic 


5. Ina series RC circuit when the frequency and the resistance are doubled, the impedance 


(a) doubles (b) is halved 
(e) is quadrupled (d) cannot be determined without values 


6. Ina series RC circuit, 10 V rms is measured across the resistor and 10 V rms is also measured 
across the capacitor. The rms source voltage is 


(a) 20V (b) 14.14V (©&® 2828V (d) 10 V 
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7. The voltages in Problem 6 are measured at a certain frequency. To make the resistor voltage 
greater than the capacitor voltage, the frequency 
(a) must be increased 
(b) must be decreased 
(e) is held constant 
(d) has no effect 


8. When R = Xç, the phase angle is 


(a) 0° (b) +90° (c) —90° (d) 45° 


9. To decrease the phase angle below 45°, the following condition must exist: 


10. When the frequency of the source voltage is increased, the impedance of a parallel RC circuit 


(a) increases 
(b) decreases 
(c) does not change 


11. In a parallel RC circuit, there is 1 A rms through the resistive branch and 1 A rms through the 
capacitive branch. The total rms current is 


(a) 1A (b)2A (228A (ad) 1414A 


12. A power factor of 1 indicates that the circuit phase, angles 


(a) 90° (b) 45° (c) 180° (d) 0° 


13. For a certain load, the true power is 100 W and the reactive power is 100 VAR. The apparent 
power is 
(a) 200 VA (b) 100 VA 


(e) 1414VA  (d) 1414W 


14. Energy sources are normally rated in 


(a) watts 

(b) volt-amperes 

(e) volt-amperes reactive 
(d) none of these 


15. Ifthe bandwidth of a certain low-pass filter is 1 kHz, the cutoff frequency is 


(a) OHz (b) 500Hz (ce) 2kHz (d) 1000 Hz 


TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


Determine the cause for each set of symptoms. Refer to Figure 10-60. 


+10 V de 
O 


f=100 Hz 


FIGURE 10-60 The meters indicate the correct readings 
for this circuit. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


PROBLEMS 479 


1. Symptom: The de voltmeter reading is O V, and the ac voltmeter reading is 1.85 V. 
Cause: 
(a) Cis shorted. 
(b) R; is open. 
(e) R, is open. 
2. Symptom: The de voltmeter reading is 5.42 V, and the ac voltmeter reading is 0 V. 


Cause: 
(a) C is shorted. 
(b) C is open. 
(c) A resistor is open. 
3. Symptom: The de voltmeter reading is approximately O V, and the ac voltmeter reading is 2 V. 


Cause: 


(a) C is shorted. 
(b) C is open. 
(e) Ry is shorted. 


4. Symptom: The de voltmeter reading is 10 V, and the ac voltmeter reading is 0 V. 
Cause: 
(a) C is open. 
(b) C is shorted. 
(e) R, is shorted. 


5. Symptom: The de voltmeter reading is 10 V, and the ac voltmeter reading is 1.8 V. 
Cause: 
(a) R, is shorted. 
(b) R is open. 
(e) C is shorted. 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 


SECTION 10-1 Sinusoidal Response of Series RC Circuits 


1. An 8 kHz sinusoidal voltage is applied to a series RC circuit. What is the frequency of the volt- 
age across the resistor? Across the capacitor? 


2. What is the waveshape of the current in the circuit of Problem 1? 


SECTION 10-2 Impedance and Phase Angle of Series RC Circuits 


3. Find the impedance of each circuit in Figure 10—61. 


10 V 5V 


(a) (b) 


FIGURE 10-61 
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4. Determine the impedance and the phase angle in each circuit in Figure 10-62. 


R, Ci C2 


100 KO 001uF 0.022 uF 


50 V 
f= 100 Hz 


FIGURE 10-62 


5. For the circuit of Figure 10-63, determine the impedance for each of the following frequencies: 
(a) 100 Hz (b) 500 Hz (e) 1.0 kHz (d) 2.5 kHz 


R C 
56 KQ 0.0022 uF 
V; 
10V 


FIGURE 10-63 
6. Repeat Problem 5 for C = 0.0047 uF. 


SECTION 10-3 Analysis of Series RC Circuits 
7. Calculate the total current in each circuit of Figure 10-61. 
8. Repeat Problem 7 for the circuits in Figure 10-62. 


9. For the circuit in Figure 10-64, draw the phasor diagram showing all voltages and the total cur- 
rent. Indicate the phase angles. 


Cy 
V, 0.1 4F 
2 V rms Ry R2 
f = 15 kHz E 100 Q 100 Q 
0.22 UF 


FIGURE 10-64 


10. For the circuit in Figure 10-65, determine the following: 
(a) Z 7 (© Ve dd) Ve 


11. To what value must the rheostat be set in Figure 10-66 to make the total current 10 mA? What 
is the resulting phase angle? 


m 220 0.027uF Lp 


: C 10V 


10 V rms 
f=20 Hz 100 uF 


FIGURE 10-65 FIGURE 10-66 
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12. For the lag circuit in Figure 10-67, determine the phase lag between the input voltage and the 
output voltage for each of the following frequencies: 
(a) 1 Hz (b) 100 Hz (e) 1.0 kHz (d) 10 kHz 


13. Repeat Problem 12 for the lead circuit in Figure 10-68. 


R C 
3.9 KQ 
V. R 
Vo C Vou in Vout 
1V 0.039 uF 10 V 1.0kQ 
FIGURE 10-67 FIGURE 10-68 


SECTION 10-4 Impedance and Phase Angle of Parallel RC Circuits 


14. Determine the impedance for the circuit in Figure 10-69. 


15. Determine the impedance and the phase angle in Figure 10-70. 


10 V 


FIGURE 10-69 FIGURE 10-70 


16. Repeat Problem 15 for the following frequencies: 
(a) 1.5 kHz (b) 3.0 kHz (e) 5.0 kHz (d) 10 kHz 


17. Determine the impedance and phase angle in Figure 10-71. 


Y; 
18 V rms 
f= 2 kHz 


FIGURE 10-71 


SECTION 10-5 Analysis of Parallel RC Circuits 


18. For the circuit in Figure 10-72, find all the currents and voltages. 


19. For the parallel circuit in Figure 10-73, find each branch current and the total current. What is 
the phase angle between the source voltage and the total current? 


Y 
gy Ci C, 


00 
10V T 9 68 0 posta T 0.047 uF T 0.022 uF 


FIGURE 10-72 FIGURE 10-73 
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20. For the circuit in Figure 10-74, determine the following: 
(a)Z ir Ie (® Lo (e) 0 


21. Repeat Problem 20 for R = 4.7 KQ, C = 0.047 uF, and f = 500 Hz. 
22. Find the total current for the circuit in Figure 10-75. 


FIGURE 10-74 FIGURE 10-75 


SECTION 10-6 Analysis of Series-Parallel RC Circuits 


23. The circuit in Figure 10-76 is a complex circuit consisting of five components. With trigonom- 
etry it can be shown that R;, R2, C>, and C3 are equivalent to a resistance of 3.08 Q in series 
with a capacitive reactance of 39.5 Q. From this given information, determine the voltages 
across each component in the original circuit. 

24. Is the circuit in Figure 10-76 predominantly resistive or predominantly capacitive? 


25. Find the current through each branch and the total current in Figure 10-76. 


FIGURE 10-76 


26. For the circuit in Figure 10-77, determine the following: 
(a) lor  (b)0 (ee) Vr (d Ve (e) Ve ® Ve 


FIGURE 10-77 


SECTION 10-7 Power in RC Circuits 


27. In a certain series RC circuit, the true power is 2 W, and the reactive power is 3.5 VAR. Deter- 
mine the apparent power. 


28. In Figure 10-65, what is the true power and the reactive power? 
29. What is the power factor for the circuit of Figure 10-75? 
30. Determine Pie, Py, Pa, and PF for the circuit in Figure 10-77. Draw the power triangle. 
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SECTION 10-8 Basic Applications 


31. The lag circuit in Figure 10-67 also acts as a low-pass filter. Draw a response curve for this 
circuit by plotting the output voltage versus frequency for 0 Hz to 10 kHz in 1 kHz increments. 


32. Plot the frequency response curve for the circuit in Figure 10-68 for a frequency range of 0 Hz 
to 10 kHz in 1 kHz increments. 


33. Draw the voltage phasor diagram for each circuit in Figures 10-67 and 10-68 for a frequency 
of 5 kHz with V;, = 1 V rms. 


34. The rms value of the signal voltage out of amplifier A in Figure 10-78 is 50 mV. If the input 
resistance to amplifier B is 10 kQ, how much of the signal is lost due to the coupling capacitor 
(C..) when the frequency is 3 kHz? 


50 mV 
| « 
0.047 uF 


FIGURE 10-78 


35. Determine the cutoff frequency for each circuit in Figures 10-67 and 10-68. 
36. Determine the bandwidth of the circuit in Figure 10-68. 


SECTION 10-9 Troubleshooting 


37. Assume that the capacitor in Figure 10-79 is excessively leaky. Show how this degradation 
affects the output voltage and phase angle, assuming that the leakage resistance is 5 kQ and the 
frequency is 10 Hz. 


4.7 KQ 


V C 


10 V 104F Y 


out 


FIGURE 10-79 


38. Each of the capacitors in Figure 10-80 has developed a leakage resistance of 2 kQ. Determine 
the output voltages under this condition for each circuit. 


(b) 


FIGURE 10-80 


39. Determine the output voltage for the circuit in Figure 10-80(a) for each of the following failure 
modes, and compare it to the correct output: 
(a) R,; open (b) R» open (e) C open (d) C shorted 
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40. Determine the output voltage for the circuit in Figure 10-S0(b) for each of the following failure 
modes, and compare it to the correct output: 
(a) C open (b) C shorted (c) R¡ open (d) R, open (e) R3 open 


ADVANCED PROBLEMS 


41. A single 240 V, 60 Hz source drives two loads. Load A has an impedance of 50 Q and a power 
factor of 0.85. Load B has an impedance of 72 Q and a power factor of 0.95. 
(a) How much current does each load draw? 
(b) What is the reactive power in each load? 
(c) What is the true power in each load? 
(d) What is the apparent power in each load? 


42. What value of coupling capacitor is required in Figure 10-81 so that the signal voltage at the 
input of amplifier 2 is at least 70.7% of the signal voltage at the output of amplifier 1 when the 
frequency 1s 20 Hz? Disregard the input resistance of the amplifier. 


— 
1 2 


FIGURE 10-81 


43. Determine the value of R, required to get a phase angle of 30° between the source voltage and 
the total current in Figure 10-82. 


R, C 


fel kez 47 k0 T 0.01 uF 


FIGURE 10-82 


44. Draw the impedance phasor diagram for the input circuit of the amplifier in System Example 
10-1 (Figure 10-24) at the cutoff frequency of 1.59 Hz. 

45. A certain load dissipates 1.5 kW of power with an impedance of 12 Q and a power factor of 
0.75. What is its reactive power? What is its apparent power? 

46. Determine the series element or elements that are in the block of Figure 10-83 to meet the fol- 
lowing overall circuit requirements: 
(a) Pie = 400 W 
(b) leading power factor (Lr leads V,) 


47. Determine the value of C, in Figure 10-84 when V, = Vz. 


Unknown 
circuit 


FIGURE 10-83 FIGURE 10-84 
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48. Draw the schematic for the circuit in Figure 10-85 and determine if the waveform on the scope 
is correct. If there is a fault in the circuit, identify it. 


Scope probe 
and ground clip 


= ref ref 
Aaa 
aaa 


CO m mggng O O g gi 1 
From CO AO AO A O 

5 CO O A O He} 
function 


generator 
O O eee 


10 V peak MAA AAA 1 1 m 
AAA AAA jj 
> cos ee i = 
iiai an m 
naaa A =) A 

NN C a [ 


O naa 


(a) Oscilloscope display (b) Circuit with leads connected 


FIGURE 10-85 


MULTISIM TROUBLESHOOTING > 
PROBLEMS = 


49. Open file P10-49; files are found at www.pearsonhighered.com/floyd. Determine if there is a 
fault and, if so, identify it. 


50. Open file P10-50. Determine if there is a fault and, if so, identify it. 
51. Open file P10-51. Determine if there is a fault and, if so, identify it. 
52. Open file P10-52. Determine if there is a fault and, if so, identify it. 
53. Open file P10-53. Determine if there is a fault and, if so, identify it. 
54. Open file P10-54. Determine if there is a fault and, if so, identify it. 


55. Open the Multisim file P10-55. Modify the circuit so that you can measure the phase shift as 
shown in Figure 10-38 by moving ground and using a Tektronix simulated scope as shown in 
Figure 10-39. You will need to trigger the scope with Normal mode triggering. You should be 
able to set up the display as shown in Figure 10-39 to measure the phase shift. Then simulate a 
shorted capacitor C; and determine the effect on phase shift. (You will need to reset the ampli- 
tudes to make an accurate check.) 


ANSWERS TO SECTION CHECKUPS 


SECTION 10-1 Sinusoidal Response of Series RC Circuits 
1. Vç frequency is 60 Hz, / frequency is 60 Hz. 
2. The capacitive reactance and resistance 
3. 0 is closer to 0° when R > Xo. 


SECTION 10-2 Impedance and Phase Angle of Series RC Circuits 
1. Impedance is the total opposition to sinusoidal current expressed in ohms. 
2. V, lags 1. 
3. The capacitive reactance produces the phase angle. 
4. Z= VR + Xt = 59.9k0;0 = tan (X¿/R) = 56.6° 


SECTION 10-3 Analysis of Series RC Circuits 
LV=esVvr+V= 721 
2. 0 = tan U(V¿/Vr) = 56.3" s 
3. 0 = 90° 
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4. (a) Xc decreases when f increases. 
(b) Z decreases when f increases. 
(c) 0 decreases when f increases. 


5. & = 90° — tan (X¿/R) = 62.8" 
6. Vout = (R/V R? + XPVin = 8.9 V rms 


SECTION 10-4 Impedance and Phase Angle of Parallel RC Circuits 
1. Z = RXc/VR + X% = 5450 


2. Conductance is the reciprocal of resistance; capacitive susceptance is the reciprocal of capacitive 
reactance; and admittance is the reciprocal of impedance. 


3. Y=1/Z=10mS 


4. Y= VG + B2 = 24 mS 


SECTION 10-5 Analysis of Parallel RC Circuits 
L. La = V,Y = 21 mA 
2. 0 = tan MUl¿/Ip) = 56.3% la = Vik + 1 = 18 mA 
3. 0 = 90° 


SECTION 10-6 Analysis of Series-Parallel RC Circuits 
1. All grounds should be connected to an electrical common point to avoid shorting components. 
2. Vi = Lio Ry = 6.71 V 
3. 1.67 pF 


SECTION 10-7 Power in RC Circuits 
1. Power dissipation is due to the resistance. 
2. PF = cos 45° = 0.707 
3. Pie = ÈR = 1.32 kW; P, = Xc = 1.84kVAR; P, = LZ = 2.26 kVA 


SECTION 10-8 Basic Applications 
1. 180° 


2. Output is across the capacitor. 


SECTION 10-9 Troubleshooting 
1. The leakage resistance acts in parallel with C, which alters the circuit time constant. 
2. The capacitor is open. 


3. A shorted capacitor, open resistor, no source voltage, or open contact can cause O V across the 
capacitor. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


10-1 2.42 KQ; 65.6° 

10-2 2.56 V 

10-3 65.5° 

10-4 7.14 V 

10-5 = 15.9kQ; 86.4° 

10-6 Phase lag ¢ increases. 
10-7 Output voltage decreases. 
10-8 Phase lead ¢ decreases; output voltage increases. 
10-9 2430 

10-10 4.60 mS 

10-11 6.16mA 
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10-12 117 mA; 31° 

10-13 Vi = 7.04 V; V, = 3.21 V 
10-14 0.146 

10-15 990 uW 

10-16 1.60 kHz 

10-17 7.29 V 

10-18 Resistor open 


ANSWERS TO TRUE/FALSE QUIZ 


1. F 2 F 3. F 4. T 5. T 6. T deL 8. F 9. F 10. F 


ANSWERS TO SELF-TEST 


1. (c) 2. (b) 3. (b) 4. (a) 5. (d) 6. (b) 7. (a) 8. (d) 
9. (c) 10. (b) 11. (d) 12. (d) 13. (c) 14. (b) 15. (d) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


(b) 
(b) 
(a) 
(c) 
(b) 


pi oe e a e 
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INDUCTORS 


OUTLINE INTRODUCTION 


11-1 The Basic Inductor Inductance is the property of a coil of wire that opposes 
a change in current. The basis for inductance 1s the elec- 
Mi Sedesand Parallel Inductors tromagnetic field that surrounds any conductor when 
, S there is current through it. The electrical component 

11-4 Inductors in DC Circuits designed to have the property of inductance is called an 
11-5 Inductors in AC Circuits inductor, coil or in some applications choke. These 
11-6 Inductor Applications terms refer to the same type of device. The term choke is 
usually associated with inductors that are used to block 


O B J E C T I Vv E S high frequencies which are widely used in communica- 


tion systems and in radio-frequency circuits. 


11-2 Types of Inductors 


e Describe the basic structure and characteristics In this chapter, you will study the basic inductor 
of an inductor and its characteristics. Various types of inductors are 
e Discuss various types of inductors covered in terms of their physical construction and their 


electrical properties. The basic behavior of inductors in 
both dc and ac circuits is discussed, and series and paral- 
lel combinations are analyzed. 


e Analyze series and parallel inductors 
e Analyze inductive de switching circuits 
e Analyze inductive ac circuits 


e Discuss some inductor applications 


KEY TERMS 


Inductor Henry (H) 

Winding Winding resistance 
Coil RL time constant 
Induced voltage Inductive reactance 
Inductance (L) Quality factor (Q) 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 
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11-1 THE BASIC INDUCTOR 


An inductor is a passive electrical component, formed by a coil of wire, that exhibits the prop- 
erty of inductance. 


After completing this section, you should be able to 


e Describe the basic structure and characteristics of an inductor 
¢ Define inductance and state its unit 
e Discuss induced voltage 
e Explain how an inductor stores energy 
e Specify how the physical characteristics affect inductance 
e Discuss winding resistance and winding capacitance 


¢ Discuss how Faraday’s law and Lenz’s law explain the voltage induced across an inductor 


When a length of wire is formed into a coil, as shown in Figure 11-1, it becomes an 
inductor. Current through the coil produces an electromagnetic field. The magnetic lines of 
force around each loop (turn) in the winding of the coil effectively add to the lines of force 
around the adjoining loops, forming a stronger magnetic field within and around the coil, 
as shown. The net direction of the total magnetic field creates a north and a south pole. A 
schematic symbol for the inductor is shown in Figure 11-2. 


L 
FIGURE 11-1 Current through a coil FIGURE 11-2 Symbol 
creates a three-dimensional electromag- for an inductor. 


netic field. The resistor limits the current. 


Inductance 


When there is current through an inductor, an electromagnetic field is established. When 
the current changes, the electromagnetic field also changes. An increase in current expands 
the field, and a decrease in current reduces it. Therefore, a changing current produces a 
changing electromagnetic field around the inductor (also known as coil and in some appli- 
cations, choke). In turn, the changing electromagnetic field causes an induced voltage 
across the coil in a direction to oppose the change in current. This property is called self- 
inductance but is usually referred to as simply inductance, symbolized by L. 


Inductance is a measure of a coil’s ability to establish an induced voltage as a 
result of a change in its current, and that induced voltage is in a direction to 
oppose that change in current. 


THE UNIT OF INDUCTANCE The henry, symbolized by H, is the basic unit of 
inductance. By definition, the inductance of a coil is one henry when current through the 
coil, changing at the rate of one ampere per second, induces one volt across the coil. The 
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henry is a large unit, so in practical applications, millihenries (mH), and microhenries 
(uH) are the most common units. Nanohenries (nH) are also used for very small inductors. 


ENERGY STORAGE An inductor stores energy in the magnetic field created by the 
current. The energy stored is expressed as 


1 
W = -LÉ (11-1) 
2 
As you can see, the energy stored is proportional to the inductance and the square of the 
current. When current (/) is in amperes and inductance (L) is in henries, the energy (W) is 
in joules. 


Physical Characteristics of an Inductor 


The following characteristics are important in establishing the inductance of a coil: the 
permeability of the core material, the number of turns of wire, the core length, and the 
cross-sectional area of the core. 


CORE MATERIAL As discussed earlier, an inductor is basically a coil of wire. The 
material around which the coil is formed is called the core. Coils are wound on either non- 
magnetic or magnetic materials. Examples of nonmagnetic materials are air, wood, copper, 
plastic, and glass. The permeabilities of these materials are the same as for a vacuum. 
Examples of magnetic materials are iron, nickel, steel, cobalt, or alloys. These materials 
have permeabilities that are hundreds or thousands of times greater than that of a vacuum 
and are classified as ferromagnetic. A ferromagnetic core provides a lower reluctance path 
for the magnetic lines of force and thus permits a stronger magnetic field. 

As you learned in Chapter 7, the permeability (u) of the core material determines 
how easily a magnetic field can be established. The inductance is directly proportional to 
the permeability of the core material. 


PHYSICAL PARAMETERS As indicated in Figure 11-3, the number of turns of 
wire, the length, and the cross-sectional area of the core are factors in setting the value of 
inductance. The inductance is inversely proportional to the length of the core and directly 
proportional to the cross-sectional area. Also, the inductance is directly related to the 
number of turns squared. This relationship is as follows: 


l 


L (11-2) 
where L is the inductance in henries (H), N is the number of turns, u is the permeability in 
henries per meter (H/m), A is the cross-sectional area in meters squared (m7), and / is the 
core length in meters (m). 


FIGURE 11-3 Factors that <——Length, /—> 
determine the inductance of 7 a Cross-sectional area, A 
a coil. if MA 


Core material 


Number of 


turns, N 


EXAMPLE 11-1 


Determine the inductance of the coil in Figure 11—4. The permeability of the core 
is 0.25 X 10% H/m. 
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FIGURE 11-4 


SOLUTION 


1 cm = 0.01 m. Therefore, 1.5 cm = 0.015 m and 0.5 cm = 0.005 m. 
A = wr = 1(0.25 X 10° m? = 1.96 X 107 m? 


_ NA — (350)°(0.25 x 10 > H/m)(1.96 x 10” m°) 
ae 0.015 m 


L = 40 mH 


RELATED PROBLEM* 


Determine the inductance of a coil with 400 turns on a core that is 2 cm long and 
has a diameter of 1 cm. The permeability is 0.25 X 10? H/m. 


*Answers are at the end of the chapter. 


Winding Resistance 


When a coil is made of a certain material (for example, insulated copper wire), that wire 
has a certain resistance per unit of length. When many turns of wire are used to construct a 
coil, the total resistance may be significant. This inherent resistance is called the dc resist- 
ance or the winding resistance (Rw). 

Although this resistance 1s distributed along the length of the wire, as shown in Fig- 
ure 11—5(a), it is sometimes indicated in a schematic as resistance appearing in series with 
the inductance of the coil, as shown in Figure 11-5(b). In many applications, the winding 
resistance can be ignored and the coil can be considered an ideal inductor. In other cases, 
the resistance must be considered. 


FIGURE 11-5 Winding 
R 2 resistance of a coil. 
w 


(a) The wire has resistance distributed (b) Equivalent circuit 
along its length. 


SAFETY NOTE 


Be careful when working with 
inductors because high induced 
voltages can be developed due 
to a rapidly changing magnetic 
field. This occurs when the 
current is interrupted or its 
value is abruptly changed. 


Winding Capacitance 


When two conductors are placed side by side, there is always some capacitance between 
them. Thus, when many turns of wire are placed close together in a coil, a certain amount 
of stray capacitance, called winding capacitance (Cw), is a natural side effect. In many 
applications, this winding capacitance is very small and has no significant effect. In other 
cases, particularly at high frequencies, it may become quite important. 

The equivalent circuit for an inductor with both its winding resistance (Rw) and its 
winding capacitance (Cw) is shown in Figure 11—6. The capacitance effectively acts in 
parallel. The total of the stray capacitances between each loop of the winding is indicated 
in a schematic as a capacitance appearing in parallel with the coil and its winding resist- 
ance, as shown in Figure 11—6(b). 
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AL AK AK 
P K Ti ý 


LO00 Lam 


(a) Stray capacitance between each loop (b) Equivalent circuit 
appears as a total parallel capacitance (Cy). 


FIGURE 11-6 Winding capacitance of a coil. 


Review of Faraday’s Law 


Faraday’s law was introduced in Chapter 7 and is reviewed here because of its impor- 
tance in the study of inductors. Faraday found that by moving a magnet through a coil of 
Wire, a voltage was induced across the coil, and that when a complete path was provided, 
the induced voltage caused an induced current. He observed that 


The amount of voltage induced in a coil is directly proportional to the rate of 
change of the magnetic field with respect to the coil. 


This principle is illustrated in Figure 11—7, where a bar magnet is moved through a coil of 
wire. An induced voltage is indicated by the voltmeter connected across the coil. The 
faster the magnet is moved, the greater the induced voltage. 


FIGURE 11-7 Induced voltage is created by a changing 
magnetic field. 


When a wire is formed into a certain number of loops or turns and is exposed to a 
changing magnetic field, a voltage is induced across the coil. The induced voltage is pro- 
portional to the number of turns, N, of the wire in the coil and to the rate at which the 
magnetic field changes. 


Lenz’s Law 


Lenz’s law, also introduced in Chapter 7, adds to Faraday’s law by defining the direction 
of induced voltage. 


When the current through a coil changes and an induced voltage is created as 
a result of the changing magnetic field, the direction of the induced voltage is 
such that it always opposes the change in current. 


Figure 11-8 illustrates Lenz’s law. In part (a), the current is constant and is limited 
by R¡. There is no induced voltage because the magnetic field 1s unchanging. In part (b), 
the switch suddenly is closed, placing R, in parallel with R; and thus reducing the resist- 
ance. Naturally, the current tries to increase and the magnetic field begins to expand, but 
the induced voltage opposes this attempted increase in current for an instant. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


11-1 THE BASIC INDUCTOR 493 


I, + I, same as I,, before 
| switch closure 


PAE 
Ce) 


y 


Ry 
(a) Switch open: Constant current and constant (b) At instant of switch closure: Expanding magnetic 
magnetic field; no induced voltage. field induces voltage, which opposes an increase in 
total current. The total current remains the same 
at this instant. 
[ ¡ + L increases D ¡ + J, constant 
SAN ZE 
SSS) 
| P 
© $ fi 
Ry 
(c) Right after switch closure: The rate of expansion (d) Switch remains closed: Current and magnetic field 
of the magnetic field decreases, allowing the reach constant value, no induced voltage. 
current to increase exponentially as induced 
voltage decreases. 
X same as [, + h prior to switch opening E ¡ decreases 
yyy y 
STA MAA LL 
cuida | Ca ty 
\ 
© a 
+ 
R, R, 
(e) At instant of switch opening: Magnetic field (£) After switch opening: Rate of collapse of magnetic 
begins to collapse, creating an induced voltage, field decreases, allowing current to decrease 
which opposes a decrease in current. exponentially back to original value. 


FIGURE 11-8 Demonstration of Lenz?”s law in an inductive circuit: When the current tries to change 
suddenly, the electromagnetic field changes and induces a voltage in a direction that opposes that change 
in current. 


In Figure 11-8(c), the induced voltage gradually decreases, allowing the current to 
increase. In part (d), the current has reached a constant value as determined by the parallel 
resistors, and the induced voltage is zero. In part (e), the switch has been suddenly opened, 
and, for an instant, the induced voltage prevents any decrease in current. In part (f), the 
induced voltage gradually decreases, allowing the current to decrease back to a value 
determined by R¡. Notice that the induced voltage has a polarity that opposes any current 
change. The polarity of the induced voltage is opposite that of the battery voltage for an 
increase in current and aids the battery voltage for a decrease in current. 
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Y XA Vi E — 


SWITCH-MODE POWER SUPPLY 


Power supplies generally convert ac to de; they are found in virtually all electronics equip- 
ment. Switch-mode power supplies (SMPS) became prevalent in the 1970s after the devel- 
opment of very fast switching transistors and IC pulse width modulators (PWM). The 
Apple II computer, released in 1977, became one of the first computer systems to use a 
switch-mode power supply, resulting in a much more efficient and cooler running supply. 
Today, nearly all computers use switch-mode power supplies. 

A simplified schematic of a step-down SMPS is shown in Figure 11-9. The switch, 
SW, represents a switching MOSFET transistor that rapidly alternates between the open 
and closed position (this happens about 20,000 times per second). V represents an unregu- 
lated de input voltage. The pulse-width modulator is the controller; 1t compares the output 
to a reference voltage and sets the pulse width to keep the output constant. 


= F 
C Ri 
Pulse-width 
Vo modulator 
C charging C discharging 


(a) Switch closed (b) Switch open 


FIGURE 11-9 A simplified step-down switch-mode power supply. 


Our focus 1s on the inductor, L, a key component in a SMPS. Recall from Lenz”s law 
that an inductor opposes a change in current. In part (a), the transistor 1s on as represented 
by the closed switch; the major current path to the load is shown with the red arrows. The 
induced voltage across the inductor is opposite to that of the de input as the magnetic field 
builds and tends to keep the current constant in the load. In part (b), the switch is open (tran- 
sistor off), and current is supplied through the diode and from the capacitor. Notice the 
inductor has the same polarity as the source when its magnetic field collapses. The induced 
voltage is opposite to what it was. The result is a nearly constant current in the load. 


SECTION 11-1 CHECKUP* 


1. List the parameters that contribute to the inductance of a coil. (c) the cross-sectional area of the core is decreased 

2. Describe what happens to L when (d) a ferromagnetic core is replaced by an air core 
(a) N is increased 3. Explain why inductors have some winding resistance. 
(b) the core length is increased 4. Explain why inductors have some winding capacitance. 


*Answers are at the end of the chapter. 
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11-2 TYPES OF INDUCTORS 


Inductors normally are classified according to the type of core material. 


After completing this section, you should be able to 


e Discuss various types of inductors 
e Describe the basic types of fixed inductors 


¢ Distinguish between fixed and variable inductors 


Inductors are made in a variety of shapes and sizes. Basically, they fall into two general 
categories: fixed and variable. The standard schematic symbols are shown in Figure 11-10. 

Both fixed and variable inductors can be classified according to the type of core 
material. Three common types are the air core, the iron core, and the ferrite core. Each 
has a unique symbol, as shown in Figure 11-11. Large-value iron-core inductors are 
rarely used. 


(a) Fixed (b) Variable (a) Air core (b) Iron core (c) Ferrite core 


FIGURE 11-10 Symbols for FIGURE 11-11 Inductor symbols. 
fixed and variable inductors. 


Adjustable (variable) inductors usually have a screw-type adjustment that moves 
a sliding core in and out, thus changing the inductance. A wide variety of inductors 
exists, and some are shown in Figure 11-12. Small fixed inductors are usually encapsu- 
lated in an insulating material that protects the fine wire in the coil. Encapsulated induc- 
tors have an appearance similar to a small resistor. Small-value inductors are available 
for high-frequency applications as surface-mount types and include some with ferrite- 
core construction. 


FIGURE 11-12 Typical inductors. 


Shielded Inductors 


Inductors can radiate electromagnetic energy in certain cases, causing 
interference in nearby circuits. To avoid this, engineers will some- 


times specify shielded inductors. Shielded inductors are available in 
small surface-mount packages that are soldered in place. Shielded 
surface-mount inductors are available from 1 uH to | mH. 
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SECTION 11-2 CHECKUP 


1. Name two general categories of inductors. 2. Identify the inductor symbols in Figure 11-13. 


STE MN 
(a) 23890) 20 12/10 12. (e) 


FIGURE 11-13 


11-3 SERIES AND PARALLEL INDUCTORS 


When inductors are connected in series, the total inductance increases. When inductors are 
connected in parallel, the total inductance decreases. 


After completing this section, you should be able to 


e Analyze series and parallel inductors 
e Determine total series inductance 
e Determine total parallel inductance 


Total Series Inductance 


When inductors are connected in series, as in Figure 11-14, the total inductance, Lr, is the 
sum of the individual inductances. The formula for Ly is expressed in the following equa- 
tion for the general case of n inductors in series: 


ln = E + Ly + Lig + > FL, (11-3) 


Notice that the calculation of total inductance in series is analogous to the calculations of 
total resistance in series (Chapter 4) and total capacitance in parallel (Chapter 9). 


L; L, L, La 


FIGURE 11-14 Induction in series. 


EXAMPLE 11-2 


Determine the total inductance for each of the series connections in Figure 11-15. 


1 nH 2 nH 15nH SnH SmH 2mH 10mH 1000WH 
(a) (b) 


FIGURE 11-15 
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SOLUTION 
In Figure 11-15(a), 
Ly = 1nH + 2nH + 15nH+5nH=95nH 
In Figure 11-15(b), 
Ly = 5mH + 2mH + 10mH + 1 mH = 18 mH 
Note: 1000 uH = 1 mH 


RELATED PROBLEM 


What is the total inductance of three 50 uH inductors in series? 


HARTLEY OSCILLATORS HH 


Recall from System Example 9-1 that an oscillator is a circuit that generates a repetitive wave. 
The circuit shown in Figure 11-16 is a Hartley oscillator that uses inductors in series. As in the 
case of the Colpitts oscillator, this circuit uses positive feedback—a portion of the output is 
returned by the feedback network to the input to be amplified and reinforce the output. The 
feedback is across Lı and is referenced to ground. Although the circuit is an ac circuit, the 
equations for inductors and inductive voltages developed with de sources can be applied. 


FIGURE 11-16 A Hartley oscillator. 


Inductors Lı and Ly are in series and form part of a resonant circuit (resonant circuits 
are covered in Chapter 13). Find the total inductance by simply adding the inductors. 


Ly = Li + Ly = 20 uH + 300 uH = 320 uH 


The amplifier’s signals are referenced to ground, so the feedback signal, Vs is the 
fraction of the output developed across L4. Notice that Vy is returned to the input of the 
amplifier. You can find the fraction of output voltage that is fed back (Vy Vou) by applying 
the voltage divider idea to the series inductors. 


Vo Lr  \320pH 


= 0.0625 = 6.2% 


Unlike capacitors, the smaller inductor has the smaller fraction of the output voltage. 
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Total Parallel Inductance 


When inductors are connected in parallel, as in Figure 11-17, the total inductance is less 
than the smallest inductance. The general formula states that the reciprocal of the total 
inductance is equal to the sum of the reciprocals of the individual inductances. 


1 1 1 1 1 
ME + + J- aa + a 
Er L hL ks Ly 


You can calculate total inductance, Ly, by taking the reciprocals of both sides of the previ- 
ous equation. 


(11-4) 


This calculation for total inductance in parallel is analogous to the calcula- 

tions of total parallel resistance (Chapter 5) and total series capacitance 
n (Chapter 9). For series-parallel combinations of inductors, determine the 

total inductance in the same way as total resistance in series-parallel resis- 
==- tive circuits (Chapter 6). 


FIGURE 11-17 Inductors in 
parallel. 


EXAMPLE 11-3 


Determine Ly in Figure 11-18. 


FIGURE 11-18 


SOLUTION 
1 1 1 
Lr = == = = 1.25 mH 
1 1 1 1 1 1 0.8 mH 
+ + 


-- -- 
L L Ls 10mH 5mH 2mH 


RELATED PROBLEM 


Determine Lry for the following inductors in parallel: 50 uH, 80 uH, 100 uH, and 
150 uH. 


SECTION 11-3 CHECKUP 


1. State the rule for combining inductors in series. 5. The calculation of total parallel inductance is analogous to 


that for total llel resist E Fal: 
2. What is Lr for a series connection of 100 uH, 500 uH, and A A a 


2 mH? 6. Determine Ly for each parallel combination: 
3. Five 100 mH coils are connected in series. What is the total (a) 100 mH, 50 mH, and 10 mH 
inductance? 


(b) 40 uH and 60 uH 
4. Compare the total inductance in parallel with the smallest- 
value individual inductor. 
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11-4 INDUCTORS IN DC CIRCUITS 


Energy is stored in the electromagnetic field of an inductor when it is connected to a de voltage 
source. The buildup of current through the inductor occurs in a predictable manner, which is 
dependent on the time constant of the circuit. The time constant is determined by the induct- 
ance and resistance in a circuit. 


After completing this section, you should be able to 


e Analyze inductive de switching circuits 
¢ Define RL time constant 
e Describe the increase and decrease of current in an inductor 
e Relate the time constant to the energizing and deenergizing of an inductor 
e Describe induced voltage 


e Write the exponential equations for current in an inductor 


When there is constant direct current in an inductor, there is no  P=/PRy 

Conversion of electrical energy Energy stored 

to heat due to winding resistance m magnetic field 
W=4LI? 


induced voltage. There 1s, however, a voltage drop due to the winding 
resistance of the coil. The inductance itself appears as a short to dc. 
Energy is stored in the magnetic field according to the formula W = 1/2 Lr. i f H 
The only energy conversion to heat occurs in the winding resistance a = 
(P = PRA: This condition is illustrated in Figure 11-19. 


The RL Time Constant 


Because the inductor’s basic action is to develop a voltage that opposes FIGURE 11-19 Energy storage and conversion to 
a change in its current, it follows that current cannot change instantane- heat in an inductor. 

ously in an inductor. A certain time is required for the current to make a 

change from one value to another. The rate at which the current changes 

is determined by the RL time constant. 


The RL time constant is a fixed time interval that equals the ratio of the induct- 
ance to the resistance. 


The formula is 
L 
= — 11-5 
=> ( ) 


where 7 is in seconds when inductance (L) is in henries and resistance (R) 1s in ohms. 


EXAMPLE 11-4 


A series RL circuit has a resistance of 1.0 kQ and an inductance of 1.0 mH. What 
is the time constant? 
SOLUTION 


L 10mH 10x 1037H 
R 10k0 10x 100 


= 1.0 10%s = 1.0 us 


T — 


RELATED PROBLEM 
Find the time constant for R = 2.2 kQ and L = 500 uH. 
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Current in an Inductor 
INCREASING CURRENT Ina series RL circuit, the current will increase to 


approximately 63% of its full value in one time-constant interval after voltage 1s applied. 
This buildup of current (analogous to the buildup of capacitor voltage during the charging 
in an RC circuit) follows an exponential curve and reaches the approximate percentage of 
final current as indicated in Table 11—1 and as illustrated in Figure 11-20. 


TABLE 11-1 + Percentage of final current 
after each time-constant interval during 
current buildup. 


NUMBER OF APPROXIMATE % Ip (final value) 
TIME CONSTANTS OF FINAL CURRENT 


99% (considered to be 100%) 


| 
| 
| 
| 

0 17 2T 3r 4T ST 


5 99 (considered 100%) 
FIGURE 11-20 Increasing current in an inductor. 


The change in current over five time-constant intervals is illustrated in Figure 11-21. 
When the current reaches its final value at approximately 57, it ceases to change. At this 
time, the inductor acts as a short (except for winding resistance) to the constant current. 
The final value of the current is 


Vs  10V 
R  10k0Q 


Ip = = 10 mA 


(d) Att = 37 (e) Att =47 (f) Att =5S7 


FIGURE 11-21 Illustration of the exponential buildup of current in an inductor. The current 
increases approximately 63% during each time-constant interval after the switch is closed. A 
voltage (vz) is induced in the coil that tends to oppose the increase in current. 
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EXAMPLE 11-5 


Calculate the RL time constant for Figure 11-22. Then determine the current and 
the time at each time-constant interval, measured from the instant the switch is 
closed. 


FIGURE 11-22 


SOLUTION 


The RL time constant is 


oo 10 mH er 
TOR 120 7” 
The final current is 
— Vs _ PA a OA 
F= R 12k0 sá 


Use the time-constant percentage values from Table 11-1. 
At 17: i = 0.63(10 mA) = 6.3 mA; t = 8.33 us 
At 27: i = 0.86(10 mA) = 8.6 mA; t = 16.7 us 
At 37: i = 0.95(10 mA) = 9,5 mA; t = 25.0 us 
At 47: i = 0.98(10 mA) = 9.8 mA; t = 33.3 us 
At 57: i = 0.99110 mA) = 9.9mA = 10 mA; = 41.7 ps 


RELATED PROBLEM 
Repeat the calculations if R = 680 Q and L = 100 uH. 


DECREASING CURRENT = Current in an inductor decreases exponentially accord- 
ing to the approximate percentage values shown in Table 11-2 and in Figure 11-23. 


TABLE 11-2 + Percentage of initial current after 
each time-constant interval while current is 
decreasing. i 


007 1 0 5 DS 

I; (initial value) Ett EEE EEE EEE EEE 
REECE 

Pope O 0 ober 

BEE ECE pH HH HHHH 
a a a 

FRAC CEC EEE ELC ELLELELELLELLELE 

TR N \ 00S 
AAA 
PEACE AH HH ECCLES 


NUMBER OF APPROXIMATE % OF 
TIME CONSTANTS INITIAL CURRENT 


[2% H 1% oo to be 0) 


Ir 27 3T 4r 57 


1 (considered O 
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The change in current over five time-constant intervals is illustrated in Figure 11-24. 
When the current reaches its final value of approximately 0 A, it ceases to change. Before 
the switch is opened, the current through L is at a constant value of 10 mA, which is deter- 
mined by R, because L acts ideally as a short. When the switch is opened, the induced 
inductor voltage initially provides 10 mA through R3. The current then decreases by 63% 
during each time constant interval. 


(d) Att = 37 (e) Att = 47 (£) At t = 57 (i is assumed to be 0) 


FIGURE 11-24 


Response to a Square Wave 


A good way to demonstrate both increasing and decreasing current in an RL circuit is to 
use a square wave voltage as the input. The square wave is a useful signal for observing the 
dc response of a circuit because it provides on and off action similar to a switch. Pulse 
response will be covered further in Chapter 15. When the square wave goes from its low 
level to its high level, the current in the circuit responds by exponentially increasing to its 
final value. When the square wave returns to the zero level, the current in the circuit 
responds by exponentially decreasing to its zero value. Figure 11—25 shows input voltage 
and current waveforms. The current will have the same shape as the voltage across the 
resistor, so a two-channel difference measurement can show the waveform. 


V, 
2.5 V 
0oy t(ms) 
I 
0.25 mA 
0 mA t(ms) 
0 0.5 1.0 


FIGURE 11-25 
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EXAMPLE 11-6 


For the circuit in Figure 11—25, what is the current at 0.1 ms and at 0.6 ms? 


SOLUTION 
The RL time constant for the circuit is 


L 10H 
R 10 kQ 


= 0.1 ms 


If the square wave generator period is long enough for the current to reach its 
maximum value in 57, the current will increase exponentially and during each 
time constant interval will have a value equal to the percentage of the final current 
given in Table 11-1. The final current is 


V,  2.5V 
R 10kO 


The current at 0.1 ms is 
i = 0.63(0.25 mA) = 0.158 mA 


At 0.6 ms, the square wave input has been at the 0 V level for 0.1 ms, or 17; and, 
the current decreases from the maximum value toward its final value of 0 mA by 
63%. Therefore, 


i = 0.25 mA — 0.63(0.25 mA) = 0.092 mA 


RELATED PROBLEM 


What is the current at 0.2 ms and 0.8 ms? 


Voltages in the Series RL Circuit 


As you know, when current changes in an inductor, a voltage is induced. Let’s examine 
what happens to the induced voltage across the inductor in the series circuit in Figure 11—26 
during one complete cycle of a square wave input. Keep in mind that the generator pro- 
duces a level that is like switching a de source on and then puts an “automatic” low resistance 
(ideally zero) path across the source when it returns to its zero level. 

An ammeter placed in the circuit shows the current in the circuit at any instant in 
time. The V; waveform is the voltage across the inductor. In Figure 11—26(a), the square 
wave has just transitioned from zero to its maximum value of 2.5 V. In accordance with 
Lenz’s law, a voltage is induced across the inductor that opposes this change as the mag- 
netic field surrounding the inductor builds up. There is no current in the circuit due to the 
equal but opposing voltages. 

As the magnetic field builds up, the induced voltage across the inductor decreases, 
and current is in the circuit. After 17, the induced voltage across the inductor has decreased 
by 63%, which causes the current to increase by 63% to 0.158 mA. This is shown in Figure 
11—26(b) at the end of one time constant (0.1 ms). 

The voltage on the inductor continues to exponentially decrease to zero, at which 
point the current 1s limited only by the circuit resistance. Then the square wave goes back 
to zero (at t = 0.5 ms) as shown in Figure 11—26(c). Again a voltage is induced across the 
inductor opposing this change. This time, the polarity of the inductor voltage is reversed 
due to the collapsing magnetic field. Although the source voltage is O, the collapsing mag- 
netic field maintains current in the same direction until the current decreases to zero, as 
shown in Figure 11—26(d). 

The voltage across the resistor, Vp, in Figure 11—26(d) is found by subtracting the volt- 
age across the inductor, Vz, from the source voltage, V, according to Kirchhoff’s voltage 
law. The shape of the Vp waveform is the same as the current waveform in Figure 11-25. 


MULTISIM 


Open the Multisim file El 1-06; 
files are found at www. 
pearsonhighered.com/floyd. 
Notice that the inductor and 
resistor are reversed in order to 
ground one side of the resistor 
and make the measurement of 
the resistor voltage simpler. 
The shape of the current in the 
circuit is the same as the shape 
of the resistor voltage. By 
applying Ohm’s law to the 
resistor voltage, you can find 
the current in the circuit at any 
instant in time. Confirm that 
the current at a time 0.1 ms is 
close to the calculated value. 
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FIGURE 11-26 
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EXAMPLE 11-7 


(a) The circuit in Figure 11-27 has a square wave input. What is the highest 
frequency that can be used and still observe the complete waveform across 
the inductor? 


(b) Assume the generator is set to the frequency determined in (a). Describe the 
voltage waveform across the resistor? 


R FIGURE 11-27 


SOLUTION 
L 15mH 
— == — 454 Ñ 
@) T= 2 = xo OAH 


The period needs to be ten times longer than 7 to observe the entire wave. 


T = 107 = 4.54 us 
ol l 
Ir 454 us 
(b) The voltage across the resistor has the same shape as the current waveform. 


The general shape was shown in Figure 11-26 and has a maximum value of 
10 V (the same as V,, assuming no winding resistance). X 


= 220 kHz 


MULTISIM 


Open Multisim file E11-07. Set 
RELATED PROBLEM the frequency to the calculated 


value and observe the voltage 


What is the maximum voltage across the resistor for f = 220 kHz? 
waveform across the inductor. 


The Exponential Formulas 


The formulas for the exponential current and voltage in an RL circuit are similar to those 
used in Chapter 9 for the RC circuit, and the universal exponential curves in Figure 9-36 
apply to inductors as well as capacitors. The general formulas for RL circuits are stated as 
follows: 


Ve + (V; — Vpje EM (11-6) 


< 
Il 


Ip + Ud; — Ipe EP (11-7) 


i 
where Vp and Ip are the final values, V; and J; are the initial values, and v and 7 are the 
instantaneous values of the inductor voltage or current at time t. 

INCREASING CURRENT The formula for the special case in which an increasing 


exponential current curve begins at zero (1; = 0) is 


i = Ipa —e 7) (11-8) 
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Using Equation 11-8, you can calculate the value of the increasing inductor current at 
any instant of time. You can calculate voltage by substituting v for i and Vp for Ip in 
Equation 11-8. The exponent —Rt/L can also be written as —t/(L/R) = —1/7. 


EXAMPLE 11-8 


In Figure 11-28, determine the inductor current 30 ps after the switch is closed. 


FIGURE 11-28 


SOLUTION 


The RL time constant 1s 


L 100 mH 45.5 
== == == : S 
TTR 22k0 p 
The final current is 
A E dba 
==: ===: == = . m 
F R 22k0 


The initial current is zero. Notice that 30 us is less than one time constant, so the 
current will reach less than 63% of its final value in that time. 


ip = Ip — e 8/4) = 5.45 mA(1 — e °°) = 2,63 mA 


RELATED PROBLEM 


In Figure 11-28, determine the inductor current 55 us after the switch is closed. 


DECREASING CURRENT The formula for the special case in which a decreasing 
exponential current has a final value of zero 1s 


repe Ee (11-9) 


This formula can be used to calculate the decreasing inductor current at any instant. 


EXAMPLE 11-9 


In Figure 11-29, what is the current at each microsecond interval for one complete cycle of the input square wave 
as shown? After calculating the current at each time, sketch the current waveform. 


V, 
V, 
10 V 10 V 
100 kHz 
OV t( us) 
0 5.0 10 


FIGURE 11-29 
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SOLUTION 
The RL time constant 1s 


L 5604H 
= R 6800 


= 0.824 us 


When the pulse goes from 0 V to 10 V att = 0, the current increases exponentially. The final current is 


V, 10V 
R 6809 


i= = 14.7 mA 


For the increasing current, i = Ip(1 — e ®/4) = Ip(1 — e). 


Atl us: i = 14.7 mA (1 — e7145/082%u5), = 10.3 mA 
At 2 ps: i = 14.7 mA(1 — e7245/082%u5), = 13.4 mA 
At 3 us: i = 14.7 mA (1 — e7345/082%u5), = 14.3 mA 
At 4 us: i = 14.7 mA(1 — e 48/0-82445) = 14.6 mA 
At 5 us: i = 14.7 mA(1 — e5508) = 14.7 mA 


When the pulse goes from 10 V to 0 V at t = 5 us, the current decreases exponentially. 
For the decreasing current, 


i= Ie ®/) = Tye") 


The initial current is the value at 5 ws, which is 14.7 mA. 


At 6 us: i = 14.7 mA(e 145/082%u5, = 4,37 mA 
At7 us: i = 14.7 mA(e 245/082%u5, = 1,30 mA 
At8 us: i = 14.7 mA(e 345/082%u5, = 0,38 mA 
At9 us: i = 14.7 mA(e 945/082%5, = 0,11 mA 


At 10 ps: i = 14.7 mA(e >45/082%u5, = 0.03 mA 


Figure 11-30 is a graph of these results. 


MULTISIM 
I (mA) FIGURE 11-30 AS 
14.7 mA — 
15 Open Multisim file E11-09. 
Measure the current by 
10 placing a very small-value 
series resistor between the 
5 inductor and ground and 
observing the voltage 
0 t (4s) across it. 
0 5.0 10 


RELATED PROBLEM 


What is the current at 0.5 us? 


SECTION 11-4 CHECKUP 


1. A 15 mH inductor with a winding resistance of 10 O has a 
constant direct current of 10 mA through it. What is the volt- 
age drop across the inductor? 


2. A 20 V de source is connected to a series RL circuit with a 
switch. At the instant of switch closure, what are the values of 
i and y, ? 


3. In the same circuit as in Question 2, after a time interval equal 
to 57 from switch closure, what is vz? 


4. Ina series RL circuit where R = 1.0kQ and L = 500 uH, 
what is the time constant? Determine the current 0.25 us after 
a switch connects 10 V across the circuit. 
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An inductor passes ac but with an amount of opposition that depends on the frequency of the ac. 


After completing this section, you should be able to 


e Analyze inductive ac circuits 
e Define inductive reactance 
e Determine the value of inductive reactance in a given circuit 


e Discuss instantaneous, true, and reactive power in an inductor 


Inductive Reactance, Xy 


In Figure 11-31, an inductor is shown connected to a sinusoidal voltage source. When the 
source voltage is held at a constant amplitude value and its frequency is increased, the 
amplitude of the current decreases. Also, when the frequency of the source is decreased, 
the current amplitude increases. 


Fixed amplitude ac 
voltage source 


| UA 
Ó o AV 
pe y 


5 


(a) Current decreases when the frequency (b) Current increases when the frequency 
increases. decreases. 


FIGURE 11-31 The current in an inductive circuit varies inversely with the 
frequency of the source voltage. 


When the frequency of the source voltage increases, its rate of change also increases, 
as you already know. Now, if the frequency of the source voltage is increased, the fre- 
quency of the current also increases. According to Faraday’s and Lenz’s laws, this increase 
in frequency induces more voltage across the inductor in a direction to oppose the current 
and causes it to decrease in amplitude. Similarly, a decrease in frequency will cause an 
increase in current. 

A decrease in the amount of current with an increase in frequency for a fixed amount 
of voltage indicates that opposition to the current has increased. Thus, the inductor offers 
Opposition to current, and that opposition varies directly with frequency. 


Inductive reactance Is the opposition to sinusoidal current in an inductor. 


The symbol for inductive reactance is Xz, and its unit is the ohm (Q). 

You have just seen how frequency affects the opposition to current (inductive reac- 
tance) in an inductor. Now let’s see how the inductance, L, affects the reactance. Figure 
11-32(a) shows that when a sinusoidal voltage with a fixed amplitude and fixed frequency 
is applied to a 1 mH inductor, there is a certain amount of alternating current. When the 
inductance value is increased to 2 mH, the current decreases, as shown in part (b). Thus, 
when the inductance is increased, the opposition to current (inductive reactance) increases. 
So not only is the inductive reactance direct, proportiqnah to frequency, but it is also 
directly proportional to inductance. This relationship can be stated as follows: 


X, is proportional to fL. 
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(a) Less inductance, more current. (b) More inductance, less current. 


FIGURE 11-32 For a fixed voltage and fixed frequency, the current varies 
inversely with the inductance value. 


Gyrators 


Inductors tend to be nonideal components and 
larger inductors do not lend themselves to 
integrated circuits because of physical size. A 
circuit that mimics an inductor 1s useful for 
active filter applications and network synthe- 
sis. The circuit uses resistors and capacitors 
and two operational amplifiers to form an 


equivalent circuit for an inductor. A gyrator 
can be included within an IC. 


It can be proven that the constant of proportionality is 27, so the formula for induc- 
tive reactance (Xz) is 


X, = 2nfL (11-10) 


X, is in ohms when fis in hertz and L is in henries. As with capacitive reactance, the 277 
term comes from the relationship of the sine wave to rotational motion. 


EXAMPLE 11-10 


A sinusoidal voltage is applied to the circuit 
in Figure 11-33. The frequency is 10 kHz. 
Determine the inductive reactance. 


SOLUTION 


Convert 10 kHz to 10 X 10° Hz and 5 mH to 
5 x 10 °H. Then, the inductive reactance is 


X; = 2nfL = 27(10 X 10° Hz)(5 x 10° H) = 314 Q 


FIGURE 11-33 


RELATED PROBLEM 


What is X, in Figure 11-33 if the frequency is increased to 35 kHz? 
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Reactance for Series Inductors 


As given in Equation 11-3, the total inductance of series inductors is the sum of the indi- 
vidual inductances. Because reactance is directly proportional to the inductance, the total 
reactance of series inductors is the sum of the individual reactances. 


XLo = Xrı + Xr2 + X13 + e: + Xin (11-11) 


Notice that Equation 11-11 has the same form as Equation 11-3. It also has the same form 
as the formulas for finding the total opposition to current such as the total resistance of 
series resistors or the total reactance of series capacitors. When combining the resistance 
or reactance of the same type of component in series (resistors, inductors, or capacitors), 
you simply add the individual oppositions to obtain the total. 


Reactance for Parallel Inductors 


In an ac circuit with parallel inductors, Equation 11-4 was given to find the total induct- 
ance. It stated that the total inductance is the reciprocal of the sum of the reciprocals of the 
inductors. Likewise, the total inductive reactance is the reciprocal of the sum of the recip- 
rocals of the individual reactances. 


1 
A ee 11-12 
i rr TIE ae = (11-12) 
Xu Art XB Xin 


Notice that Equation 11-12 has the same form as Equation 11—4. It also has the same form 
as the formulas for finding the total resistance of parallel resistors or the total reactance of 
parallel capacitors. When combining the resistance or reactance of the same type of com- 
ponent in parallel (resistors, inductors, or capacitors), you take the reciprocal of the sum of 
the reciprocals to obtain the total opposition. 

For two inductors in parallel, Equation 11-12 can be reduced to the product-over- 
sum form. 


Xum 


Xr tot) — 


Xr, + Xz 


EXAMPLE 11-11 


What is the total inductive reactance of each circuit of Figure 11-34? 


FIGURE 11-34 


Ly 
2.7 mH 
V, 
f= 200 kHz Vs Lı L2 
= L, f= 200 kHz 2.7 mH 4.7 mH 
4.7 m 


(a) (b) 


SOLUTION 

The reactances of the individual inductors are the same in both circuits. 
Xrı = 217fL, = 21(200 kHz)(2.7 mH) = 3.39 kQ 
Xr = 2mfLa = 211(200 kHz)(4.7 mH) = 5.91 KQ 


For the series inductors in Figure 11-34(a), the total reactance is the sum of X,¡ and X», as given in Equa- 
tion 11-11. 


Xian = Xp + Xp = 3.39k0 + 5.91 k0 = 9.30k0 
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For the inductors in parallel in Figure 11-34(b), determine the total reactance from the product-over-sum 

rule using Xz; and X¿. 
XX  (3.39k0)G5.91k0) 
Ai t Xp  3.39kQ + 5.91 KQ 


XLtot) = = 2.15 KQ 


You can also obtain the total reactance for either series or parallel inductors by first finding the total induct- 
ance and then substituting in Equation 11-10 to find the total reactance. 
For the series inductors, 


Lr = L + L = 2.7 mH + 4.7 mH = 7.4 mH 
Xuoy = 2MfLy = 21(200 kHz)(7.4 mH) = 9.30 kQ 


For the parallel inductors, 


y. Ll _ 2.7 mH)(4.7 mH) 
T L+L 27mH+47mH 


Xion = 2rfL = 2n(200 kHz)(1.71 mH) = 2.15 kQ 


= 1.71 mH 


RELATED PROBLEM 


What is the total inductive reactance for each circuit in Figure 11-34 if L, = 1 mH and L, is unchanged? 


OHM’S LAW The reactance of an inductor is analogous to the resistance of a resistor. 
In fact, Xz, just like Xç and R, is expressed in ohms. Since inductive reactance is a form of 
opposition to current, Ohm”s law applies to inductive circuits as well as to resistive circuits 
and capacitive circuits; and it is stated as follows: 


V 


I= — 
XL 


(11-13) 


When applying Ohm’s law in ac circuits, you must express both the current and the 
voltage in the same way, that is, both in rms, both in peak, and so on. 


EXAMPLE 11-12 


Determine the rms current in Figure 11-35. 


FIGURE 11-35 


Y, r 
5 V rms 
f= 10 kHz 100 mH 


SOLUTION 
Convert 10 kHz to 10 x 10° Hz and 100 mH to 100 X 10 *H. Then calculate Xz. 
X, = 2nfL = 27(10 X 10% Hz)(100 x 10° H) = 6283 0 


MULTISIM 
Apply Ohm’s law. 
Si 
O Vm o 5V 
lms = y= 69830 ~ 796 pA Open Multisim file El 1-12. 


Measure the rms current and 
compare to the calculated 
value. Change the circuit 
values to those given in the 
related problem and measure 
the rms current. 


RELATED PROBLEM 


Determine the rms current in Figure 11-35 for the following values: Vims = 12 V, 
f = 4.9 kHz, and L = 680 uH. 
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Current Lags Inductor Voltage by 90° 


As you know, a sinusoidal voltage has a maximum rate of change at its zero crossings 
and a zero rate of change at the peaks. From Faraday’s law you know that the amount of 
voltage induced across a coil is directly proportional to the rate at which the current is 
changing. Therefore, the coil voltage is maximum at the zero crossings of the current 
where the rate of change of the current is the greatest. Also, the amount of voltage is 
zero at the peaks of the current where the rate of change is zero. This phase relationship 
is illustrated in Figure 11-36. As you can see, the current peaks occur a quarter cycle 
after the voltage peaks. Thus, the current lags the voltage by 90°. Recall that in a capac- 
itor, the current leads the voltage by 90°. 


FIGURE 11-36 Current is 
always lagging the inductor 
voltage by 90°. 


V,=0 V; = positive V,=0 V, = negative 
I = negative max I = positive max 
max I=0 max I=0 


Power in an Inductor 


As discussed earlier, an inductor stores energy in its magnetic field when there is current 
through it. An ideal inductor (assuming no winding resistance) does not dissipate energy; it 
only stores 1t. When an ac voltage is applied to an inductor, energy is stored by the inductor 
during a portion of the cycle; then the stored energy is returned to the source during another 
portion of the cycle. No net energy is lost in an ideal inductor due to conversion to heat. 
Figure 11-37 shows the power curve that results from one cycle of inductor current and 
voltage. Compare the power curve for an inductor with that of a capacitor in Figure 9-50. 
Notice that main difference is that voltage and current are interchanged between the plots. 


FIGURE 11-37 Power curve Power curve 
for an inductor. 
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INSTANTANEOUS POWER (p) The product of instantaneous voltage, v, and 
instantaneous current, i, gives instantaneous power, p. At points where v or i is zero, p 1s 
also zero. When both v and i are positive, p is also positive. When either v or i is positive 
and the other negative, p is negative. When both v and i are negative, p is positive. As you 
can see in Figure 11-37, the power follows a sinusoidal-shaped curve. Positive values of 
power indicate that energy is stored by the inductor. Negative values of power indicate that 
energy is returned from the inductor to the source. Note that the power fluctuates at a fre- 
quency twice that of the voltage or current, as energy is alternately stored and returned to 
the source. 


TRUE POWER (Paue) Ideally, all of the energy stored by an inductor during the 
positive portion of the power cycle is returned to the source during the negative portion. 
No net energy is lost due to conversion to heat in the inductor, so the power is zero. Actu- 
ally, because of winding resistance in a practical inductor, some power is always dissi- 
pated, and there is a very small amount of true power, which can normally be neglected. 


Prue = Pons Ry (11-14) 


REACTIVE POWER (P,) The rate at which an inductor stores or returns energy is 
called its reactive power, P,, with a unit of VAR (volt-ampere reactive). The reactive 
power is a nonzero quantity because at any instant in time the inductor is actually taking 
energy from the source or returning energy to it. Reactive power does not represent an 
energy loss due to conversion to heat. The following formulas apply: 


P, = Vem lems (11-15) 
y? 

P, = — (11-16) 
XL 

PA =D, (11-17) 


EXAMPLE 11-13 


A 10 V rms signal with a frequency of 10 kHz is applied to a 10 mH coil with a 
winding resistance of 40 O. Determine the reactive power (P,) and the true power 


(P true). 


SOLUTION 
First, calculate the inductive reactance and current values. 
X; = 21fL = 27(10kHz)(10 mH) = 628 QO 


is = 
X, 6280 


= 15.9 mA 


Then using Equation 11-17, 
P, = PX, = (15.9 mA)*(628 Q) = 159 mVAR 
The true power is 


Prue = PRy = (15.9 ma)(40 Q) = 10.1 mW 


RELATED PROBLEM 


What happens to the reactive power 1f the frequency increases? 
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The Quality Factor (Q) 


The quality factor (O) 1s the ratio of the reactance powenimthe inductor to the true power in 
the winding resistance of the coil. It is a ratio of the power in L to the power in Ry. The 
quality factor is important in resonant circuits, which are studied in Chapter 13. A formula 
for Q is developed as follows: 


_ reactivepower  P, _ PX; 
7 true power o Pe 7 FRy 
The 7? terms cancel, leaving 
O = Ar (11-18) 
= Ry 


Note that O is a ratio of like units and, therefore, has no unit itself. The quality factor 15 
also known as unloaded Q because it is defined with no load across the coil. Notice also 
that O depends on the frequency because Xz is dependent on frequency. 


SECTION 11-5 CHECKUP 


1. State the phase relationship between current and voltage in an 
inductor. -1V L 


2. Calculate X; for f = 500 kHz and L = 1.0 mH f= 1 MHz 10 WH 


3. At what frequency is the reactance of a 50 wH inductor equal = = 


to 800 Q? 


FIGURE 11-38 
4. Calculate the rms current in Figure 11-38. 


5. An ideal 50 mH inductor is connected to a 12 V rms source. 
What is the true power? What is the reactive power at a fre- 
quency of 1 kHz? 


11-6 INDUCTOR APPLICATIONS 


Inductors are not as versatile as capacitors and tend to be more limited in their application 
due, in part, to size, cost factors, and nonideal behavior (internal resistance, etc.). One of the 
most common applications for inductors is noise reduction applications. 


After completing this section, you should be able to 


e Discuss some inductor applications 
e Discuss two ways in which noise enters a circuit 
¢ Describe the suppression of electromagnetic interference (EMI) 
e Explain how a ferrite bead is used 
e Discuss the basics of tuned circuits 


Noise Suppression 


One of the most important applications of inductors has to do with suppressing unwanted 
electrical noise. The inductors used in these applications are generally wound on a closed 
core to avoid having the inductor become a source of radiated noise itself. Two types of 
noise are conductive noise and radiated noise. 
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CONDUCTIVE NOISE Many systems have common conductive paths connecting 
different parts of the system, which can conduct high frequency noise from one part of the 
system to another. Consider the case of two circuits connected with common lines as 
shown in Figure 11—39(a). A path for high frequency noise exists though the common 
grounds, creating a condition known as a ground loop. Ground loops are particularly a 
problem in instrumentation systems, where a transducer may be located a distance from 
the recording system and noise current in the ground can affect the signal. 

If the signal of interest changes slowly, a special inductor, called a longitudinal 
choke, can be installed in the signal line as shown in Figure 11—39(b). The longitudinal 
choke is a form of transformer (covered in Chapter 14) that acts as an inductor in each 
signal line. The ground loop sees a high impedance path, thus reducing the noise, while the 
low-frequency signal is coupled through the low impedance of the choke. 


(a) (b) 
FIGURE 11-39 


Longitudinal choke 


Signal 
current 


Switching circuits also tend to generate high-frequency noise (above 10 MHz) by 
virtue of the high-frequency components present. (Recall from Section 8—5 that a fast 
pulse contains many high-frequency harmonics.) Certain types of power supplies use high- 
speed switching circuits, which are a source of both conductive and radiated noise. Because 
an inductor’s impedance increases with frequency, inductors are good for blocking electri- 
cal noise from these supplies, which should carry only dc. Inductors are frequently installed 
in the power supply lines to suppress this conductive noise so that one circuit does not 
adversely affect another circuit. One or more capacitors may also be used in conjunction 
with the inductor to improve filtering action. 


RADIATED NOISE Noise can also enter a circuit by way of an electromagnetic 
field. The noise source can be an adjacent circuit or a nearby power supply. There are sev- 
eral approaches to reducing the effects of radiated noise. Usually, the first step 1s to deter- 
mine the cause of the noise and isolate it using shielding or filtering. Inductors are widely 
used in filters that are used to suppress radio-frequency noise. The inductor used for noise 
suppression must be carefully selected so as not to become a source of radiated noise itself. 
For high frequencies (>20 MHz), inductors wound on highly permeable toroidal cores are 
widely used, as they tend to keep the magnetic flux restricted to the core. 


RF Chokes 


Inductors used for the purpose of blocking very high frequencies are called radio fre- 
quency (RF) chokes. RF chokes are used for conductive or radiated noise. They are special 
inductors designed to block high frequencies from getting into or leaving parts of a system 
by providing a high impedance path for high frequencies. In general, the choke is placed in 
series with the line for which RF suppression is required. Depending on the frequency of 
the interference, different types of chokes are required. A common type of electromagnetic 
interference (EMI) filter wraps the signal line on a toroidal core several times. The toroidal 
configuration 1s desired because it contains the magnetic field so that the choke does not 
become a source of noise itself. 

Another common type of RF choke 1s a ferrite bead. All wires have inductance, and 
the ferrite bead is a small ferromagnetic material that is strung onto the wire to increase its 


515 


HANDS ON TIP 
When breadboarding circuits 
that include small inductors, it 
is best to use encapsulated 
inductors for structural 
strength. Inductors generally 
have extremely fine coil wire 
that is connected to a much 
larger size of lead wires. 

In unencapsulated 
inductors, these contact points 
are very vulnerable to breaking 
if the inductor is frequently 
inserted and removed from a 
protoboard. 
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inductance. The impedance presented by the bead is a function of both the material and the 
frequency, as well as the size of the bead. It is an effective and inexpensive “choke” for 
high frequencies. Ferrite beads are common in high-frequency communication systems. 
Sometimes several are strung together in series to increase the effective inductance. 


Tuned Circuits 


Inductors are used in conjunction with capacitors to provide frequency selection in com- 
munications systems. These tuned circuits allow a narrow band of frequencies to be 
selected while all other frequencies are rejected. The tuners in your TV and radio receivers 
are based on this principle and permit you to select one channel or station out of the many 
that are available. 

Frequency selectivity is based on the fact that the reactances of both capacitors and 
inductors depend on the frequency and on the interaction of these two components when 
connected in series or parallel. Since the capacitor and the inductor produce opposite phase 
shifts, their combined opposition to current can be used to obtain a desired response at a 
selected frequency. Tuned (resonant) RLC circuits are covered in detail in Chapter 13. 


SECTION 11-6 CHECKUP 


1. Name two types of unwanted noise. 3. How is a ferrite bead used? 


2. What do the letters EMI stand for? 


SUMMARY 


e Inductance is a measure of a coil’s ability to establish an induced voltage as a result of a change 
in its current. 


e An inductor opposes a change in its own current. 


e Faraday’s law states that relative motion between a magnetic field and a coil induces a voltage 
across the coil. 


e Lenz's law states that the polarity of induced voltage is such that the resulting induced current is 
in a direction that opposes the change in the magnetic field that produced it. 


e Energy is stored by an inductor in its magnetic field. 


e One henry is the amount of inductance when current, changing at the rate of one ampere per sec- 
ond, induces one volt across the inductor. 


e Inductance is directly proportional to the square of the turns, the permeability, and the cross- 
sectional area of the core. It is inversely proportional to the length of the core. 


e The permeability of a core material is an indication of the ability of the material to establish a 
magnetic field. 


e Inductors add in series. 
e Total parallel inductance is less than that of the smallest inductor in parallel. 
+ The time constant for a series RL circuit is the inductance divided by the resistance. 


e Inan RL circuit, the increasing or decreasing voltage and current in an inductor make an approxi- 
mately 63% change during each time-constant interval. 


e Increasing and decreasing current and voltage follow exponential curves. 
e Voltage leads current by 90° in an inductor. 
e Inductive reactance (Xz) is directly proportional to frequency and inductance. 


e The true power in an inductor is zero; that is, there is no energy conversion to heat in an ideal 
inductor, only in its winding resistance. 
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KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 
Coil A common term for an inductor. 

Henry (H) The unit of inductance. 

Induced voltage Voltage produced as a result of a changing magnetic field. 


Inductance The property of an inductor whereby a change in current causes the inductor to pro- 
duce a voltage that opposes the change in current. 


Inductive reactance The opposition of an inductor to sinusoidal current. The unit is the ohm. 


Inductor A passive electrical component, formed by a coil of wire, that exhibits the property of 
inductance. 


Quality factor (Q) The ratio of reactive power to true power. 


RL time constant A fixed time interval, set by the L and R values, that determines the time 
response of a circuit. 


Winding The loops or turns of wire in an inductor. 


Winding resistance The resistance of the length of wire that makes up a coil. 


KEY FORMULAS 


1 


(11-1) W = ¿LP Energy stored by an inductor 
N UA | 
— = nductance in terms o 
(11-2) L 7 Ind f 
physical parameters 
(11-3) Ey = Li + Lz + Lz + -+ Ln Series inductance 
1 . 
(11-3) Ly = Ti I Total parallel inductance 
— +> ++ + — 
Li 2 á L3 Ly, 
L . 
(11-5) T = 7 RL time constant 
(11-6) v = Ve + (V; — V pje RE Exponential voltage (general) 
(11-7) i = Ip + (l; -— I pe S Exponential current (general) 
(11-8) i = [Ip — e Rt/L, Increasing exponential current 
beginning at zero 
(11-9) i= be Decreasing exponential 
current ending at zero 
(11-10) X; = 27fL Inductive reactance 
(11-11) Xray = Xr + X12 + X13 + °° + Xin Series inductive reactance 
1 
(11-12) Xian = o a A A Parallel inductive reactance 
— + — + — + “+ 
Xt Ar X13 Xin 
v 
(11-13) 1 = A Ohm's law 
L 
(11-14) Prue = i. Ry True power 


(11-15) P, = Vims Lrms Reactive power 
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Virus 
(11-16) P, = — Reactive power 
XL 
(11-17) P, = l X Reactive power 
XL 
(11-18) Q = — Quality factor 
Rw 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 


1. Lenz’s law states that the amount of voltage induced in a coil is proportional to the rate of 
change of the magnetic field with respect to the coil. 


2. An ideal inductor has no winding resistance. 


3. The total inductance of two parallel inductors is equal to the product-over-sum of the individual 
inductors. 


4. The total inductance of parallel inductors is always less than that of the smallest inductor. 
5. The time constant of an RL circuit is given by the formula 7 = R/L. 


6. If a series RL circuit is connected to a de source, the maximum current is limited by the total 
inductance. 


7. Kirchhoff s voltage law does not apply to inductive circuits. 
8. Inductive reactance is directly proportional to the frequency. 
9. In an ac inductive circuit, the current lags the voltage in the inductor. 


10. The frequency of the power curve for an inductive circuit is equal to the frequency of the 
applied voltage. 


SELF-TEST 


Answers are at the end of the chapter. 


1. An inductance of 0.05 uH is larger than 
(a) 0.0000005 H (b) 0.000005 H (e) 0.000000008 H (d) 0.00005 mH 


2. An inductance of 0.33 mH is smaller than 
(a) 33 uH (b) 330 uH (e) 0.05 mH (d) 0.0005 H 

3. When the current through an inductor increases, the amount of energy stored in the electromag- 
netic field 


(a) decreases (b) remains constant (e) increases (d) doubles 


4. When the current through an inductor doubles, the stored energy 
(a) doubles (b) quadruples (e) is halved (d) does not change 


5. The winding resistance of a coil can be decreased by 

(a) reducing the number of turns (b) using a larger wire 

(c) changing the core material (d) either answer (a) or (b) 
6. The inductance of an iron-core coil increases if 


(a) the number of turns is increased (b) the iron core is removed 
(c) the length of the core is increased (d) larger wire is used 


7. Four 10 mH inductors are in series. The total inductance is 


(a) 40 mH (b) 2.5 mH (e) 40,000 uH (d) answers (a) and (c) 


8. A 1 mH, a 3.3 mH, and a 0.1 mH inductor are connected in parallel. The total inductance is 


(a) 44 mH (b) greater than 3.3 mH 
(e) less than 0.1 mH (d) answers (a) and (b) 
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9. An inductor, a resistor, and a switch are connected in series to a 12 V battery. At the instant the 
switch is closed, the inductor voltage is 


(a)0V 12V (09) 6V  (d) 4V 


10. A sinusoidal voltage is applied across an inductor. When the frequency of the voltage is 
increased, the current 


(a) decreases (b) increases (e) does not change (d) momentarily goes to zero 


11. An inductor and a resistor are in series with a sinusoidal voltage source. The frequency is set so 
that the inductive reactance is equal to the resistance. If the frequency is increased, then 


(a) Vr > Vz (b) Vz < Vr (e) Vz = VR (d) Vz > Vr 


TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


Determine the cause for each set of symptoms. Refer to Figure 11-40. 


Li L> E; 
JUN 900 JUN 
1 mH 1 mH 1 mH 
y Vi V2 V3 
Oy Ad SH 365v) 2, EXA dv 
e =) 1 mH a 2 =) 1 mH A A =) 1 mH A A 


FIGURE 11-40 The ac meters indicate the correct readings for this circuit. 


1. Symptom: All of the voltmeter readings are 0 V. 
Cause: 
(a) The source is off or faulty. 
(b) L, is open. 
(c) either (a) or (b) 

2. Symptom: All of the voltmeter readings are 0 V. 
Cause: 


(a) L4 is completely shorted. 
(b) Ls is completely shorted. 
(e) Le is completely shorted. 


3. Symptom: The voltmeter | reading is 5 V, and the voltmeter 2 and voltmeter 3 readings are 0 V. 
Cause: 
(a) Ly is open. 
(b) L is open. 
(e) Ls is shorted. 


4. Symptom: The voltmeter | reading is 4 V, the voltmeter 2 reading is 2 V, and the voltmeter 3 
reading is 0 V. 
Cause: 
(a) L} is open. 
(b) Ls is shorted. 
(c) either (a) or (b) 
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5. Symptom: The voltmeter | reading is 4 V, the voltmeter 2 reading is 2 V, and the voltmeter 3 
reading is 2 V. 
Cause: 
(a) L; is shorted. 
(b) Ls is open. 
(c) either (a) or (b) 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 11-1 The Basic Inductor 


1. Convert the following to millihenries: 


(a) 1H (b) 250 uH 
(c) 10 uH (d) 0.0005 H 
2. Convert the following to microhentries: 
(a) 300 mH (b) 0.08 H 
(c) 5mH (d) 0.00045 mH 


3. How many turns are required to produce 30 mH with a coil wound on a cylindrical core having 
a cross-sectional area of 10 x 10 > m? anda length of 0.05 m? The core has a permeability of 


1.26 X 10%. 

4. A 12 V battery is connected across a coil with a winding resistance of 120 Q. How much cur- 
rent is there in the coil? 

5. How much energy is stored by a 100 mH inductor with a current of 1 A? 

6. The current through a 100 mH coil is changing at a rate of 200 mA/s. How much voltage is 
induced across the coil? 


SECTION 11-3 Series and Parallel Inductors 
7. Five inductors are connected in series. The lowest value is 5 uH. If the value of each inductor is 
twice that of the preceding one, and if the inductors are connected in order of ascending values, 
what is the total inductance? 
8. Suppose that you require a total inductance of 50 mH. You have available a 10 mH coil and a 
22 mH coil. How much additional inductance do you need? 
9. Determine the total parallel inductance for the following coils in parallel: 75 uH, 50 uH, 
25 uH, and 15 uH. 
10. You have a 12 mH inductor, and it is your smallest value. You need an inductance of 8 mH. 
What value can you use in parallel with the 12 mH to obtain 8 mH? 


11. Determine the total inductance of each circuit in Figure 11—41. 


(b) 


FIGURE 11—41 
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12. Determine the total inductance of each circuit in Figure 11-42. 


FIGURE 11-42 


SECTION 11-4 Inductors in DC Circuits 


13. Determine the time constant for each of the following series RL combinations: 
(a) R = 1000, L = 100 uH (b) R = 4.7kO, L = 10 mH 
(© R= 15k0,L = 3 mH 
14. In a series RL circuit, determine how long it takes the current to build up to its full value for 
each of the following: 
(a) R = 560, L = 50 uH (b) R = 33000, L = 15 mH 
(ce) R = 22kQ0,L = 100 mH 
15. In the circuit of Figure 11-43, there is initially no current. Determine the inductor voltage at the 


following times after the switch is closed: 
(a) 10 us (b) 20 us (c) 30 us (d) 40 us (e) 50 us 


R FIGURE 11-43 


16. In Figure 11-44, calculate the current at each of the following times. Assume an ideal inductor 
and voltage source. 
(a) 10 us (b) 20 us (c) 30 us 


FIGURE 11-44 


SECTION 11-6 Inductors in AC Circuits 


17. Find the total reactance for each circuit in Figure 11-41 when a voltage with a frequency of 
500 kHz is applied across the terminals. 
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18. Find the total reactance for each circuit in Figure 11-42 when a 400 kHz signal is applied. 
19. Determine the total rms current in Figure 11-45. What are the currents through L, and Ly? 


FIGURE 11-45 L, 


Vims = 10V Lz L3 
f =2.5 kHz 20 mH 40 mH 


20. What frequency will produce a total rms current of 500 mA in each circuit of Figure 11-42 with 
an rms input voltage of 10 V? 


21. Determine the reactive power in Figure 11—45, neglecting the winding resistance. 


ADVANCED PROBLEMS 


22. Determine the time constant for the circuit in Figure | 1-46. 


FIGURE 11-46 


23. What is the voltage across the inductor in Figure 11—44 at each of the following times? 
(a) 60 us (b) 70 us (c) 80 us 


24. What is the voltage across the resistor in Figure 11-44 at a time of 60 us? 


25. (a) What is the current in the inductor 1.0 us after the switch closes in Figure 11—46. 
(b) What is the current after Sr have elapsed? 


26. For the circuit in Figure 11—46, assume the switch has been closed for more than 57 and is 
opened. What is the current in the inductor 1.0 us after the switch is opened? 


27. In System Example 11-2, assume f = 550 kHz. What is the reactance of each inductor? What 
is the total reactance of the two series inductors? 


28. For System Example 11-2, assume you need to change L, to provide 8% feedback. What is the 
new value? 


munsmM MULTISIM TROUBLESHOOTING 
PROBLEMS 


29. Open file P11-29; files are found at www.pearsonhighered.com/floyd. Test the circuit. If there 
is a fault, identify it. 


30. Open file P11-30 and test the circuit. If there is a fault, identify it. 

31. Determine if there is a fault in the circuit in file P1 1-31. If so, identify it. 

32. Find and specify any faulty component in the circuit in file P1 1-32. 

33. Is there a short or an open in the circuit in file P1 1-33? If so, identify the component that is faulty. 
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ANSWERS TO SECTION CHECKUPS 


SECTION 11-1 The Basic Inductor 


1. Parameters that determine inductance are turns of wire, permeability, cross-sectional area, and 
core length. 


2. (a) When N increases, L increases. 
(b) When the core length increases, L decreases. 
(c) When the cross-sectional area decreases, L decreases. 
(d) For an air core, L decreases. 


3. All wire has some resistance, and because inductors are made from turns of wire, there is always 
resistance in the winding. 


4. Adjacent turns of wire in a coil act as plates of a capacitor and produce a small capacitance. 


SECTION 11-2 Types of Inductors 
1. Two categories of inductors are fixed and variable. 


2. (a) air core (b) iron core (c) variable 


SECTION 11-3 Series and Parallel Inductors 
1. Inductances are added in series. 
2. Ly = 2600 uH 
3. Ly = 5 X 100 mH = 500 mH 
4 


. The total parallel inductance is smaller than that of the smallest-value individual inductor in 
parallel. 


p 


True 
6. (a) Lr = 7.69 mH (b) Ly = 24 uH 


SECTION 11-4 Inductors in DC Circuits 
1. V; = (10mA)\(10 Q) = 100 mV 
2. Initially, i = 0 V, vz = 20 V 
3. After 5r, v, = 0V 
4. 7 = 500 uH/1.0kQ = 500 ns, ip = 3.93 mA 


SECTION 11-5 Inductors in AC Circuits 
1. Voltage leads current by 90° in an inductor. 
2. X, = 2mfL = 3.14 kQ 
3. f=X,/27L = 2.55 MHz 
4. Lms = 15.9 mA 
5. Pine = 0 W, P, = 458 mVAR 


SECTION 11-6 Inductor Applications 
1. Conductive and radiated 
2. Electromagnetic interference 


3. Itis placed on a wire to increase its inductance, creating an RF choke. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


11-1. 157 mH 
11-2. 150 uH 
11-3. 20.3 uH 
11-4. 227ns 
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11-5. Ip = 17.6mA,7 = 147 ns 
At i7:7 = 11.1 mA; t = 147 ns 
At 27:1 = 15.1 mA; £ = 294 ns 
At 37:1 = 16.7 mA; t = 441 ns 
At4r: i 17.2 mA; t = 588 ns 
At5T:1 = 17.4 mA; t = 735 ns 


11-6. At0.2 ms: i = 0.215 mA 
At 0.8 ms: 7 = 0.0125 mA 


11-7. 10 V if Rw is neglected. 
11-8. 3.83 mA 

11-9. 6.7mA 

11-10. 1100 Q 

11-11. (a) 7.17 KQ; (b) 1.04k0 
11-12. 573 mA 

11-13. P, decreases. 


ANSWERS TO TRUE/FALSE QUIZ 


1. F 2. T 3. T 4. T 5. F 6. F TaT 
8. F 9 T 10. F 


ANSWERS TO SELF-TEST 


1. (6) 2. (d) 3. (c) 4. (b) 5. (d) 6. (a) 7. (d) 
8. (œ) 9. (b) 10. (a) 11. (d) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


1. (œ) 2. (a) 3. (b) 4. (a) 5. (b) 
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RL CIRCUITS 


OUTLINE 


12-1 Sinusoidal Response of RL Circuits 


12-2 Impedance and Phase Angle of Series 


RL Circuits 


12-3 Analysis of Series RL Circuits 
12-4 Impedance and Phase Angle of Parallel 


RL Circuits 


12-5 Analysis of Parallel RL Circuits 

12-6 Analysis of Series-Parallel RL Circuits 
12-7 Power in RL Circuits 

12-8 RL Filters 

12-9 Troubleshooting 


O 


BJECTIVES 


Describe the relationship between current and 
voltage in an RL circuit 

Determine impedance and phase angle in a series 
RL circuit 

Analyze a series RL circuit 

Determine impedance and phase angle in a 
parallel RL circuit 

Analyze a parallel RL circuit 

Analyze series-parallel RL circuits 

Determine power in RL circuits 

Discuss how the RL circuit operates as a filter 


Troubleshoot RL circuits 


KEY TERMS 


RL lag circuit Inductive susceptance 
RL lead circuit (B,) 


INTRODUCTION 


An RL circuit contains both resistance and inductance. 
In this chapter, series and parallel RL circuits and their 
responses to sinusoidal voltages are covered. In addi- 
tion, series-parallel combinations are examined. Power 
considerations in RL circuits are introduced, and practi- 
cal aspects of the power factor are discussed. A method 
of improving the power factor is presented. Trouble- 
shooting common faults in RL circuits is also covered. 

The methods for analyzing reactive circuits are 
similar to those you studied in dc circuits. Reactive cir- 
cuit problems can be solved at only one frequency at a 
time, and phasor math must be used. Frequently in sys- 
tems, the frequency of interest is the utility power fre- 
quency (50 Hz or 60 Hz). The inductance is not an 
ordinary component but may be the winding for a motor, 
solenoid, or transformer. You can still apply basic RL 
theory to these cases. 

As you study this chapter, note both the differences 
and the similarities in the response of RL circuits com- 
pared to RC circuits. 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 
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12-1 SINUSOIDAL RESPONSE 
OF RL CIRCUITS 


As with an RC circuit, all currents and voltages in any type of RL circuit are sinusoidal when 
the input voltage is sinusoidal. The inductance causes a phase shift between the voltage and the 
current that depends on the relative values of the resistance and the inductive reactance. 
Because of its winding resistance, the inductor is generally not as “ideal” as a resistor or capac- 
itor. However, it will usually be treated as ideal for purposes of illustration. 


After completing this section, you should be able to 


e Describe the relationship between current and voltage in an RL circuit 
e Discuss voltage and currentwayeforms 
e Discuss phase shift 


In an RL circuit, the resistor voltage and the current lag the source voltage. The inductor 
voltage leads the source voltage. Ideally, the phase angle between the current and the induc- 
tor voltage is always 90°. These generalized phase relationships are indicated in Figure 12-1. 
Notice how they differ from those of the RC circuit that was discussed 1n Chapter 10. 


Sine wave generator 


FIGURE 12-1 Illustration of sinusoidal response with general 
phase relationships of Vz, VL, and J relative to the source voltage. Vp 
and J are in phase; Vz and V; are 90° out of phase with each other. 


The amplitudes and the phase relationships of the voltages and current depend on the 
values of the resistance and the inductive reactance. When a circuit is purely inductive, the 
phase angle between the source voltage and the total current is 90°, with the current lag- 
ging the voltage. When there is a combination of both resistance and inductive reactance in 
a circuit, the phase angle is somewhere between zero and 90°, depending on the relative 
values of the resistance and the inductive reactance. Because all inductors have winding 
resistance, ideal conditions may be approached but never reached in practice. 


SECTION 12-1 CHECKUP* 


1. A | kHz sinusoidal voltage is applied to an RL circuit. What 2. When the resistance in an RL circuit is greater than the induc- 
is the frequency of the resulting current? tive reactance, is the phase angle between the source voltage 
and the total current closer to 0° or to 90°? 


*Answers are at the end of the chapter. 
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12-2 IMPEDANCE AND PHASE ANGLE 
OF SERIES RL CIRCUITS 


Impedance was introduced in Section 10-2 for RC circuits and represents the total opposition 
to sinusoidal current. As in the case with RC circuits, impedance is the combination of the 
resistive and reactive quantities, which can be represented by phasors. Because of phase differ- 
ences, the total impedance must be treated as a phasor quantity. 


After completing this section, you should be able to 


e Determine impedance and phase angle in a series RL circuit 
e Draw the impedance triangle 
e Calculate impedance magnitude 
e Calculate the phase angle 


The impedance of a series RL circuit is the total opposition to sinusoidal current and 
its unit is the ohm. The phase angle is the phase difference between the total current and 
the source voltage. Impedance (Z) is determined by the resistance (R) and the inductive 
reactance (Xz), as indicated in Figure 12-2. 


FIGURE 12-2 Impedance of a series RE circuit. 


In ac analysis, both R and X, are treated as phasor quantities, as shown in the phasor 
diagram of Figure 12-3(a), with X; appearing at a +90° angle with respect to R. This rela- 
tionship comes from the fact that the inductor voltage leads the current, and thus the resis- 
tor voltage, by 90°. Since Z is the phasor sum of R and Xz, its phasor representation is as 
shown in Figure 12-3(b). A repositioning of the phasors, as shown in part (c), forms a right 
triangle. This formation, as you have learned, is called the impedance triangle. The length 
of each phasor represents the magnitude of the quantity, and 0 is the phase angle between 
the source voltage and the current in the RL circuit. 


x, Xy 


(a) (b) (c) 


FIGURE 12-3 Development of the impedance triangle for a series RL circuit. 


The magnitude of the impedance, Z, of the series RL circuit can be expressed in terms 
of the resistance and reactance as 


Z= VR + X3 (12-1) 


where Z is expressed in ohms. 
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The phase angle, 0, is expressed as 
X 
0 = tan Z) (12-2) 


EXAMPLE 12-1 


Determine the impedance and phase angle of the circuit in Figure 12—4. Draw the 
impedance triangle. 


R X, 


5.6 KO 10 kQ 


FIGURE 12-4 


SOLUTION 
The impedance is 


Z= VR + X = V56kKOY + (10k0? = 11.5kQ 


The value of the phase angle is 


a Az jf 10kQ 
0 = 1 ¡Y a = i l = E g 
= S ai E) we 


The source voltage leads the current by 60.8°. The impedance triangle is shown in 
Figure 12-5. 


X, = 10 kO 


R=5,6k0 


FIGURE 12-5 


RELATED PROBLEM* 


In a series RL circuit, R = 1.8 kO and Xz = 950 O. Determine the impedance 
and phase angle. 


*Answers are at the end of the chapter. 


SECTION 12-2 CHECKUP 


1. Does the source voltage lead or lag the current in a series RL 3. How does the phase angle in an RL circuit differ from the 
circuit? phase angle in an RC circuit? 
2. What is the relationship between X; and R when the phase 4. A series RL circuit has a resistance of 33 kQ, and an inductive 


angle is 45°? reactance of 50 kO. Determine Z and 6. 
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12-3 ANALYSIS OF SERIES RE CIRCUITS 


Ohm’s law and Kirchhoff’s voltage law are used in the analysis of series RL circuits to determine 
voltage, current, and impedance. Also, in this section RL lead and lag circuits are examined. 


After completing this section, you should be able to 


e Analyze a series RL circuit 
e Apply Ohm’s law and Kirchhoff’s voltage law to series RL circuits 
e Determine the phase relationships of the voltages and current 
e Show how impedance and phase angle vary with frequency 
e Discuss and analyze the RL lag circuit 
e Discuss and analyze the RL lead circuit 


Ohm/’s Law 


The application of Ohm’s law to series RL circuits involves the use of the quantities of Z, 
V, and /. The three equivalent forms of Ohm’s law were stated in Chapter 10 for RC cir- 
cuits. They apply also to RL circuits and are restated here: 


The following example illustrates the use of Ohm’s law. 


EXAMPLE 12-2 


The current in Figure 12—6 is 200 uA. Determine the source voltage. 


R L 
—> 
I 10 kQ 100 mH 
Vs 
10 kHz 
FIGURE 12-6 


SOLUTION 
From Equation 11-10, the inductive reactance is 
X, = 2nfL = 27(10kHz)(100 mH) = 6.28k0, 


The impedance is 


Z= VR + X = V(O0KO)? + (6.28k0) = 11.8k0 MULTISIM 
Applying Ohm’s law yields 


V; = IZ = (200 uA)(11.8 K0) = 2.36 V Open Multisim file E1 2-02; 
files are found at www. 
pearsonhighered.com/floyd. 
Measure the current at 10 kHz, 
5 kHz, and 20 kHz. Explain the 


results of your measurement. 


RELATED PROBLEM 


If the source voltage in Figure 12—6 is 5 V, what would be the current? 
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Phase Relationships of the Current 
and Voltages 


In a series RL circuit, the current is the same through both the resistor and the inductor. 
Thus, the resistor voltage is in phase with the current, and current lags the inductor voltage 
by 90°. Therefore, there is a phase difference of 90° between the resistor voltage, Vp, and 
the inductor voltage, Vz, as shown in the waveform diagram of Figure 12-7. 


V 
I lags V; by 90°. 
Vp and J are in phase. 
Vr yv Amplitudes depend on 
7 the particular circuit. 
=== 0 


90° 


FIGURE 12-7 Phase relation of current and voltages in a series 
RL circuit. 


From Kirchhoff’s voltage law, the sum of the voltage drops must equal the source 
voltage. However, since Vp and V, are not in phase with each other, they must be added as 
phasor quantities with V, leading Vp by 90°, as shown in Figure 12—8(a). As shown in part (b), 
V, is the phasor sum of Vp and Vz. This equation can be expressed as 


V, = VV + y? (12-3) 


The phase angle between the resistor voltage and the source voltage can be expressed as 


V 
0 = n= 7) (12-4) 
VR 


Since the resistor voltage and the current are in phase, 0 in Equation 124 also represents 
the phase angle between the source voltage and the current and is equivalent to tan ! (X; /R). 

Figure 12—9 shows a voltage and current phasor diagram that represents the wave- 
form diagram of Figure 12-7. 


VL VE 


| J V, 
| 
| 
| 
| 
| 
| 
90° | 
| 90° 
0 
Ye BA E 
(a) (b) Ve 
FIGURE 12-8 Voltage phasor diagram for the FIGURE 12-9 Voltage 
waveforms in Figure 12-7. and current phasor dia- 


gram for the waveforms 
in Figure 12-7. 
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EXAMPLE 12-3 


Determine the source voltage and the phase angle in Figure 12-10. Draw the 
voltage phasor diagram. 


FIGURE 12-10 


SOLUTION 


Since Vp and V, are 90° out of phase, you cannot add them directly. The source 
voltage is the phasor sum of Vp and V,. 


V, = VV + V = V(S0 V + (35 VP = 61 V 


The phase angle between the resistor voltage and the source voltage is 


f Vi [35V 
0 = tn l| —] =t (Y) = 35° 
an (E) an 50 V 3 


The voltage phasor diagram is shown in Figure 12-11. 


V.=61 V 


Ve =50 V 


FIGURE 12-11 


RELATED PROBLEM 


With the information given, can you determine the current in Figure 12—10? 


Variation of Impedance and Phase Angle 
with Frequency 


As you know, inductive reactance varies directly with frequency. When Xz increases, the 
total impedance also increases; and when X, decreases, the total impedance decreases. 
Thus, in an RL circuit, Z is directly dependent on frequency. 

Figure 12—12 illustrates how the voltages and current in a series RL circuit vary as the 
frequency increases or decreases, with the source voltage held at a constant value. Part (a) 
shows that as frequency is increased, the increase in X, will cause more voltage to appear 
across the inductor and less current will be in the circuit. Thus, V; increases and Vp 
decreases. Also, Z is larger because there is less total current with the same total voltage 
across the circuit. 
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(a) As frequency is increased, J and Vp decrease and 
V, increases. 


(b) As frequency is decreased, J and Vp increase and 
V, decreases. 


FIGURE 12-12 An illustration of how the variation of impedance affects the voltages and current 
as the source frequency is varied. The source voltage is held at a constant amplitude. 


Figure 12—12(b) shows that as frequency decreases, the voltage across the inductor 
decreases because X, decreases. Also, Z decreases, causing the current to increase. An 
increase in current causes more voltage across the resistor. 

Changes in Z and Xz can be observed as shown in Figure 12-13. As the frequency 
increases, the voltage across Z remains constant because V, is constant (V, = Vz), but 
the voltage across L increases. The decreasing current indicates that Z is increasing. It 
does so because of the inverse relationship stated in Ohm’s law (Z = Vz/I). The 
decreasing current also indicates that Xz is increasing. The increase in Vz corresponds to 
the increase in Xz. 


By watching these two 
meters, you can see 
what Z is doing: J is 
decreasing, Vz is 
constant, and thus Z is 
increasing. 


Frequency 
is increasing. 


By watching these two 
meters, you can see 
what X, is doing: / is 
decreasing, V, is 
increasing, and thus 
X; is increasing. 


V, is 
{i constant. 
HANDS ON TIP 
As you know, some 
multimeters have a relatively 
low frequency response. There 
are other things of which you 
should be aware. One is that 


v4 
I 


4 


tx, = 


FIGURE 12-13 Observing changes in Z and X with frequency by watching the meters 


most ac meters are accurate and recalling Ohm’s law. 


only if the waveform being 
measured is sinusoidal. 
Another is that accuracy when 
measuring small ac voltage is 
usually less than for de 
measurements. Finally, loading 


Since Xz is the factor that introduces the phase angle in a series RL circuit, a change 
in X, produces a change in the phase angle. As the frequency 1s increased, X, becomes 
greater, and thus the phase angle increases. As the frequency 1s decreased, X, becomes 


can affect the accuracy of 
meter readings. 


smaller, and thus the phase angle decreases. The angle between V, and Vp is the phase 
angle of the circuit because J is in phase with Vp. The variations of phase angle with fre- 
quency are illustrated with the impedance triangle as shown in Figure 12-14. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


12-3 ANALYSIS OF SERIES RL CIRCUITS 533 


A Increasingf FIGURE 12-14 As the frequency 
fs increases, the phase angle 0 
increases. 


EXAMPLE 12-4 


For the series RL circuit in Figure 12-15, determine the impedance and the phase 
angle for each of the following frequencies: 


(a) 10 kHz (b) 20 kHz (c) 30 kHz 
R 


1.0 kQ 
L 20 mH 


FIGURE 12-15 


SOLUTION 
(a) For f = 10 kHz, calculate the impedance as follows: 
X, = 2mfL = 21(10 kHz)(20 mH) = 1.26 KQO 
Z= VR + X% = V(AOKO)? + (126k0)? = 1.61k0 


The phase angle is 


eoe (1.26 kO 
0 = tan |=] =t ( ) = sus 
e a 2 LOKO ' 


(b) For f = 20 kHz, 
X, = 27120 kHz)(20 mH) = 2.51 KQ 


Z= VA0kQ + 2.51 kQŻ = 2.70 kQ 


C= eS E2) = 68.3° 
1.0 kQ ' 


(c) For f = 30 kHz, 
X; = 27(30kHz)(20 mH) = 3.77 KQ 
Z = V(1.0k9)* + (3.77kOY = 3.90 kQ 


0 = an 377K) = 75.1° 
10kQ/) 7 


Notice that as the frequency increases, Xz, Z, and 0 also increase. 


RELATED PROBLEM 
Determine Z and 0 in Figure 12-15 1f f = 100 kHz. 
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RL Lag Circuit 


The RL lag circuit is a phase shift circuit in which the output voltage lags the input voltage by 
a specified angle, p. A basic series RL lag circuit is shown in Figure 12—16(a). Notice that 
the output voltage is taken across the resistor and the input voltage is the total voltage 
applied across the circuit. The relationship of the voltages 1s shown in the phasor diagram 
in Figure 12—16(b), and a waveform diagram is shown in Figure 12—16(c). Notice that the 
output voltage, V,,,,,, lags Vin by an angle, designated œ, that is the same as the circuit phase 
angle. The angles are equal, of course, because Vp and / are in phase with each other. 


Vi 


it 


Vin Von 
@ (phase lag) 
Ve (Von) 
(a) A basic RL lag circuit (b) Phasor voltage diagram (c) Input and output waveforms 
showing phase lag between 
V,, and V 


in out 


FIGURE 12-16 The RL lag circuit (Voy: = Vp). 


The phase lag, p, can be expressed as 


b = an= ŽE) (12-5) 


EXAMPLE 12-5 


Calculate the phase lag for each circuit in Figure 12-17. 


V 


out 


FIGURE 12-17 


SOLUTION 


For the circuit in Figure 12-17(a), 


X 5.0 kQ 
= -I| SL =i o 
= oe = Ff = 18.4 
p an ( an ( isk 8 
The output lags the input by 18.4". 


For the circuit in Figure 12—17(b), first determine the inductive reactance. 


X, = 2nfL = 27(100kHz)(1.0 mH) = 628 Q 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


12-3 ANALYSIS OF SERIES RL CIRCUITS 535 


The phase lag is 


X 628 Q 
-1 L -1 E o 
= tan — | = tan = 32.1 
p a a (£ ) 3 


The output lags the input by 32.1*. 


RELATED PROBLEM 


In a certain lag circuit, R = 5.6kQ and X; = 3.5k0. Determine the phase lag 
between input and output. 


The phase-lag circuit can be considered as a voltage divider with a portion of the 
input voltage dropped across L and a portion across R. The output voltage can be deter- 
mined with the following formula: 


R 
Vout = eo" (12-6) 


EXAMPLE 12-6 


The input voltage in Figure 12-17(b) of Example 12-5 has an rms value of 10 V. 
Determine the output voltage for the lag circuit shown in Figure 12-17(b). Draw 
the waveform relationships for the input and output voltages. The phase lag 
(32.15 and X; (628 Q) were found in Example 12-5. 


SOLUTION 


Use Equation 12-6 to determine the output voltage for the lag circuit in Figure 
12-17(b). 


R 1.0kO No3s 13/42 
Vout = ( A = io = 8.47 V rms 


VR? + Xx? 1.18 kO 


The waveforms are shown in Figure 12-18. 


: V,, = 10 V rms 


V 


= 8.47 V rms 


out 


MULTISIM 
FIGURE 12-18 
\ AS Y 
ee aes Meee eens Open Multisim file E12-06. 
In a lag circuit, R = 4.7 kQ and X; = 6 KO. If the rms input voltage is 20 V, Measure the output voltage and 


what is the output voltage? na to the calculated 
value. 


EFFECTS OF FREQUENCY ON THE LAG CIRCUIT Since the circuit phase 
angle and the phase lag are the same, an increase in frequency causes an increase in phase 
lag. Also, an increase in frequency causes a decrease in the magnitude of the output volt- 
age because X, becomes greater and more of the total voltage is dropped across the induc- 
tor and less across the resistor. 
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RL Lead Circuit 


The RL lead circuit is a phase shift circuit in which the output voltage leads the input volt- 
age by a specified angle, p. A basic series RL lead circuit is shown in Figure 12—19(a). 
Notice how this circuit differs from the lag circuit. Here the output voltage is taken across 
the inductor rather than across the resistor. The relationship of the voltages is shown in the 
phasor diagram of Figure 12—19(b) and in the waveform plot of Figure 12—19(c). Notice that 
the output voltage, Vou» leads V;, by an angle (phase lead) that is the difference between 90° 
and the circuit phase angle 0. 


Vi (Vout) Vin 


Vai L Vow phase lead 


= Vr 
(a) A basic RL lead circuit (b) Phasor voltage diagram (c) Input and output voltage 
showing Vou leading V;,, waveforms 


FIGURE 12-19 The RL lead circuit (Voy = VL)- 


Since 0 = tan U(X, /R), the phase lead, p, can be expressed as 


$ = 90° — can (22) (12-7) 


d= Te 


Again, the phase-lead circuit can be considered as a voltage divider with the voltage 
across L being the output. The expression for the output voltage is 


x 
Vout = — Ja (12-8) 
VR + X2 


Equivalently, 


EXAMPLE 12-7 


Determine the amount of phase lead and output voltage in the lead circuit in 
Figure 12-20. 


FIGURE 12-20 


SOLUTION 
First, determine the inductive reactance. 


X; = 2fL = 27(100 kHz)(500 uH) = 314 Q 
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The phase lead is 
= 90° -t (2) 90° — t ¡e 2) 65.2° 
— — tan | —]= — tan | z | = 65. 
R 680 Q 

The output leads the input by 65.2”. 

The output voltage is 

X 3140 MULTISIM 
Vou = ( = Win = ( )sv =21v =. 
VR? + xX? (680 0)? + 314.9) As 
Open Multisim file E12-07. 

RELATED PROBLEM Measure the output voltage and 
In a certain lead circuit, R = 2.2 kO and X; = 1KO. What is the phase lead? r Can 


EFFECTS OF FREQUENCY ON THE LEAD CIRCUIT Since the circuit 
phase angle, 0, increases as frequency increases, the phase lead between the input and the 
output voltages decreases. Also, the amplitude of the output voltage increases as the fre- 
quency increases because X, becomes greater and more of the total input voltage 1s 
dropped across the inductor. 


SECTION 12-3 CHECKUP 


1. In a certain series RL circuit, Vp = 2 V and V; = 3 V. What 4. A certain RL lead circuit consists of a 3.3 kQ resistor and a 
1s the magnitude of the total voltage? 15 mH inductor. Determine the phase lead between input and 


tput ata fi f 5 kHz. 
2. In Question 1, what is the phase angle? Output at a Irequency o Z 


5. An RL lag circuit has the same component values as the lead 
circuit in Question 4. What is the magnitude of the output 
voltage at 5 kHz when the input is 10 V rms? 


3. When the frequency of the source voltage in a series RL circuit 
is increased, what happens to the inductive reactance? What 
happens to the impedance? What happens to the phase angle? 


12-4 IMPEDANCE AND PHASE ANGLE 
OF PARALLEL RL CIRCUITS 


In this section, you will learn how to determine the impedance and phase angle of a parallel RL 
circuit. Also, inductive susceptance and admittance of a parallel RL circuit are introduced. 


After completing this section, you should be able to 


e Determine impedance and phase angle in a parallel RL circuit 
e Express total impedance in a product-over-sum form 
e Express the phase angle in terms of R and Xz 
e Determine inductive susceptance and admittance 
e Convert admittance to impedance 


A basic parallel RL circuit is shown in Figure 12—21. The expression for the imped- 
ance, using the product-over-sum rule, is 


RX; 


Jeme 
VR + x2 


(12-9) 
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The phase angle between the source voltage and the total current can be expressed in 
terms of R and Xz as 


R 
0 = tan (E) (12-10) 
L 


FIGURE 12-21 Parallel RL 
circuit. 


EXAMPLE 12-8 


For each circuit in Figure 12-22, determine the impedance and the phase angle. 


Y, R a Y, a R 
30V 100 0 500 30V 2.0k0, 1.0 kQ 


(a) (b) 


FIGURE 12-22 


SOLUTION 
For the circuit in Figure 12-22(a), the impedance and phase angle are 


RX; E (100 0)650 2) 


Z= — = 44.7 Q 
VR? + X V(100 0? + (50 9) 
R 100 0 
— tayo — anl _ o 
=t —]=t ——— | = 63,4 
0 an ( 3 an ( 50 63 
For the circuit in Figure 12—22(b), 
1.0 k0)(2.0 kQ 
l X ) 94 Q 


EV (1.0k0) + (2.0 kQ}? 7 


0 = ant) = 26.67 
2.0k0 


The voltage leads the current, compared to the parallel RC case where the 
voltage lags the current. 
RELATED PROBLEM 
In a parallel RL circuit R = 10 KQO and X; = 14k0. Find Z and 0. 


Conductance, Susceptance, and Admittance 


As you know from Section 10-4, conductance (G) is the reciprocal of resistance, sus- 
ceptance (B) is the reciprocal of reactance, and admittance (Y) is the reciprocal of 
impedance. 
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For parallel RL circuits, conductance (G) is expressed as 


1 
G = — 12-11 
ñ (12-11) 
Inductive susceptance (Bz) is expressed as 
Br = E (12-12) 
= X, 
Admittance (Y) is expressed as 
y = 2 (12-13) 
Z 


As with the RC circuit, the unit for G, Bz, and Y is the siemens (S). 
In the basic parallel RL circuit shown in Figure 12-23(a), the total admittance is the 
phasor sum of the conductance and the inductive susceptance, as shown in part (b). 


Yior = VG? + B? (12-14) 
Y = VG +B? FIGURE 12-23 Admittance 


in a parallel RL circuit. 


(a) (b) 


EXAMPLE 12-9 


Determine the total admittance for the circuit in Figure 12-24; then convert it to 
impedance. 


FIGURE 12-24 


SOLUTION 
To determine Y, first calculate the values for G and B,. Since R = 330 O, 
G = e 3.03 mS 
OR 3090 7 


The inductive reactance is 
Xr = 2mfL = 27015 kHz)(15 mH) = 141 KO 
The inductive susceptance 1s 


1 
B; = > 


= ——— = 0.707 mS 
mo e 
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Therefore, the total admittance 1s 
Yio = VG? + B = V(3.03 mS)? + (0.707 mS)? = 3.11 mS 


Convert to impedance. 


1 1 
Yo, 3.11 mS 


Z = = 321 Q 


RELATED PROBLEM 
What is the total admittance of the circuit in Figure 12-24 if f is decreased to 5 kHz? 


SECTION 12-4 CHECKUP 


1. If Y = 50 mS, what is the value of Z? 3. In the circuit of Question 2, does the total current lead or lag 


l the $ lt d by what phas le? 
2. In a certain parallel RL circuit, R = 470 Q and X; = 750 Q. A A A a aca a 


Determine the admittance. 


12-5 ANALYSIS OF PARALLEL RL CIRCUITS 


Ohm’s law and Kirchhoff’s current law are used in the analysis of parallel RL circuits. Cur- 
rent and voltage relationships in a parallel RL circuit are examined. 


After completing this section, you should be able to 


e Analyze a parallel RL circuit 
e Apply Ohm’s law and Kirchhoff’s current law to parallel RL circuits 


e Determine total current and phase angle 


The following example applies Ohm's law to the analysis of a parallel RL circuit. 


EXAMPLE 12-10 


Determine the total current and the phase angle in the circuit of Figure 12-25. 


FIGURE 12-25 


SOLUTION 
First, determine the total admittance. The inductive reactance is 


X, = 2fL = 27115 kHz)(15 mH) = 141k0 
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The conductance is 


1 1 
C= 2 =4 S 
R 229 > 
The inductive susceptance is 
B; = ap : = 709 us 
L=% iako F 


Therefore, the total admittance is 
Yor = VG? + B? = V(455 pS) + (709 uS} = 842 pS 
Next, use Ohm’s law to calculate the total current. 


Lo; = VY; = (10 V)(842 uS) = 8.42 mA 


The phase angle is 


[R | ( 22k0 i 
0 = tan (2) = tan (43 = 57.3 MULTISIM 


The total current is 8.42 mA, and it lags the source voltage by 57.3". 3 = 

Open Multisim file E12-10. 
Measure the total current and 
each branch current. Change 


RELATED PROBLEM 


Determine the total current and the phase angle if the frequency is reduced to 
8.0 kHz in Figure 12-25 the frequency to 8.0 kHz and 


measure lot- 


Phase Relationships of the Currents 
and Voltages 


Figure 12—26(a) shows all the currents and voltages in a basic parallel RL circuit. As you 
can see, the source voltage, V,, appears across both the resistive and the inductive branches, 
so V,, Vp, and V, are all in phase and of the same magnitude. The total current, Zn divides 
at the junction into the two branch currents, Jp and /,. The current and voltage phasor dia- 
gram is shown in Figure 12—26(b). 


Vs, Vr VL 


I tot 


FIGURE 12-26 Currents and voltages in a parallel RL circuit. The current directions 
shown in part (a) are instantaneous and, of course, reverse when the source voltage 
reverses during each cycle. 


The current through the resistor is in phase with the voltage. The current through the 
inductor lags the voltage and the resistor current by 90°. By Kirchhoff’ s current law, the 
total current is the phasor sum of the two branch currents. The total current is expressed as 


le~" VRIR (12-15) 


The phase angle between the resistor current and the total current is 


I 
0 = an= 74) (12-16) 
R 
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EXAMPLE 12-11 
For the circuit in Figure 12-25, draw the current phasor diagram to show the 
phase relationships between the currents and the source voltage. 
SOLUTION 


The conductance, susceptance, admittance, total current, and phase angle were 
calculated in Example 12-10. 


G = 455 uS 
By, = 709 uS 
Yor — 842 uS 
Lot = 8.42 mA 

0 = 57.3° 


The branch currents are 
Ip = GV = (455 wS)(10 V) = 4.55 mA (in phase with V,) 
Ir = BV = (709 wS)(10 V) = 7.09 mA (lags V, by 90°) 


The current phasor diagram is shown in Figure 12—27. The blue phasor 
represents the voltage in the circuit. 


FIGURE 12-27 Ip= 4.55 mA 
V., Ve, Vz 


I, .=842 mA 
I, = 7.09 mA roi 


RELATED PROBLEM 


Find /,,, for the circuit in Figure 12-25 if a second 15 mH inductor is in parallel 
with the first one. 


SECTION 12-5 CHECKUP 


1. The admittance of a parallel RL circuit is 4 mS, and the source 3. What is the phase angle between the inductor current and the 
voltage is 8 V. What is the total current? source voltage in a parallel RL circuit? 


2. In a certain parallel RL circuit, the resistor current is 12 mA, 
and the inductor current is 20 mA. Determine the phase angle 
and the total current. 
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12-6 ANALYSIS OF SERIES-PARALLEL 
RL CIRCUITS 


The concepts studied in the previous sections are used to analyze circuits with combinations of 
both series and parallel R and L components. 


After completing this section, you should be able to 


e Analyze series-parallel RL circuits 
e Determine total impedance and phase angle 


e Calculate currents and voltages 


The following two examples illustrate the procedures used to analyze a series-parallel 
reactive circuit. 


EXAMPLE 12-12 


In the series-parallel RL circuit of Figure 12-28, determine the values of the 


following: 
(a) Zior (b) I tot (c) 0 
Zi 
Vs 
10 V 
f =250 kHz 


FIGURE 12-28 


SOLUTION 


(a) First, calculate the magnitudes of the inductive reactances. 


X11 = 2fL, = 21r(250 kHz)(5.0 mH) = 7.85 kO 
X19 = 21fL, = 21r(250 kHz)(2.0 mH) = 3.14 kQ 


One approach is to find the series equivalent resistance and inductive reac- 
tance for the parallel portion of the circuit; then add the resistances (Ry + Reg) to 
get the total resistance and add the reactances (X71 + Xz(eq)) to get the total reac- 
tance. From these totals, you can determine the total impedance. 

Determine the impedance of the parallel portion (Z2) as follows: 


1 1 
G) = — = = 303 uS 
2 R, 3.3k0 E 
A eee 
a DO a 


Y, = VG + B? = V(303 uS) + (318 uS)? = 439 pS 
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Then 


1 
Zn = —= 
2 Y,  439u8 


= 2.28 kQ 


The phase angle associated with the parallel portion of the circuit is 


Ry 3.3kO 
6,=tan'|——]=t (Zan) = 46.4° 
— Es 2 3.14k0 
The series equivalent values for the parallel portion are found by breaking the 


impedance into an equivalent resistance in series with an equivalent inductive 
reactance as follows: 


Reg = Zacos 6, = (2.28 kO)cos(46.4°) = 1.57k0 
Xt(eq) = Zosin 0, = (2.28 k0)sin(46.4%) = 1.65 kQ 
The total circuit resistance is 
Rigg = Ry + Reg = 47KO + 157k0 = 6.27k0 
The total circuit reactance is 
Xuto = Xu + Xreq) = 7.85k0 + 1.65k0 = 9.50 kQ 


The total circuit impedance is 


Zin = VRZ: + Xon = V627KOY + (9.50k0) = 114k 
(b) Use Ohm’s law to find the total current. 


A IA 
ot Zz, 1114ko OF 


(c) To find the phase angle, view the circuit as a series combination of R,,, and 
Xz(tot): Lhe phase angle by which Zw lags V, is 


_, ( XALítot) {950k o 
MULTISIM 0 = tan (E) = tan (A) = 56.6 


x k 


Open Multisim file E12-12. 
Measure the current through (a) Determine the voltage across the series part of the circuit in Figure 12-28. 


each component. Measure the 
voltage across Z4 and Z2. 


RELATED PROBLEM 


(b) Determine the voltage across the parallel part of the circuit. 


EXAMPLE 12-13 


Determine the voltage across each component in Figure 12-29. Draw a current and voltage phasor diagram. 


FIGURE 12-29 
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SOLUTION 

First, calculate Xz; and Xy». 
Xr = 21fL; = 27(2 MHz)(50 uH) = 628 O 
Xr = 21fL, = 27(2 MHz)(100 uH) = 1.26k0 


Now, determine the impedance of each branch. 


Zi = VR + X = V830 0) + (628 (1? = 709 0 
Z = VR + X = V0.0kO)? + (126k0? = 1.61 kQ 


Calculate each branch current. 


V, 10V 
has = 14.1 mA 
Z, 7090 
I Ys a 6.21 mA 
== == — . m 
2 Z% 161kO 


Now, use Ohm's law to find the voltage across each component. 
Ve = LR; = (14.1 mA)(330 O) = 4.65 V 
Vi = Xp = (14.1 mA)(628 O) = 8.85 V 
Ve = hR, = (6.21 mA)(1.0 kQ) = 6.21 V 
Vio = bXi, = (6.21 mA)(1.26 kO) = 7.82 V 


Now determine the values of the angles associated with each branch current. 


X 628 Q 

aan ee We eel = o 
t t 2. 

01 an ( an € 62.3 


X 1.26 kÈ 

—1 L2 — =] a o 
t —— ]=t — 1 = Sl. 
li R, ) = ( 1.0 kO g 6 


Thus, /; lags V, by 62.3°, and Jy lags V, by 51.6°, as indicated in Figure 12-30(a). 


0, 


V,=10V 


6.21 V 


(a) (b) 
FIGURE 12-30 


MULTISIM 


AS 


A /, 


Open Multisim file E1 2-13. 
Measure the voltage across 
e Vp, is in phase with J, and therefore lags V, by 62.3°. each component and compare 


e Vr; leads I, by 90°, so its angle is 90° — 62.3% = 27.7". to the calculated values. 


The phase relationships of the voltages are determined as follows: 
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e Vp is in phase with J, and therefore lags V, by 51.6". 
e V7» leads I, by 90°, so its angle is 90° — 51.6° = 38.4”. 


These phase relationships are shown in Figure 12—30(b). 


RELATED PROBLEM 


What effect does an increase in frequency have on the total current in Figure 12—30? 


SECTION 12-6 CHECKUP 


1. Determine the total current for the circuit in Figure 12-29. 2. What is the total impedance of the circuit in Figure 12-29? 
Hint: Find the sum of the horizontal components of J, and J 
and the sum of the vertical components of J; and 1). Then 
apply the Pythagorean theorem to get Lor. 


12-7 POWER IN RE CIRCUITS 


In a purely resistive ac circuit, all of the energy delivered by the source is dissipated in the form 
of heat by the resistance. In a purely inductive ac circuit, all of the energy delivered by the 
source is stored by the inductor in its magnetic field during a portion of the voltage cycle and 
then returned to the source during another portion of the cycle so that there is no net energy 
conversion to heat. When there is both resistance and inductance, some of the energy is alter- 
nately stored and returned by the inductance and some is dissipated by the resistance. The 
amount of energy converted to heat is determined by the relative values of the resistance and 
the inductive reactance. 


After completing this section, you should be able to 


e Determine power in RL circuits 
e Explain true and reactive power 
e Draw the power triangle 
¢ Define power factor 
+ Explain power factor correction 


When the resistance in a series RL circuit is greater than the inductive reactance, 
more of the total energy delivered by the source is dissipated by the resistance than is 
stored and returned by the inductor. When the reactance is greater than the resistance, 
more of the total energy 1s stored and returned than is converted to heat. 

As you know, the power dissipated in a resistor is called the true power. The power 
in an inductor is reactive power and is expressed as 


PETTA (12-17) 


The generalized power triangle for a series RL circuit is shown in Figure 12-31. The 
apparent power, P,, is the resultant of the true power, Prue, and the reactive power, P,. 
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FIGURE 12-31 Generalized 
power triangle for an RL 
circuit. 


P, (reactive) 


E truc 


EXAMPLE 12-14 


Determine the power factor, the true power, the reactive power, and the apparent 
power in Figure 12-32. 


R X, 


1.0 kQ 2.0 KQ 


Vs 
10 V 


FIGURE 12-32 


SOLUTION 
The impedance of the circuit is 


Z= VR + X = V(d1.0k0? + Q0k0y? = 2.24k0 


The current is 


y Ya 10 V 
= Z 224kO 


= 4.46 mA 
The phase angle is 


X 2.0k0 
_ -1 L \ — =| _ o 
= ES = 63.4 
0 an an E 63 


Power factor was defined in Equation 10-28. The power factor is 


PF = cos = cos (63.4°) = 0.448 


The true power is 
Pine = V cos 0 = (10 V)(4.46 mA)(0.448) = 20 mW 
The reactive power is 
P, = PX, = (4.46 mA)*°(2.0kQ) = 39.8 mVAR 
The apparent power is 


P, = PZ = (446 mA)?(2.24 kQ) = 44.6 mVA 


RELATED PROBLEM 


If the frequency in Figure 12-32 is increased, what happens to Prue, P,, and Pa? 
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Significance of the Power Factor 


Recall that the power factor equals the cosine of 0 (PF = cos 0). As the phase angle 
between the source voltage and the total current increases, the power factor decreases, 
indicating an increasingly reactive circuit. A smaller power factor indicates less true power 
and more reactive power. The power factor of inductive loads 1s called a lagging power 
factor because the current lags the source voltage. 

As you learned in Chapter 10, the power factor (PF) is important in determining how 
much useful power (true power) is transferred to a load. The highest power factor is 1, which 
indicates that all of the current to a load is in phase with the voltage (resistive). When the 
power factor is 0, all of the current to a load is 90° out of phase with the voltage (reactive). 


Motor Phase Shift 


Large ac induction motors in industry can have a cur- 
rent that is five or six times the maximum rated cur- 
rent for a brief time. The starting impedance is purely 
inductive, meaning that while starting, the current 
lags the terminal voltage by 90° and the power factor 
is high. When the motor is up to speed, the current 


drops off to its rated current (or less), and the load 
looks much more resistive; thus, the phase shift and 
the power factor are reduced. Most large induction 
motors use a motor starter that inserts current-limiting 
resistors in series during startup to reduce the very 
high starting currents. 


Generally, a power factor as close to 1 as possible is desirable because most of the 
power transferred from the source to the load is useful or true power. True power goes only 
one way—from source to load—and performs work on the load in terms of energy dissipa- 
tion. Reactive power simply goes back and forth between the source and the load with no 
net work being done. Energy must be used in order for work to be done. 

Many practical loads have inductance as a result of their particular function, and it is 
essential for their proper operation. Examples are transformers, electric motors, and speak- 
ers, to name a few. Therefore, inductive (and capacitive) loads are important considerations. 

To see the effect of the power factor on system requirements, refer to Figure 12-33. 
This figure shows a representation of a typical inductive load consisting effectively of 


Total current 


(a) A lower power factor means more total current for a given (b) A higher power factor means less total current for a given 
power dissipation (watts). A larger source is required to power dissipation. A smaller source can deliver the same true 
deliver the true power (watts). power (watts). 


FIGURE 12-33 Illustration of the effect of the power factor on system requirements such as 
source rating (VA) and conductor size. Although the loads are different, they dissipate the same 
true power. 
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inductance and resistance in parallel. Part (a) shows a load with a relatively low power fac- 
tor (0.75), and part (b) shows a load with a relatively high power factor (0.95). Although 
both loads, as indicated by the wattmeters, dissipate the same amount of true power, the 
low power factor load in Figure 12—33(a) draws more current from the source than does 
the high power factor load in Figure 12—33(b), as indicated by the ammeters. Therefore, 
the source in part (a) must have a higher VA rating than the one in part (b). Also, the lines 
connecting the source to the load must be a larger wire gauge than those in part (b), a con- 
dition that becomes significant when very long transmission lines are required, such as in 
power distribution. 

Figure 12-33 has demonstrated that a higher power factor is an advantage in deliver- 
ing power more efficiently to a load. Also, because the electric company charges for appar- 
ent power, it is less expensive to have a high power factor. 


POWER FACTOR CORRECTION The power factor of an inductive load can be 
increased by the addition of a capacitor in parallel, as shown in Figure 12—34. The capaci- 
tor compensates for the phase lag of the total current by creating a capacitive component of 
current that is 180° out of phase with the inductive component. This has a canceling effect 
and reduces the phase angle and the total current, as illustrated in the figure. This causes 
the power factor to increase. 


Small 
resultant | C 
Ip reactive | 
0 current | 
| I tol 
I | 
L I tot | 
Y Ic<I; 
(a) Total current is the resultant of /p and /;. (b) /¿ subtracts from /,, leaving only a small reactive current, thus decreasing 


l,» and the phase angle. 


FIGURE 12-34 Example of how the power factor can be increased by the addition of a 
compensating capacitor (C,). As O decreases, PF increases. 


In industrial environments, three-phase motors, arc welders, and similar loads are 
common and tend to look like inductive loads, which cause the current to lag behind the 
voltage in each phase. The generalized power triangle, shown in Figure 12-31, can be 
applied to three-phase circuits by considering each phase as having true power and appar- 
ent power components. Ideally, the current waveform must track the voltage waveform for 
each phase (implying PF = 1), and the power drawn from each phase must be the same 
(this is referred to a load balancing.) With a balanced load, the capacitor-correction method 
can be used by connecting a compensating capacitor across each line, as was shown for the 
single-phase case. 

In some cases, the load on each phase is unbalanced; different loads may cause dis- 
tortion of the current waveform. Distortion is caused by nonlinear loads such as switched- 
mode power supplies. Loads that are intermittently on (such as arc welders) can also 
change the required power factor correction. These cases require more complicated solu- 
tions than just a compensating capacitor in each line; active circuits are available that can 
vary the phase angle. 


SECTION 12-7 CHECKUP 


1. To which component in an RL circuit is the power dissipation 3. A certain series RL circuit consists of a 470 Q resistor and an 
due? inductive reactance of 620 O at the operating frequency. 


Determine Paue, P,, and P, when Z = 100 mA. 
2. Calculate the power factor when 0 = 50°. See ne a ee ee ere m 
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Like RC circuits, series RL circuits also exhibit a frequency-selective characteristic. An appli- 
cation of RL circuits is a basic frequency selective (filter) circuit. 


After completing this section, you should be able to 


e Discuss how the RL circuit operates as a filter 


Low-Pass Characteristic 


You have seen what happens to the phase angle and the output voltage in a series RC lag 
circuit. In terms of the filtering action of the series RL circuit, the variation in the magni- 
tude of the output voltage as a function of frequency is important. 

Figure 12-35 shows the filtering action of a series RL circuit using a specific series of 
measurements in which the frequency starts at 100 Hz and is increased in increments up to 
20 kHz. At each value of frequency, the output voltage is measured. As you can see, the 
inductive reactance increases as frequency increases, thus causing less voltage to be 
dropped across the resistor while the input voltage is held at a constant, 10 Y throughout 
each step. The frequency response curve for these particular values would appear similar 
to the response curve in Figure 10-47 for the low-pass RC circuit. 


Frequency 
counter 


(c) f= 10 kHz, X; = 6.28 KQ, V,,, = 1.57 V (d) f= 20 kHz, X; = 12.6 KQ, V 


out 


=791 mV 


FIGURE 12-35 Example of low-pass filtering action. Winding resistance has been neglected. As 
the input frequency increases, the output voltage decreases. 


High-Pass Characteristic 


To illustrate RL high-pass filtering action, Figure 12—36 shows a series of specific measure- 
ments. The frequency starts at 10 Hz and is increased in increments up to 10 kHz. As you 
can see, the inductive reactance increases as the frequency increases, thus causing more 
voltage to be dropped across the inductor. Again, when the values are plotted, the response 
curve is similar to the one for the high-pass RC circuit that was shown in Figure 10-49. 
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Frequency 
counter 


(a) f=10Hz, X, =6.28 Q, V = 627 mV 


out — 62.8 mV (b) f= 100 Hz, Xz = 62.8 O, Vani 


( E] 


100 mH 
X, =6.28k0 


(e) f=1 kHz, X, =628 Q, V 


out 


=5.32 V (d) f= 10 kHz, X, = 6.28 KQ, V 


out 


=9.88 V 


FIGURE 12-36 Example of high-pass filtering action. Winding resistance has been neglected. 
As the input frequency increases, the output voltage increases. 


The Cutoff Frequency of an RL Filter 


The frequency at which the inductive reactance equals the resistance in a low-pass or high- 
pass RL filter is called the cutoff frequency and is designated f.. This condition is 
expressed as 27f.L = R. Solving for f, results in the following formula: 


R 
= — 12-1 
f=>73 (12-18) 


As with the RC filter, the output voltage is 70.7% of its maximum value at f.. In a high- 
pass circuit, all frequencies above f, are considered to be passed and all those below f, are 
considered to be rejected. The reverse, of course, is true for a low-pass circuit. Bandwidth, 
defined in Chapter 10, applies to both RC and RL series circuits. 


EXAMPLE 12-15 


Calculate the cutoff frequency for the filters in Figure 12-37. Which is a high- 
pass filter and which is a low-pass filter? 


(a) (b) 
FIGURE 12-37 
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SOLUTION 
For Figure 12-32(a), the cutoff frequency is 
R 1.0kO 


= = = 3.98 MH 
fe 27L  21(40u4H) í 
This is a high-pass filter. 
For Figure 12-32(b), the cutoff frequency is 
R 680 Q 
fe = = 492 kHz 


mL (220 uH) 


This is a low-pass filter. 


RELATED PROBLEM 


Assume you want to change the cutoff frequency of the high-pass filter to 10 MHz 
by changing the resistor. What value of resistance would you specify? 


EMI FILTERS 


An important application for inductors is for filters that select certain frequencies and 
reject others. A pervasive problem facing electronic engineers is the conducted or radiated 
interference called electromagnetic interference (EMI) that can create problems in other 
circuits and systems. In many systems, power supply inputs will contain an electromag- 
netic interference (EMI) input filter to limit potential interference from other circuits that 
are common to the supply through conduction. 

The design of EMI filters starts by characterizing the problem, including the har- 
monic content of the interference, the type of noise, and the path (conductive or radiated). 
The interference can be any frequency but is typically in the radio frequency domain. The 
design of EMI filters can be quite complicated, depending on the sensitivity of the circuit 
being protected and the particular interference. Computers are often used as a design aid. 

Figure 12-38 shows an actual EMI circuit that was designed for a dc-to-dc converter. 
Other EMI filters may look entirely different than this one but still have the goal of reducing 
interference. 


ii 


FIGURE 12-38 An EMI r alt 3 
filter. | 00 ¢ NOt 


Output 


DC/DC converter 


While the design of an EMI filter is beyond the scope of this course, it illustrates the 
application of inductors in complex filters. The filters in this section of text are basic RL 
filters, which are simplified frequency-selective circuits compared to the complicated EMI 
filter in this system example. An example of a basic filter (but not strictly RL or RC) is 
given in Figure 12-39, which represents a cross-over network to route high frequencies to 
one speaker (the tweeter”) and low frequencies to the other (the “*woofer”). The speakers 
themselves are complex impedances, but an inductor will pass the low frequencies on to 
the woofer while attenuating the high frequencies, and a capacitor will pass the high fre- 
quencies on to the tweeter while attenuating the low frequencies. 
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FIGURE 12-39 A cross-over 
Tweeter network. 
) (High frequencies) 


Woofer 
(Low frequencies) 


SECTION 12-8 CHECKUP 


1. To achieve a low-pass characteristic with a series RL circuit, 3. What is the purpose of an EMI filter? 
across which component is the output taken? 


2. What is EMI? 


MOE AADI ND O LI EETA O E i O O a r FF 


12-9 TROUBLESHOOTING 


Typical component failures have an effect on the frequency response of basic RL circuits. 
After completing this section, you should be able to 


e Troubleshoot RL circuits 


e Find an open inductor 
e Find an open resistor 
e Find an open in a parallel circuit 


EFFECT OF AN OPEN INDUCTOR The most common failure mode for induc- 
tors occurs when the winding opens as a result of excessive current or a mechanical con- 
tact failure. For this reason, inductors are often encapsulated; this helps avoid breaking 
connections. It is easy to see how an open coil affects the operation of a basic series RL 
circuit, as shown in Figure 12-40. Obviously, there is no path for current, so the resistor 
voltage is zero and the total source voltage appears across the open inductor. 


FIGURE 12-4() Effect of an open coil. 
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EFFECT OF AN OPEN RESISTOR When the resistor is open, there is no current, 
and the inductor voltage is zero. The total input voltage appears across the open resistor, as 
shown in Figure 1241. 


FIGURE 12-41 Effect of an 
open resistor. 


OPEN COMPONENTS IN PARALLEL CIRCUITS Ina parallel RL circuit, an 
open resistor or inductor will cause the total current to decrease because the total imped- 
ance will increase. Obviously, the branch with the open component will have zero current. 
Figure 12—42 illustrates these conditions. 


(a) Before failure (b) After L opens 


FIGURE 12-42 Effect of an open component in a parallel circuit with V, constant. 


EFFECT OF AN INDUCTOR WITH SHORTED WINDINGS Although a 
rare occurrence, it is possible for some of the windings of coils to short together as a result 
of damaged insulation. This failure mode is much less likely than the open coil. A suffi- 
cient number of shorted windings may result in a reduction in inductance because the 
inductance of a coil is proportional to the square of the number of turns. 


Other Troubleshooting Considerations 


The failure of a circuit to work properly is not always the result of a faulty component. A 
loose wire, a bad contact, or a poor solder joint can cause an open circuit. A short can be 
caused by a wire clipping or solder splash. Wrong values in a circuit (such as an incorrect 
resistor value), the function generator set at the wrong frequency, or the wrong output con- 
nected to the circuit can cause improper operation. 

Always check to make sure that the instruments are properly connected to the circuits 
and to a power outlet. Also, look for obvious things such as a broken or loose contact, a 
connector that is not completely plugged in, or a piece of wire or a solder bridge that could 
be shorting something out. 
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SECTION 12-9 CHECKUP 


1. Why are inductors frequently encapsulated? R] 


2. Describe the effect of an inductor with shorted windings on 
the response of a series RL circuit. 


3. In the circuit of Figure 12-43, indicate whether Lot Vp}, and 
Vra increase or decrease as a result of L opening. 


FIGURE 12-43 


SUMMARY 


e When a sinusoidal voltage is applied to an RL circuit, the current and all the voltage drops are also 
sine waves. 


e Total current in an RL circuit always lags the source voltage. 

e The resistor voltage is always in phase with the current. 

e In an ideal inductor, the voltage always leads the current by 90°. 

e In an RL lag circuit, the output voltage lags the input voltage in phase. 

e In an RL lead circuit, the output voltage leads the input voltage in phase. 


e Inan RL circuit, the impedance is determined by both the resistance and the inductive reactance 
combined. 


e Impedance is expressed in units of ohms. 
e The impedance of an RL circuit varies directly with frequency. 
e The phase angle (0) of a series RL circuit varies directly with frequency. 


e You can determine the impedance of a circuit by measuring the source voltage and the total cur- 
rent and then applying Ohm’s law. 


e Inan RL circuit, part of the power is resistive and part reactive. 


e The phasor combination of resistive power (true power) and reactive power is called apparent 
power. 


e The power factor indicates how much of the apparent power is true power. 


e A power factor of 1 indicates a purely resistive circuit, and a power factor of 0 indicates a purely 
reactive circuit. 


e Ina circuit that exhibits frequency selectivity, certain frequencies are passed to the output while 
others are rejected. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 
Inductive susceptance (Bz) The reciprocal of inductive reactance. The unit is the siemens. 


RL lag circuit A phase shift circuit in which the output voltage, taken across the resistor, lags the 
input voltage by a specified angle. 


RL lead circuit A phase shift circuit in which the output voltage, taken across the inductor, leads 
the input voltage by a specified angle. 


KEY FORMULAS 


12-1 Z= VR? + x} Series RL impedance 


X 
12-2 0 = tan (3) Series RL phase angle 
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12-3 Y= V Vi, + vi Total voltage in a series RL circuit 
—1 Vi : 
12-4 0 = tan | — Series RL phase angle 
Vr 
=1 XL ; 
12-5 þ = tan R Phase angle of an RL lag circuit 
R a 
12-6 Von = (3 Ja Output voltage of lag circuit 
VR + X% 
o —-1 XL ‘ : 
12-7 þ = 90° — tan Rr Phase angle of an RL lead circuit 
XL ak 
12-8 Vout = === Win Output voltage of an RL lead circuit 
VR? + xX? 
RX, l 
12-9 Z = === Parallel RL impedance 
VR? + Xi 
if R 
12-10 0 = tan “| — Parallel RL phase angle 
L 
1 
12-11 G = R Conductance 
1 l 
12-12 B; == Inductive susceptance 
XL 
1 . 
12-13 Y = 7 Admittance 
12-14 Yot = VG? + B2 Total admittance 
12-15 Lot = VR + E Total current in parallel RL circuit 
—1 I, 
12-16 0 = tan T. Parallel RL phase angle 
R 
12-17 P= TX; Reactive power 
R 
12-18 fe == Cutoff frequency of RL filter 
277L 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. Inan ac circuit where R = Xz, the phase angle is 45°. 


2. Inan ac series RL circuit where 3.0 V is dropped across the resistor and 4.0 V is dropped across 
the inductor, it follows that the source voltage is 5.0 V. 


3. Inan ac series RL circuit, the current and voltage are in phase for the inductor. 
4. Inanac parallel RL circuit, the inductive susceptance is always less than the admittance. 


5. In an ac parallel RL circuit, the voltage across the inductor is out of phase with the voltage 
across the resistor. 


The unit siemens is used to measure both susceptance and admittance. 
The reciprocal of impedance is susceptance. 


If the power factor of a circuit is 0.5, the reactive power and true power are equal. 


= | A 


A purely resistive circuit has a power factor of 0. 


10. A high-pass series RL filter has the output taken from across the resistor. 
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SELF-TEST 


Answers are at the end of the chapter. 


1. Ina series RL circuit, the resistor voltage 


(a) leads the source voltage (b) lags the source voltage 
(e) is in phase with the source voltage (d) is in phase with the current 
(e) answers (a) and (d) (f) answers (b) and (d) 


2. When the frequency of the voltage applied to a series RL circuit is increased, the impedance 
(a) decreases (b) increases (e) does not change 


3. When the frequency of the voltage applied to a series RL circuit is decreased, the phase angle 
(a) decreases (b) increases (e) does not change 


4. If the frequency is doubled and the resistance is halved, the impedance of a series RL circuit 


(a) doubles (b) halves 
(c) remains constant (d) cannot be determined without values 


5. To reduce the current in a series RL circuit, the frequency should be 


(a) increased (b) decreased (e) constant 


6. Ina series RL circuit, 10 V rms is measured across the resistor, and 10 V rms is measured across 
the inductor. The peak value of the source voltage is 


(a) 1414 V (b) 28.28 V 
(e) 10 V (d) 20 V 


7. The voltages in Question 6 are measured at a certain frequency. To make the resistor voltage 
greater than the inductor voltage, the frequency is 


(a) increased (b) decreased 
(c) doubled (d) not a factor 


8. When the resistor voltage in a series RL circuit becomes greater than the inductor voltage, the 
phase angle 


(a) increases (b) decreases (e) is not affected 


9. When the frequency is increased, the impedance of a parallel RL circuit 
(a) increases (b) decreases (c) remains constant 


10. In a parallel RL circuit, there are 2 A rms in the resistive branch and 2 A rms in the inductive 
branch. The total rms current is 


(a) 4A  (b) 5656A (© 2A (d) 2.828 A 


11. You are observing two voltage waveforms on an oscilloscope. The time base (sec/div) of the 
scope is set to 10 us. One half-cycle of the waveforms covers the ten horizontal divisions. The 
positive-going zero crossing of one waveform is at the leftmost division, and the positive-going 
zero crossing of the other is three divisions to the right. The phase angle between these two 
waveforms is 


(a) 18° (b) 36% (© 54 (d) 180° 


12. Which of the following power factors results in the least energy conversion to heat in an RL 
circuit? 
(a) 1 (b) 0.9 (e) 0.5 (d) 0.1 


13. Ifaload is purely inductive and the reactive power is 10 VAR, the apparent power is 
(a) OVA (b) 10 VA 
(c) 14.14 VA (d) 3.16 VA 


14. For a certain load, the true power is 10 W and the reactive power is 10 VAR. The apparent 
power 1s 
(a) SVA (b) 20 VA 
(ec) 14.14 VA (d) 100 VA 


15. The cutoff frequency of a certain low-pass RL filter is 20 kHz. The bandwidth is 


(a) 20kHz (b) 40 kHz 
(e) 0 kHz (d) unknown 
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TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


The purpose of these exercises is to help develop thought processes essential to troubleshooting. 
Answers are at the end of the chapter. 


| 
| 
Se 


Determine the cause for each set of symptoms. Refer to Figure 12-44. 


EEN 


FIGURE 12-44 The ac meters indicate the correct readings for this circuit. 


1. Symptom: The ammeter reading is 15.9 mA, and the voltmeter 1 and voltmeter 2 readings are 
zero. 
Cause: 
(a) Ly, is open. 
(b) L, is open. 
(e) R, is shorted. 
2. Symptom: The ammeter reading is 8.47 mA, the voltmeter | reading is 8.47 V, and the voltmeter 
2 reading is 0 V. 
Cause: 
(a) L is open. 
(b) R is open. 
(e) R is shorted. 


3. Symptom: The ammeter reading is slightly less than 20 mA, and both voltmeter readings are 
slightly less than 10 V. 
Cause: 
(a) Lı is shorted. 
(b) Rj is open. 
(c) The source frequency is incorrectly set very low. 
4. Symptom: The ammeter reading is 4.55 mA, voltmeter | reads 2.53 V, and voltmeter 2 reads 
215V. 
Cause: 
(a) The source frequency is incorrectly set at 500 kHz. 


(b) The source voltage is incorrectly set at 5 V. 
(c) The source frequency is incorrectly set at 2 MHz. 


5. Symptom: All meter readings are zero. 
Cause: 


(a) The voltage source is faulty or off. 
(b) L is open. 
(c) Either (a) or (b) 
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PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 
SECTION 12-1 Sinusoidal Response of RL Circuits 


1. A 15 kHz sinusoidal voltage is applied to a series RL circuit. Determine the frequency of J, Vp, 
and Vz. 


2. What are the waveshapes of J, Ve, and Vz in Problem 1? 


SECTION 12-2 Impedance and Phase Angle of Series RL Circuits 
3. Find the impedance of each circuit in Figure 12-45. 


re XL R 


500 Q 10kQ  15k0Q 


f V, 
10V 1.0 kQ 5V 


(a) (b) 
FIGURE 12-45 


4. Determine the impedance and phase angle for the circuit in Figure 12—46. 


FIGURE 12-46 


5. In Figure 12-47, determine the impedance at each of the following frequencies: 
(a) 100 Hz (b) 500 Hz (c) 1 kHz (d) 2 kHz 


FIGURE 12-47 


6. Determine the values of R and Xz in a series RL circuit for the following values of impedance 
and phase angle: 
(a) Z = 200,0 = 45° (b) Z = 500 0,0 = 35° 
(e) Z = 2.5k0, 0 = 72.5° (d) Z = 998 0,0 = 45° 


SECTION 12-3 Analysis of Series RL Circuits 
7. Assume that the inductance in Figure 12-45(a) is 796 uH. What is the source frequency? 
8. Determine the voltage across the total resistance and across the total inductance in Figure 12—46. 
9. Find the current for each circuit of Figure 12-45. 

10. Calculate the total current for the circuit of Figure 12—46. 

11. Determine 0 for the circuit in Figure 12-48. 


12. If the inductance in Figure 12-48 is doubled, does 0 increase or decrease, and by how many 
degrees? 
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13. Draw the waveforms for V,, Vx, and Vz in Figure 12-48. Show the proper phase relationships. 


14. For the circuit in Figure 12-49, find Vp and Vz for each of the following frequencies: 
(a) 60 Hz (b) 200 Hz (c) 500 Hz (d) 1 kHz 


R 
L 
a R 100 mH 
V, R 
: 60 Hz V, 
1V 100 mH sv 150 0 
FIGURE 12-48 FIGURE 12-49 


SECTION 12-4 Impedance and Phase Angle of Parallel RE Circuits 
15. What is the impedance for the circuit in Figure 12-50? 


16. Repeat Problem 15 for the following frequencies: 
(a) 1.5 kHz (b) 3 kHz (ec) 5 kHz (d) 10 kHz 


Y 
1.5 V L R V, R X, 
PE 800 wH 129 10V 2.2 KQ 3.5 KQ 


FIGURE 12-50 FIGURE 12-51 


17. What is the admittance of the circuit in Figure 12-51? 
18. What is the admittance of the circuit in Figure 15-51 if the frequency is doubled? 
19. At what frequency does X, equal R in Figure 12-50? 


SECTION 12-5 Analysis of Parallel RL Circuits 
20. Find the total current and each branch current in Figure 12-51. 


21. Determine the following quantities in Figure 12-52: 
(a) Z br  (e)lz  (d) lo (e) 0 


22. Convert the circuit in Figure 12-53 to an equivalent series form. 


FIGURE 12-52 FIGURE 12-53 


SECTION 124 Analysis of Series-Parallel RL Circuits 
23. Determine the voltage across each element in Figure 12-54. 
24. Is the circuit in Figure 12-54 predominantly resistive or predominantly inductive? 


25. Find the current in each branch and the total current in Figure 12-54. 


FIGURE 12-54 R; 


220 Q 


25V 
f=100 kHz 
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SECTION 12-7 Power in RL Circuits 


26. In a certain RL circuit, the true power is 100 mW, and the reactive power is 340 mVAR. What 
is the apparent power? 


27. Determine the true power and the reactive power in Figure 12-48. 
28. What is the power factor in Figure 12-51? 
29. Determine Pi ye, Pr, Pa, and PF for the circuit in Figure 12-54. Draw the power triangle. 


SECTION 12-8 RE Filters 


30. Plot the response curve for the circuit in Figure 12-49. Show the output voltage versus fre- 
quency in 200 Hz increments from 0 to 1200 Hz. 


31. Using the same procedure as in Problem 30, plot the response curve for Figure 12-55. 


32. Draw the voltage phasor diagram for the circuit in Figure 12-55 for a frequency of 500 Hz. 


R FIGURE 12-55 


SECTION 12-9 Troubleshooting 
33. Determine the voltage across each component in Figure 12-56 if L; were open. 


34. Determine if the voltage reading on the DMM in Figure 12-57 is correct or not. Explain your answer. 


FIGURE 12-56 


LL MG. 


4 
PRESS 

RANGE Gp 
AUTORANGE 


TOUCH/HOLD 


FIGURE 12-57 
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ADVANCED PROBLEMS 


35. Determine the voltage across the inductors in Figure 12-58. 


FIGURE 12-58 


36. Is the circuit in Figure 12-58 predominantly resistive or predominantly inductive? 
37. Find the total current in Figure 12-58. 
38. For the circuit in Figure 12-59, determine the following: 
(a) Zor (DB) Lo (0 (d Vz (e) Vg 
39. For the circuit in Figure 12—60, determine the following: 
(a) In b) m © m (d) Ir 


FIGURE 12-59 FIGURE 12—60 


"æ MULTISIM TROUBLESHOOTING 
YE PROBLEMS 


40. Open file P12-40; files are found at www.pearsonhighered.com/floyd. Determine if there is a 
fault and, if so, identify it. 


41. Open file P12-41. Determine if there is a fault and, if so, identify it. 
42. Open file P12-42. Determine if there is a fault and, if so, identify it. 
43. Open file P12-43. Determine if there is a fault and, if so, identify it. 
44. Open file P12-44. Determine if there is a fault and, if so, identify it. 
45. Open file P12-45. Determine if there is a fault and, if so, identify it. 


ANSWERS TO SECTION CHECKUPS 


SECTION 12-1 Sinusoidal Response of RL Circuits 
1. The current frequency is at 1 kHz. 
2. 0 is closer to 0° when R > Xz. 


SECTION 12-2 Impedance and Phase Angle of Series RL Circuits 
1. V, leads J. 
2. Xz = R 
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3. Inan RL circuit, current lags voltage; in an RC circuit, current leads voltage. 
4. Z= VR? + X? = 59.9k0;6 = tan (X, /R) = 56.6" 


SECTION 12-3 Analysis of Series RL Circuits 
1. V, = VV + Vi = 3.61 V 
2. 0 = tan | (X, /Vp) = 56.3° 
3. When f increases, Xy increases, Z increases, and 0 increases. 
4. $ = 90° — tan (X, /R) = 81.9 
Vout = ( a A = 9.90 V 


VR” + Xz 


p 


SECTION 12-4 Impedance and Phase Angle of Parallel RE Circuits 
1. Z=1/Y=200 
2 Y= VC +B = 25mS 


3. Lo lags V, by 32.1°. 


SECTION 12-5 Analysis of Parallel RL Circuits 
1. Lo = V,Y = 32 mA 
2. 0 = tan (1, /Ip) = 59.0°; Io, = VB + = 23.3 mA 
3. 0 = 90° 


SECTION 12-6 Analysis of Series-Parallel RL Circuits 
Ll. Lio: = V (I;cos 0, + bcos 65)? + (lsin; + 1, sin 02) = 20.2 mA 
2; Z= Vola m 44 © 


SECTION 12-7 Power in RL Circuits 
1. Power dissipation is in the resistor. 
2. PF = cos 50° = 0.643 
3. Pie = PR = 4.7 W; P, = PX, = 6.2 VAR: P, = VP2, + P2 = 7.78 VA 


SECTION 12-8 RE Filters 


1. Output is across the resistor. 


2. Electromagnetic interference, caused when a circuit conducts or radiates electrical noise into 
another circuit 


3. To reduce interference 


SECTION 12-9 Troubleshooting 


1. Encapsulation helps avoid open circuits due to stressing the leads on an inductor. 
2. Shorted windings reduce L and thereby reduce X7 at any given frequency. 


3. lt decreases, Vp, decreases, and Vr, increases when L opens. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


12-1 2.04k0; 27.8° 
12-2 423 uA 

12-3 No 

12-4 12.6kQ;85.5° 
12-5 32° 

12-6 12.3 V rms 
12-7 65.6” 
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12-8 8.14kQ; 35.5" 
12-9 3.70 mS 
12-10 14.0 mA; 71.1° 
12-11 14.9 mA 


12-12 (a) 8.04 V 
(b) 2.00 V 


12-13 Current decreases. 
12-14 Prue, P,, and P, decrease. 
12-15 2.5 KQ 


ANSWERS TO TRUE/FALSE QUIZ 


1. T 2. T 3 F 4. T 5. F 6. T Tu E 
8. T 9. F 10. F 


ANSWERS TO SELF-TEST 


1. (£ 2. (b) 3. (a) 4. (d) 5. (a) 6. (d) 7. (b) 8. (b) 
9. (a) 10. (d) 11. (c) 12. (d) 13. (b) 14. (œ) 15. (a) 


ANSWERS TO TROUBLESHOOTING: 
SYMPTOM AND CAUSE 


1. (c) 2. (a) 3. (œ) 4. (b) 5. (c) 
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REC CIRCUITS AND 
RESONANCE 


OUTLINE INTRODUCTION 


13-1 Impedance and Phase Angle of Series In this chapter, you will learn about frequency response 
RLC Circuits of circuits with combinations of resistance, capacitance, 
13-2 Analysis of Series RLC Circuits and inductance (RLC). Both series and parallel RLC cir- 


cuits, including the concepts of series and parallel reso- 
nance will be discussed. 
Because it is the basis for frequency selectivity, 


13-3 Series Resonance 


13-4 Series Resonant Filters 


13-5 Parallel RLC Circuits resonance in electrical circuits is important to the opera- 
13-6 Parallel Resonance tion of many types of electronic systems, particularly in 
13-7 Parallel Resonant Filters the area of communications. For example, the ability of 


arado onteleyisionregerver to select a certain frequency 
transmitted by a particular station and to eliminate fre- 


quencies from other stations 1s based on the principle of 
OBJECTIVES resonance. 


The operation of both band-pass and band-stop fil- 
ters 1s based on resonance of circuits containing induct- 
ance and capacitance, and these filters are discussed in 
this chapter. Both types of filters are widely used in 
communication systems. 


13-8 Resonant Circuit Applications 


e Determine the impedance and phase angle of a 
series RLC circuit 

e Analyze series RLC circuits 

e Analyze a circuit for series resonance 

e Analyze series resonant filters 

e Analyze parallel RLC circuits 

e Analyze a circuit for parallel resonance 

e Analyze the operation of parallel resonant filters 


e Discuss some applications of resonant circuits 


KEY TERMS 


Series resonance Decibel (dB) 

Resonant frequency Selectivity 

Band-pass filter Band-stop filter VISIT THE WEBSITE 
Cutoff frequency Parallel resonance Study aids for this chapter are available at 


Half-power frequency http://pearsonhighered.com/floyd 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


13-1 IMPEDANCE AND PHASE ANGLE 
OF SERIES RLC CIRCUITS 


A series RLC circuit contains resistance, inductance, and capacitance. Since inductive reac- 
tance and capacitive reactance have opposite effects on the circuit phase angle, the total reac- 
tance is less than either individual reactance. 


After completing this section, you should be able to 


e Determine the impedance and phase angle of a series RLC circuit 
e Calculate total reactance 


e Determine whether a circuit is predominately inductive or capacitive 


A series RLC circuit is shown in Figure 13-1. It contains resistance, inductance, and 
capacitance. 


FIGURE 13-1 Series RLC circuit. 


As you know, inductive reactance (Xz) causes the total current to lag the source volt- 
age. Capacitive reactance (Xç) has the opposite effect: It causes the current to lead the 
voltage. Thus, Xz and Xç tend to offset each other. When they are equal, they cancel, and 
the total reactance is zero. In any case, the total reactance in a series circuit is 


Xtot = | Xz = Xc | (13-1) 


The term |X; — Xc| means the absolute value of the difference of the two reactances. 
That is, the sign of the result is considered positive no matter which reactance is greater. 
For example, 3 — 7 = —4, but the absolute value is 


[3 7|=4 
When X; > Xeo, the circuit is predominantly inductive; and when Xç > Xz, the circuit is 


predominantly capacitive. 
The total impedance for a series RLC circuit is given by 


Zin = VR? + Xx, (13-2) 


and the value of the phase angle between V, and I is 
X 
0 = tan“ 2") (13-3) 


The phase angle is positive (current leading voltage) when the circuit is inductive and 
negative (current lagging voltage) when the circuit is capacitive. 


EXAMPLE 13-1 


Determine the total impedance and the phase angle for the series RLC circuit in 
Figure 13-2. 
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FIGURE 13-2 


SOLUTION 
First, find Xç and Xz. 


1 1 
-21fC 2m(1kHz)(0.56 uF) 


X, = 2nfL = 27(1 kHz)(100 mH) = 628 Q 


In this case, X, is greater than Xç, so the circuit is more inductive than capacitive. 
The magnitude of the total reactance is 


Xot = |Xr — Xc| = |628 Q — 284 0] = 3440 (inductive) 
The total circuit impedance is 


Zoi = VR + X2; = V(560 0) + (344 0)? = 657 0 


The phase angle (between / and V,) is 


af Xin _,( 3440, : 
= ti 1 ( == Ye 1 7 6° os : 
0 an ( ) = tan ( E ) = 31.6 (current lagging V,) 


RELATED PROBLEM* 


Increase the frequency in Figure 13—2 to 2000 Hz and determine Z and 0. 


* Answers are at the end of the chapter. 


As you have seen, when the inductive reactance is greater than the capacitive reac- 
tance, the circuit appears to be inductive, and the current lags the source voltage. When the 
capacitive reactance is greater, the circuit appears to be capacitive, and the current leads 
the source voltage. 


SECTION 13-1 CHECKUP* 


1. Explain how you can determine if a series RLC circuit is 3. Determine the impedance for the circuit in Question 2 when 
inductive or capacitive. R = 45 Q. What is the phase angle? Is the current leading or 


lageing the source voltage? 
2. Ina given series RLC circuit, Xc is 150 Q and Xz is 80 Q. sging urce voltag 


What is the total reactance in ohms? Is the circuit inductive or 
capacitive? 


* Answers are at the end of the chapter. 
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13-2 ANALYSIS OF SERIES RLC CIRCUITS 


Recall that capacitive reactance varies inversely with frequency and that inductive reactance 
varies directly with frequency. In this section, the combined effects of the reactances as a func- 
tion of frequency are examined. 


After completing this section, you should be able to 


e Analyze series RLC circuits 
e Determine current in a series RLC circuit 
e Determine the voltages in a series RLC circuit 


e Determine the phase angle 


Figure 13-3 shows that for a typical series RLC circuit the total reactance behaves as 
follows: Starting at a very low frequency, Xc is high, Xz is low, and the circuit is pre- 
dominantly capacitive. As the frequency is increased, Xç decreases and Xz increases until 
a value is reached where Xç = Xz and the two reactances cancel, making the circuit purely 
resistive. This condition is series resonance and will be studied in Section 13-3. As the 
frequency is increased further, Xz becomes greater than Xç, and the circuit is predomi- 
nantly inductive. Example 13-2 illustrates how the impedance and phase angle change as 
the source frequency is varied. 


FIGURE 13-3 How Xç and 
X, vary with frequency. 


Capacitive: _ Inductive: 
Xc > Xr Xr, > Xe 


Reactance 


Series resonance 


The graph of X; is a straight line, and the graph of Xç is curved, as shown in Figure 
13-3. The general equation for a straight line is y = mx + b, where m is the slope of the 
line and b is the y-axis intercept point. The formula X, = 27fL fits this general straight- 
line formula, where y = Xz (a variable), m = 27L (a constant), x = f (a variable), and 
b = 0 as follows: X, = 2rLf + 0. 

The Xç curve is called a hyperbola, and the general equation of a hyperbola is xy = k. 
The equation for capacitive reactance, Xc = 1/27fC, can be rearranged as X¿f = 1/27C 
where x = Xç (a variable), y = f (a variable), and k = 1/27C (a constant). 


EXAMPLE 13-2 


For each of the following frequencies of the source voltage, find the impedance 
and the phase angle for the circuit in Figure 13-4. Note the change in the imped- 
ance and the phase angle with frequency. 


(a) f = 1kHz 
(b) f = 3.5 kHz 
(c) f = 5kHz 
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i FIGURE 13-4 


SOLUTION 
(a) At f = 1 khz, 
1 1 
Xc = = 
QnfC  27(1 kHz)(0.022 uF) 
X; = 2afl = 21(1 kHz)(100 mH) = 628 Q 


= 723k0 


The circuit is highly capacitive because X is much larger than Xz. The mag- 
nitude of the total reactance is 


Xot = |X} — Xc| = |628 Q — 7.23k0| = 6.6k0 
The impedance is 


Z= VR + X = VG3k07 + (6.6k0)? = 7.38 kQ 


The phase angle is 


X 6.60 kQ 
0 = tan! a) =t ( ) — 63.4? 
i E “A 33) de 


I leads V, by 63.4". 
(b) At f = 3.5 kHz, 


1 
X- = = 2.07k0 
C ~ 273.5 kHz)(0.022 pF) . 


211(3.5 kHz)(100 mH) = 2.20k0 


XL 


The circuit is very close to being purely resistive but is slightly inductive 
because X, is slightly larger than Xç. The total reactance, impedance, and 
phase angle are 


Xot = |2.20 KQ — 2.07 KQ | = 1300 
Z = VB3k0) + (130 0) = 3.30 kQ 


1300 
6 = tan! = 2.26" 
an (22) 


I lags V, by 2.26”. 
(c) At f = 5 khz, 
1 
2m (5 kHz)(0.022 uF) 


27(5 kHz)(100 mH) = 3.14k0 


= 145k0 


XC 


XL 


The circuit is now predominantly inductive because X, > Xc. The total 
reactance, impedance, and phase angle are 


Xot = 13.14k0 — 1.45KQO| = 1.69 kQ 
Z = VB3k0) + (169k0? = 3.71 kQ 


1.69 kQ 
O = tan! = 27.1° 
i ( 33k0 ) 


I lags V, by 27.1°. 
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Notice how the circuit changed from capacitive to inductive as the frequency 
increased. The phase condition changed from the current leading to the current lag- 
ging. It is important to note that both the impedance and the phase angle decreased 
to a minimum and then began increasing again as the frequency went up. 


RELATED PROBLEM 
Determine Z for f = 7 kHz in Figure 13-4. 


In a series RLC circuit, the capacitor voltage and the inductor voltage are always 180° 
out of phase with each other. For this reason, Vc and V, subtract from each other, and thus 
the voltage across L and C combined is always less than the larger individual voltage 
across either component, as illustrated in Figure 13-5 and in the waveform diagram of 
Figure 13-6. 


MILI 
| SN V, liy, | 
© © 


a pm 
` 
i 


FIGURE 13-5 The voltage across the series combination of C and L is FIGURE 13-6 Inductor voltage and capacitor 
always less than the larger individual voltage across either C or L. voltage effectively subtract because they are out 
of phase. 


In the next example, Ohm's law is used to find the current and voltages in a series 
RLC circuit. 


EXAMPLE 13-3 


Find the voltage across each component in Figure 13-7, and draw a complete 
voltage phasor diagram. Also find the voltage across L and C combined. 


R 
75 kQ 
V; X, 
10V 25 kQ 
Xe 
60 kQ 


FIGURE 13-7 
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SOLUTION 
First, find the total reactance. 

Xot = IX. — Xc| = |125k0 — 60kQ| = 35k0 
The total impedance is 


Zin = VR + X2, = VWOSKQY + 35 kOY = 82.8k0 


Apply Ohm's law to find the current. 


festa epi 
Zo 828kQ ^” 


Now, apply Ohm’s law to find the voltages across R, L, and C. 
Ve = IR = (121 wA)(75 KQO) = 9.08 V 
V; = IX; = (21 uA)(25 KO) = 3.03 V 
Vo = IXc = (121 wpA)GOKQD) = 7.26 V 
The voltage across L and C combined is 
Vor = Ve — Vr = 7.26 V — 3.03 V = 4,23 V 


The circuit phase angle is 


X 35kO 
= —1 tot eS —1 = o 
= ft —|=t — E 
: Si R i (2 a) A 


Since the circuit is capacitive (Xç > X), the current leads the source voltage by 25°. 

The phasor diagram is shown in Figure 13-8. Notice that Vz is leading Vp by 
90°, and Vc is lagging Vp by 90°. Also, there is a 180° phase difference between 
V, and Vc. If the current phasor were shown, it would be at the same angle as Vp. 


FIGURE 13-8 


RELATED PROBLEM 


What will happen to the current as the frequency of the source voltage in Figure 
13-7 is increased? 


SECTION 13-2 CHECKUP 


1. The following voltages occur in a certain series RLC circuit: 2. When R = 10k0,X¿ = 18k0, and X, = 12 kQ, does the 
Ve = 24V,V, = 15 V, Ve = 45 V. Determine the source current lead or lag the source voltage? Why? 


voltage. . . . 
e 3. Determine the total reactance in Question 2. 
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In a series RLC circuit, series resonance occurs when X, = Xc. The frequency at which reso- 
nance occurs is called the resonant frequency and is designated f,- 


After completing this section, you should be able to 


e Analyze a circuit for series resonance 
¢ Define resonant frequency 
e Explain why the reactances cancel at resonance 
e Determine the series resonant frequency 
e Calculate the current and voltages at resonance 


e Determine the impedance at resonance 


Figure 13-9 illustrates the series resonant condition. Since the reactances are equal and 
effectively cancel, the impedance is purely resistive. These resonant conditions are stated as 


Ar = Xe 
L, =R 
FIGURE 13-9 At the reso- L=Xe 


nant frequency (f,), the reac- 
tances are equal in magnitude 
and effectively cancel, leaving 
Z, = R. p 
7 fr = fr 


EXAMPLE 13-4 


Assume the series RLC circuit in Figure 13-10 is at resonance. Determine Xç and Z. 


R XL Xc 
100 Q 500 Q 
fr 


X; equals Xç at resonance; therefore, 


Xc = X, = 500 Q 


FIGURE 13-10 


SOLUTION 


Since the reactances cancel each other, the impedance equals the resistance. 


Z,=R=1000 


RELATED PROBLEM 


Just below the resonant frequency, 1s the circuit more inductive or more capacitive? 


At the series resonant frequency, the voltages across C and L are equal in magnitude 
because the reactances are equal. The same current is through both since they are in series 
(IXc = IX,). Also, V; and Vç are always 180° out of phase with each other. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


13-3 SERIES RESONANCE 5/3 


During any given cycle of the input voltage, the polarities of the voltages across C and 
L are opposite, as shown in parts (a) and (b) of Figure 13—11. The equal and opposite volt- 
ages across C and L cancel, leaving zero volts from point A to point B as shown in the fig- 
ure. Since there is no voltage drop from A to B but there is still current, the total reactance 
must be zero, as indicated in Figure 13-11(c). Also, the voltage phasor diagram in part (d) 
shows that Vç and V; are equal in magnitude and 180° out of phase with each other. 


Vr = V, Ve 
(a) (b) (c) (d) 


FIGURE 13-11 At the resonant frequency, f, the voltages across C and L are equal in magnitude. 
Since they are 180° out of phase with each other, they cancel, leaving 0 V across the CL combina- 
tion (point A to point B). The section of the circuit from A to B effectively looks like a short at 
resonance (neglecting winding resistance). 


Series Resonant Frequency 


For a given series RLC circuit, resonance occurs at only one specific frequency. A formula 
for this resonant frequency for the ideal case is developed as follows: 


Xr = Xc 


Substitute the reactance formulas, and solve for the resonant frequency (f). 


1 
mf, L = —— 
mhl = Fe 
(TfTf) = ASILO = 1 
1 
2 — 
Jr Arr?LC 


Take the square root of both sides. The formula for resonant frequency is 


¡=== (13-4) 


EXAMPLE 13-5 


Find the series resonant frequency for the circuit in Figure 13-12. 


L C R 
560 uH 27 nF 1500 
V, o 


FIGURE 13-12 
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MULTISIM SOLUTION 
The resonant frequency is 
Open Multisim file E13-05; ae l _ 
= = = 40.9 kHz 
files are found at www. fr 2m VLC 2m v(560 uH)(27 nF) 


pearsonhighered.com/floyd. 
Determine the series resonant 
frequency by measurement. 


RELATED PROBLEM 


If C = 0.01 uF in Figure 13-12, what is the resonant frequency? 


Voltage and Current Amplitudes 
in a Series RLC Circuit 


The current and voltage amplitudes in a series RLC circuit vary as the frequency is 
increased from below the resonant frequency, through resonance, and then above reso- 
nance. Figure 13-13 illustrates the general response of a circuit in terms of changes in the 


FIGURE 13-13 An illustra- 
tion of how the voltage and 
current amplitudes respond 
in a series RLC circuit as the 
frequency is increased from 
below to above its resonant 
value. The source voltage is 
held at a constant amplitude. 


(a) As frequency is increased below resonance from 0: Xç > X_,, I increases from 0, Vp increases from 0, 
Vç increases from V,, V, increases from 0, and V¿, decreases from V,- 


IXc X; 
MIN ) | Will 
| ITAM | | KY y, M l 
O (O (O © 


(b) At the resonant frequency, Xc = xX;. 


A (V,/R)Xc (V,/R)X, 


SA] 
A 
© 6 


(c) As frequency is increased above resonance: X<X,, I decreases from V,/R, Vp decreases from V, 
Vc decreases from (V,/R)X¿, V, decreases from (V,/R)X,, and Vc; increases from 0. 
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current and in the voltage drops. The O (quality factor) of the circuit is assumed to be suf- 
ficiently high so it has no effect on the response. The Q is the ratio of reactive power to true 
power and is discussed in Section 134. 


BELOW THE RESONANT FREQUENCY Figure 13-13(a) indicates the 
response as the source frequency is increased from zero toward f.. At f = 0 Hz (dc), the 
capacitor appears open and blocks the current. Thus, there is no voltage across R or L, and 
the entire source voltage appears across C. The impedance of the circuit is infinitely large at 
O Hz because Xç is infinite (C is open). As the frequency begins to increase, Xç decreases 
and X, increases, causing the total reactance, Xç — X,, to decrease. As a result, the imped- 
ance decreases and the current increases. As the current increases, Vp also increases, and 
both Vç and Vz increase. The voltage across C and L combined decreases from its maximum 
value of V, because as Vç and Vz approach the same value, their difference becomes less. 


AT THE RESONANT FREQUENCY When the frequency reaches its resonant 
value, f,, as shown in Figure 13-13(b), Vc and Vz; can each be much larger than the source 
voltage. Vç and Vz cancel, leaving 0 V across the combination of C and L because the volt- 
ages are equal in magnitude but opposite in phase. At this point the total impedance is equal 
to R and is at its minimum value because the total reactance is zero. Thus, the current is at its 
maximum value, V,/R, and Vp is at its maximum value, which is equal to the source voltage. 


ABOVE THE RESONANT FREQUENCY As the frequency is increased above 
resonance, as indicated in Figure 13-13(c), Xz; continues to increase and Xç continues to 
decrease, causing the total reactance, X; — Xc, to increase. As a result, there is an increase 
in impedance and a decrease in current. As the current decreases, Vg also decreases and Ve 
and Vz decrease. As Vc and Vz decrease, their difference becomes greater, so Vc; increases. 
As the frequency becomes very high, the current approaches zero, both Vp and Vç approach 
zero, and V, approaches V,,. 

Figure 13-14(a) and (b) illustrate the responses of current and voltage to increasing 
frequency, respectively. As frequency is increased, the current increases below resonance, 
reaches a peak at the resonant frequency, and then decreases above resonance. The resistor 
voltage responds in the same way as the current. 


I Ve 


Ver 


(c) Capacitor voltage (d) Inductor voltage (e) Voltage across C and L combined 


FIGURE 13-14 Generalized current and voltage magnitudes as a function of frequency in a 
series RLC circuit. Vc and Vz can be much larger than the source voltage. The shapes of the graphs 
depend on particular circuit values. 
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Capacitive and Inductive Sensors 


Sensors are widely used by many systems to measure 
certain parameters such as temperature, pressure, or 
other variable. A common method of indirectly meas- 
uring the capacitance or inductance of a sensor is to 


measure the resonant frequency of an oscillator as the 
sensor variable changes. One unusual example is to 
infer the progress of a shock wave as it crushes a cable 
and changes its capacitance. 


The general slopes of the Vç and Vz curves are indicated in Figure 13-14(c) and (d). 
The voltages are maximum at resonance but drop off above and below f,. The voltages 
across L and C at resonance are exactly equal in magnitude but 180° out of phase, so they 
cancel. Thus, the total voltage across both L and C 1s zero, and Vp = V, at resonance. Indi- 
vidually, Vz and Vç can be much greater than the source voltage. Keep in mind that V, and 
Vc are always opposite in polarity regardless of the frequency, but only at resonance are 
their magnitudes equal. The voltage across the C and L combination decreases as the fre- 
quency increases below resonance, reaching a minimum of zero at the resonant frequency; 
then it increases above resonance, as shown in Figure 13-14(e). 

The curves in Figure 13-14 are generalized curves, which depend on the particular 
components in the circuit. The shape will depend greatly on Q. You can plot these curves 
for any circuit by constructing the circuit in Multisim and using the Bode plotter. The 
Bode plotter in Multisim is a fictitious instrument that plots the frequency response based 
on where the probes are placed. The response across the resistor in Example 13-5 is shown 
in Figure 13-15. 


= Bode Plotter-XBP1 
Mode 


Horizontal vertical 


100 
i 


Controls 


FIGURE 13-15 Multisim response across the resistor in Example 13-5. 


EXAMPLE 13-6 


Find J, Vp, Vz, and Vç at resonance in Figure 13-16. 


i; Xc 
220 100 Q 1000 
V, 
50 mV 


FIGURE 13-16 
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SOLUTION 
At resonance, J is maximum and equal to V,/R. 


V,  SOmV 
[=S = 2.27 mA 
R 220 


Apply Ohm's law to obtain the voltages. 


Ve = IR = (2.27 mA)(22 Q) = 50 mV 
V; = IX; = (2.27 mA)(100 O) = 227 mV 
Ve = IXc = (2.27 mA)(100 Q) = 227 mV 
Notice that all of the source voltage is dropped across the resistor. Also, of course, 


Vz and Vç are equal in magnitude but opposite in phase. This causes the voltages 
to cancel, making the total reactive voltage zero. 


RELATED PROBLEM 


What is the current at resonance in Figure 13-16 if X; = Xc = 1k0? 


The Impedance of a Series RLC Circuit 


Figure 13-17 shows a general graph of impedance versus frequency superimposed on the 
curves for Xç and X,. At zero frequency, both Xç and Z are infinitely large and Xz is zero 
because the capacitor looks like an open at 0 Hz and the inductor looks like a short. As the 
frequency increases, Xç decreases and Xz increases. Since Xç is larger than Xz at frequen- 
cies below f,, Z decreases along with Xc. At f, Xc = X, and Z = R. At frequencies 
above f,, Xr becomes increasingly larger than Xç, causing Z to increase. 


Z(Q) 


FIGURE 13-17 Series RLC impedance as a 
function of frequency. 


EXAMPLE 13-7 


For the circuit in Figure 13-18, determine the impedance at the following fre- 
quencies: 


(a) f 
(b) 1 kHz below f. 
(c) 1 kHz above f, 
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FIGURE 13-18 R 


SOLUTION 
(a) At f,, the impedance is equal to R. 
Z=R=100 Q 
To determine the impedance above and below f,,, first calculate the resonant 
frequency. 
1 1 


r = — = = 5.03 kH 
Í 2mVLC  21V(100 mH)(0.01 uF) si 


(b) At 1 kHz below f,, the frequency and reactances are as follows: 


f =f, — 1kHz = 5.03 kHz — 1kHz = 4.03 kHz 
Lo 1 

InfC  211(4.03 kHz)(0.01 uF) 

X; = 21 fL = 21r(4.03 kHz)(100 mH) = 2.53 kQ 


= 3.95k0 


Xc = 


Therefore, the total reactance and the impedance at f. — 1 kHz are 


Xpt = |X; — Xc| = |2.53kQ — 395kQ| = 1.42k0 


Z= VR + X% = V(1000) + (1.42k0) = 1.42k0 
(c) At 1 kHz above f, 
f = 5.03 kHz + 1kHz = 6.03 kHz 
1 


Xc = = 2.64 K9 
© 2716.03 kHz)(0.01 uF) 


X, = 27(6.03 kHz)(100 mH) = 3.79 kO 
Therefore, the total reactance and the impedance at f, + 1 kHz are 
MULTISIM 
Xot = |3.79kO — 2.64k0| = 1.15k0 
X 


Z 


V(100 0)? + (1.15k0? = 115k 


Open Multisim file E13-07. In part (b), Z is capacitive; in part (c), Z 1s inductive. 
Measure the current and the 
voltage across each element at 


the resonant frequency, | kHz RELATED PROBLEM 


DION a SON ane ech N What happens to the impedance if fis decreased below 4.03 kHz? Above 6.03 kHz? 
above resonance. 


The Phase Angle of a Series RLC Circuit 


At frequencies below resonance, Xc > X,, and the current leads the source voltage, as 
indicated in Figure 13—19(a). The phase angle decreases as the frequency approaches the 
resonant value and is 0° at resonance, as indicated in part (b). At frequencies above reso- 
nance, X; > Xç, and the current lags the source voltage, as indicated in part (c). As the 
frequency goes higher, the phase angle approaches 90°. A plot of phase angle versus fre- 
quency is shown in Figure 13-19(d). 
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(a) Below f,, I leads V,. 


00" Ud laes Vas ta Seg E 


0° 


-90° (I leads V,) AS XX 
Capacitive: Inductive: 
I leads V I lags V, 


(d) Phase angle versus frequency. 


FIGURE 13-19 The phase angle as a function of frequency in a series RLC circuit. 


SECTION 13-3 CHECKUP 


1. What is the condition for series resonance? 4. In Question 3, is the circuit inductive, capacitive, or resistive 
. . at 50 kHz? 
2. Why ts the current maximum at the resonant frequency? 
3. Calculate the resonant frequency for C = 1000 pF and 
L = 1000 uH. 


13-4 SERIES RESONANT FILTERS 


A common use of series RLC circuits is in filter applications. In this section, you will learn the 
basic configurations for passive band-pass and band-stop filters and several important filter 
characteristics. 


After completing this section, you should be able to 


e Analyze series resonant filters 
e Identify a basic series resonant band-pass filter 
¢ Define and determine bandwidth 
¢ Define the half-power frequency 
e Discuss dB measurement 
¢ Define selectivity 
e Discuss filter quality factor (Q) 
e Identify a series resonant band-stop filter 
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The Band-Pass Filter 


A basic series resonant band-pass filter is shown in Figure 13-20. Notice that the series 
LC portion 1s placed between the input and the output and that the output is taken across 
the resistor. 

A band-pass filter allows signals at the resonant frequency and at fre- 
quencies within a certain band (or range) extending below and above the reso- 
nant value to pass from input to output without a significant reduction in 
amplitude. Signals at frequencies lying outside this specified band (called the 
passband) are reduced in amplitude to below a certain level and are consid- 
ered to be rejected by the filter. 

The filtering action is the result of the impedance characteristic of the 
filter. As you learned in Section 13-3, the impedance is minimum at reso- 
FIGURE 13-20 A basic series resonant nance and has increasingly higher values below and above the resonant fre- 
band-pass filter. quency. At very low frequencies, the impedance is very high and tends to 

block the current. As the frequency increases, the impedance drops, allowing 
more current and thus more voltage across the output resistor. At the resonant frequency, 
the impedance is very low and equal to the total resistance of the circuit (winding resist- 
ance plus R). At this point there is maximum current and the resulting output voltage is 
maximum. As the frequency goes above resonance, the impedance again increases, caus- 
ing the current and the resulting output voltage to drop. Figure 13—21 illustrates the general 
frequency response of a series resonant band-pass filter. 


7.07 V 10 V 


fa wwii | Kul | 
Vout Vout | 
© © he © © 
(a) As the frequency increases to fi, Vu increases (b) As the frequency increases from fı to f,, V,,,¢ increases 
to 7.07 V. from 7.07 V to 10 V. 


itll! Wy 


out 


© 6 


(c) As the frequency increases from f, to f>, Vu decreases (d) As the frequency increases above fo, V,,,, decreases 
from 10 V to 7.07 V. below 7.07 V. 


FIGURE 13-21 Example of the frequency response of a series resonant band-pass filter 
with the input voltage at a constant 10 V rms. The winding resistance of the coil is neglected. 


Bandwidth of the Passband 


The bandwidth (BW) of a band-pass filter is the range of frequencies for which the current 
(or output voltage) 1s equal to or greater than 70.7% of its value at the resonant frequency. 
Figure 13-22 shows the bandwidth on the response curve for a band-pass filter. 
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The frequencies at which the output of a filter is 70.7% of its maximum are the cutoff 
frequencies. Notice in Figure 13-22 that frequency fi, which is below f, is the frequency 
at which Z (or Vouno is 70.7% of the resonant value (Jay); f 1s commonly called the lower 
cutoff frequency. At frequency fz, above f,, the current (or V,,,;) 1s again 70.7% of its 
maximum; fə is called the upper cutoff frequency. Other names for fı and fọ are —3 dB 
frequencies, critical frequencies, band frequencies, and half-power frequencies. (The term 
decibel, abbreviated dB, is defined later in this section.) 

The formula for calculating the bandwidth is 


BW =f. -fi (13-5) 


The unit of bandwidth is the hertz (Hz), the same as for frequency. 


Tor V 


out 


FIGURE 13-22 Generalized response curve 
of a series resonant band-pass filter. 


EXAMPLE 13-8 


A certain series resonant band-pass filter has a maximum current of 100 mA at 
the resonant frequency. What is the value of the current at the cutoff frequencies? 


SOLUTION 
Current at the cutoff frequencies is 70.7% of maximum. 


RELATED PROBLEM 


Will a change in the cutoff frequencies affect the current at the new cutoff fre- 
quencies if the maximum current remains 100 mA? 


EXAMPLE 13-9 


A resonant circuit has a lower cutoff frequency of 8 kHz and an upper cutoff fre- 
quency of 12 kHz. Determine the bandwidth. 


SOLUTION 


BW = fp — fi = 12 kHz — 8 kHz = 4 kHz 


RELATED PROBLEM 
What is the bandwidth when fı = 1.0 MHz and fh = 1.2 MHz? 
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Half-Power Points of the Filter Response 


As previously mentioned, the upper and lower cutoff frequencies are sometimes called the 
half-power frequencies. This term is derived from the fact that the true power from the source 
at these frequencies is one-half the power delivered at the resonant frequency. The following 
steps show that this relationship is true for a series resonant circuit. 

At resonance, 


P Max = Lak 
The power at fı (or fy) is 
Poy = FR = 0.707 ya) R = (0.707) aR = 05ST aR = 0.5P max 


Decibel (dB) Measurement 


Another common term for the upper and lower cutoff frequencies 1s —3 dB frequencies. 
The decibel (dB) 1s ten times the logarithmic ratio of two powers, which can be used to 
express the input-to-output relationship of a filter. The following equation expresses a 
power ratio in decibels: 


P 
dB = 10 log( Fa (13-6) 


in 


The decibel formula using a voltage ratio is based on the previous formula for the power 
ratio with voltages measured across equal resistances. 


Vou 
dB = 20 log( Ye) (13-7) 


in 


EXAMPLE 13-10 


At a certain frequency, the output power of a filter is 5 W and the input power is 
10 W. Express the power ratio in decibels. 


SOLUTION 


Pou 5 W 
10 10g( 22) = 10108 >) = 10log(0.5) = —3.01 dB 


in 


RELATED PROBLEM 


Express in decibels the ratio V,,,;/Vj, = 0.2. 


THE —3dB FREQUENCIES The output of a filter is said to be down 3 dB at the 
cutoff frequencies. As you know, this frequency is the point at which the output voltage is 
70.7% of the maximum voltage at resonance. We can show that the 70.7% point is the 
same as 3 dB below maximum (or —3 dB) as follows. The maximum voltage is the 0 dB 
reference. 


0.707 Vina 
20 vel =) = 20 log(0.707) = —3 dB 


max 


Selectivity of a Band-Pass Filter 


The response curve in Figure 13-22 is also called a selectivity curve. Selectivity defines 
how well a resonant circuit responds to a certain frequency and discriminates against all 
others. The narrower the bandwidth, the greater the selectivity. 
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In the ideal response, we assume that a resonant circuit accepts frequencies within its 
bandwidth and completely eliminates frequencies outside the bandwidth. Such is not actu- 
ally the case, however, because signals with frequencies outside the bandwidth are not 
completely eliminated. Their magnitudes, however, are greatly reduced. The further the 
frequencies are from the cutoff frequencies, the greater the reduction, as illustrated in Fig- 
ure 13—23(a). An ideal selectivity curve is shown in Figure 13-23(b). 


Amplitude 


Frequencies between f} and fo Frequencies from fı and fə 
Jo are passed through the filter with are assumed to be passed 
amplitudes no less than 70.7% of 
maximum. 


equally. All frequencies 
outside the passband are 


0.707 eliminated. 


| a Frequencies outside passband 

| are reduced to less than 70.7% 
of maximum and are considered 
to be rejected. 


fi h 


Passband Passband 
(a) Actual (b) Ideal 


FIGURE 13-23 Generalized selectivity curve of a band-pass filter. 


The factor that determines the selectivity of a practical band-pass filter is the steep- 
ness of the response curve, as illustrated in Figure 13-24. A more selective filter attenuates 
(reduces) frequencies outside the passband more quickly than a less selective filter. In 
communication systems, a highly selective filter will differentiate between a desired signal 
(such as from a radio station) and a nearby one. 


Amplitude 


FIGURE 13-24 Comparative selectivity curves. 
The blue curve represents the greatest selectivity. 


The Quality Factor (Q) of a Resonant Circuit 


Recall that the quality factor (Q) for a coil was defined in Section 11-35 as the ratio of the 
reactive power (at a specified frequency) to the true power, which is dissipated in the wind- 
ing resistance of the coil (L). In a series resonant circuit, the O of the circuit includes any 
other resistance in series with the coil, so the circuit O may be lower than the O of the coil 
alone because R includes more than just the coil resistance. The O of a series resonant 
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circuit is the ratio of the reactive power in L to the true power in R. The quality factor is 
important in resonant circuits. A formula for O is developed as follows: 


reactive power PX; 


true power PR 
The 7? terms cancel, leaving 
XL 
Q=— (13-8) 


Since O varies with frequency because X, varies, we are interested mainly in Q at 
resonance. Note that O is a ratio of like units (ohms) which cancel and, therefore, O has no 
unit itself. The quality factor is also known as unloaded Q because it is defined with no 
load across the coil. 


EXAMPLE 13-11 
Determine Q at resonance for the circuit in Figure 13-25. 


FIGURE 13-25 C 


a 29mH 


f, 
16.4 kHz 


SOLUTION 
Determine the inductive reactance. 

X, = 21f,L = 27(16.4 kHz)(2.0 mH) = 206 Q 
The quality factor is 


X, 2060 
Q = R 390 ae 


RELATED PROBLEM 


Calculate Q at resonance if C in Figure 13-25 is halved. The resonant frequency 
will increase. 


HOW O AFFECTS BANDWIDTH A higher value of circuit Q results in a smaller 
bandwidth. A lower value of Q causes a larger bandwidth. A formula for the bandwidth of 
a resonant circuit in terms of O 1s 


BW = — (13-9) 


EXAMPLE 13-12 
What is the bandwidth of the filter in Figure 13—26? 


FIGURE 13-26 C Ry=500 
L 


— 


0.0047 uF 10 mH 


R 


530 Y 


out 
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SOLUTION 
The total resistance is 

Rot = R + Rw = 510, + 500 = 101 O 
Determine the bandwidth as follows: 


1 1 


e = = 23.2 kHz 
f 2mVLC  2mV(10 mH)(0.0047 uF) 
X, = 21f,L = 2m(23.2 kHz)(10 mH) = 1.46 kÈ 

X. 146kQ 

= == = 14. 
Q Ro 1010 d 

f 23.2 Hz MULTISIM 
BW = Z = — = 1.60 kH - 

O 14.5 SS 


Open Multisim file E13-12. 
Determine the bandwidth by 
measurement. How closely 
does this result compare to the 
calculated value? 


RELATED PROBLEM 


Determine the bandwidth if L is changed to 50 mH with the some winding resist- 
ance in Figure 13-26. 


The Band-Stop Filter 


The basic series resonant band-stop filter is shown in Figure 13-27. Notice that the output 
voltage is taken across the LC portion of the circuit. This filter is still a series RLC circuit, 
just as the band-pass filter is. The difference is that in this case, the output voltage is taken 
across the combination of L and C rather than across R. 

The band-stop filter rejects signals with frequencies between the lower and upper 
cutoff frequencies and passes those signals with frequencies below and above the cutoff 
values, as shown in the response curve of Figure 13—28. The range of frequencies between 
the lower and upper cutoff points is called the stopband. This type of filter is also referred 
to as a band-elimination filter, band-reject filter, or a notch filter. 


Amplitude 


Vix Voin 


= Stopband 
FIGURE 13-27 A basic series resonant FIGURE 13-28 Generalized response curve 
band-stop filter. for a band-stop filter. 


All the characteristics that have been discussed in relation to the band-pass filter 
apply equally to the band-stop filter, with the exception that the response curve of the out- 
put voltage is opposite. For the band-pass filter, V,,,, is maximum at resonance. For the 
band-stop filter, Vp, 15 minimum at resonance. 

At very low frequencies, the LC combination appears as a near open due to the high 
Xc, thus allowing most of the input voltage to pass through to the output. As the frequency 
increases, the impedance of the LC combination decreases until, at resonance, it is zero 
(ideally). Thus, the input signal is shorted to ground, and there is very little output voltage. 
As the frequency goes above its resonant value, the LC impedance increases, allowing an 
increasing amount of voltage to be dropped across it. The general frequency response of a 
series resonant band-stop filter is illustrated in Figure 13-29, 
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(a) As frequency increases to f}, Vu decreases (b) As frequency increases from f to f,, V u decreases 


out 
from 10 V to 7.07 V. from 7.07 V to 0 V. 


ouy ww 
out out J 


O) © . O 


(c) As frequency increases from f, to f>, V u Increases (d) As frequency increases above f, V, increases 
from 0 V to 7.07 V. toward 10 V. 


FIGURE 13-29 Example of the frequency response of a series resonant band-stop filter with 
Vin at a constant 10 V rms. The winding resistance is neglected. 


EXAMPLE 13-13 
Find the output voltage at f, and the bandwidth in Figure 13-30. 


Ry 
47 0 
C 
0.01 uF 
100 mV a 
L 
Ry= S00) ismi 


FIGURE 13-30 


SOLUTION 


Since X, = Xç at resonance, we can apply the voltage-divider formula to find 


Vor 
Rw 30 0 
Vou = (2 Vir = | =~ 1100 mV = 39.0 mV 

out (= 58 a] in (> 4 m m 
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Determine the bandwidth as follows: 
= 1 _ 1 
¿TEN 7 27r V(15 mH)(0.01 pF) 
X, = 21f,L = 27(13.0kHz)(15 mH) = 1.22k0 


= 13.0kHz 


R Ri + Ry 7170 l 
Ji 1.22 kHz e 
BW = — = = 810 Hz o 
O 15.9 Open Multisim file E13-13. 


Verify the calculated value 
of the resonant frequency 
and then measure the output 
voltage at resonance. 
Determine the bandwidth 
by measurement. 


RELATED PROBLEM 


What happens to V,,,,; 1f the frequency is increased above resonance? Below 
resonance? 


SECTION 13-4 CHECKUP 


1. The output voltage of a certain band-pass filter is 15 V at the 3. Ina band-stop filter, is the current minimum or maximum 
resonant frequency. What is its value at the cutoff frequencies? at resonance? Is the output voltage minimum or maximum at 
resonance? 


2. For a certain band-pass filter, f, = 120 kHz and Q = 12. 
What is the bandwidth of the filter? 


13-3 PARALLEL RLC CIRCUITS 


In this section, you will learn how to determine the impedance and phase angle of a parallel 
RLC circuit. Current relationships and series-parallel to parallel conversions are discussed. 


After completing this section, you should be able to 


e Analyze parallel RLC circuits 
e Calculate the impedance 
e Calculate the phase angle 
e Determine all currents 
e Convert from a series-parallel RLC circuit to an equivalent parallel form 


Impedance and Phase Angle 


The circuit in Figure 13-31 consists of the parallel combination of R, L, and C. To v, R L C 
find the admittance, add the conductance (G) and the total susceptance (B,,;) as | 
phasor quantities. B,,, is the absolute value of the difference of the inductive sus- 

ceptance and the capacitive susceptance. 


FIGURE 13-31 Parallel RLC 
Bi = | By _ Bc | circuit. 


Therefore, the formula for admittance 1s 


Y = VG + B?, (13-10) 
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The total impedance is the reciprocal of the admittance. 


1 


Zot = + 
tot Y 


The phase angle of the circuit is given by the following formula: 


= — 
0 = tan "| — 13-11 
an E ( ) 


When the frequency is above its resonant value (Xç < Xz), the impedance of the 
circuit in Figure 13-31 is predominantly capacitive because the capacitive current is 
greater, and the total current leads the source voltage. When the frequency is below its 
resonant value (X; < Xç), the impedance of the circuit is predominantly inductive, and 
the total current lags the source voltage. 


EXAMPLE 13-14 


Determine the total impedance and the phase angle for the parallel RLC circuit in 
Figure 13-32. 


A R Xi Xp 


10 KO 5.0 KQ 10 kQ 


FIGURE 13-32 


SOLUTION 


First, determine the admittance as follows: 


1 1 

a a N 
1 1 

Br- = = = 1 

c= oko A 
1 1 

B, = — = 9 

Lx soko A 


Bio: = |B} — Bc| = 100 pS 
Y= VG? + B; = V(100 uS)? + (100 uS)? = 141.4 uS 


From Y, you can get Zor- 


RELATED PROBLEM 


Is the impedance of the circuit in Figure 13-32 predominantly inductive or pre- 
dominantly capacitive? 
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Current Relationships 


In a parallel RLC circuit, the current in the capacitive branch and the current in the inductive 
branch are always 180° out of phase with each other (neglecting any coil resistance). For 
this reason, Jç and I; subtract from each other, and thus the total current into the parallel 
branches of L and C is always less than the largest individual branch current, as illustrated 
in Figure 13-33 and in the waveform diagram of Figure 13-34. Of course, the current in the 
resistive branch is always 90° out of phase with both reactive currents, as shown in the cur- 
rent phasor diagram of Figure 13-35. Notice that Jç is plotted on the positive y-axis and that 
I; is plotted on the negative y-axis. The total current can be expressed as 


Lo; = VB + B; (13-12) 


Coaxial Cable 


Coaxial cable (or “coax” for short) is shielded cable 
used for transmitting high frequencies and fast-pulsed 
waveforms. The shielding helps keep external signals 
from affecting the signal in the cable and forms part of 
the electrical circuit. In addition to the shielding, coax 


is characterized by its impedance, attenuation, and 
capacitance. 


Albert Lozano-Nieto/Fotolia 


FIGURE 13-33 The total 
current into the parallel 
combination of C and L is the 
absolute value of the difference 
of the two branch currents 


(Mcr = le — Ll). 


Wl 
(UU E Ny | 


O O 


í SN | 


AO) 


ir, 


N 


Ic 


FIGURE 13-34 Ic and /, effectively subtract FIGURE 13-35 Current phasor 
from each other. diagram for a parallel RLC circuit. 
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where Ic, is the absolute value of the difference between the two currents, | Zc — Iz |, and 
is the total current into the L and C branches. 
The phase angle can also be expressed in terms of the branch currents as 


I 
0 = tan-¥( 424) (13-13) 
R 


EXAMPLE 13-15 


Find each branch current and the total current in Figure 13-36. Draw a diagram of 
their relationship. 


FIGURE 13-36 


SOLUTION 


Apply Ohm's law to find each branch current. 


fata 2" A 
R= R 22KQ 7 ™ 
V, 50V 
¡AER = 10mA 
CT 50K "T 
V, 50V 
mA 


l = X, 10kQ 
The total current is the phasor sum of the branch currents. 
Ic, = lle — | = 0.5 mA 
loa = VÉ + É; = V227 mA? + (0.5 mA) = 2.32 mA 


The phase angle is 


0 = tan (E) = (a) = 12.4? 


The total current 1s 2.32 mA, leading V, by 12.4°. Figure 13-37 is the cur- 
rent phasor diagram for the circuit. 


FIGURE 13-37 


RELATED PROBLEM 


Will the total current increase or decrease if the frequency in Figure 13-36 is 
increased? Why? 


Conversion of Series-Parallel to Parallel 


The particular series-parallel configuration shown in Figure 13-38 is important because it 
represents a circuit having parallel L and C branches, with the winding resistance of the 
coil taken into account as a series resistance in the L branch. 
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The series-parallel circuit in Figure 13-38 can be viewed in an equivalent purely 
parallel form, as indicated in Figure 13-39. This equivalent form will simplify the analysis 
of parallel resonant characteristics that will be discussed in Section 13-6. 


Rw 
C 
£ 


FIGURE 13-38 A series- FIGURE 13-39 Parallel equivalent 
parallel RLC circuit form of the circuit in Figure 13-38. 
(Q = XL/Ry). 


The equivalent inductance, Leq, and the equivalent parallel resistance, R»(eq) are 
given by the following formulas: 


0? +1 
Leg = > (13-14) 
Roe) = Ry(0 + 1) (13-15) 


where Q is the quality factor of the coil, Xz /Ry. Derivations of these formulas are quite 
involved and thus are not given here. Notice in the equations that for a O = 10, the value 
of Leq is approximately the same as the original value of L. For example, if L = 10 mH 
and Q = 10, then 

107 + 1 


Fo = 10 mH(1.01) = 10.1 mH 


Leg = 10 mu 

The equivalency of the two circuits means that at a given frequency, when the same 

value of voltage 1s applied to both circuits, the same total current 1s in both circuits and the 

phase angles are the same. Basically, an equivalent circuit simply makes circuit analysis 
more convenient. 


EXAMPLE 13-16 


Convert the series-parallel circuit in Figure 13-40 to an equivalent parallel form at the given frequency. 


f 
15.9 kHz 


FIGURE 13-40 


SOLUTION 
Determine the inductive reactance. 

X, = 2mfL = 27(15.9 kHz)(5.0 mH) = 500 Q 
The O of the coil is 


X, 5000 
— — — 2 
l= ky zgo Y 
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Since Q > 10, then Loy = L = 5.0 mH. 
The equivalent parallel resistence is 


Reg = Rm + 1) = (25 9)(20? + 1) = 10.0k0 


This equivalent resistance (Rp(eq)) appears in parallel with R; as shown in Figure 13—41 (a). When combined, they 
give a total parallel resistance (Ryon) Of 3.38 KO, as indicated in Figure 13—-41(b). 


Parallel equivalent 
of inductive branch 
in Figure 13-40 


C 
0.022 uF 


R, (tot) 


3.38 k0 


C 
5.0 mH 0.022 uF 


(a) Parallel equivalent of the circuit in Figure 13—40 (b) Rit =R]; ll Riep = 3.38 KO 


FIGURE 13-41 


RELATED PROBLEM 
Find the equivalent parallel circuit if Ry = 10 Q in Figure 13-40. 


SECTION 13-5 CHECKUP 


1. Ina three-branch parallel circuit, R = 1500 Q, Xc = 10009, 3. Find the equivalent parallel inductance and resistance for a 
and X, = 500 O at a certain frequency. Determine the current 20 mH coil with a winding resistance of 10 © at a frequency 
in each branch when V, = 12 V. of 1 kHz. 


2. Is the circuit in Question 1 capacitive or inductive? Why? 


13-6 PARALLEL RESONANCE 


In this section, we will first look at the resonant condition in an ideal parallel LC circuit. Then, 
we will examine the more realistic case where the resistance of the coil is taken into account. 


After completing this section, you should be able to 


e Analyze a circuit for parallel resonance 
e Describe parallel resonance in an ideal circuit 
¢ Describe parallel resonance in a nonideal circuit 
e Explain how impedance varies with frequency 
e Determine current and phase angle at resonance 
e Determine parallel resonant frequency 
e Discuss the effects of loading a parallel resonant circuit 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


13-6 PARALLEL RESONANCE 593 


Condition for Ideal Parallel Resonance 


Ideally, parallel resonance occurs when X; = Xç. The frequency at which resonance 
occurs is called the resonant frequency, just as in the series resonant circuit. When 
X; = Xo, the two branch currents, Ic and Iz, are equal in magnitude, and, of course, they 
are always 180° out of phase with each other. Thus, the two currents cancel and the total 
current is zero, as presented in Figure 13—42. In this ideal case, the winding resistance of 
the coil is assumed to be zero. 


a) Parallel circuit at resonance (X-=X,, Z = 0 b) Current phasors 
C L p 


FIGURE 13-42 An ideal parallel LC circuit at resonance. 


Since the total current is zero, the impedance of the parallel LC circuit 1s infinitely 
large (% ). These ideal resonant conditions are stated as follows: 


Xr = Xc 
Z,= & 


Parallel Resonant Frequency 


For an ideal parallel resonant circuit, the frequency at which resonance occurs 1s deter- 
mined by the same formula as in series resonant circuits. 


(13-16) 


Currents in a Parallel Resonant Circuit 


The currents in a parallel LC circuit vary as the frequency is increased from below the 
resonant value, through resonance, and then above the resonant value. Figure 13—43 illus- 
trates the general response of an ideal circuit in terms of changes in the currents. 


BELOW THE RESONANT FREQUENCY Figure 13-43(a) indicates the 
response as the source frequency is increased from zero toward f,. At very low frequen- 
cies, Xç is very high and X, is very low, so most of the current is through L. As the fre- 
quency increases, the current through L decreases and the current through C increases, 
causing the total current to decrease. At all times, J; and Jc are 180° out of phase with each 
other, and thus the total current is the difference of the two branch currents. During this 
time, the impedance is increasing, as indicated by the decrease in total current. 


AT THE RESONANT FREQUENCY When the frequency reaches its resonant 
value, f,, as shown in Figure 13-43(b), Xc and X, are equal, so Jc and J; cancel because 
they are equal in magnitude but opposite in phase. At this point the total current is at its 
minimum value of zero. Since J,,, 18 zero, Z is infinite. Thus, the ideal parallel LC circuit 
appears as an open at f,. 


(c) Current waveforms 


DN 


HANDS ON TIP 
When you check the resonant 
frequency of an LC circuit 
using a function generator, the 
Thevenin resistance of the 
generator increases the O of 
the circuit. A generator with an 
internal resistance of 600 Q 
can significantly broaden the 
bandwidth of the resonant 
circuit. To reduce the O and 
obtain a narower bandwidth, 
a small parallel resistor can 

be placed across the generator 
output. The drawback of this 
method is that the signal 
amplitude from the generator 
is reduced. 
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© 


LT 
Ku) 


O) 


T T 


(a) As frequency is increased below resonance: Xc > X_, I > Ic, (b) At the resonant frequency: Xç = X; , I, = Iç, and I, = 0. 
I, decreases, Iç increases, and I, decreases. 


pey] 
tot 


10) 


© 


T 


(c) As frequency is increased above resonance: X, > X¢, I, < Ic, 
I, decreases, [ increases, and I, increases. 


10) 


FIGURE 13-43 An illustration of how the currents respond in a parallel LC circuit as the 
frequency is varied from below resonance to above resonance. The source voltage amplitude 
is constant. 


ABOVE THE RESONANT FREQUENCY As the frequency is increased above 
resonance, as indicated in Figure 13-43(c), Xc continues to decrease and X; continues to 
increase, causing the branch currents again to be unequal, with Jç being larger. As a result, 
total current increases and impedance decreases. As the frequency becomes very high, the 
impedance becomes very small due to the dominance of a very small X¢ in parallel with a 
very large X,. 

In summary, the current dips to a minimum as the impedance peaks to a maximum at 
parallel resonance. The expression for the total current into the L and C branches is 


Iot = [Tr = Ic| (13-17) 


EXAMPLE 13-17 


A resonant circuit in a communication receiver has a 680 uH inductor in parallel 
with a 180 pF capacitor as shown in Figure 13-44. 


(a) What is the resonant frequency? 


(b) If 2.0 V is across the parallel combination, what is the current in each com- 
ponent and the total current? 
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20V 680 uH 180 pF 


FIGURE 13-44 


SOLUTION 
(a) The resonant frequency is 
1 _ 1 
2r VLC 2m (680 wH)(180 pF) 
(b) X, = 2mfL = 27(455 kHz)(680 uH) = 1.94k0 
Xc = X; = 1.94k0 
Ve 20V 


X,  19k0 
Ic = 1, = 1.03 mA 


f, = = 455 kHz 


Ir = = 1.03 mA 


MULTISIM 


The total current at resonance is => 


la = | le — Ic| =0A Open Multisim file E13-17. 
Determine the resonant 
frequency by measurement. 
Determine the currents through 
L and C at the resonant 
frequency. 


RELATED PROBLEM 


Find the current in the inductor and capacitor if the cirousbis tuned ta A7OIHZ. 


Tank Circuit 


The parallel resonant LC circuit is often called a tank circuit. The term tank circuit refers 
to the fact that the parallel resonant circuit stores energy in the magnetic field of the coil 
and in the electric field of the capacitor. The stored energy is transferred back and forth 
between the capacitor and the coil on alternate half-cycles as the current goes first one way 
and then the other when the inductor deenergizes and the capacitor charges, and vice versa. 
This concept 1s illustrated in Figure 13-45. 


(a) The coil deenergizes as the capacitor charges. (b) The capacitor discharges as the coil energizes. 


FIGURE 13-45 Energy storage in an ideal parallel resonant tank circuit. 


Parallel Resonant Conditions 
in a Nonideal Circuit 


So far, the resonance of an ideal parallel LC circuit has been examined. Now let’s consider 
resonance in a tank circuit with the winding resistance taken into account. Figure 13-46 
shows a nonideal tank circuit and its parallel RLC equivalent. 
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FIGURE 13-46 A practical O 
treatment of parallel resonant 
circuits includes the winding Ry 
resistance. 
c= C 
E 
© 
(a) Nonideal tank circuit (b) Parallel RLC equivalent 


If the winding resistance is the only resistance in the circuit, the quality factor, Q, of 
the circuit at resonance is simply the Q of the coil. 


In terms of circuit component values, the O can also be expressed as 


1 fL 
2 RwVC 
These equations for Q include only the winding resistance, Ry, for the coil and 
neglect other resistance that may be present. The internal resistance of the voltage source 
and any load resistance can lower the O. One common way to measure the actual Q is to 
insert a relatively small resistor, called a sense resistor into the circuit. The sense resistor 
introduces minimal loading but develops a small voltage that can be used to determine the 
current. Experiment 27 in the lab manual! illustrates measuring the Q of a resonant circuit 
using a sense resistor. 
The expressions for the equivalent inductance and the equivalent parallel resistance 
were given in Equations 13-14 and 13-15 as 


O? +1 
ty = (Fo) 


Ryen = Ry(Q? + 1) 


Recall that for Q = 10, Leg = L. 
At parallel resonance, 


XL(eg) = Xc 


In the parallel equivalent circuit, Rpeq) 18 in parallel with an ideal coil and a capacitor, so 
the L and C branches act as an ideal tank circuit that has an infinite impedance at reso- 
nance, as shown in Figure 13-47. Therefore, the total impedance of the nonideal tank cir- 
cuit at resonance can be expressed as simply the equivalent parallel resistance. 


Z, = RQ? + 1) 


FIGURE 13-47 At reso- 
nance, the parallel LC portion 
appears open and the source 
sees only Rp(eq); Which equals 
R(Q? + 1). 


Ry(O?+1) Genes) 


I Experiments for DC/AC Fundamentals: A System Approach by David M. Buchla. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


13-6 PARALLEL RESONANCE 597 


EXAMPLE 13-18 


Determine the impedance of the circuit in Figure 13-48 at the resonant frequency 
(f, = 17,794 Hz). 


Ry 

500 r 

m 0.01 uF 
8.0 mH 


FIGURE 13-48 


SOLUTION 


Before you can calculate the impedance, you must find the quality factor. To get 
O, first find the inductive reactance. 
X, = 2mf,L = 27(17,794 Hz)(8.0 mH) = 894 Q 
X, 8940 
= = = 17.9 
2 Rw 500 
Ry(0? + 1) = 500179? + 1) = 16.0 kQ 


Ly 


RELATED PROBLEM 


Determine Z, in Figure 13-48 if the winding resistance is 10 Q. 


Variation of the Impedance 
with Frequency 


The impedance of a parallel resonant circuit is maximum at the resonant frequency and 
decreases at lower and higher frequencies, as indicated by the curve in Figure 13-49. 


FIGURE 13-49 Generalized 
impedance curve for a parallel 
resonant circuit. The circuit is 
inductive below f,, resistive at 
f, and capacitive above f,. 


At very low frequencies, Xz is very small and Xç is very high, so the total impedance 
is essentially equal to that of the inductive branch. As the frequency goes up, the imped- 
ance also increases, and the inductive reactance dominates (because it is less than Xç) until 
the resonant frequency is reached. At this point, of course, X, = Xc (for O > 10) and the 
impedance is at its maximum. As the frequency goes above resonance, the capacitive reac- 
tance dominates (because it is less than Xz) and the impedance decreases. 
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Current and Phase Angle at Resonance 


In the ideal tank circuit, the total current from the source at resonance 1s zero because the 
impedance is infinite. In the nonideal case, there is some total current at the resonant fre- 
quency, and it is determined by the impedance at resonance. 


V 
logy = z (13-18) 


The phase angle of the parallel resonant circuit is 0° because the impedance is purely 
resistive at the resonant frequency. 


Parallel Resonant Frequency 
in a Nonideal Circuit 


As you know, when the winding resistance is considered, the resonant condition is 


XL(eg) Xc 
which can be expressed as 
O? + =) 1 
ZAC L = == 
i ( Q? 2mrf,C 


Solving for f, in terms of Q yields 
ITE N E i 
”  2mVLC\ Q +1 
When Q = 10, the term with the Q factors is approximately 1. 


2 

100 

2 = |” = 0995 = 1 
Q? + 101 


Therefore, the parallel resonant frequency is approximately the same as the series resonant 
frequency as long as Q is equal to or greater than 10. 


fr = forQ = 10 


For the case where the Rw of the coil is the only resistance in the circuit, a precise 
expression for f, in terms of the circuit component values is 


VI — (ROL 
7 2r VLC 


This precise formula is seldom necessary and for most practical situations the simpler 
equation f, = 1/(2m VLC) is sufficient. However, the next example illustrates the use of 
Equation 13-19. 


Sr (13-19) 


EXAMPLE 13-19 


Find the frequency, impedance, and total current at resonance for the circuit in 
Figure 13-50 using Equation 13-19. 


FIGURE 13-50 


L C 


Ry =1000 2 100 mH | 0.047 uF 


10 V 
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SOLUTION 
The precise resonant frequency is 


© VAi = (RAC/L) V^ = [(100 8)°(0.047 uF) /100 mH] 


r = 2.32 kHz 
J 2r VLC 21 V (0.047 wF)(100 mH) 
Calculate impedance as follows: 
X, = 21f,L = 27(2.32 kHz)\(100 mH) = 1.46 kQ 
X 1.46 kQ 
o= ap T 00 7 146 
id MULTISIM 
Z, = RQ? + 1) = 100 0(14.6? + 1) = 214k0 k 
The total current is = 
Open Multisim file E13-19. 
i= Vs = 10 V — 467 uA Determine the resonant 
aa Z, WAKO H frequency by measurement. 


Determine the total current and 
the currents through L and C at 
the resonant frequency. How 
do these results compare with 
the calculated values? 


RELATED PROBLEM 


Repeat this example using the formula f, = 1/(2m VLC) and compare the results. 


An External Load Resistance 
Affects a Tank Circuit 


In a basic parallel resonant circuit with no load resistor, the Q of the circuit is determined 
only by the O of the coil and some loading due to the source resistance. However, the 
source loading effect is complicated by frequency dependency. At resonance, the source 
resistance has a small current, which is due to the nonideal characteristic of the tank cir- 
cuit. As the circuit moves away from resonance, this current increases due to phase shifts. 
To simplify the discussion, we will ignore the effect of source loading. 

In most practical circuits, as illustrated in Figure 13-51(a), an external load (Rz) dis- 
sipates most of the power delivered by the source. In this case, the load resistor will lower 
the O of the circuit—the smaller the load resistor, the lower the O. The load resistor, R;, 
effectively is in parallel with the equivalent parallel resistance of the coil, Req); both are 
combined to determine the total parallel resistance, Rygon, as indicated in Figure 13—51(b) 
and given as 


Ry tot) = R; l| Roceq) (13-20) 


In the case of an unloaded tank circuit, Rygon reduces to Reg) 


Tank circuit 


Ro (ot) 


FIGURE 13-51 Tank circuit with a load resistor and its equivalent circuit. 
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The overall O, designated Qo, 1s given by the approximate equation 


Rp (tot) 


Qo = x (13-21) 


Notice that this equation is reversed from the Q of a series circuit or the Q of an inductor 
alone. However, the unloaded case for a parallel circuit will give the same result as the Q 
of the inductor alone, so either equation can be used with no load. 


A BASIC METAL DETECTOR 


Resonant circuits are used in many oscillators. Figure 13—52 shows a circuit that uses two 

oscillators to make a basic metal detector. The resonant circuit of oscillator-1 is the focus 

of this example and is shown in the yellow highlighted box. The oscillator is a Colpitts 

type first introduced in System Example 9-1. This particular oscillator will change fre- 

quencies when it is near metal because of the change in inductance of the sensing coil (L4). 
To calculate the oscillation frequency of oscillator-1, we apply 


Capacitor C¡ has almost no effect on the resonant frequency and can be ignored; however, 
it is in the circuit to block de. Cy and C3 are in series; together with L, they form an equiv- 
alent tank circuit (or parallel resonant circuit). 

Oscillator-2 is designed to oscillate at a slightly different frequency from oscillator-1. It 
develops a fixed reference frequency that interacts with the frequency generated by oscilla- 
tor-1. The output of each oscillator is mixed in a nonlinear mixer. (Recall that the superposi- 
tion theorem allows you to add sources linearly, so it does not apply in this case.) By mixing 
the signals in a nonlinear circuit, two new frequencies appear at the output: the sum of oscil- 
lator-1 plus oscillator-2 and the difference in their frequencies; this lower difference fre- 
quency is known as a beat frequency. A low-pass filter, consisting of Ly and Rg, allows only 
the beat frequency through, which is an audio tone. It is amplified and sent to headphones. 

The frequency of oscillator-1 will change when it is near metal due to the magnetic 
coupling, causing reduced inductance. As a result, the beat frequency also changes and is 
heard in the headphones as a changing squeal. 


Oscillator- | 


Q1 
2N3904 Low-pass 


filter 


To 
headphones 


Oscillator-2 
(Reference 
oscillator) 


FIGURE 13-52 A metal detector circuit. 
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SECTION 13-6 CHECKUP 


the total impedance at resonance if Q = 20? 


1. Is the impedance minimum or maximum at parallel resonance? 5. If Q = 25, L = 50 mH, and C = 1000 pF, what is f,? 

2. Is the current minimum or maximum at parallel resonance? 6. In Question 5, if Q = 2.5, what is f,? 

3. At ideal parallel resonance, X, = 1.5 kQ. What is Xe? 7. In a certain tank circuit, the coil resistance is 20 Q. What is 
4 


. A tank circuit has the following values: Ry = 5.0 Q, L = 
220 uH, and C = 0.10 uF. Calculate f, and Z,. 


13-7 PARALLEL RESONANT 
FILTERS 


Parallel resonant circuits are commonly applied to band-pass and band-stop filters. 


After completing this section, you should be able to 


e Analyze the operation of parallel resonant filters 
e Show how a band-pass filter is implemented 
¢ Define bandwidth 
e Explain how loading affects selectivity 
e Show how a band-stop filter is implemented 


e Determine the resonant frequency, bandwidth, and output voltage of band-pass and 
band-stop parallel resonant filters 


The Band-Pass Filter 


A basic parallel resonant band-pass filter is shown in Figure 13-53. Notice that the output 
is taken across the tank circuit in this application. 


FIGURE 13-53 A basic parallel resonant 
band-pass filter. 


The bandwidth and cutoff frequencies for a parallel resonant band-pass filter are 
defined in the same way as for the series resonant circuit, and the formulas given in Section 
132 still apply. General band-pass frequency response curves showing both V,,,, and Lot 
versus frequency are given in Figures 13-54(a) and 13-54(b), respectively. 
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FIGURE 13-54 Generalized Va Log 
frequency response curves for 
a parallel resonant band-pass 
filter. 


V 


max 


0.707 V 


max 


fi £ h J 


(a) 


The filtering action is as follows: At very low frequencies, the impedance of the tank 
circuit is very low, and therefore only a small amount of the input voltage is dropped 
across it; the rest is dropped across R. As the frequency increases, the impedance of the 
tank circuit increases, and, as a result, the output voltage increases. When the frequency 
reaches its resonant value, the impedance is at its maximum and most of the input voltage 
is developed across the tank circuit. As the frequency goes above resonance, the imped- 
ance begins to decrease, causing the output voltage to decrease. The general response of a 
parallel resonant band-pass filter is illustrated in Figure 13-55. This illustration shows how 
the current and the output voltage change with frequency. 


RS ll Uy 
t 


ou 


ex ZN 


(a) As the frequency increases to fi, V u increases to 7.07 V, (b) As the frequency increases from f to f,, Vout increases from 
and „decreases. 7.07 V to 10 V, and [,, , decreases to its minimum value. 


LOIN 


QU SN, | 


out 


WWW, 
NY 


tot 


tot 


© © © 


© 


(c) As the frequency increases from f, to f, V,,,, decreases (d) As the frequency increases above f, V,,,, decreases below 
from 10 V to 7.07 V, and [,, increases from its minimum. 7.07 V, and [,, continues to increase. 


FIGURE 13-55 Example of the response of a parallel resonant band-pass filter with the input 
voltage at a constant 10 V rms. 
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EXAMPLE 13-20 


A certain parallel resonant band-pass filter has a maximum output voltage of 4 V 
at f, What is the value of V,,,,, at the cutoff frequencies? 


SOLUTION 
Vout at the cutoff frequencies is 70.7% of maximum. 


Vout) = Vou) = 0.707 V ouninax) = 0.707(4 V) = 2.83 V 


RELATED PROBLEM 


What is V,,,,, at the cutoff frequencies if V,,,,, at the resonant frequency is 10 V? 


EXAMPLE 13-21 


A parallel resonant circuit has a lower cutoff frequency of 3.5 kHz and an upper 
cutoff frequency of 6 kHz. What is the bandwidth? 


SOLUTION 
BW = fp — fi = 6 kHz — 3.5kHz = 2.5 kHz 


RELATED PROBLEM 


A filter has a lower cutoff frequency of 520 kHz and a bandwidth of 10 kHz. 
What is the upper cutoff frequency? 


EXAMPLE 13-22 


A certain parallel resonant band-pass filter has a resonant frequency of 12 kHz 
and a O of 10. What is its bandwidth? 


SOLUTION 


fr — 12kHz 
O 10 


= 1.2 kHz 


BW = 


RELATED PROBLEM 


A certain parallel resonant band-pass filter has a resonant frequency of 100 MHz 
and a bandwidth of 4 MHz. What is its O? 


LOADING EFFECTS Whena resistive load is connected across the output of a filter 
as shown in Figure 13-56(a), the Q of the filter is reduced. Since BW = f,/0O, the band- 
width is increased, thus reducing the selectivity. Also, the impedance of the filter at reso- 
nance is decreased because Rz effectively appears in parallel with R,,eq). Thus, the 
maximum output voltage is reduced by the voltage-divider effect of R qon and the internal 
source resistance R,, as illustrated in Figure 13—56(b). Figure 13-56(c) shows the effect of 
a load on the specific resonant circuit described in Example 13-23. The effect of a load 
drops the peak and increases the bandwidth as shown. 
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R, and Rp gor act as a voltage divider. 
Z = œ (open) 


Voltage source Voltage source 


R 
pot) 
= Root id R; ` 


| 


(a) Tank circuit with load (b) Equivalent circuit at resonance 


Bandwidth with no load 
q 


4 _— Bandwidth with a 1.0 kQ load 


o] } | 7 
(c) Loading widens the bandwidth and reduces the output. 


FIGURE 13-56 Effects of loading on a parallel resonant band-pass filter. The resistor, R, 
in Figure 13-53 is now represented by the internal source resistance R,. 


EXAMPLE 13-23 


(a) Determine f,, Voun and BW at resonance for the filter in Figure 13-57(a). The inductor has a winding resist- 
ance of 10.5 O. The internal source resistance is 50 Q. 


(b) Repeat part (a) when the filter is loaded with a 1.0 KO resistance and compare the results. 


(a) Original circuit (b) Equivalent circuit with R, 


) shown in blue 


(eg 


FIGURE 13-57 


SOLUTION 
i |. 1 
2mVLC  21rV(560 uB)Q7 nF) 


(a) f} = = 40.9 kHz 


The circuit is unloaded. To calculate the output voltage, begin by finding the Q of the coil and R,,eq). 
Xp, = 2nfl = 27(40.9 kHz)1(560 uH) = 1440 
XL 144 0 


l = Ry 1050 


= 13.7 
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Apply Equation 13-15 to calculate Req) (parallel equivalent resistance of the coil). 
Rate) = Rw(Q? + 1) = 10.5 0013.7 + 1) = 1.98k0 


Because the circuit is unloaded, Rito = Rpeg) = 1.98 KQO, as shown in Figure 13-57(b). At resonance, the 
tank circuit looks like an open, so apply the voltage-divider formula to Rito) and R, to find Vout 


Roto 1.98 kQ 
Vous = ( = ). = de Joy = 975 mV 


Racor) + R, 1.98k0 + 509 


To calculate the BW, apply Equation 13-21. 


Root 98k0 
a : ds ET o RS 
Notice that this is the same Q (within round off error) as the inductor alone, because the circuit is unloaded. 
BW = A = eae = 2.96 kHz 
(b) The resonant frequency is not significantly affected by the load and is equal to 
f, = 40.9 kHz 


The load drops the output voltage because it appears to be in parallel with R,(ea) Apply Equation 13-20. 


Rottot) = Rel Reg = 10K0 ||2.07 KQ = 674 0 


Applying the voltage-divider formula, 


Roto 74 0 
Vow = ¢ a2 ). = ( ss Joy = 930 mV 
P 


(tot) + Rs 6740 + 500 
To calculate the BW, apply Equation 13-21. 
Rotot = 674 Q = 


lo", T moa IS 
BW = de a 8.74 kHz 
Qo 4.68 


The load decreased the output voltage and caused the bandwidth to increase. 


RELATED PROBLEM 


How is Qo affected by a larger-value load resistor? 


The Band-Stop Filter MULTISIM 


A basic parallel resonant band-stop filter is shown in Figure 13-58. The output is taken 
across a load resistor in series with the tank circuit. The load resistor has only a small 


Open the Multisim file E13-23. 
effect on O in this configuration, and generally the effect can be ignored. 


To view the response, the Bode 
plotter is connected across a 
“Sense resistor” that acts as a 
current-to-voltage converter. 
Compare results in Multisim 
with the calculated values in 
this example. View the 
response on the Bode plotter. 
Try changing the winding 
resistance of the coil and see 
what happens. 


FIGURE 13-58 A basic parallel resonant band-stop filter. 
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The variation of the tank circuit impedance with frequency produces the familiar cur- 
rent response that has been previously discussed; that is, the current is minimum at reso- 
nance and increases on both sides of resonance. Since the output voltage is across the 
series load resistor, the output voltage follows the current, thus creating the band-stop 
response characteristic, as indicated in Figure 13-59. 


FIGURE 13-59 Band-stop Vag 
filter response. 


J 


Actually, the band-stop filter in Figure 13-58 can be viewed as a voltage divider cre- 
ated by Z, of the tank and the load resistance. Thus, the output voltage at f, 18 


Wave Traps 


A wave trap is a resonant circuit designed to sig- 

nificantly reduce interference from a specific 

source. For example, a wave trap to prevent inter- 300 0 300 Q 
ference from a citizen band radio at 27 MHz is a line in line out 
parallel resonant circuit tuned to that frequency. L's= 
Other frequencies can pass through the filter with 3.0 uH 
little effect. The circuit shown above is a wave trap C's = 
designed to be inserted in 300 Q twin lead, which 

is a commonly used radio frequency transmission 

line. The wave trap is installed in a shielded enclo- 

sure with the shield connected to ground. 


EXAMPLE 13-24 


Figure 13-60 shows the tank circuit from Example 13-23, which is used in a 
band-stop filter. Determine f, and Vp, at resonance. The winding resistance of the 
inductor is 10.5 O. 


FIGURE 13-60 
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SOLUTION 
The resonant frequency is 
1 1 
"VLC  2wV/560 14B)(270F) 
Determine V,,,,, as follows: 
X, = 2mfL = 27(40.9 kHz)(560 uH) = 1440 
Xr 1440, 


l= Ry losn Y 


= 40.9 kHz 


Applying Equation 13-15, 


= 2 E e 
Rate) = Ry(Q? + 1) = 10.5 (13.7 + 1) = 1.98k0 ee 


At resonance, 


V ( Ri )y ( es ) OV = 335 mV 
== — A — m 
ME ARE + Rey)? MLOKO + 1.98k0 


Open the Multisim file E13-24. 
Compare results in Multisim 
with the calculations. You can 
read the resonant frequency 
and output voltage on the 
Bode plotter. 


RELATED PROBLEM 


What is the output at the resonant frequency if the load resistor is 470 Q? 


SECTION 13-7 CHECKUP 


1. How can the bandwidth of a parallel resonant filter be increased? 3. What is the impedance of a tank circuit at its resonant 


f if Rw = 75 Q and Q = 25? 
2. The resonant frequency of a certain high-Q (Q > 10) filter is a and Q 


5 kHz. If the Q is lowered to 2, does f, change and, if so, to 
what value? 


13-8 RESONANT CIRCUIT APPLICATIONS 


Resonant circuits are used in a wide variety of applications, particularly in communication 
systems. In this section, we will look at a few system applications to illustrate the importance of 
resonant circuits in electronic communication. 


After completing this section, you should be able to 


e Discuss some applications of resonant circuits 
e Describe a tuned amplifier and double-tuned transformer coupling 
e Describe antenna coupling 
e Describe an AM radio receiver 


Tuned Amplifiers 


A tuned amplifier is a circuit that amplifies signals within a specified band. Typically, a 
parallel resonant circuit is used in conjunction with an amplifier to achieve the selectivity. 
In terms of the general operation, input signals with frequencies that range over a wide 
band are accepted on the amplifier’s input and are amplified. The resonant circuit allows 
only a relatively narrow band of those frequencies to be passed on. The variable capacitor 
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allows tuning over the range of input frequencies so that a desired frequency can be 
selected, as indicated in Figure 13-61. 


Va V, ut 


Output 


nR Variable C J 


FIGURE 13-61 A basic tuned band-pass amplifier. 


Double-Tuned Transformer Coupling 
in a Receiver 


In some types of communication receivers, tuned amplifiers are transformer-coupled 
together to increase the amplification. Capacitors can be placed in parallel with the pri- 
mary and secondary windings of the transformer, effectively creating two parallel resonant 
band-pass filters that are coupled together. This technique, illustrated in Figure 13—62, can 
result in a wider bandwidth and steeper slopes on the response curve, thus increasing the 
selectivity for a desired band of frequencies. 


PARDO 


FIGURE 13-62 Double-tuned amplifiers. 


Antenna Input to a Receiver 


Radio signals are sent out from a transmitter via electromagnetic waves that propagate 
through the atmosphere. When the electromagnetic waves cut across the receiving antenna, 
small voltages are induced. Out of the wide range of electromagnetic frequencies, only one 
frequency or a limited band of frequencies must be extracted. Figure 13-63 shows a typi- 
cal arrangement of an antenna coupled to the receiver input by a transformer (covered in 


FIGURE 13-63 Resonant Antenna 
coupling from an antenna. 


Parallel resonant 
circuit 


To receiver 
input 


Coupling 
transformer 
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Chapter 14). A variable capacitor is connected across the transformer secondary to form a 
parallel resonant circuit. 


Superheterodyne Receiver 


Another example of resonant circuit application is in the common AM (amplitude modula- 
tion) receiver. The AM broadcast band ranges from 535 kHz to 1605 kHz. Each AM sta- 
tion is assigned a 10 kHz bandwidth within that range. The tuned circuits are designed to 
pass only the signals from the desired radio station, rejecting all others. To reject stations 
outside the one that is tuned, the tuned circuits must be selective, passing on only the sig- 
nals in the 10 kHz band and rejecting all others. Too much selectivity is not desirable 
either however. If the bandwidth is too narrow, some of the higher frequency modulated 
signals will be rejected, resulting in a loss of fidelity. Ideally, the resonant circuit must 
reject signals that are not in the desired passband. A simplified block diagram of a super- 
heterodyne AM receiver is shown in Figure 13-64. 


535 kHz-1605 kHz 

electromagnetic waves 
Amplitude-modulated 455 kHz AM 
oa kHz carrier 1 Envelope 


carrier Audio signal 


— “aA 


L L 4 
aw LU Y S XN ví A E 
IF Audio 
RF Mixer detector 
ampl. ampl. 
oe s Sound 
f. =455 kHz 
| | 600 kHz 1055 kHz 
= | LO 
| 600kHz = | Local = 
= = | | oscillator 
| | 
| | 
| | 
AA CE e = 
T L J= 1055 kHz 
Tuning 
control =- 
Front end 


FIGURE 13-64 A simplified diagram of a superheterodyne AM radio broadcast receiver showing 
the application of tuned resonant circuits. 


There are basically three parallel resonant circuits in the front end of the receiver. Each 
of these resonant circuits is gang-tuned by capacitors; that is, the capacitors are mechanically 
or electronically linked together so that they change together as a station is selected. The 
front end is tuned to receive a desired station, for example, one that transmits at 600 kHz. The 
input resonant circuit from the antenna and the RF (radio frequency) amplifier resonant cir- 
cuit select only a frequency of 600 kHz out of all the frequencies crossing the antenna. 

The actual audio (sound) signal is carried by the 600 kHz carrier frequency by modu- 
lating the amplitude of the carrier so that it follows the audio signal as indicated. The vari- 
ation in the amplitude of the carrier corresponding to the audio signal is called the envelope. 
The 600 kHz is then applied to a circuit called the mixer. 

The local oscillator (LO) is tuned to a frequency that is 455 kHz above the selected 
frequency (1055 kHz, in this case). By a process called heterodyning or beating, the AM 
signal and the local oscillator signal are mixed together, and the 600 kHz AM signal is 
converted by the mixer to a 455 kHz AM signal (1055 kHz — 600 kHz = 455 kHz). 
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The 455 kHz is the intermediate frequency (IF) for standard AM receivers. No matter 
which station within the broadcast band is selected, its frequency is always converted to 
the 455 kHz IF. The amplitude-modulated IF is amplified by the IF amplifier which is 
tuned to 455 kHz. The output of the IF amplifier is applied to an audio detector which 
removes the IF, leaving only the envelope which is the audio signal. The audio signal is 
then amplified and applied to the speaker. 


SECTION 13-8 CHECKUP 


1. Generally, why is a tuned resonant circuit necessary 2. What is the advantage of using an intermediate frequency in 
when a signal is coupled from an antenna to the input of a an AM radio? 
receiver? 


3. What is meant by ganged tuning? 


SUMMARY 


e Xy and Xc have opposing effects in an RLC circuit. 
e Ina series RLC circuit, the larger reactance determines the net reactance of the circuit. 


e Ina parallel RLC circuit, the smaller reactance determines the net reactance of the circuit. 


SERIES RESONANCE 

e The reactances are equal. 

e The impedance is minimum and equal to the resistance. 
e The current is maximum. 

e The phase angle is zero. 


e The voltages across L and C are equal in magnitude and, as always, 180° out of phase with each 
other and thus they cancel. 


PARALLEL RESONANCE 

e The reactances are approximately equal for Q = 10. 
e The impedance is maximum. 

e The current is minimum and, ideally, equal to zero. 
e The phase angle is zero. 


e The currents in the L and C branches are equal in magnitude and, as always, 180° out of phase 
with each other and thus they cancel. 


e A band-pass filter passes frequencies between the lower and upper critical frequencies and rejects 
all others. 


e A band-stop filter rejects frequencies between its lower and upper critical frequencies and passes 
all others. 


e The bandwidth of a resonant filter is determined by the quality factor (O) of the circuit and the 
resonant frequency. 


e Cutoff frequencies are also called —3 dB frequencies or critical frequencies. 


e The output voltage is 70.7% of its maximum at the cutoff frequencies. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 


Band-pass filter A resonant circuit that passes a range of frequencies lying between two cutoff 
frequencies and rejects frequencies above and below the range. 


Band-stop filter A resonant circuit that rejects a range of frequencies lying between two cutoff 
frequencies and passes frequencies above and below the range. 


Cutoff frequency (f.) The frequency at which the output voltage of a filter is 70.7% of the maxi- 
mum output voltage. 
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KEY FORMULAS 611 


Decibel (dB) A unit of logarithmic expression ten times the logarithm of the ratio of two powers or 
twenty times the logarithm of the ratio of two voltages measured across equal resistances. 


Half-power frequency The frequency at which the output power of a filter is 50% of the maximum 
(the output voltage is 70.7% of maximum); another name for critical frequency or cutoff frequency. 


Parallel resonance In a parallel RLC circuit, the condition where the impedance is maximum and 
the reactances are equal. 


Resonant frequency The frequency at which a resonant condition occurs in a series or parallel 
RLC circuit. 


Selectivity A measure of how effectively a resonant circuit passes certain frequencies and rejects 
others. The narrower the bandwidth, the greater the selectivity. 


Series resonance Ina series RLC circuit, the condition where the impedance is minimum and the 
reactances are equal. 


KEY FORMULAS 


(3-1) Xp = |X_ — Xcel 


Total series reactance (absolute value) 


(13-2) Z,, = VR? + X2, 


Total series RLC impedance 


= | X tot ; 
(13-3) 0 = tan a Series RLC phase angle 
1 
(13-4) = oa VEE Ideal series resonant frequency 


(13-5) BW = fh _ fi Bandwidth 


P 
(13-6) dB = 10 log Yee) Decibel formula for voltage ratio 
in 
Vout 
(13-7) dB = 20 log( Ye) Decibel formula for power ratio 
i 
XL 
(13-8) Q = R Series resonant quality factor 
fr | 
(13-9) BW = 0 Bandwidth 
(13-10) Y = VO + B?, Parallel RLC admittance 
—1 Biot 
(13-11) 0 = tan ES Parallel RLC phase angle 
(13-12) I, = VB + Py Total parallel RLC current 
_ af Lc 
(13-13) 0 = tan To Parallel RLC phase angle 
R 
0? + 1 
(13-14) Lg =L a Equivalent parallel inductance 
(13-15) Rey = Ry(Q? + 1) Equivalent parallel resistance 
1 
13-16 = ——— Ideal parallel resonant frequenc 
( ) fr Ve VLC p q y 
(13-17) Lm = |I; — Ic| Total parallel LC current (absolute value) 
Vs 
(13-18) lor E Total current at parallel resonance 
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612 CHAPTER 13 + RLC CIRCUITS AND RESONANCE 


Vi — (RÍCI]L) 


(13-19) = == Parallel resonant frequency (exact) 
fr 2m VLC e 
(13-20) Roton = RL | Ry(eq) Total parallel resistance 
Kp (tot) | 
(13-21) Qo = Overall Q of a parallel RLC circuit 
Xi (eq) 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. A series RLC circuit can have a higher voltage than the source voltage across the resistor. 
2. The impedance of a series RLC circuit is dependent on the source voltage. 


3. Above the resonant frequency, a series resonant circuit will look inductive and current will lag 
the voltage. 


A band-pass filter can be constructed from a RLC circuit. 

A parallel resonant band-stop filter has minimum impedance at the resonant frequency. 
The upper and lower cutoff frequencies of a band-stop filter determine the bandwidth. 
The O of an inductor is dependent on the frequency at which it is measured. 

The O of a band-pass filter does not affect the bandwidth. 

In a parallel RLC circuit, the total impedance is always greater than the resistance. 


10. At resonance, the current in a parallel resonant circuit is the same in all components. 


SELF-TEST 


Answers are at the end of the chapter. 


1. The total reactance of a series RLC circuit at resonance is 


(a) zero (b) equal to the resistance (e) infinity (d) capacitive 


2. The phase angle of a series RLC circuit at resonance is 
(a) —90° (b) +90° (e) 0° (d) dependent on the reactance 

3. The impedance at the resonant frequency of a series RLC circuit with L = 15 mH, 
C = 0.015 uF, and Rw = 80 Q is 
(a) 15k0 (b) 80 0 (e) 300, (d) 00 


4. Ina series RLC circuit that is operating below the resonant frequency, the current 


(a) is in phase with the source voltage 
(b) lags the source voltage 
(e) leads the source voltage 


5. If the value of C in a series RLC circuit is increased, the resonant frequency 


(a) is not affected (b) increases 
(c) remains the same (d) decreases 


6. In a certain series resonant circuit, Ve = 150 V, V; = 150 V, and Ve = 50 V. The value of 
the source voltage is 


(a) 150 V (b) 300 V (e) 50 VY (d) 350 V 
7. A certain series resonant band-pass filter has a bandwidth of 1 kHz. If the existing coil is 
replaced with one having a lower value of Q, the bandwidth will 


(a) increase (b) decrease (c) remain the same (d) be more selective 


8. At frequencies below resonance in a parallel RLC circuit, the current 
(a) leads the source voltage 
(b) lags the source voltage 
(e) is in phase with the source voltage 
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9. The total current into the L and C branches of a parallel circuit at resonance is ideally 
(a) maximum (b) low (c) high (d) zero 
10. To tune a parallel resonant circuit to a lower frequency, the capacitance should be 


(a) increased (b) decreased (e) left alone (d) replaced with inductance 


11. The resonant frequency of a parallel circuit is the same as a series circuit using the same com- 
ponents when 


(a) the O is very low (b) the O is very high (c) there is no resistance 


12. If the resistance in parallel with a parallel resonant filter is reduced, the bandwidth 


(a) disappears (b) decreases (c) becomes sharper (d) increases 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 


SECTION 13-1 Impedance and Phase Angle of Series RLC Circuits 


1. A certain series RLC circuit operates at a frequency of 5 kHz and has the following values: 
R = 10 Q, C = 0.047 uF, and L = 5 mH. Determine the impedance and phase angle. What is 
the total reactance? 


2. Find the impedance in Figure 13-65. 


3. If the frequency of the source voltage in Figure 13-65 is doubled from the value that produces 
the indicated reactances, how does the impedance change? 


Xc FIGURE 13-65 


SECTION 13-2 Analysis of Series RLC Circuits 
4. For the circuit in Figure 13-65, find Lot Vr, Vr, and Vc. 
5. Draw the voltage phasor diagram for the circuit in Figure 13—65. 


6. Analyze the circuit in Figure 13—66 for the following ( f = 25 kHz): 
(a) Lo (b) Pie (© P, (d) P, 


FIGURE 13—66 


ay eae per 


SECTION 13-3 Series Resonance 


7. For the circuit in Figure 13-65, is the resonant frequency higher or lower than the value indi- 
cated by the reactances? 


8. For the circuit in Figure 13-67, determine the voltage across R at resonance. 
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FIGURE 13-67 R L 


220 Q 1.0 mH 


y pa 


9. Find X7, Xc, Z, and / at the resonant frequency in Figure 13-67. 


10. A certain series resonant circuit has a maximum current of 50 mA and a V, of 100 V. The 
source voltage is 10 V. What is Z? What are Xz and Xc? 


11. For the RLC circuit in Figure 13-68, determine the resonant frequency and the cutoff frequencies. 
12. What is the value of the current at the half-power points in Figure 13-68? 


FIGURE 13-68 R L 
39 Q 82 uH 
C 1.5nF 
Ye 
3.0V 


SECTION 13-4 Series Resonant Filters 


13. Determine the resonant frequency for each filter in Figure 13-69. Are these filters band-pass or 
band-stop types? 


12mH 901 uF 2.0mH 9 922 uF 
750 > 220) 
(a) (b) 
FIGURE 13-69 


14. Assuming that the coils in Figure 13-69 have a winding resistance of 10 Q, find the bandwidth 
for each filter. 


15. Determine f, and BW for each filter in Figure 13—70. 


R R 
1500 826 
L L 
100 uH 5.0 mH 
C C 
T 0.0022 uF T 0.047 uF 
(a) (b) 


FIGURE 13-70 
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SECTION 13-5 Parallel RLC Circuits 
16. Find the total impedance of the circuit in Figure 13—71. 


FIGURE 13-71 


5V 
f= 12 kHz 


E 
0.022 uF 


17. Is the circuit in Figure 13-71 capacitive or inductive? Explain. 
18. For the circuit in Figure 13-71, find all the currents and voltages. 
19. Find the total impedance for the circuit in Figure 13-72. 


FIGURE 13-72 


L 
v, 10 mH 
sv C 
10 kHz 15 nF 
R 
809 


SECTION 13-6 Parallel Resonance 
20. What is the impedance of an ideal parallel resonant circuit (no resistance in either branch)? 
21. Find Z at resonance and f, for the tank circuit in Figure 13-73. 


22. How much current is drawn from the source in Figure 13-73 at resonance? What are the induc- 
tive current and the capacitive current at the resonant frequency? 


FIGURE 13-73 


SECTION 13-7 Parallel Resonant Filters 


23. Atresonance, X, = 2 kQ and Ry = 25 Q in a parallel resonant band-pass filter. The resonant 
frequency is 5 kHz. Determine the bandwidth. 


24. Ifthe lower cutoff frequency is 2400 Hz and the upper cutoff frequency is 2800 Hz, what is the 
bandwidth? 


25. In a certain resonant circuit, the power to the load at resonance is 2.75 W. What is the power at 
the lower and upper cutoff frequencies? 


26. What values of L and C should be used in a tank circuit to obtain a resonant frequency of 8 kHz? 
The bandwidth must be 800 Hz. The winding resistance of the coil is 10 Q. 


27. A parallel resonant circuit has a Q of 50 and a BW of 400 Hz. If Q is doubled, what is the band- 
width for the same f,? 
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A 


MULTISIM 


=a 


N 


RLC CIRCUITS AND RESONANCE 


28. A parallel resonant band-stop filter is needed to reject 60 Hz power line noise. What size should 


the inductor be if the capacitor is 200 uF? 


29. Draw the circuit described in Problem 28 if the output is taken across a 220 Q resistor. 


ADVANCED PROBLEMS 

30. For each following case, express the voltage ratio in decibels: 
(a) Vin = V, Vout = LY (b) Vin =5 V; Vout A 
(e) Vin = 10 V, Vout = 7.07 V (d) Vin = 25 Y, Vout = 5V 


31. 


Find the current through each component in Figure 13-74. Find the voltage across each 
component. 


FIGURE 13-74 


32. Determine whether there is a value of C that will make Vap = 0 V in Figure 13-75. If not, 


33. 


34. 


35. 


36. 


37. 


explain. 


FIGURE 13-75 


If the value of C is 0.22 uF, how much current is through each branch in Figure 13-75? What 
is the total current? 

(a) Determine the frequency of oscillator-1 for the circuit in Figure 13-52. Assume L4 is 300 uH. 
(b) What is the cutoff frequency for the low-pass filter in Figure 13-52? 

Design a band-pass filter using a parallel resonant circuit to meet the following specifications: 
BW = 500 Hz, O — 40, leipa = 20 mA, Viconax) = 2.5 V. 

Design a circuit in which the following series resonant frequencies are switch-selectable: 
500 kHz, 1000 kHz, 1500 kHz, 2000 kHz. 

Design a parallel-resonant network using a single coil and switch-selectable capacitors to pro- 


duce the following resonant frequencies: 8 MHz, 9 MHz, 10 MHz, and 11 MHz. Assume a 
10 uH coil with a winding resistance of 5 Q. 


MULTISIM TROUBLESHOOTING 


PROBLEMS 


38. 


39. 
40. 
41. 
42. 
43. 


Open file P13-38; files are found at www.pearsonhighered.com/floyd. Determine if there is a 
fault and, if so, identify it. 


Open file P13-39. Determine if there is a fault and, if so, identify it. 
Open file P13-40. Determine if there is a fault and, if so, identify it. 
Open file P13-41. Determine if there is a fault and, if so, identify it. 
Open file P13-42. Determine if there is a fault and, if so, identify it. 
Open file P13-43. Determine if there is a fault and, if so, identify it. 
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ANSWERS TO SECTION CHECKUPS 


SECTION 13-1 Impedance and Phase Angle of Series RLC Circuits 
1. The circuit is inductive if X; > Xç and capacitive if Xç > Xz. 
2. Xot = XL — Xc| = 70 Q; The circuit is capacitive. 
3. Z= VR + X2, = 832 0;0 = tan`! (X,ot/R) = 57.3°; Current is leading V,- 


SECTION 13-2 Analysis of Series RLC Circuits 
L V, = VV + (Ve — Vr}? = 38.4 V 
2. Current leads V, because the circuit is capacitive. 
3. Xot = Xr — Xc| = 6k0 


SECTION 13-3 Series Resonance 

1. Series resonance occurs when X, = Xc. 

2. The current is maximum because the impedance is minimum. 
3. f. = 1/2rm VLC) = 159 kHz 
4 


. Itis capacitive because Xç > Xz. 


SECTION 13-4 Series Resonant Filters 
1. Voa = 0.707(15 V) = 10.6 V 
2. BW = f,/Q = 10 kHz 


3. Current is maximum; output voltage is minimum. 


SECTION 13-5 Parallel RLC Filters 
1. Ik = V,/R = 8.0 mA; Ic = V,/Xc = 12.0 mA; I, = V,/X, = 24.0 mA 
2. The circuit is inductive (Xz < Xo). 
3. Leg = LI(Q? + 1)/0%] = 20.1 mH; Rye = Rw(Q? + 1) = 1589 Q 


SECTION 13-6 Parallel Resonance 
1. The impedance is maximum. 
The current is minimum. 
At ideal parallel resonance, Xc = X, = 1.5KQ. 
. f= VI — (RYC/L)/20-VLE = 33.7 KHz; Z, = Ry(0? + 1) = 400 
f; = 1/QTVLC) = 22.5 kHz 
f = VËN + 1)/2r VLC = 20.9 kHz 
Z, = Rø(Q? + 1) = 8.02 KQ 


S wN 


SECTION 13-7 Parallel Resonant Filters 
1. The bandwidth can be increased by reducing the parallel resistance. 
2. f, changes to 4.47 kHz. 
3. Z, = Rw(Q? + 1) = 47.0 KQ 


SECTION 13-8 Resonant Circuit Applications 
1. A tuned resonant circuit is used to select a narrow band of frequencies. 
2. The same tuned circuits can be used no matter what station is selected. 


3. Several variable capacitors (or inductors) whose values can be varied simultaneously with a 
common control is an example of ganged tuning. 
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ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


13-1. 1.25k0; 63.4? 

13-2. 471k0 

13-3. Current increases, reaches a maximum at resonance, and then decreases. 
13-4. More capacitive 

13-5. 67.3 kHz 

13-6. 2.27 mA 

13-7. Z increases; Z increases 

13-8. No 

13-9. 200 kHz 

13-10. —14 dB 

13-11. 7.48 

13-12. 322 Hz 

13-13. V,,,,, increases; V,,,,, increases 

13-14. Inductive 

13-15. Increase. Xç will decrease and approach 0. 
13-16. Rye = 25kO; Leg = 5 mH; C = 0.022 uF, Rotor) = 4.24k0 
13-17. J, = 0.996 mA, Jc = 1.06 mA 

13-18. 80.0kQ 

13-19. The differences are negligible. 

13-20. 7.07 V 

13-21. 530 kHz 

13-22. 25 

13-23. A larger-value load resistor has less effect on Qo. 
13-24. 185 mV 


ANSWERS TO TRUE/FALSE QUIZ 


1. T 2. E 3. T 4. T SE 6. T 7. T 8. F 9. F 10. F 


ANSWERS TO SELF-TEST 


1. (a) 2. (c) 3. (b) 4. (c) 5. (d) 6. (c) 
7. (a) 8. (b) 9. (d) 10. (a) 11. (b) 12. (d) 
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TRANSFORMERS 


OUTLINE 


14-1 
14-2 
14-3 
14-4 
14-5 
14-6 
14-7 
14-8 
14-9 


Mutual Inductance 

The Basic Transformer 

Step-Up and Step-Down Transformers 
Loading the Secondary 

Reflected Load 

Impedance Matching 

Transformer Ratings and Characteristics 
Tapped and Multiple-Winding Transformers 
Troubleshooting 


OBJECTIVES 


e Explain mutual inductance 


e Describe how a transformer is constructed and 
how it works 


e Describe how transformers increase and decrease 
voltage 


e Discuss the effect of a resistive load across the 
secondary 


e Discuss the concept of a reflected load in a 
transformer 


e Discuss impedance matching with transformers 


e Describe practical transformer ratings 


e Describe several types of transformers 


e Troubleshoot transformers 


KEY TERMS 


Electrical isolation Turns ratio (n) 

Mutual inductance (Ly) Reflected resistance 
Transformer Impedance matching 
Primary winding Apparent power rating 
Secondary winding Center tap 


Magnetic coupling 


INTRODUCTION 


In Chapter 11, you learned about self-inductance. In this 
chapter, you will study mutual inductance, which 1s the 
basis for the operation of transformers. Transformers are 
an important component in many systems, such as power 
supplies, electrical power distribution, and signal cou- 
pling in communications systems. 

The operation of the transformer is based on the 
principle of mutual inductance, which occurs when two 
or more coils are in close proximity. A simple trans- 
former is actually two coils that are electromagnetically 
coupled by their mutual inductance. Because there is no 
electrical contact between two magnetically coupled 
coils, the transfer of energy from one coil to the other can 
be achieved in a situation of complete electrical isolation. 
In relation to transformers, the term winding or coil is 
commonly used to describe the primary or secondary. 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 
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14-1 MUTUAL INDUCTANCE 


When two coils are placed close to each other, a changing electromagnetic field produced by 
the current in one coil will cause an induced voltage in the second coil because of the mutual 
inductance between the two coils. 


After completing this section, you should be able to 


e Explain mutual inductance 
e Discuss magnetic coupling 
e Define electrical isolation 
¢ Define coefficient of coupling 
e Identify the factors that affect mutual inductance and state the formula 


Recall that the electromagnetic field surrounding a coil of wire expands, collapses, and 
reverses as the current increases, decreases, and reverses. When a second coil is placed very 
close to the first coil so that the changing magnetic lines of force cut through the second coil, 
the coils are magnetically coupled and a voltage is induced, as indicated in Figure 14-1. 


FIGURE 14-1 A voltage is Lines of force cutting second coil as the 
induced in the second coil as a electromagnetic field expands, collapses, and Oscilloscope 
result of the changing current reverses in response to the sinusoidal input. 


in the first coil, producing a 
changing magnetic field that 
links the second coil. 


When two coils are magnetically coupled, they provide electrical isolation because 
there is no electrical connection between them, only a magnetic link. Electrical isolation is 
the condition in which two circuits have no common conductive path between them. If the 
current in the first coil is a sine wave, the voltage induced in the second coil is also a sine 
wave. The amount of voltage induced in the second coil as a result of the current in the first 
coil is dependent on the mutual inductance, Ly. 

The mutual inductance is established by the inductance of each coil (L; and Ly) and 
by the amount of coupling (k) between the two coils. To maximize coupling, the two coils 
are wound on a common core. The three factors that influence mutual inductance (k, L4, 
and L,) are shown in Figure 14—2. The formula for mutual inductance is 


Ly = kv Lil, (14-1) 


Coefficient of Coupling 


The coefficient of coupling, k, between the two coils of a transformer is the ratio of the flux 
(lines of force) produced by coil 1 linking coil 2 (4;.>) to the total flux produced by coil 1 (4). 


p= 92 (14-2) 


pı 


FIGURE 14-2 The mutual 
inductance of two coils. 
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For example, if half of the total flux produced by coil 1 links coil 2, then k = 0.5. A 
greater value of k means that more voltage 1s induced in coil 2 for a certain rate of change 
of current in coil 1. Note that k has no units. Recall that the unit of magnetic lines of force 
(flux) 1s the weber, abbreviated Wb. 

The coefficient of coupling, k, depends on the physical proximity of the coils and the 
type of core material on which they are wound. Also, the construction and shape of the 
cores are factors. 


EXAMPLE 14-1 


Two coils are wound on a single core, and the coefficient of coupling is 0.3. The 
inductance of coil 1 is 10 uH, and the inductance of coil 2 is 15 uH. What is Ly? 


SOLUTION 
Ly = kVLiL = 0.3V(10 wH)(15 uH) = 3.67 uH 


RELATED PROBLEM* 


Determine the mutual inductance when k = 0.5, Ly = 1 mH, and L} = 600 uH. 


*Answers are at the end of the chapter. 


EXAMPLE 14-2 
One coil produces a total magnetic flux of 50 ~Wb, and 20 wWb link coil 2. What 
1s k? 

SOLUTION 


12 — 20uWb | 
P| 50 uWb 


k 


RELATED PROBLEM 
Determine k when bp, = 500 uWb and 1.2, = 375 uWb. 


SECTION 14-1 CHECKUP* 


1. Define mutual inductance. 3. If k is increased, what happens to the voltage induced in one 


>. ‘Two SO mi coils hivek = 00: Whats Ir? coil as a result of a current change in the other coil? 
a W N YV = U.J. S LM! 


* Answers are at the end of the chapter. 
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THE BASIC TRANSFORMER 


A transformer is an electrical device constructed of two or more coils of wire (windings) elec- 
tromagnetically coupled to each other so that there is a mutual inductance for the transfer of 
power from one winding to the other. Although many transformers have more than two wind- 
ings, we will restrict our discussion in this section to a basic two-winding transformer. Later, 
more complicated transformers are introduced. 


After completing this section, you should be able to 


e Describe how a transformer is constructed and how it works 
e Identify the parts of a basic transformer 
e Discuss the importance of the core material 
¢ Define primary winding and secondary winding 
¢ Define turns ratio 


e Discuss how the direction of windings affects voltage polarities 


A schematic of a transformer is shown in Figure 14—3(a). One coil is called the pri- 
mary winding and the other coil is called the secondary winding as indicated. For standard 
operation, the source voltage is applied to the primary winding, and a load is connected to 
the secondary winding, as shown in Figure 14—3(b). The primary winding is the input 
winding, and the secondary winding is the output winding. It is common to refer to the side 
of the transformer that has the source voltage as the primary, and the side that has the 
induced voltage as the secondary. 


Primary 
winding 


Secondary 


e Load 
winding 


(a) Schematic symbol (b) Source/load connections 


FIGURE 14-3 The basic transformer. 


The windings of a transformer are formed around the core. The core provides both a 
physical structure for placement of the windings and a magnetic path so that the magnetic 
flux is concentrated close to the coils. Three general categories of core material are air, fer- 
rite, and iron. The schematic symbol for each type is shown in Figure 14-4. 


ee 


(a) Air core (b) Ferrite core (c) Iron core 


FIGURE 14-4 Schematic symbols specify the type of core. 


Iron-core transformers generally are used for audio frequency (AF) and power appli- 
cations. These transformers consist of windings on a core constructed from laminated 
sheets of ferromagnetic material insulated from each other, as shown in Figure 14—5. This 
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Laminated iron core 


7 Laminated iron core 


Primary 
winding 


Secondary 
winding 


(a) Core type has each winding on a separate leg. (b) Shell type has both windings on the same leg. 


FIGURE 14-5  Iron-core transformer construction with multilayer windings. 


construction provides an easy path for the magnetic flux and increases the amount of cou- 
pling between the windings. The figure also shows the basic construction of two major 
configurations of iron-core transformers. In the core-type construction, shown in Figure 
14—5(a), the windings are on separate legs of the laminated core. In the shell-type con- 
struction, shown in part (b), both windings are on the same leg. Each type has certain 
advantages. In general, the core type has more room for insulation and can handle higher 
voltages. The shell type can produce higher core flux, so fewer turns are required. 

Air-core and ferrite-core transformers generally are used for high-frequency applica- 
tions and consist of windings on an insulating shell that is hollow (air) or constructed of 
ferrite, such as depicted in Figure 14-6. The wire is typically covered by a varnish-type 
coating to prevent the windings from shorting together. The amount of magnetic coupling 
between the primary winding and the secondary winding is set by the type of core material 
and by the relative positions of the windings. In Figure 14—6(a), the windings are loosely 
coupled because they are separated, and in part (b) they are tightly coupled because they 
are overlapping. The tighter the coupling, the greater the induced voltage in the secondary 
for a given current in the primary. Another common high-frequency transformer is the 
intermediate frequency (IF) transformer shown in Figure 14—6(c). The ferrite core can be 
adjusted with a screw that is used to tune the transformer to a specific frequency. 


Air or ferrite core 


(a) Loosely coupled windings (b) Tightly coupled windings. (c) IF transformer in metal can 
Cutaway view shows both 
windings. 


FIGURE 14-6 Transformers with cylindrical-shaped cores. 


High-frequency transformers tend to have fewer windings and smaller induct- 
ances than power transformers. A type of high-frequency transformer that has become 
popular in recent years is the planar transformer. A representative planar transformer is 
shown in Figure 14—7(a). Planar transformers are constructed with printed circuit (PC) 
board assembly methods (rather than wire winding) that enable them to be produced 
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(a) (b) (c) (d) 


FIGURE 14-7 Some common types of transformers. 


with high precision and low cost. The windings are actually traces laid out on stacked PC 
boards. Planar transformers are available in a variety of sizes and wattage ratings. The low 
profile of a planar transformer (typically less than 0.5 inches) makes it particularly suited to 
cases where space is critical. Figure 14—7(b) shows a low-voltage transformer commonly 
used in power supplies. Parts (c) and (d) show other common types of small transformers. 


Intermediate Frequency Transformers 


Communication systems and certain 
measurement systems use tuned trans- 
formers to couple a high-frequency signal 
from one stage to another. The signal is 
generally a predetermined frequency 
called the intermediate frequency (IF), 
which is a fixed frequency used in the 


system. The transistor circuit shown here 

is an intermediate frequency amplifier 

with parallel] resonant tuned circuits 

shown in the yellow highlighted boxes on 

the input (C; and the secondary of Tı) and 

the output (C> and the primary of 7>). This causes the amplifier to selectively amplify the inter- 
mediate frequency. 


Turns Ratio 


A transformer parameter that is useful in understanding how a transformer operates is the 
turns ratio. In this text, the turns ratio, (1) is defined as the ratio of the number of turns in 
the secondary winding (N,,,.) to the number of turns in the primary winding (N,,,;). 


N 
n= — (14-3) 
Nori 


This definition of turns ratio is based on the IEEE standard for electronics power 
transformers as specified in the IEEE dictionary. Other categories of transformer may have 
a different definition, so some sources define the turns ratio as Np; /Nyec. Either definition 
is correct as long as it is clearly stated and used consistently. The turns ratio of a trans- 
former is rarely if ever given as a transformer specification. Generally, the input and output 
voltages and the power rating are the key specifications. However, the turns ratio is useful 
in studying the operating principle of a transformer. 
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EXAMPLE 14-3 


A certain transformer used in a radar system has a primary winding with 100 
turns and a secondary winding with 400 turns. What is the turns ratio? 


SOLUTION 


Nsec = 400 and N, 


ri = 100; therefore, the turns ratio is 
— N see — 2 


N pri 


A turns ratio of 4 can be expressed as 1:4 on a schematic. 


RELATED PROBLEM 


A certain transformer has a turns ratio of 10. If N,,; = 500, what is N,..? 


Direction of Windings 


Another important transformer parameter is the direction in which the windings are placed 
around the core. As illustrated in Figure 14—8, the direction of the windings determines the 
polarity of the voltage across the secondary winding (secondary voltage) with respect to 
the voltage across the primary winding (primary voltage). Phase dots can be used on the 
schematic symbols to indicate polarities, as shown in Figure 14-9. 


Applied Induced 
voltage voltage 


(primary) (secondary) 
© 


(a) The primary and secondary voltages are in (b) The primary and secondary voltages are 180° 
phase when the windings are in the same out of phase when the windings are in the 
effective direction around the magnetic path. opposite direction. 


FIGURE 14-8 The direction of the windings determines the relative polarities of the voltages. 


Phase dots 
+ |0 @j + + LO = 
(a) Voltages are in phase. (b) Voltages are out of phase. 


FIGURE 14-9 Phase dots indicate corresponding polarities of 
primary and secondary voltages. 
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SECTION 14-2 CHECKUP 


1. Upon what principle is the operation of a transformer based? 4. A certain transformer has a primary winding with 500 turns and 


a secondary winding with 250 turns. What is the turns ratio? 
2. Define turns ratio. ia E 


5. How do the windings in a planar transformer differ from other 


3. Why are the directions of the windings of a transformer 
transformers? 


important? 


14-3 STEP-UP AND STEP-DOWN 
TRANSFORMERS 


A step-up transformer has more turns in its secondary winding than in its primary winding 
and is used to increase ac voltage. A step-down transformer has more turns in its primary 
winding than in its secondary winding and is used to decrease ac voltage. 


After completing this section, you should be able to 


e Describe how transformers increase and decrease voltage 
e Explain how a step-up transformer works 
e Identify a step-up transformer by its turns ratio 
e State the relationship between primary and secondary voltages and the turns ratio 
+ Explain how a step-down transformer works 
e Identify a step-down transformer by its turns ratio 
e Explain the purpose of ac line conditioning 


The Step-Up Transformer 


A transformer in which the secondary voltage is greater than the primary voltage is called 
a step-up transformer. The amount that the voltage is stepped up depends on the turns 
ratio. For any transformer, 


The ratio of secondary voltage (Vsec) to primary voltage (V,,;) is equal to the 
ratio of the number of turns in the secondary winding (N,,,) to the number of 
turns in the primary winding (Ny). 


V sec = N sec (14-4) 
Vori N pri 

Recall that Nsec/Npri defines the turns ratio, n. Therefore, from this relationship, Vsec can 
be expressed as 


Vee = NV pri (14-5) 


Equation 14-5 shows that the secondary voltage is equal to the turns ratio times the pri- 
mary voltage. This condition assumes that the coefficient of coupling is 1, and a good iron- 
core transformer approaches this value. 

The turns ratio for a step-up transformer is always greater than 1 because the number 
of turns in the secondary winding (Nec) is always greater than the number of turns in the 
primary winding (N,,;). 
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EXAMPLE 14-4 


The transformer in Figure 14-10 has a turns ratio of 3. What is the voltage across 
the secondary? Voltages are in rms unless otherwise stated. 


FIGURE 14-10 


SOLUTION 
The secondary voltage is 
Vsec = MV pri = 3020 V) = 360 V 
Note that the turns ratio of 3 is indicated on the schematic as 1:3, meaning that 
there are three secondary turns for each primary turn. 
RELATED PROBLEM 


The transformer in Figure 14-10 is changed to one with a turns ratio of 4. Deter- 
mine V,,... 


The Step-Down Transformer 


A transformer in which the secondary voltage is less than the primary voltage is called a 
step-down transformer. The amount by which the voltage is stepped down depends on 
the turns ratio. Equation 14-5 also applies to a step-down transformer. 

The turns ratio of a step-down transformer is always less than 1 because the number 
of turns in the secondary winding (N,,,.) 1s always less than the number of turns in the pri- 
mary winding (N,,;). 


EXAMPLE 14-5 


The transformer in Figure 14—11 is part of a laboratory power supply and has a 
turns ratio of 0.2. What is the secondary voltage? 


sl 
Vmi 
120 V 


FIGURE 14-11 


SOLUTION 
The secondary voltage is 


Veeco = MV»; = 0.2120 V) = 24 V 


RELATED PROBLEM 


The transformer in Figure 14-11 is changed to one with a turns ratio of 0.48. 
Determine the secondary voltage. 


MULTISIM 


x 


Open Multisim file E14-04; 
files are found at www. 
pearsonhighered.com/floyd. 
Measure the secondary voltage. 


MULTISIM 


Open Multisim file E14-05 and 
measure the secondary voltage. 
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W 


CHHFI A BASIC POWER SUPPLY 


E One of the most important applications for transformers is in power supplies. Power sup- 
plies convert ac to de, which is needed by nearly every electronic system. The transformer 
converts the ac to a higher or lower value before the next step of changing it to pulsating 
dc, which is then smoothed and regulated in the final step. Many systems use low-voltage 
de for control circuits. 

The basic power supply shown in Figure 14-12 provides a constant 5 V de output over 
a range of loads and variations in the line voltage. This is accomplished by the 7805 voltage 
regulator, an integrated circuit regulator that senses the output, compares it to a reference, 
and adjusts it to keep it constant. The 7805 is designed for positive 5.0 V dc output. 


7805 
Voltage 
regulator 


120 Vac O DC output 


FIGURE 14-12 A basic 5.0 V de power supply. 


The operation of the power supply is as follows. The plug is connected to a wall 
socket that connects 120 V ac to the input of the transformer through a series fuse. The 
fuse is rated for a much smaller current than the maximum output current because the 
transformer will step down the voltage but step up the current. For the basic power supply 
here, the transformer output is about 6 V rms (8.5 V peak). The four diodes, which are 
arranged in a bridge configuration, change the voltage to a pulsating de, which is smoothed 
by Cı. The 7805 regulator provides additional smoothing and keeps the output nearly con- 
stant. Final smoothing and filtering are provided by C3. 

If you work on any power supply, be aware that there are dangerous voltages present 
when a circuit is connected to ac; even low-voltage supplies can be lethal when they are 
connected to ac. In the case of high-voltage supplies, extra caution should be taken; even 
circuits that have been turned off remain dangerous because capacitors can retain a signifi- 
cant charge. Precautions for working safely around voltage sources and high energy sources 
(like batteries) are discussed in Chapter 1, Section 1-8, and should always be kept in mind. 


DC Isolation 


If there 1s de through the primary circuit of a transformer, nothing happens in the secondary 
circuit, as indicated in Figure 14—13(a). A changing current in the primary winding is neces- 
sary in order to create a changing magnetic field. This will cause voltage to be induced in 
the secondary circuit, as Gndioated 1n ¡Figure.14e43(b). Therefore, the transformer isolates 


(b) 
FIGURE 14-13 DC isolation and ac coupling. 
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the secondary circuit from any de in the primary circuit. A transformer that is used strictly 
for isolation has a turns ratio of 1. 

Isolation transformers are often packaged as part of a total ac line-conditioning 
device. In addition to the isolation transformer, the line conditioning includes surge protec- 
tion, filters to eliminate interference, and sometimes automatic voltage regulation. Line 
conditioning is useful to isolate sensitive equipment such as microprocessor-based con- 
trollers. Specialized line conditioners for hospitals for patient-monitoring equipment pro- 
vide a high degree of electrical isolation and protection from shock. 

Small transformers that are used to isolate the de bias from one stage of an amplifier 
to next stage are called coupling transformers because the ac signal is passed (“coupled”) 
but the de is blocked. Coupling transformers are widely used at high frequencies where 
they are designed to pass only a selected band of frequencies by making the primary and 
secondary coils part of a parallel resonant circuit. (Resonant circuits were discussed in 
Chapter 13.) A typical coupling transformer arrangement is shown in Figure 14-14 where 
the transformer is part of a resonant circuit on the input and output. Frequently, the core of 
a coupling transformer can be adjusted to fine-tune the frequency response. At audio fre- 
quencies, coupling transformers are primarily used to couple a signal from an amplifier to 
a speaker and to provide maximum power transfer. This type of transformer is called an 
impedance-matching transformer and is discussed in Section 14-6. 


Coupling 
transformer 


ac 
voltage 
only 


y 


Amplifier Amplifier 


stage 2 


stage 1 


Primary resonant circuit Secondary resonant circur 


FIGURE 14-14 A coupling transformer used to pass high frequencies 
in the band determined by the resonant circuit. The dc is not passed to 
the secondary. 


SECTION 14-3 CHECKUP 


1. What does a step-up transformer do? 5. A voltage of 120 V ac is applied to the primary winding of a 
transformer with a turns ratio of 0.5. What is the secondary 


2. If the turns ratio is 5, how much greater is the secondary voltage? 


voltage than the primary voltage? 
6. A primary voltage of 120 V ac is reduced to 12 V ac. What is 


3. When 240 V ac are applied to a transformer with a turns ratio A 
the turns ratio? 


of 10, what is the secondary voltage? 


4. What d knd E io 7. What are typical features provided in an ac line conditioner? 
: at does a step-down transformer do” 
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When a resistive load is connected to the secondary winding of a transformer, the relationship 
of the load (secondary) current and the current in the primary circuit is determined by the 
turns ratio. 


After completing this section, you should be able to 


e Discuss the effect of a resistive load across the secondary 
e Discuss power in a transformer 
e Determine the current delivered by the secondary when a step-up transformer is loaded 


e Determine the current delivered by the secondary when a step-down transformer is loaded 


If a transformer is operated without a load, the primary acts like an inductor. Ideally, 
the current in an inductor will lag the voltage by 90° and the power factor is 0. When a 
resistive load is connected to the secondary of the transformer, the primary no longer acts 
as an ideal inductor. The phase angle decreases and the power factor increases. The load 
has caused the primary to look resistive because the primary current and voltage will be 
nearly in phase. For purposes of discussion, we will assume this ideal condition when the 
transformer is loaded with a resistive load. 

The power delivered to a load can never be greater than the power delivered to the 
primary winding. For an ideal transformer, the power delivered by the secondary winding 
(Psec) equals the power delivered to the primary winding (P,,,;). When losses are consid- 
ered, the power delivered by the secondary is always less. 

Power is dependent on voltage and current, and there can be no increase in power in 
a transformer. Therefore, if the voltage is stepped up, the current is stepped down and vice 
versa. In an ideal transformer, the power delivered by the secondary to the load is the same 
as the power delivered to the primary regardless of the turns ratio. 

The power delivered to the primary is 


Pori = Vprilpri 
The power delivered by the secondary is 


E sen = V eol sdo 


Ideally, P 


pri = Pc therefore, 


Vorilpri — Vseclsec 


Transposing terms, 


pri Vsec 

lec Vpr 
From Equation 14-4, 

Ue Me 

Vpri N pri 


Therefore, since N,,,./ Npr; equals the turns ratio, n, the relationship of primary current to 
secondary current in a transformer is 


I pri 


i. =n (14-6) 


Inverting both sides of Equation 14—6 and solving for J,.,. 


1 
Lvec = Or (14-7) 


Figure 14—15 illustrates the effects of voltages and currents in a transformer. In 
part (a), for a step-up transformer in which n is greater than 1, the secondary current is less 
than the primary current because 1/n is less than 1. For a step-down transformer, shown in 


Figure 14—15(b), n is less than 1, and /,,, is greater than [,,,; because 1 /n is greater than 1. 
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ge ae FIGURE 14-15 Illustration 
of voltages and currents in a 


AUTI }] 
SS V Y | transformer with a loaded 


| secondary. 


(a) Step-up transformer: V,,. > V, 


aid a di 


Sec pri 


(b) Step-down transformer: V,, . < V, 


sec pri 


and Daa dvi 


Current Transformers 


A current transformer operates like a 
voltage transformer in that energy 1s 
transferred from the primary to the 
secondary through induction. Current 
transformers are often used to sense 
and monitor a large alternating cur- 
rent without having to open the line 
to make the measurement. One com- 
mon application is to monitor current 
and supply the result to the watt-hour 
meter for customers with three-phase 
service or large-use single-phase 
customers. 

One important consideration 
with current transformers is that the 
load must not be disconnected when 
current is in the primary. If this hap- 
pens, the sudden opening will produce 
a very high voltage across the open 
secondary, leading to arcing and can 
permanently damage the transformer 
and equipment connected to it. In 
addition, it is a shock hazard to per- 
sonnel working on it. 


Photo courtesy of Thomas Kissell. 
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EXAMPLE 14-6 


The two ideal transformers shown in Figure 14-16 have loaded secondaries. If, as 
a result of the loaded secondary, the primary current is 100 mA in each case, what 
is the current through the load? 


1:10 
(a) 


FIGURE 14-16 


SOLUTION 


In part (a), the turns ratio is 10. Therefore, the secondary load current is 


1 1 
iy = bese = (e = (Von = 0.1100 mA) = 10 mA 


In part (b), the turns ratio 1s 0.5. Therefore, the secondary load current is 
1 1 
i = bozo = Gn = tae == 2(100 mA) = 200 mA 


RELATED PROBLEM 


What is the secondary current in Figure 14—16(a) if the turns ratio is doubled? What 
is the secondary current in Figure 14—16(b) if the turns ratio is halved? Assume the 


load resistances are changed so that J,,,; remains at 100 mA in both cases. 


SECTION 14-4 CHECKUP 


1. If the turns ratio of a transformer is 2, is the secondary current 3. In Question 2, what is the primary current when there is a 


greater than or less than the primary current? By how much? secondary load current of 10 A? 
2. A transformer has 1000 primary turns and 250 secondary 4. Why is it unsafe to disconnect the load on a current transformer 
turns, and Zp»; is 0.5 A. What is the turns ratio? What is the when there is current in the primary? 


value of I,,.? 


14-3 REFLECTED LOAD 


From the viewpoint of the primary, a load connected across the secondary winding of a trans- 
former appears to have a resistance that is not necessarily equal to the actual resistance of the 
load. The actual load is “reflected” into the primary as determined by the turns ratio. This 
reflected load is what the source effectively sees, and it determines the amount of primary current. 


After completing this section, you should be able to 


e Discuss the concept of a reflected load in a transformer 
¢ Define reflected resistance 
e Explain how the turns ratio affects the reflected resistance 
e Calculate reflected resistance 
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The concept of a reflected load is illustrated in Figure 14-17. The load (Rz) in the 
secondary of a transformer is reflected into the primary by transformer action. Ideally, the 
load appears to the source in the primary to be a resistance (R,,;) with a value determined 
by the turns ratio and the actual value of the load resistance. The resistance Rp»; is called 
the reflected resistance. 


This actual load appears to 


| the source as this reflected load. | 


Actual load Reflected load 


FIGURE 14-17 Reflected load in a transformer circuit. 


The resistance in the primary of Figure 14-17 is Rpr = Vpri/Ipri The resistance 
in the secondary is Rg = Vgec/Tsec.- From Equations 14-4 and 14-6, you know that 
Vsec/ Vpri = n and I,,;/Isec = n. Using these relationships, a formula for R,,; in terms of 


p 
Rz is determined as follows: 


Rr Vses Lig Vie I pri n n n 


Solving for R,,; yields 


1 Y 
Rori = (2 KR, (14-8) 
Equation 14—8 shows that the resistance reflected into the primary is the square of the 
reciprocal of the turns ratio times the load resistance. 
In a step-up transformer (n > 1), the reflected resistance is less than the actual load 
resistance; in a step-down transformer (n < 1), the reflected resistance is greater than the 
load resistance. This is illustrated in Examples 14-7 and 14-8, respectively. 


EXAMPLE 14-7 


Figure 14-18 shows a source that is transformer-coupled to a load resistor of 
100 O. The transformer has a turns ratio of 4. What is the reflected resistance 
seen by the source? 


FIGURE 14-18 


SOLUTION 


The reflected resistance is 


Rpr = a = L 000 = | \i00 8 = 625 2 
pi any U — d6 Bi 


The source sees a resistance of 6.25 Q just as if it were connected directly, as 
shown in the equivalent circuit of Figure 14-19. 
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FIGURE 14-19 Resistance “reflected” 
/ from secondary 


Rog 


362D 


RELATED PROBLEM 


If the turns ratio in Figure 14-18 is 10 and Rz is 600 Q, what is the reflected 
resistance? 


EXAMPLE 14-8 


In Figure 14-18, if a transformer that has a turns ratio of 0.25 is used, what is the 
reflected resistance? 


SOLUTION 


The reflected resistance is 


1\? i r 
Ron = (5) Ra (=) 1009 = (49100 Q = 1600 Q 


RELATED PROBLEM 


To achieve a reflected resistance of 800 Q, what turns ratio is required in Figure 
14-18? 


SECTION 14-5 CHECKUP 


1. Define reflected resistance. 3. A given transformer has a turns ratio of 10, and the load is 


— 50 ©. How much resistance is reflected into the primary? 
2. What transformer characteristic determines the reflected primary 


resistance? 4. What is the turns ratio required to reflect a 4 Q load resistance 
into the primary as 400 Q? 


14-6 IMPEDANCE MATCHING 


One application of transformers is in the matching of a load impedance to a source impedance 
to achieve maximum transfer of power or other results. This technique is called impedance 
matching. In audio systems, special wide-band transformers are often used to get the maximum 
amount of available power from the amplifier to the speaker by proper selection of the turns 
ratio. Transformers designed specifically for impedance matching usually show the input and 
output impedance they are designed to match. 


After completing this section, you should be able to 


e Discuss impedance matching with transformers 
e Discuss the maximum power transfer theorem 
¢ Define impedance matching 
e Explain the purpose of impedance matching 
e Describe a balun transformer 
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Recall that the maximum power transfer theorem states that maximum power is 
transferred from a resistive source to a resistive load when the load resistance 1s equal to 
the source resistance (see Section 6—7). In ac circuits, the total opposition to current is 
called impedance and the process of making maximum power transfer between a source 
and load is called impedance matching. The simplest and most common case for imped- 
ance matching is when the source and load are both resistive, so we will restrict our discus- 
sion to this case. 

Figure 14—20(a) shows an ac source with a fixed internal resistance. Some fixed 
internal resistance is inherent in all sources due to their internal circuitry. Part (b) shows a 
load connected to the source. In this case, the objective is often to transfer as much power 
to the load as possible. 


Internal power 
dissipation in the source 


we 


Power 


A dissipation 
| if in load 


(a) Voltage source with (b) A portion of the total power 


internal resistance, R,,, is dissipated in R,,,,. 


FIGURE 14-20 Power transfer from a nonideal voltage source to a load. 


In most practical situations, the internal resistance of various types of sources is 
fixed. Also, in many cases, the resistance of a device that acts like a load 1s fixed and can- 
not be altered. If you need to connect a given source to a given load, remember that only 
by chance will their resistances match. In this situation, a special type of wide-band trans- 
former comes in handy. You can use the reflected-resistance characteristic provided by a 
transformer to make the load resistance appear to have the same resistance as the source 
resistance. This technique is called impedance matching, and the transformer is called an 
impedance-matching transformer. 

Figure 14—21 illustrates a specific example of an impedance-matching transformer. 
In this example, the source resistance is driving a 300 load. The impedance-matching 
transformer needs to make the load resistance look like a 75 © resistance to the source, 
thus delivering maximum power to the load. To select the right transformer, you need to 
know how the turns ratio affects the impedance. You can use Equation 14—8 to determine 
the turns ratio, n, when you know the value for Rz and Ry. 


1 2 
Rpri = (+) Ri 


Source sees 


7 
75 O when R 
O the turns ratio fe 
. o 300 O 
is properly 


selected. 


Source Matching Load 
transformer 


FIGURE 14-21 Example of a load matched to a source by transformer coupling for 
maximum power transfer. 
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Transpose terms and divide both sides by Rzy. 


Then take the square root of both sides. 


1 JE 
no Ri 


Invert both sides to get the following formula for the turns ratio: 


R 
n = d Sele (14-9) 
Rori 
Finally, solve for the particular turns ratio to match a 300 QO load to a 75 O source. 
300 Q 
= = Vb=0 
Ñ 715.0 


Therefore, a matching transformer with a turns ratio of 2 must be used in this application. 


EXAMPLE 14-9 


An amplifier has an 800 Q internal resistance. In order to provide maximum power 
to an 8 Q speaker, what turns ratio must be used in the coupling transformer? 


SOLUTION 


The reflected resistance must equal 800 O. Thus, from Equation 14-9, the turns 
ratio can be determined. 


Ri 80 
= |= = | = Y001 = 0.1 
ý Rea 800 0 


The diagram and its equivalent reflected circuit are shown in Figure 14-22. 


800 QO 
10:1 
Amplifier E | | E 800 Q 
Amplifier Speaker/transformer 


equivalent circuit equivalent 


FIGURE 14-22 


RELATED PROBLEM 


What must be the turns ratio in Figure 14-22 to provide maximum power to two 
8 Q speakers in parallel? 


THE BALUN TRANSFORMER An application for impedance matching is used 
in high-frequency antennas. In addition to impedance matching, many transmitting anten- 
nas also require that an unbalanced signal from the transmitter be converted to a balanced 
signal. A balanced signal is composed of two equal-amplitude signals that are 180° out-of- 
phase with each other. An unbalanced signal is one that is referenced to ground. A special 
type of transformer called a balun, a contraction of the words “balanced-unbalanced” is 
used to convert the unbalanced signal from the transmitter to a balanced signal at the 
antenna as shown in Figure 14-23. 
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| Coaxial cable 12 


| | A+ Balanced 


Unbalanced 
signal from 
transmitter 


signal to 


-——- antenna 


FIGURE 14-23 Illustration of a balun transformer converting an 
unbalanced signal to a balanced signal. 


The transmitter is usually connected to the balun with a coaxial cable (coax). A coax 
is basically a conductor surrounded by an insulating region and an outer conductor called 
the shield. In Figure 14—23, the signal from the transmitter is referenced to ground, which 
is connected to the outer shield of the coax, so it is an unbalanced signal. The shield on the 
coax minimizes pickup of radiated noise. 

The coax has a certain characteristic impedance associated with it. The turns ratio of the 
balun is set to match the coax impedance to the antenna impedance. For example, if the trans- 
mitting antenna represents a 300 O impedance and the coax has a characteristic impedance of 
75 O, the balun can provide the impedance match with a turns ratio of two, as was shown 
earlier. Baluns can also be used to convert from balanced signals to unbalanced signals. 


SECTION 14-6 CHECKUP 


1. What does impedance matching mean? 3. A transformer has a turns ratio of 0.5. What is the reflected 


l . resistance with 100 Q across the secondary? 
2. What is the advantage of matching the load resistance to the = 


resistance of a source? 4. What is the purpose of a balun transformer? 


14-7 TRANSFORMER RATINGS 
AND CHARACTERISTICS 


Transformer operation has been discussed from an ideal point of view. That is, the winding 
resistance, the winding capacitance, and nonideal core characteristics were all neglected and 
the transformer was treated as if it had an efficiency of 100%. For studying the basic concepts 
and in many applications, the ideal model is valid. However, the practical transformer has 
several nonideal characteristics of which you should be aware. 


After completing this section, you should be able to 


¢ Describe practical transformer ratings 
e List and describe the nonideal characteristics 
e Explain power rating of a transformer 
¢ Define efficiency of a transformer 


Ratings 


POWER RATING A power transformer is typically rated in volt-amperes (VA), 
primary/secondary voltage, and operating frequency. For example, a given transformer 
rating may be specified as 2 kVA, 500/50, 60 Hz. The 2 kVA value is the apparent power 
rating. The 500 and the 50 can be either secondary or primary voltages. The 60 Hz is the 
operating frequency. 
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The transformer rating can be helpful in selecting the proper transformer for a given 
application. Let’s assume, for example, that 50 V is the secondary voltage. In this case the 
load current 1s 


7 — Psee _ 2KVA _ AA 
O Vee 50V 
On the other hand, if 500 V is the secondary voltage, then 
I L~ = = 4A 
Vsee 500 V 


These are the maximum currents that the secondary can handle in either case. 

The reason that the power rating is in volt-amperes (apparent power) rather than in 
watts (true power) is as follows: If the transformer load is purely capacitive or purely 
inductive, the true power (watts) delivered to the load is ideally zero. However, the current 
for Vio. = 500 V and Xc = 100 Q at 60 Hz, for example, is 5 A. This current exceeds the 
maximum of 4 A that the 2 kVA secondary can handle, and even though the true power is 
zero, the transformer may be damaged. So it is meaningless to specify power in watts for 
transformers. 


Resonant Charging 


Resonant circuits can be used for charging by transformer action. Researchers are investigat- 
ing wireless transfer of power by high-frequency magnetic coupling between two resonant 
coils. The idea dates back to Nicholas Tesla. It may be that electric cars would have a coil on 


board and when parked in the garage, would automatically be charged from a coil in the floor. 
Researchers still need to overcome efficiency problems, due to transformer losses, before it 
can be a viable charging method for electric cars. 


VOLTAGE AND FREQUENCY RATINGS In addition to the apparent power 
rating, most power transformers will have voltage and frequency ratings placed on the 
transformer. The voltage ratings include the primary voltage for which it is designed and 
the secondary voltage that is present when the rated load is connected to the secondary and 
the primary is connected to the rated input voltage. Frequently, there will be a small sche- 
matic drawing showing the windings and voltage rating for each winding. The frequency 
for which the transformer is designed will also be specified. A transformer operated on the 
wrong frequency can be damaged, so 1t important to note the frequency specification. 
These are minimum specifications you need to know in order to select a power transformer 
for an application. 


Characteristics 


WINDING RESISTANCE Both the primary and the secondary windings of a prac- 
tical transformer have winding resistance. (You learned about the winding resistance of 
inductors in Chapter 11.) The winding resistances of a practical transformer are repre- 
sented as resistors in series with the windings as shown in Figure 14-24. 

Winding resistance in a practical transformer results in less voltage across a second- 
ary load. Voltage drops due to the winding resistance effectively subtract from the primary 
and secondary voltages and result in a load voltage that is less than that predicted by the 


relationship V,.. = nV,,;. In most cases the effect is relatively small and can be neglected. 


LOSSES IN THE CORE | There is always some energy conversion in the core mate- 
FIGURE 14-24 Winding rial of a practical transformer. This conversion is seen as a heating of ferrite and iron cores, 


resistance in a practical but conversion does not occur in air cores. Part of this energy conversion 1s because of the 
transformer. continuous reversal of the magnetic field due to the changing direction of the primary 
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Leakage flux 


current; this component of the energy conversion is called hysteresis 
loss. The rest of the energy conversion to heat is caused by eddy cur- 
rents produced when voltage 1s induced in the core material by the 
changing magnetic flux, according to Faraday”s law. The eddy currents 
occur in circular patterns in the core resistance, thus producing heat. 
This conversion to heat 1s greatly reduced by the use of laminated con- 
struction of iron cores. The thin layers of ferromagnetic material are 
insulated from each other to minimize the buildup of eddy currents by 
confining them to a small area and to keep core losses to a minimum. 


MAGNETIC FLUX LEAKAGE Inan ideal transformer, all the 
magnetic flux produced by the primary current is assumed to pass 
through the core to the secondary winding and vice versa. In a practical 
transformer, some of the magnetic flux lines break out of the core and 
pass through the surrounding air back to the other end of the winding, 
as illustrated in Figure 14-25 for the magnetic field produced by the 
primary current. Magnetic flux leakage results in a reduced secondary voltage. 

The percentage of magnetic flux that actually reaches the secondary winding deter- 
mines the coefficient of coupling of the transformer. For example, 1f nine out of ten flux 
lines remain inside the core, the coefficient of coupling is 0.90 or 90%. Most iron-core 
transformers have very high coefficients of coupling (greater than 0.99), whereas ferrite- 
core and air-core devices have lower values. 


former. 


WINDING CAPACITANCE As you learned in Chapter 11, there is always some stray 
capacitance between adjacent turns of a winding. These stray capacitances result in an effec- 
tive capacitance in parallel with each winding of a transformer, as indicated in Figure 14-26. 


FIGURE 14-26 Winding capacitance in a practical 
transformer. 


These stray capacitances have very little effect on the transformer’s operation at low 
frequencies because the reactances (Xç) are very high. However, at higher frequencies, the 
reactances decrease and begin to produce a bypassing effect across the primary winding 
and across the secondary load. As a result, less of the total primary current is through the 
primary winding, and less of the total secondary current is through the load. This effect 
reduces the load voltage as the frequency goes up. 


TRANSFORMER EFFICIENCY Recall that the secondary power is equal to the 
primary power in an ideal transformer. Because the nonideal characteristics just discussed 
result in a power loss in the transformer, the secondary (output) power is always less than 
the primary (input) power. The efficiency, symbolized by the Greek letter eta (7), of a trans- 
former is a measure of the percentage of the input power that is delivered to the output. 


5 
n = |— 100% 
(Fa 


Most power transformers have efficiencies in excess of 95%. 


(14-10) 


FIGURE 14-25 Flux leakage in a practical trans- 


HANDS ON TIP 

If you have an unmarked small 
transformer, you can use a 
signal generator with a 
relatively low output voltage to 
check the voltage ratio and thus 
the turns ratio between the 
input (primary) and the output 
(secondary). This is safer than 
applying 120 V ac and holding 
your breath. Typically, the 
primary wires are black, a low- 
voltage secondary is green, and 
a high-voltage secondary is red. 
A striped wire usually indicates 
a center tap. Unfortunately, not 
all transformers have colored 
Wires or the wires are not 
always standard colors. 
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EXAMPLE 14-10 


A certain type of transformer has a primary current of 5 A and a primary voltage 
of 4800 V. The secondary current is 95 A and the secondary voltage is 240 V. 
Determine the efficiency of this transformer. 


SOLUTION 
The input power is 


Pa y 


rilpri = (4800 V)(5 A) = 24 kVA 


The output power is 
Pout = Vseclsec = (240 V)Q5 A) = 22.8 kVA 
The efficiency is 


= ( Za 00% = [EVA 009 = 959 
EA P ° 24kVA Í ° 


RELATED PROBLEM 


A transformer has a primary current of 9 A with a primary voltage of 440 V. 
The secondary current is 30 A and the secondary voltage is 120 V. What is the 
efficiency? 


AN INDUCTION HEATING SYSTEM 


A widely used method for heating electrical conductors is to use a coil that surrounds a 
conductive material to be heated. Heating is important for operations like brazing, solder- 
ing, heat treating, annealing, drying of adhesives and coatings, preheating metals prior to 
rubber molding, and many other processes. The hot coil is like the primary of a trans- 
former; the conductive material to be heated acts as a secondary. Alternating current at 
frequencies from 60 Hz to over | MHz are used to induce a current in the material to be 
heated by transformer action. The heating element looks like a shorted secondary, which 
induces large eddy currents that are responsible for the 
heating. 

Figure 14-27 shows a basic induction heating unit; 
heating units vary widely in size and heating characteristics 
that depend on the requirements. An important advantage of 
induction heating is that the material can be heated almost 
instantly (2000° F in less than I $). The heating pattern is 
repeatable and can provide a custom temperature profile 
depending on the application. For example, a soldering opera- 
tion, such as done with cans, can be accomplished quickly in 
a continuous process, a major advantage in production lines. 

Figure 14-28 shows a block diagram of a basic heat- 
ing system, which is part of a larger process (not shown). 
The ac input is converted to dc by a power supply, which 
is then converted to high-frequency ac (the frequency 
selected depends on the material and depth of heating 
required.) A controller senses when a part is ready for heat; 


FIGURE 14-27 A basic induction heating unit used for soldering 1t then closes a switch that applies power to the coil through 
applications (Photo courtesy of MagneForce, Inc.). an impedance-matching transformer. 
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FIGURE 14-28 Block diagram of heating unit. 


SECTION 14-7 CHECKUP 


1. Explain how a practical transformer differs from the ideal model. 3. A certain transformer has a rating of 10 kVA. If the secondary 
voltage is 250 V, how much load current can the transformer 


2. The coefficient of coupling of a certain transformer is 0.85. handie? 


What does this mean? 


14-8 TAPPED AND MULTIPLE-WINDING 
TRANSFORMERS 


The basic transformer has several important variations. They include tapped transformers, 
multiple-winding transformers, and autotransformers. Three-phase transformers, which are 
basically multiple-winding transformers, are covered in this section. 


After completing this section, you should be able to 


¢ Describe several types of transformers 
¢ Describe center-tapped transformers 
¢ Describe multiple-winding transformers 
e Describe autotransformers 


e Explain how three-phase transformers are connected 


Tapped Transformers 


A schematic of a transformer with a center-tapped secondary winding is shown in Figure 
14—29(a). The center tap (CT) is equivalent to two secondary windings with half the total 
voltage across each. 


z Center tap (CT) 


(a) Center-tapped transformer (b) Output voltages with respect to the center tap are 180° out of phase with each 
other and are one-half the magnitude of the secondary voltage. 


Voltages with respect 
to the center tap 


FIGURE 14-29 Operation of a center-tapped transformer. 
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The voltages between either end of the secondary winding and the center tap are, at 
any instant, equal in magnitude but opposite in polarity, as illustrated in Figure 14—29(b). 
Here, for example, at some instant on the sinusoidal voltage, the polarity across the entire 
secondary winding is as shown (top end +, bottom —). At the center tap, the voltage is less 
positive than the top end but more positive than the bottom end of the secondary. There- 
fore, measured with respect to the center tap, the top end of the secondary is positive, and 
the bottom end is negative. This center-tapped feature is used in many power supply recti- 
fiers in which the ac voltage is converted to dc, as illustrated in Figure 14-30, and also in 
impedance-matching transformers. 


ac in Pulsating de out 


NA Rectifier AA 
circuit 
\ The rectifier takes 


these two half-cycles 
and combines them to 
get this waveform. 


FIGURE 14-30 Application of a center-tapped transformer in ac-to-dc conversion. 


Some tapped transformers have taps on the secondary winding at points other than 
the electrical center. Also, multiple primary and secondary taps are sometimes used in 
certain applications. Examples of these types of transformers are shown in Figure 14-31. 


(a) (b) (c) 
FIGURE 14-31 Tapped transformers. 


Utility companies use many tapped transformers in distribution systems. Normally, 
power is generated and transmitted as three-phase power. At some point, the three-phase 
power is converted to single-phase for residential use. An example of a utility-pole trans- 
former is shown in Figure 14-32 for the case where the high-voltage three-phase power 
has previously been converted to single-phase power (by tapping one of the three phases). 
It still needs to be converted to 120 V/240 V for residential customers, so a single-phase 
tapped transformer is used. By selecting the appropriate tap on the primary side, the utility 
company can make minor adjustments in the voltage that is delivered to the customer. The 
center tap on the secondary side is the neutral (usually uninsulated) conductor. 


Multiple-Winding Transformers 


Some transformers are designed to operate from either 120 V ac or 240 V ac lines. These 
transformers usually have two primary windings, each of which is designed for 120 V ac. 
When the two are connected in series, the transformer can be used for 240 V ac operation, 
as illustrated in Figure 14-33. 

More than one secondary winding can be wound on a common core. Transformers 
with several secondary windings are often used to achieve several voltages by either step- 
ping up or stepping down the primary voltage. These types are commonly used in power 
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FIGURE 14-32  Utility-pole transformer in a typical power distribution system. 


Primary | 
Secondary 
Primary 2 
(a) Two primary windings (b) Primary windings in parallel (c) Primary windings in series 


for 120 V ac operation for 240 V ac operation 


FIGURE 14-33 Miultiple-primary transformers. 


supply applications in which several voltage levels are required for the operation of an 
electronic system. 

A typical schematic of a transformer with multiple secondary windings is shown in 
Figure 14—34; this transformer has three secondary windings. Sometimes you will find 
combinations of multiple primary windings, multiple secondary windings, and tapped FIGURE 14-34 A multiple- 
transformers all in one unit. secondary transformer. 


PPr 


EXAMPLE 14-11 


The transformer shown in Figure 14-35 has the turns ratios for each secondary rela- 
tive to the primary as indicated. One of the secondary windings is also center tapped. 
If 120 V ac are connected to the primary winding, determine each secondary voltage 
and the voltages with respect to the center tap (CT) on the middle secondary winding. 


A FIGURE 14-35 


120 V 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


644 CHAPTER 14 + TRANSFORMERS 


SOLUTION 
Vas = MagV on = (0.05)120 V = 6.0 V 
Vep = ACDV pri = (2)120 V = 240 V 


240 V 
Venc = enp = ES 120 V 


Ver = NEFV pri = (0.1)120 V = 12 V 


RELATED PROBLEM 


Repeat the calculations 1f the primary winding is halved. 


Autotransformers 


Applications of the autotransformer include starting industrial induction motors and regu- 
lating transmission line voltages. In an autotransformer, one winding serves as both the 
primary and the secondary windings. The winding is tapped at the proper points to achieve 
the desired turns ratio for stepping up or stepping down the voltage. 

Autotransformers differ from conventional transformers in that there is no electrical 
isolation between the primary and the secondary circuits because both are on one winding. 
Autotransformers normally are smaller and lighter than equivalent conventional trans- 
formers because they require a much lower kVA rating for a given load. Many autotrans- 
formers provide an adjustable tap using a sliding contact mechanism so that the output 
voltage can be varied (these are often called variacs.) Figure 14-36 shows schematic sym- 
bols for various types of autotransformers. 


os O) 
Variable 


Input dutput 


Output 


Input Output 


(a) Step-up (b) Step-down (c) Variable 


FIGURE 14-36 Variable autotransformers. 


Three-Phase Transformers 


Three-phase power was introduced in Chapter 8 in relation to generators and motors. 

Three-phase transformers are widely used in power distribution systems. Three-phase is 

the most common way in which power is produced, transmitted, and used. Three- 

l 35 7 9 11 phase power is generally not used in residential applications, but it is particularly use- 
ful in industry because three-phase motors are more efficient. 

A three-phase transformer consists of three sets of primary and secondary wind- 
ings. Each set is wound on one leg of an iron-core assembly. Basically it is three 
single-phase transformers sharing a common core, as shown in Figure 14-37. It is 
possible (but more expensive) to connect three single-phase transformers together to 
achieve the same result. In a three-phase transformer, the three identical primary 
windings and the three identical secondary windings are connected in either of two 
FIGURE 14-37 Three-phase ways, a delta (A) configuration or a wye (Y) configuration, to form a complete trans- 
transformer. former unit. Delta and wye connections are shown in Figure 14-38. 
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FIGURE 14-38 Delta and 
wye configurations. 


(a) (b) 


In a three-phase transformer, the possible combinations of delta and wye configurations are 


1. Delta-to-wye (A-Y). The primary winding is a delta and the secondary winding is 
a wye. This 1s the most common configuration used in commercial and industrial 
applications. 


2. Delta-to-delta (A-A). The primary and secondary windings are both connected in 
the delta configuration. This 1s also commonly used in industrial applications. 

3. Wye-to-delta (Y-A). The primary winding is a wye and the secondary winding is a 
delta. This 1s used in high-voltage transmission applications. 


4. Wye-to-wye (Y-Y). The primary and secondary windings are both connected in the 
wye configuration. It is used in high-voltage, low kVA applications. 


The delta-to-wye connections are shown in Figure 14-39. The proper winding phas- 
ing must be observed when connecting the transformers. The windings in the delta must be 
+ to —; the polarity for each winding in the wye must be the same at the center point. 


Three-phase 
outputs 
Three-phase 
inputs 


(1, 10) 


FIGURE 14-39 Connections for a delta-to-wye transformer. The primary windings 


are designated A,,;, B,,; and C,,;; the secondary windings are designated A,,,, Bsecs 


and C,,,. The numbers in parentheses correspond to the transformer leads. 


The wye configuration has an advantage in that a neutral connection can be made at 
the center junction point. The delta configuration normally does not have a neutral. One 
exception is the special case for changing three-phase transmission-line voltage to single- 
phase power for residential use. In this case, a Y-A transformer with a center-tapped delta 
configuration is used, as shown in Figure 14—40. This configuration is referred to as a four- 
wire delta and can be used in cases where single phase is not available. 
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Three-phase 
utility power 


FIGURE 14-40 A tapped wye-delta transformer that can be used to 
convert three-phase utility voltages to single-phase residential voltages. 


SECTION 14-8 CHECKUP 


1. A certain transformer has two secondary windings. The turns 2. Name one advantage and one disadvantage of an autotrans- 
ratio from the primary winding to the first secondary winding former over a conventional transformer. 
is 10. The turns ratio from the primary winding to the other 
secondary winding ts 0.2. If 240 V ac are applied to the 
primary winding, what are the secondary voltages? 


. What is the most common configuration for a three-phase 
transformer? 


14-9 TROUBLESHOOTING 


Transformers are reliable devices when operated within their specified range. Common fail- 
ures in a transformer are opens in either the primary or the secondary windings. One cause of 
an open is the operation of the device under conditions that exceed its ratings. Normally, when 
a transformer fails, it is very difficult to repair, and therefore the simplest procedure is to 
replace it. 


After completing this section, you should be able to 


e Troubleshoot transformers 
e Find an open primary or secondary winding 


When there is an open primary winding, there is no primary current and, therefore, 
no induced voltage or current in the secondary. This condition is illustrated in Figure 
14-41(a), and the method of checking with an ohmmeter is shown in part (b). 


| UUA; 
SU 0) lny Y 


(a) Conditions when the primary winding 1s open Disconnect source from primary winding. 


(b) Checking the primary winding with an ohmmeter 


FIGURE 14-41 Open primary winding. 
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When there is an open secondary winding, there is no current in the secondary circuit 
and, as a result, no voltage across the load. Also, an open secondary winding causes the 
primary current to be very small (there is only a small magnetizing current). In fact, the 
primary current may be practically zero. This condition is illustrated in Figure 14-42(a), 
and the ohmmeter check is shown in part (b). 


Very small primary 
current 


Disconnect load 
from secondary 
winding 


| (OM my) o 


R 


(a) Conditions when the secondary winding is open (b) Checking the secondary winding with the ohmmeter 


FIGURE 14-42 Open secondary winding. 


Shorted windings are very rare and if they do occur are difficult to find unless there is 
a visual indication or a large number of windings are shorted. A completely shorted primary 
winding will draw excessive current from the source; and unless there is a breaker or a fuse 
in the circuit, either the source or the transformer or both will burn out. A partial short in the 
primary winding can cause higher than normal or even excessive primary current. 


SECTION 14-9 CHECKUP 


1. What is the most probable failure in a transformer? 2. What is often the cause of transformer failure? 


SUMMARY 


e A transformer generally consists of two or more coils that are magnetically coupled on a com- 
mon core. 


e There is mutual inductance between two magnetically coupled coils. 
e When current in one coil changes, voltage is induced in the other coil. 


e The primary is the winding connected to the source, and the secondary is the winding connected 
to the load. 


e The number of turns in the primary winding and the number of turns in the secondary winding 
determine the turns ratio. 


e The relative polarities of the primary and secondary voltages are determined by the direction of 
the windings around the core. 


e A step-up transformer has a turns ratio greater than 1. 
e A step-down transformer has a turns ratio less than 1. 
e A transformer cannot increase power. 


e Inan ideal transformer, the power from the source (input power) is equal to the power delivered 
to the load (output power). 


e Ifthe voltage is stepped up, the current is stepped down, and vice versa. 


e A load connected across the secondary winding of a transformer appears to the source as a 
reflected load having a value dependent on the reciprocal of the turns ratio squared. 


e An impedance-matching transformer can match a load resistance to an internal source resistance 
to achieve maximum power transfer to the load by selection of the proper turns ratio. 
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e A balun is a type of transformer used to convert a balanced line (such as twisted pair wiring) to an 
unbalanced line (such as coaxial cable) or vice-versa. 


e A transformer does not respond to constant dc. 


e Conversion of electrical energy to heat in an actual transformer results from winding resistances, 
hysteresis loss in the core, eddy currents in the core, and flux leakage. 


e Three-phase transformers are commonly used in power distribution applications. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 


Apparent power rating The method of rating transformers in which the power capability is 
expressed in volt-amperes (VA). 


Center tap (CT) A connection at the midpoint of a winding in a transformer. 


Electrical isolation The condition in which two circuits have no common conductive path between 
them. 


Impedance matching A technique used to match a load resistance to a source resistance in order 
to achieve maximum transfer of power. 


Magnetic coupling The magnetic connection between two coils as a result of the changing mag- 
netic flux lines of one coil cutting through the second coil. 


Mutual inductance (Ly) The inductance between two separate coils, such as in a transformer. 
Primary winding The input winding of a transformer; also called primary. 

Reflected resistance The resistance in the secondary circuit reflected into the primary circuit. 
Secondary winding The output winding of a transformer; also called secondary. 


Transformer An electrical device constructed of two or more coils of wire (windings) that are elec- 
tromagnetically coupled to each other so that there is mutual inductance from one winding to another. 


Turns ratio (n) The ratio of turns in the secondary winding to turns in the primary winding. 


KEY FORMULAS 


(14-1) Ly = k VIL, Mutual inductance 
(14-2) k = tiz Coefficient of coupling 
1 
N 
(14-3) n = — Turns ratio 
N pri 
V N 
(144) 7 = — Voltage ratio 
pri pri 
(14-5) Vsee = WV pri Secondary voltage 
Lori 
(14-6) 7 =n Current ratio 
sec 
1 
(14-7) Lec = (+i Secondary current 
1 2 
(14-8) Rori = (4) Ry Reflected resistance 
(14-9) n= J £ Turns ratio for impedance matching 
Rpri 


(1410) n= 


Transformer efficiency 


| 
A 
Bj 
© | 
ULA 
puma 
© 
© 
X 
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TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 
1. An ideal transformer delivers the same power to the load as is delivered to the primary winding. 


2. Dots on the schematic symbol of a transformer show the phase relationship between the input 
and the output. 


A step-down transformer has more turns in the primary winding than in the secondary winding. 
The primary current in a transformer is always larger than the secondary current. 


When there is no load on a transformer, the power factor is 1. 


+ I SS 


Impedance-matching transformers allow maximum voltage to be passed from the source to 
the load. 


7. Reflected resistance is the same as winding resistance. 
8. A balun is a form of impedance-matching transformer. 
9. Power transformers are typically rated in VA rather than in watts. 


10. Transformer efficiency is the ratio of output voltage divided by input voltage. 


SELF-TEST 


Answers are at the end of the chapter. 


1. A transformer is used for 
(a) de voltages (b) ac voltages (e) both de and ac 


2. Which one of the following is affected by the turns ratio of a transformer? 


(a) primary voltage (b) de voltage (e) secondary voltage (d) none of these 


3. Ifthe windings of a certain transformer with a turns ratio of 1 are in opposite directions around 
the core, the secondary voltage is 


(a) in phase with the primary voltage (b) less than the primary voltage 
(c) greater than the primary voltage (d) out of phase with the primary voltage 

4. When the turns ratio of a transformer is 10 and the primary ac voltage is 6 V, the secondary 
voltage is 
(a) 60 V (b) 0.6 V (c) 6V (d) 36 V 

5. When the turns ratio of a transformer is 0.5 and the primary ac voltage is 100 V, the secondary 
voltage is 
(a) 200 V (b) 50 V (c) 1OV (d) 100 V 

6. A certain transformer has 500 turns in the primary winding and 2500 turns in the secondary 


winding. The turns ratio is 
(a) 0.2 (b) 2.5 (e) 5 (d) 0.5 
7. If 10 W of power are applied to the primary winding of an ideal transformer with a turns ratio 
of 5, the power delivered to the secondary load is 
(a) 50 W (b) 0.5 W (c) OW (d) 10 W 
8. Ina certain loaded transformer, the secondary voltage is one-third the primary voltage. Ideally, 
the secondary current is 
(a) one-third the primary current (b) three times the primary current 
(e) equal to the primary current (d) less than the primary current 
9. When a 1.0 kQ load resistor is connected across the secondary winding of a transformer with a 


turns ratio of 2, the source “sees” a reflected load of 
(a) 250 Q (b) 2k0 (c) 4k0 (d) 10k0 


10. In Question 9, if the turns ratio is 0.5, the source “sees” a reflected load of 
(a) 10k0Q (b) 2k0Q (c) 4k0Q (d) 500 Q 
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11. The turns ratio required to match a 50 Q source to a 200 Q load is 
(a) 0.25 (b) 0.5 (e) 4 (d) 2 


12. Maximum power is transferred from a source to a load when 
(a) Ry, > Rint (b) Rz < Rint (c) Ry Ni Rint (d) Ry = NR int 


13. When a 12 V battery is connected across the primary winding of a transformer with a turns ratio 
of 4, the secondary voltage is 


(a) 0V  b)12V (48V (d) 3V 


14. A certain transformer has a turns ratio of 1 and a 0.95 coefficient of coupling. When 1 V ac is 
applied to the primary, the secondary voltage is 


(a) 1V (b)195V (e) 095V 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 


SECTION 14-1 Mutual Inductance 
1. What is the mutual inductance when k = 0.75, Li = 1 uH, and L = 4 uH? 
2. Determine the coefficient of coupling when Ly = 1 uH, Lı = 8 uH, and L, = 2 uH. 


SECTION 14-2 The Basic Transformer 


3. What is the turns ratio of a transformer having 120 turns in its primary winding and 360 turns in 
its secondary winding? 


4. (a) What is the turns ratio of a transformer having 250 turns in its primary winding and 1000 
turns in its secondary winding? 
(b) What is the turns ratio when the primary winding has 400 turns and the secondary winding 
has 100 turns? 


5. Determine the phase of the secondary voltage with respect to the primary voltage for each trans- 
former in Figure 14-43. 


Vae VAE Va 


FIGURE 14-43 


SECTION 14-3 Step-Up and Step-Down Transformers 
6. If 120 V ac are connected to the primary of a transformer with a turns ratio of 1.5, what is the 
secondary voltage? 
7. A certain transformer has 250 turns in its primary winding. In order to double the secondary 
voltage, how many turns must be in the secondary winding? 
8. How many primary volts must be applied to a transformer with a turns ratio of 10 to obtain a 
secondary voltage of 60 V ac? 


9. For each transformer in Figure 14—44, draw the secondary voltage showing its relationship to 
the primary voltage. Also indicate the amplitude. 


1:10 
. e 


FIGURE 14-44 
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10. To step 120 V down to 30 V, what must be the turns ratio? 


11. The primary winding of a transformer has 1200 V across it. What is the secondary voltage if the 
turns ratio is 0.2? 


12. How many primary volts must be applied to a transformer with a turns ratio of 0.1 to obtain a 
secondary voltage of 6 V ac? 


13. What is the voltage across the load in each circuit in Figure 14-45? 


14. If the bottom of each secondary winding in Figure 14-45 were grounded, would the values of 
the load voltages be changed? 


20:1 


1.0 kQ 


FIGURE 14-45 


15. Determine the unspecified meter readings in Figure 14—46. 
16. If Ry is doubled in the circuit of Figure 14—46(a), what would the secondary meter read? 


(a) (b) 


FIGURE 14-46 


SECTION 14-4 Loading the Secondary 
17. Determine Zec in Figure 14—47. 


li FIGURE 14-47 


E p 


18. Determine the following quantities in Figure 14—48: 
(a) secondary voltage (b) secondary current 
(e) primary current (d) power in the load 


2:1 
o o ae: o 


FIGURE 14-48 
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SECTION 14-5 Reflected Load 
19. What is the load resistance as seen by the source in Figure 14-49? 
20. What is the resistance reflected into the primary circuit in Figure 14-50? 


FIGURE 14-49 FIGURE 14-50 


21. What is the primary current (rms) in Figure 14-50 if the rms source voltage is 120 V? 
22. What must be the turns ratio in Figure 14-51 in order to reflect 300 Q into the primary circuit? 


FIGURE 14-51 
VA Ry 
" 10k0Q 


SECTION 14-6 Impedance Matching 


23. For the circuit in Figure 14-52, find the turns ratio required to deliver maximum power to the 
4 Q speaker. 


24. In Figure 14-52, what is the maximum power in watts delivered to the speaker? 


25. Determine the value to which Rz must be adjusted in Figure 14-53 for maximum power trans- 
fer. The internal source resistance is 50 Q. 


16 0 
1:10 
25 V | | V; | | Rimax) 
10 kQ 


FIGURE 14-52 FIGURE 14-53 


26. Plot the power curve for values of R, in Figure 14-53 ranging from 1 kQ to 10kQ in 1 kQ 
increments. R; = 50 Q and V, = 10 V. 


SECTION 14-7 Transformer Ratings and Characteristics 


27. Ina certain transformer, the input power to the primary is 100 W. If 5.5 W are dissipated in the 
winding resistances, what is the output power to the load, neglecting any other losses? 


28. What is the efficiency of the transformer in Problem 27? 


29. Determine the coefficient of coupling for a transformer in which 2% of the total flux generated 
in the primary does not pass through the secondary. 


30. A certain transformer is rated at 1 kVA. It operates on 60 Hz, 120 V ac. The secondary voltage 
is 600 V. 
(a) What is the maximum load current? 
(b) What is the smallest Rz that you can drive? 
(c) What is the largest capacitor that can be connected as a load? 


31. What kVA rating is required for a transformer that must handle a maximum load current of 10 A 
with a secondary voltage of 2.5 kV? 
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SECTION 14-8 Tapped and Multiple-Winding Transformers 
32. Determine each unknown voltage indicated in Figure 14-54. 


FIGURE 14-54 


50 turns V; 


100 turns V> f 
v, 


100 turns V3 | 


33. Using the indicated secondary voltages in Figure 14-55, determine the turns ratio of the pri- 
mary winding to each tapped section. 


FIGURE 14-55 


1 24 V 
6 V 

2 

3 3V 


34. In Figure 14-56, each primary winding can accommodate 120 V ac. Show how the primaries 
should be connected for 240 V ac operation. Determine each secondary voltage. 


35. Determine the turns ratios from each primary to each secondary in Figure 14-56. 


FIGURE 14-56 
100 turns 
1000 turns 
= 200 turns 
= 500 turns 
= 1000 turns 


1000 turns 


SECTION 14-9 Troubleshooting 


36. When you apply 120 V ac across the primary winding of a transformer and check the voltage 
across the secondary winding, you get O V. Further investigation shows no primary or second- 
ary current. List the possible faults. What is your next step in isolating the problem? 


37. What is likely to happen 1f the primary winding of a transformer shorts? 


ADVANCED PROBLEMS 


38. The power supply in Figure 14-12 is designed to provide +5.0 V at 1 A, yet is fused for only 
1/8 A. Explain why the fuse does not blow at the rated output. 


39. For the loaded, tapped-secondary transformer in Figure 14-57, determine the following: 
(a) all load voltages and currents 
(b) the resistance looking into the primary 


FIGURE 14-57 
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40. A certain transformer is rated at 5 kVA, 2400/120 V, at 60 Hz. 
(a) What is the turns ratio if the 120 V is the secondary voltage? 
(b) What is the current rating of the secondary if 2400 V is the primary voltage? 
(c) What is the current rating of the primary if 2400 V is the primary voltage? 


41. Determine the voltage measured by each voltmeter in Figure 14-58. The bench-type meters 
have one terminal that connects to ground as indicated. 


6:1 1000 y 
120 V | 100 Q 120 V 


(a) (b) 


FIGURE 14-58 


42. Find the appropriate turns ratio for each switch position in Figure 14-59 in order to transfer the 
maximum power to each load when the internal source resistance is 10 Q. Specify the number 
of turns for the secondary winding if the primary winding has 100 turns. 


FIGURE 14-59 


Nseck 1) 


pri N sec(2) 


Noéct3) 


43. What must the turns ratio be in Figure 14-50 to limit the primary current to 3 mA with a source 
voltage of 120 V? Assume an ideal transformer and source. 


44. Assume 120 V is applied to the primary of a transformer with a VA rating of 10 VA. The output 
voltage is 12.6 V. What is the smallest resistor that can be connected across the secondary? 


45. A step-down transformer uses 120 V on the primary and 10 V on the secondary. If the second- 
ary 1s rated for a maximum of | A, what fuse rating should be selected on the primary side? 


mes MULTISIM TROUBLESHOOTING 
E PROBLEMS 


46. Open file P14-46; files are found at www.pearsonhighered.com/floyd. Test the circuit. If there 
is a fault, identify it. 


47. Open file P14-47 and test the circuit. If there is a fault, identify it. 
48. Determine if there is a fault in the circuit in file P14-48. If so, identify it. 
49. Find and specify any faulty component in the circuit in file P14-49. 


ANSWERS TO SECTION CHECKUPS 


SECTION 14-1 Mutual Inductance 


1. Mutual inductance is the inductance between two coils, established by the amount of coupling 
between the coils. 
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2. En = KVL¡L> = 45 mH 


3. Induced voltage increases when k is increased. 


SECTION 14-2 The Basic Transformer 

1. Transformer operation is based on the principle of mutual inductance, 
Turns ratio is the ratio of turns in the secondary to turns in the primary. 
Directions of the windings determine the relative voltage polarities. 
n= Nel Nog = 05 


The windings are formed on a printed circuit board. 


7o w 


SECTION 14-3 Step-Up and Step-Down Transformers 
1. A step-up transformer increases voltage. 

The secondary voltage is five times greater. 

Vec ~ nY ~ AUUV 

A step-down transformer decreases voltage. 

Ves "Ml UY 

. n = 12V/120V = 0.1 


Electrical isolation, surge protection, and filters to eliminate interference 


IA we WN 


SECTION 14-4 Loading the Secondary 


1. The secondary current is half the primary current. 


2. n = 0.253 [see = (1/n)lpri = 2A 
a: d Nee — 250k 
4. Disconnecting the load can lead to arcing, which can damage the transformer and equipment 


and present a shock hazard. 


SECTION 14-5 Reflected Load 


1. Reflected resistance is the resistance in the secondary circuit as seen from the primary circuit as 
a function of the turns ratio. 


2. The reciprocal of the turns ratio determines reflected resistance. 
3. Ry = (1/n) R = 050 


4. n= V Rr /Ryri = (0.1 


SECTION 14-6 Impedance Matching 


1. Impedance matching is making maximum power transfer between a source and a load. 

2. Maximum power is delivered to the load when Ry, = Rint 

3. Ry = (1/n)’R, = 400 0 

4. To connect unbalanced signals to balanced signals (and vice versa) and provide impedance 
matching. 


SECTION 14-7 Transformer Ratings and Characteristics 


1. In a practical transformer, conversion of electrical energy to heat reduces the efficiency. An 
ideal transformer has an efficiency of 100%. 


2. When the coefficient of coupling is 0.85, 85% of the magnetic flux generated in the primary 
winding passes through the secondary winding. 


3. I, = 10kVA/250 V = 40 A 


SECTION 14-8 Tapped and Multiple-Winding Transformers 
1. Ve. = 10(240 V) = 2400 V; V = 0.2(240 V) = 48 V 


2. Autotransformers are smaller and lighter for the same rating. Autotransformers provide no elec- 
trical isolation. 


3. The delta-to-wye configuration. 
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SECTION 14-9 Troubleshooting 
1. The most probable failure is an open winding. 


2. Operating above rated values causes transformer failure. 


ANSWERS TO RELATED PROBLEMS 
FOR EXAMPLES 


14-1 387 uH 

14-2 0.75 

14-3 5000 turns 

14-4 480 V 

14-5 57.6V 

14-6 5mA;400 mA 
147 60 

14-8 0.354 

14-9 0.0707 or 14.14:1 
14-10 91% 

14-11 Vaz = 12 V; Vep = 480 V; Vere = Venp = 240 V; Ver = 24 V 


ANSWERS TO TRUE/FALSE QUIZ 


1. T 2. T 3. T 4. F 5. F 6. F Ta F 8. T 9. T 10. F 


ANSWERS TO SELF-TEST 


1. (b) 2. (c) 3. (d) 4. (a) 5. (b) 6. (c) 7. (d) 
8. (b) 9. (a) 10. (œ) 11. (d) 12. (© 13. (a) 14. (c) 
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TIME RESPONSE OF 
REACTIVE CIRCUITS 


OUTLINE 


15-1 The RC Integrator 

15-2 Response of RC Integrators to a Single Pulse 
15-3 Response of RC Integrators to Repetitive Pulses 
15-4 Response of RC Differentiators to a Single Pulse 


15-5 Response of RC Differentiators to Repetitive 
Pulses 


15-6 Response of RL Integrators to Pulse Inputs 
15-7 Response of RL Differentiators to Pulse Inputs 
15-8 Integrator and Differentiator Applications 
15-9 Troubleshooting 


OBJECTIVES 


Explain the operation of an RC integrator 
e Analyze an RC integrator with a single-pulse input 
e Analyze an KC integrator with a repetitive-pulse input 
e Analyze an RC differentiator with a single-pulse input 
e Analyze an RC differentiator with a repetitive- 
pulse input 
e Analyze the operation of an RL integrator 
e Analyze the operation of an RL differentiator 
e Discuss some applications of integrators and 
differentiators 


e Troubleshoot RC integrators and RC differentiators 


KEY TERMS 


Integrator Steady state 


Transient time Differentiator 


INTRODUCTION 


In Chapters 10 and 12, the frequency response of RC and 
RL circuits was covered. In this chapter, the time response 
of RC and RL circuits with pulse inputs is examined. 

Before starting this chapter, you should review the 
material in Sections 9-3 and 11-4. Understanding expo- 
nential changes in voltages and currents in capacitors and 
inductors 1s crucial to the study of the time response of 
reactive circuits. Exponential formulas that were given in 
Chapters 9 and 11 are used throughout this chapter. 

With pulse inputs, the time response of the circuits 
is of primary importance. In the areas of pulse and dig- 
ital circuits, technicians are often concerned with how a 
circuit responds over an interval of time to rapid changes 
in voltage or current. The relationship of the circuit time 
constant to the input pulse characteristics, such as pulse 
width and period, determines the wave shapes of the volt- 
ages in the circuit. 

The terms integrator and differentiator refer to cir- 
cuits that can, under certain conditions, approximate the 
mathematical process of integration and differentiation. 
Mathematical integration 1s a summation process. Under 
certain conditions, integrators are capable of averaging a 
waveform, as you will see in this chapter. Mathematical 
differentiation refers to the process of finding the rate of 
change of a quantity. Differentiator circuits produce an 
output that represents the rate of change of the input. 
Differentiator circuits are common in systems that 
require timing triggers, such as radar systems. 


VISIT THE WEBSITE 
Study aids for this chapter are available at 
http://pearsonhighered.com/floyd 
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15-1 THE RC INTEGRATOR 


In terms of time response, a series RC circuit in which the output voltage is taken across the 


capacitor is known as an integrator. Recall that in terms of frequency response, this particular 
series RC circuit is a low-pass filter. The term, integrator, is derived from a mathematical func- 
tion which this type of circuit approximates under certain conditions. 


After completing this section, you should be able to 


e Explain the operation of an RC integrator 
e Describe how the capacitor charges and discharges 
e Explain how a capacitor reacts to an instantaneous change in voltage or current 


e Describe the basic output voltage waveform 


Charging and Discharging of a Capacitor 


When a pulse generator is connected to the input of an RC integrator, as shown in Figure 
15-1, the capacitor will charge and discharge in response to the pulses. When the input 
goes from its low level to its high level, the capacitor charges toward the high 
level of the pulse through the resistor. This charging action is analogous to 
connecting a battery through a switch to the RC circuit, as illustrated in Figure 
15-2(a). When the pulse goes from its high level back to its low level, the 
capacitor discharges back through the source. Compared to the resistance of 
the resistor, R, the resistance of the source is assumed to be negligible. This 
discharging action is analogous to replacing the source with a closed switch, as 
illustrated in Figure 15—2(b). 


V. 


in 


FIGURE 15-1 An RC 
integrator with a pulse 
generator connected. Charging Discharging 
voltage voltage 


— | \ 
eo T. 


(a) When the input pulse goes HIGH, the source (b) When the input pulse goes back LOW, the 
effectively acts as a battery in series with a source effectively acts as a closed switch, 
closed switch, thereby charging the capacitor. providing a discharge path for the capacitor. 


FIGURE 15-2 The equivalent action when a pulse source charges and discharges the capacitor. 


A capacitor will charge and discharge following an exponential curve. Its rate of 
charging and discharging depends on the RC time constant, a fixed time interval deter- 
mined by R and C (T = RC). 

For an ideal pulse, both edges are considered to be instantaneous. Two basic rules of 
capacitor behavior help in understanding the response of RC circuits to pulse inputs. 


1. The capacitor appears as a short to an instantaneous change in current and as an open 
to de. 


2. The voltage across the capacitor cannot change instantaneously—it can change only 
exponentially. 
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Capacitor Voltage 


In an RC integrator, the output 1s the capacitor voltage. The capacitor charges during the 
time that the input pulse is high. If the pulse is at its high level long enough, the capacitor 
will fully charge to the voltage amplitude of the pulse, as illustrated in Figure 15-3. The 
capacitor discharges during the time that the pulse is low. If the low time between pulses is 
long enough, the capacitor will fully discharge to zero, as shown in the figure. Then when 
the next pulse occurs, it will charge again. 


Charging Discharging 


FIGURE 15-3 Illustration of a capacitor fully charging and discharging in response to a pulse 
input. A pulse generator is connected to the input, but the symbol is not shown, only the waveform. 


SECTION 15-1 CHECKUP* 


1. Define the term integrator in relation to an RC circuit. 2. What causes a capacitor in an RC circuit to charge and discharge? 


*Answers are at the end of the chapter. 


15-2 RESPONSE OF RC INTEGRATORS 
TO A SINGLE PULSE 


From the previous section, you have a general idea of how an RC integrator responds over time 
to a pulse input. In this section, the time response to a single pulse is examined in detail. 


After completing this section, you should be able to 


e Analyze an RC integrator with a single-pulse input 
e Discuss the importance of the circuit time constant 
¢ Define transient time 
e Determine the response when the pulse width is equal to or greater than five time constants 
e Determine the response when the pulse width is less than five time constants 


Two conditions of response to a single-pulse input must be considered: 


1. When the input pulse width (ty) is equal to or greater than five time constants 
(tw = 5T) 
2. When the input pulse width is less than five time constants (tw < 57) 


Recall that five time constants is accepted as the time a capacitor needs to fully charge or 
fully discharge; this time is often called the transient time. A capacitor will fully charge if 
the pulse width is equal to or greater than five time constants (57). This condition is 
expressed as tw = 57. At the end of the pulse, the capacitor fully discharges back through 
the source. 
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Figure 15—4 illustrates the output waveforms for various RC transient times and a 
fixed input pulse width. Notice that as the transient time becomes shorter, compared to the 
pulse width, the shape of the output pulse approaches that of the input. In each case, the 
output reaches the full amplitude of the input. 


Vo ut 


| 
| 
| 
| 
| | 
K— ty = 10 us —=> 


FIGURE 15-4 Variation of an integrator’s output pulse 
shape with transient time. The shaded areas indicate when 
the capacitor is charging and discharging. 


Figure 15-5 shows how a fixed time constant and a variable input pulse width affect 
the integrator output. Notice that as the pulse width is increased, the shape of the output 
pulse approaches that of the input. Again, this means that the transient time is short com- 
pared to the pulse width. The rise and fall times of the output remain constant. 


FLERE L 


(a) ty = 57 (b) ty = 107 (c) ty = 207 


(d) ty = 407 


FIGURE 15-5 Variation of an integrator’s output pulse shape with input pulse width 
(the time constant is fixed). Dark blue is input and light blue is output. 


Now let’s examine the case in which the width of the input pulse 1s less than five time 
constants of the RC integrator. This condition is expressed as tw < 57. As you know, a 
capacitor charges for the duration of the pulse and the pulse width is the time it has for 
charging. However, because the pulse width is less than the time the capacitor needs to 
fully charge (57), the output voltage will not reach the full input voltage before the end of 
the pulse. The capacitor only partially charges, as illustrated in Figure 15-6 for several 
values of RC time constants. Notice that for longer time constants, the output reaches a 
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FIGURE 15-6 Capacitor voltage for various time constants that are 
longer than the input pulse width. Dark blue is input and light blue is 
output. 


lower voltage because the capacitor cannot charge as much during the pulse width. Of 
course, in the examples with a single-pulse input, the capacitor fully discharges after the 
pulse ends. 

When the time constant is much greater than the input pulse width, the capacitor 
charges very little, and, as a result, the output voltage becomes a very small almost con- 
stant value, as indicated in Figure 15-6. 

Figure 15—7 illustrates the effect of reducing the input pulse width for a fixed time 
constant value. As the pulse width is reduced, the output voltage becomes smaller because 
the capacitor has less time to charge. However, it takes the capacitor the same length of 
time (57) to discharge back to zero for each condition after the pulse 1s removed. 


Vou 
S 
Vin de 
0 0 
(a) ty = 57 (b) ty < 57 
0 0 
(c) ty << 57 (d) ty, <<< 57 


FIGURE 15-7 The capacitor charges less and less as the input pulse width is reduced. The time 
constant is fixed. 


EXAMPLE 15-1 


A single 10 V pulse with a width of 100 us is applied to the RC integrator in 
Figure 15-8. The source resistance is assumed to be zero. 

(a) To what voltage will the capacitor charge? 

(b) How long will it take the capacitor to discharge? 


(c) Show the output voltage waveform. 
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R 
100 kO 
10V 
Vo C Voi 
0.001 uF 
0 : ; 
100 us 
FIGURE 15-8 


SOLUTION 


(a) The circuit time constant is 
T = RC = (100k0)(0.001 uF) = 100 ps 


Notice that the pulse width is exactly equal to one time constant. Thus, the 
capacitor will charge approximately 63% of the full input amplitude in one 
time constant, so the output will reach a maximum voltage of 


Vout = (0.63)10 V = 6.3 V 


(b) The capacitor discharges back through the source when the pulse ends. The 
total discharge time is 


57 = 5(100 us) = 500 ps 


(c) The output charging and discharging curve is shown in Figure 15-9. 


V gia (V) 


10 


63pm 


Discharge 
Charge | 


0 t (us) 
MULTISIM 100 200 300 400 500 600 

X FIGURE 15-9 
Open Multisim file E15-01; RELATED PROBLEM * 
files are found at www. o o 
pearsonhighered.com/floyd. If the input pulse width in Figure 15—8 is increased to 200 us, to what voltage will 
Verify the calculated results in the capacitor charge? 
a ande elated * Answers are at the end of the chapter. 


EXAMPLE 15-2 


Determine to what voltage the capacitor in Figure 15-10 will charge when a sin- 
gle pulse is applied to the input. Assume C is initially uncharged and the source 
resistance 1s Zero. 

SOLUTION 


Calculate the time constant. 


T = RC = (2.2 KO)(1 uF) = 2.2 ms 
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25 V 
E F Vom 
0 | | U 


FIGURE 15-10 


Because the pulse width is 5 ms, the capacitor charges for approximately 2.27 time 
constants (5 ms/2.2 ms = 2.27). Use the exponential formula, Equation 9-15, to 
find the voltage to which the capacitor will charge. With Vr = 25 V andt = 5 ms, 
the calculation is as follows: 


v = Vp(1 — RO = 25 Vy — e5m9/22m8) = 22.4 V 


These calculations show that the capacitor charges to 22.4 V during the 5 ms 
duration of the input pulse. It will discharge back to zero when the pulse goes 
back to zero. 


RELATED PROBLEM 


Determine how much C will charge 1f the pulse width is increased to 10 ms. 


SECTION 15-2 CHECKUP 


1. When an input pulse is applied to an RC integrator, what R 
condition must exist in order for the output voltage to reach 
the full amplitude of the input? 


1V 
2. For the circuit in Figure 15—11, which has a single-pulse C 7 
input, find the maximum output voltage and determine how ; DD E ~ 


long the capacitor will discharge. AAA 


3. For Figure 15-11, draw the approximate shape of the output 
voltage with respect to the input pulse. 


4. If an integrator time constant equals the input pulse width, 


will the capacitor fully charge? FIGURE 15-11 


5. Describe the condition in an integrator under which the 
output voltage has the approximate shape of a rectangular 
input pulse. 
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15-3 RESPONSE OF RC INTEGRATORS 
TO REPETITIVE PULSES 


In electronic systems, you will encounter waveforms with repetitive pulses much more often 
than with single pulses. However, an understanding of the integrator’s response to single 
pulses is necessary in order to understand how these circuits respond to repeated pulses. 


After completing this section, you should be able to 


e Analyze an RC integrator with a repetitive-pulse input 
e Determine the response when the capacitor does not fully charge or discharge 
¢ Define steady state 
e Describe the effect of a change in time constant on circuit response 


If a periodic pulse waveform is applied to an RC integrator, as shown in Figure 
15-12, the output waveshape depends on the relationship of the circuit time constant and 
the frequency of the input pulses. The capacitor, of course, charges and discharges in 
response to a pulse input. The amount of charge and discharge of the capacitor depends 
both on the circuit time constant and on the input frequency, as mentioned. 


Capacitor is fully charging 
and fully discharging. 


FIGURE 15-12 RC integrator with a repetitive-pulse waveform input. 


If the pulse width and the time between pulses are each equal to or greater than five 
time constants, the capacitor will fully charge and fully discharge during each period of the 
input waveform. This case is shown in Figure 15-12. 
When the pulse width and the time between pulses are shorter 
Less than 57 than 5 time constants, as illustrated in Figure 15-13 for a square 
wave, the capacitor will not completely charge or discharge. We will 
now examine the effects of this situation on the output voltage of the 


RC integrator. 

— aa For illustration, let’s use an RC integrator with a charging and 
Less than 57 discharging time constant equal to the pulse width of a 10 V square 
FIGURE 15-13 Input wave- wave input, as in Figure 15-14. This choice will simplify the analysis 
form that does not allow full and will demonstrate the basic action of the integrator under these conditions. At this point, 
charge or discharge of the inte- we really do not care what the exact time constant value is because we know that an RC 

grator capacitor. circuit charges 63.2% during one time constant interval. 

10 V R 
Vin | | | | OV 
0 lia C ¡nia Po 
por [| tc | 7 | 


FIGURE 15-14 Integrator with a square wave input having a 
period equal to two time constants (T = 27). 
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Let’s assume that the capacitor in Figure 15-14 begins initially uncharged and exam- 
ine the output voltage on a pulse-by-pulse basis. The results of this analysis are shown in 
Figure 15-15. 


+10 V FIGURE 15-15 Input and 

output for the initially 
Vin uncharged integrator in 
Figure 15-14. 
0 t 
Ist 2nd 3rd 
+10 V 
V 


First pulse During the first pulse, the capacitor charges. The output voltage reaches 
6.32 V, which is 63.2% of 10 V, as shown in Figure 15-15. 


Between first and second pulses The capacitor discharges, and the voltage decreases to 
36.8% of the voltage at the beginning of this interval: 0.368(6.32 V) = 2.33 V. ê 


Second pulse The capacitor voltage begins at 2.33 V and increases 63.2% of the way to 
10 V. The total charging range is 10 V — 2.33 V = 7.67 V. The capacitor voltage will 
increase an additional 63.2% of 7.67 V, which is 4.85 V. Thus, at the end of the second 
pulse, the output voltage is 2.33 V + 4.85 V = 7.18 V, as indicated in Figure 15-15. 
Notice that the average is building up. 


HANDS ON TIP 
When you view pulse 
waveforms on an oscilloscope, 
set the scope to be DC coupled, 
not AC coupled. The reason is 
that AC coupling places a 
capacitor in series and can cause 
distortion in low-frequency 
pulse signals. Also, DC coupling 
allows you to observe the dc 
level of the pulse. 


Between second and third pulses The capacitor discharges during this time, and there- 
fore the voltage decreases to 36.8% of the initial voltage by the end of the second pulse: 
0.368(7.18 V) = 2.64 V. 


Third pulse At the start of the third pulse, the capacitor voltage is 2.64 V. The capacitor 
charges 63.2% of the way from 2.64 V to 10 V: 0.632(10 V — 2.64 V) = 4.65 V. There- 
fore, the voltage at the end of the third pulse is 2.64 V + 4.65 V = 7.29 V. 


Steady-State Time Response 


In the preceding discussion, the output voltage gradually built up and then began leveling 
off. It takes approximately 5r for the output voltage to build up to 99% of its final value, 
regardless of the number of pulses that may occur during that time interval. This interval is 
the transient time of the circuit. Once the output voltage reaches the average value of the 
input voltage, a steady-state condition is reached, which continues as long as the periodic 
input continues. This condition is illustrated in Figure 15—16 based on the approximate 
values obtained after the first three pulses. 


+10 FIGURE 15-16 Output 
reaches steady state after 57 
and stabilizes at the values 
indicated. 


4th Sth 6th Tth 
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The transient time for our example circuit is the time from the beginning of the first 
pulse to the end of the third pulse. The capacitor voltage at the end of the third pulse is 
7.29 V, which is about 99% of its final value. 


The Effect of an Increase in Time Constant 


What happens to the output voltage 1f the RC time constant of the integrator 1s increased 
with a variable resistor, as indicated in Figure 15-17? As the time constant is increased, 
the capacitor charges less during a pulse and discharges less between pulses. The result 1s 
a smaller fluctuation in the output voltage for increasing values of time constant, as shown 
in Figure 15-18. 


Vii 
Vout 
(a) T1 0 
Vom 
j CN 
Vin C Vom 
V out 
Vava 
= (c) T3 0 
FIGURE 15-17 Integrator with a FIGURE 15-18 Effect of increasing time constants on the output of 
variable resistor to control the time an integrator (73 > Tz > T1). 
constant. 


As the time constant becomes extremely long compared to the pulse width, the out- 
put voltage approaches a constant de voltage, as shown in Figure 15—18(c). This value is 
the average value of the input. For a square wave, it is one-half the amplitude. 


EXAMPLE 15-3 


Determine the output voltage waveform for the first two pulses applied to the 
integrator circuit in Figure 15-19. Assume that the capacitor is initially 
uncharged. 


sv 4.7 KQ 
Vai C 
V 
0.01 UF out 
[i0us| 154s |10 gs | 


FIGURE 15-19 
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SOLUTION 
First, calculate the circuit time constant. 
T= RC = (4.7kQ)(0.01 uF) = 47 us 


Obviously, the time constant is much longer than the input pulse width or the 
interval between pulses (notice that the input is not a square wave). Thus, in this 
case, the exponential formulas must be applied, and the analysis is relatively dif- 
ficult. Follow the solution carefully. 


1. Calculation for first pulse: Use the equation for an increasing exponential 
(Eq. 9-15) because C is charging. Note that Vp is 5 V, and t equals the pulse 
width of 10 us. Therefore, 


ve = Vel — e VRS) = (5 Va — e 18/478) = 958 mV 
This result is plotted in Figure 15-20(a). 


Vo ut 


10 us 25 us 


FIGURE 15-20 


2. Calculation for interval between first and second pulse: Use the equation 
for a decreasing exponential (Eq. 9-16) because C is discharging. Note that 
V; is 958 mV because C begins to discharge from this value at the end of the 
first pulse. The discharge time is 15 us. Therefore, 


ve = Vie "RC = (958 mV)e HS/4748 = 696 mV 


This result is shown in Figure 15—20(b). 


3. Calculation for second pulse: At the beginning of the second pulse, the out- 
put voltage is 696 mV. During the second pulse, the capacitor will again 
charge. In this case, it does not begin at zero volts. It already has 696 mV 
from the previous charge and discharge. To handle this situation, you must 
use the general exponential formula (Eq. 9-13). 


r= Ve + (V,— Vie!” 


Using this equation, you can calculate the voltage across the capacitor at the 
end of the second pulse. 


ve = Vr + (V; — Ve E = 5 V + (696 mV — 5 Vje 18/4748 = 1.52 V 


This result 1s shown in Figure 15—20(c). 
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Notice that the output waveform builds up on successive input pulses. After 


MULTISIM approximately 57, it will reach its steady state and will fluctuate between a con- 
= stant maximum and a constant minimum, with an average equal to the average 
value of the input. You can demonstrate this pattern by carrying the analysis in 


en this example further. 
Open Multisim file E15-03. 


Measure the steady-state output 
waveform in terms of its 
minimum, maximum, and 
average values. 


RELATED PROBLEM 


Determine V,,,,, at the beginning of the third pulse. 


A SWEPT-FREQUENCY TEST 


Communication systems have specific requirements for the frequency response of the 
transmitter and receiver. To test the response of the transmitter or receiver, an oscilloscope 
can be set up to observe the frequency response in real time. The oscilloscope’s horizontal 
axis (the time base) is converted to a frequency base by putting the scope in x-y mode. The 
oscilloscope can then plot the response of the unit under test to a test signal. A block dia- 
gram of the swept-frequency test system is shown in Figure 15-21. 

The swept-frequency generator supplies the test signal. It consists of three blocks 
that generate a frequency-modulated (FM) signal. Pulses from a square wave generator 
are converted to a triangle wave by an integrator (an RC circuit in which >> T.) The tri- 
angle wave is amplified and used to change the frequency of a voltage-controlled oscilla- 
tor (VCO). Simultaneously, the triangle wave moves the x-axis of the scope in sync with 
the frequency change. This causes the oscilloscope time base to become a frequency base. 
This signal varies continuously between two selected radio frequencies (RF) that are used 
for the test. The unit under test is the portion of a communication system that is being 
aligned. 

The unit under test is part of a communication system. It responds to the frequency 
modulated signal as determined by its frequency response. The output is detected (the rf 
signal is removed), and the envelope is observed on the oscilloscope, which shows the 
frequency response. The unit under test can be adjusted while observing the response in 
real time. 


Frequency- 
modulated 
signal 


Swept-frequency generator 


FIGURE 15-21 A swept-frequency test. 
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SECTION 15-3 CHECKUP 


1. What conditions allow an RC integrator capacitor to fully 57 is greater than the pulse width of an input square 
charge and discharge when a periodic pulse waveform is wave? 
i i 7 
applied to the input: 4. Define steady-state response. 
2. What will the output waveform look like if the circuit time 5. Describe the output of an RC integrator when the input is a 
constant is extremely small compared to the pulse width of a square wave that has a period that is much less than 17. 
i 9 : . ‘ 
i - What is the purpose of the integrator in the swept frequenc 
Puare Wave e 6. What is the purpose of the integrator in tl pt frequency 


3. What is the time called that is required for the output measurement in System Example 15-1? 


voltage to build up to a constant average value when 


15-4 RESPONSE OF RC DIFFERENTIATORS 
TO A SINGLE PULSE 


In terms of time response, a series RC circuit in which the output voltage is taken across the 
resistor is known as a differentiator. Recall that in terms of frequency response, this particu- 
lar series RC circuit is a high-pass filter. The term, differentiator, is derived from a mathemati- 
cal function which this type of circuit approximates under certain conditions. 


After completing this section, you should be able to 


e Analyze an RC differentiator with a single-pulse input 
e Describe the response at the rising edge of the input pulse 


e Determine the response during and at the end of a pulse for various relationships of the 
pulse width and the time constant 


Figure 15-22 shows an RC differentiator with a pulse input. The same 


action occurs in the differentiator as in the integrator, except the output voltage p | 
1s taken across the resistor rather than the capacitor. The capacitor charges expo- 

nentially at a rate depending on the RC time constant. The shape of the differen- Vi» R Vout 
tiator’s resistor voltage is determined by the charging and discharging action of | 
the capacitor. 


Pulse Response 


To understand how the output voltage is shaped by a differentiator, you must consider the 
following: 


FIGURE 15-22 An RC 
differentiator with a pulse 
generator connected. 


1. The response to the rising pulse edge 
2. The response between the rising and falling edges 
3. The response to the falling pulse edge 
Let's assume that the capacitor is initially uncharged prior to the rising pulse edge. 


Prior to the pulse, the input is zero volts. Thus, there are zero volts across the capacitor and 
also zero volts across the resistor, as indicated in Figure 15—23(a). 


RESPONSE TO THE RISING EDGE OF THE INPUT PULSE Let's also 
assume that a 10 V pulse is applied to the input. When the rising edge occurs, the voltage 
at point A goes to +10 V. Recall that the voltage across a capacitor cannot change instan- 
taneously, and thus the capacitor appears instantaneously as a short. Therefore, if the 
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(b) At rising edge of input pulse (c) During level part of pulse when twy > 57 


5 V (arbitrary value) 5 V (arbitrary value) 
A a | _ B 


-10 V 


(d) At falling edge of pulse when ty 2 57 (e) During level part of pulse when ty, < 57 (£) At falling edge of pulse when ty < 57 


FIGURE 15-23 Examples of the response of a differentiator to a single-pulse input under two 
conditions: tw 2 57 and tw < 57. A pulse generator is connected to the input, but the symbol is 
not shown, only the pulses. 


voltage at point A goes instantly to +10 V, then the voltage at point B must also go instantly 
to +10 V, keeping the capacitor voltage zero for the instant of the rising edge. The capaci- 
tor voltage 1s the voltage from point A to point B. 

The voltage at point B with respect to ground is the voltage across the resistor (and 
the output voltage). Thus, the output voltage suddenly goes to +10 V in response to the 
rising pulse edge, as indicated in Figure 15—23(b). 


RESPONSE DURING PULSE WHEN tw = 57 While the pulse is at its high 
level between the rising edge and the falling edge, the capacitor is charging. When the 
pulse width is equal to or greater than five time constants (ty = 57), the capacitor has time 
to fully charge. 

As the voltage across the capacitor builds up exponentially, the voltage across the 
resistor decreases exponentially until 1t reaches zero volts at the time the capacitor reaches 
full charge (+10 V in this case). This decrease in the resistor voltage occurs because the 
sum of the capacitor voltage and the resistor voltage at any instant must be equal to the 
source voltage, in compliance with Kirchhoff’s voltage law (vc + vr = Vin). This part of 
the response is illustrated in Figure 15-23(c). 


RESPONSE TO FALLING EDGE WHEN ty = 57 Let's examine the case in 
which the capacitor is fully charged at the end of the pulse (tw = 57). Refer to Figure 
15-23(d). On the falling edge, the input pulse suddenly goes from +10 V back to zero. 
An instant before the falling edge, the capacitor is charged to 10 V, so the voltage at 
point A is +10 V and the voltage at point B is O V. The voltage across a capacitor cannot 
change instantaneously, so when the voltage at point A makes a transition from +10 V to 
zero on the falling edge, the voltage at point B must also make a 10 V transition from 
zero to —10 V. This keeps the voltage across the capacitor at 10 V for the instant of the 
falling edge. 

The capacitor now begins to discharge exponentially. As a result, the resistor voltage 
goes from —10 V to zero in an exponential curve, as indicated in Figure 15—23(d). 
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RESPONSE DURING PULSE WHEN tw < 57 When the pulse width is less 
than five time constants (ty < 57), the capacitor does not have time to fully charge. Its 
partial charge depends on the relationship of the time constant and the pulse width. 
Because the capacitor does not reach the full +10 V, the resistor voltage will not reach 
zero volts by the end of the pulse. For example, if the capacitor charges to +5 V during the 
pulse interval, the resistor voltage will decrease to +5 V, as illustrated in Figure 15-23(e). 


RESPONSE TO FALLING EDGE WHEN tw < 57 Now, let's examine the 
case in which the capacitor is only partially charged at the end of the pulse (tw < 57). For 
example, if the capacitor charges to +5 V, the resistor voltage at the instant before the fall- 
ing edge 1s also +5 V because the capacitor voltage plus the resistor voltage must add up to 
+10 V, as illustrated in Figure 15-23(e). 

When the falling edge occurs, the voltage at point A goes from +10 V to zero. As a 
result, the voltage at point B goes from +5 V to —5 V, as illustrated in Figure 15—23(f). 
This decrease occurs, of course, because the capacitor voltage cannot change at the instant 
of the falling edge. Immediately after the falling edge, the capacitor begins to discharge to 
zero. As a result, the resistor voltage goes from —5 V to zero, as shown. 


Summary of RC Differentiator 
Response to a Single Pulse 


A good way to summarize this section is to look at the general output waveforms of a 
differentiator as the time constant is varied from one extreme, when 57 is much less than 
the pulse width, to the other extreme, when 57 is much greater than the pulse width. These 
situations are illustrated in Figure 15—24. In part (a), the output consists of narrow positive 
and negative “spikes.” These short pulses are useful in many systems to provide a timing 
signal called a “trigger.” In part (e), the output approaches the shape of the input. Various 
conditions between these extremes are illustrated in parts (b), (c), and (d). 


| 
+10 V | 
(a) 57 much less than ty, | 
| 
0 
| 
| 
| -10V 


+10V | 
(b) 57 = O0.5ty | 
| 
0 
| 
| 
| -10V | 
+10V | | 
Va (c) 5r = ly | 
| 
= 
| 
| -10V 
+10V | 
(d) 57 greater than ty | 
0 a 


+10 V 
(e) 57 much greater than ty ee 
a | ee eo mane a caress meres 


FIGURE 15-24 Effects of a change in time constant on the shape of the output voltage of an 
RC differentiator. 
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EXAMPLE 15-4 


Show the output voltage for the circuit in Figure 15-25. 


FIGURE 15-25 


SOLUTION 
First , calculate the time constant. 
T = RC = (15k0)020 pF) = 1.8 us 


In this case, tw > 57, so the capacitor reaches full charge in 9 us (before the end 
of the pulse). 

On the rising edge, the resistor voltage jumps to +5 V and then decreases 
exponentially to zero before the end of the pulse. On the falling edge, the resistor 
voltage jumps to —5 V and then goes back to zero exponentially. The resistor 
voltage is, of course, the output, and its shape is shown in Figure 15-26. 


FIGURE 15-26 


RELATED PROBLEM 
Show the output voltage if R = 18kQ and C = 47 pF in Figure 15-25. 


EXAMPLE 15-5 


Determine the output voltage waveform for the differentiator in Figure 15-27. 


FIGURE 15-27 
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SOLUTION 
First, calculate the time constant. 
T = (2.2kQ)(1.0 uF) = 2.2 ms 


On the rising edge, the resistor voltage immediately jumps to®*25)V2 
Because the pulse width is 5 ms, the capacitor charges for approximately 2.27 
time constants during the pulse, and therefore does not reach full charge. Thus, 
you must use the formula for a decreasing exponential (Eq. 9-16) in order to cal- 
culate to what voltage the output decreases by the end of the pulse. 


pae = Ven SO ea SN 


where V; = 25 V and t = 5 ms. This calculation gives the resistor voltage at the 
end of the 5 ms pulse width interval. 

On the falling edge, the resistor voltage immediately jumps from +2.58 V 
down to —22.4 V (a 25 V transition). The resulting waveform of the output volt- 
age is shown in Figure 15-28. 


+25 V 


2.58 V 


o ms —> 


22.4 V 


LL ans. —_—_ _ = 


FIGURE 15-28 


RELATED PROBLEM 
Determine the voltage at the end of the pulse in Figure 15-27 if R is 1.5kQ. 


SECTION 15-4 CHECKUP 


1. Show the output of a differentiator for a 10 V input pulse 4. If the resistor voltage in a differentiating circuit is down to 
when 57 = 0.5tw. +5 V at the end of a 15 V input pulse, to what negative value 
will the resistor voltage go in response to the falling edge of 


2. Under what condition does the output pulse shape most 


: ; the input? 
closely resemble the input pulse for a differentiator? P 


3. What does the differentiator output look like when 5r is much 
less than the pulse width of the input? 
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15-5 RESPONSE OF RC DIFFERENTIATORS 
TO REPETITIVE PULSES 


The RC differentiator response to a single pulse, covered in the last section, is extended in this 
section to repetitive pulses. 


After completing this section, you should be able to 


e Analyze an RC differentiator with a repetitive-pulse input 
e Determine the response when the pulse width is less than five time constants 


If a periodic pulse waveform is applied to an RC differentiating circuit, two condi- 
tions again are possible: ty = 57 or tw < 57. Figure 15-29 shows the output when 
tw = 57. As the time constant is reduced, both the positive and the negative portions of the 
output become narrower. Notice that the average value of the output 1s zero; the waveform 
has equal positive and negative portions. The average value of a waveform 1s 1ts de com- 
ponent. Because a capacitor blocks dc, the de component of the input is prevented from 
passing through to the output. 


C +10 V 
10 V 
Vin | | | | R Vom 0 
0 
ty >|<!ty>| -10V 


FIGURE 15-29 Example of differentiator response when tw = 57. 


Figure 15-30 shows the steady-state output when tw < 57. As the time constant is 
increased, the positively and negatively sloping portions become flatter. For a very long time 
constant, the output approaches the shape of the input, but with an average value of zero. 


>| 


C 
Vin | | | | R Vout 0 
0 
= tw >| < tw =| 


FIGURE 15-30 Example of differentiator response when tw < 57. 


Analysis of a Repetitive Waveform 


Like the integrator, the differentiator output takes time (57) to reach steady state. To 1llus- 
trate the response, let’s take an example in which the time constant equals the input 
pulse width. At this point, we do not care what the value of the circuit time constant 1s 
because we know that the resistor voltage will decrease to 36.8% of its maximum value 
during one pulse (17). Let's assume that the capacitor in Figure 15-31 begins initially 
uncharged and examine the output voltage on a pulse-by-pulse basis. The results of this 
analysis are shown in Figure 15-32. 
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OV 
initially 


FIGURE 15-31 RC differentiator with T = 27. 


+10 V 


FIGURE 15-32 Differentiator output waveform during transient time for the circuit 
in Figure 15-31. 


First pulse On the rising edge, the output instantaneously jumps to +10 V. Then the 
capacitor partially charges to 63.2% of 10 V, which is 6.32 V. Thus, the output voltage 
must decrease to 3.68 V, as shown in Figure 15-32. 

On the falling edge, the output instantaneously makes a negative-going 10 V transi- 
tion to —6.32 V because 3.68 V — 10 V = —6.32 V. 


Between first and second pulses The capacitor discharges to 36.8% of 6.32 V, which is 
2.33 V. Thus, the resistor voltage, which starts at —6.32 V, must increase to —2.33 V. 
Why? Because at the instant prior to the next pulse, the input voltage is zero. Therefore, 
the sum of vc and vp must be zero (+2.33 V — 2.33 V = 0). Remember that vc + vp = Vin 
at all times, in accordance with Kirchhoff’s voltage law. 


Second pulse On the rising edge, the output makes an instantaneous, positive-going, 10 V 
transition from —2.33 V to 7.67 V. Then by the end of the pulse the capacitor charges 
0.632 (10 V — 2.33 V) = 4.85 V. Thus, the capacitor voltage increases from 2.33 V to 
2.33 V + 4.85 V = 7.18 V. The output voltage drops to 0.368(7.67 V) = 2.82 V. 

On the falling edge, the output instantaneously makes a negative-going transition 
from 2.82 V to —7.18 V, as shown in Figure 15-32. 


Between second and third pulses The capacitor discharges to 36.8% of 7.18 V, which 
is 2.64 V. Thus, the output voltage starts at —7.18 V and increases to —2.64 V because the 
capacitor voltage and the resistor voltage must add up to zero at the instant prior to the 
third pulse (the input is zero). 


Third pulse On the rising edge, the output makes an instantaneous 10 V transition from 
—2.64 V to +7.36 V. Then the capacitor charges 0.632(10 V — 2.64 V) = 4.65 V to 
2.64 V + 4.65 V = +7.29 V. As a result, the output voltage drops to 0.368(7.36 V) = 
2.71 V. On the falling edge, the output instantly goes from +2.71 V down to —7.29 V. 


After the third pulse, five time constants have elapsed, and the output voltage is close 
to its steady state. Thus, the waveform in Figure 15-32 will continue to vary from a posi- 
tive maximum of about +7.3 V to a negative maximum of about —7.3 V, with an average 
value of zero. 
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Y XA VI E — 


E p O] A WATCHDOG TIMER 


Many systems require constant monitoring in order to take immediate action in case a 
power failure should occur. The circuit that monitors for a particular condition is called 
a watchdog timer, a colorful description of a monitoring circuit, usually one that can 
take a corrective action. For the case of a power failure monitor, there is usually enough 
stored power in the capacitors to take the action before the system shuts down. The action 
can be anything from switching to backup power, saving files, or sounding a battery-pow- 
ered alarm. There is a wide variety of watchdog timer circuits, including some that are 
built into integrated circuits. 

In this example, a watchdog timer is monitoring the input power and outputs a negative- 
going trigger signal when a failure occurs. The trigger can be used to start a corrective 
action. A key part of the circuit is two differentiating circuits. Figure 15-33 shows the 
basic circuit for this watchdog timer. 


Differentiating Differentiating 
circuit circuit 


E ab 


+ 


Failure 
indication 
trigger 


FIGURE 15-33 A watchdog timer circuit for monitoring power. 


The circuit operation is to convert ac to a low voltage by 7; and compare the low- 
voltage ac signal with ground. The comparator outputs a high signal when the ac 1s above 
ground and a low signal when it is below ground, thus producing a square wave. The first 
differentiating circuit and diode produce a series of triggers, which occur at the power line 
frequency. The triggers are sent to a retriggerable multivibrator, a circuit that has a high 
dc level output as long as triggers appear regularly at the input. If a power failure occurs, 
the de drops to ground level and a second differentiating circuit converts this drop to a 
negative-going trigger, which can be used to take a corrective action. 


SECTION 15-3 CHECKUP 


1. What conditions allow an RC differentiator to fully charge 3. What does the average value of the differentiator output 
and discharge when a periodic pulse waveform is applied voltage equal during steady state? 


to the 1 t? 
o the inpu 4. Explain the purpose of each differentiator in the watchdog 


2. What will the output waveform look like if the circuit time timer. 
constant is extremely small compared to the pulse width 
of a square wave input? 
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15-6 RESPONSE OF RL INTEGRATORS 
TO PULSE INPUTS 


A series RL circuit in which the output voltage is taken across the resistor is known as an inte- 
grator in terms of time response. The response to a single pulse is discussed but can be extended 
to repetitive pulses as was done for the case of RC integrators. Although the RL integrator has 
waveforms similar to the RC integrator, the RL integrator is not as commonly used; inductors 
tend to be more expensive than capacitors and have winding resistance that can adversely 
affect the circuit. 


After completing this section, you should be able to 


e Analyze the operation of an RL integrator 
e Determine the response to a single-pulse input 


Figure 15-34 shows an RL integrator. The output waveform is taken across the resis- 
tor and, under equivalent conditions, is the same shape as that for the RC integrator. Recall 
that in the RC case, the output was across the capacitor. 


in out 


FIGURE 15-34 An RL integrator with a 
pulse generator connected. 


As you know, each edge of an ideal pulse is considered to occur instantaneously. 
Two basic rules for inductor behavior will aid in analyzing RL circuit responses to pulse 
inputs: 


1. The inductor appears as an open to an instantaneous change in current and as a short 
(ideally) to de. 


2. The current in an inductor cannot change instantaneously—it can change only expo- 
nentially when the input changes levels. 


Response of the RL Integrator 
to a Single Pulse 


When a pulse generator is connected to the input of an RL integrator and the voltage pulse 
goes from its low level to its high level, the inductor prevents a sudden change in current. 
As a result, the inductor acts as an open, and all the input voltage is across it at the instant 
of the rising pulse edge. This situation is indicated in Figure 15-35(a). 

After the rising edge, the current builds up, and the output voltage follows the current 
as it increases exponentially, as shown in Figure 15—35(b). The current can reach a maxi- 
mum of V,,/R if the transient time is shorter than the pulse width (V, = 10 V in this exam- 
ple where V, is pulse amplitude). 

When the pulse goes from its high level to its low level, an induced voltage with 
reversed polarity is created across the coil in an effort to keep the current equal to V,,/R. 
The output voltage begins to decrease exponentially, as shown in Figure 15-35(c). 
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10 V 
0 KR 
+ = 
JTL ra 
0 0 
(a) At rising edge of pulse (i = 0) (b) During flat portion of pulse 
10 V 
0 
-10 V 


10 V 


(c) At falling edge of pulse and after 


FIGURE 15-35 Illustration of the pulse response of an RL integrator (tw > 5r). A pulse 
generator is connected to the input but its symbol is not shown, only the pulses. 


The exact shape of the output depends on the L/R time constant as summarized in 
Figure 15-36 for various relationships of the time constant and the pulse width. You should 
note that the response of this RL circuit in terms of the shape of the output is identical to that 
of the RC integrator. The relationship of the L/R time constant to the input pulse width has 
the same effect as the RC time constant that we discussed earlier in this chapter. For exam- 
ple, when tw < 57, the output voltage will not reach its maximum possible value. 


10V 
Vin 0 ¡== by —> 


| 

| 
| 
(a) 57 E ty j= | 

| ov 
| | 
(b) 57 = 0.5ty 0 | 
| | 

Vow | 10 y 
| | 
(c) 57 = 0.25ty 0 | 

| Mov 
| 
(d) Sr =0.1ty 0 | 


FIGURE 15-36 Illustration of the variation in integrator output 
pulse shape with time constant. 
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EXAMPLE 15-6 


Determine the maximum output voltage for the integrator in Figure 15-37 when 
a single pulse is applied as shown. 


L 
5y 100 mH 
Vin | | R 
0 4.7 kQ out 
50 us > 
FIGURE 15-37 
SOLUTION 
Calculate the time constant. 
L 100 mH 
e = 213 us 
ER 4IKQ Hs 


Because the pulse width is 50 us, the inductor?s magnetic field increases 
(energizes) for approximately 2.357; (50 us/21.3 us = 2.35). Use Equation 
11—6 to calculate the voltage. 


— = —Rt/L 
v = Vr + (Vi — Vpe MULTISIM 


V; is zero. The maximum output voltage occurs at the end of the pulse. Therefore, * 


vy = Vel — e) = 5 V(1 — e500/21345) = 4,52 Y 
Open the file E15-06. Use the 


space bar to trigger the pulse 
generator. Confirm the 
calculations shown in the 
solution. 


RELATED PROBLEM 


What value must R be for the output voltage to reach 5 V by the end of the pulse? 


EXAMPLE 15-7 


A pulse is applied to the RL integrator in Figure 15-38. Determine the waveforms 
and the values for J, Vp, and Vz. 


TỌ L B 
0 


20 Us >| 


FIGURE 15-38 


SOLUTION 


The circuit time constant 1s 


5.0 mH 


T = 


T e 


|D 
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Since 57 = 16.7 ps is less than tw, the current will reach its maximum value and 
remain there until the end of the pulse. 
At the rising edge of the pulse, 


r=0A 
vp = OV 
v, = 10V 


The inductor appears as an open, so all of the input voltage appears across L. 
During the pulse, 


E Eva V, 10 V 
S e a = 
i increases exponentially to R 15kO0 


vg increases exponentially to 10 V in 16.7 us 


= 6.67 mA in 16.7 us 


vz Increases exponentially to zero in 16.7 ¡us 


At the falling edge of the pulse, 


i= 6.67 mA 
VR = 10 V 
VÍ = —10 V 


After the pulse, 


i decreases exponentially to zero in 16.7 us 
vg decreases exponentially to zero in 16.7 us 


vz decreases exponentially to zero in 16.7 us 


The waveforms are shown in Figure 15-39. 


6.67 mA 


t (us) 


t (us) 


t (us) 


FIGURE 15-39 


RELATED PROBLEM 


What will be the maximum output voltage if the amplitude of the input pulse 1s 
increased to 20 V in Figure 15—38? 
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EXAMPLE 15-8 


A 10 V pulse with a width of 10 ps is applied to the integrator in Figure 15-40. 
Determine the voltage level that the output will reach during the pulse. If the 
source has an internal resistance of 300 0, how long will it take the output to 
decrease to zero? Show the output voltage waveform. 


L FIGURE 15-40 
10 V 50 mH 
€ L R 
0 47k0 
—10 us 
SOLUTION 


The coil energizes through the 300 O source resistance plus the 4.7 k external 

resistor. The time constant is 

E a 50 mH _ 50mH 
Rio 47000 + 3009 5.0kD 


T 


Notice that in this case the pulse width is exactly equal to 7. Thus, the output Vp 
will reach approximately 63% of the full input amplitude in 17. Therefore, the 
output voltage gets to 6.3 V at the end of the pulse. 

After the pulse is gone, the inductor de-energizes back through the 300 O 
source resistance and the 4.7 KO resistor. The output voltage takes 57 to com- 
pletely decrease to zero. 


5r = 5(10 us) = 50 ps 


The output voltage is shown in Figure 15-41. 


60 us 


FIGURE 15-41 


RELATED PROBLEM 


To what approximate maximum value must R be changed in Figure 15-40 to 
allow the output voltage to reach the input level during the pulse? 


SECTION 15-6 CHECKUP 


1. Inan RL integrator, across which component is the output 3. Under what condition will the output voltage have the 
voltage taken? approximate shape of the input pulse? 


2. When a pulse is applied to an RL integrator, what condition 
must exist in order for the output voltage to reach the 
amplitude of the input? 
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15-7 RESPONSE OF RL DIFFERENTIATORS 
TO PULSE INPUTS 


A series RL circuit in which the output voltage is taken across the inductor is known as a dif- 
ferentiator in terms of time response. The response to a single pulse is discussed but can be 
extended to repetitive pulses as was done for the case of RC differentiators. 


After completing this section, you should be able to 


e Analyze the operation of an RL differentiator 


e Determine the response to a single-pulse input 


Response of the RL Differentiator 
to a Single Pulse 


Figure 15—42 shows an RL differentiator with a pulse generator connected to the input. 


FIGURE 15-42 An RL 
differentiator with a pulse 
generator connected. 


Initially, before the pulse, there is no current in the circuit. When the input pulse goes 
from its low level to its high level, the inductor prevents a sudden change in current. It does 
this, as you know, with an induced voltage equal and opposite to the input. As a result, L 
looks like an open, and all of the input voltage appears across it at the instant of the rising 
edge, as shown in Figure 15-43(a) with a 10 V pulse. 


(a) At rismg edge of pulse 


-10 V 


(c) At falling edge when ty < 57 (d) At falling edge when ty 2 57 


FIGURE 15-43 Illustration of the response of an RL differentiator for both time 
constant conditions. The pulse generator is connected to the input, but its symbol is not 
shown, only the pulses. 
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During the pulse, the current exponentially builds up. As a result, the inductor volt- 
age decreases, as shown in Figure 15—43(b). The rate of decrease, as you know, depends 
on the L/R time constant. When the falling edge of the input occurs, the inductor reacts to 
keep the current as is, by creating an induced voltage in a direction as indicated in Figure 
15—43(c). This reaction is seen as a sudden negative-going transition of the inductor volt- 
age, as indicated in parts (c) and (d). 

Two conditions are possible, as indicated in Figure 15-43(c) and (d). In part (c), 57 is 
greater than the input pulse width, and the output voltage does not have time to decrease to 
zero. In part (d), 57 is less than or equal to the pulse width, and so the output decreases to 
zero before the end of the pulse. In this case a full —10 V transition occurs at the falling edge. 

Keep in mind that as far as the input and output waveforms are concerned, the RL 
integrator and differentiator perform the same as their RC counterparts. 

A summary of the RL differentiator response for various relationships of time con- 
stants and pulse widths is shown in Figure 15-44. Compare this figure to Figure 15-24 for 
an RC differentiator and you will see that the responses are identical. 


(a) 57 much less than ty, 


10 V 
(b) 57 = 0.5ty 


V 


out 


(c) 5ST = tw | 


(d) 57 greater than ty 


+10 V | 
(e) 57 much greater than tw ee 
0 — mn o 


FIGURE 15-44 Illustration of the variation in output pulse shape with the time constant. 


EXAMPLE 15-9 


Show the output voltage waveform for the RL differentiator in Figure 15-45. 


5V 
yV. 
E L Vow 
0 2 E 200 uH 


I— 100 ns 


FIGURE 15-45 
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SOLUTION 
First, calculate the time constant. 


L 200 uH 
R 10kQ 


T= = 20 ns 
In this case, tw = 57, so the output will decay to zero at the end of the pulse. 

On the rising edge, the inductor voltage jumps to +5 V and then decays 
exponentially to zero. It reaches approximately zero at the instant of the falling 
edge. On the falling edge of the input, the inductor voltage jumps to —5 V and 
then goes back to zero. The output waveform is shown in Figure 15-46. 


FIGURE 15-46 +5 V 


<= 100 ns —— 


RELATED PROBLEM 


Show the output voltage if the input pulse width is reduced to 50 ns in Figure 1545. 


EXAMPLE 15-10 


Determine the output voltage waveform for the RL differentiator in Figure 15—47. 


FIGURE 15-47 


SOLUTION 
First, calculate the time constant. 


L 20mH _ 
R 10k9 


T = 


2 us 


On the rising edge, the inductor voltage immediately jumps to +25 V, which 
is the initial value for the exponential decay. The final value is zero (assuming it 
could continue to decay). The exponential formula for the voltage at any instant 
on an inductor 1s Equation 11-6, which is 


v = Vp + (V; — Vie B/E 
Substituting 0 for the final value gives the exponential decay formula: 
m = Ve T = 05V e = OVE =] 2057 


This result is the inductor voltage at the end of the 5 us input pulse. 

On the falling edge, the output immediately drops from +2.05 V to —22.95 V 
(a 25 V negative-going transition). The complete output waveform is shown in 
Figure 1548. 
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VID RE 18248 


10 us ————> 


RELATED PROBLEM 


What must be the value of R for V,,,,, to reach zero by the end of the input pulse in 
Figure 15—47? 


SECTION 15-7 CHECKUP 


1. In an RL differentiator, across which component is the output 3. If the inductor voltage in an RL differentiator is down to +2 V 
taken? at the end of a +10 V input pulse, to what negative voltage 
will the output voltage go in response to the falling edge of 


2. Under what condition does the output pulse shape most ' 
the input? 


closely resemble the input pulse? 


18-8 INTEGRATOR AND DIFFERENTIATOR 
APPLICATIONS 


Although integrators and differentiators are found in many different kinds of applications, 
only three basic ones are discussed in this section. 


After completing this section, you should be able to 


e Discuss some applications of integrators and differentiators 
e Describe how RC integrators are used in timing circuits 
e Describe how an integrator can be used for converting pulse waveforms to dc 
e Describe how a differentiator can be used as a trigger pulse generator 


Timing Circuits 


RC integrators can be used in timing circuits to set a specified time interval for various 
purposes. By changing the time constant, the interval can be adjusted. For example, the RC 
integrator circuit in Figure 15—49(a) is used to provide a delay between the time a power- 
on switch is closed and the time a certain event is activated by a threshold circuit. The 
threshold circuit is designed to respond to the input voltage only when the input reaches a 
certain specified level. Don’t worry how the threshold circuit works at this point; you will 
learn about this type of circuit in a later course. 

When the switch is thrown, the capacitor begins to charge at a rate set by the RC time 
constant. After a certain time, the capacitor voltage reaches the threshold value and trig- 
gers (turns on) the circuit to activate a circuit or a device such as a motor, relay, or lamp, 
depending on the particular application. A variable delay can be created by making R a 
rheostat. A circuit like this 1s useful in systems like radars to adjust certain features like 
“clutter filters.” This action is illustrated by the waveforms in Figure 15—49(b). 
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SW closed 


Vg 
Vout | is Threshold 


R 
A Threshold 
+V n aS it 
SW circul 


= = ==] l— Time delay 


(a) Basic delay circuit (b) Timing diagram 


FIGURE 15-49 A basic time delay application of an RC integrator. 


EXAMPLE 15-11 


What is the time delay in the circuit of Figure 15-49(a) with Vin = 9 V, 
R = 10MO, and C = 0.47 uF? Assume the threshold voltage is 5 V. 


SOLUTION 
Use the exponential formula, Equation 9-15, and solve for time as follows: 
v= Vr — e RO, = Vr - Vre e 
Vr = v= Vie ES 


¿RO = VE Y 
Vr 


Taking the natural log (In) of both sides of the equation yields 


Ve — V 
t = —RC In 
Vr 


Vr is the final voltage to which C will charge and equals V;„. Substituting values 
and solving for t yields 


9v-s5V 
9V 


t = — (10 MO )(0.47 ot = —(10 MO)(0.47 ao $Y = 3.85 


RELATED PROBLEM 


Find the time delay for the circuit in Figure 15-49 for Vp = 24V,R = 10kQ, 
and C = 1500 pF. 


A Pulse Waveform-to-DC Converter 


An integrating circuit can be used to convert a pulse waveform to a constant de value equal to 
the average of the waveform. This is accomplished by using a time constant that 1s extremely 
long compared to the period of the pulse waveform, as illustrated in Figure 15—50(a). 
Actually, there will be a slight ripple on the output as the capacitor charges and discharges 
a little. This ripple becomes less as the time constant becomes longer and can approach a 
constant level, as shown in Figure 15—50(b). In terms of sinusoidal response, this circuit is 
a low-pass filter. 
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V 


V Vin R out = V Aava —————— 
AVG -4----+-4--F-+-- 
0 m (Aam 


T>>T 
T 


Vout TARA Sii 


Ripple decreases 
as Tincreases 


De 


Long 7 


(b) 


FIGURE 15-50 A long time constant integrator acts as a pulse-to-dc converter. 


Trigger Pulse Generator and Waveshaping 


A differentiator circuit can be used to produce very short duration pulses (spikes) with 
both positive and negative polarities, as you saw in System Example 15-2. When the time 
constant is short compared to the pulse width of the input, the differentiator produces a 
positive spike on each positive-going edge of the input and a negative spike on each 
negative-going edge, as shown in Figure 15-51. A diode can be used to remove either the 
positive trigger or the negative trigger. 


FIGURE 15-51 A very short time constant differentiator generates positive and negative spikes. 


By changing the input to a triangle wave with a long period compared to the time 
constant, a wave-shaping circuit is produced. This time the output is a square wave that 
represents the rate of rise of the triangle. This idea is shown in Figure 15-52. There is a 


Vaw FIGURE 15-52 Triangle to 
0 =———— square wave circuit. The time 


C 0 
constant of the circuit is long 
| compared to the period. 
R 
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trade-off in this circuit between the rise time of the output square wave and the amplitude 
of the square wave. If the time constant is short, the square wave rises rapidly, but the 
amplitude is lower. 


SECTION 15-8 CHECKUP 


1. How can the delay time in the circuit of Figure 15—49 be 3. What characteristic must the differentiator in Figure 15-51 
increased? have in order to produce very short duration spikes on its 
output? 


2. Reducing the value of R in Figure 15-50 will (increase, 
decrease) the amount of ripple on the output. 


15-9 TROUBLESHOOTING 


In this section, RC circuits with pulse inputs are used to demonstrate the effects of common 
component failures in selected cases. The concepts can then be easily related to RL circuits. 


| | After completing this section, you should be able to 
Mii 
e Troubleshoot RC integrators and RC differentiators 
e Recognize the effect of an open capacitor 
e Recognize the effect of a shorted capacitor 


e Recognize the effect of an open resistor 


Open Capacitor 


If the capacitor in an RC integrator opens, the output has the same waveshape as the input, 
as shown in Figure 15-53(a). If the capacitor in an RC differentiator opens, the output is 
zero because it is held at ground through the resistor, as illustrated in part (b). 


Via | | | | C Open Voui | | | | 
0 0 


(a) Integrator 


Vin | | | | R Vow 
0 q —M¿é€ ádl>— > 


(b) Differentiator 


FIGURE 15-53 Examples of the effect of an open capacitor. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


15-9 TROUBLESHOOTING 689 


Shorted Capacitor 


If the capacitor in an RC integrator shorts, the output is at ground as shown in Figure 15-54(a). 
If the capacitor in an RC differentiator shorts, the output is the same as the input, as shown in 
part (b). 


10 V | | | | \ 
Vi C J Short Va 
0 / oy —=————— 


(a) 


10 V | | | | | | | | 
Vi R Yom ad 
0 0 


(b) 
FIGURE 15-54 Examples of the effect of a shorted capacitor. 


Open Resistor 


If the resistor in an RC integrator opens, the capacitor has no discharge path, and, ideally, 
it will hold any charge it may have. In an actual situation, any charge will gradually leak 
off or the capacitor will discharge slowly through a measuring instrument connected to the 
output. This is illustrated in Figure 15—55(a). 

If the resistor in an RC differentiator opens, the output looks like the input except for 
the de level because the capacitor now must charge and discharge through the extremely 
high resistance of the oscilloscope, as shown in Figure 15-55(b). 


R 
o——V/ <— Output will slowly discharge 
Open to 0 V through the leakage 


resistance or instrument 


V. Loy | | | | C V out impedance when R opens. 
) | 


(a) 


(b) 
FIGURE 15-55 Examples of the effect of an open resistor. 
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SECTION 15-9 CHECKUP 


1. An RC integrator has a zero output with a square wave input. 3. If the capacitor in a differentiator is shorted, what is the 
What are the possible causes of this problem? output for a square wave input? 


2. If the integrator capacitor is open, what is the output for a 
square wave input? 


SUMMARY 


e In an RC integrator, the output voltage is taken across the capacitor. 

¢ In an RC differentiator, the output voltage is taken across the resistor. 
e In an RL integrator, the output voltage is taken across the resistor. 

e Inan RL differentiator, the output voltage is taken across the inductor. 


e In an integrator, when the pulse width (tw) of the input is much less than the transient time, the 
output voltage approaches a constant level equal to the average value of the input. 


e In an integrator, when the pulse width of the input is much greater than the transient time, the 
output voltage approaches the shape of the input. 


e Ina differentiator, when the pulse width of the input is much less than the transient time, the out- 
put voltage approaches the shape of the input but with an average value of zero. 


e Ina differentiator, when the pulse width of the input is much greater than the transient time, the 
output voltage consists of narrow, positive-going and negative-going spikes occurring on the 
leading and trailing edges of the input pulses. 


e RC integrators can be used to set up a specified time delay. 


KEY TERMS 


Key terms and other bold terms in the chapter are defined in the end-of-book glossary. 
Differentiator A circuit producing an output that approaches the mathematical derivative of the input. 
Integrator A circuit producing an output that approaches the mathematical integral of the input. 
Steady state The equilibrium condition of a circuit that occurs after an initial transient time. 


Transient time An interval equal to approximately five time constants. 


TRUE/FALSE QUIZ 


Answers are at the end of the chapter. 

1. Transient time for an RC circuit is the same as the time constant. 

2. The capacitor in a pulsed RC circuit will fully charge if the pulse width is equal or greater than 57. 
3. If the source voltage is increased in a pulsed RC circuit, the time constant will increase. 
4 


. Under certain conditions, the output of an RC integrator can have the same maximum and 
minimum voltage as the input. 


5. Under certain conditions, the output of an RC integrator can be equal to the average voltage of 
the input. 


6. The instant after a pulse is applied to an RC differentiator circuit, the output will be approxi- 
mately equal to the peak value of the pulse. 


7. In an RL integrator, the output is taken across the inductor. 
8. If the inductor in an RL differentiator is open, the output will be zero. 
9. The time constant for an RL differentiator is inversely proportional to the resistance. 


10. A circuit that can develop positive and negative triggers from a square wave is a differentiator. 
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SELF-TEST 


Answers are at the end of the chapter. 


1. The output of an RC integrator is taken across the 
(a) resistor (b) capacitor (e) source (d) coil 


2. When a 10 V input pulse with a width equal to one time constant is applied to an RC integrator, 
the capacitor charges to 


(a) 1OV 5V  (e)63V (4d) 37V 


3. When a 10 V input pulse with a width equal to one time constant is applied to an RC differen- 
tiator, the capacitor charges to 


(a) 6.3 V (b) 10 V (e) SV (d) 3.7 V 


4. Inan RC integrator, the output pulse closely resembles the input pulse when 
(a) Tis much larger than the pulse width 
(b) 7 is equal to the pulse width 
(e) Tis less than the pulse width 
(d) 7 is much less than the pulse width 


5. In an RC differentiator, the output pulse closely resembles the input when 
(a) 7 is much larger than the pulse width 
(b) 7 is equal to the pulse width 
(e) Tis less than the pulse width 
(d) 7 is much less than the pulse width 


6. The positive and negative portions of a differentiator’s output voltage are maximum when 
(a) St < ty (b) 57 > tw (ec) 5r = tw (d) 57 > 0 


7. The output of an RL integrator is taken across the 
(a) resistor (b) coil (e) source (d) capacitor 


8. The maximum current in an RL differentiator is 
V V V 
p p p 
a) = — b) /= — c) J = — 
wizy Wi O 


9. The current in an RL differentiator reaches its maximum possible value when 
(a) 57 = tw (b) 57 < tw (c) 5r > tw (d) 7 = 0.5tw 


10. If you have an RC and an RL differentiator with equal time constants sitting side-by-side and 
you apply the same input pulse to both, 
(a) the RC has the widest output pulse 
(b) the RL has the most narrow spikes on the output 
(c) the output of one is an increasing exponential and the output of the other is a decreasing 
exponential 
(d) you can’t tell the difference by observing the output waveforms 


PROBLEMS 


Answers to odd-numbered problems are at the end of the book. 


BASIC PROBLEMS 


SECTION 15-1 The RC Integrator 
1. An integrator has R = 2.2 KQ in series with C = 0.047 uF. What is the time constant? 


2. Determine how long it takes the capacitor in an integrating circuit to reach full charge for each 
of the following series RC combinations: 
(a) R = 47 Q, C = 47 uF 
(b) R = 3300 0, C = 0.015 uF 
(c) R = 22k0Q,C = 100 pF 
(d) R = 4.7MQ, C = 10 pF 

3. It is required that an integrator have a time constant of approximately 6 ms. If C = 0.22 uF, 
what standard value of R must be used? 
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4. For the capacitor in the integrator of Problem 3 to fully charge during a pulse, what must be the 
minimum width of the pulse? 


SECTION 15-2 Response of RC Integrators to a Single Pulse 


5. A 20 V pulse is applied to an RC integrator. The pulse width equals one time constant. To what 
voltage does the capacitor charge during the pulse? Assume that it is initially uncharged. 


6. Repeat Problem 5 for the following values of tw: 
(a) 27 (b) 37 (c) 47 (d) 5r 


7. Show the approximate shape of an integrator output voltage where 57 is much less than the 
pulse width of a 10 V square wave input. Repeat for the case in which 5r is much larger than the 
pulse width. 


8. Determine the output voltage for an integrator with a single-pulse input, as shown in Figure 
15-56. For repetitive pulses, how long will it take this circuit to reach steady state? 


R 


8 V 1.0 kQ 
C 


J L c 
1 ms >] i 


FIGURE 15-56 


SECTION 15-3 Response of RC Integrators to Repetitive Pulses 


9. Draw the integrator output in Figure 15-57 showing maximum voltages. 


R 
4.7 KQ 
peN : 
0 il = L Vout 
|500 ms |500 ms |500 ms | 10 uF 


FIGURE 15-57 


10. A 1 V, 10 kHz pulse waveform with a duty cycle of 25% is applied to an integrator with 
T = 25 ps. Graph the output voltage for three initial pulses. C is initially uncharged. 


11. What is the steady-state output voltage of the RC integrator with a square wave input shown in 
Figure 15-58? 


< 


Vin C 
p L LI LI L 47 uF di 


f= 100 kHz 


FIGURE 15-58 


SECTION 154 Response of RC Differentiators to a Single Pulse 
12. Repeat Problem 7 for an RC differentiator. 
13. Redraw the circuit in Figure 15-56 to make it a differentiator, and repeat Problem $. 
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SECTION 15-5 Response of RC Differentiators to Repetitive Pulses 


14. Draw the differentiator output in Figure 15—59, showing maximum voltages. 


C FIGURE 15-59 


out 


|10 ms |10 ms |10 ms| 


15. What is the steady-state output voltage of the differentiator with the square wave input shown 
in Figure 15-60? 


FIGURE 15-60 


15 V 
Vig 


f= 100 kHz 


SECTION 15-6 Response of RL Integrators to Pulse Inputs 


16. Determine the output voltage for the circuit in Figure 15-61. A single-pulse input is applied as 
shown. 


17. Draw the integrator output in Figure 15-62, showing maximum voltages. 


É L 
SV 10 mH Dv 50 mH 
Jo L r SanL R 
10 KQ 0 500 us 1.0k0 
1 us >| | 
FIGURE 15-61 FIGURE 15-62 


SECTION 15-7 Response of RL Differentiators to Pulse Inputs 


18. (a) What is 7 in Figure 15-63? 
(b) Draw the output voltage. 


19. Draw the output waveform if a periodic pulse waveform with tw = 250 ns and T = 600 ns is 
applied to the circuit in Figure 15-63. 


R FIGURE 15-63 
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SECTION 15-8 Integrator and Differentiator Applications 


20. What is the instantaneous voltage at point B in Figure 15—49 440 us after the switch is closed 
for R = 22k0 and C = 0.001 uF? Vip = 10 V. 


21. Ideally, what is the output of an RC integrator when the input is a square wave with an ampli- 
tude of 12 V? Assume that the time constant is much greater than the period of the input signal? 


SECTION 15-9 Troubleshooting 


22. Determine the most likely fault(s) in the circuit of Figure 15—64(a) for each set of waveforms in 
parts (b) and (c). V;, is a square wave with a period of 8 ms. 


R 


Yh f Vout 
3.3 KQ 5y | | | | 5V | | | | 
E bs 0 bs 0 
0.22 uF | | | | 
fo eee 
= 0 


(a) (b) (c) 


FIGURE 15—64 


23. Determine the most likely fault(s), if any, in the circuit of Figure 15—65(a) for each set of wave- 
forms in parts (b) and (c). V;, is a square wave with a period of 8 ms. 


C 
5V | | | | 5V | | | | 
Yia o— Vout Vin Vin 
0.22 uE g | | | | l 
| | 
R 5V 
3.3k0 Y. | | Va 
0 
= aay 
(a) (b) (c) 
FIGURE 15-65 
ADVANCED PROBLEMS 


24. (a) What is 7 in Figure 15—66? 
(b) Draw the output voltage. 


FIGURE 15—66 


25. (a) What is 7 in Figure 15—67? 
(b) Draw the output voltage. 


FIGURE 15-67 R} 


20 V O 10k0 
Vin 
0 


| 125 ms | 


C 
V 
4.7 uF E 
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26. Determine the time constant in Figure 15-68. Is this circuit an integrator or a differentiator? 


L, Ls R, FIGURE 15-68 


V 


out 


27. In a time-delay circuit like that of Figure 15-49, what time constant will produce a 1 s delay if 
the threshold of the circuit is 2.5 V and the amplitude of the input is 5 V? 


28. Draw the schematic for the circuit in Figure 15—69 and determine if the oscilloscope presenta- 
tion is correct. 


Oscilloscope probe 
and ground clip > A 


mE E 


E nm "A 
naaa ES MEA 
MAA A a em 


LS O O O O ee 
O A ew A AAA 
A O l a 


From 
pulse 


cere eee 


generator | EEEE EE g 
OE E E E E E E EEE EE E m © CS 
A A O O U M M EEEE yy m Eam 
TE AA Eg E IS | ` C 
E E AA Eg E p E E_E ce = 1 A IS 
LA it rit rita — 
(a) Oscilloscope display (b) Circuit board with instrument leads connected 


FIGURE 15-69 


29. Suggest a method that you could use to calibrate the time base for frequency in System 
Example 15-1. 


30. Explain why the final output of System Example 15-2 is a negative-going trigger and not a 
positive-going trigger. 


MULTISIM TROUBLESHOOTING 
PROBLEMS ce 


31. Open file P15-31; files are found at www.pearsonhighered.com/floyd. Test the circuit. If there x 
is a fault, identify it. 


32. Open file P15-32 and test the circuit. If there is a fault, identify it. 
33. Determine if there is a fault in the circuit in file P15-33. If so, identify it. 


N 


34. Identify any faulty component in the circuit in file P15-34. 


ANSWERS TO SECTION CHECKUPS 


SECTION 15-1 The RC Integrator 


1. An integrator is a series RC circuit with a pulse input in which the output is across the capacitor. 


2. A voltage applied to the input causes the capacitor to charge. Zero volts across the input causes 
the capacitor to discharge. 


SECTION 15-2 Response of RC Integrators to a Single Pulse 


1. The output of an integrator reaches full amplitude when 57 = tw. 
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2. Vout = (0.632)1 V = 0.632 V; tgisch = ST = 51.7 ms. 
3. See Figure 15-70. 


FIGURE 15-70 0.632 V 
A ~ — 
0 | Y 0 
0 10.3 ms 62.0 ms 


4. No, C will not fully charge. 
5. The output is approximately the shape of the input when 57 << tw (57 much less than fy). 


SECTION 15-3 Response of RC Integrators to Repetitive Pulses 


1. An integrator capacitor will fully charge and discharge when 57 = tw and 5t = time between 
pulses. 


The output looks like the input. 
transient time 
Steady state is the response after the transient time has passed. 


The output is a de voltage that is the average of the input. 


oe rN 


The integrator converts the square wave to a triangle wave, which moves the beam in the x-axis. 


SECTION 15-4 Response of KC Differentiators to a Single Pulse 
1. See Figure 15-71. 


FIGURE 15-71 +10 V 


-10 V 


2. The output approximates the input when 5r >> tw. 
3. The output consists of a positive and a negative spike. 
4. VR=+5V- 15V = -10V 


SECTION 15-5 Response of RC Differentiators to Repetitive Pulses 
1. C fully charges and discharges when 5r = tw and 57 = time between pulses. 
2. The output consists of positive and negative spikes. 

3. Von = OV 

4 


. The first differentiator converts the comparator square wave output to a series of short pulses 
(spikes) which continuously retrigger the one-shot as long as power is on. The second differen- 
tiator detects when the output of the one-shot goes low as a result of power loss. 


SECTION 15-6 Response of RE Integrators to Pulse Inputs 
1. The output is across the resistor. 
2. The output reaches the input amplitude when 57 = tw. 


3. The output approximates the input when 5r < tw. 


SECTION 15-7 Response of RL Differentiators to Pulse Inputs 
1. The output is across the inductor. 
2. The output approximates the input when 57 >> ty. 
3. Voan = 2V — 10V =-8V 


SECTION 15-8 Integrator and Differentiator Applications 
1. Increase the time constant to increase delay time. 
2. Reducing R will increase ripple. 


3. A very short time constant produces very short duration spikes. 
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SECTION 15-9 Troubleshooting 


1. Zero output of RC integrator indicates shorted capacitor, open resistor, no source voltage, or 
open contact. 


2. An open integrator capacitor results in an output exactly like the input. 


3. A shorted differentiator capacitor results in an output exactly like the input. 


ANSWERS TO RELATED PROBLEMS 


FOR EXAMPLES 
15-1 865 V 
15-2 24.7 V 
15-3 110V 


15-4 See Figure 15-72. 


FIGURE 15-72 


15-5 892 mV 
15-6 10k0 
15-7 20V 


15-8 24.7 KQ (assuming R, = 300 Q) 
15-9 See Figure 15-73. 


FIGURE 15-73 


15-10 20k0 
15-11 3.5 us 


ANSWERS TO TRUE/FALSE QUIZ 


1. F 2: T 3. F 4. T 5. T 6. T 7. F 
8. F 9. T 10. T 

ANSWERS TO SELF-TEST 

1. (b) 2. (c) 3. (a) 4. (d) 5. (a) 6. (a) 7. (a) 


8. (c) 9. (b) 10. (d) 
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APPENDIX A 


Table of Standard Resistor Values 


Resistance Tolerance (+ %) 


0.1% 0.1% 0.1% 0.1% 0.1% 0.1% 
0.25% 1% 2% 10% |025% 1% 2% 10% | 0.25% 1% 2% 10% |025% 1% 2% 10% |025% 1% 2% 10% |025% 1% 2% 10% 


NOTE: These values are generally available in multiples of 0.1, 1, 10, 100, 1 k, and 1 M. 
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APPENDIX B 


Capacitor Color Coding and Marking 


Capacitor Color 


Some capacitors have color-coded designations. The color code used for capacitors is basi- 
cally the same as that used for resistors. Some variations occur in tolerance designation. 
The basic color codes are shown in Table B-1, and some typical color-coded capacitors 
are illustrated in Figure B-1. 


TABLE B-1 + Typical composite color codes for capacitors (picofarads). 


COLOR DIGIT MULTIPLIER TOLERANCE 


5% (JAN) 


Silver 10% 
No color 20% 


NOTE: EIA stands for Electronic Industries Association, and JAN stands for Joint Army-Navy, a military standard. 
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Ist | Significant lst | Significant 
2nd | figures Ind | figures 


Multiplier Multiplier 
White (EIA) Black (JAN) 4 Tolerance Y Tolerance 
Ist | Significant 
Temperature coefficient 


Indicates outer N Ist | Significant 
Ist | Significant foil. May be on voltage 


figures either end. May 2nd J figures 
2nd er 
also be indicated by 
o Multiplier other methods such as Add two zeros to significant 
Multiplier t anhical marki linea fi i One band 
ypographical marking voltage figures. One ban 
Tol or black stripe. indicates voltage ratings 
iS under 1000 volts. 
Class or characteristic 
(a) Molded mica (b) Disc ceramic (c) Molded tubular 


FIGURE B-1 Typical color-coded capacitors. 


Marking Systems 


A capacitor, as shown in Figure B—2, has certain identifying features. 


e Body of one solid color (off-white, beige, gray, tan or brown). 
e End electrodes completely enclose ends of part. 
e Many different sizes: 


1. Type 1206: 0.125 inch long by 0.063 inch wide (3.2 mm X 1.6 mm) with varia- 
ble thickness and color. 


2. Type 0805: 0.080 inch long by 0.050 inch wide (2.0 mm X 1.25 mm) with vari- 
able thickness and color. 


3. Variably sized with a single color (usually translucent tan or brown). Sizes range 
from 0.059 inch (1.5 mm) to 0.220 inch (5.6 mm) in length and in width from 
0.032 inch (0.8 mm) to 0.197 inch (5.0 mm). 


e Three different marking systems: 
1. Two place (letter and number only). 
2. Two place (letter and number or two numbers). 


3. One place (letter of varying color). 


Value marking 


End electrode 


Body 


FIGURE B-2 Capacitor marking. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


CAPACITOR COLOR CODING AND MARKING 703 


Standard Two-Place Code 


Refer to Table B—2. 


J3 = 2.2 X 10° = 2200 pF 


Multiplier (0-9) 
Value (1st and 2nd significant digits) 


Examples: S2 = 4.7 X 100 = 470 pF 
b0 = 3.5 X 1.0 = 3.5 pF 


TABLE B-2 


MULTIPLIER 


0 = X1.0 


1 = X10 


2 = X100 


3 = X1000 


4 = X10000 


5 = 100000 


etc. 


*Note uppercase and lowercase letters. 


Alternate Two-Place Code 


Refer to Table B-3. 
e Values below 100 pF—Value read directly 


e Values 100 pF and above—Letter/Number code 


Al = 10 Xx 10 = 100 pF N3 


33 X 1000 
= 33000 pF = .033 pF 


er 6238262 2013/12/10 12.27.66.5 
Multiplier (1-9) ? de 


Value (1st and 2nd significant digits) 
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TABLE B-3 


MULTIPLIER 


1 = x10 


2 = X100 


3 = X1000 


4 = X10000 


5 = X100000 


etc. 


*Note uppercase letters only. 


Standard Single-Place Code 


Refer to Table B4. 


W =4.7 X 1.0 = 4.7 pF 


(orange) 


Color-multiplier 
Value symbol 


Examples: R (Green) = 3.3 X 100 = 330 pF 
7 (Blue) = 8.2 Xx 1000 = 8200 pF 


TABLE B-4 
MULTIPLIER (COLOR) 
Orange = X1.0 
Black = x10 
Green = X100 


Blue x1000 


Violet = X10000 


Red = x100000 
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APPENDIX C 


Norton’s Theorem and Millman’s Theorem 


Norton’s Theorem 


Like Thevenin’s theorem, Norton’s theorem provides a method of reducing a more com- 
plex circuit to a simpler form. The basic difference is that Norton’s theorem gives an 
equivalent current source in parallel with an equivalent resistance. The form of Norton’s 
equivalent circuit is shown in Figure C—1. Regardless of how complex the original circuit 
is, it can always be reduced to this equivalent form. The equivalent current source is desig- 
nated Jy, and the equivalent resistance is designated Ry. 

To apply Norton’s theorem, you must know how to find the two quantities Iy and RN. FIGURE C-1 The form of 
Once you know them for a given circuit, simply connect them in parallel to get the com-  Norton's equivalent circuit. 
plete Norton circuit. 


In Ry 


Norton’s Equivalent Current (Ix) As stated, Iņ is one part of the complete Norton 
equivalent circuit; Ry is the other part. Jy is defined to be the short-circuit current between 
two points in a circuit. Any component connected between these two points effectively 
“sees” a current source of value /y in parallel with Ry. 

To illustrate, suppose that a resistive circuit of some kind has a resistor connected 
between two points in the circuit, as shown in Figure C—2(a). We wish to find the Norton 
circuit that is equivalent to the one shown as “seen” by Rz. To find Jy, calculate the current 
between points A and B with these two points shorted, as shown in Figure C—2(b). Exam- 
ple C-1 demonstrates how to find Jy. 


B 
(a) Original circuit (b) Short the terminals to get Iy. 


FIGURE C-2 Determining the Norton equivalent current, Jy. 


EXAMPLE C-1 


Determine Jy for the circuit within the shaded area in Figure C-3(a). 


FIGURE C-3 
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APPENDIX C 


SOLUTION 


Short terminals A and B as shown in Figure C-3(b): Iy is the current through the 
short and is calculated as follows: First, the total resistance seen by the voltage 
source 1S 

RoR3 (47 090100 0) 


Ry = R ¡+ = 470 + = 791 
A RN ETA 147 0 


The total current from the source 1s 


Vs = 833V 
Rr 79 (2 


Now apply the current-divider formula to find Zy (the current through the short). 


I |, li 05 A = 336 mA 
= as = , — m 
E 147 0 


This is the value for the equivalent Norton current source. 


Norton’s Equivalent Resistance (Ry) We define Ry in the same way as Ryg: it is the 
total resistance appearing between two terminals in a given circuit with all sources replaced 
by their internal resistances. Example C—2 demonstrates how to find Ry. 


EXAMPLE C-2 


Find Ry for the circuit within the shaded area of Figure C-3(a) (see Example 
C-1). 


SOLUTION 


First reduce Vs to zero by shorting it, as shown in Figure C-4. 
Looking in at terminals A and B, you can see that the parallel combination 
of R, and R; is in series with R3. Thus, 


R 470 
Ry = R; + > = 1000 += 1240 


Replace Vgs 
with a short 


FIGURE C-4 


The two examples have shown how to find the two equivalent components of a Nor- 
ton equivalent circuit, Jy and Ry. Keep in mind that these values can be found for any lin- 
ear circuit. Once these are known, they must be connected in parallel to form the Norton 
equivalent circuit, as illustrated in Example C-3. 
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EXAMPLE C-3 


Draw the complete Norton circuit for the original circuit in Figure C-3 (Exam- 
ple C-1). 


SOLUTION 


In Examples C—1 and C-2 you found that Ay = 336 mA and Ry = 124 Q. The 
Norton equivalent circuit is shown in Figure C—5. 


FIGURE C-5 


Summary of Norton’s Theorem Any load resistor connected between the terminals 
of a Norton equivalent circuit will have the same current through it and the same voltage 
across it as if it were connected to the terminals of the original circuit. A summary of steps 
for theoretically applying Norton’s theorem is as follows: 


1, Short the two terminals between which you want to find the Norton equivalent 
circuit. 


2. Determine the current (y) through the shorted terminals. 


3. Determine the resistance (Ry) between the two terminals (opened) with all voltage 
sources shorted and all current sources opened (Ry = RH). 


4. Connect Jy and Ry in parallel to produce the complete Norton equivalent for the 
original circuit. 


Norton’s equivalent circuit can also be derived from Thevenin’s equivalent circuit by 
use of the source conversion method. 


Millman’s Theorem 


Millman’s theorem permits any number of parallel voltage sources to be reduced to a 
single equivalent voltage source. It simplifies finding the voltage across or current 
through a load. Millman’s theorem gives the same results as Thevenin’s theorem for the 
special case of parallel voltage sources. A conversion by Millman’s theorem is illus- 
trated in Figure C-6. 


FIGURE C-6 Reduction of parallel voltage sources to a 
single equivalent voltage source. 
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Millman’s Equivalent Voltage (Vo) and Equivalent Resistance (Rpg) 
Millman’s theorem gives us a formula for calculating the equivalent voltage, Veg. To find 
Veg, convert each of the parallel voltage sources into the current sources, as shown in 
Figure C—7. 


== OA 
= OB 


(b) 


FIGURE C-7 Parallel voltage sources converted to current sources. 


In Figure C—7 (b), the total current from the parallel current sources 1s 
Ip Sy dy dg e 
The total conductance between terminals A and B is 
Gr = Gi t Ga t Gt- + CG, 


where Gr = 1/Rr, Gi = 1/R;¡, and so on. Remember, the current sources are effectively 
open. Therefore, by Millman’s theorem, the equivalent resistance, Reg, is the total resist- 
ance Rr. 


1 


1 
— FE — S C-1 
y >” 


REQ = 
By Millman’s theorem, the equivalent voltage is Ip Rgo, where Iy is expressed as follows: 
V Vo V V 


E=hKL+b+k+: +L=>=+XÉ+ 27400 .+2 
T 1 2 3 n R, Ry R; R, 


The following is the formula for the equivalent voltage: 


TRE (V¡[Ry + (V2/R2) + (V3/R3) + +++ + (V,/R,,) (C-2) 
ro = ————— A A A = 
© G/Ry + (A/R) + (A/R) + +++ + (I/R) 

Equations C—1 and C—2 are the two Millman formulas. The equivalent voltage source 
has a polarity such that the total current through a load will be in the same direction as in 
the original circuit. 


EXAMPLE C-4 


Use Millman’s theorem to find the voltage across Ry and the current through Ry 
in Figure C-8. 


FIGURE C-8 
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NORTON’S THEOREM AND MILLMAN’S THEOREM 


SOLUTION 
Apply Millman’s theorem as follows: 


1 
REg = (L/R + (1/R>) + (1/R3) 
1 1 
~ (1/220) + (1/220)+ (1/100) 0.19 — ee 
© (V1/R1) + (V2/R2) + (V3/R3) 
EQ (1/R1) + (1/R2) + (1/R3) 
(10 V/22 O) + (5V/220) + (15V/100) 218A 
(1/220) + (1/220) + 1/100) 0.198 


= 11.5V 


The single equivalent voltage source is shown in Figure C9. 
Now calculate /, and V, for the load resistor. 


V. 11.5 V 
peoe = 220 mA 
koti, 52.20 


V, =1,R, = (220 mA)(47 Q) = 10.3 V 


FIGURE C-9 
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APPENDIX D 


NI Multisim for Circuit Simulation 


Simulate, Prototype, and Test Circuits 


Theory, Design, and Prototype 

As electronic circuits and systems become more advanced, circuit designers rely on com- 
puters in the design process. It is essential for engineers and technicians to systematically 
design, simulate, prototype, and lay out the circuit. Students can also use the engineering 
and design process to reinforce concepts and theory in the classroom. The three stages of 
the student design process are illustrated in Figure D-1. 


THEORY DESIGN PROTOTYPE 


Concepts and Textbooks Circuit Simulation Hands-On Circuit Design 


| 


FIGURE D-1 Three steps of the student design process for a practical circuit. 


The National Instruments Electronics Education Platform is an end-to-end tool-chain 
designed to meet student and educator needs. The platform consists of NI Multisim simu- 
lation software, the NI Educational Laboratory Virtual Instrumentation Suite (NI ELVIS) 
prototyping workstation, and the NI LabVIEW graphical programming environment. NI 
Multisim provides intuitive schematic capture, SPICE simulation, and integration with the 
NI ELVIS to help students explore circuit theory and design circuits to investigate behav- 
ior. NI ELVIS is a prototyping platform that allows students to quickly and easily create 


‘“Multisim™” is a registered trademark of National Instruments. This publication is independent of National 
Instruments, which is not affiliated with the publisher or the author, and does not authorize, sponsor, endorse, or 
otherwise approve this publication. 
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their circuits. With NI LabVIEW, students can measure real-world signals and compare 
simulation results. 


1. Investigate Theory Learn the fundamental theory of circuit design through the 
Electric Circuits Fundamentals textbook and course lectures. Reinforce important con- 
cepts in the easy-to-use Multisim environment by downloading the Multisim circuit files 
for the textbook. The Multisim circuit files help build the foundation for an in-depth under- 
standing of circuit behavior. Using the prebuilt circuit files, simulate and analyze the cir- 
cuit behavior of examples and problems in each chapter. 


2. Design and Simulate Circuit simulation provides an interactive view into a circuit. 
Build a circuit from scratch and learn about the design performance using built-in circuit 
instruments and probes in an ideal pre-laboratory environment. With the 3D breadboard in 
Multisim, take the leap from circuit diagram to real-worid-pkysicalimpléemeatation. 


3. Prototype, Measure, and Compare Hands-on experience building physical cir- 
cuitry is essential. Move from the 3D breadboard in Multisim to a real-world breadboard 
on NI ELVIS to seamlessly complete the entire design process by prototyping the circuit. 
Within the LabVIEW environment, compare real-world measurements to the simulation 
values to reinforce theory, fully understand circuit behavior, and build the foundations of 
professional engineering analysis. 


NI Multisim 

Multisim software integrates powerful SPICE simulation and schematic capture into a 
highly intuitive electronics lab on the computer. Use the Multisim Student Edition to 
enhance learning by: 


Building circuits in a simple, easy-to-learn environment 

Simulating and analyzing circuits for homework and prelab assignments 
Breadboarding in 3D at home before lab sessions 

Creating designs of up to 50 components using a library of nearly 4,000 devices 


Integrating with the NI ELVIS prototyping workstation 


While using industry-standard SPICE in the background, you can take advantage of the 
Multisim drag-and-drop interface to make circuit drawing, wiring, and analysis simple and 
easy to use. You can build circuits from scratch and learn about design performances using 
built-in virtual instruments and probes in an ideal environment for experimentation. With the 
3D breadboard, you can easily take the leap from circuit diagram to real-world implementation. 


Using Multisim with Electric Circuits Fundamentals Create an example from the 
textbook to get familiar with the Multisim environment. First, launch Multisim and open a 
new schematic window (File >> New >> Schematic Capture). Design circuits in the 
circuit window by placing components from the component toolbar. Clicking on the com- 
ponent toolbar opens the component browser. Choose the family of components and select 
an individual component to place on the circuit window by double-clicking on it. 

Once you have selected a component, it attaches itself and “ghosts” the mouse cursor. 
Place the component by clicking again on the desired location in the schematic. If you are new 
to Multisim, you should use the BASIC_VIRTUAL family of components, which you can 
assign any arbitrary value. As an example of a simple Multisim circuit, an RLC circuit is shown 
in Figure D-2. The circuit connects a 1 kO resistor, a 47 mH inductor, and a 10 nF capacitor. 
All these components are found in the Basic Group of the Component Database. 

The next step is to wire the components together. Simply left-click on the source 
terminal and left-click on the destination terminal. Multisim automatically chooses the 
best path for the virtual wire between the two terminals. Always be sure you have fully 
captured your circuit; then you can simulate it. You can use your simulation results as a 
comparison with the physical circuit. 

To analyze the circuit, use a measurement probe to measure the voltages and other 
characteristics from the circuit while the simulation is running. Use the virtual oscillo- 
scope to analyze the output signal from our sample RLC circuit. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


NI MULTISIM FOR CIRCUIT SIMULATION 713 


3—-WIRE 
CURRENT HI 


DMM CURRENT LO 


| VOLTAGE HI 
VOLTAGE LO 


Analog DACO 
outputs DAC] 3 RI >) Ll 
PA FUNCOUT - 000 
Function SYNC OUT 1kQ 47 mH 
generator AM IN 
Lo FM IN 
BANANA A 
BANANA B 
es BANANA C | 
BANANA D 
configurable BNC 1+ Cl 
I/O 10 nF 
BNC 1— 
BNC 2+ 
BNC 2— 
SUPPLY + 
Variable power GROUND 
supplies SUPPLY — 
Poo +15V 
DC Power —15V 
supplies GROUND 0 


L +5V 


DS9 DS10 DS11 


+15 —15 +5 


FIGURE D-2 Multisim schematic of RLC circuit. 


NI ELVIS 

NI ELVIS is a LabVIEW-based design and prototyping environment based on LabVIEW 
for university science and engineering laboratories. NI ELVIS consists of virtual instru- 
ments, or functions, based on LabVIEW; a multifunction data acquisition device; and a 
custom-designed benchtop workstation and prototyping board. This combination provides 
a ready-to-use suite of instruments for educational laboratories. The NI ELVIS worksta- 
tion is shown in Figure D-3. 


FIGURE D-3 The NI ELVIS 
workstation. 
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NI ELVIS is an ideal companion to any electronics lab that uses Multisim. It features 
USB connectivity for easy setup, maintenance, and portability, as well as a portable bread- 
board for real-world circuit prototyping. 

NI ELVIS features a breadboard prototyping environment with built-in instruments 
including a function generator, digital multimeter (DMM), oscilloscope, and variable 
power supplies. The breadboard is detachable, so you can work on your projects and labs 
independently of the NI ELVIS unit. NI ELVIS provides software based on LabVIEW for 


interacting with virtual instruments. 


Using NI ELVIS with Electric Circuits Fundamentals Returning to the RLC cir- 
cuit introduced with Multisim as an example, you can continue the prototyping step. With 
prototyping hardware, you can quickly construct a circuit on a standard protoboard and 
test it with the laboratory instruments to complete the design. 

Alternatively, you can repeat the simulation step but this time as a prototype using 
the Virtual 3D NI ELVIS from within Multisim. To construct a 3D NI ELVIS prototype, 
open the 3D breadboard by clicking Tools >> Show Breadboard. Place components and 
wires to build up your circuit. The corresponding connection points and symbols on the NI 
ELVIS schematic turn green, indicating the 3D connections are correct. If you create a 
traditional schematic, you see a standard breadboard. Figure D-4 shows the circuit on 3D 
Virtual NI ELVIS prototyped in Multisim and ready for construction. Once you have veri- 
fied the layout of your circuit using the 3D virtual environment, you can physically build it 


on NI ELVIS. 


A BeOE FGH I J 
= «= assas = = =» swm 1 
_— = s = mom 
= e a u a = ms 
. MAMI =e da. m 
D me = a l i) E 5 
= =... =. = 
= e =... = = 
-_ e = a m = = 
= = asm = = 
= a = u m = = 10 
= = =.. s = = 
= = = = @ = = 
= =E a =. = 
I5 = = 15 = ] = a 15 
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FIGURE D-4 Prototyped circuit in Multisim. 


After constructing the circuit, you can use the NI ELVIS instrument launcher to 
measure the output signal of this circuit. Figure D-5 shows the simulated signal of the RLC 


“GF Oscilloscope XSC1 ta 


Ext, Trigger 
Timebnsa Channel A ~y Channel & Trigger 

Seale | LO rió Seale CA 5 vite Edge [F + ji aj: 
Xpositidn 0 Y posticn n Y posibon Lew (0 Y 


mico ala ra ra CURA Ire nl lo RF) 


FIGURE D-5 Multisim simulated signal. 
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GPT HEV fina ope iW ES 


FIGURE D-6 NI ELVIS measured signal. 


circuit on the Multisim oscilloscope. Figure D-6 shows the measured signal using the 
ELVIS II Oscilloscope. The most important step in the process is to compare the measure- 
ment of the prototyped circuit to the simulation. This helps you determine where potential 
errors exist in the design. After comparing the measurement with the theoretical values, 
you can revisit your design to improve it or prepare it for layout on a PCB board, using 
software such as NI Ultiboard. 


NI Multisim Circuit Files Download the Multisim circuit files to develop in-depth 
understanding of circuit behavior. To download the pre-built circuit files and Multisim 
resources, visit: ni.com/academic/floyd 


NI Multisim Resources The link provides references to the following resources to 
help you get started with NI Multisim: 

Download the free Multisim 30-day evaluation version 

View the Getting Started Guide to Multisim 

Learn Multisim in 3-Hours tutorial 


Discuss Multisim in an online discussion forum 
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ANSWERS TO ODD- 


Chapter 1 11. (a) 735A  (b)20A (œ) 25A 
1. The circuit 1s first tested with a computer design and 13. 2s 
simulation program, which can simulate the perform- 15. A:6800 0 + 10% 
ance and look for potential problems. When the simula- B-330 + 10% 


tion is satisfactory, a prototype circuit is constructed, 
tested, and modified as needed before putting it into 
production. 


3. Electronic assemblies have become more complex but also 
more reliable, so there is less need for repair. It is generally 
cheaper for manufacturers to replace a board than trouble- 
shoot it to the component level. Skills needed by techni- 
cians tend to be broader skills than in the past. 


5. Advantages are that the digital signal can be processed and 
stored easily; it is also less subject to noise. 


7. (a) Anelectronic oscillator generates a repetitive electronic 


17. 


19. 


21. 


C: 47,000 Q + 5% 

(a) Red, violet, brown, gold 

(b) B: 330 0, D: 2.2k0, A: 39 kQ, L: 56kQ, F: 100k0, 
(a) 100 + 5% 

(b) 5.1MQ + 10% 

(c) 680 + 5% 

(a) 28.7kQ + 1% 

(b) 6040 + 1% 

(e) 931k0 + 1% 


signal. 
(b) An oscillator does not have a signal input. 23: (a) 220 (b) 4.7 KQ (e) 82 KQ 
9. A carrier is a high frequency radio wave that can be modu- (d) 3.3 KQ (e) 56 Q (f) 10MO 
lated (changed) by a lower frequency signal. 25. There is current through lamp 2. 


11. (a) 3 Xx 10° (b) 7.5 X 104 (0) 2 x 10° 27. Ammeter in series with resistors, with its negative terminal 

3 4 5 to the negative terminal of source and its positive terminal 
o A S ote ea to one side of R. Voltmeter placed across (in parallel with) 
15. (a) 0.0000025 (b) 500 (c) 0.39 the source (negative to negative, positive to positive). 


17. (a) 4.32 x 10’ 29. Position 1: VI = 0,V2 = Vs 

(b) 5.00085 x 10° Position 2: V1 = Vs, V2 = 0 

(e) 6.06 x 10° 31. 250 V 
19. (a) 20x 102 (b) 3.6 x 10'* (e) 1.54 x 10 '* 33. (a) 20002  (b) 150 MQ (e) 4500 Q 
21. (a) 89 X 10% (b) 450 x 10% (e) 1204 x 10)? 35. 333 V 
23. (a) 345 X 10% (b) 25 x 10? (e) 129 x 107? 37. AWG #27 
25. (a) 7.1 X 10 (b) 101 X 10% (e) 1.50 x 10° 39. Circuit (b) 

41. One ammeter in series with battery. One ammeter in series 


27. (a) 22.7 x 10° (b) 200 X 10% (ce) 848 x 107? 


with each resistor (seven total). 


29. (a) 345uA (b) 25mA (e) 1.29nA 43. See Figure P-1. 
31. (a) 3uF (b) 33M0 (©) 350nA 
33. (a) 5000 uA (b) 3.2 mW 
(e) 5MV (d) 10,000 kW 
35. (a) 50.68mA (b) 2.32MQ (©) 0.0233 uF 
37. (a) 3 (02 (05 (02 @©3 @®2 
Chapter 2 FIGURE P-1 
1. 80 x 10!2C Chapter 3 
3. 464x100 1. (a) 3A @®)02A = (ce) 15A 
5. (a) 10V  (b)25V (ce) 4V 3. I5mA 
7. 20V 5. (a) 3.33mA (b) 5504A  (c) 588 uA 
9. 125V (d) 500mA (e) 6.60 mA 
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718 ANSWERS TO ODD-NUMBERED PROBLEMS 
7. (a) 2.50 mA (b) 2.27 uA (c) 8.33 mA 
9. I = 0.642 A, so the 0.5 A fuse will blow. 
11. (a) 10 mV (b) 1.65 V (c) 14.1 kV 
(d) 3.52 V (e) 250 mV (£) 750 kV 
(g) 8.5 kV (h) 3.53 mV 
13. (a) 81 V (b) 500 V (c) 117.5 V 
15. (a) 2kQ (b) 35k0 (c) 2 kQ 
(d) 100kQ (e) IMO 
17. (a) 40 (b) 3k0 (c) 200k0 
19. 26 W 
21. 417 mW 
23. (a) 1IMW (b) 3MW (œ) 150 MW (d) 8.7 MW 
25. (a) 2,000,000 uW (b) 500 uW 
(c) 250 uW (d) 6.67 uW 


27. 


29. 
31. 
33. 
35, 
37. 
39. 
41. 
43. 


45. 


P = W/t in watts; V = W/Q;I = Q/t. P = VI = W/t, so 
(1 V)(1 A) = 1 watt 
16.5 mW 

1.18 kW 

5.81 W 

2350 

0.00186 kWh 

156 mW 

1W 

(a) positive at top (b) positive at bottom 
(c) positive at right 

36 Ah 


Chapter 4 


1. 


See Figure P-3. 


FIGURE P-3 
3. 170k 

138 0 
7. (a) 79kQ ~~ (b) 33Q (©) 1324M0 


. (a) 34.0 mA 


The series circuit is disconnected from the source, and the 
ohmmeter is connected across the circuit terminals. 


1126 Q 
. (a) 170k0 (b) 50 O 
(c) 12.4k0 (d) 1.97 kQ 
. OLA 
. (a) 625 uA 


(b) 4.26 uA. The ammeter is connected in series. 


(b) 16 V (c) 0.543 W 


47. 
49. 
51. 
53: 
55, 


Sd 
59. 
6l. 
63. 
65. 
67. 
69. 


71. 
13, 


19. 


21. 
23. 


25, 


13.5 mA 
4.25 W 
Five 
150 Q 


V =0V,I =0A;V= 10V,/ = 100 mA; 

V = 20 V,I = 200 mA; V = 30 V, I = 300 mA; 
[AAD26480 mA; V = 50 V, I = 500 mA; 
V = 60 V,I = 600 mA; V = 70 V,I = 700 mA; 
V = 80 V,I = 800 mA; V = 90 V,I = 900 mA; 
V = 100 V,7= 1A 


R; = 0.5 Q; R, = 10;R=20 
10 V; 30 V 

216 kWh 

12 W 

2 

Power will increase by four times. 


See Figure P—2. 


1.5A 


FIGURE P-2 


No fault 
Lamp 4 is shorted. 


See Figure P4. 
6V 6V 6V 6V 
AIN 
<—— 24 V ——> 
FIGURE P-4 
26 V 
(a) V = 6.8 V 


(b) Vr = 8 V, Vor = 16 V, V3r = 24 V, Var = 32 V 


The voltmeter is connected across (in parallel with) each 
resistor for which the voltage is unknown. 


(a) 3.84V (b) 6.77V 
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ANSWERS TO ODD-NUMBERED PROBLEMS 719 


27. 3.80 V; 9.38 V 3. 3.43 KQ 

29. Visio = 10 V3 Vi xq = 1.79 V;Vs600 = 1 V; 5. (a) 2560 (b) 3599 (©8199  (d) 9960 
Vioko = 17.9 V 7, 2KO 

31. 55 mW 9. 12V:5mA 


33. Measure V4 and Vg individually with respect to ground; 


; A b) 76 mA 
then Ve», = V4 — Vp. 11. (a) 909 u (b) 76m 


13. (a) I = 179 uA; b = 455 pA 


35. 4.27 V 
37. (a) R4 open (b) Ry and R; shorted (b) 1, = 444 uA; h = 80 uA 
39. 780 0 15. 1350 mA 


17. h = I; = 7.5 mA. Connect an ammeter in series with each 


41. Va = 10 V; Vg = 7.72 V; Ve = 6.68 V; l , 
resistor in each branch. 


Vp = 1.81 V;V¿ = 057V Ve = 0 V 


43. 5000 19. 6.4 A; 6.4 A 
21. 1, = 2.19 A; h = 811 mA 

45. (a) 19.1mA (b) 45.8 V l 2 m 
23. 200 mw 


(c) RCA W) = 343 0, R(V4 W) = 686 Q, 
ROA W) = 1371 0 
47. See Figure P-S. 


25. 0.625 A; 3.75 A 

27. The 1.0 kO resistor is open. 

29. R, is open. 

31. R, = 25 0;R3 = 1000; Ry = 1250 


FIGURE P-5 
33. Ip = 4.8 A; hg = 24 A; hp = 1.6 A; I4R = 1.2A 
35. (a) R; = 1000, Ro = 200 Q, h = 50 mA 
(b) J; = 125 mA, h = 74.9 mA, R; = 800, 
R, = 1340,Vs = 10 V 
(c) 1, = 253 mA, h = 147 mA, k = 100 mA, 
R; = 395 12 
37. 57 U 
49. Ry + R7 + Rg + Rio = 4.23 kQ; 39. Yes; total current = 14.7 A 
Ry + R4 + Ro + Ri; = 23.6 KQ; 41. Ry ||Ro|| Rs || Ro || Ryo || Ri = 100 kQ ||220 kO || 560 kQ | 
R3 + R; + Ro + Ri = 19.9kO 390 KQ || 1.2 MO || 100 KQ = 33.6 kQ 
51. A: 5.45 mA; B: 6.06 mA; C: 7.95 mA; D: 12 mA R4 || Re || R7 || Rg = 270 KO || 1.0 MQ || 820 KO ||680kQ = 
53. A: V, = 6.03 V, Va = 3.35 V, V3 = 2.75 V, 135.2 kQ 
V4 = 1.88 V, V; = 4.0 V; R3 || Ri; = 330 kO || 1.8 MO = 278.9 KQ 
B: Vi = 6.71 V, Va = 3.73 V, V3 = 3.06 V, V; = 4.5 V; 43. R = 750 Q; R4 = 423 0 
C: Vi = 8.1 V, V = 4.5 V, V; = 5.4 V; 45. The 4.7 kO resistor is open. 
D: V; = 10.8 V, V5 = 7.2 V 47. (a) 75.00, (b) 26.6 W 
55. Yes, R3 and Rs are shorted. 49. 8.90, 
57. (a) R¡¡ has burned open due to excessive power. 51. R3 is open. 
(b) Replace R¡¡ (10 KQ). (c) 338 V 53. (a) R from pin 1 to pin 4 agrees with calculated value. 
59. I = 375 mA (b) R from pin 2 to pin 3 agrees with calculated value. 
61. I = 5.0A 
63. Re is shorted. 
65. Lamp 4 is open. 
Chapter 6 


67. The 82 O resistor is shorted. 
1. Ro, R3, and Ry are in parallel, and this parallel combination 


is in series with both R, and Rs. 


Chapter 5 
1. See Figure P-6. 


See Figure P—7. 
2003 0 
(a) 128 Q (b) 791 0 
(a) Í = l4 = 11.7 mA, h = I = 5.85 mA; 
Vi = 655 mV, V = V3 = 585 mV, V4 = 257 mV 
(b) J; = 3.8 mA, h = 618 A, h = 1.27 mA, 
I4 = 1.91 mA; V; = 2.58 V, 
Vz z V3 = Va = 420 mV 


FIGURE P-6 


= A A 
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11. 
13. 
15. 
17. 
19. 
21. 
23. 
25. 
27. 
29. 
31. 
33. 
35. 
37: 


39. 


41. 


ANSWERS TO ODD-NUMBERED PROBLEMS 


(b) 
FIGURE P-7 


2.22 mA 

7.5 V unloaded; 7.29 V loaded 
56k0 load 

22 kO 

2V 

33% 

360 Q 

7.33 kQ 

Rry = 18 KO; Vry = 2.7 V 
1.06 V; 226 uA 

150 

21 mA 

No, the meter should read 4.39 V. The 680 Q resistor is open. 


The 7.62 V and 5.24 V readings are incorrect, indicating 
that the 3.3 KQO resistor is open. 


(a) V; = —10 V, all others 0 V 

b) V, = —2.33 V, V4 = —7.67 V, Və = —7.67 V.V3 =0V 
© V=-233V Vag = 07 V, Vp SV. = TT 
(d) V; = —10 V, all others O V 

See Figure P-$. 


FIGURE P-8 


43. 
45. 


47. 
49. 
51. 
53. 


SS: 
a7: 
59. 
6l. 
63. 


65. 
67. 
69. 
71. 


RT 
Vi = 


= 5.76k0; V4 = 3.3 V; Vg = 1.7 V; Vo = 850 mV 


1.61 V; Vo = 6.77 V; V3 = 1.72 V; V4 = 
V; = 378 mV; Ve = 2.57 V; V7 = 378 mV; Vg 
Vo = 161 V 


110 kQ 

Rı = 180 Q; Rə = 60 Q. Output across R>. 
845 uA 
Pos 1: V] = 
Pos 2: V; 
Pos 3: V] = 
Vo =0V 
The 2.2 kQ resistor is open. 

Vg = 12.0 V 

Vama = 0.60 V; Vioma = 3.0 V 


Three load cells can be evenly loaded because three points 
define a plane. 


88.0 V, Va 
89.1 V, Va 
89.8 V, Va 


58.7 V, V3 
58.2 V, V3 
59.6 V, V3 


29.3 V 
29.1 V 
29.3 V 


R> is shorted. 
No fault 
Ra is shorted. 


R; is shorted. 


Chapter 7 


. (a) Electromagnetic force 


Decrease 

37.5 uWb 

1000 G 

597 

1500 At 

(b) Spring force 


Electromagnetic force 


. Change the current. 


Material A 
1 mA 


. 3.02 m/s 
DO W 

. (a) 168 W 
. 80.6% 

. The output voltage has a 10 V de peak with a 120 Hz ripple. 


(b) 14 W 


. The coil is energized because the movable contacts will be 


in the lower position for the polarity to be reversed. 


These resistors do not affect 
the circuit because they are shorted 
and can be deleted. 
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33. Design is flawed. Twelve volts is not enough voltage to 49. Imax = 2.38 A; Vayg = 136 V; See Figure P—10. 
operate two 12 V relays in series; 24 V is too much 
voltage to operate a 12 V lamp. Install a separate 12 V FIGURE P-10 V, (V) 


power supply for the lamp and change the 12 V to 24 V 
for the relays. 


Chapter 8 
1. (a) 1 Hz (b) 5 Hz (c) 20 Hz 
(d) 1kHz (e) 2kHz (Ð 100kHz 


3. 2 us 
5. 10 ms 
7. (a) 7.07 mA (b) 4.5 mA (c) 14.14 mA 51. (a) 2.5 (b) 3.96 V (c) 12.5 kHz 
9. (a) 177 V (b) 25 V (c) OV (d) —17.7 V 53. See Figure P-11. 
11. 15°, A leads. 
13. See Figure P—9. FIGURE P-11 Pt | | | # ff fd 
CIN + ||| 
VENEERS 
Delia li 
ptt AE tA 
pti iS i yi tf 
AAA 
FIGURE P-9 
55. Voan = 4.44 V; fin = 2 Hz 
57. R3 is open. 
15. (a) 22.5 (b) 60 (c) 90 59. 5 V; 1 ms 
(d) 108° (e) 216° (£) 324° 
17. (a) 57.4 mA (b) 99.6 mA (c) — 17.4 mA Chapter 9 
(d) =574mA (e) -99.6mA (£) OmA 1. (a) Suk (b) 1 uC (© 10 V 
19. 30°: 13.0 V; 45°: 14.5 V; 90°: 13.0 V; 180°: —7.5 V; 3. (a) 0.001 uF (b) 0.0035 uF (c) 0.00025 uF 
200°: =11.5 V 300: -75 V 
5. 2 uF 
21. (a) 7.07 mA (b) OA (c) 10 mA 7. 88.5 pF 
(d) 20 mA (e) 10 mA 9. 0.0249 uF 
23. 7.38 V 11. A 12.5 pF increase 
25. 4.24 V 13. Ceramic 
AT: 230 Hz 15. (a) 0.022uF (b) 0.047 uF 
29. 200 rps 
rps (c) 0.001uF (d) 22 pF 
31. A one phase motor requires a starting winding or other , , , o, 
, 17. (a) Encapsulation (b) Dielectric (ceramic disk) 
means to produce torque for starting the motor, whereas a 
three phase motor is self starting. (c) Plate (metal disk) (d) Leads 
33. 1, = 3.0 ms; tf = 3.0 ms; ty = 12.0 ms; Ampl. = 5 V 19. (a) 0.69 uF (b) 69.7 pF (c) 2.6 uF 
35. (a) —0.375 V (b) 3.01 V 21. V; = 2.13 V; V = 10 V; V3 = 4.55 V; V4 = 1V 
37. (a) 50kHz (b) 10 Hz 23. 5.5 uF, 27.5 uC 
39. 25 kHz 25. (a) 100 us (b) 560 us (c) 22.1 us (d) 15 ms 
41. 0.424 V; 2 Hz 27. (a) 9.48 V (b) 13.0 V (c) 14.3 V 
43. 1.4 V; 120 ms; 30% (d) 14.7 V (e) 14.9 V 
45. A modulating signal is a lower frequency waveform that 29. (a) 2.72 V (b) 5.90 V (e) 11.7 V 


modifies a higher frequency waveform. It can be applied | 
from an external source or it can be generated internally. 31. (a) 339k0 (b) 13.5k0 


47. Burst mode outputs a specific number of cycles of a wave- (6) 2677/02 (445.9 Q 
form; gated mode outputs the waveform for a set period of 33. Xcy = 1.42 kQ; Xe = 970 Q; Xcr = 2.39 k0, 


time as set by a gate signal. Vi = 5.94 V; Va = 4.06 V 
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35. 200 0 29. 0.915 
37. Pio = 0 W; P, = 3.39 mVAR X , 
“ws r 7 31. Use the formula, V,,,; = (22); V. See Figure P-12. 
39. 00 Ztot 
41. 3.18 ms 
43. 3.24 us FREQUENCY (KHZ) Xc(KQ) Zæ KO) Vou V 


45. (a) Charges to 3.32 V in 10 ms, then discharges to 0 V in 0 1.000 
215 ms. l 
(b) Charges to 3.32 V in 10 ms, then discharges to 2.96 V l 4.08 5.64 0.723 
in 5 ms, then charges toward 20 V. > 2.04 4.40 0.464 
47. C; = 1.25 nF 
49. 16 Hz 3 1.36 4.13 0.329 
51. Chis open. 4 1.02 4.03 0.253 
53. No fault 
5 0.816 3.98 0.205 
Chapter 10 6 0.680 3.96 0.172 
1. 8 kHz; 8 kHz 
| l 7 0.583 3.94 0.148 
3. (a) 288 0 (b) 1209 Q 
5. (a) 726k0 (b) 155k0 8 0.510 3.93 0.130 
(e) 91.5KQ (d) 63.0 kQ 9 0.453 3.93 0.115 
(a) 34.7 mA (b) 4.14 mA 
392 E 


T: 
10 0.408 0.104 
9, lini = 12.3 mA; Ve; = 1.31 V; Vo = 0.595 V; 


Vr = 0.616 V; 0 = 72.0° (V, lagging Lot 
11. 808 0; —36.1° 
13. (a) 90° (b) 86.4” (c) 57.8” (d) 9.04? 
15. 326 0; 64.3” 
17. 245 Q; 80.5? 0.8 
19. lc, = 118 mA; Im = 55.3 mA; Ip; = 36.4 mA; 


Vout (V) 


Ipo = 44.4 mA; Ip: = 191 mA; 0 = 65.0° (V, lagging Ipi = 
21. (a) 3.86kQ (b) 21.3 A  (c) 148 uA 0.4 
(d) 25.9 uA (e) 34.8° (V, lagging Lo 02 
23. Va = 8.74 V; Vo = 3.26 V; Vez = 3.26 V; 
Va = ZAIN Va = 1155 01 12 3 45 67 8 9 10 f (KHz) 
25. i = a 14.4 mA; lc3 = 67.6 mA; nines 
27. 4.03 VA 33. See Figure P-13. 


78.22 
V¿=205 mV 
(a) For Figure 10-67 (b) For Figure 10-68 
FIGURE P-13 
35. Figure 10-67: 1.05 kHz; Figure 10-68: 1.59 kHz 41. (a) Iza) = 4.8 A; Ie) = 3.33 A 
37. No leakage: Voy, = 3.21 V; 0 = 18.7"; (b) Pra) = 606 VAR; Pg, = 250 VAR 
Leakage: V,,; = 2.83 V, 0 = 33.3° (c) Piera) = 979 W; Prue) = 758 W 
39. (a) OV (b) 0.321 V (d) Para, = 1151 VA; Pag) = 798 VA 


© 05V  (d)0V 43. 114k0 
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45. P, = 1.32 KVAR; Pa = 2kVA 21. (a) 2740 (b) 89.3 mA (c) 159 mA 

47. 0.103 uF (d) 183 mA (e) 60.7” (Lor lagging V,) 

49. Cis leaky. 23. Ve; = 7.92 V; Vk = Vi = 20.8 V 

51. No fault 25. lot = 36 mA; J, = 33.2 mA; Ig = 13.9 mA 

53. Rə is open. 27. 13.0 mW; 10.4 mVAR 

55. Phase shift with C, shorted = 13.7° 29. PF = 0.386; Prue = 347 mW; P, = 692 mVAR; 
Pa = 900 mVA 

Chapter 11 31. See Figure P-15. 


1. (a) 1000 mH (b) 0.25 mH 
(c) 0.01 mH (d) 0.5 mH 


3. 3450 turns S 
5. 50 mJ E 
7. 155 uH E 
9. 7.14 uH 3. 

O 


11. (a) 50mH (b) 57 uH 

13. (a) 1 us (b) 2.13 us (c) 200 us 

15. (a) 5.52 V (b) 2.03 V (c) 0.747 V 
(d) 0.275 V (e) 0.101 V 

17. (a) 157k0 (b) 179 O 

19. Zo, = 10.1 mA; I2 = 6.7 mA; I3 = 3.37 mA 

21. 101 mVAR 

23. (a) —3.35 V (b) —1.12 V (c) 0.37 V 

25. (a) 0.427 mA (b) 0.569 mA 

27. X,¡ = 69 0;X,, = 1037 Q; Xır = 1106 O 

29. Lz is open. 

31. No fault 

33. Lx is shorted. 


0 500 1000 1500 
Frequency (Hz) 


FIGURE P-15 


33. Vki = Vii = 18 V; Ve = Vez = Vin = OV 
35. 5.57 V 
37. 343 mA 
39. (a) 405mA (b) 228 mA 
(c) 333 mA (d) 335 mA 
41. Lis open. 
43. Rəis open. 
45. Ly is shorted. 


Chapter 13 
1. 520 0, 88.9° (V, lagging 1); 520 O capacitive 
3. Impedance increases. 
5. See Figure P-16. 


Chapter 12 

1. 15 kHz 

3. (a) 1.12k0 (b) 1.8k0 

5. (a) 1740 (b) 640 (c) 127 0 (d) 251 0 
7. 100 kHz 

9. (a) 8.94 mA (b) 2.77 mA 

11. 38.77 

13. See Figure P-14. 


Vo=2.15 V Ve = 2.89 V 


FIGURE P-16 


7. f, 1s lower. 
9 X, = 4.61 KO; Xc = 4.61 kQ; Z = 220 0;1 = 54.5 mA 
11. f. = 454 kHz; fi = 416 kHz; fp = 492 kHz 


FIGURE P-14 13. (a) 14.5 kHz; band-pass (b) 24.0 kHz; band-pass 
15. (a) f, = 339 kHz, BW = 239 kHz 
15. 7.69 Q (b) f, = 10.4 kHz, BW = 2.61 kHz 
17. 537 uS 17. Capacitive, Xc < Xı. 


19. 2.39 kHz 19. 1.47 KQ 
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724 ANSWERS TO ODD-NUMBERED PROBLEMS 
21. 53.1 MQ; 104 kHz 37. Excessive primary current is drawn, potentially burning 
23. 62.5 Hz out the source and/or the transformer, unless the primary is 
25. 138 W protected by a fuse. 
27. 200 Hz 39. (a) Vz = 35 V, I; = 2.92 A, Vio = 15 V, Ip = 15A 
29. See Figure P-17. (b) 28.9 0 
41. (a) 20 V (b) 10 V 
43. 0.0141 (70.7:1) 
45. O.1A 
47. Secondary is open. 
49. Primary is open. 
Chapter 15 
1. 103 us 
3. 27kQ 
5. 12.6 V 
FIGURE P-17 7. See Figure P-18. 
31. Ip) = lc = 2.11 mA; I; = 1.33 mA; I2 = 667 mA; 10 V 
33 += FH 415 mA; pS Ip = 133 mA: I p= 104 mA | oo | 
57 > ty 5Y LT OLLA ™"L 
35. L = 989 uH; C = 0.064 uF 
37. Neglecting Rw, 8 MHz: C = 40 pF; 9 MHz: C = 31 pF; FIGURE P-18 
10 MHz: C = 25 pF; 11 MHz: C = 21 pF 
39. No fault 9. See Figure P-19. 
41. Lis shorted. 
43. Lis shorted. 
Chapter 14 
1. 15u4H 
3, 3 FIGURE P-19 
Sa piae (1) autol pase (e) Outer phase 11. 15 V dc level with a very small charge/discharge fluctuation 
diese nS 13. Exchange positions of R and C. See Figure P—20 for the 
9. (a) Same polarity, 100 V rms output voltage. 57 = 5 ms (repeating Problem 8) 
(b) Opposite polarity, 100 V rms 
11. 240 V i 
13. (a) 6V (b) OV (c) 40 V 
15. (a) 10V (b) 240 V 
17. 33.3 mA 
19. 272 0 
21. 6.0 mA 
23. 05 FIGURE P-20 
25. 5k0 15. Approximately the same shape as input, but with an 
27. 94.5 W average value of 0 V 
29. 0.98 17. See Figure P—21. 
31. 25kVA 
33. Secondary 1: 2; Secondary 2: 0.5; Secondary 3: 0.25 
35. Top secondary: n = 100/1000 = 0.1 


Next secondary: n = 200/1000 = 0.2 
Next secondary: n = 500/1000 = 0.5 p au 300 120 
Bottom secondary: n = 1000/1000 = 1 FIGURE P-21 


t (Us) 
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19, See Figure P-22. 27. 1.44s 


29. One method is as follows: Replace the input to the ampli- 
fier with a de power supply set to the lowest voltage of the 
t (ns) triangle wave. The VCO will have a constant output fre- 
quency, which is measured with a separate instrument and 
the oscilloscope horizontal axis will not move, so note the 
position. Increase the power supply voltage noting the fre- 
quency and the horizontal location on the oscilloscope (it 


FIGURE P-22 


21. A6V de level will be in a new location on the screen). You can choose 


several points along the axis to calibrate the frequency as a 


aay (D) all (O Open Corencned s function of horizontal position. 


25. (a) 23.5 ms (b) See Figure P—23. 31. Capacitor is open. 


33. No fault 


t (ms) 
0 118 125 243 


FIGURE P-23 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


This page intentionally left blank 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


GLOSSARY 


accuracy An indication of the range of error in a measurement. 


active component A component that requires electrical power 
to function correctly; active components can deliver more signal 
power than they receive from the input signal. 


admittance (Y) A measure of the ability of a reactive circuit to 
permit current; the reciprocal of impedance. The unit 1s the sie- 
mens (S). 


ah rating A capacity rating for batteries determined by multi- 
plying the current in amps (A) times the length of time in hours 
(h) a battery can deliver that current to a load. 


alternator An ac generator; alternators convert mechanical 
energy to electrical energy. 


ammeter An electrical instrument used to measure current. 
ampere (A or amp) The unit of electrical current. 
ampere-turn The SI unit of magnetomotive force (mmf). 
amplitude The maximum value of a voltage or current. 
analog signal A continuous signal. 


anode The terminal of a polarized device that electrons flow 
from. For a battery that is supplying current, this is the negative 
terminal. 


apparent power (P,,) The product of the voltage times the 
current, expressed in volt-amperes (VA). In a purely resistive 
circuit it is the same as the true power. 


apparent power rating The method of rating transformers in 
which the power capability is expressed in volt-amperes (VA). 


armature The power-producing coil in an alternator, generator 

or motor. In de generators, the armature is the rotor, but in alter- 

nators it can be either the rotor or the stator. In motors, the arma- 
ture is the rotor. 


atom The smallest particle of an element possessing the unique 
characteristics of that element. 


atomic number The number of protons in the nucleus of an atom. 


autotransformer A transformer in which the primary and sec- 
ondary windings are in a single winding. 

average value (1) The average value of a sine wave determined 
over one half-cycle as 0.637 times the peak value. (2) The aver- 
age value of a pulse waveform is equal to its baseline value plus 
the product of its duty cycle and its amplitude. 


AWG (American wire gauge) A standardization based on wire 
diameter. 


back emf (electromotive force) A voltage developed across a 
spinning armature that opposes the original applied voltage. 


balanced bridge A bridge circuit that is in the balanced state as 
indicated by zero volts across the bridge. 


balun A type of transformer used to convert a balanced line 
(such as twisted pair wiring) to an unbalanced line (such as 
coaxial cable) or vice-versa. 


band-pass filter A resonant circuit that passes a range of 
frequencies lying between two cutoff frequencies and rejects 
frequencies above and below the range. 


band-stop filter A resonant circuit that rejects a range of 
frequencies lying between two cutoff frequencies and passes 
frequencies above and below the range. 


bandwidth (BW) The characteristic of certain electronic circuits 
that specifies the usable range of frequencies for which signals pass 
from input to output without significant reduction in amplitude. 


baseline The normal level of a pulse waveform; the voltage 
level in the absence of a pulse. 


battery An energy source that uses a chemical reaction to con- 
vert chemical energy into electrical energy. 


bias The application of a de voltage to a diode or other elec- 
tronic device to produce a desired mode of operation. 


bleeder current The current left after the total load current is 
subtracted from the total current into the circuit. 


block diagram A model of a system that represents its structure 
in a graphical format using labeled blocks to represent functions 
and lines to represent the signal flow. 


boundary The dividing line between what is part of the system 
and its environment. 


branch One current path in a parallel circuit. 


bypass A capacitor connected from a point to ground to remove 
the ac signal without affecting the dc voltage. A special case of 
decoupling. 


capacitance The ability of a capacitor to store electrical charge. 


capacitive reactance The opposition of a capacitor to sinusol- 
dal current. The unit is the ohm (Q). 


capacitive susceptance (Bc) The ability of a capacitor to per- 
mit current; the reciprocal of capacitive reactance. The unit is 
the siemens (S). 


capacitor An electrical device that has the ability to store 
charge. It consists of one or more conductors separated by an 
insulating material called the dielectric. 


carrier A high-frequency radio wave that can be modulated 
(changed) by a lower frequency signal. 


cathode The terminal of a polarized device that electrons flow to. 
For a battery that is supplying current, this is the positive terminal. 


center tap (CT) A connection at the midpoint of the secondary 
winding of a transformer. 


charge An electrical property of matter that exists because of 
an excess or a deficiency of electrons. Charge can be either 
positive or negative. 


charging For a capacitor, the process in which a current 
removes charge from one plate of a capacitor and deposits it on 
the other plate, making one plate more positive than the other. 


choke An inductor. The term is used more commonly in connec- 
tion with inductors used to block or choke off high frequencies. 


circuit An interconnection of electrical components designed to 
produce a desired result. A basic circuit consists of a source, a 
load, and an interconnecting current path. 
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circuit breaker A resettable protective device used for inter- 
rupting excessive current in an electric circuit. 


circular mil (CM) The unit of the cross-sectional area of a wire. 
closed circuit A circuit with a complete current path. 


coefficient of coupling (k) A constant associated with trans- 
formers that is the ratio of secondary magnetic flux to primary 
magnetic flux. The ideal value of 1 indicates that all the flux in 
the primary winding is coupled into the secondary winding. 


coil A common term for an inductor. 


color code A system of color bands or dots that identify the 
value of a resistor or other component. 


common A reference point in a circuit; also called reference 
ground. 


conductance (G) The ability of a circuit to allow current; the 
reciprocal of resistance. The unit is the siemens (S). 


conductor A material in which electrical current is established 
with relative ease. An example is copper. 


core The structure around which the winding of an inductor is 
formed. The core material influences the electromagnetic char- 
acteristics of the inductor. 


coulomb (C) The unit of electrical charge; the total charge pos- 
sessed by 6.25 X 101* electrons. 


Coulomb’s law A law that states a force exists between two 
charged bodies that is directly proportional to the product of the 
two charges and inversely proportional to the square of the dis- 
tance between them. 


coupling The method of connecting a capacitor from between 
two points in a circuit to allow ac to pass from one point to the 
other while blocking de. 


covalent Related to the bonding of two or more atoms by the 
interaction of their valence electrons. 


crystal The pattern or arrangement of atoms forming a solid 
material. 


current The rate of flow of charge (free electrons). 


current divider A parallel circuit in which the total current 
divides among the branches. 


current source A device that produces a constant current for a 
varying load. 


cycle One repetition of a periodic waveform. 


de component The average value of a pulse waveform. 


dc power supply An electronic instrument that produces volt- 
age, current, and power from the ac power line or batteries in a 
form suitable for use in powering electronic equipment. 


decade A tenfold change in the value of a quantity. When a 
quantity becomes ten times less or ten times greater, it has 
changed a decade. 


decibel (dB) A unit of logarithmic expression ten times the log- 
arithm of the ratio of two powers or twenty times the logarithm 
of the ratio of two voltages measured across equal resistances. 


decoupling The method of connecting a capacitor from one 
point, usually the dc power supply line, to ground to short ac to 
ground without affecting the de voltage. 


degree The unit of angular measure corresponding to 1/360 of 
a complete revolution. 


dielectric The insulating material between the plates of a 
capacitor. 


dielectric constant A measure of the ability of a dielectric 
material to establish an electric field. 


dielectric strength A measure of the ability of a dielectric 
material to withstand voltage without breaking down. 


digital signal A signal that has discrete levels. 


DMM Digital multimeter; an electronic instrument that 
combines meters for the measurement of voltage, current, 
and resistance. 


dummy load A precision high-power resistor. 


duty cycle A characteristic of a pulse waveform that indicates 
the percentage of time that a pulse is present during a cycle; the 
ratio of pulse width to period. 


effective value A measure of the heating effect of a sine wave; 
also known as the rms (root mean square) value. 


efficiency The ratio of the output power to the input power of a 
circuit, usually expressed as a percentage. 


electrical Related to the use of electrical voltage and current to 
achieve desired results. 


electrical isolation The condition in which two circuits have no 
common conductive path between them. 


electrical shock The physical sensation resulting from current 
through the body. 


electromagnetic field A formation of a group of magnetic lines 
of force surrounding a conductor created by electrical current in 
the conductor. 


electromagnetic induction The phenomenon or process by 
which a voltage is produced in a conductor when there is rela- 
tive motion between the conductor and a magnetic or electro- 
magnetic field. 


electromagnetism The production of a magnetic field by cur- 
rent in a conductor. 


electron A basic particle of electrical charge in matter. The 
electron possesses negative charge. 


electronic Related to the movement and control of free elec- 
trons in semiconductors or vacuum devices. 


element One of the unique substances that make up the known 
universe. Each element is characterized by a unique atomic 
structure. 


energy The ability to do work. The unit is the joule (J). 


engineering notation A system for representing any number as 
a one-, two-, or three-digit number times a power of ten with an 
exponent that is a multiple of 3. 


error The difference between the true or best-accepted value of 
some quantity and the measured value. 


exciter A separate dc generator used supply current to the field 
coils of a large generator or alternator. Normally, excitation cur- 
rent is controlled automatically. 


exponent The number to which a base number is raised. 


exponential A mathematical function described by a natural log- 
arithm (base). Increasing and decreasing current and voltage for a 
capacitor or inductor are described by exponential functions. 


falling edge The negative-going transition of a pulse. 


fall time (£) The time interval required for a pulse to change 
from 90% to 10% of its amplitude. 


farad (F) The unit of capacitance. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


Faraday’s law A law stating that the voltage induced across a 
coil of wire equals the number of turns in the coil times the rate 
of change of the magnetic flux. 


filter A type of circuit that passes certain frequencies and 
rejects all others. 


free electron A valence electron that has broken away from its 
parent atom and is free to move from atom to atom within the 
atomic structure of a material. 


frequency A measure of the rate of change of a periodic func- 
tion; the number of cycles completed in 1 s. The unit of fre- 
quency 1s the hertz. 


frequency response In electrical circuits, the variation in the 
output voltage (or current) over a specified range of frequencies. 


fuel cell A device that converts electrochemical energy from an 
external source into de voltage. The hydrogen fuel cell is the 
most common type. 


function generator An instrument that produces more than one 
type of waveform. 


fundamental frequency The repetition rate of a waveform. 


fuse A protective device that burns open when there is exces- 
sive current in a circuit. 


gain The ratio of the output to the input for an amplifier. 
gauss A CGS unit of flux density. 

generator An energy source that produces electrical signals. 
ground The common or reference point in a circuit. 


ground plane A conducting surface used as a reference point 
for circuit returns or in antenna systems to image a radiating 
structure. 


half-power frequency The frequency at which the output 
power of a filter is 50% of the maximum (the output voltage is 
70.7% of maximum); another name for critical frequency or cut- 
off frequency. 


half-splitting A troubleshooting procedure where one starts in 
the middle of a circuit or system and, depending on the first 
measurement, works toward the output or toward the input to 
find the fault. 


Hall effect A change in current density across a conductor or 
semiconductor when current in the material is perpendicular to a 
magnetic field. The change in current density produces a small 
transverse voltage in the material, called the Hall voltage. 


harmonics The frequencies contained in a composite wave- 
form, which are integer multiples of the repetition frequency 
(fundamental). 


henry (H) The unit of inductance. 


hertz (Hz) The unit of frequency. One hertz equals one cycle 
per second. 


high-pass circuit A certain type of circuit whereby higher fre- 
quencies are passed and lower frequencies are rejected. 


horizontal organization A business structure that is decentral- 
ized, to allow managers to focus on a specialty and streamline 
decision making. 


hypotenuse The longest side of a right triangle. 


hysteresis A characteristic of a magnetic material whereby a 
change in magnetization lags the application of a magnetic force. 
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impedance (Z) The total opposition to sinusoidal current 
expressed in ohms. 


impedance matching A technique used to match a load resist- 
ance to an internal source resistance in order to achieve a maxi- 
mum transfer of power. 


induced current (iing) A current induced in a conductor as a 
result of a changing magnetic field. 


induced voltage (Vina) Voltage produced as a result of a chang- 
ing magnetic field. 


inductance (L) The property of an inductor that produces an 
Opposition to any change in current. 


induction motor An ac motor that achieves excitation to the 
rotor by transformer action. 


inductive reactance (Xz) The opposition of an inductor to sinu- 
soidal current. The unit is the ohm. 


inductive susceptance (B,) The ability of an inductor to per- 
mit current; the reciprocal of inductive reactance. The unit is 
the siemens. 


inductor A passive electrical component formed by a coil of 
wire and which exhibits the property of inductance. 


input The voltage, current, or power applied to an electrical cir- 
cuit to produce a desired result. 


instantaneous power The value of power in a circuit at any 
given instant of time. 


instantaneous value The voltage or current value of a wave- 
form at a given instant in time. 


insulator A material that does not allow current under normal 
conditions. 


integrated circuit An active complex circuit consisting of 
resistors, transistors, and other components fabricated as a single 
unit that performs the function of multiple discrete components. 


integrator A circuit that produces an output that approaches the 
mathematical integral of the input. 


interface To make the output of one type of circuit compatible 
with the input of another so that they can operate properly 
together. 


ion An atom or group of atoms with a net charge. 


joule (J) The SI unit of energy. 


kilowatt-hour (kWh) A large unit of energy used mainly by 
utility companies. 


Kirchhoff’s current law A law stating that the total current 
into a node equals the total current out of the node. 


Kirchhoff’s voltage law A law stating that (1) the sum of the 
voltage drops around a single closed loop (path) equals the 
source voltage in that loop or (2) the algebraic sum of all the 
voltages around a single closed path in a circuit is zero. 


ladder diagram An electrical schematic of a parallel circuit 
which resembles a ladder. Two rails represent the two nodes that 
have the applied voltage; any number of “rungs”, which are 
loads, complete the ladder. 


ladder logic A graphical computer language used for program- 
ming PLCs. Programming is accomplished by placing simulated 
relays, contacts, switches, timers, and other control elements in 
“rungs” to allow the PLC to control an industrial process. 
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lag To be behind; describes a condition of the phase or time 
relationship of waveforms in which one waveform is behind the 
other in phase or time. 


lead To be ahead; describes a condition of the phase or time 
relationship of waveforms in which one waveform is ahead of 
the other in phase or time; also, a wire or cable connection to a 
device or instrument. 


leading edge The first step or transition of a pulse. 


LED (light-emitting diode) A type of diode that emits light 
when there is forward current. 


Lenz’s law A law that states when the current through a coil 
changes, the polarity of the induced voltage created by the chang- 
ing magnetic field is such that it always opposes the change that 
caused it. The current cannot change instantaneously. 


linear Characterized by a straight-line relationship. 


lines of force Magnetic flux lines that exist in a magnetic field 
radiating from the north pole to the south pole. 


load An element (resistor or other component) connected across 
the output terminals of a circuit that draws current from the 
source and upon which work is done. 


load cell A transducer that uses strain gauges to convert 
mechanical force into an electrical signal. 


load current The output current of a circuit supplied to a load. 


loading The effect on a circuit when an element that draws cur- 
rent from the circuit is connected across the output terminals. 


low-pass circuit A certain type of circuit in which lower fre- 
quencies are passed and higher frequencies are rejected. 


magnetic coupling The magnetic connection between two coils 
as aresult of the changing magnetic flux lines of one coil cutting 
through the second coil. 


magnetic field A force field radiating from the north pole to the 
south pole of a magnet. 


magnetic field intensity The amount of mmf per unit length of 
magnetic material. The unit is the ampere-turns/meter (At/m); 
also called magnetizing force. 


magnetic flux The lines of force between the north and south 
poles of a permanent magnet or an electromagnet. 


magnetic flux density The number of lines of force per unit 
area perpendicular to a magnetic field. 


magnetomotive force The cause of a magnetic field; measured 
in ampere-turns. 


magnitude The value of a quantity, such as the number of volts 
of voltage or the number of amperes of current. 


maximum power transfer The condition, when the load resist- 
ance equals the source resistance, under which maximum power 
is transferred from source to load. 


maximum power transfer theorem A theorem that states the 
maximum power is transferred from a source to a load when the 
load resistance equals the internal source resistance. 


mechatronics A synergistic combination of mechanics and 
electronics including instrumentation and control systems. 


metric prefix A symbol that is used to replace the power of ten 
in numbers expressed in engineering notation. 


modulate To vary a characteristic (amplitude, frequency or 
phase) of an electromagnetic wave. 


multimeter An instrument that measures voltage, current, and 
resistance. 


mutual inductance (Ly) The inductance between two separate 
coils, such as in a transformer. 


negative ion An atom or group of atoms with a net negative 
charge. 


neutron An atomic particle having no electrical charge. 


node A point or junction in a circuit at which two or more com- 
ponents are connected. 


nucleus The central part of an atom containing protons and 
neutrons. 


ohm (Q) The unit of resistance. 
ohmmeter An instrument for measuring resistance. 


Ohm’s law A law stating that current is directly proportional to 
voltage and inversely proportional to resistance. 


open A circuit condition in which the current path is interrupted. 


open circuit A circuit in which there is not a complete current 
path. 


orbit The path an electron takes as it circles around the nucleus 
of an atom. 


oscilloscope A measurement instrument that displays signal 
waveforms on a screen. 


oscillator An electronic circuit that produces a repetitive wave- 
form on its output with only the de supply voltage as an input. 


output The result obtained from the system after processing the 
inputs. 


parallel The relationship between two circuit components that 
exists when they are connected between the same pair of nodes. 


parallel resonance Ina parallel RLC circuit, the condition 
where the impedance is maximum and the reactances are equal. 


passband The range of frequencies passed by a filter. 


passive component A component that does not require power; 
passive components cannot increase signal power. 


peak-to-peak value The voltage or current value of a wave- 
form measured from its minimum to its maximum points. 


peak value The voltage or current value of a waveform at its 
maximum positive or negative points. 


period (7) The time interval of one complete cycle of a given 
sine Wave or any periodic waveform. 


periodic Characterized by a repetition at fixed time intervals. 


permeability The measure of ease with which a magnetic field 
can be established in a material. 


phase The relative displacement of a time-varying waveform in 
terms of its occurrence with respect to a reference. 


phase angle The angle between the source voltage and the total 
current in a reactive circuit. 


phasor A representation of a sine wave in terms of both magni- 
tude and phase angle. 


photoconductive cell A type of variable resistor that is light- 
sensitive. 


photodiode A diode whose reverse resistance changes with 
incident light. 
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photon A discrete bundle of electromagnetic energy. In a vac- 
uum, photons travel at the speed of light and have no rest mass. 


photovoltaic effect The process whereby light energy is con- 
verted directly into electrical energy. 


piezoelectric effect The property of a crystal whereby a chang- 
ing mechanical stress produces a voltage across the crystal. 


pole In practical terms, a single RC circuit in a filter or amplifier 
that causes the response to change at a 20 dB per decade rate 
above or below a certain frequency. 


positive ion An atom or group of atoms with a net positive 
charge. 


potentiometer A three-terminal variable resistor. 
power The rate of energy usage. The unit is the watt (W). 


power factor The relationship between volt-amperes and true 
power or watts. Volt-amperes multiplied by the power factor 
equals true power. 


power of ten A numerical representation consisting of a base of 
10 and an exponent; the number 10 raised to a power. 


power rating The maximum amount of power that a resistor 
can dissipate without being damaged by excessive heat buildup. 


power supply A device that converts the ac utility voltage into 
a constant dc. 


precision A measure of the repeatability (or consistency) of a 
series of measurements. 


primary winding The input winding of a transformer; also 
called primary. 

probe An accessory used to connect a voltage to the input of an 
oscilloscope or other instrument. 


proton A positively charged atomic particle. 


pulse A type of waveform that consists of two equal and oppo- 
site steps in voltage or current separated by a time interval. 


pulse repetition frequency The fundamental frequency of a 
repetitive pulse waveform; the rate at which the pulses repeat 
expressed in either hertz or pulses per second. 


pulse width (fw) The time interval between the opposite steps 
of an ideal pulse. For a nonideal pulse, the time between the 
50% points on the leading and trailing edges. 


quality factor (Q) The ratio of reactive power to true power in 
an inductor or a resonant circuit. 


radian A unit of angular measurement. There are 277 radians in 
one complete revolution. One radian equals 57.3°. 


Radiometric image A thermal picture in which colors repre- 
sent temperature. 


ramp A type of waveform characterized by a linear increase or 
decrease in voltage or current. 


RC lag circuit A phase shift circuit in which the output voltage, 
taken across the capacitor, lags the input voltage by a specified 
angle. 


RC lead circuit A phase shift circuit in which the output volt- 
age, taken across the resistor, leads the input voltage by a speci- 
fied angle. 


RC time constant A fixed time interval set by the values of R 
and C that determines the time response of a series RC circuit. It 
equals the product of the resistance and the capacitance. 
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reactive power (P,) The rate at which energy is stored and 
alternately returned to the source by a capacitor or inductor. The 
unit is the VAR. 


reference ground The metal chassis that houses the assembly 
or a large conducive area on a printed circuit board used as the 
common or reference point. 


reflected load The load as it appears to the source in the primary 
of a transformer. 


reflected resistance The resistance in the secondary circuit 
reflected into the primary circuit. 


regulated power supply A type of power supply in which the 
output is automatically adjusted to keep a constant value. 


relay An electromagnetically controlled mechanical device in 
which electrical contacts are open or closed by a magnetizing 
current. 


reluctance The opposition to the establishment of a magnetic 
field in a material. 


resistance Opposition to current. The unit is the ohm (0). 


resistor An electrical component designed specifically to have 
a certain amount of resistance. 


resolution The smallest increment of a quantity that a meter 
can measure. 


resonant frequency The frequency at which a resonant condi- 
tion occurs in a series or parallel RLC circuit. 


retentivity The ability of a material, once magnetized, to maintain 
a magnetized state without the presence of a magnetizing force. 


rheostat A two-terminal variable resistor. 
right triangle A triangle with a 90° angle. 


ripple voltage The small variation in the de voltage on the out- 
put of a filtered rectifier caused by the slight charging and dis- 
charging action of the filter capacitor. 


rise time (¢,) The time interval required for a pulse to change 
from 10% to 90% of its amplitude. 


rising edge The positive-going transition of a pulse. 


RL lag circuit A phase shift circuit in which the output voltage, 
taken across the resistor, lags the input voltage by a specified 
angle. 


RL lead circuit A phase shift circuit in which the output volt- 
age, taken across the inductor, leads the input voltage by a speci- 
fied angle. 


RL time constant A fixed time interval set by the values of R 
and L that determines the time response of a circuit and is equal 
to L/R. 


rms value The value of a sine wave that indicates its heating 
effect, also known as the effective value. It is equal to 0.707 
times the peak value. RMS stands for root mean square. 


roll-off The decrease in the response of a filter below or above 
a critical frequency. 


rotor The moving part of a generator, alternator, or motor. 


round off The process of dropping one or more digits to the 
right of the last significant digit in a number. 


sawtooth waveform A type of electrical waveform composed 
of ramps; a special case of a triangular waveform in which one 
ramp is much shorter than the other. 


schematic A symbolized diagram of an electrical or electronic 
circuit. 


Username: Karl SmirniBook: DC/AC Fundamentals: A Systems Approach. No part of any book may be reproduced or transmitted in 
any form by any means without the publisher's prior written permission. Use (other than pursuant to the qualified fair use privilege) in 
violation of the law or these Terms of Service is prohibited. Violators will be prosecuted to the full extent of the law. 


732 GLOSSAR Y 


scientific notation A system for representing any number as a 
number between 1 and 10 times an appropriate power of ten. 


secondary winding The output winding of a transformer; also 
called secondary. 


selectivity A measure of how effectively a resonant circuit 
passes certain frequencies and rejects others. The narrower the 
bandwidth, the greater the selectivity. 


self-excited generator A generator in which the field windings 
derive their current from the output. 


semiconductor A material that has a conductance value 
between that of a conductor and that of an insulator. Silicon and 
germanium are examples. 


sensitivity The ohms-per-volt rating of a voltmeter. 


series In an electric circuit, a relationship of components in 
which the components are connected such that they provide a 
single current path between two points. 


series-aiding An arrangement of two or more series voltage 
sources with polarities in the same direction. 


series-opposing An arrangement of two series voltage sources 
with polarities in the opposite direction; not a normal configura- 
tion. 


series resonance In a series RLC circuit, the condition where 
the impedance is minimum and the reactances are equal. 


Shell An energy band in which electrons orbit the nucleus of an 
atom. 


short A circuit condition in which there is a zero or abnor- 
mally low resistance between two points; usually an inadvertent 
condition. 


SI Standardized international system of units used for all engi- 
neering and scientific work; abbreviation for French Le Systéme 
International d’ Unites. 


siemens The unit of conductance. 
significant digit A digit known to be correct in a number. 


sine wave A type of electrical waveform that is based on the 
mathematical sine function. 


slip The difference between the synchronous speed of the stator 
field and the rotor speed in an induction motor. 


solenoid An electromagnetically controlled device in which the 
mechanical movement of a shaft or plunger is activated by a 
magnetizing current. 


solenoid valve An electrically controlled valve for control of 
air, water, steam, oils, refrigerants, and other fluids. 


source Any device that produces energy. 


speaker An electromagnetic device that converts electrical sig- 
nals to sound waves. 


squirrel cage An aluminum frame within the rotor of an induc- 
tion motor that forms the electrical conductors for a rotating 
current. 


stator The fixed part of a generator, alternator, or motor. 


steady state The equilibrium condition of a circuit that occurs 
after an initial transient time. 


step-down transformer A transformer in which the secondary 
voltage is less than the primary voltage. 


step-up transformer A transformer in which the secondary 
voltage is greater than the primary voltage. 


stiff voltage divider A voltage divider that has a load resistor 
that is large compared to the resistors in the divider, so that the 
loaded and unloaded output voltages are nearly the same. 


stopband The range of frequencies between the upper and 
lower cutoff points. 


strain gauge A variable resistor formed by a resistive material 
in which a lengthening or shortening due to stress produces a 
proportional change in resistance. 


superposition A method for analyzing circuits with two or 
more sources by examining the effects of each source by itself 
and then combining the effects. 


switch An electrical or electronic device for opening and clos- 
ing a current path. 


synchronous motor An ac motor in which the rotor moves at 
the same rate as the rotating magnetic field of the stator. 


system A group of interrelated parts that perform a specific 
function. 


tank circuit A parallel resonant circuit. 
tapered Nonlinear, such as a tapered potentiometer. 


temperature coefficient A constant specifying the amount of 
change in the value of a quantity for a given change in temperature. 


terminal An external contact point on an electric circuit or an 
electronic device. 


terminal equivalency A condition that occurs when two cir- 
cuits produce the same load voltage and load current where the 
same value of load resistance is connected to either circuit. 


tesla The SI unit of flux density. 


thermistor A type of variable resistor in which resistance 
depends on temperature. 


thermocouple A type of temperature transducer formed by 
the junction of two dissimilar metals that produces a voltage 
proportional to temperature. 


Thevenin’s theorem A circuit theorem that provides for reduc- 
ing any two-terminal resistive circuit to a single equivalent volt- 
age source in series with an equivalent resistance. 


time constant A fixed-time interval set by R and C, or R and L 
values, that determines the time response of a circuit. 


tolerance The limits of variation in the value of a component. 
trailing edge The second step or transition of a pulse. 


transducer A device that transforms energy from one form to 
another. 


transfer curve A plot showing the ratio of the output to the input. 


transformer An electrical device constructed of two or more 
coils (windings) that are electromagnetically coupled to each 
other to provide a transfer of power from one coil to another. 


transient A temporary passing condition in a circuit; a sudden 
or temporary change in circuit conditions. 


transient time An interval equal to approximately five time 
constants. 


triangular waveform A type of electrical waveform that con- 
sists of two ramps. 


triangular-wave oscillator An electronic oscillator that uses 
a comparator with two trip points and an integrator to produce 
triangular waves. 
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trigger The activating mechanism of some electronic devices or voltage divider A circuit consisting of series resistors across 


instruments. 
trimmer A small variable capacitor. 


troubleshooting A systematic process of isolating, identifying, 
and correcting a fault in a circuit or system; the application of 
logical thinking combined with a thorough knowledge of circuit 
or system Operation to find and correct a malfunction. 


true power The power that is dissipated in a circuit, usually in 
the form of heat. 


turns ratio The ratio of turns in the secondary winding to turns 
in the primary winding. 


unbalanced bridge A bridge circuit that is in the unbalanced 
state as indicated by a voltage across the bridge proportional to 
the amount of deviation from the balanced state. 


valence Related to the outer shell or orbit of an atom. 


valence electron An electron that is present in the outermost 
shell of an atom. 


VAR (volt-ampere reactive) The unit of reactive power. 
varactor A diode that is used as a voltage-variable capacitor. 


vertical organization A centralized business structure that has 
an organized top-down approach. The tendency is less toward a 
specialization. 


volt The unit of voltage or electromotive force. 


voltage The amount of energy available to move a certain 
number of electrons from one point to another in an electric 
circuit. 


which one or more output voltages are taken. 


voltage drop The decrease in the voltage across a resistor due 
to loss of energy. 


voltage-follower A closed-loop, noninverting op-amp with a 
voltage gain of 1. 


voltage gain The ratio of output voltage to input voltage. 


voltage regulation The process of maintaining an essentially 
constant output voltage over variations in input voltage or load. 


voltage source A device that produces a constant voltage for a 
varying load. 


voltmeter An instrument used to measure voltage. 


watt (W) The unit of power. 


Watt’s law A law that states the relationships of power to cur- 
rent, voltage, and resistance. 


waveform The pattern of variations of a voltage or current 
showing how the quantity changes with time. 


weber (Wb) The SI unit of magnetic flux, which represents 
10° lines. 


Wheatstone bridge A 4-legged type of bridge circuit with 
which an unknown resistance can be accurately measured using 
the balanced state of the bridge. Deviations in resistance can be 
measured using the unbalanced state. 


winding The loops or turns of wire in an inductor. 


winding resistance The resistance of the length of wire that 
makes up a coil. 


wiper The sliding contact in a potentiometer. 
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AC (alternating current) circuits 
analysis of, 338-342 
capacitors in, 410-417 
inductors in, 508-514 
role of, 8 
voltage, ac and de combined, 340-341 
AC coupling, 419-420 
Accuracy, 21, 70 
AC generators. See Alternators (AC generators) 
AC motors 
classification, 347 
induction, 347, 348-349 
rotating stator field, 347-348 
synchronous, 347, 349 
Active components, 7-8 
Admittance 
in parallel RC circuits, 450-451 
in parallel RL circuits, 538-540 
Ah (ampere-hour) ratings of batteries, 105 
Air-core transformers, 623 
Alarm systems, 292-293 
Alkaline-Mno, batteries, 43 
Alternators (AC generators), 8, 321 
applications, 345-346 
defined, 342 
frequency, 343 
practical, 343-344 
rotating-armature, 344 
rotating-field, 344 
rotor current, 344-345 
simplified, 342 
Ammeter, 66, 67 
Ammeter shunts, 196 
Ampere (amp), 47 
Ampere-hour (Ah) ratings of batteries, 105 
Ampere-turn (At), 287 
Amplifiers 
buffer, 447-448 
transistor, 420 
tuned, 607-608 
voltage-divider bias and discrete, 232-233 
Amplitude, 327 
range, 365 
AM radio receivers, 609-610 
Analog multimeters, 66, 70-71 
Analog oscilloscopes, 358 
Analog signals, 9 
Angular measurement, 330-334 
Anode, 41 
ANSI (American National Standards 
Institute), 59 
Antenna coupling, 608-609 
APM (analysis, planning, and measuring) 
troubleshooting 
differentiators and integrators, 688-690 
parallel circuits and, 199-203 
RC circuits and, 470-474 
RL circuits and, 553-555 
series circuits and, 152-156 
series-parallel circuits and, 257-260 
steps, 106-108 


transformers, 646-647 
Apparent power, 461, 462-464, 546-547 
rating, 637 
Arbitrary function generators (AFGs), 364 
Arbitrary waveform generators, 326 
Arctangent, 437 
Armature, 307 
Armature relays, 291-292 
Atomic number, 35 
Atoms 
basic structure of, 35 
copper, 36 
defined, 35 
electrons, 35, 36-37 
Automotive charging systems, 346 
Autotransformers, 644 
Average value, 329-330 
AWG (American Wire Gauge), 63 


B 


Back emf, 309 
Balanced Wheatstone bridge, 237-238 
Balun transformers, 636-637 
Band-pass filters, 580, 582-583, 601—605 
Band-stop filters, 585-587, 605-607 
Bandwidth, 468, 551, 580-581, 601 
Batteries 
ampere-hour ratings of, 105 
backup, 42 
car, removing, 149 
defined, 41 
how they work, 41-43 
lead-acid, 42, 43 
replacing and possible explosions, 134 
types of, 43 
Bias 
voltage-divider, 232-233 
voltages, 421 
Bleeder current, 231-232 
Block diagrams, 5-6 
Bode plotter, 576 
Bohr model, 35 
Boundary, 4 
Braking resistors, 98 
Branches, 174, 182 
currents, 224-225 
open, 199-202 
shorted, 202 
Breakdown voltage, 386 
Brushes, 304 
Brushless dc motor, 309 
Buffer amplifiers, 447-448 
Bypass capacitors, 421 


C 
Calibrating equipment, 21 
Capacitance 
converting between units, 385-386 
defined, 382, 383-384 
formula for, 389 
meter/measurement, 394 
stray, 453 


units of, 384 
winding, 491-492, 639 
Capacitive reactance 
description of, 410-411 
Ohm’s law, 413 
parallel capacitors and, 412-413 
series capacitors and, 412 
symbol and unit for, 410 
Capacitive sensors, 576 
Capacitive susceptance, 450 
Capacitive voltage divider, 414 
Capacitors 
ac circuits and, 410-417 
applications, 417-422 
bypass, 421 
ceramic, 390-391 
charging, 402 
charging and discharging curves, 405-408 
charging and discharging in RC integrators, 658 
chip, 391 
color coding and marking, 701-704 
construction of, 383 
coupling, 420 
current and voltage during charging and 
discharging, 402-403 
current leads voltage by 90°, 414-415 
de circuits and, 401-409 
decoupling, 421 
defined, 382, 383 
dielectric constant, 388-389 
dielectric strength, 386-387 
discharging, 402 
electrolytic, 391, 392 
fixed, 390-392 
labeling and color coding, 394 
leakage, 387 
mica, 390 
parallel, 399-401, 412-413 
physical characteristics of, 387-388 
plastic-film, 391-392 
plate area and separation, 388 
power in, 415-416 
RC time constant, 404—405 
sensors, 387 
series, 395-399, 412 
square wave, response to, 408-409 
storage of charge, 383, 384, 392, 403 
storage of energy, 386 
temperature coefficient, 387 
trimmers, 393 
variable, 392-394 
voltage in RC integrators, 659 
voltage rating, 386 
types of, 390-394 
Capacity, 42 
Car batteries, removing, 149 
Carbon-zinc batteries, 43 
Carrier, 9, 365 
Cathode, 41 
CE mark, 69 
Center tap (CT), 641 
Ceramic capacitors, 390-391 
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Certification, 4 
CGS (centimeter-gram-second) system, 281 
Charge 
attraction and repulsion, 38 
coulomb, 38 
defined, 38 
positive and negative, 38-39 
storage in capacitors, 383, 384, 392, 403 
symbol for, 38 
unit of, 38 
Charging 
capacitors, 402, 658 
resonant, 638 
Chip capacitors, 391 
Chokes 
longitudinal, 515 
radio frequency, 515-516 
use of term, 488, 489 
Circuits 
See also AC circuits; DC circuits; Parallel 
circuits; RC circuits; RL circuits; RLC 
circuits; Series circuits; Series-parallel 
circuits 
components of, 7-8 
defined, 2, 7 
electronic, 8—9 
integrated, 3 
measurements, 66— 71 
NI Multisim for simulation of, 711-715 
schematic, 59 
Circuits, electrical 
ac and dc, 8 
breakers, 61 
closed, 59 
difference between magnetic circuits and, 288 
elements of, 58—66 
ground, 65 
open, 59 
power in, calculating, 96-97 
protective devices, 61 
schematic, 59 
switches, 59—60 
wires, 63—65 
Circular mil (CM), 63 
Clamp meters, 328-329 
Closed circuits, 59 
Coaxial cable, 589 
Coefficient of coupling, 620-621 
Coercive force, 297 
Coil, use of term, 488, 489, 619 
Color codes, resistor, 52-55 
Common (COM or COMM), 65 
Commutator, 304 
Components, 7-8 
Computer memory, 422 
Conductance, 50 
defined, 450 
in parallel RC circuits, 450 
in parallel RL circuits, 538—540 
Conductive noise, 515 
Conductors, 37 
Connectors, 64 
Copper 
atom, 36 
in conductors, 37 
Coulomb (C), 38, 384 
Coulomb’s law, 38 
Counter emf, 309 
Coupling, coefficient of, 620—621 
Coupling ac signal into de bias circuit, 469-470 


Coupling capacitors, 420 
Current 
ampere, 47 
amplitudes in series RLC circuits, 574-577 
bleeder, 231-232 
branch, 224-225 
calculating, 87-89 
carrying conductor m magnetic field, 302-303 
defined, 46 
dividers, 193-197 
full-scale deflection, 196 
induced, 300 
in inductors, 500-502 
Kirchhoff’s current law, 188-192, 338 
lags voltage by 90°, 512 
leads voltage by 90°, 414-415 
linear relationship of voltage and, 83-86 
load, 231-232 
measuring, 66, 67, 108 
measuring, and finding open branch, 200-202 
movement of electrons, 46 
relationship between voltage, resistance 
and, 83-85 
rotor, 344-345 
-sensing resistors, 91-92 
in series circuits, 128-129 
in series-parallel circuits, 224-225 
sources of, 47-49 
symbol and formula for, 46 
transformers, 631 
unit of, 47 
values of sine waves, 326-330 
Curves, charging and discharging, 405-408 
Cutoff frequency, 468, 551-552, 581, 601 
Cycle, sine wave, 321 


D 


d’Arsonval meter movement, 293-294 
DC blocking, 419-420 
DC (direct current) circuits 
capacitors in, 401-409 
inductors in, 499-507 
role of, 8 
voltage, ac and de combined, 340-341 
DC generators 
equivalent circuit for, 307 
how they work, 303-307 
parts of, 304, 306 
self-excited, 306 
shunt-wound, 307 
DC isolation, 628-629 
DC motors 
back or counter emf, 309 
brushless, 309 
how they work, 308 
loads, 309 
maintenance, 308 
ratings, 309-310 
reversing, 310-311 
series, 311 
shunt, 127-128, 312 
torque and power, 309-310 
DC resistance, 491 
DC voltage 
ac and de combined, 340-341 
sources of, 40-45 
Decibel (dB) measurement, 582 
Decoupling capacitors, 421 
Degree, 330, 331 
Delta connections, 645—646 


Dielectric, 383, 388 
Dielectric constant, 388-389 
Dielectric strength, 386-387 
Differentiator 
See also RC differentiators; RL differentiators 
use of term, 657, 669 
Digital multimeters (DMMs), 66, 68—70 
Digital oscilloscopes, 359 
Digital-pattern generators (DPGs), 364 
Digital signals, 9 
Discharging capacitors, 402 
Double-pole—double-throw (DPDT) switch, 60 
Double-pole—single-throw (DPST) switch, 60 
Dummy loads, 184 
Duty cycle, 351-352 


E 


Earth ground, 65 
Effective value, 327-328 
Efficiency 
defined, 104 
power supply, 104-105 
transformer, 639 
Electrical charge, 37-39 
Electrical circuits. See Circuits, electrical 
Electrical isolation, 620 
Electrical shock, 24—25, 58, 67 
Electrical systems, 5 
Electrical units, 16-17 
Electric field, 38 
Electrolytic capacitors, 391, 392 
Electromagnet, 289 
Electromagnetic devices 
magnetic disks/tapes read/write head, 294-295 
magneto-optical disks, 295-296 
meter movement, 293-294 
relays, 291-293 
solenoid, 290—291 
speakers, 293 
Electromagnetic field, 285 
Electromagnetic induction, 44, 298-303 
Electromagnetic interference (EMI) filters, 
552-553 
Electromagnetism 
circuit, basic, 288 
defined, 284 
left-hand rule, 285 
lines of force, 285 
magnetomotive force, 287-289 
permeability, 286 
properties, 285-289 
reluctance, 286-287 
Electronic circuits, 8—9 
Electronic signal generators, 321, 325-326 
Electronics industry 
certification, 4 
changes to, 2 
major divisions, 2—3 
Electronic systems 
defined, 5 
examples of, 4 
Electrons, 35, 36—37 
Elements, 35 
Energy 
conversion, 101—102 
defined, 93 
levels, 36 
storage of, in capacitors, 386 
storage of, in inductors, 490 
unit of, 93-95 
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Engineering notation, 14-15 

Error, 21 

Exponent, 10 

Exponential curves, 405, 407, 505-507 
Exponential formulas, 505 


F 


Fall time, 351 
Faraday, M., 278, 300 
Faraday’ s law, 300-301, 492 
Farads (F), 384, 385 
FCC Commercial Operator License 
Examinations, 4 
Feedback, 464 
Ferrite-core transformers, 623 
Ferromagnetic materials, 281-282, 286, 306, 490 
Filters, 418-419 
band-pass, 580, 582-583, 601-605 
band-stop, 585-587, 605—607 
electromagnetic interference, 552-553 
parallel resonant, 601-607 
RC circuits as, 465-469 
RL circuits as, 550-553 
series resonant, 579-587 
signal, 421 
Fixed capacitors, 390-392 
Fixed inductors, 495 
Flash converters, 142 
Flashlights, replacing batteries in, 134 
Flowcharts, 5—6 
Flux, magnetic, 279 
Flux density, magnetic, 279-281 
Free electrons, 36 
Frequency 
See also Resonant frequency 
alternator, 343 
cutoff, 468, 551-552, 581, 601 
domain plot, 356 
fundamental, 355 
half-power, 582 
pulse repetition, 351 
ratings, 638 
sine wave, 324—325 
Frequency response 
RC circuits and, 467, 442-444 
RL circuits and, 531—533, 550 
Fuel cells, 43-44 
Full-scale deflection current, 196 
Function generators, 326 
arbitrary, 364 
description of basic, 366-367 
role of, 364 
Fundamental frequency, 355 
Fuses, 61 


G 
Gain, 6 
Galvanometers, 237 
Gauss (G), 281 
Generators, 44-45 
See also Alternators (AC) generators; DC 
generators; Function generators 
arbitrary waveform, 326 
electronic signal, 321, 325-326 
Germanium, 37 
Glass, 37 
Graphene, 392 
Ground 
fault, 189 
loop, 515 


measuring voltages with respect to, 149-152 
plane, 149 
positive, 149 
reference/common, 65, 149 
Ground fault circuit interrupters (GFCI), 25, 26 
Gyrators, 509 


H 


Half-power frequencies, 582 
Half-splitting, 108, 153-154 
Hall effect, 284 
Harmonic distortion, 365 
Harmonics, 321, 355-356 
Hartley oscillators, 497 
Henry (H), 489-490 
Hertz (Hz), 324 
High-pass circuit/filter, 466, 467-468, 550-551 
High temperature superconductors (HTS), 347 
Horizontal organization, 2 
Hyperbola, 568 
Hysteresis 
loss, 639 
magnetic, 296-298 


I 


IEEE STD 315-1975 standard, 59 
Impedance 
cases of, 436 
matching, 634-637 
im parallel RC circuits, 449-451 
in parallel RLC circuits, 587-588 
in parallel RL circuits, 537—540 
in series RC circuits, 436-438 
in series RLC circuits, 566-567, 577-578 
in series RL circuits, 527—528 
triangle, 436, 527 
¡NARTE (interNational Association for Radio, 
Telecommunications, and 
Electromagnetics), 4 
Indicator lights, 132 
Induced current, 300 
Induced voltage, 299-300, 489 
Inductance 
defined, 489 
mutual, 620-62 1 
symbol for, 489 
unit of, 489-490 
Induction heating system, 640-641 
Induction motors, 347, 348-349 
Inductive reactance 
description of, 508-509 
Ohm's law, 511 
for parallel inductors, 510-511 
for series inductors, 510 
symbol and unit for, 508 
Inductive sensors, 576 
Inductive susceptance, 539 
Inductors 
in ac circuits, 508—514 
applications, 514-516 
current in, 500-502 
current lags voltage by 90°, 512 
in de circuits, 499-507 
defined, 489 
energy storage, 490 
Faraday”s law, 300-301, 492 
inductance, 489-490 
Lenz’s law, 301, 492-493 
parallel, 498, 510-511 
physical characteristics of, 490-491 
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power in, 512-513 
quality factor, 514 
RL time constant, 499 
series, 496-497, 510 
square wave, response to, 502—503 
symbols, 495 
types of, 495-496 
voltage in series RL circuits, 503—505 
winding capacitance, 491-492 
winding resistance, 491 
Input, 4 
Instantaneous power, 415-416, 513 
Instantaneous value, 326-327 
Insulators, 37 
Integrated circuits, 3 
thermal sensors, 102 
Integrator 
See also RC integrators; RL integrators 
use of term, 657, 658 
Intermediate frequency (IF) transformers, 
623, 624 
Inverse tangent, 437 
Ions, 36, 38-39 
Iron-core transformers, 622-623 


J 
Joule, defined, 93 


K 

Kilo, 87 

Kilohms, 87 

Kilowatt-hour (kWh), unit of energy, 93-95 

Kirchhoff’s current law, 188-192, 338 
parallel RC circuits and, 453 
parallel RL circuits and, 541 

Kirchhoff’ s voltage law, 137-140, 338 
series RC circuits and, 440 
series RL circuits and, 530 


L 


Label codes, resistor, 55—56 
Ladder diagrams, 181 
Ladder logic, 181 
Lagging power factor, 548 
Lead-acid batteries, 42, 43 
Leakage, capacitor, 387 
LEDs, 132-133 
Left-hand rule, 285 
Lenz’s law, 301, 492-493 
Linear relationship of current and voltage, 85—86 
Lines of force, 278-279, 285 
Liquid level-sensing system, 241 
Lithium-ion batteries, 43 
Lithium-MnO, batteries, 43 
Load(s) 
balancing, 549 
bank, 184 
cell, 240-241 
current, 231-232 
dc motors, 309 
defined, 58 
dummy, 184 
reflected, 632-634 
resistance, 599—600 
resistive load across the secondary, 630-632 
test box, 99-100 
voltage dividers with resistive, 229-233 
Loading 
defined, 21, 229 
effect of voltmeters, 234-236 
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Lockout/tagout, 25 
Longitudinal choke, 515 
Low-pass circuit/filter, 466-467, 550 


M 


Magnetic circuits, difference between electric 
circuits and, 288 
Magnetic coupling, 623 
Magnetic disks/tapes read/write head, 294-295 
Magnetic field intensity, 296-297 
Magnetic fields, 278-284 
Magnetic flux, 279 
density, 279-281 
leakage, 639 
Magnetic hysteresis, 296-298 
Magnetic switches, 283 
Magnetism 
applications, 283-284 
attraction and repulsion, 278 
flux density of various fields, 282 
gauss (G), 281 
Hall effect, 284 


how materials become magnetized, 281-283 


lines of force, 278-279 
sensitive sensors, 283 
Magnetizing force, 296 
Magnetomotive force (mmf), 287-289 
Magneto-optical disks, 295-296 
Magnets 
electro, 289 
permanent, 283-284 
safety when working with, 282 
Magnitude, 327 
Maximum power transfer theorem, 249-251 
Measuring data/numbers 
error, accuracy, and precision, 20-21 
rounding off, 22—23 
significant digits, 20, 21-22 
Mechatronics, 3 
Mega, 87 
Megohms, 87 
Metal detectors, 600 
Meter movement, 196, 293-294 
Meters 
capacitance, 394 
clamp, 328-329 
symbols, 67 
Metric conversions, 18-20 
Metric prefixes, 17-18 
mho, 50 
Mica capacitors, 390 
Microfarads, 384, 385 
Millman’s theorem, 249, 707-709 
Modulating signal, 365 
Modulation, 365 
Multimeter, 66 
Multiple-winding transformers, 642-644 
Mutual inductance, 620-621 


N 


National Electric Code (NEC), 65 

National Institute of Standards and Technology 
(NIST), 21, 283 

Negative ions, 36, 38-39 

Neutrons, 35 

Nickel-metal hydride batteries, 43 

NI Multisim for circuit simulation, 711-715 
Node, 188 

Noise suppression, 514-515 


Nonsinusoidal waveforms 
harmonics, 355-356 
pulse, 350-353 
triangular and sawtooth, 353-355 
North American Board of Certified Energy 
Practitioners (NABCEP), 4 
Norton’s theorem, 242, 705—707 
Nucleus, 35 


O 


Ohm, 50 
Ohm, G. S., 82 
Ohmmeter, 66, 68 
Ohm’s law 
ac circuits and, 338 
application of, 87-91 
Capacitive reactance, 413 
description of, 82, 83-87 
for electromagnetic circuits, 288 
graphic aid for, 86 
inductor reactance, 51 | 
parallel circuits and, 185-188 
parallel RC circuits and, 452 
parallel RL circuits and, 540-541 
series circuits and, 130-133 
series RC circuits and, 438-440 
series RL circuits and, 529 
Open branches, in parallel circuits, 199-202 
Open circuits, 59 
Open series, 152-154 
Orbits, electron, 36 
Oscillators, 8, 326 
feedback in Colpitts, 398-399 
Hartley, 497 
phase shift, 464-465 
RC circuits in, 464-465 
swept-frequency, 364 
Oscilloscopes 
analog, operation of, 358 
controls, 359-360 
coupling signals into, 360-363 
defined, 357 
digital, operation of, 359 
probes, passive, 456-457 
probing, high-frequency differential, 458 
types of, 358 
Output, 4 
impedance, 365 
Oxidation-reduction reaction, 41 


P 


Parallax, 70 
Parallel capacitors, 399-401, 412413 
Parallel circuits 
See also RC circuits, parallel; RLC circuits, 
parallel; RL circuits, parallel; Series- 
parallel circuits 
applications, 180-181 
current dividers, 193-197 
defined, 174 
Kirchhoff’ s current law, 188-192 
Ohm’s law and, 185-188 
open branches, 199-202 
power in, 197-199 
resistors in, 174-176, 180 
shorted branches, 202 
total resistance in, 177-182 
troubleshooting, 199-203 
voltage in, 182-185 


Parallel-connected cells, 42, 43 
Parallel inductors, 498, 510-511 
Parallel resonance. See Resonance, parallel 
Parallel resonant filters, 601-607 
Passive components, 7—8 
Peak-to-peak value, 327 
Peak value, 327 
Period, sine wave, 322-325 
Periodic waveform, 351 
Permeability, 286, 490 
Permittivity, 388-389 
Phase, sine wave, 332-333 
Phase angle 
in parallel RC circuits, 449-451 
in parallel RLC circuits, 587-588 
in parallel RL circuits, 537-540 
in series RC circuits, 436-438 
in series RLC circuits, 566-567, 578-579 
in series RL circuits, 527-528 
Phase converters, 334 
Phase noise, 365 
Phase shift 
in motors, 548 
oscillators, 464-465 
Phasor quantity, 335-336 
Photoconductive cells, 57 
Photovoltaic effect, 44 
Picrofarads, 384, 385 
Piezoelectric effect, 45 
Piezoelectric sensors, 45 
m (pi) function, 331 
Planar transformers, 623-624 
Plastic-film capacitors, 391-392 
Plate area and separation, capacitance, 388 
Plunger, 290 
Polarity 
of induced voltage, 299-300 
of sine wave, 321-322 
Polyethylene, 37 
Polyphase power, 333-334 
Porcelain, 37 
Positive ground, 149 
Positive ions, 36, 38-39 
Potentiometers, 56, 57 
as adjustable voltage dividers, 144-145 
Power 
apparent, 461, 462—464, 546-547 
apparent power rating, 637 
in capacitors, 415-416 
in a circuit, calculating, 96-97 
in de motors, 309-310 
defined, 93 
factor, 461-462, 548-549 
in inductors, 512-513 
instantaneous, 415-416, 513 
loss, 104 
in parallel circuits, 197-199 
polyphase, 333-334 
rating in transformers, 637-638 
rating in watts, 94 
rating of resistors, 98—101 
in RC circuits, 460-464 
reactive, 416, 460, 513, 546-547 
in RL circuits, 546-549 
in series circuits, 147—148 
supplies, 45, 103-105, 494, 628 
triangle, 461 
true, 416, 460, 513, 546 
Powers of ten, 10-14 
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Precision, 21 
Primary winding, 622 
Programmable logic controllers (PLCs), 181 
Protective devices, 61 
Protons, 35, 36 
Pulse generators, 364 
Pulse waveforms, 350-353 
-to-de converter, 686-687 
Pulse width, 350 
Push button (PB), 60 


Q 
Quality factor (Q), 514 
resonant circuits and, 583-585 


R 


Radian (rad), 330-331 
Radiated noise, 515 
Radio frequency (RE) chokes, 515-516 
Radiometric image, 203 
Ramps, 353-354 
RC circuits 
applications, 464-470 
power in, 460-464 
troubleshooting, 470-474 
RC circuits, parallel 
analysis of, 451-454 
analysis of series-parallel, 455-456 
conductance, capacitive susceptance, and 
admittance, 450-45 | 
impedance and phase angle in, 449-451 
Kirchhoff’ s law, 453 
measurements, 457-460 
Ohm’s law, 452 
phase relationships of current and voltage, 
453454 
RC circuits, series 
analysis of, 438-448 
analysis of series-parallel, 455-456 
frequency and impedance and phase angle 
variation, 442-444 
impedance and phase angle in, 436-438 
Kirchhoff’ s law, 440 
measurements, 457-460 
Ohm’s law, 438-440 
phase relationships of current and voltage, 
440-441 
sinusoidal response of, 435 
RC differentiators 
applications, 685-688 
time response to repetitive pulses, 674-675 
time response to single pulse, 669-673 
troubleshooting, 688-690 
use of term, 657, 669 
RC integrators 
applications, 685-688 
capacitor charging and discharging, 658 
capacitor voltage, 659 
steady-state time response, 665 
time constant increase, effect of, 666-668 
time response to repetitive pulses, 664-668 
time response to single pulse, 659-663 
troubleshooting, 688—690 
use of term, 657, 658 
RC lag circuit, 444-446 
RC lead circuit, 446-447 
RC time constant, 404-405, 658, 666-668 
Reactive power, 416, 513, 546-547 


Receptacle 

standard, 25 

testers, 25 
Rectifier, 417-418 
Reed relays, 292 
Reed switches, 283 
Reference/common ground, 65, 149 
Reflected load, 632-634 
Reflected resistance, 633 
Regulated power supplies, 103-105 
Relative motion, 299 
Relative permeability, 286 
Relative permittivity, 388-389 
Relays, 291-293 
Reluctance, 286-287 
Repetitive pulses, 351-352 


RC differentiators time response to, 674-675 


RC integrators time response to, 664-668 
Repetitive waveform, analysis of, 674-675 
Resistance 

calculating, 91 

defined, 50 

measuring, 66, 68, 108 

ohm, 50 

reflected, 633 

relationship between current, voltage and, 

83-85 

sensors, variable, 57 

symbol for, 50 

Thevenin’s theorem, 242-249 

total resistance in parallel circuits, 177-182 

total resistance in series circuits, 124-128 

total resistance in series-parallel circuits, 

223-224 

unit of, 50 

Wheatstone bridge, 236-242 

winding, 491 

wire, 63, 64-65 
Resistive load across the secondary, 630-632 
Resistivity, 64 
Resistors 

braking, 98 

color codes, 52-55 

current-sensing, 91-92 

defined, 50 

equal-value, 127, 180 

film, 51,52 

fixed, 50-51 

label codes, 55-56 

in parallel, 174-176, 180 

power rating of, 98-101 

sense, 596 

in series, 122-124 

surge, 404 

TO style, 193 

values, table of, 699 

variable, 56-57 

wirewound, 51,52 
Resolution, 69-70 
Resonance 

importance of, 565 

series, 568, 572-579 
Resonance, parallel 

conditions for ideal, 593 

conditions for nonideal, 595-599 

current and phase angle, 598 

frequency, 593-595 

load resistance, 599-600 

variation of impedance with frequency, 597 


Resonant circtits 
applications, 607-610 
charging, 638 
Resonant filters 
parallel, 601-607 
series, 579-587 
Resonant frequency 
defined, 572, 593 
parallel, 593-595 
series, 573-574 
Retentivity, 297 
Retriggerable multivibrator, 676 
Rheostats, 56, 57 
Ripple voltage, 419 
Rise time, 350 
RLC circuits, parallel 
current relationships, 589-590 
impedance and phase angle in, 587-588 
parallel resonant filters, 601-607 
resonant frequency, 593-595 
RLC circuits, series 
analysis of, 568—571 
impedance and phase angle in, 566-567, 
577-579 
resonant frequency, 573-574 
series resonant filters, 579-587 
voltage and current amplitudes in, 574-577 
RL circuits 
filters, 550-553 
power in, 546-549 
sinusoidal response of, 526 
troubleshooting, 553-555 
RL circuits, parallel 
analysis of, 540-542 
analysis of series-parallel, 543-546 
conductance, inductive susceptance, and 
admittance, 538-540 
impedance and phase angle in, 537-540 
Kirchhoff s law, 541 
Ohm’s law, 540-541 
phase relationships of current and voltage, 
541-542 
RL circuits, series 
analysis of, 529-537 
analysis of series-parallel, 543-546 
frequency and impedance and phase angle 
variation, 531-533 
impedance and phase angle in, 527-528 
Kirchhoff’ s law, 530 
Ohm’s law, 529 
phase relationships of current and voltage, 
530-53 | 
RL differentiators 
applications, 685-688 
time response to single pulse, 682-685 
troubleshooting, 688-690 
use of term, 657 
RL integrators 
applications, 685-688 
time response to single pulse, 677-681 
troubleshooting, 688-690 
use of term, 657 
RL lag circuit, 534-535 
RL lead circuit, 536-537 
RL time constant, 499 
rms (root mean square) value, 327-328 
Rotary switch, 60 
Rotating-armature alternators, 344 
Rotating-field alternators, 344 
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Rotating stator field, 347-348 
Rotor, 306 

current, 344-345 
Rounding off, 22-23 


S 


Safety 
car batteries, removing, 149 
current sources, 48 
electrical shock, 24-25, 58, 67 
electrolytic capacitors and, 391 
flashlights, replacing batteries in, 134 
fuses, replacing, 61 
inductors and, 49 | 
jewelry/rings, wearing of, 67 
lead-acid batteries, 42 
magnets, working with, 282 
precautions, 25-26 
resistors and, 98 
storage of charge in capacitors and, 403 
utility voltages, 25 
Sawtooth waveforms, 353-355 
Schematic, 59 
Scientific notation, 10—14 
Secondary winding, 622 
Seebeck effect, 45 
Selectivity, 582-583 
Self-excited generator, 306 
Self-inductance. See Inductance 
Semiconductors, 37 
Sense resistors, 596 
Sensors 
capacitive, 387, 576 
inductive, 576 
variable resistance, 57 
Series-aiding arrangement, 134 
Series capacitors, 395-399, 412 
Series circuits 
See also RC circuits, series; RLC circuits, 
series; RL circuits, series 
current in, 128-129 
defined, 122 
equal-value resistors, 127 
Kirchhoff’ s voltage law and, 137-140 
Ohm’s law and, 130-133 
open in, 152-154 
power in, 147—148 
resistors in, 122-124 
shorts, 154-156 
solar panels, 135-136 
total resistance in, 124-128 
troubleshooting, 152-156 
voltage dividers, 141-147 
voltage measurements, 149-152 
voltage sources in, 134-137 
Series-connected cells, 42 
Series de motors, 311 
Series inductors, 496-497, 510 
Series-opposing, 134 
Series-parallel circuits 


conversion to parallel, 590-592 

current in, 224-225 

identifying, 218-222 

loading effect of voltmeters, 234-236 
maximum power transfer theorem, 249-251 
superposition theorem, 252-2536 
Thevenin’s theorem, 242-249 

total resistance in, 223-224 


troubleshooting, 257—260 
voltage dividers with resistive loads, 229-233 
voltage in, 225-228 
Wheatstone bridge, 236-242 
Series resonance, 568, 572-579 
Series resonant filters, 579-587 
Shells 
electron, 36 
valence, 36 
Shielded inductors, 495 
Shorts 
in branches in parallel circuits, 202 
in series circuits, 154-156 
Shunt 
ammeters, 196 
de motors, 127-128, 312 
wound generator, 307 
SI (Systéme International), units and symbols, 
16-17 
Siemens, 50 
Signal filters, 421 
Signal generators, 321, 325-326 
specifications for, 364-365 
types of, 363-364 
Significant digits, 20, 21-22 
Silicon, 37 
Silver, in conductors, 37 
Silver oxide batteries, 43 
Sine (sinusoidal) waves 
See also Nonsinusoidal waveforms 
angular measurement, 330-334 
cycle, 322 
defined, 321 
electronic signal generators, 325-326 
expressions for phase-shifted, 337 
formula, 334—338 
frequency, 324—325 
period, 322-325 
phase, 332-333 
polarity of, 321-322 
polyphase power, 333-334 
radians and degrees, 330-331 
shape of, 321 
sources, 321 
voltage and current values, 326-330 
Single-pole—double-throw (SPDT) switch, 59 
Single-pole—single-throw (SPST) switch, 59 
Single-pulse input 
RC differentiators and, 669-673 
RC integrators and, 659-663 
RL differentiators and, 682-685 
RL integrators and, 677-681 
Sinusoidal response 
of RL circuits, 526 
of series RC circuits, 435 
Sinusoidal voltage, symbol for, 321 
Sinusoidal waveform. See Sine (sinusoidal) 
waves 
Slip, 349 
Solar cells, 44 
Solar panels in series, 135-136 
Soldering, damage from, 60 
Solenoid, 290-291 
Solenoid valves, 29 | 
Speakers, 293 
Spectral purity, 365 
Square waves, 352 
capacitors and response to, 408-409 
inductors and response to, 502-503 


Squirrel cage, 348-349 
Static, 38 
Stator, 306 
rotating stator field, 347-348 
Steady-state time response, 665 
Step-down transformers, 627 
Step-up transformers, 626-627 
Stiff voltage divider, 229 
Stopband, 585 
Strain gages, 57 
vibrating wire, 299 
Wheatstone bridge, 239-241 
Superposition theorem, 252-256 
Surge resistor, 404 
Swept-frequency oscillators, 364 
Swept-frequency test, 668 
Switches 
magnetic, 283 
reed, 283 
symbols, 60 
types of, 59-60 
Switch-mode power supply (SMPS), 494 
Symbols 
ampere, 47 
capacitive reactance, 410-41 | 
CE mark, 69 
charge, 38 
circuit breakers, 61 
conductance, 50 
core, 622 
electrical quantities and SI, 16 
force, 313 
fuses, 61 
ground, 65 
inductance, 489 
inductive reactance, 508 
inductor, 495 
magnetic field intensity, 296-297, 313 
magnetic flux, 279, 313 
magnetic flux density, 279, 313 
magnetomotive force, 287-289, 313 
meter, 67 
metric prefixes and, 17 
ohm, 50 
permeability, 286, 313 
potentiometers and rheostats, 56 
relative permittivity, 388 
reluctance, 286, 313 
resistance/resistor, 50 
resistance devices, 57 
siemens, 50 
sinusoidal voltage, 321 
switches, 60 
torque, 313 
UL mark, 69 
volt, 40 
Synchronous motors, 347, 349 
System(s) 
block diagrams, 5—6 
defined, 4 
electrical, 5 
electronic, 5 
flowcharts, 5-6 
manufacturers, 2 
transfer/response curve, 6—7 


T 


Tank circuit, 595 
Tapered potentiometers, 57 
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Tapped transformers, 641-642 
Teflon, 37 
Temperature 
coefficient, 387 
unbalanced Wheatstone bridge for 
measuring, 238-239 
Terminal equivalency, 243 
Tesla (T), 279, 281 
Thermal imaging, 202 
Thermistors, 57 
Thermocouples, 45 
Thermography, 202-203 
Thevenin’s theorem, 242-249 
Three-phase transformers, 644-646 
Time response. See RC differentiators; RC 
integrators; RL differentiators; RL 
integrators 
Timing circuits, 422, 685-686 
Tolerance, 51 
Torque, 309-310 
Transducers, 9, 236 
Transfer/response curve, 6—7 
Transformers 
air-core, 623 
auto-, 644 
balun, 636-637 
basic, 622-626 
characteristics, 638—640 
current, 631 
dc isolation, 628-629 
defined, 622 
efficiency, 639 
ferrite-core, 623 
impedance matching, 634-637 
intermediate frequency, 623, 624 
iron-core, 622-623 
multiple-winding, 642-644 
mutual inductance, 620-621 
planar, 623-624 
power supplies, 628 
ratings, 637-638 
reflected load, 632—634 
resistive load across the secondary, 
630-632 
step-down, 627 
step-up, 626-627 
tapped, 641-642 
three-phase, 644-646 
troubleshooting, 646—647 
turns ratio, 624-625 
windings, direction of, 625 
Transient time, 405, 659-660 
Transistor amplifier, 420 
Triangular waveforms, 353-355 


Trigger pulse generator and waveshaping, 
687-688 
Trimmers, 393 
Troubleshooting 
defined, 106 
differentiators and integrators, 688-690 
parallel circuits, 199-203 
RC circuits, 470-474 
RL circuits, 553-555 
series circuits, 152-156 
series-parallel circuits, 257-260 
steps, 106-108 
transformers, 646-647 
True power, 416, 513, 546 
Tuned amplifiers, 607-608 
Tuned circuits, 516 
Turns ratio, 624-625 


U 


UL (Underwriters Laboratories) mark, 69 
Unbalanced Wheatstone bridge, 238-241 
Units 

electrical, 16-17 

metric conversions, 18—20 
Utility voltages, 25 


Vy 


Valence electrons, 36 
Valence shells, 36 


Values of sine waves, voltage and current, 


326-330 

VAR (volt-ampere reactive), 416 
Varactor, 394 
Variable capacitors, 392-394 
Variable inductors, 495 
Vertical organization, 2 
Volt, 40 
Voltage 

ac and de combined, 340-341 


amplitudes in series RLC circuits, 574-577 


bias, 421 

breakdown, 386 

calculating, 89-90 

capacitor, 659 

defined/formula, 40 

dividers, 141-147, 229-233, 414 
drop, 102, 137-140 

Hall, 284 

induced, 299-300, 489 

Kirchhoff’s voltage law, 137-140, 338 
linear relationship of current and, 85-86 
measuring, 66, 67-68, 108 

measuring in series circuits, 149-152 
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in parallel circuits, 182-185 
ramps, 353-354 
rating, 386, 638 
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relationship between current, resistance and, 


83-83 
ripple, 419 
in series-parallel circuits, 225-228 
sources in series circuits, 134-137 
sources of, 40-45 
unit of, 40 
values of sine waves, 326-330 
volt, 40 
working, 386 
Volt-ampere reactive (VAR), 416 
Voltmeters, 66, 68 
loading effect of, 234-236 


W 


Watchdog timer, 676 
Watts 
defined, 93 
power rating in, 94 
Watt’ s law, 96 
Waveforms 
See also type of 
analysis of repetitive, 674—675 
defined, 321 
modes, 365-366 
nonsinusoidal, 350-357 
sine or sinusoidal, 321-338 
Wave traps, 606 
Weber (Wb), 279 
Wheatstone bridge, 236 
balanced, 237-238 
configuration, 236-237 
Thevenin’s theorem and, 247-248 
unbalanced, 238-241 
Winding(s) 
capacitance, 491-492, 639 
direction of, 625 
primary, 622 
resistance, 491, 638 
secondary, 622 
use of term, 489, 619 
Wiper, 56 
Wires 
gages and sizes, 63 
resistance, 63, 64-65 
splicing, 65 
Working voltage, 386 
Wye connections, 645-646 


Z 


Zinc air batteries, 43 


Burn things out, mess things up —that's how you learn, 


ri A e Learn by 


j | 3 dl | 
Charles Platt =~ | $ C 


O REILLY" 


HO ix 
1. Experiencing Electricity ..................... 1 
Shopping List: Experiments 1 Through 5 1 
Experiment 1: Taste the Power! 5 
Experiment 2: Let's Abuse a Battery! 9 
Experiment 3: Your First Circuit 13 
Experiment 4: Varying the Voltage 18 
Experiment 5: Let's Make a Battery 32 
2. Switching Basics and More................ 39 
Shopping List: Experiments 6 Through 11 39 
Experiment 6: Very Simple Switching 43 
Experiment 7: Relay-Driven LEDs 55 
Experiment 8: A Relay Oscillator 60 
Experiment 9: Time and Capacitors 68 
Experiment 10: Transistor Switching 73 
Experiment 11: A Modular Project 82 
3. Getting Somewhat More Serious......... 95 
Shopping List: Experiments 12 Through 15 95 
Experiment 12: Joining Two Wires Together 104 
Experiment 13: Broil an LED 114 
Experiment 14: A Pulsing Glow 117 
Experiment 15: Intrusion Alarm Revisited 127 


vil 


Vill 


4. Chips, Ahoy!................... 2... e eee e eee 147 


Appendix. Online Retail Sources and Manufac- 
t 


Shopping List: Experiments 16 Through 24 
Experiment 16: Emitting a Pulse 
Experiment 17: Set Your Tone 

Experiment 18: Reaction Timer 

Experiment 19: Learning Logic 

Experiment 20: A Powerful Combination 
Experiment 21: Race to Place 

Experiment 22: Flipping and Bouncing 
Experiment 23: Nice Dice 

Experiment 24: Intrusion Alarm Completed 


What Next?......................... 


Shopping List: Experiments 25 Through 36 
Customizing Your Work Area 

Reference Sources 

Experiment 25: Magnetism 

Experiment 26: Tabletop Power Generation 
Experiment 27: Loudspeaker Destruction 
Experiment 28: Making a Coil React 
Experiment 29: Filtering Frequencies 
Experiment 30: Fuzz 


Experiment 31: One Radio, No Solder, 
No Power 


Experiment 32: A Little Robot Cart 
Experiment 33: Moving in Steps 
Experiment 34: Hardware Meets Software 
Experiment 35: Checking the Real World 
Experiment 36: The Lock, Revisited 

In Closing 


Contents 


147 
153 
162 
170 
181 
197 
205 
211 
214 
223 


errr 227 


228 
228 
239 
236 
239 
242 
246 
249 
237 


202 
268 
284 
293 
306 
311 
317 


How to Have Fun with This Book 


Everyone uses electronic devices, but most of us don't really know what goes 
on inside them. 


Of course, you may feel that you don't need to know. If you can drive a car 
without understanding the workings of an internal combustion engine, pre- 
sumably you can use an iPod without knowing anything about integrated cir- 
cuits. However, understanding some basics about electricity and electronics 
can be worthwhile for three reasons: 


e By learning how technology works, you become better able to control 
your world instead of being controlled by it. When you run into problems, 
you can solve them instead of feeling frustrated by them. 


e Learning about electronics can be fun—so long as you approach the pro- 
cess in the right way. The tools are relatively cheap, you can do all the work 
on a tabletop, and it doesn't consume a lot of time (unless you want it to). 


e Knowledge of electronics can enhance your value as an employee or per- 
haps even lead to a whole new career. 


Learning by Discovery 


Most introductory guides begin with definitions and facts, and gradually get 
to the point where you can follow instructions to build a simple circuit. 


This book works the other way around. | want you to start putting components 
together right away. After you see what happens, you'll figure out what's go- 
ing on. | believe this process of learning by discovery creates a more powerful 
and lasting experience. 


How Hard Will It Be? 


ón | 


Stay Within the Limits! 


Although | believe that everything 
suggested in this book is safe, l'm as- 
suming that you will stay within the 
limits that | suggest. Please always 
follow the instructions and pay 
attention to the warnings, denoted 
by the icon you see here. If you go 
beyond the limits, you will expose 
yourself to unnecessary risks. 


Learning by discovery occurs in serious research, when scientists notice an un- 
usual phenomenon that cannot be explained by current theory, and they start 
to investigate it in an effort to explain it. This may ultimately lead to a better 
understanding of the world. 


We're going to be doing the same thing, although obviously on a much less 
ambitious level. 


Along the way, you will make some mistakes. This is good. Mistakes are the 
best of all learning processes. | want you to burn things out and mess things 
up, because this is how you learn the limits of components and materials. 
Since we'll be using low voltages, there'll be no chance of electrocution, and 
so long as you limit the flow of current in the ways l'Il describe, there will be no 
risk of burning your fingers or starting fires. 
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Figure P-1. Learning by discovery allows you to start building simple circuits right away, 
using a handful of cheap components, a few batteries, and some alligator clips. 


How Hard Will It Be? 


| assume that you're beginning with no prior knowledge of electronics. So, 
the first few experiments will be ultra-simple, and you won't even use solder 
or prototyping boards to build a circuit. You'll be holding wires together with 
alligator clips. 


Very quickly, though, you'll be experimenting with transistors, and by the end 
of Chapter 2, you will have a working circuit that has useful applications. 


| don't believe that hobby electronics has to be difficult to understand. Of 
course, if you want to study electronics more formally and do your own circuit 
design, this can be challenging. But in this book, the tools and supplies will be 
inexpensive, the objectives will be clearly defined, and the only math you'll 
need will be addition, subtraction, multiplication, division, and the ability to 
move decimal points from one position to another. 
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Moving Through This Book 


Basically there are two ways to present information in a book of this kind: in 
tutorials and in reference sections. lm going to use both of these methods. 
You'll find the tutorials in sections headed as follows: 


e Shopping Lists 
« Using Tools 
e Experiments 
You'll find reference sections under the following headings: 
e Fundamentals 
e Theory 
e Background 


How you use the sections is up to you. You can skip many of the reference 
sections and come back to them later. But if you skip many of the tutorials, 
this book won't be of much use to you. Learning by discovery means that you 
absolutely, positively have to do some hands-on work, and this in turn means 
that you have to buy some basic components and play with them. You will 
gain very little by merely imagining that you are doing this. 


It's easy and inexpensive to buy what you need. In almost any urban or sub- 
urban area in the United States, chances are you live near a store that sells 
electronic components and some basic tools to work with them. | am referring, 
of course, to RadioShack franchises. Some Shacks have more components than 
others, but almost all of them have the basics that you'll need. 


You can also visit auto supply stores such as AutoZone and Pep Boys for basics 
such as hookup wire, fuses, and switches, while stores such as Ace Hardware, 
Home Depot, and Lowe's will sell you tools. 


If you prefer to buy via mail order, you can easily find everything you need by 
searching online. In each section of the book, l'Il include the URLs of the most 
popular supply sources, and you'll find a complete list of URLs in the appendix. 


Fundamentals 


Mail-ordering components and tools 
Here are the primary mail-order sources that | use myself online: 
http://www.radioshack.com 

RadioShack, a.k.a. The Shack. For tools and components. Not always the 


cheapest, but the site is easy and convenient, and some of the tools are 
exactly what you need. 


http://www.mouser.com 
Mouser Electronics. 


http://www.digikey.com 
Digi-Key Corporation. 
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http://www.newark.com 
Newark. 


Mouser, Digi-Key, and Newark are all good sources for components, usually 
requiring no minimum quantities. 


http://www.allelectronics.com 
All Electronics Corporation. A narrower range of components, but specifi- 
cally aimed at the hobbyist, with kits available. 


http://www.ebay.com 
You can find surplus parts and bargains here, but you may have to try 
several eBay Stores to get what you want. Those based in Hong Kong are 
often very cheap, and I've found that they are reliable. 


http://www.mcmaster.com 
McMaster-Carr. Especially useful for high-quality tools. 


Lowe's and Home Depot also allow you to shop online. 
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Figure P-2. You'll find no shortage of parts, tools, kits, and gadgets online. 
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Maker Shed (www.makershed.com) offers a 
number of Make: Electronics companion kits, 


Companion Kits 
both toolkits and bundles of the various 


‘Tip Maker SHED 
| | components used in the book's experi- 


ments. This is a simple, convenient, and cost-effective way of getting all the 
tools and materials you need to do the projects in this book. 


Comments and Questions 


Please address comments and questions concerning this book to the publisher: 


O’Reilly Media, Inc. 

1005 Gravenstein Highway North 

Sebastopol, CA 95472 

800-998-9938 (in the United States or Canada) 
707-829-0515 (international or local) 
707-829-0104 (fax) 


We have a web page for this book, where we list errata, examples, larger ver- 
sions of the books figures, and any additional information. You can access this 
page at: 
http://oreilly.com/catalog/97805 96 153748 
To comment or ask technical questions about this book, send email to: 
bookquestions@oreilly.com 


For more information about our books, conferences, Resource Centers, and 
the O'Reilly Network, see our website at: 


http://oreilly.com 


Safari? Books Online 


ee» Safari Books Online is an on-demand digital library that 
Sa fa ri lets you easily search over 7,500 technology and creative 
Books Online reference books and videos to find the answers you 

need quickly. 


With a subscription, you can read any page and watch any video from our 
library online. Read books on your cell phone and mobile devices. Access new 
titles before they are available for print, and get exclusive access to manu- 
scripts in development and post feedback for the authors. Copy and paste 
code samples, organize your favorites, download chapters, bookmark key sec- 
tions, create notes, print out pages, and benefit from tons of other time-saving 
features. 


O’Reilly Media has uploaded this book to the Safari Books Online service. To 
have full digital access to this book and others on similar topics from O'Reilly 
and other publishers, sign up for free at http://my.safaribooksonline.com. 
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| want you to get a taste for electricity—literally!—in the first experiment. This 
first chapter of the book will show you: 


e How to understand and measure electricity and resistance 


e Howto handle and connect components without overloading, damaging, 
or destroying them 


Even if you have some prior knowledge of electronics, you should try these 
experiments before you venture on to the rest of the book. 


Shopping List: Experiments 1 Through 5 


If you want to limit your number of shopping trips or online purchases, look 
ahead in the book for additional shopping lists, and combine them to make 
one bulk purchase. 


In this first chapter, | will give you part numbers and sources for every tool and 
component that we'll be using. Subsequently, | won't expect you to need such 
specific information, because you will have gained experience searching for 
items on your own. 


Tools 


Small pliers 
RadioShack Kronus 4.5-inch, part number 64-2953 or Xcelite 4-inch mini 
long-nose pliers, model L4G. 


Or similar. See Figures 1-1 through 1-3. Look for these tools in hardware 
stores and the sources listed in the preface. The brand is unimportant. 
After you use them for a while, you'll develop your own preferences. In 
particular, you have to decide whether you like spring-loaded handles. If 
you decide you don't, you'll need a second pair of pliers to pull the springs 
out of the first. 


IN THIS CHAPTER 


Shopping List: Experiments 1 Through 5 


Experiment 1: Taste the Power! 
Experiment 2: Let's Abuse a Battery! 
Experiment 3: Your First Circuit 
Experiment 4: Varying the Voltage 
Experiment b: Let's Make a Battery 
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Shopping List: Experiments 1 Through 5 


Wire cutters 
RadioShack Kronus 4.5-inch, part number 64-2951, or Stanley 7-inch 
model 84-108. 


Or similar. Use them for cutting copper wire, not harder metals (Figure 1-4). 


Figure 1-1. Generic long-nosed Figure 1-2. Longer-nosed pliers: Figure 1-3. Sharp-pointed pliers Figure 1-4. Wire cutters, some- 
pliers are your most fundamen- these are useful for reaching into are designed for making jewelry, times known as side cutters, are 


tal tool for gripping, bending, tiny spaces. but are also useful for grabbing essential. 
and picking things up after you tiny components. 
drop them. 
Multimeter 
Extech model EX410 or BK Precision model 2704-B or Amprobe model 
5XP-A. 


Or similar. Because electricity is invisible, we need a tool to visualize the 
pressure and flow, and a meter is the only way. A cheap meter will be suf- 
ficient for your initial experiments. If you buy online, try to check customer 
reviews, because reliability may be a problem for cheap meters. You can 
shop around for retailers offering the best price. Don't forget to search on 
eBay. 


The meter must be digital —don't get the old-fashioned analog kind with 
a needle that moves across a set of printed scales. This book assumes that 
you are looking at a digital display. 


| suggest that you do not buy an autoranging meter. “Autoranging” sounds 
useful—for example, when you want to check a 9-volt battery, the meter 
figures out for itself that you are not trying to measure hundreds of volts, 
nor fractions of a volt. The trouble is that this can trick you into making 
errors. What if the battery is almost dead? Then you may be measuring 
a fraction of a volt without realizing it. The only indication will be an eas- 
ily overlooked “m” for “millivolts” beside the large numerals of the meter 
display. 
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On a manual-ranging meter, you select the range, and if the source that 
you are measuring is outside of that range, the meter tells you that you 
made an error. | prefer this. | also get impatient with the time it takes for 
the autoranging feature to figure out the appropriate range each time | 
make a measurement. But it's a matter of personal preference. See Figures 
1-5 through 1-7 for some examples of multimeters. 
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Figure 1-5. You can see by the wear and Figure 1-5. Mid-priced RadioShack meter, 
tear that this is my own favorite meter. which has the basic features; however, 

It has all the necessary basic features the dual purpose for each dial position, 
and can also measure capacitance (the selected with the SELECT button, may be 
F section, for Farads). It can also check confusing. This is an autoranging meter. 
transistors. You have to choose the ranges 

manually. 


Supplies 


Batteries 
9-volt battery. Quantity: 1. 


AA batteries, 1.5 volts each. Quantity: 6. 


The batteries should be disposable alkaline, the cheapest available, be- 
cause we may destroy some of them. You should absolutely not use re- 
chargeable batteries in Experiments 1 and 2. 


Battery holders and connectors 
Snap connector for 9-volt battery, with wires attached (Figure 1-8). 
Quantity: 1. RadioShack part number 270-325 or similar. Any snap con- 
nector that has wires attached will do. 


Battery holder for single AA cell, with wires attached (Figure 1-9). Quan- 
tity: 1. RadioShack part number 270-401 or Mouser.com catalog number 
12BH410-GR, or similar; any single-battery holder that has thin wires at- 
tached will do. 
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Shopping List: Experiments 1 Through 5 


Figure 1-7. An autoranging meter from 
Extech offers basic functions, plus a tem- 
perature probe, which may be useful to 
check whether components such as power 
Supplies are running unduly hot. 


Figure 1-8. Snap connector for a 9-volt 
battery. 


Figure 1-8. Single AA-sized battery carrier 
with wires. 
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Figure 1-10. Battery carrier for four AA 
cells, to be installed in series, delivering 6 
volts. 


Figure 1-11. Alligator clips inside vinyl 
sheaths, which reduce the chance of ac- 
cidental short circuits. 


Figure 1-12. A 3-amp fuse intended primar- 
ily for automotive use, shown here larger 
than actual size. 


Battery holder for four AA cells, with wires attached (Figure 1-10). Quan- 
tity: 1. All Electronics catalog number BH-342 or RadioShack part 270-391 
or similar. 


Alligator clips 
Vinyl-insulated. Quantity: at least 6. All Electronics catalog number ALG-28 
or RadioShack part number 270-1545 or similar (Figure 1-11). 


Components 


You may not know what some of these items are, or what they do. Just look 
for the part numbers and descriptions, and match them with the photographs 
shown here. Very quickly, in the learning by discovery process, all will be revealed. 


Fuses 
Automotive-style, mini-blade type, 3 amps. Quantity: 3. RadioShack part 
number 270-1089, or Bussmann part ATM-3, available from automotive 
parts suppliers such as AutoZone (Figure 1-12). 


Or similar. A blade-type fuse is easier to grip with alligator clips than a 
round cartridge fuse. 


Potentiometers 
Panel-mount, single-turn, 2K linear, 0.1 watt minimum. Quantity: 2. Alpha 
part RV170F-10-15R1-B23 or BI Technologies part P1IG0OKNPD-20C25B2K, 
from Mouser.com or other component suppliers (Figure 1-13). 


Or similar. The “watt” rating tells you how much power this component 
can handle. You don't need more than 0.5 watts. 


Resistors 
Assortment 1/4-watt minimum, various values but must include 470 ohms, 
1K, and 2K or 2.2K. Quantity: at least 100. RadioShack part number 271-312. 


Or search eBay for “resistor assorted.” 


Light-emitting diodes (LEDs) 
Any size or color (Figures 1-14 and 1-15). Quantity: 10. RadioShack part num- 
ber 276-1622 or All Spectrum Electronics part K/LED1 from Mouser.com. 


Or similar. Just about any LEDs will do for these first experiments. 


Figure 1-13. Potentiometers come in many 
shapes and sizes, with different lengths of 


shafts intended for different types of knobs. 


For our purposes, any style will do, but the 
larger-sized ones are easier to play with. 


Figure 1-14. Typical 5-mm diameter light- Figure 1-15. Jumbo-sized LED (1 cm 

emitting diode (LED). diameter) is not necessarily brighter or 
more expensive. For most of the experi- 
ments in this book, buy whatever LEDs 
you like the look of. 
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Experiment 1: Taste the Power! 
Can you taste electricity? Maybe not, but it feels as if you can. 
You will need: 

e 9-volt battery 

e Snap connector for battery terminals 


e Multimeter 


Procedure 


Moisten your tongue and touch the tip of it to the metal terminals of a 9-volt 
battery. The sudden sharp tingle that you feel is caused by electricity flowing 
from one terminal of the battery (Figure 1-16), through the moisture on and 
in your tongue, to the other terminal. Because the skin of your tongue is very 
thin (it’s actually a mucus membrane) and the nerves are close to the surface, 
you can feel the electricity very easily. 


Now stick out your tongue, dry the tip of it very thoroughly with a tissue, and 
repeat the experiment without allowing your tongue to become moist again. 
You should feel less of a tingle. 


What's happening here? We're going to need a meter to find out. 


Tools 


Setting up your meter 


Check the instructions that came with the meter to find out whether you have 
to install a battery in it, or whether a battery is preinstalled. 


Most meters have removable wires, known as leads (pronounced “leeds”). 
Most meters also have three sockets on the front, the leftmost one usually be- 
ing reserved to measure high electrical currents (flows of electricity). We can 
ignore that one for now. 


The leads will probably be black and red. The black wire plugs into a socket 
labeled “COM” or “Common” Plug the red one into the socket labeled “V” or 
“volts.” See Figures 1-17 through 1-20. 


The other ends of the leads terminate in metal spikes known as probes, which 
you will be touching to components when you want to make electrical mea- 
surements. The probes detect electricity; they don’t emit it in significant quan- 
tities. Therefore, they cannot hurt you unless you poke yourself with their 
sharp ends. 


If your meter doesn't do autoranging, each position on the dial will have a 
number beside it. This number means “no higher than.” For instance if you 
want to check a 6-volt battery, and one position on the voltage section of the 
dial is numbered 2 and the next position is numbered 20, position 2 means 
“no higher than 2 volts.” You have to go to the next position, which means “no 
higher than 20 volts.’ 


Experiencing Electricity 


Experiment 1: Taste the Power! 


No More Than 9 Volts 


I 
l 
l 
A 9-volt battery won't hurt you. But | 
do not try this experiment with a l 
higher-voltage battery or a larger l 
battery that can deliver more cur- i 
rent. Also, if you have metal braces l 
on your teeth, be very carefulnotto  ! 
touch them with the battery. | 
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Figure 1-18. Step 1 in the process of learn- 
ing by discovery: the 9-volt tongue test. 


Figure 1-17. The black lead plugs into 

the Common (COM) socket, and the 
red lead plugs into the red socket that's 
almost always on the righthand side of a 
multimeter. 
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If you make a mistake and try to measure something inappropriate, the meter 
will show you an error message such as “E” or “L” Turn the dial and try again. 


Figure 1-20. To measure resistance and 
voltage, plug the black lead into the Com- 
mon socket and the red lead into the Volts 
socket. Almost all meters have a separate 
socket where you must plug the red lead 
when you measure large currents in amps, 
but we'll be dealing with this later. 


FUNDAMENTALS 


Ohms 


We measure distance in miles or kilometers, weight in pounds 
or kilograms, temperature in Fahrenheit or Centigrade—and 
electrical resistance in ohms. The ohm is an international unit. 


The Greek omega symbol (Q) is used to indicate ohms, as 
shown in Figures 1-21 and 1-22. Letter K (or alternatively, 
KO) means a kilohm, which is 1,000 ohms. Letter M (or MO) 
means a megohm, which is 1,000,000 ohms. 


Number of Abbreviated as 


ohms 

1,000 ohms 
10,000 ohms 
100,000 ohms 
1,000,000 ohms 
10,000,000 ohms 


Usually 
expressed as 


1 kilohm 
10 kilohms 
100 kilohms 


1 megohm 


1KQ or 1K 
10KQ or 10K 
100KQ or 100K 
1MQ or 1M 


10 megohms 10MQ or 10M 
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A material that has very high resistance to electricity is 
known as an insulator. Most plastics, including the colored 
sheaths around wires, are insulators. 


A material with very low resistance is a conductor. Metals 
such as copper, aluminum, silver, and gold are excellent 
conductors. 


Figure 1-21. The omega 
symbol is used inter- 
nationally to indicate 
resistance on ohms. 


Figure 1-22. You'll find it printed 
or written in a wide variety of 
Styles. 


Procedure 


We're going to use the meter to discover the electrical resistance of your 
tongue. First, set your meter to measure resistance. If it has autoranging, look 
to see whether it is displaying a K, meaning kilohms, or M, meaning megohms. 
If you have to set the range manually, begin with no less than 100,000 ohms 
(100K). See Figures 1-23 through 1-25. 


Touch the probes to your tongue, about an inch apart. Note the reading, 
which should be around 50K. Now put aside the probes, stick out your tongue, 
and use a tissue to dry it very carefully and thoroughly. Without allowing your 
tongue to become moist again, repeat the test, and the reading should be 
higher. Finally, press the probes against the skin of your hand or arm: you may 
get no reading at all, until you moisten your skin. 


l 
When your skin is moist (for instance, if you perspire), its electrical resistance de- l 
creases. This principle is used in lie detectors, because someone who knowingly tells! 
a lie, under conditions of stress, tends to perspire. 


A 9-volt battery contains chemicals that liberate electrons (particles of electric- 
ity), which want to flow from one terminal to the other as a result of a chemical 
reaction inside it. Think of the cells inside a battery as being like two water 
tanks—one of them full, the other empty. If they are connected with a pipe, 
water flows between them until their levels are equal. Figure 1-26 may help 
you visualize this. Similarly, when you open up an electrical pathway between 
the two sides of a battery, electrons flow between them, even if the pathway 
consists only of the moisture on your tongue. 


Electrons flow more easily through some substances (such as a moist tongue) 
than others (such as a dry tongue). 
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Figure 1-28. Think of the cells in a battery as being like two cylinders: one full of water, the 
other empty. Open a connection between the cylinders, and the water will flow until the 
levels are equal on both sides. The less resistance in the connection, the faster the flow 
will be. 
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Figure 1-25. To measure ohms, turn the 
dial to the ohm (omega) symbol. On an 
autoranging meter, you can then press 
the Range button repeatedly to display 
different ranges of resistance, or simply 
touch the probes to a resistance and wait 
for the meter to choose a range auto- 
matically. A manual meter requires you to 
select the range with the dial (you should 
set it to 100K or higher, to measure skin 
resistance). If you don't get a meaningful 
reading, try a different range. 
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The man who discovered resistance 


Georg Simon Ohm, pictured in Figure 
1-27, was born in Bavaria in 1787 and 
worked in obscurity for much of his 
life, studying the nature of electricity 
using metal wire that he had to make 
for himself (you couldn't truck on 
down to Home Depot for a spool of 
hookup wire back in the early 1800s). 


Despite his limited resources and in- 
adequate mathematical abilities, Ohm 
was able to demonstrate in 1827 that 
the electrical resistance of a conduc- 
tor such as copper varied in propor- 
tion with its area of cross-section, 

and the current flowing through it is 
proportional to the voltage applied to 
it, as long as temperature is held con- 


stant. Fourteen years later, the Royal Figure 1-27. Georg Simon Ohm, after 
Society in London finally recognized being honored for his pioneering work, 


the significance of his contribution most of which he pursued in relative 
Figure 1-28. Modifying the tongue test to and awarded him the Copley Medal. obscurity. 
show that a shorter distance, with lower Today, his discovery is known as 


resistance, allows greater flow of electric- Ohm's Law. 
ity, and a bigger Zap. 


Further Investigation 


Attach the snap-on terminal cap (shown earlier in Figure 1-8) to the 9-volt bat- 
tery. Take the two wires that are attached to the cap and hold them so that the 
bare ends are just a few millimeters apart. Touch them to your tongue. Now 
separate the ends of the wires by a couple of inches, and touch them to your 
tongue again. (See Figure 1-28.) Notice any difference? 


Use your meter to measure the electrical resistance of your tongue, this time 
varying the distance between the two probes. When electricity travels through 
a shorter distance, it encounters less total resistance. As a result, the current 
(the flow of electricity per second) increases. You can try a similar experiment 
on your arm, as shown in Figure 1-29. 


| Use your meter to test the electrical resistance of water. Dissolve some salt in 
Figure 1-28. Moisten your skin before trying the water, and test it again. Now try measuring the resistance of distilled water 


to measure its resistance. You should find (in a clean glass). 


that the resistance goes up as you move , , o , , 
the meter probes farther apart. The resis- The world around you is full of materials that conduct electricity with varying 


tance is proportional to the distance. amounts of resistance. 
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Cleanup and Recycling 


Your battery should not have been damaged or significantly discharged by 
this experiment. You'll be able to use it again. 


Remember to switch off your meter before putting it away. 


Experiment 2: Let's Abuse a Battery! 


To get a better feeling for electrical power, you're going to do what most books 
tell you not to do. You're going to short out a battery. A short circuit is a direct 
connection between the two sides of a power source. 


Short Circuits 


Short circuits can be dangerous. Do not short out a power outlet in your home: 
there'll be a loud bang, a bright flash, and the wire or tool that you use will be par- 
tially melted, while flying particles of melted metal can burn you or blind you. 


Ifyou short out a car battery, the flow of current is so huge that the battery might 
even explode, drenching you in acid (Figure 1-30). 


Lithium batteries are also dangerous. Never short-circuit a lithium battery: it can 
catch fire and burn you (Figure 1-31). 


Use only an alkaline battery in this experiment, and only a single AA cell (Figure 
1-32). You should also wear safety glasses in case you happen to have a defective 
battery. 
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You will need: 
e 1.5-volt AA battery 
« Single-battery carrier 
e 3-amp fuse 


e Safety glasses (regular eyeglasses or sunglasses will do) 


Procedure 
Use an alkaline battery. Do not use any kind of rechargeable battery. 


Put the battery into a battery holder that’s designed for a single battery and 
has two thin insulated wires emerging from it, as shown in Figure 1-32. Do not 
use any other kind of battery holder. 


Use an alligator clip to connect the bare ends of the wires, as shown in Figure 
1-32. There will be no spark, because you are using only 1.5 volts. Wait one 
minute, and you'll find that the wires are getting hot. Wait another minute, and 
the battery, too, will be hot. 
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Figure 1-30. Anyone who has dropped an 
adjustable wrench across the bare termi- 
nals of a car battery will tell you that short 
circuits can be dramatic at a “mere” 12 
volts, if the battery is big enough. 


Figure 1-31. The low internal resistance of 
lithium batteries (which are often used in 
laptop computers) allows high currents to 
flow, with unexpected results. Never fool 
around with lithium batteries! 


Figure 1-32. Shorting out an alkaline bat- 
tery can be safe if you follow the directions 
precisely. Even so, the battery is liable to 
become too hot to touch comfortably. 
Don't try this with any type of recharge- 
able battery. 


Experiment 2: Let's Abuse a Battery! 


Water level 
Voltage 
(pressure) Amperage 
(flow) 


e= 


Resistance 


Figure 1-33. Think of voltage as pressure, 
and amperes as flow. 
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Figure 1-34. Larger resistance results in 


smaller flow—but if you increase the pres- 


sure, it may overcome the resistance and 
increase the flow. 
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The heat is caused by electricity flowing through the wires and through the 
electrolyte (the conductive fluid) inside the battery. If you’ve ever used a hand 
pump to force air into a bicycle tire, you know that the pump gets warm. Elec- 
tricity behaves in much the same way. You can imagine the electricity being 
composed of particles (electrons) that make the wire hot as they push through 
it. This isn't a perfect analogy, but it’s close enough for our purposes. 


Chemical reactions inside the battery create electrical pressure. The correct 
name for this pressure is voltage, which is measured in volts and is named after 
Alessandro Volta, an electrical pioneer. 


Going back to the water analogy: the height of the water in a tank is propor- 
tionate to the pressure of the water, and comparable to voltage. Figure 1-33 
may help you to visualize this. 


But volts are only half of the story. When electrons flow through a wire, the 
flow is known as amperage, named after yet another electrical pioneer, André- 
Marie Ampere. The flow is also generally known as current. It's the current— 
the amperage—that generates the heat. 


Why didn't your tongue get hot? 


When you touched the 9-volt battery to your tongue, you felt a tingle, but no 
perceptible heat. When you shorted out a battery, you generated a noticeable 
amount of heat, even though you used a lower voltage. How can we explain 
this? 


The electrical resistance of your tongue is very high, which reduces the flow of 
electrons. The resistance of a wire is very low, so if there’s only a wire connect- 
ing the two terminals of the battery, more current will pass through it, creating 
more heat. If all other factors remain constant: 

e Lower resistance allows more current to flow (Figure 1-34). 

e The heat generated by electricity is proportional to the amount of electric- 

ity (the current) that flows. 

Here are some other basic concepts: 


The flow of electricity per second is measured in amperes, or amps. 
The pressure of electricity causes the flow, measured in volts. 

The resistance to the flow is measured in ohms. 

A higher resistance restricts the current. 

A higher voltage overcomes resistance and increases the current. 


If you're wondering exactly how much current flows between the terminals 
of a battery when you short it out, that’s a difficult question to answer. If you 
try to use your multimeter to measure it, you're liable to blow the fuse inside 
the meter. Still, you can use your very own 3-amp fuse, which we can sacrifice 
because it didn't cost very much. 
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First inspect the fuse very carefully, using a magnifying glass if you have one. 
You should see a tiny S-shape in the transparent window at the center of the 
fuse. That S is a thin section of metal that melts easily. 


Remove the battery that you short-circuited. It is no longer useful for anything, 
and should be recycled if possible. Put a fresh battery into the battery carrier, 
connect the fuse as shown in Figure 1-35, and take another look. You should 
see a break in the center of the S shape, where the metal melted almost in- 
stantly. Figure 1-36 shows the fuse before you connected it, and Figure 1-37 
depicts a blown fuse. This is how a fuse works: it melts to protect the rest of 
the circuit. That tiny break inside the fuse stops any more current from flowing. 


FUNDAMENTALS 


Volt basics 


Electrical pressure is measured in volts. The volt is an international unit. A millivolt 
is 1/1,000 of a volt. 


Number of volts Abbreviated as 
0.001 volts 
0.01 volts 
0.1 volts 


1 volt 


Usually expressed as 
1 millivolt 

10 millivolts 

100 millivolts 

1,000 millivolts 


Ampere basics 


We measure electrical flow in amperes, or amps. The ampere is an international 
unit, often referred to as an “amp” A milliamp is 1/1,000 of an ampere. 


Number of amperes Abbreviated as 
0.001 amps 


0.01 amps 


Usually expressed as 
1 milliamp 

10 milliamps 

0.1 amps 100 milliamps 


lamp 1,000 milliamps 
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Figure 1-35. When you attach both wires to 
the fuse, the little S-shaped element inside 
will melt almost instantly. 


Figure 1-38. A 3-amp fuse, before its 
element was melted by a single 1.5-volt 


battery. 


Figure 1-37. The same fuse after being 


melted by electric current. 
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Inventor of the battery 


Alessandro Volta (Figure 1-38) was 
born in Italy in 1745, long before 
science was broken up into spe- 
cialties. After studying chemistry 
(he discovered methane in 1776), 
he became a professor of physics 
and became interested in the so- 
called galvanic response, whereby 
a frog's leg will twitch in response 
to ajolt of static electricity. 


Using a wine glass full of salt 
water, Volta demonstrated that the 
chemical reaction between two 
electrodes, one made of copper, 
the other of zinc, will generate a 
steady electric current. In 1800, he 
refined his apparatus by stacking 
plates of copper and zinc, sepa- 
rated by cardboard soaked in salt 
and water. This “voltaic pile” was 
the first electric battery. 


Figure 1-38. Alessandro Volta discov- 
ered that chemical reactions can 
create electricity. 


FUNDAMENTALS 


Direct and alternating current 


The flow of current that you get from a battery is known as direct current, or DC. 
Like the flow of water from a faucet, it is a steady stream, in one direction. 


The flow of current that you get from the “hot” wire in a power outlet in your 
home is very different. It changes from positive to negative 50 times each 
second (in Great Britain and some other nations, 60 times per second). This is 
known as alternating current, or AC, which is more like the pulsatile flow you get 
from a power washer. 


Alternating current is essential for some purposes, such as cranking up voltage 
so that electricity can be distributed over long distances. AC is also useful in 
motors and domestic appliances. The parts of an American power outlet are 
shown in Figure 1-39. A few other nations, such as Japan, also use American- 
style outlets. 


For most of this book I’m going to be talking about DC, for two reasons: first, 
most simple electronic circuits are powered with DC, and second, the way it 
behaves is much easier to understand. 


| won't bother to mention repeatedly that I’m dealing with DC. Just assume that 
everything is DC unless otherwise noted. 


B 


A 


C 


Figure 1-38. This style of power outlet is found in North America, South America, 
Japan, and some other nations. European outlets look different, but the principle 
remains the same. Socket A is the “live” side of the outlet, supplying voltage that 
alternates between positive and negative, relative to socket B, which is called the 
“neutral” side. If an appliance develops a fault such as an internal loose wire, it 
should protect you by sinking the voltage through socket C, the ground. 
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Cleanup and Recycling 


The first AA battery that you shorted out is probably damaged beyond repair. 
You should dispose of it. Putting batteries in the trash is not a great idea, be- 
cause they contain heavy metals that should be kept out of the ecosystem. 
Your state or town may include batteries in a local recycling scheme. (Califor- 
nia requires that almost all batteries be recycled.) You'll have to check your 
local regulations for details. 


The blown fuse is of no further use, and can be thrown away. 


The second battery, which was protected by the fuse, should still be OK. The 
battery holder also can be reused later. 


Experiment 3: Your First Circuit 


Now it's time to make electricity do something that's at least slightly useful. For 
this purpose, you'll use components known as resistors, and a light-emitting di- 
ode, or LED. 


You will need: 
e 1.5-volt AA batteries. Quantity: 4. 
e Four-battery holder. Quantity: 1. 


e Resistors: 4700, 1K, and either 2K or 2.2K (the 2.2K value happens to be 
more common than 2K, but either will do in this experiment). Quantity: 1 
of each resistor. 


« An LED, any type. Quantity: 1. 
¢ Alligator clips. Quantity: 3. 


Setup 


It’s time to get acquainted with the most fundamental component we'll be us- 
ing in electronic circuits: the humble resistor. As its name implies, it resists the 
flow of electricity. As you might expect, the value is measured in ohms. 


If you bought a bargain-basement assortment package of resistors, you 
may find nothing that tells you their values. That’s OK; we can find out easily 
enough. In fact, even if they are clearly labeled, | want you to check their values 
yourself. You can do it in two ways: 


e Use your multimeter. This is excellent practice in learning to interpret the 
numbers that it displays. 


e Learn the color codes that are printed on most resistors. See the following 
section, “Fundamentals: Decoding resistors,” for instructions. 


After you check them, it’s a good idea to sort them into labeled compartments 
in a little plastic parts box. Personally, I like the boxes sold at the Michaels chain 
of crafts stores, but you can find them from many sources. 
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Father of 
electromagnetism 


Born in 1775 in France, André- 
Marie Ampère (Figure 1-40) was 

a mathematical prodigy who 
became a science teacher, despite 
being largely self-educated in his 
father’s library. His best-known 
work was to derive a theory 

of electromagnetism in 1820, 
describing the way that an electric 


current generates a magnetic field. 


He also built the first instrument 
to measure the flow of electricity 
(now known as a galvanometer), 
and discovered the element 
fluorine. 


Figure 1-40. 

found that an electric current run- 
ning through a wire creates a mag- 
netic field around it. He used this 
principle to make the first reliable 
measurements of what came to be 
known as amperage. 
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FUNDAMENTALS 


Decoding resistors 


Some resistors have their value clearly stated on them in microscopic print that 
you can read with a magnifying glass. Most, however, are color-coded with 
stripes. The code works like this: first, ignore the color of the body of the resis- 
tor. Second, look for a silver or gold stripe. If you find it, turn the resistor so that 
the stripe is on the righthand side. Silver means that the value of the resistor 

is accurate within 10%, while gold means that the value is accurate within 5%. 
If you don't find a silver or gold stripe, turn the resistor so that the stripes are 
clustered at the left end. You should now find yourself looking at three colored 
stripes on the left. Some resistors have more stripes, but we'll deal with those in 
a moment. See Figures 1-41 and 1-42. 


Figure 1-41. Some modern resistors have Figure 1-42. From top to bottom, these 
their values printed on them, although resistor values are 56,000 ohms (56K), 
you may need a magnifier to read them. 5,600 ohms (5.6K), and 560 ohms. The 
This 15K resistor is less than half an size tells you how much power the resis- 
inch long. tor can handle; it has nothing to do with 
the resistance. The smaller components 
are rated at 1/4 watt; the larger one in 
the center can handle 1 watt of power. 


Starting from the left, the first and The third stripe has a different mean- 
second stripes are coded according to ing: It tells you how many zeros to 
this table: add, like this: 


No zeros 


No) 


000000000 
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Decoding resistors (continued) 


Note that the color-coding is consistent, so that green, for instance, means 
either a value of 5 (for the first two stripes) or 5 zeros (for the third stripe). Also, 
the sequence of colors is the same as their sequence in a rainbow. 


So, a resistor colored brown-red-green would have a value of 1-2 and five zeros, 
making 1,200,000 ohms, or 1.2MQ. A resistor colored orange-orange-orange 
would have a value of 3-3 and three zeros, making 33,000 ohms, or 33KQ. A 
resistor colored brown-black-red would have a value of 1-0 and two additional 
zeros, or 1KQ. Figure 1-43 shows some other examples. 


PO Wider gap between bands 


too 
m 


Gold or silver band 


Figure 1-43. To read the value of a resistor, first turn it so that the silver or gold stripe 
is on the right, or the other stripes are clustered on the left. From top to bottom: 

The first resistor has a value of 1-2 and five zeros, or 1,200,000, which is 1.2MQ. The 
second is 5-6 and one zero, or 5600. The third is 4-7 and two zeros, or 4,700, which is 
4.7KQ. The last is 6-5-1 and two zeros, or 65,100Q, which is 65.1KQ. 


If you run across a resistor with four stripes instead of three, the first three 
stripes are digits and the fourth stripe is the number of zeros. The third numeric 
stripe allows the resistor to be calibrated to a finer tolerance. 


Confusing? Absolutely. That’s why it’s easier to use your meter to check the values. 


Just be aware that the meter reading may be slightly different from the claimed 
value of the resistor. This can happen because your meter isn't absolutely accu- 
rate, or because the resistor is not absolutely accurate, or both. As long as you're 
within 5% of the claimed value, it doesn’t matter for our purposes. 
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Lighting an LED 


Now take a look at one of your LEDs. An old-fashioned lightbulb wastes a lot 
of power by converting it into heat. LEDs are much smarter: they convert al- 
most all their power into light, and they last almost indefinitely—as long as 
you treat them right! 


An LED is quite fussy about the amount of power it gets, and the way it gets it. 
Always follow these rules: 


e The longer wire protruding from the LED must receive a more positive volt- 
age than the shorter wire. 


e The voltage difference between the long wire and the short wire must not 
exceed the limit stated by the manufacturer. 


e The current passing through the LED must not exceed the limit stated by 
the manufacturer. 


What happens if you break these rules? Well, we're going to find out! 


Make sure you are using fresh batteries. You can check by setting your multi- 
meter to measure volts DC, and touching the probes to the terminals of each 
battery. You should find that each of them generates a pressure of at least 
1.5 volts. If they read slightly higher than this, it's normal. A battery starts out 
above its rated voltage, and delivers progressively less as you use it. Batteries 
also lose some voltage while they are sitting on the shelf doing nothing. 


Load your battery holder (taking care that the batteries are the right way 
around, with the negative ends pressing against the springs in the carrier). 
Use your meter to check the voltage on the wires coming out of the battery 
carrier. You should have at least 6 volts. 


Now select a 2KQ resistor. Remember, “2KO” means “2,000 ohms.” If it has col- 
ored stripes, they should be red-black-red, meaning 2-0 and two more zeros. 
Because 2.2K resistors are more common than 2K resistors, you can substitute 
one of them if necessary. It will be colored red-red-red. 


Wire it into the circuit as shown in Figures 1-44 and 1-45, making the connec- 
tions with alligator clips. You should see the LED glow very dimly. 
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Now swap out your 2K resistor and substitute a 1K resistor, which will have 
brown-black-red stripes, meaning 1-0 and two more zeros. The LED should 
glow more brightly. 


Swap out the 1K resistor and substitute a 4700 resistor, which will have yel- 
low-violet-brown stripes, meaning 4-7 and one more zero. The LED should be 
brighter still. 


This may seem very elementary, but it makes an important point. The resistor 
blocks a percentage of the voltage in the circuit. Think of it as being like a kink 
or constriction in a flexible hose. A higher-value resistor blocks more voltage, bA -A a a 
leaving less for the LED. Figure 1-44. The setup for Experiment 3, 
showing resistors of 4700, 1KQ, and 2KQ. 

LED Apply alligator clips where shown, to make 
a secure contact, and try each of the resis- 
tors one at a time at the same point in the 
circuit, while watching the LED. 


Longer wire Shorter wire 


On your battery 
pack, this wire 
may be either 
blue or black. 


6v Battery Pack 


Figure 1-45. Here's how it actually looks, using a large LED. If you start with the highest 
value resistor, the LED will glow very dimly as you complete the circuit. The resistor drops 
most of the voltage, leaving the LED with insufficient current to make it shine brightly. 


Cleanup and Recycling 


We'll use the batteries and the LED in the next experiment. The resistors can 
be reused in the future. 
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Experiment 4: Varying the Voltage 


Potentiometers come in various shapes and sizes, but they all do the same 
thing: they allow you to vary voltage and current by varying resistance. This 
experiment will enable you to learn more about voltage, amperage, and the 
relationship between them. You'll also learn how to read a manufacturer's data 
sheet. 


You will need the same batteries, battery carrier, alligator clips, and LED from 
the last experiment, plus: 


e Potentiometer, 2KO linear. Quantity: 2. (See Figure 1-46.) Full-sized poten- 
tiometers that look like this are becoming less common, as miniature ver- 
sions are taking their place. l'd like you to use a large one, though, because 
it's so much easier to work with. 


e One extra LED. 


e Multimeter. 


Look Inside Your Potentiometer 


The first thing | want you to do is find out how a potentiometer works. This 
means you'll have to open it, which is why your shopping list required you to 
buy two of them, in case you can't put the first one back together again. 


Most potentiometers are held together with little metal tabs. You should be 
able to grab hold of the tabs with your wire cutters or pliers, and bend them 
up and outward. If you do this, the potentiometer should open up as shown in 
Figures 1-47 and 1-48. 


Figure 1-48. To open the potentiometer, 
first pry up the four little metal tabs 
around the edge (you can see one sticking 
out at the left and another one sticking out 
at the right in Figure 1-47). Inside is a coil 
of wire around a flat plastic band, and a 
pair of springy contacts (the wiper), which 
conduct electricity to or from any point in 
the coil when you turn the shaft. 


Depending whether you have a really cheap potentiometer or a slightly more 
high-class version, you may find a circular track of conductive plastic or a loop 
of coiled wire. Either way, the principle is the same. The wire or the plastic 
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possesses some resistance (a total of 2K in this instance), and as you turn the 
shaft of the potentiometer, a wiper rubs against the resistance, giving you a 
shortcut to any point from the center terminal. 


You can try to put it back together, but if it doesn't work, use your backup 
potentiometer instead. 


To test your potentiometer, set your meter to measure resistance (ohms) and 
touch the probes while turning the potentiometer shaft to and fro, as shown 
in Figure 1-49. 


Dimming Your LED 


Begin with the potentiometer turned all the way counterclockwise, otherwise @ 
you'll burn out the LED before we even get started. (A very, very small num- \ 
ber of potentiometers increase and decrease resistance in the opposite way ay 
to which I’m describing here, but as long as your potentiometer looks like the NS 


one in Figure 1-48 after you open it up, my description should be accurate.) 


Now connect everything as shown in Figures 1-50 and 1-51, taking care that Figure 1-48. Measure the resistance be- | 

you don't allow the metal parts of any of the alligator clips to touch each other. tween these two terminals of the potenti- 
k ; . . ometer while you turn its shaft to and fro. 

Now turn up the potentiometer very slowly. You'll notice the LED glowing 

brighter, and brighter, and brighter—until, oops, it goes dark. You see how 

easy it is to destroy modern electronics? Throw away that LED. It will never 

glow again. Substitute a new LED, and we'll be more careful this time. 


LED 


Longer wire Shorter wire 


On your battery 
pack, this wire 
may be either 
blue or black. 


Begin with the potentiometer turned 
all the way counter-clockwise, 
and then rotate the shaft in 

the direction of the arrow. 


6v Battery Pack 


Figure 1-50. The setup for Experiment 4. Rotating the shaft of the 2K potentiometer varies Figure 1-51. The LED in this photo is dark 
its resistance from O to 2,0000. This resistance protects the LED from the full 6 volts of because | turned the potentiometer up 
the battery. just a little bit too far. 
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Figure 1-54. Each meter has a different 
way to measure volts DC. The manually 
adjusted meter (top) requires you to move 
a slider switch to “DC” and then choose 
the highest voltage you want to measure: 
In this case, the selected voltage is 20 
(because 2 would be too low). Using the 
autoranging RadioShack meter, you set it 
to “V” and the meter will figure out which 
range to use. 


20 


While the batteries are connected to the circuit, set your meter to measure volts 
DC as shown in Figures 1-52 through 1-54. Now touch the probes either side of 
the LED. Try to hold the probes in place while you turn the potentiometer up 
a little, and down a little. You should see the voltage pressure around the LED 
changing accordingly. We call this the potential difference between the two 
wires of the LED. 


If you were using a miniature old-fashioned lightbulb instead of an LED, you'd 
see the potential difference varying much more, because a lightbulb behaves 
like a “pure” resistor, whereas an LED self-adjusts to some extent, modifying its 
resistance as the voltage pressure changes. 


Now touch the probes to the two terminals of the potentiometer that we're 
using, so that you can measure the potential difference between them. The 
potentiometer and the LED share the total available voltage, so when the po- 
tential difference (the voltage drop) around the potentiometer goes up, the 
potential difference around the LED goes down, and vice versa. See Figures 
1-55 through 1-57. A few things to keep in mind: 


e If you add the voltage drops across the devices in the circuit, the total is 
the same as the voltage supplied by the batteries. 


e You measure voltage relatively, between two points in a circuit. 


« Apply your meter like a stethoscope, without disturbing or breaking the 
connections in the circuit. 


Use your meter to 
measure the voltage 
between these two 

points. 


Then compare 
the voltage between 
these two points. 


6v Battery Pack 


Figure 1-55. How to measure voltage in a simple circuit. 
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Figure 1-58. The meter shows how much voltage the LED takes. Figure 1-57. The meter shows how much voltage the potentiometer 


takes. 


Checking the Flow 


Now | want you to make a different measurement. | want you to measure the 
flow, or current, in the circuit, using your meter set to mA (milliamps). Remem- 
ber, to measure current: 


¢ You can only measure current when it passes through the meter. 
e You have to insert your meter into the circuit. 
e Too much current will blow the fuse inside your meter. 


Make sure you set your meter to measure mA, not volts, before you try this. 
Some meters require you to move one of your leads to a different socket on 
the meter, to measure mA. See Figures 1-58 through 1-61. 
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Figure 1-58. Any meter will blow ¡ts internal 
fuse if you try to make it measure too high 
an amperage. In our circuit, this is not a 
risk as long as you keep the potentiometer 
in the middle of its range. Choose “mA” for 
milliamps and remember that the meter 
displays numbers that mean thousandths 
ofan amp. 
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Figure 1-58 


Figure 1-81. A manual meter such as the one here may require you to shift the red lead to 
a different socket, to measure milliamps. Most modern meters don't require this until you 
are measuring higher currents. 


Insert your meter into the circuit, as shown in Figure 1-62. Don't turn the po- 
tentiometer more than halfway up. The resistance in the potentiometer will 
protect your meter, as well as the LED. If the meter gets too much current, 
you'll find yourself replacing its internal fuse. 


As you adjust the potentiometer up and down alittle, you should find that the 
varying resistance in the circuit changes the flow of current—the amperage. 
This is why the LED burned out in the previous experiment: too much current 
made it hot, and the heat melts it inside, just like the fuse in the previous ex- 
periment. A higher resistance limits the flow of current, or amperage. 


Now insert the meter in another part of the circuit, as shown in Figure 1-63. As 
you turn the potentiometer up and down, you should get exactly the same re- 
sults as with the configuration in Figure 1-64. This is because the current is the 
same at all points in a similar circuit. lt has to be, because the flow of electrons 
has no place else to go. 
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It's time now to nail this down with some numbers. Here's one last thing to 
try. Set aside the LED and substitute a 1KQ resistor, as shown in Figure 1-64. 
The total resistance in the circuit is now 1KQ plus whatever the resistance the 
potentiometer provides, depending how you set it. (The meter also has some 
resistance, but it's so low, we can ignore it.) 


6v Battery Pack 6v Battery Pack 


Figure 1-S2. To measure amps, as illustrated here and in Figure Figure 1-83 
1-63, the current has to pass through the meter. When you 

increase the resistance, you restrict the current flow, and the 

lower flow makes the LED glow less brightly. 
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Figure 1-54. If you substitute a resistor instead of the LED, you can confirm that the cur- 
rent flowing through the circuit varies with the total resistance in the circuit, if the voltage 
stays the same. 


Turn the potentiometer all the way counterclockwise, and you have a total of 
3K resistance in the circuit. Your meter should show about 2 mA flowing. Now 
turn the potentiometer halfway, and you have about 2K total resistance. You 
should see about 3 mA flowing. Turn the potentiometer all the way clockwise, 
so there's a total of 1K, and you should see 6 mA flowing. You may notice that 
if we multiply the resistance by the amperage, we get 6 each time—which just 
happens to be the voltage being applied to the circuit. See the following table. 


Total resistance Current Voltage 


(KO) (mA) (Volts) 


UY 
N 
[e 


NO 
ww 
[e 


=i 
[e 
[e 
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In fact, we could say: 
voltage = kilohms x milliamps 


But wait a minute: 1K is 1,000 ohms, and 1mA is 1/1,000 of an amp. Therefore, 
our formula should really look like this: 


voltage = (ohms x 1,000) x (amps/1,000) 
The two factors of 1,000 cancel out, so we get this: 
volts = ohms x amps 


This is known as Ohm' Law. See the section, “Fundamentals: Ohm's Law/ on 
the following page. 


FUNDAMENTALS 


Series and parallel 


Before we go any further, you should know how resistance 
in a circuit increases when you put resistors in series or in 
parallel. Figures 1-65 through 1-67 illustrate this. Remember: 


e Resistors in series are oriented so that one follows the 
other. 


e Resistors in parallel are oriented side by side. 


When you put two equal-valued resistors in series, you 
double the total resistance, because electricity has to pass 
through two barriers in succession. 


When you put two equal-valued resistors in parallel, you 
divide the total resistance by two, because you're giving the 
electricity two paths which it can take, instead of one. 


In reality we don't normally need to put resistors in parallel, 
but we often put other types of components in parallel. 
Lightbulbs in your house, for instance, are all wired that way. 
So, it’s useful to understand that resistance in a circuit goes 
down if you keep adding components in parallel. 


| 1,000 ohms _ 
6 volts 


1,000 ohms 
circuit resistance 


6 volts 


6mA current 


Figure 1-85. One resistor takes the entire voltage, and according 
to Ohm's Law, it draws v/R = 6/1,000 = 0.006 amps = 6mA of 
current. 


CESI l 
m 1,000 ohms 
6 volts 1,000 ohms 


2,000 ohms 
circuit resistance 


3mA current 


Figure 1-86. When two resistors are in series, the electricity has 
to pass through one to reach the other, and therefore each 

of them takes half the voltage. Total resistance is now 2,000 
ohms, and according to Ohm's Law, the circuit draws v/R = 
6/2,000 = 0.003 amps = 3mA of current. 


6 volts 
| 1,000 ohms | 


1,000 ohms 


6 volts 


circuit resistance 


12mA current 


Figure 1-87. When two resistors are in parallel, each is exposed 
to the full voltage, so each of them takes 6 volts. The electric- 
ity can now flow through both at once, so the total resistance 
of the circuit is half as much as before. According to Ohm's 
Law, the circuit draws v/R = 6/500 = 0.012 amps = 12mA of 
current. 
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Ohm's Law 


For reasons I'll explain in a mo- 
ment, amps are normally abbrevi- 
ated with the letter I. V stands for 
volts and R stands for resistance 

in ohms (because the omega 
symbol, O, is not easily generated 
from most keyboards). Using these 
symbols, you can write Ohm's Law 
in three different ways: 


V=IxXR 
| = V/R 
R=V/I 


Remember, V is a difference in 
voltage between two points in a 
simple circuit, R is the resistance 
in ohms between the same two 
points, and | is the current in 
amps flowing through the circuit 
between the two points. 


Letter | is used because origi- 

nally current was measured by its 
inductance, meaning the ability to 
induce magnetic effects. It would 
be much less confusing to use A 
for amps, but unfortunately it's too 
late for that to happen. 


Using Ohm's Law 


Ohm's Law is extremely useful. For example, it helps us to figure out whether a 
component can be used safely in a circuit. Instead of stressing the component 
until we burn it out, we can predict whether it will work. 


For instance, the first time you turned the potentiometer, you didn't really 
know how far you could go until the LED burned out. Wouldn't it be useful 
to know precisely what resistance to put in series with an LED, to protect it 
adequately while providing as much light as possible? 


How to Read a Data Sheet 


Like most information, the answer to this question is available online. 


Here's how you find a manufacturer's data sheet (Figure 1-68). First, find the 
component that you're interested in from a mail-order source. Next, Google 
the part number and manufacturer's name. Usually the data sheet will pop up 
as the first hit. A source such as Mouser.com makes it even easier by giving you 
a direct link to manufacturers’ data sheets for many products. 


TLHG / R/ Y540. 


Vishay Semiconductors 


aay 
VISHAY 


High Efficiency LEDin 5mm Tinted Diffused Package 


Description 

The TLH.54.. series was developed for standard 
applications like general indicating and lighting pur- 
poses. 

It is housed in a 5 mm tinted diffused plastic package. 
The wide viewing angle of these devices provides a 
high on-off contrast. 

Several selection types with different luminous inten- 
sities are offered. All LEDs are categorized in lumi- 
nous intensity groups. The green and yellow LEDs 
are categorized additionally in wavelength groups. 


19223 (Py) 
Pb-free 


Applications 

Status lights 

OFF / ON indicator 
Background illumination 
Readout lights 
Maintenance lights 
Legend light 


That allows users to assemble LEDs with uniform 
appearance. 


Features 

* Choice of three bright colors 
Standard T-10 package 

Small mechanical tolerances 

Suitable for DC and high peak current 
Wide viewing angle 

Luminous intensity categorized 
Yellow and green color categorized 
TLH.54.. with stand-offs 

Lead-free device 


N NX NX NX NX RA RX RX 


Figure 1-58. The beginning of a typical data sheet, which includes all relevant specifica- 
tions for the product, freely available online. 


Chapter 1 


How much voltage does a wire consume? 


Normally, we can ignore the resistance in electric wires, such as the little leads 
of wire that stick out of resistors, because it's trivial. However, if you try to force 
large amounts of current through long lengths of thin wire, the resistance of 
the wire can become important. 


How important? Once again, we can use Ohm's Law to find out. 


Suppose that a very long piece of wire has a resistance of 0.20. And we want to 
run 15 amps through it. How much voltage will the wire steal from the circuit, 
because of its resistance? 


Once again, you begin by writing down what you know: 
R=0.2 
|=15 
We want to know V, the potential difference, for the wire, so we use the version 
of Ohm's Law that places V on the left side: 
V=IxR 
Now plug in the values: 
V=15 x 0.2 = 3 volts 


Three volts is not a big deal if you have a high-voltage power supply, but if you 
are using a 12-volt car battery, this length of wire will take one-quarter of the 
available voltage. 


Now you know why the wiring in automobiles is relatively thick—to reduce its 
resistance well below 0.2Q. See Figure 1-69. 


Some kind of 
electrical 


a device 


Figure 1-S8. When a 12-volt car battery runs some kind of electrical device through 
a long piece of thin wire, the resistance of the wire steals some of the voltage and 
dissipates it as heat. 
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The origins of wattage 


James Watt (Figure 1-70) is known 
as the inventor of the steam 
engine. Born in 1736 in Scotland, 
he set up a small workshop in the 
University of Glasgow, where he 
struggled to perfect an efficient 
design for using steam to move a 
piston in a cylinder. Financial prob- 
lems and the primitive state of 
the art of metal working delayed 
practical applications until 1776. 


Despite difficulties in obtaining 
patents (which could only be 
granted by an act of parliament 

in those times), Watt and his 
business partner eventually made 
a lot of money from his innova- 
tions. Although he predated the 
pioneers in electricity, in 1889 (70 
years after his death), his name 
was assigned to the basic unit of 
electric power that can be defined 
by multiplying amperes by volts. 
See the Fundamentals section, 
“Watt Basics,” on page 31. 


Figure 1-70. James Watt's develop- 
ment of steam power enabled the 
industrial revolution. After his death, 
he was honored by having his name 
applied to the basic unit of power in 
electricity. 


Here's an example. Suppose | want a red LED, such as the Vishay part TLHR5400, 
which has become such a common item that | can buy them individually for 9 
cents apiece. | click the link to the data sheet maintained by the manufacturer, 
Vishay Semiconductor. Almost immediately | have a PDF page on my screen. 
This data sheet is for TLHR, TLHG, and TLHY types of LED, which are red, green, 
and yellow respectively, as suggested by the R, G, and Y in the product codes. 
| scroll down and look at the “Optical and Electrical Characteristics” section. 
It tells me that under conditions of drawing a current of 20 mA, the LED will 
enjoy a“ Typ,’ meaning, typical, “forward voltage” of 2 volts. The “Max,” meaning 
maximum, is 3 volts. 


Let's look at one other data sheet, as not all of them are written the same way. 
l'Il choose a different LED, the Kingbright part WP7113SGC. Click on the link 
to the manufacturer's site, and | find on the second page of the data sheet a 
typical forward voltage of 2.2, maximum 2.5, and a maximum forward current 
of 25 mA. | also find some additional information: a maximum reverse voltage 
of 5 and maximum reverse current of 10 uA (that’s microamps, which are 1,000 
times smaller than milliamps). This tells us that you should avoid applying ex- 
cessive voltage to the LED the wrong way around. If you exceed the reverse 
voltage, you risk burning out the LED. Always observe polarity! 


Kingbright also warns us how much heat the LED can stand: 260° C (500° F) for 
a few seconds. This is useful information, as we'll be putting aside our alligator 
clips and using hot molten solder to connect electrical parts in the near future. 
Because we have already destroyed a battery, a fuse, and an LED in just four ex- 
periments, maybe you won't be surprised when | tell you that we will destroy 
at least a couple more components as we test their limits with a soldering iron. 


Anyway, now we know what an LED wants, we can figure out how to supply 
it. If you have any difficulties dealing with decimals, check the Fundamentals 
section “Decimals,” on the next page, before continuing. 


How Big a Resistor Does an LED Need? 


Suppose that we're use the Vishay LED. Remember its requirements from the 
data sheet? Maximum of 3 volts, and a safe current of 20mA. 


lm going to limit it to 2.5 volts, to be on the safe side. We have 6 volts of bat- 
tery power. Subtract 2.5 from 6 and we get 3.5. So we need a resistor that will 
take 3.5 volts from the circuit, leaving 2.5 for the LED. 


The current flow is the same at all places in a simple circuit. If we want a maxi- 
mum of 20mA to flow through the LED, the same amount of current will be 
flowing through the resistor. 


Now we can write down what we know about the resistor in the circuit. Note 
that we have to convert all units to volts, amps, and ohms, so that 20mA should 
be written as 0.02 amps: 


V = 3.5 (the potential drop across the resistor) 
| = 0.02 (the current flowing through the resistor) 
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We want to know R, the resistance. So, we use the version of Ohm’s Law that 
puts R on the left side: 


R= V/I 
Now plug in the values: 

R = 3.5/0.02 
Run this through your pocket calculator if you find decimals confusing. The 
answer is: 

R=1750 
It so happens that 1750 isn't a standard value. You may have to settle for 180 
or 2200, but that's close enough. 


Evidently the 4700 resistor that you used in Experiment 3 was a very conserva- 
tive choice. | suggested it because | said originally that you could use any LED 
at all. | figured that no matter which one you picked, it should be safe with 
4700 to protect it. 


Cleanup and Recycling 


The dead LED can be thrown away. Everything else is reusable. 


FUNDAMENTALS 


Decimals 


Legendary British politician Sir Winston Churchill is famous for complain- 

ing about “those damned dots.’ He was referring to decimal points. Because 
Churchill was Chancellor of the Exchequer at the time, and thus in charge of all 
government expenditures, his difficulty with decimals was a bit of a problem. 
Still, he muddled through in time-honored British fashion, and so can you. 


You can also use a pocket calculator—or follow two basic rules. 


Doing multiplication: combine the zeros 


Suppose you need to multiply 0.04 by 0.005: 
. Count the total number of zeros following both of the decimal points. In 
this case, three zeros. 
. Multiply the numbers which follow the zeros. In this case, 4 x 5 = 20. 


. Write down the result as 0 followed by a decimal point, followed by the 
number of zeros, followed by the multiplication result. Like this: 0.00020, 
which is the same as 0.0002. 


Doing division: cancel the zeros 


Suppose you need to divide 0.006 by 0.0002: 


1. Shift the decimal points to the right, in both the numbers, by the same 
number of steps, until both the numbers are greater than 1. In this case, 
shift the point four steps in each number, so you get 60 divided by 2. 


2. Do the division. The result in this case is 30. 
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Doing the math on your tongue 


lm going to go back to the question | asked in the previous 
experiment: why didn't your tongue get hot? 


Now that you know Ohm's Law, you can figure out the 
answer in numbers. Let's suppose the battery delivered 
its rated 9 volts, and your tongue had a resistance of 50K, 
which is 50,000 ohms. Write down what you know: 


V=9 
R = 50,000 


We want to know the current, I, so we use the version of 
Ohm's Law that puts this on the left: 


|=V/R 

Plug in the numbers: 
| = 9/50,000 = 0.00018 amps 

Move the decimal point three places to convert to milliamps: 
|=0.18 mA 


That's a tiny current that will not produce much heat at 9 
volts. 


What about when you shorted out the battery? How much 
current made the wires get hot? Well, suppose the wires had 
a resistance of 0.1 ohms (probably it’s less, but I'll start with 
0.1 as a guess). Write down what we know: 
V=1.5 
R=0.1 
Once again we're trying to find |, the current, so we use: 
|=V/R 
Plug in the numbers: 
|= 1.5/0.1 = 15 amps 


Chapter 1 


That's 100,000 times the current that may have passed 
through your tongue, which would have generated much 
more heat, even though the voltage was lower. 


Could that tiny little battery really pump out 15 amps? 
Remember that the battery got hot, as well as the wire. This 
tells us that the electrons may have met some resistance 
inside the battery, as well as in the wire. (Otherwise, where 
else did the heat come from?) Normally we can forget about 
the internal resistance of a battery, because it’s so low. But at 
high currents, it becomes a factor. 


| was reluctant to short-circuit the battery through a meter, 
to try to measure the current. My meter will fry if the current 
is greater than 10A. However | did try putting other fuses 
into the circuit, to see whether they would blow. When | 
tried a 10A fuse, it did not melt. Therefore, for the brand of 
battery | used, l'm fairly sure that the current in the short 
circuit was under 10A, but | know it was over 3A, because 
the 3A fuse blew right away. 


The internal resistance of the 1.5-volt battery prevented 

the current in the short circuit from getting too high. This 

is why | cautioned against using a larger battery (especially 
a car battery). Larger batteries have a much lower internal 
resistance, allowing dangerously high currents which gener- 
ate explosive amounts of heat. A car battery is designed to 
deliver literally hundreds of amps when it turns a starter 
motor. That's quite enough current to melt wires and cause 
nasty burns. In fact, you can weld metal using a car battery. 


Lithium batteries also have low internal resistance, making 
them very dangerous when they’re shorted out. High cur- 
rent can be just as dangerous as high voltage. 


FUNDAMENTALS 


Watt basics 


So far | haven't mentioned a unit that everyone is familiar with: watts. 


A watt is a unit of work. Engineers have their own definition of work—they say 
that work is done when a person, an animal, or a machine pushes something to 
overcome mechanical resistance. Examples would be a steam engine pulling a 
train on a level track (overcoming friction and air resistance) or a person walk- 
ing upstairs (overcoming the force of gravity). 


When electrons push their way through a circuit, they are overcoming a kind 
of resistance, and so they are doing work, which can be measured in watts. The 
definition is easy: 


watts = volts x amps 


Or, using the symbols customarily assigned, these three formulas all mean the 
same thing: 


W=Vx!l 
V=W/| 
|=W/V 


Watts can be preceded with an “m,’ for “milli, just like volts: 


Number of watts Abbreviated as 
0.001 watts 
0.01 watts 
0.1 watts 


1 watt 1,000 milliwatts 


Usually expressed as 
1 milliwatt 

10 milliwatts 

100 milliwatts 


Because power stations, solar installations, and wind farms deal with much 
larger numbers, you may also see references to kilowatts (using letter K) and 
megawatts (with a capital M, not to be confused with the lowercase m used to 
define milliwatts): 


Number of watts Usually expressed as | Abbreviated as 


1,000 watts 1 kilowatt 


1,000,000 watts 1 megawatt 


Lightbulbs are calibrated in watts. So are stereo systems. The watt is named 
after James Watt, inventor of the steam engine. Incidentally, watts can be con- 
verted to horsepower, and vice versa. 
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Power assessments 


| mentioned earlier than resistors 
are commonly rated as being 
capable of dealing with 1/4 watt, 
1/2 watt, 1 watt, and so on. | sug- 
gested that you should buy resis- 
tors of 1/4 watt or higher. How did 
| know this? 


Go back to the LED circuit. Re- 
member we wanted the resistor to 
drop the voltage by 3.5 volts, at a 
current of 20 mA. How many watts 
of power would this impose on 
the resistor? 


Write down what you know: 


V = 3.5 (the voltage drop 
imposed by the resistor) 

|= 20mA = 0.02 amps 

(the current flowing through 
the resistor) 


We want to know W, so we use this 
version of the formula: 


W=Vxl 
Plug in the values: 


W = 3.5 x 0.02 = 0.07 watts 
(the power being dissipated 
by the resistor) 


Because 1/4 watt is 0.25 watts, ob- 
viously a 1/4 watt resistor will have 
about four times the necessary 
capacity. In fact you could have 
used a 1/8 watt resistor, but in 
future experiments we may need 
resistors that can handle 1/4 watt, 
and there’s no penalty for using a 
resistor that is rated for more watts 
than will actually pass through it. 
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Figure 1-71. A three-lemon battery. Don't 
be too disappointed if the LED fails to 
light up. The lemons have a high electri- 
cal resistance, so they cant deliver much 
current, especially through the relatively 
small surface area of the nails and the 
pennies. However, the lemon battery does 
generate voltage that you can measure 
with your meter. 


Figure 1-72. Bottled lemon juice seems to 
work just as well as fresh lemon juice. | cut 
the bottoms off three paper cups, inserted 
a galvanized bracket into each, and used 
heavyweight stranded copper wire to 
make the positive electrodes 
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Long ago, before web surfing, file sharing, or cell phones, kids were so horribly 
deprived that they tried to amuse themselves with kitchen-table experiments 
such as making a primitive battery by pushing a nail and a penny into a lemon. 
Hard to believe, perhaps, but true! 


This is seriously old-school—but | want you to try it anyway, because anyone 
who wants to get a feel for electricity should see how easy it is to extract it 
from everyday objects around us. Plus, if you use enough lemons, you just 
might generate enough voltage to power an LED. 


The basic components of a battery are two metal electrodes immersed in an 
electrolyte. | won't define these terms here (they're explained in the following 
section “Theory: The nature of electricity”). Right now all you need to know is 
that lemon juice will be your electrolyte, and copper and zinc will be your elec- 
trodes. A penny provides the necessary copper, as long as it is fairly new and 
shiny. Pennies aren't solid copper anymore, but they are still copper-plated, 
which is good enough. 


To find some metallic zinc, you will have to make a trip to a hardware store, 
where you should ask for roofing nails. The nails are zinc-plated to prevent 
them from rusting. Small metal brackets or mending plates also are usually 
zinc-plated. They should have a slightly dull, silvery look. If they have a mirror- 
bright finish, they’re more likely to be nickel-plated. 


Cut alemon in half, set your multimeter so that it can measure up to 2 volts DC, 
and hold one probe against a penny while you hold the other probe against 
a roofing nail (or other zinc-plated object). Now force the penny and the nail 
into the exposed juicy interior of the lemon, as close to each other as possible, 
but not actually touching. You should find that your meter detects between 
0.8 volts and 1 volt. 


You can experiment with different items and liquids to see which works best. 
Immersing your nail and penny in lemon juice that you have squeezed into a 
shot glass or egg cup may enhance the efficiency of your battery, although 
you'll have a harder time holding everything in place. Grapefruit juice and vin- 
egar will work as substitutes for lemon juice. 


To drive a typical LED, you need more than 1 volt. How to generate the extra 
electrical pressure? By putting batteries in series, of course. In other words, 
more lemons! (Or more shot glasses or egg cups.) You'll also need lengths of 
wire to connect multiple electrodes, and this may entail skipping ahead to 
Chapter 2, where | describe how to strip insulation from hookup wire. Figures 
1-71 and 1-72 show the configuration. 


If you set things up carefully, making sure than none of the electrodes are 
touching, you may be able to illuminate your LED with two or three lemon- 
juice batteries in series. (Some LEDs are more sensitive to very low currents 
than others. Later in the book I'll be talking about very-low-current LEDs. If you 
want your lemon-juice battery to have the best chance of working, you can 
search online for low-current LEDs and buy a couple.) 
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The nature of electricity 


To understand electricity, you have to start with some basic 
information about atoms. Each atom consists of a nucleus 
at the center, containing protons, which have a positive 
charge. The nucleus is surrounded by electrons, which carry 
a negative charge. 


Breaking up the nucleus of an atom requires a lot of energy, 
and can also liberate a lot of energy—as happens in a 
nuclear explosion. But persuading a couple of electrons to 
leave an atom (or join an atom) takes very little energy. For 
instance, when zinc reacts chemically with an acid, it can 
liberate electrons. This is what happens at the zinc electrode 
of the chemical battery in Experiment 5. 


The reaction soon stops, as electrons accumulate on the 
zinc electrode. They feel a mutual force of repulsion, yet 
they have nowhere to go. You can imagine them like a 
crowd of hostile people, each one wanting the others to 
leave, and refusing to allow new ones to join them, as 
shown in Figure 1-73. 


Figure 1-73. Electrons on an electrode have a bad attitude 
known as mutual repulsion. 


Now consider what happens when a wire connects the zinc 
electrode, which has a surplus of electronics, to another 
electrode, made from a different material, that has a short- 
age of electrons. The electrons can pass through the wire 
very easily by jumping from one atom to the next, so they 
escape from the zinc electrode and run through the wire, 
propelled by their great desire to get away from each other. 
See Figure 1-74. This mutual force of propulsion is what cre- 
ates an electrical current. 


Now that the population of electrons on the zinc electrode 
has been reduced, the zinc-acid reaction can continue, 
replacing the missing electrodes with new ones—which 
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promptly imitate their predecessors and try to get away 
from each other by running away down the wire. The 
process continues until the zinc-acid reaction grinds to a 
halt, usually because it creates a layer of a compound such 
as zinc oxide, which won't react with acid and prevents the 
acid from reacting with the zinc underneath. (This is why 
your zinc electrode may have looked sooty when you pulled 
it out of the acidic electrolyte.) 


Figure 1-74. As soon as we open up a pathway from a zinc 
electrode crowded with electrons to a copper electrode, which 
contains “holes” for the electrons, their mutual repulsion 
makes them try to escape from each other to their new home 
as quickly as possible. 


This description applies to a “primary battery,’ meaning one 
that is ready to generate electricity as soon as a connection 
between its terminals allows electrons to transfer from one 
electrode to the other. The amount of current that a primary 
battery can generate is determined by the speed at which 
chemical reactions inside the battery can liberate electrons. 
When the raw metal in the electrodes has all been used 

up in chemical reactions, the battery can’t generate any 
more electricity and is dead. It cannot easily be recharged, 
because the chemical reactions are not easily reversible, and 
the electrodes may have oxidized. 


In a rechargeable battery, also known as a secondary bat- 
tery, a smarter choice of electrodes and electrolyte does 
allow the chemical reactions to be reversed. 
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How much current is being generated in your lemon battery? Set your meter 
to measure milliamps, and connect it between the nail and the penny. | mea- 
sured about 2mA, but got 10mA when | used some #10 stranded copper wire 
instead of a penny and a large mending plate instead of a roofing nail, im- 
mersed in a cup of grapefruit juice. When a larger surface area of metal makes 
better contact with the electrolyte, you get a greater flow of current. (Don't 
ever connect your meter to measure amps directly between the terminals of 
a real battery. The current will be too high, and can blow the fuse inside your 
meter.) 


What's the internal resistance of your lemon? Put aside the copper and zinc 
electrodes and insert your nickel-plated meter probes into the juice. | got a 
reading of around 30K when both probes were in the same segment of the 
lemon, but 40K or higher if the probes were in different segments. Is the resis- 
tance lower when you test liquid in a cup? 


Here are a couple more questions that you may wish to investigate. For how 
long will your lemon battery generate electricity? And why do you think your 
zinc-plated electrode becomes discolored after it has been used for a while? 


Electricity is generated in a battery by an exchange of ions, or free electrons, be- 
tween metals. If you want to know more about this, check the section “Theory: 
The nature of electricity” on the previous page. 


Cleanup and Recycling 


The hardware that you immersed in lemons or lemon juice may be discolored, 
but it is reusable. Whether you eat the lemons is up to you. 
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Positive and negative 


If electricity is a flow of electrons, which have a negative 
charge, why do people talk as if electricity flows from the 
positive terminal to the negative terminal of a battery? 


The answer lies in a fundamental embarrassment in the 
history of research into electricity. For various reasons, when 
Benjamin Franklin was trying to understand the nature of 
electric current by studying phenomena such as lightning 
during thunderstorms, he believed he observed a flow of 
“electrical fluid” from positive to negative. He proposed this 
concept in 1747. 


In fact, Franklin had made an unfortunate error that 
remained uncorrected until after physicist J. J. Thomson 
announced his discovery of the electron in 1897, 150 years 
later. Electricity actually flows from an area of greater nega- 
tive charge, to some other location that is “less negative”— 
that is, “more positive.’ In other words, electricity is a flow 

of negatively charged particles. In a battery, they originate 
from the negative terminal and flow to the positive terminal. 


You might think that when this fact was established, every- 
one should have discarded Franklin's idea of a flow from 
positive to negative. But when an electron moves through a 
wire, you can still think of an equal positive charge flowing 
in the opposite direction. When the electron leaves home, 

it takes a small negative charge with it; therefore, its home 
becomes a bit more positive. When the electron arrives at 
its destination, its negative charge makes the destination a 
bit less positive. This is pretty much what would happen if 
an imaginary positive particle traveled in the opposite direc- 
tion. Moreover, all of the mathematics describing electrical 
behavior are still valid if you apply them to the imaginary 
flow of positive charges. 


As a matter of tradition and convenience we still retain Ben 
Franklin’s erroneous concept of flow from positive to nega- 
tive, because it really makes no difference. In the symbols 
that represent components such as diodes and transistors, 
you will actually find arrows reminding you which way 
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these components should be placed—and the arrows all 
point from positive to negative, even though that's not the 
way things really work at all! Ben Franklin would have been 
surprised to learn that although most lightning strikes occur 
when a negative charge in clouds discharges to neutralize 
a positive charge on the ground, some forms of lightning 
are actually a flow of electrons from the negatively charged 
surface of the earth, up to a positive charge in the clouds. 
That's right: someone who is “struck by lightning” may be 
hurt by emitting electrons rather than by receiving them, as 
shown in Figure 1-75. 


Figure 1-75. In some weather conditions, the flow of electrons 
during a lightning strike can be from the ground, through your 
feet, out of the top of your head, and up to the clouds. Benjamin 
Franklin would have been surprised. 
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Basic measurements 


Electrical potential is measured by adding up the charges 
on individual electrons. The basic unit is the coulomb, equal 
to the total charge on about 6,250,000,000,000,000,000 
electrons. 


If you know how many electrons pass through a piece of 
wire each second, this establishes the flow of electricity, 
which can be expressed in amperes. In fact 1 ampere can be 
defined as 1 coulomb per second. Thus: 


1 ampere = 1 coulomb/second 
= about 6.25 quintillion electrons/second 


There's no way to “see” the number of electrons running 
through a conductor (Figure 1-76), but there are indirect 
ways of getting at this information. For instance, when an 
electron goes running through a wire, it creates a wave of 
electromagnetic force around it. This force can be measured, 
and we can calculate the amperage from that. The electric 
meter installed at your home by the utility company func- 
tions on this principle. 


Figure 1-78. /f you could look inside an electric wire with a suf- 
ficiently powerful magnifying device, and the wire happened 
to be carrying 1 ampere of electron flow at the time, you might 
hope to see about 6.25 quintillion electrons speeding past 
each second. 
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If electrons are just moving freely, they aren't doing any 
work. If you had a loop of wire of zero resistance, and you 
kick-started a flow of electrons somehow, they could just 
go buzzing around forever. (This is what happens inside a 
superconductor —almost.) 


Under everyday conditions, even a copper wire has some re- 
sistance. The force that we need to push electrons through 

it is known as “voltage,” and creates a flow that can create 
heat, as you saw when you shorted out a battery. (If the wire 
that you used had zero resistance, the electricity running 
through it would not have created any heat.) We can use the 
heat directly, as in an electric stove, or we can use the elec- 
trical energy in other ways—to run a motor, for instance. 
Either way, we are taking energy out of the electrons, to do 
some work. 


One volt can be defined as the amount of pressure that you 
need to create a flow of 1 ampere, which does 1 watt of 
work. As previously defined, 1 watt = 1 volt x 1 ampere, but 
the definition actually originated the other way around: 


1 volt = 1 watt/1 ampere 


It’s more meaningful this way, because a watt can be de- 
fined in nonelectrical terms. Just in case you're interested, 
we can work backward through the units of the metric 
system like this: 


1 watt = 1 joule/second 

1 joule = a force of 1 newton acting through 1 meter 

1 newton = the force required to accelerate 1 kilogram 
by 1 meter per second, each second 


On this basis, the electrical units can all be anchored with 
observations of mass, time, and the charge on electrons. 


Practically Speaking 


For practical purposes, an intuitive understanding of electricity can be more 
useful than the theory. Personally | like the water analogies that have been 
used for decades in guides to electricity. Figure 1-77 shows a tall tank half full 
of water, with a hole punched in it near the bottom. Think of the tank as being 
like a battery. The height of the water is comparable to voltage. The volume of 
flow through the hole, per second, is comparable to amperage. The smallness 
of the hole is comparable to resistance. See Figure 1-79 on the next page. 


Where's the wattage in this picture? Suppose we place a little water wheel 
where it is hit by the flow from the hole. We can attach some machinery to 
the water wheel. Now the flow is doing some work. (Remember, wattage is a 
measurement of work.) 


Maybe this looks as if we're getting something for nothing, extracting work 
from the water wheel without putting any energy back into the system. But 
remember, the water level in the tank is falling. As soon as | include some help- 
ers hauling the waste water back up to the top of the tank (in Figure 1-78), you 
see that we have to put work in to get work out. 


Similarly, a battery may seem to be giving power out without taking anything 
in, but the chemical reactions inside it are changing pure metals into metallic 
compounds, and the power we get out of a battery is enabled by this change 
of state. If it’s a rechargeable battery, we have to push power back into it to 
reverse the chemical reactions. 


Going back to the tank of water, suppose we can't get enough power out of it 
to turn the wheel. One answer could be to add more water. The height of the 
water will create more force. This would be the same as putting two batteries 
end to end, positive to negative, in series, to double the voltage. See Figure 
1-80. As long as the resistance in the circuit remains the same, greater voltage 
will create more amperage, because amperage = voltage/resistance. 


What if we want to run two wheels instead of one? We can punch a second 
hole in the tank, and the force (voltage) will be the same at each of them. How- 
ever, the water level in the tank will drop twice as fast. Really, we'd do better to 
build a second tank, and here again the analogy with a battery is good. If you 
wire two batteries side by side, in parallel, you get the same voltage, but for 
twice as long. The two batteries may also be able to deliver more current than 
if you just used one. See Figure 1-81. 


Summing up: 
e Two batteries in series deliver twice the voltage. 
e Two batteries in parallel can deliver twice the current. 


All right, that's more than enough theory for now. In the next chapter, we'll 
continue with some experiments that will build on the foundations of knowl- 
edge about electricity, to take us gradually toward gadgets that can be fun 
and useful. 


Experiencing Electricity 


Experiment 5: Let's Make a Battery 


Figure 1-77. If you want to get work out of 
a system... 


Figure 1-78. ... somehow or other you have 
to put work back into it. 
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Higher 
water level 


Greater force 

creates more flow, 
because amperage = 
voltage / resistance, 
and the voltage has 
gone up, while 

the resistance 

has remained 

the same. 


Higher voltage 


Same 
resistance 


Figure 1-78. Greater force generates more flow, as long as the resistance remains the 


same. 
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Figure 1-80. When you place two equal batteries in Figure 1-81. Two equal batteries that are wired in parallel 
series, you double the voltage. will deliver the same voltage for twice as long as one. 
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The concept of switching is fundamental in electronics, and I’m not just talking 
about power switches. By “switching,” | mean using one flow of electricity to 
switch, or control, another. This is such an important principle that no digital 
device can exist without it. 


Today, switching is mostly done with semiconductors. Before | deal with them, 
lIl back up and illustrate the concept by introducing you to relays, which are 
easier to understand, because you can see what's going on inside them. And 
before | get to relays, l'Il deal with everyday on/off switches, which may seem 
very simple—but we have to nail down the basics. 


Also in this chapter, I'll deal with capacitance, because capacitance and resis- 
tance are fundamental to electronic circuits. By the end of the chapter, you 
should have a basic grounding in electronics and be able to build the noise- 
making section of a simple intrusion alarm. This will be your first circuit that 
does something genuinely useful! 


Shopping List: Experiments 6 Through 11 


As in the previous shopping list, you should visit the various online suppliers 
for availability and pricing of components and devices. Manufacturers seldom 
sell small numbers of parts directly. Check the appendix for a complete list of 
URLs for all the companies mentioned here. 


Devices 


e Power supply/universal AC adapter, 3 to 12 volts at 1A (1,000 mA). See Fig- 
ure 2-1. Part number 273-029 from RadioShack, part PH-62092 by Philips, 
or similar. 


e Breadboard suitable for integrated circuits. Quantity: 1. See Figures 2-2 
and 2-3. Part 276-002 from RadioShack, model 383-X1000 made by PSP, 
part 923252-1 by 3M, or similar. A breadboard that has screw terminals 
mounted beside it will be a little easier to use but more expensive than 
one that does not have terminals. 


IN THIS CHAPTER 


Shopping List: Experiments 6 Through 11 


Experiment 6: Very Simple Switching 


Experiment 7: Relay-Driven LEDs 


Experiment 8: A Relay Oscillator 


Experiment 9: Time and Capacitors 


Experiment 10: Transistor Switching 


Experiment 11: A Modular Project 


Figure 2-1. This AC adapter delivers DC 
from 3 to 12 volts, and is ideal for electron- 
ics projects. 
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Figure 2-2. This “breadboard” for quickly Figure 2-3. A breadboard without screw 
constructing electronic circuits has a metal terminals is almost as convenient, and is 
base, and screw terminals for attaching cheaper. 


wires from a power supply. 


Tools 


Wire strippers 
Ideal model 45-121 wire strippers for 16- to 26-gauge wire, or similar. See 
Figure 2-4. (The “gauge” of the wire tells you how thick it is. A higher gauge 
means a thinner wire. In this book, we will mainly be using thin wire of 
20- to 24-gauge.) 


You may also consider the Kronus Automatic Wire Strippers, part 64- 
2981 from RadioShack, or GB Automatic Wire Strippers, part SE-92 from 
Amazon.com. See Figure 2-5. 


The Kronus and GB wire strippers are functionally identical. The advan- 
tage of their design is that it enables you to strip insulation from a wire 
with one hand. But they do not work well on really thin wire. 


Figure 2-4. Jo use these wire strippers, Figure 2-S. These automatic wire strippers 
insert a piece of insulated wire in the enable one-handed operation, but are not 
appropriate-sized hole between the jaws, suitable for very small wire diameters. See 
grip the handles, and pull a section of page 44. 


insulation away. See page 45. 
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Supplies 


Hookup wire 
Solid-conductor, 22-gauge, minimum 25 feet of each color. See Figure 2-6. 
Part 278-1222 from RadioShack, catalog item 9948117 from McMaster- 
Carr, or check eBay for deals. 


It’s easy to buy the wrong kind of wire. You need solid-core wire, which has 
a single conductor inside the plastic insulation, not stranded, which has 
multiple, thinner conductors. See Figures 2-7 and 2-8. You're going to be 
pushing wires into little holes in a “breadboard,” and stranded wire won't 
let you do this. You will also have problems if you buy wire thicker than 
22-gauge. Remember: the lower the gauge number, the thicker the wire. 


For a little extra money, you can buy an assortment of precut sections of 
wire, with ends stripped and ready for use. Try catalog item JW-140 (jump- 
er wire assortment) from All Electronics or search eBay for “breadboard 


wire.” See Figure 2-9. Figure 2-8. Using hookup wire with differ- 
ent colors of plastic insulation will help you 
Patch cords to distinguish one wire from another in 


Patch cords are not strictly necessary but very convenient. You don’t want your circuits. 
audio or video patch cords, which have a plug on each end; you want 

wires with alligator clips on each end, also sometimes referred to as “test 

leads.” Try catalog item 461-1176-ND from Digi-Key or catalog item MTL- 

10 from All Electronics. See Figure 2-10. 


Figure 2-7. Solid-conductor wire of 22 or 24 Figure 2-8. Stranded is more flexible, but 
gauge is suitable for most of the experi- cannot be used easily with breadboards. 
ments in this chapter. 


Figure 2-8. Precut wires with stripped ends Figure 2-10. Patch cords, sometimes known 

can save a lot of time and trouble—if you as test leads, consist of wires preattached 

don't mind paying a little extra. to alligator clips. This is another of those 
little luxuries that reduces the hassle factor 
in hobby electronics. 
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Shopping List: Experiments 6 Through 11 


Components 


Pushbutton 
Momentary-on, SPST, sometimes referred to as OFF-(ON) or (ON)-OFF 
type. Must be PCB- or PC-mount, meaning is extremely small with thin 
spiky contacts on the bottom. Quantity: 1. See Figure 2-11. 


Examples are part number AB11AP by NKK, part MPA103B04 by Alco- 
switch, or part EP11SD1CBE by C&k. If you have a choice, buy the cheap- 
est, as we're going to switch very low current. 


Figure 2-11. The terminals protruding from 
this tiny pushbutton are spaced 0.2 inches 
apart, making it ideal for the “breadboard” 


that you'll be using. Switches 


Toggle switch, single-pole, double-throw (SPDT), sometimes referred to 
as ON-ON type. Quantity: 2. See Figure 2-12. 


Model $302T-RO by NKK is ideal; it has screw terminals that will eliminate 
the need for alligator clips. Other options are catalog item MTS-4PC from 
All Electronics or part 275-603 from RadioShack. 


We won't be switching large currents or high voltages, so the exact type of 
switch is unimportant. However, the terminals on larger-size switches are 
spaced wider apart, which makes them easier to deal with. 


Figure 2-12. This relatively large toggle Relays 

switch made by NKK has screw terminals, DPDT, nonlatching, 12v DC. Quantity: 2. 

which will reduce the inconvenience of 

attaching it to hookup wire. It's important to get the right kind of relay—one whose configuration 


matches the pictures I'll be using. Look for parts FTR-F1CA012V or FTR- 
F1CD012V by Fujitsu, G2RL-24-DC12 by Omron, or OMI-SH-212D by Tyco. 
Avoid substitutions. 


Potentiometer 
1 megohm linear potentiometer, Part number 271-211 from RadioShack, 
part number 24N-1M-15R-R from Jameco, or similar. 


Transistors 
NPN transistor, general-purpose, such as 2N2222 by STMicroelectronics, 


Figure 2-13. Transistors are commonly sold part PN2222 by Fairchild, or part 2N2222 from RadioShack. Quantity: 4. 
either in little metal cans or sealed into Cane 2-13 
little lumps of plastic. For our purposes, CE FIJUTE A7 13, 


the packaging makes no difference. 


2N6027 programmable unijunction transistor manufactured by On Semi- 
conductor or Motorola. Quantity: 4. 


Capacitors 
Electrolytic capacitors, assorted. Must be rated for a minimum of 25 volts 
and include at least one capacitor of 1,000 uF (microfarads). If you search 
on eBay, make sure you find electrolytic capacitors. If they're rated for 
higher voltages, that’s OK, although they will be physically larger than you 
need. See Figure 2-14. 


Figure 2-14. An assortment of electrolytic 
capacitors. 
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Ceramic capacitors, assorted. Make sure you get at least one rated at 
0.0047 uF (which can also be written as 47 nF). See Figure 2-15. 


Resistors 
If you bought only a minimal selection for experiments 1 through 5, now's 
the time to buy a larger assortment, so that you won't be stuck needing 
the one value that you don't have. 1/4-watt minimum. 


Loudspeaker 


Any 80, 1-inch miniature loudspeaker such as part 273-092 from RadioShack. 
See Figure 2-16. 


Experiment 6: Very Simple Switching 
You will need: 

e AA batteries. Quantity: 4. 

e Battery carrier for 4 AA batteries. Quantity: 1. 

e LED. Quantity: 1. 

e Toggle switches, SPDT. Quantity: 2. See Figure 2-12. 

e 2200 or similar value resistor, 1/4-watt minimum. Quantity: 1. 

e Alligator clips. Quantity: 8. 

e Wire or patch cords. See Figure 2-10, shown previously. 


e Wire cutters and wire strippers if you don't use patch cords. See Figure 2-4, 
shown previously. 


In Experiment 3, you illuminated an LED by attaching a battery, and switched 
it off by removing the battery. For greater convenience our circuits should 
have proper switches to control power, and while I’m dealing with the general 
topic of switches, I’m going to explore all the varieties, using a circuit to sug- 
gest some possibilities. 


Assemble the parts as shown in Figures 2-17 and 2-18. The long lead on the 
LED must connect with the resistor, because that is the more positive side of 
the circuit. 


You'll notice that you have to include a couple lengths of wire. | suggest green 
wire to remind you that these sections are not connected directly to positive 
or to negative power. But you can use any color you like. You can also substi- 
tute patch cords, if you have them. However, learning to strip insulation from 
pieces of wire is a necessary skill, so let's deal with that now. 
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Figure 2-15. Ceramic capacitors mostly 
look like this, although many of them are 
round or bead-shaped instead of square. 
The packaging shape is unimportant to us. 


Figure 2-16. This miniature loudspeaker, 
Just over 1 inch in diameter, is useful for 
verifying audio output direct from transis- 
tor circuits. 
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Short 
LED lead 


Figure 2-17. If the LED is on, flipping either of the switches will turn it off. If the LED is off, Figure 2-18. Full-size toggle switches with 


6v Battery Pack 


ro 


either of the switches will turn it on. Use alligator clips to attach the wires to each other, screw terminals make it easy to hook up 
and to the switches if your switches don't have screw terminals. Be careful that the clips this simple circuit. 


don't touch each other. 


Figure 2-18. Using automatic wire strip- 
pers, when you squeeze the handles the 
jaw on the left clamps the wire, the sharp 
grooves on the right bite into the insula- 
tion. Squeeze harder and the jaws pull 
away from each other, stripping the insula- 
tion from the wire. 
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Tools 


If automatic wire strippers (Figure 2-19) don't grip skinny 22-gauge wire very 
effectively, try the Ideal brand of wire strippers shown back in Figure 2-4, or 
use plain and simple wire cutters as shown in Figure 2-20. When using wire 
cutters, you hold the wire in one hand and apply the tool in your other hand, 
squeezing the handles with moderate pressure—just enough to bite into the 
insulation, but not so much that you chop the wire. Pull the wire down while 
you pull the cutters up, and with a little practice you can rip the insulation off 
to expose the end of the wire. 


Macho hardware nerds may use their teeth to strip insulation from wires. When 
| was younger, | used to do this. | have two slightly chipped teeth to prove it. 
Really, it’s better to use the right tool for the job. 
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Figure 2-20. To remove insulation from Figure 2-21. Those who tend to misplace 

the end of a thin piece of wire, you can tools, and feel too impatient to search for 
also use wire cutters. This takes a little them, may feel tempted to use their teeth 
practice. to strip insulation from wire. This may not 


be such a good idea. 


Connection Problems 


Depending on the size of toggle switches that you are using, you may have 
trouble fitting in all the alligator clips to hold the wires together. Miniature 
toggle switches, which are more common than the full-sized ones these days, 
can be especially troublesome (see Figure 2-22). Be patient: fairly soon we'll 
be using a breadboard, which will eliminate alligator clips almost completely. 


Testing 


Make sure that you connect the LED with its long wire toward the positive 
source of power (the resistor, in this case). Now flip either of the toggle switch- 
es. If the LED was on, it will go off, and if it was off, it will go on. Flip the other 
toggle switch, and it will have the same effect. If the LED does not go on at all, 
you've probably connected it the wrong way around. Another possibility is 
that two of your alligator clips may have shorted out the battery. 


Assuming your two switches do work as | described them, what's going on 
here? It's time to nail down some basic facts. 
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Figure 2-22. Miniature toggle switches can 
be used—ideally, with miniature alligator 
clips—but watch out for short circuits. 
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All about switches 


When you flip the type of toggle switch that you used in 
Experiment 6, it connects the center terminal with one of 
the outer terminals. Flip the switch back, and it connects the 
center terminal with the other outer terminal, as shown in 
Figure 2-23. 


The center terminal is called the pole of the switch. Because 
you can flip, or throw, this switch to make two possible con- 
nections, it is called a double-throw switch. As mentioned ear- 
lier, a single-pole, double-throw switch is abbreviated SPDT. 


Some switches are on/off, meaning that if you throw them in 

one direction they make a contact, but in the other direction, 
they make no contact at all. Most of the light switches in your 
house are like this. They are known as single-throw switches. A 
single-pole, single-throw switch is abbreviated SPST. 


Some switches have two entirely separate poles, so you 
can make two separate connections simultaneously when 
you flip the switch. These are called double-pole switches. 
Check the photographs in Figures 2-24 through 2-26 of 

old-fashioned “knife” switches (which are still used to teach | | | | 


electronics to kids in school) and you'll see the simplest 


representation of single and double poles, and single and Connected Connected 
double throws. Various toggle switches that have contacts Figure 2-23. The center terminal is the pole of the switch. 
sealed inside them are shown in Figure 2-27. When you flip the toggle, the pole changes its connection. 


_-”r_ AZ 


Figure 2-24. This primitive-looking single- Figure 2-25. A single-pole, single-throw Figure 2-28. A double-pole, single-throw 
pole, double-throw switch does exactly switch makes only one connection with switch makes two separate on/off 

the same thing as the toggle switches in one pole. Its two states are simply open connections. 

Figures 2-23 and 2-27. and closed, on and off. 
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All about switches (continued) 


Figure 2-27. These are all toggle switches. Generally, the larger 
the switch, the more current it can handle. 


To make things more interesting, you can also buy switches 
that have three or four poles. (Some rotary switches have 
even more, but we won't be using them.) Also, some double- 
throw switches have an additional “center off” position. 


Putting all this together, | made a table of possible types of 
switches (Figure 2-28). When you're reading a parts catalog, 
you can check this table to remind yourself what the ab- 
breviations mean. 


Single Double 3-Pole A-Pole 
Pole Pole 
Single SPST DPST 3PST 4PST 
Throw ON-OFF ON-OFF ON-OFF ON-OFF 
Double SPDT DPDT 3PDT 4PDT 
Throw ON-ON ON-ON ON-ON ON-ON 


Double 
Throw with SPDT DPDT 3PDT APDT 
Center Off | ON-OFF-ON | ON-OFF-ON | ON-OFF-ON | ON-OFF-ON 


Figure 2-28. This table summarizes all the various options for 
toggle switches and pushbuttons. 


Now, what about pushbuttons? When you press a door 
bell, you're making an electrical contact, so this is a type of 
switch—and indeed the correct term for it is a momentary 
switch, because it makes only a momentary contact. Any 
spring-loaded switch or button that wants to jump back to 
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its original position is known as a momentary switch. We 
indicate this by putting its momentary state in parentheses. 
Here are some examples: 


e OFF-(ON): Because the ON state is in parentheses, it’s 
the momentary state. Therefore, this is a single-pole 
switch that makes contact only when you push it, and 
flips back to make no contact when you let it go. It is 
also known as a“normally open” momentary switch, 
abbreviated “NO. 


e ON-(OFF): The opposite kind of momentary single-pole 
switch. It's normally ON, but when you push it, you 
break the connection. So, the OFF state is momentary. 
It is known as a“normally closed” momentary switch, 
abbreviated “NC.” 

« (ON)-OFF-(ON): This switch has a center-off position. 
When you push it either way, it makes a momentary 
contact, and returns to the center when you let it go. 


Other variations are possible, such as ON-OFF-(ON) or ON- 
(ON). As long as you remember that parentheses indicate 
the momentary state, you should be able to figure out what 
these switches are. 


Se aL a 


tha 


Figure 2-28. This evil mad scientist is ready to apply power to 
his experiment. For this purpose, he is using a single-pole, 
double-throw knife switch, conveniently mounted on the wall of 
his basement laboratory. 
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All about switches (continued) 


Sparking 


When you make and break an electrical connection, it tends 
to create a spark. Sparking is bad for switch contacts. It eats 
them until the switch doesn't make a reliable connection 
anymore. For this reason, you must use a switch that is ap- 
propriate for the voltage and amperage that you are dealing 
with. Electronic circuits generally are low-current, and 
low-voltage, so you can use almost any switch, but if you are 
switching a motor, it will tend to suck an initial surge of cur- 
rent that is at least double the rating of the motor when it is 
running constantly. You should probably use a 4-amp switch 
to turn a 2-amp motor on and off. 


Checking a switch 


You can use your meter to check a switch. Doing this helps 
you find out which contacts are connected when you turn 
a switch one way or the other. It's also useful if you have a 

pushbutton and you can't remember whether it's the type 


Figur 
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that is normally open (you press it to make a connection) or 
normally closed (you press it to break the connection). Set 
your meter to measure ohms, and touch the probes to the 
switch terminals while you work the switch. 


This is a hassle, though, because you have to wait while 

the meter makes an accurate measurement. When you just 
want to know whether there is a connection, your meter 
has a “continuity tester” setting. It beeps if it finds a connec- 
tion, and stays silent if it doesn’t. See Figures 2-30 through 
2-32 for examples of meters set to test continuity. Figure 
2-33 offers an example of a toggle switch being tested for 
continuity. 


l l 
ı Use the continuity-testing feature on your meter only on ı 
| circuits or components that have no power in them at the ! 
` time. 


Figure 2-32. To check a circuit for conti- 
nuity, turn the dial of your meter to the 
symbol shown. Only use this feature 
when there is no power in the compo- 
nent or the circuit that you are testing. 


resistance between them and will beep if you have set it to verify continuity. 
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Early switching systems 


Switches seem to be such a fundamental feature of our world, and their concept 
is so simple that it's easy to forget that they went through a gradual process of 
development and refinement. Primitive knife switches were quite adequate for 
pioneers of electricity who simply wanted to connect and disconnect electric- 
ity to some apparatus in a laboratory, but a more sophisticated approach was 
needed when telephone systems began to proliferate. Typically, an operator at 
a “switchboard” needed a way to connect any pair of 10,000 lines on the board. 
How could it be done? 


In 1878, Charles E. Scribner (Figure 2-34) developed the “jack-knife switch,’ so 
called because the part of it that the operator held looked like the handle of a 
jackknife. Protruding from it was a plug, and when the plug was pushed into a 
socket, it made contact inside the socket. The socket, in fact, was the switch. 


Figure 2-34. Charles E. Scribner invented the “jack-knife switch” to satisfy the 
switching needs of telephone systems in the late 1800s. Today's audio jacks still 
work on the same basis.” 


Audio connectors on guitars and amplifiers still work on the same principle, and 
when we speak of them as being “jacks,” the term dates back to Scribner's inven- 
tion. Switch contacts still exist inside a jack socket. 


Today, of course, telephone switchboards have become as rare as telephone 
operators. First they were replaced with relays—electrically operated switches, 
which l'Il talk about later in this chapter. And then the relays were superceded 
by transistors, which made everything happen without any moving parts. Be- 
fore the end of this chapter, you'll be switching current using transistors. 


* The photo on which this drawing is based first appeared in The History of the Telephone by 
Herbert Newton Casson in 1910 (Chicago: A. C. McClurg & Co.). 
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Experiment 6: Very Simple Switching 


Introducing Schematics 


In Figure 2-35, I’ve redrawn the circuit from Experiment 6 in a simplified style 
known as a “schematic.” From this point onward, | will be illustrating circuits 
with schematics, because they make circuits easier to understand. You just 
need to know a few symbols to interpret them. 


Compare the schematic here with the drawing of the circuit in Figure 2-17. 
They both show exactly the same thing: Components, and connections be- 
tween them. The gray rectangles are the switches, the zigzag thing is the resis- 
tor, and the symbol with two diagonal arrows is the LED. 


Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596153748. 
psa eee ee oe . The schematic LED symbol includes two arrows indicating that it emits light, 
because there are some kinds of diodes, which we'll get to later, that don't. 
The triangle inside the diode symbol always points from positive to negative. 


Trace the path that electricity can take through the circuit and imagine the 
switches turning one way or the other. You should see clearly now why either 
switch will reverse the state of the LED from on to off or off to on. 


This same circuit is used in houses where you have a switch at the bottom of 
a flight of stairs, and another one at the top, both controlling the same light- 
bulb. The wires in a house are much longer, and they snake around behind the 
walls, but because their connections are still the same, they could be repre- 
sented with the same basic schematic. See Figure 2-36. 


A schematic doesn't tell you exactly where to put the components. It just tells 
you how to join them together. One problem: Different people use slightly 
different schematic symbols to mean the same thing. Check the upcoming 
section, “Fundamentals: Basic schematic symbols,” for the details. 


AA 


220 


Figure 2-35. This schematic shows the 
same circuit as in Figure 2-17 and makes it 
easier to see how the switches function. 


Figure 2-38. The two-switch circuit shown 
in Figures 2-17 and 2-35 is often found in 
house wiring, especially where switches 
are located at the top and bottom of a 
flight of stairs. This sketch shows what 
you might find inside the walls. Wires are 
Joined with “wire nuts” inside boxes that 
are hidden from everyday view. 
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Basic schematic symbols 

Schematic symbols are like words in a language: they have 
mutated over the years into a confusing range of variations. 
A simple on/off (single-pole, single-throw, or SPST) switch, 


for instance, can be represented by any of the symbols 
shown in Figure 2-37. They all mean exactly the same thing. 


—eN— 
—o »— 


No 
AN 
e — 


we 
const? ON 


Figure 2-37. Variations on a theme: Just some of the differ- 
ent styles used to depict a single-pole, single-throw switch in 
schematic diagrams. The bottom version is the style used in 
this book. 


Pole 


Figure 2-38 shows double-pole, double-throw switches. A 
dotted line indicates a mechanical connection inside the 
switch, so that when you flip it, you affect both the poles si- 
multaneously. Remember, the poles are electrically isolated 
from each other. 


Experiment 6: Very Simple Switching 


FUNDAMENTALS 


—O SIA 


—# 
a 


— 


EA pote 


Figure 2-38. More variations: some different styles for depicting 
a double-pole, double-throw switch. The style at bottom-right 
is used in this book. 


Once in a while, you may find a schematic in which switches 
seem to be scattered around, but the way they are identi- 
fied (such as S1A, S1B, S1C, and so on) tells you that this is 
really all one switch with multiple poles. 


In the schematics in this book, I'll place a gray rectangle 
behind each switch. This gray rectangle is not a standard 
symbol; you won't find it in other books. I’m just including it 
to remind you that the parts inside are all contained in one 
package. 


A very important stylistic variation in schematics is the way 
they show whether wires make a connection with each 
other. Old schematics used to show a little semicircular 
bump in a wire if it crossed another wire without making 
a connection. Because modern circuit-drawing software 
doesn't create this style of schematic, it is no longer often 
used. The modern style, which you are likely to find if you 
browse through schematics online, can be summarized like 
this: 

A dot joining two wires indicates an electrical 

connection. 

No dot indicates no connection. 
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Basic schematic symbols (continued) 


The problem is that this is not very intuitive, especially when 
you're just beginning to use schematics. When you see two 
wires crossing, you can easily imagine that they are making 
a connection, even though there's no dot at the intersec- 
tion. Therefore, in the interests of clarity, I've chosen to use 
the old “semicircular bump” style of schematic in this book 
(see Figure 2-39). It can be summarized like this: 


e Adotjoining two wires indicates an electrical 
connection. 


e A bump ina wire that crosses another wire indicates no 
connection. 


In this book, you won't find wires crossing each other with- 
out either a dot or a bump. 


+ + + 


Figure 2-38. In wiring schematics, a dot always indicates an 
electrical connection. However, the cross-shaped intersection 
of wires at top-right is considered bad style because if the dot 
is accidentally omitted or poorly printed, the intersection can 
be mistaken for the type shown at bottom left, in which the 
wires do not make a connection. All three of the configurations 
in the bottom row indicate no connection, the first example 
being the most common style, the center example being least 
common, and the third being the most old-fashioned—although 
for reasons of clarity, it is used in this book. 


In a battery-powered circuit, you may find a battery symbol, 
but more often you will find a little note indicating where posi- 
tive voltage enters the system, while negative is indicated by a 
“ground” symbol. In fact there may be ground symbols all over 
the place. You have to remember that when you build a circuit, 
all the wires leading to grounds must actually be connected 
together, to the negative side of the voltage supply. 


The idea of the ground symbol dates back to the time when 
electronic gadgets were mounted on a metal chassis, which 
was connected to the negative side of the power supply. The 
ground symbol really meant “connect to the chassis.’ Some 
variants in the ground symbol are shown in Figure 2-40. 
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Figure 2-40. All of these symbols are used to mean the same 
thing: connect the wire to “ground” or “chassis” or the negative 
side of the power source. The far-right symbol is used in this 
book. 


In this book, we have color throughout, so l'Il show a red 
positive and blue negative to clarify where the power is 
connected, and | won't use ground symbols. Once again, 
my purpose is to minimize the risk of misunderstandings, 
because | know how frustrating it is to build a circuit that 
doesn't work. 


A big inconsistency in schematics is the way in which they 
show resistors. The traditional zigzag symbol has been 
abandoned in Europe. Instead they use a rectangle with a 
number inside indicating the number of ohms. See Figure 
2-41. The Europeans also changed the way in which decimal 
points are represented: they omit them as much as possible, 
because in badly printed schematics, the little dots tend to 
get lost (or can be confused with dust and dirt). So, a 4.7KO 
resistor will be listed as 4K7, and a 1.2MQ resistor will be 
1M2. | like this notation, so l'm going to be using it myself, 
but I'll be keeping the zigzag resistor symbol, which remains 
widely used in the United States. 


220 


Figure 2-41. Two styles for depicting a 2200 resistor. The upper 
version is traditional, and still used in the United States. The 
lower version is European. 
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Basic schematic symbols (continued) 


Potentiometers suffer from the same inconsistent style be- 
tween the United States and Europe, but either way, you'll 
find an arrow showing where the wiper (usually, the center 
terminal) touches the resistance. See Figure 2-42. And some- 
times LEDs are shown inside circles, and sometimes not. | 
prefer circles, myself. See Figure 2-46. 


AVAYA VAY a W Eb Figure 2-44. The battery symbol is usually shown without + and 
— symbols. I've added them for clarity. 


Figure 2-42. Potentiometer symbols: the left is traditional and 
used in the United States, the right is European. In both cases 
the arrow indicates the wiper (usually the center terminal). 


— n 


Figure 2-45. Symbol for an incandescent lightbulb. 


l'Il explore other symbol variants later in the book. Mean- 


o while, the most important things to remember are: 
===) = e The positions of components in a schematic are not 
important. 
e The styles of symbols used in a schematic are not 
important. 


e The connections between the components are ex- 


| tremely important. 


Figure 2-43. Three ways of indicating a pushbutton switch. 
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Figure 2-48. Sometimes an LED is shown with a circle around it; sometimes not. In this book, I will include the circle. The arrows 
indicate emitted light. 


Switching Basics and More 93 


Experiment 6: Very Simple Switching 


y FUNDAMENTALS 


Basic schematic symbols (continued) 


For example, the three LED circuits that | have included in flows from top to bottom while a signal tends to pass from 
Figure 2-47 show components in different positions, using dif- left to right. 

ferent symbols, but all three circuits function exactly the same 
way, because their connections are the same. In fact, they 

all depict the circuit that you built in Experiment 4, shown in 


When | was planning this book, initially | drew the sche- 
matics to conform with this top-to-bottom, left-to-right 
convention, but as | started building and testing the circuits, 


nme tae | changed my mind. We use a device known as a “bread- 
Often the symbols in a schematic are placed so that the board” to create circuits, and its internal connections require 
circuit is most intuitively easy to understand, regardless of us to lay out components very differently from a typical 
how you may build it with actual components. Compare the schematic. When you're starting to learn electronics, it's very 
example in Figure 2-48, showing the two DPDT switches, confusing to try to rearrange components from a schematic 
with the version shown back in Figure 2-35. The previous in the configuration that you need for a breadboard. 


one looked more like your bench-top version of it, but Fig- 


ure 2-48 shows the flow of electricity more clearly, Therefore, throughout this book, you'll find that | have 


drawn the schematics to imitate the way you'll wire them on 
A a breadboard. | believe the advantages of doing things this 
A way outweigh the disadvantages of being a little different 
from the schematic styles that are used elsewhere. 


220 
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Figure 2-47. These three schematics all depict the same basic 
circuit. It’s the circuit that you built with the potentiometer in 
Experiment 4. 


In many schematics, the positive side of the power supply is 
shown at the top of the diagram, and negative or ground at 
the bottom. Many people also tend to draw a schematic with 
an input (such as an audio input, in an amplifier circuit) at the 
left side, and the output at the right. So, “positive voltage” 


Figure 2-48. This schematic is just another, clearer, simpler way 
of showing the circuit that appeared in Figure 2-35. 
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Experiment 7: Relay-Driven LEDs 
You will need: 

e AC adapter, wire cutters and strippers. 

e DPDT relay. Quantity: 2. 

e LEDs. Quantity: 2. 

e Resistor, 6800 approx. Quantity: 1. 

e Pushbutton, SPST. Quantity: 1. 

e Hookup wire, 22 gauge, or patch cords. 

¢ Alligator clips. Quantity: 8. 

e Utility knife. 


The next step in our exploration of switching is to use a remote-controlled 
switch. By “remote-controlled,’ | mean one to which you can send a signal to 
turn it on or off. This kind of switch is known as a relay, because it relays an 
instruction from one part of a circuit to another. Often a relay is controlled by 
a low voltage or small current, and switches a larger voltage or higher current. 


This setup can be cost-effective. When you start your car, for instance, a rela- 
tively small, cheap switch sends a small signal down a relatively long, thin, 
inexpensive piece of wire, to a relay that is near the starter motor. The relay 
activates the motor through a shorter, thicker, more expensive piece of wire, 
capable of carrying as much as 100 amps. 


Similarly, when you raise the lid on an a top-loading washing machine during 
its spin cycle, you close a lightweight switch that sends a small signal down a 
thin wire to a relay. The relay handles the bigger task of switching off the large 
motor spinning the drum full of wet clothes. 


Before you begin this experiment, you need to upgrade your power supply. 
We're not going to use batteries anymore, because most relays require more 
than 6 volts, and in any case you should have a power supply that can give you 
a variety of voltages on demand. The simplest way to achieve this is by using 
an AC adapter. 


First you'll set up the AC adapter. After you have it running, you'll use it to 
power the relay. Initially the relay will just switch between two LEDs, but then 
you'll modify the circuit to make the LEDs flash automatically. Finally you'll re- 
build the circuit on a breadboard, and say goodbye to alligator clips, for most 
of the time at least. 


Preparing Your AC Adapter 


An AC adapter plugs into the wall and converts the high-voltage AC supply in 
your home into a safe, low DC voltage for electronic devices. Any charger that 
you use with your cell phone, or iPod, or laptop computer is a special-purpose 
AC adapter that delivers only one voltage via a specific type of plug. I’ve asked 
you to buy a general-purpose adapter that delivers many different voltages, 
and we're going to begin by getting rid of its plug. 
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Figure 2-48. Preparing an AC adapter. First, 
cut off the little low-voltage plug and throw 
it away. 


Figure 2-50. Second, strip the wires, mak- 
ing one shorter than the other to reduce 
the risk of them touching. Color one of the 
adapter wires red with a marker, to identify 
it as the positive one. 
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1. It's important to make sure that your AC adapter is not plugged into the 
wall! 


2. Chop off the little plug at the end of its wire. See Figure 2-49. 


3. Usea box cutter or utility knife or scissors to make a half-inch cut between 
the two conductors, and then pull the conductors apart a couple of inches. 


4. Use wire cutters to trim one of the conductors shorter than the other, 
so that after you strip away a little of the insulation, the exposed copper 
wires cannot easily touch each other. This is a precaution against short- 
circuiting your AC adapter and burning it out. 


5. Strip the two conductors using your wire strippers. Twist the copper 
strands between finger and thumb so that there are no loose strands 
sticking out. See Figure 2-50. 


6. Make sure that the two wires are not touching each other, and plug your 
AC adapter into a wall outlet. Set your meter to DC volts and apply the me- 
ter probes to the wires from the adapter. If the voltage is preceded with 
a minus sign, you have the probes the wrong way around. Reverse them 
and the minus sign should go away. This tells you which wire is positive. 


7. Mark the positive wire from the adapter. If the wire has white insulation, 
you can mark it with a red marker. If it has black insulation, you can tag it 
with a label. The positive wire will remain positive regardless of which way 
up you plug the AC adapter into a wall outlet. 


The Relay 


The type of relay that | want you to use has little spiky legs on the bottom, in 
a standardized layout. If you buy some other kind of relay, you will have to 
figure out for yourself which pins are connected to the coil inside, which pins 
go to the poles of the switch inside it, and which go to the normally closed 
and normally open contacts. You can check the manufacturer's data sheet for 
this purpose, but | strongly suggest you use one of the relays mentioned in the 
shopping list, so that you can follow the instructions here more easily. 


| asked you to buy two relays so that you can use one for investigational pur- 
poses—meaning that you can break it open and take a look inside. If you do 
this very, very carefully, the relay should still be usable afterward. If not, well, 
you still have a spare. 


The easiest way to open the relay is with a box cutter or utility knife. Figures 
2-52, 2-53, and 2-54 show the technique. Shave the edges of the plastic shell 
containing the relay, beveling them until you see just a hair-thin opening. 
Don't go any farther; the parts inside are very, very close to its housing. Now 
pop the top off. You can use needle-nosed pliers to nibble the rest of the shell 
away. Read the following section, “Fundamentals: Inside a relay,’ and then ap- 
ply power to the relay to see how it works. 
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Figure 2-51. This is one way that the parts inside a relay can be arranged. The coil, A, gener- ; 
ates a magnetic attraction pulling lever B downward. A plastic extension, C, pushes outward sf 
against flexible metal strips and moves the poles of the relay, D, between the contacts. | 


Figure 2-58. Patience is essential when 
carving the edges of a relay package in 
order to open it. Faster methods such as a 
tomahawk or a flamethrower will satisfy the 
emotional needs of those with a short atten- 
tion span, but results may be unpredictable. 


Figure 2-52. To look inside a sealed relay, Figure 2-53. Insert the blade of your knife 
shave the top edges of the plastic package to pry open the top, then repeat the proce- 
with a utility knife til you open a thin crack. dure for the sides. 


Figure 2-57. Four assorted 12-volt relays, 
shown with and without their packages. 
The automotive relay (far left) is the sim- 
plest and easiest to understand, because 
it is designed without much concern for 
the size of the package. Smaller relays are 
more ingeniously designed, more complex, 
Figure 2-54. If you are really, really careful, and more difficult to figure out. Usually, 
the relay should still work after you open it. but not always, a smaller relay is designed 
to switch less current than a larger one. 
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Inside a relay 


A relay contains a coil of wire wrapped around an iron core. 
When electricity runs through the coil, the iron core exerts 

a magnetic force, which pulls a lever, which pushes or pulls 
a springy strip of metal, closing two contacts. So as long as 

electricity runs through the coil, the relay is “energized” and 
its contacts remain closed. 


When the power stops passing through the coil, the relay 
lets go and the springy strip of metal snaps back into its 
original position, opening the contacts. (The exception to 
this rule is a latching relay, which requires a second pulse 
through a separate coil to flip it back to its original posi- 
tion; but we won't be using latching relays until later in the 
book.) 


Relays are categorized like switches. Thus, you have SPST 
relays, DPST, SPDT, and so on. 


Compare the schematics in Figure 2-58 with the schematics 
of switches in Figure 2-38. The main difference is that the 

relay has a coil that activates the switch. The switch is shown 
in its “relaxed” mode, when no power flows through the coil. 
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Figure 2-58. Various ways to show a relay in a schematic. Top 
left: SPST. Top right and bottom left: SPDT. Bottom right: 
DPDT. The styles at bottom-left and bottom-right will be used 
in this book. 
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The contacts are shown as little triangles. When there are 
two poles instead of one, the coil activates both switches 
simultaneously. 


Most relays are nonpolarized, meaning that you can run 
electricity through the coil in either direction, and the relay 
doesn't care. You should check the data sheet to make sure, 
though. Some relay coils work on AC voltage, but almost 

all low-voltage relays use direct current—a steady flow of 
electricity, such as you would get from a battery. We'll be 
using DC relays in this book. 


Relays suffer from the same limitations as switches: their 
contacts will be eroded by sparking if you try to switch too 
much voltage. It’s not worth saving a few dollars by using 

a relay that is rated for less current or voltage than your 
application requires. The relay will fail you when you need it 
most, and may be inconvenient to replace. 


Because there are so many different types of relays, read the 
specifications carefully before you buy one. Look for these 
basics: 


Coil voltage 
The voltage that the relay is supposed to receive when 
you energize it. 


Set voltage 
The minimum voltage that the relay needs to close its 
switch. This will be a bit less than the ideal coil voltage. 


Operating current 
The power consumption of the coil, usually in milliamps, 
when the relay is energized. Sometimes the power is 
expressed in milliwatts. 


Switching capacity 
The maximum amount of current that you can switch 
with contacts inside the relay. Usually this is for a “resis- 
tive load,” meaning a passive device such as light bulb. 
When you use a relay to switch on a motor, the motor 
takes a big initial surge of current before it gets up to 
speed. In this case, you should choose a relay rated 
for double the current that the motor draws when it is 
running. 
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Turn the relay with its legs in the air and attach wires and LEDs as shown in 
Figure 2-59, with a 6800 resistor (a 1K resistor will be OK if you don't have the 
correct value). Also attach a pushbutton switch. (Your pushbutton switch may 
look different from the one shown, but as long as itis a SPST pushbutton with 
two contacts at the bottom, it will work the same way.) When you press the 
pushbutton, the relay will make the first LED go out and the second LED light 
up. When you release the pushbutton, the first LED lights up and the second 
one goes out. 


How It Works 


Check the schematic in Figure 2-60 and compare it with Figure 2-59. Also see 
Figure 2-62, which shows how the pins outside the relay make connections 
inside the relay when its coil is energized, and when it is not energized. 


This is a DPDT relay, but we are only using one pole and ignoring the other. 12v DC from 
Why not buy a SPDT relay? Because | want the pins to be spaced the way they a 
are when you will upgrade this circuit by transferring it onto a breadboard, Figure 2-53. As before, you can use patch 


which will happen very shortly. cords, if you have them, instead of some of 
the wired connections shown here. 


On the schematic, | have shown the switch inside the relay in its relaxed 
state. When the coil is energized, the switch flips upward, which seems 680 
counterintuitive, but just happens to be the way that this particular relay is 
made. 


SH * 
When you're sure you understand how the circuit works, it’s time to move on a) A) 
to the next step: making a small modification to get the relay to switch itself 
on and off, as we'll do in Experiment 8. 
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Figure 2-50. Same circuit, shown in sche- 
matic form. 
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Figure 2-51. The layout of the Figure 2-82. How the relay connects the pins, when itis „------------------------ ` 
pins of the relay, superimposed not energized (left) and when it is energized (right). 
on a grid of 1/10-inch squares. 

This is the type of relay that you 

will need in Experiment 8. 


Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596153748. 


Switching Basics and More 59 


Experiment 8: A Relay Oscillator 


12v DC from 
AC adapter 


Figure 2-83. A small revision to the previ- 
ous circuit causes the relay to start oscil- 
lating when power is applied. 
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Experiment 8: A Relay Oscillator 
You will need: 
e AC adapter, breadboard, wire, wire cutters and strippers. 
e DPDT relay. Quantity: 1. 
e LEDs. Quantity: 2. 
e Pushbutton, SPST. Quantity: 1. 
¢ Alligator clips. Quantity: 8. 
e Resistor, approximately 6800. Quantity: 1. 
e Capacitor, electrolytic, 1,000 uF. Quantity: 1. 


Look at the revised drawing in Figure 2-63 and the revised schematic in Figure 
2-64 and compare them with the previous ones. Originally, there was a direct 
connection from the pushbutton to the coil. In the new version, the power 
gets to the coil by going, first, through the contacts of the relay. 


680 


12v 


Figure 2-84. The oscillator circuit shown in schematic form. 


Now, when you press the button, the contacts in their relaxed state feed power 
to the coil as well as to the lefthand LED. But as soon as the coil is energized, it 
opens the contacts. This interrupts the power to the coil—so the relay relaxes, 
and the contacts close again. They feed another pulse of power to the coil, 
which opens the contacts again, and the cycle repeats endlessly. 


Because we're using a very small relay, it switches on and off extremely fast. 
In fact, it oscillates perhaps 50 times per second (too fast for the LEDs to show 
what's really happening). Make sure your circuit looks like the one in the dia- 
gram, and then press the pushbutton very briefly. You should hear the relay 
make a buzzing sound. If you have impaired hearing, touch the relay lightly 
with your finger, and you should feel the relay vibrating. 


When you force a relay to oscillate like this, it’s liable to burn itself out or de- 
stroy its contacts. That's why | asked you to press the pushbutton briefly. To 
make the circuit more practical, we need something to slow the relay down 
and prevent it from self-destructing. That necessary item is a capacitor. 
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Add a 1,000 uF electrolytic capacitor in parallel with the coil of the relay as 
shown in the diagram in Figure 2-65 and the schematic in Figure 2-66. Check 
Figure 2-14 if you're not sure what a capacitor looks like. The 1,000 pF value will 
be printed on the side of it, and l'Il explain what this means a little later. 


Make sure the capacitor's short wire is connected to the negative side of the 
circuit; otherwise, it won't work. In addition to the short wire, you should find 
a minus sign on the body of the capacitor, which is there to remind you which 
side is negative. Electrolytic capacitors are fussy about this. 


When you press the button now, the relay should click slowly instead of buzz- 
ing. What's happening here? 


A capacitor is like a tiny rechargeable battery. It’s so small that it charges in a 
fraction of a second, before the relay has time to open its lower pair of con- 
tacts. Then, when the contacts are open, the capacitor acts like a battery, pro- 
viding power to the relay. It keeps the coil of the relay energized for about one 
second. After the capacitor exhausts its power reserve, the relay relaxes and 
the process repeats. 
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Farad basics 


The Farad is an international unit to measure capacitance. Modern circuits 
usually require small capacitors. Consequently it is common to find capacitors 
measured in microfarads (one-millionth of a farad) and even picofarads (one- 
trillionth of a farad). Nanofarads are also used, more often in Europe than in the 
United States. See the following conversion table. 


0.001 nanofarad 1 picofarad 


0.001 Farad 1,000 microfarads 


(You may encounter capacitances greater than 1,000 microfarads, but they are 
uncommon.) 
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12v DC from 
AC adapter 


Figure 2-85. Adding a capacitor makes the 


relay oscillate more slowly. 
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1000pF 


Figure 2-58. The capacitor appears at the 


bottom of this schematic diagram. 
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Getting Zapped by Capacitors 


Ifa large capacitor is charged with 
a high voltage, it can retain that 
voltage for a long time. Because the 
circuits in this book use low voltages, 
you don't have to be concerned 
about that danger here, but if you 
are reckless enough to open an old 
TV set and start digging around 
inside (which | do not recommend), 
you may have a nasty surprise. An 
undischarged capacitor can kill you 
as easily as if you stick your finger 
into an electrical outlet. Never touch 
a large capacitor unless you really 
know what you're doing. 
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Capacitor basics 


DC current does not flow through a capacitor, but voltage can accumulate very 
quickly inside it, and remains after the power supply is disconnected. Figures 
2-67 and 2-68 may help to give you an idea of what happens inside a capacitor 
when it is fully charged. 


Figure 2-87. When DC voltage reaches a capacitor, no current flows, but the capaci- 
tor charges itself like a little battery. The positive and negative charges are equal 
and opposite. 


Figure 2-88. You can imagine positive “charge particles” accumulating on one side 
of the capacitor and attracting negative “charge particles” to the opposite side. 


In most modern electrolytic capacitors, the plates have been reduced to two 
strips of very thin, flexible, metallic film, often wrapped around each other, 
separated by an equally thin insulator. Disc ceramic capacitors typically consist 
of just a single disc of nonconductive material with metal painted on both sides 
and leads soldered on. 


The two most common varieties of capacitors are ceramic (capable of storing a 
relatively small charge) and electrolytic (which can be much larger). Ceramics 
are often disc-shaped and yellow in color; electrolytics are often shaped like 
miniature tin cans and may be just about any color. Refer back to Figures 2-13 
and 2-14 for some examples. 
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Capacitor basics (continued) 


Ceramic capacitors have no polarity, meaning that you can apply negative volt- 
age to either side of them. Electrolytics do have polarity, and won't work unless 
you connect them the right way around. 


The schematic symbol for a capacitor has two significant variants: with two 
straight lines (symbolizing the plates inside a capacitor), or with one straight 
line and one curved line, as shown in Figure 2-69. When you see a curved line, 
that side of the capacitor should be more negative than the other. The schemat- 
ic symbol may also include a + sign. Unfortunately, some people don't bother 
to draw a curved plate on a polarized capacitor, yet others draw a curved plate 
even on a nonpolarized capacitor. 


AE +t 


Figure 2-88. The generic schematic for a capacitor is on the left. The version on the _. JAN __ 


right indicates a polarized capacitor which requires its left plate to be “more posi- 
tive” than its right plate. The plus sign is often omitted. Capa citor Pol arity 
You must connect an electrolytic 
capacitor so that its longer wire is 
more positive than its shorter wire. 
The shell of the capacitor is usually 
marked with a negative sign near the 
shorter wire. 


Some capacitors may behave badly 
if you don't observe their polarity. 
One time | connected a tantalum 
capacitor to a circuit, using a power 
supply able to deliver a lot of current, 
and was staring at the circuit and 
wondering why it wasn't working 
when the capacitor burst open and 
scattered little flaming fragments of 
itself in a 3-inch radius. | had forgot- 
ten that tantalum capacitors can be 
fussy about positive and negative 
connections. Figure 2-70 shows the 
aftermath. 


Figure 2-70. A tantalum capacitor was plugged into this breadboard, accidentally 
connected the wrong way around to a power source capable of delivering a lot of 
current. After a minute or so of this abuse, the capacitor rebelled by popping open 
and scattering small flaming pieces, which burned their way into the plastic of the 


breadboard. Lesson learned: observe polarity! 
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Michael Faraday and capacitors 


The earliest capacitors consisted of two metal plates with a very small gap 
between them. The principle of the thing was simple: 


- If one plate was connected to a positive source, the positive charges at- 
tracted negative charges onto the other plate. 


- |f one plate was connected to a negative source, the negative charges 
attracted positive charges onto the other plate. 


Figures 2-67 and 2-68, shown previously, convey the basic idea. 


The electrical storage capacity of a capacitor is known as its capacitance, and is 
measured in farads, named after Michael Faraday (Figure 2-71), another of the 
pantheon of electrical pioneers. He was an English chemist and physicist who 
lived from 1791 to 1867. 


Although Faraday was relatively uneducated and had little knowledge of math- 
ematics, he had an opportunity to read a wide variety of books while working 
for seven years as a bookbinder's apprentice, and thus was able to educate 
himself. Also, he lived at a time when relatively simple experiments could reveal 
fundamental properties of electricity. Thus he made major discoveries including 
electromagnetic induction, which led to the development of electric motors. He 
also discovered that magnetism could affect rays of light. 


His work earned him numerous honors, and his picture was printed on English 
20-pound bank notes from 1991 through 2001. 


2-71. Michael Faraday 
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Breadboarding the Circuit 


| promised to free you in time from the frustrations of alligator clips, and that 
time has come. Please turn your attention to the block of plastic with lots of 
little holes in it that | asked you to buy. For reasons that | do not know, this is 
called a breadboard. When you plug components into the holes, hidden metal 
strips inside the breadboard connect the components for you, allowing you 
to set up a circuit, test it, and modify it very easily. Afterward you can pull the 
components off the breadboard and put them away for future experiments. 


Without a doubt, breadboarding is the most convenient way to test some- 
thing before you decide whether you want to keep it. 


Almost all breadboards are designed to be compatible with integrated circuit 
chips (which we will be using in Chapter 4 of this book). The chip straddles 
an empty channel in the center of the breadboard with rows of little holes ei- 
ther side—usually five holes per row. You insert other components into these 
holes. 


In addition, the breadboard should have columns of holes running down each 
side. These are used to distribute positive and negative power. 


Take a look at Figures 2-72 and 2-73, which show the upper part of a typical 
breadboard seen from above, and the same breadboard seen as if with X-ray 
vision, showing the metal strips that are embedded behind the holes. 
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Figure 2-72. A typical breadboard. You can plug components Figure 2-73. This X-ray-vision view of the breadboard reveals 
into the holes to test a circuit very quickly. the copper strips that are embedded in it. The strips conduct 


electricity from one component to another. 
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Important note: some breadboards divide each vertical column of holes, on 
the left and the right, into two separate upper and lower sections. Use your 
meter's continuity testing feature to find out if your breadboard conducts 
power along its full length, and add jumper wires to link the upper and lower 
half of the breadboard if necessary. 


Figure 2-74 shows how you can use the breadboard to replicate your oscillat- 
ing relay circuit. To make this work, you need to apply the positive and nega- 
tive power from your AC adapter. Because the wire from your AC adapter is 
almost certainly stranded, you'll have difficulty pushing it into the little holes. 
A way around this is to set up a couple of pieces of bare 22-gauge wire, and 
use them as terminals to which you clip the wire from the adapter, as in Figure 
2-75. (Yes, you still need just a couple of alligator clips for this purpose.) Alter- 
natively, you can use a breadboard with power terminals built into it, which is 
more convenient. 
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Figure 2-74. If you place the components on your breadboard in the posi- 
tions shown, they will create the same circuit that you built from wire and 
alligator clips in Experiment 8. Component values: 


D1, D2: Light-emitting diodes 

S1: DPDT relay 

S2: SPST momentary switch 

C1: Electrolytic capacitor, 1,000 uF 
RI: Resistor, 6800 minimum 
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Figure 2-75. If your breadboard doesn't have screw 
terminals, insert two short pieces of solid-core 
wire with stripped ends and then attach the 
stranded wires from the adapter using alligator 
Clips. 


You'll need some more 22-gauge wire, or some precut hookup wire, to supply 
the power to your components, which are plugged into the breadboard as 
shown in Figures 2-76 and 2-77. If you get all the connections right, the circuit 
should function the same way as before. 


The geometry of the metal connecting strips in the breadboard often forces 
you to connect components in a roundabout way. The pushbutton, for in- 
stance, supplies power to the pole of the relay but cannot be connected di- 
rectly opposite, because there isn't room for it. 


Remember that the strips inside the breadboard that don't have any wires or 
components plugged into them are irrelevant; they don't do anything. 


l'Il include some suggested breadboard layouts for circuits as you continue 
through this book, but eventually you'll have to start figuring out breadboard 
layouts for yourself, as this is an essential part of hobby electronics. 


Figure 2-78. Two oversized LEDs, one resistor, and the necessary jumper wires have been 
added to the breadboard. 
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Figure 2-77. Now the pushbutton, relay, and capacitor have been added to complete the 
circuit shown in the diagram and the schematic. When the pushbutton is pressed, the 
relay oscillates and the LEDs flash. 
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Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596153748. 
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Experiment 9: Time and Capacitors 
You will need: 
e AC adapter, breadboard, wire, wire cutters, and strippers. 
e Multimeter. 
e Pushbutton, SPST. Quantity: 1. 
e Resistors and electrolytic capacitors, assorted. 


In Experiment 8, when you put a capacitor in parallel with the coil of the relay, 
the capacitor charged almost instantly before discharging itself through the 
relay coil. If you add a resistor in series with a capacitor, the capacitor will take 
longer to charge. By making a capacitor take longer to charge, you can mea- 
sure time, which is a very important concept. 


Clean the components off your breadboard and use it to set up the very simple 
circuit shown in Figure 2-78, where C1 is a 1,000 uF capacitor, R1 is a 100K resis- 
tor, R2 is a 1000 resistor, and S1 is the pushbutton that you used previously. 
Set your meter to measure volts DC, place the probes around the capacitor, 
and hold down the pushbutton. You should see the meter counting upward 
as the voltage accumulates on the capacitor. (This is easier with a meter that 
doesn't have autoranging, because you won't have to wait while the meter 
figures out which range to apply.) Resistor R1 slows the charging time for the 
Capacitor. 
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Figure 2-78. Watch the voltage building up 
on the capacitor while you hold down the 
pushbutton. Substitute other values for 
R1, discharge the capacitor by touching R2 
across it, and then repeat your measure- 
ment process. 


S1: Momentary pushbutton, OFF (ON) 
R1: 100K initially 

R2: 1000 

C1: 1,000 UF 
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Release the pushbutton, set aside your meter, and discharge the capacitor by 
touching R2 across it for a second or two. Now substitute a 50K resistor for R1, 
and repeat the measurement. The meter should count upward almost twice 
as fast as before. 


Voltage, Resistance, and Capacitance 


pesisTAnce 
Think of the resistor as a faucet, and the capacitor as a balloon that you are | 
trying to fill with water. When you screw down the faucet until only a trickle = 
comes through, the balloon will take longer to fill. But a slow flow of water wil a” 
ill fill the ball letely if itl h, and ingthebal- HET LA NA) 
still fill the balloon completely if you wait long enough, and (assuming the bal- AL | BALLOCH 
loon doesn't burst) the process ends when the pressure inside the balloon is A a 
equal to the water pressure in the pipe supplying the faucet. See Figure 2-79. ifr N 
Similarly, in your circuit, if you wait long enough, eventually the voltage across AS } Ly 


the capacitor should reach the same value as the voltage of the power supply. 
Ina 12-volt circuit, the capacitor should eventually acquire 12 volts (although 


“eventually” may take longer than you think). Figure 2-78. When the faucet is closed 
half-way, the balloon will take longer to fill, 
This may seem confusing, because earlier you learned that when you apply but will still contain as much water and as 


voltage at one end of a resistor, you get less voltage coming out than you have much pressure in the end. 
going in. Why should a resistor deliver the full voltage when it is paired with a 
capacitor? 


A APACE TCE 


Forget the capacitor for a moment, and remember how you tested just two 
1K resistors. In that situation, each resistor contained half the total resistance 
of the circuit, so each resistor dropped half the voltage. If you held the nega- 
tive probe of your meter against the negative side of your power supply and 
touched the positive probe to the center point between the two resistors, you 
would measure 6 volts. Figure 2-80 illustrates this. 


Now, suppose you remove one of the 1K resistors and substitute a 9K resis- 
tor. The total resistance in the circuit is now 10K, and therefore the 9K resistor 
drops 90% of the 12 volts. That's 10.8 volts. You should try this and check it 
with your meter. (You are unlikely to find a 9K resistor, because this is not a 
standard value. Substitute the nearest value you can find.) 


Now suppose you remove the 9K resistor and substitute a 99K resistor. Its volt- 
age drop will be 99% of the available voltage, or 11.88 volts. You can see where 
this is heading: the larger the resistor, the larger its contribution to voltage 
drop. 


However, | noted previously that a capacitor blocks DC voltage completely. It 
can accumulate an electrical charge, but no current passes through it. Therefore, 
a capacitor behaves like a resistor that has infinite resistance to DC current. 


(Actually the insulation inside the capacitor allows a little bit of “leakage,” but a 
perfect capacitor would have infinite resistance.) 


The value of any resistor that you put in series with the capacitor is trivial by 
comparison. No matter how high the value of the resistor is, the capacitor 
still provides much more resistance in the circuit. This means that the capaci- 
tor steals almost the complete voltage drop in the circuit, and the voltage 
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difference between one end of the resistor and the other will be zero (assum- 
ing that we ignore little imperfections in the components). Figure 2-80 may 
help to clarify this concept. 
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Figure 2-80. When two resistances are in series, the larger one drops the voltage more 
than the smaller one. If the larger resistance becomes infinite (as in the case of a capaci- 
tor), the smaller one no longer has any measurable contribution to the voltage drop, and 
the voltage is almost exactly the same at both ends. 


You should try this using real resistors and capacitors—although if you do, you 
will run into a little problem. When you use your meter in its “DC volts” mode, it 
diverts a little of the current in the circuit—just a tiny taste—in the process of 
measuring it. The meter steals such a small amount, it doesn't affect the read- 
ing significantly when you are checking voltage across a resistor. The internal 
resistance of the meter is higher than the values of most resistors. However, 
remember that the internal resistance of a capacitor is almost infinite. Now the 
internal resistance of the meter becomes significant. Because you can never 
have an ideal meter, any more than you can have an ideal capacitor or resistor, 
your meter will always interfere with the circuit slightly, and you will get only 
an approximate indication. 


If you try to measure the voltage on a capacitor that has been charged but is 
now not connected to anything else, you'll see the number slowly falling, as 
the capacitor discharges itself through the meter. 


Chapter 2 


y 


The time constant 


You may be wondering if there's a way to predict exactly 
how much time it takes for various capacitors to charge, 
when they are paired with various resistors. Is there a for- 
mula to calculate this? 


Of course, the answer is yes, but the way we measure it is a 
bit tricky, because a capacitor doesn't charge at a constant 
rate. It accumulates the first volt very quickly, the second 
volt not quite as quickly, the third volt even less quickly— 
and so on. You can imagine the electrons accumulating on 
the plate of a capacitor like people walking into an audito- 
rium and looking for a place to sit. The fewer seats that are 
left, the longer people take to find them. 


The way we describe this is with something called a “time 
constant.’ The definition is very simple: 


TC=RxC 


where TC is the time constant, and a capacitor of C farads is 
being charged through a resistor of R ohms. 


Going back to the circuit you just tested, try using it again, 
this time with a 1K resistor and the 1,000 uF capacitor. We 

have to change those numbers to farads and ohms before 
we can put them in the formula. Well, 1,000 uF is 0.001 far- 
ads, and 1K is 1,000 ohms, so the formula looks like this: 


TC = 1,000 x 0.001 


In other words, TC = 1—a lesson that could not be much 
easier to remember: 


A 1K resistor in series with a 1,000 uF capacitor has a 
time constant of 1. 
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Does this mean that the capacitor will be fully charged in 1 
second? No, it's not that simple. TC, the time constant, is the 
time it takes for a capacitor to acquire 63% of the voltage 
being supplied to it, if it starts with zero volts. 


(Why 63%? The answer to that question is too complicated 
for this book, and you'll have to read about time constants 
elsewhere if you want to know more. Be prepared for dif- 
ferential equations.) Here's a formal definition for future 
reference: 


TC, the time constant, is the time it takes for a capacitor 
to acquire 63% of the difference between its current 
charge and the voltage being applied to it. When TC=1, 
the capacitor acquires 63% of its full charge in 1 sec- 
ond. When TC=2, the capacitor acquires 63% of its full 
charge in 2 seconds. And so on. 


What happens if you continue to apply the voltage? History 
repeats itself. The capacitor accumulates another 63% of the 
remaining difference between its current charge, and the 
voltage being applied to it. 


Imagine someone eating a cake. In his first bite he's raven- 
ously hungry, and eats 63% of the cake in one second. In his 
second bite, not wanting to seem too greedy, he takes just 
another 63% of the cake that is left—and because he's not 
feeling so hungry anymore, he requires the same time to 
eat it as he took to eat the first bite. In his third bite, he takes 
63% of what still remains, and still takes the same amount 
of time. And so on. He is behaving like a capacitor eating 
electricity (Figure 2-81). 


Figure 2-81. If our gourmet always eats just 63% of the cake still on the plate, he “charges up” his stomach in the same way that a 
capacitor charges itself. No matter how long he keeps at it, his stomach is never completely filled. 
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The cake eater will always have a few crumbs to eat, be- 
cause he never takes 100% of the remainder. Likewise, the 
capacitor will never acquire a full charge. In a perfect world 
of perfect components, this process would continue for an 
infinite time. 


In the real world, we say rather arbitrarily: 


After 5 x TC the capacitor will be so nearly fully 
charged, we won't care about the difference. 


In the table is a calculation (rounded to two decimal places) 
showing the charge accumulating on a capacitor in a 12- 
volt circuit where the time constant is 1 second. 


Here's how to understand the table. V1 is the current charge 
on the capacitor. Subtract this from the supply voltage (12 
volts) to find the difference. Call the result V2. Now take 63% 
of V2, and add this to the current charge (V1) and call the 
result V4. This is the new charge that the capacitor will have 
after 1 second, so we copy it down to the next line in the 
table, and it becomes the new value for V1. 


Now we repeat the same process all over again. Figure 2-82 
shows this in graphical form. Note that after 5 seconds, 

the capacitor has acquired 11.92 volts, which is 99% of 

the power supply voltage. This should be close enough to 
satisfy anyone's real-world requirements. 


VI: 
Charge on capacitor 


Time 
in secs 
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If you try to verify these numbers by measuring the voltage 
across the capacitor as it charges, remember that because 
your meter steals a little current, there will be a small 
discrepancy that will increase as time passes. For practical 
purposes, the system works well enough. 


Figure 2-82. A capacitor starts with O volts. After 1 time con- 
stant it adds 63% of the available voltage. After another time 
constant, it adds another 63% of the remaining voltage differ- 
ence, and so on. 


V3: 
63% of V2 


Experiment 10: Transistor Switching 
You will need: 

e AC adapter, breadboard, wire, and meter. 

¢ LED. Quantity: 1. 

e Resistors, various. 

e Pushbutton, SPST. Quantity: 1. 

e Transistor, 2N2222 or similar. Quantity: 1. 


A transistor can switch a flow of electricity, just like a relay. But it’s much more 
sensitive and versatile, as this first ultra-simple experiment will show. 


We'll start with the 2N2222 transistor, which is the most widely used semi- 
conductor of all time (it was introduced by Motorola in 1962 and has been in 
production ever since). 


First, you should get acquainted with the transistor. Because Motorola's pat- 
ents on the 2N2222 ran out long ago, any company can manufacture their 
own version of it. Some versions are packaged in a little piece of black plastic; 
others are enclosed in a little metal “can.” (See Figure 2-83.) Either way, it con- 
tains a piece of silicon divided into three sections known as the collector, the 
base, and the emitter. l'Il describe their function in more detail in a moment, 
but initially you just need to know that in this type of transistor, the collector 


receives current, the base controls it, and the emitter sends it out. 


Use your breadboard to set up the circuit shown in Figure 2-85. Be careful to 
get the transistor the right way around! (See Figure 2-84.) For the three brands 
| have mentioned in the shopping list, the flat side should face right, if the 
transistor is packaged in black plastic, or the little tab should face toward the 
lower left, if the transistor is packaged in metal. 


12v 
DC 


RI 1800 
R2: 10K 
R3: 6800 


D1: LED 
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Figure 2-83. A typical transistor is pack- 
aged either in a little metal can or a molded 
piece of black plastic. The manufacturer's 
data sheet tells you the identities of the 
three wire leads, relative to the flat side of 
a black plastic transistor or the tab that 
sticks out of a metal-can transistor. 


Collector Collector 
Base Baus 
Emitter Emitter 


Figure 2-84. The 2N2222 transistor may be 
packaged in either of these formats. Left: 
RadioShack or Fairchild. Right: STMicro- 
electronics (note the little tab sticking out 
at the lower-left side). If you use a different 
brand, you'll have to check the manufac- 
turer's data sheet. Insert the transistor in 
your breadboard with the flat side facing 
right, as seen from above, or the tab point- 
ing down and to the left, seen from above. 


Figure 2-85. The transistor blocks voltage that reaches it through R1. 
But when pushbutton S1 is pressed, this tells the transistor to allow 
current to pass through it. Note that transistors are always identified 
with letter Q in wiring diagrams and schematics. 


S1: Pushbutton, momentary, OFF (ON) 


Q1: 2N2222 or similar 
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RO R1 


R3 


NES 


Figure 2-88. This shows the same circuit as 
the breadboard diagram in Figure 2-85. 
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Initially, the LED should be dark. Now press the pushbutton and the LED should 
glow brightly. Electricity is following two paths here. Look at the schematic in 
Figure 2-86, which shows the same circuit more clearly. I’ve shown positive at 
the top and negative at the bottom (the way most schematics do it) because it 
helps to clarify the function of this particular circuit. If you view the schematic 
from the side, the similarity with the breadboard layout is easier to see. 


Through R1, voltage reaches the top pin (the collector) of the transistor. The 
transistor only lets a tiny trickle of it pass through, so the LED stays dark. When 
you press the button, voltage is also applied along a separate path, through R2 
to the middle pin (the base) of the transistor. This tells the transistor to open 
its solid-state switch and allow current to flow out through its third pin (the 
emitter), and through R3, to the LED. 


You can use your meter in volts DC mode to check the voltage at points in the 
circuit. Keep the negative probe from the meter touching the negative voltage 
source while you touch the positive probe to the top pin of the transistor, the 
middle pin, and the bottom pin. When you press the button, you should see 
the voltage change. 


Fingertip Switching 


Now here's something more remarkable. Remove R2 and the pushbutton, and 
insert two short pieces of of wire as shown in Figure 2-87. The upper piece of 
wire connects with the positive voltage supply; the lower piece connects with 
the middle pin of the transistor (its base). Now touch the tip of your finger to 
the two wires. Once again, the LED should glow, although not as brightly as 
before. Lick the tip of your finger, try again, and the LED should glow more 
brightly. 


Never Use Two Hands 


I 

I 

l 

| The fingertip switching demo is safe if the electricity passes just through your finger. 
¡ You won't even feel it, because it’s 12 volts DC from a power supply of 1 amp or less. 

| Butit's not a good idea to put the finger of one hand on one wire, and the finger of 

| your other hand on the other wire. This would allow the electricity to pass through 

¡ your body. Although the chance of hurting yourself this way is extremely small, you 
' should never allow electricity to run through you from one hand to the other. Also, 

| when touching the wires, don't allow them to penetrate your skin. 
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Your finger is conducting positive voltage to the base of the transistor. Even 
though your skin has a high resistance, the transistor still responds. It isn't just 
switching the LED on and off; it is amplifying the current applied to its base. 
This is an essential concept: a transistor amplifies any changes in current that 
you apply to its base. 


Check Figure 2-88 to see more clearly what's happening. 


If you studied the section “Background: Positive and negative” in Chapter 1, 
you learned that there is really no such thing as positive voltage. All we re- 
ally have is negative voltage (created by the pressure of free electrons) and 
an absence of negative voltage (where there are fewer free electrons). But be- 
cause the idea of a flow of electricity from positive to negative was so widely 
believed before the electron was discovered, and because the inner workings 
of a transistor involve “holes” which are an absence of electrons and can be 
thought of as positive, we can still pretend that electricity flows from positive 
to negative. See the following section, “Essentials: All about NPN and PNP tran- 
sistors,’ for more details. 


12v 
DC 
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Figure 2-88. These two diagrams show 

the same components as before, with a 
fingertip substituted for R2. Although only 
a trickle of voltage now reaches the base 
of the transistor, it's enough to make the 
transistor respond. 
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All about NPN and PNP transistors 


A transistor is a semiconductor, meaning that sometimes it You can think of a bipolar transistor as if it contains a little 


conducts electricity, and sometimes it doesn't. Its internal button inside, as shown in Figures 2-89 and 2-90. When the 
resistance varies, depending on the power that you apply to button is pressed, it allows a large current to flow. To press 
its base. the button, you inject a much smaller current into the base 


by applying a small voltage to the base. In an NPN transis- 
tor, the control voltage is positive. In a PNP transistor, the 
control voltage is negative. 


NPN and PNP transistors are bipolar semiconductors. They 
contain two slightly different variants of silicon, and con- 
duct using both polarities of carriers—holes and electrons. 


The NPN type is a sandwich with P-type silicon in the mid- 
dle, and the PNP type is a sandwich with N-type silicon in 
the middle. If you want to know more about this terminol- | itive p | heb 
ogy, and the behavior of electrons when they try to cross an ie os LOE area ne: j jis 

NP junction or a PN junction, you'll have to read a separate in the schematic symbol, the arrow points from base to 
source on this subject. It's too technical for this book. All you emitter and shows the direction of positive current. 
need to remember is: - The base must be at least 0.6 volts “more positive” than 
the emitter, to start the flow. 


NPN transistor basics 
e To start the flow of current from collector to emitter, 


« All bipolar transistors have three connections: Collec- 


tor Base: and Emitter abbrevistedas € Bond Eontira e The collector must be “more positive” than the emitter. 
manufacturer's data sheet, which will identify the pins 
for you. PNP transistor basics 

- NPN transistors are activated by positive voltage on the - To start the flow of current from emitter to collector, 
base relative to the emitter. apply a relatively negative voltage to the base. 

- PNP transistors are activated by negative voltage on the - Inthe schematic symbol, the arrow points from emitter 
base relative to the emitter. to base and shows the direction of positive current. 


e The base must be at least 0.6 volts “more negative” than 


In their passive state, both types block the flow of electricity 
the emitter, to start the flow. 


between the collector and emitter, just like an SPST relay in 
which the contacts are normally open. (Actually a transistor e The emitter must be “more positive” than the collector. 
allows a tiny bit of current known as “leakage”” 


C 


E 


Figure 2-80. In a PNP transistor, a small negative potential has 
the same effect. The arrows point in the direction of “positive 
current flow.” 


Figure 2-88. You can think of a bipolar transistor as if it contains 
a button that can connect the collector and the emitter. In an 
NPN transistor, a small positive potential presses the button. 
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All about NPN and PNP transistors (continued) 


All-transistor basics 


Never apply a power supply directly across a transistor. 
You can burn it out with too much current. 


Protect a transistor with a resistor, in the same way you 
would protect an LED. 


Avoid reversing the connection of a transistor between 
positive and negative voltages. 


Sometimes an NPN transistor is more convenient in a 
circuit; sometimes a PNP happens to fit more easily. 
They both function as switches and amplifiers, the only 
difference being that you apply a relatively positive 
voltage to the base of an NPN transistor, and a rela- 
tively negative voltage to the base of a PNP transistor. 


PNP transistors are used relatively seldom, mainly 
because they were more difficult to manufacture in the 
early days of semiconductors. People got into the habit 
of designing circuits around NPN transistors. 


Remember that bipolar transistors amplify current, not 

voltage. A small fluctuation of current through the base 
enables a large change in current between emitter and 

collector. 


Qe 
E 6 


Figure 2-31. The symbol for an NPN transistor always has an ar- 
row pointing from its base to its emitter. Some people include 
a circle around the transistor; others don't bother. The style of 
the arrow may vary. But the meaning is always the same. The 
top-left version is the one | use in this book. 


e Schematics sometimes show transistors with circles 
around them, and sometimes don't. In this book, l'Il use 
circles to draw attention to them. See Figures 2-91 and 
2-92. 

e Schematics may show the emitter at the top and the 
collector at the bottom, or vice versa. The base may be 
on the left, or on the right, depending on what was most 
convenient for the person drawing the schematic. Be 
careful to look carefully at the arrow in the transistor to 
see which way up it is, and whether it is NPN or PNP. You 
can damage a transistor by connecting it incorrectly. 


e Transistors come in various different sizes and con- 
figurations. In many of them, there is no way to tell 
which wires connect to the emitter, the collector, or the 
base, and some transistors have no part numbers on 
them. Before you throw away the packaging that came 
with a transistor, check to see whether it identifies the 
terminals. 


e If you forget which wire is which, some multimeters 
have a function that will identify emitter, collector, and 
base for you. Check your multimeter instruction book- 
let for more details. 


+ 
€ + 


Figure 2-S2. The symbol for a PNP transistor always has an ar- 
row pointing from its emitter to its base. Some people include 
a circle around the transistor; others don't bother. The style of 
the arrow may vary. But the meaning is always the same. The 
top-left version is the one | use in this book. 
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Transistor origins 


Though some historians trace the origins of the transistor back to the inven- 
tion of diodes (which allow electricity to flow in one direction while preventing 
reversal of the flow), there's no dispute that the first working transistor was 
developed at Bell Laboratories in 1948 by John Bardeen, William Shockley, and 
Walter Brattain (Figure 2-93). 


Shockley was the leader of the team, who had the foresight to see how 
potentially important a solid-state switch could be. Bardeen was the theorist, 
and Brattain actually made it work. This was a hugely productive collabora- 
tion— until it succeeded. At that point, Shockley started maneuvering to have 
the transistor patented exclusively under his own name. When he notified his 
collaborators, they were—naturally —unhappy about this idea. 


A widely circulated publicity photograph didn't help, in that it showed Shockley 
sitting at the center in front of a microscope, as if he had done the hands-on 
work, while the other two stood behind him, implying that they had played a 
lesser role. In fact Shockley, as the supervisor, was seldom present in the labora- 
tory where the real work was done. 


The productive collaboration quickly disintegrated. Brattain asked to be trans- 
ferred to a different lab at AT&T. Bardeen moved to the University of Illinois 

to pursue theoretical physics. Shockley eventually left Bell Labs and founded 
Shockley Semiconductor in what was later to become Silicon Valley, but his am- 
bitions outstripped the capabilities of the technology of his time. His company 
never manufactured a profitable product. 


Eight of Shockley's coworkers in his company eventually betrayed him by 
quitting and establishing their own business, Fairchild Semiconductor, which 
became hugely successful as a manufacturer of transistors and, later, integrated 
circuit chips. 


a | 
Figure 2-83. Photographs provided by the Nobel Foundation show, left to right, John 
Bardeen, William Shockley, and Walter Brattain. For their collaboration in develop- 
ment of the world's first working transistor in 1948, they shared a Nobel prize in 
1956, 
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Transistors and relays 


One limitation of NPN and PNP transistors is that they are naturally “off” until 
you turn them “on.” They behave like a normally open pushbutton, which 
conducts electricity only for as long as you hold it down. They don't normally 
behave like a normal on switch, which stays on until you apply a signal to turn 
it off. 


A relay offers more switching options. It can be normally open, normally closed, 
or it can contain a double-throw switch, which gives you a choice of two “on” 
positions. It can also contain a double-pole switch, which makes (or breaks) two 
entirely separate connections when you energize it. Single-transistor devices 
cannot provide the double-throw or double-pole features, although you can 
design more complex circuits that emulate this behavior. 


Here’s a list of transistor and relay characteristics. 


Transistor 
Long-term reliability Excellent Limited 
Configurable for DP and DT switching No Yes 
Ability to switch large currents Limited Good 
Able to switch alternating current (AC) Usually not Yes 
Can be triggered by alternating current (AQ) Usually not Optional 
Suitability for miniaturization Excellent Very limited 
Sensitive to heat High Moderate 
Ability to switch at high speed Excellent Limited 
Price advantage for low-voltage low-current Yes No 
Price advantage for high-voltage high-current No Yes 


Current leakage when “off” Yes No 


The choice between relays or transistors will depend on each particular 
application. 
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See the current 


If you want to get a more precise understanding of how a 
transistor works, you should try this little test. It shows the 
precise behavior and limits of the 2N2222 transistor that 
you used in the previous experiment. 


I’ve said that in an NPN transistor, the collector should 
always be more positive than the emitter and that the base 
should have a potential somewhere between those two 
voltages. Figure 2-94 shows this rather vague relationship. 
Now | want to substitute some numbers for these general 
statements. 


More 
positive 


Somewhere B 
in between 


More 
negative 


Figure 2-84. The proper functioning of an NPN transistor re- 
guires you to maintain these voltage relationships. 


Take a look at the schematic in Figure 2-95, and check the 
component values. Notice that the total resistance above 
the transistor, from R1 + R2, is the same as the total resis- 
tance below it, from R3 + R4. Therefore the potential on the 
base of the transistor should be halfway between the two 
extremes—until you use potentiometer P1 to adjust the 
voltage of the base of the transistor up and down. 


The two 1800 resistors, R1 and R3, protect the transistor 
from passing excessive current. The two 10K resistors, R2 
and R4, protect the base when the potentiometer is turned 
all the way up or all the way down. 


| would like you to see what the transistor is doing by mea- 
suring the amperage flowing into the base at the position 
marked A1, and the total amperage flowing out through the 
emitter at the position marked A2. To do this, it would be re- 
ally helpful if you had two meters. As that may be impracti- 
cal, the breadboard diagrams in Figures 2-96 and 2-97 show 
how you can swap one meter between the two locations. 
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THEORY 


Remember that to measure milliamps, you have to pass 
electricity through the meter. This means that the meter 
must be inserted into the circuit, and whenever you remove 
the meter, you have to remake the connection where the 
meter was. The breadboard diagram shows how you can do 
this. Fortunately, it’s very easy to remove and replace wires 
in a breadboard. Where wires are connected to the potenti- 
ometer, you may need to revert to using alligator clips. 


Begin with the potentiometer turned about halfway 
through its range. Measure at A1 and A2. Turn the potenti- 
ometer up a bit, and measure current at the two locations 
again. Following is a table showing some actual readings | 
obtained at those two locations, using two digital meters 
simultaneously. 


Milliamps passing Milliamps passing 


through location A2 


through location Al 


0.01 19 
d ooa A 
d 003) 0 
a A 
A oao 129 
A. o 155. 
A o7f 179 
A of 198 
a 009, 22.1 
Be 0 10 po 2 49 
A 0 11 IA: 2 60. 
A 0 12 f} oo 2 83 


There's a very obvious relationship. The current emerging 
from the emitter of the transistor, through location A2, is 
about 24 times the current passing through location A1, 
into the base. The ratio of current coming out from the 
emitter of an NPN transistor to current going into the base 
is known as the beta value for a transistor. The beta value 
expresses the transistor's amplifying power. 


It's a very constant ratio, until you push it a little too far. Above 
0.12 mA, this particular transistor becomes “saturated,” mean- 
ing that its internal resistance cannot go any lower. 
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See the current (continued) 


In my little experiment, | found that the maximum cur- 12V 
rent at A2 was 33mA. A simple calculation using Ohm's 

Law showed me that this meant the transistor's internal 
resistance was near zero. This is why you should protect a 
transistor with some additional resistance in the circuit. If 
you don't, its low internal resistance would allow a huge cur- 
rent flow that would immediately burn it out. 


What about the other end of its range? When it passes only 

1.9 mA, the transistor has an internal resistance of around 

6,0000. The conclusion is that depending how much cur- P1 
rent you apply to this transistor, its internal resistance varies 
between zero and 6,0000, approximately. 


Figure 2-85. This is basically the 
same as the previous circuit, 
with a potentiometer added and 
the LED removed. Component 
values: 


So much for the theory. Now what can we do with a transis- 


tor that's fun, or useful, or both? We can do Experiment 11! R4 R1: 1800 


re. JOR 

R3: 1800 

R4: 10K 

P1: 1M linear potentiometer 
Q1: 2N2222 transistor 


Yin e e.e A ng u E 
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Figure 2-38. The meter is measuring current flowing from the Figure 2-87. One end of resistor R3 has been unplugged from 

potentiometer into the base of the transistor at position Al the breadboard so that the meter now measures current 

(see Figure 2-95). flowing out through the emitter of the transistor, into R3, at 
position A2. 
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Figure 2-88. Assemble these components, 
apply power, and the LED should start 
flashing. 


R1: 470K 

Re: 15K. 

R3 27K 

C1: 2.2 uF electrolytic capacitor 
DISEED 

Q1: 2N6027 programmable unijunction 
transistor 
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Experiment 11: A Modular Project 
You will need: 
e AC adapter, breadboard, wire, and meter. 
e LED. Quantity: 1. 
e Resistors, various. 
e Capacitors, various. 
e Transistor, 2N2222 or similar. Quantity: 2. 
e 2N6027 programmable unijunction transistor (PUT). Quantity: 2. 
e Miniature 80 loudspeaker. Quantity: 1. 


So far, I’ve described small circuits that perform very simple functions. Now 
it's time to show how modules can be combined to create a device that does 
a bit more. 


The end product of this experiment will be a circuit that makes a noise like a 
small siren, which could be used in an intrusion alarm. You may or may not 
be interested in owning an alarm, but the four-step process of developing it 
is important, because it shows how individual clusters of components can be 
persuaded to communicate with each other. 


l'Il begin by showing how to use a transistor to make a solid-state version of 
the oscillating circuit that you built with a relay in Experiment 8. The relay, you 
may remember, was wired in such a way that the coil received power through 
the contacts of the relay. As soon as the coil was energized, it opened the con- 
tacts, thus cutting off its own power. As soon as the contacts relaxed they re- 
stored the power, and the process repeated itself. 


There's no way to do this with a single bipolar transistor. You actually need two 
of them, switching each other on and off, and the way that this works is quite 
hard to understand. An easier option is to use a different thing known as a 
programmable unijunction transistor, or PUT. 


Unijunction transistors were developed during the 1950s, but fell into disuse 
when simple silicon chips acquired the ability to perform the same kinds of 
functions, more accurately and more cheaply. However, the so-called pro- 
grammable unijunction transistor is still widely available, often used in appli- 
cations such as lamp dimmers and motor controllers. Because its primary use 
is in generating a stream of pulses, it’s ideal for our purposes. 


If you put together the components shown in Figure 2-98, the LED should start 
flashing as soon as you apply power. 


Note that this circuit will work on 6 volts. You won't damage anything if you 
run it with 12 volts, but as we continue adding pieces to it, you'll find that 
it actually performs better at 6 volts than at 12. If you read the next section, 
“Essentials: All about programmable unijunction transistors,’ you'll find out 
how the circuit works. 
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All about programmable unijunction transistors 


The schematic symbol for a programmable unijunction transistor, or PUT, looks 
very different from the symbol for a bipolar transistor, and its parts are named 
differently, too. Nevertheless, it does have a similar function as a solid-state 
switch. The symbol and the names of the three connections are shown in Figure 
2-99, 


Note that this is a rare case (maybe the only one in the whole of electronics!) in 
which you won't run into confusing variations of the basic schematic symbol. A 
PUT always seems to look the way I've drawn it here. Personally | think it would be 
clearer if we added a circle around it, but no one seems to do that, so | won't, either. 


The 2N6027 is probably the most common PUT, and seems to be standardized 
in its packaging and pin-outs. I’ve only seen it in a plastic module rather than 

a little tin can. Figure 2-100 shows the functions of the leads if your 2N6027 is 
manufactured by Motorola or On Semiconductor. If you have one from another 
source, you should check the data sheet. 


Note that the flat side of the plastic module faces the opposite way around 
compared with the 2N2222 bipolar transistor, when the two devices are func- 
tioning similarly. 


The PUT blocks current until its internal resistance drops to allow flow from the 
“anode” to the “cathode. In this way, it seems very similar to an NPN transistor, but 
there's a big difference in the circumstances that cause the PUT to lower its resis- 
tance. The voltage at the anode determines when the PUT allows current to flow. 


Suppose you start with, say, 1 volt at the anode. Slowly, you increase this volt- 
age. The transistor blocks it until the anode gets close to 6 volts. Suddenly this 
pressure breaks down the resistance and current surges from the anode to the 
cathode. If the voltage goes back down again, the transistor reverts to its origi- 
nal state and blocks the flow. 


I’ve included another version of the “finger on the button” drawing to convey 
this concept. The voltage on the anode is itself responsible for pushing the but- 
ton that opens the pathway to the cathode. See Figure 2-101. 


Anode 


Cathode Cathode 


Figure 2-88. The schematic symbol for Figure 2-160. In PUTs manufactured by 
a PUT. On Semiconductor and Motorola, the 
leads have these functions. 
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ESSENTIALS 


All about programmable unijunction transistors 
(continued) 


This may cause you to wonder what the function of the gate is. You can think of 
it as “assisting” the finger on the button. In fact, the gate is the “programmable” 
part of a PUT. By choosing a voltage for the gate, you establish the threshold 
point when current starts to flow. 


Here's a simple take-home summary: 


e The anode has to be more positive than the cathode, and the gate should 
be between those two extremes. 


If anode voltage increases above a threshold point, current bursts through 
and flows from the anode to the cathode. 


If anode voltage drops back down below the threshold, the transistor stops 
the flow. 


The voltage you apply to the gate determines how high the threshold is. 


The gate voltage is adjusted with two resistors, shown as R1 and R2 in the 
simple schematic in Figure 2-102. Typically, each resistor is around 20K. The 
PUT is protected from full positive voltage by R3, which can have a high 
value, 100K or greater, because very little current is needed to bias the 
transistor. 


You add your input signal in the form of positive voltage at the anode. 
When it exceeds the threshold, it flows out of the cathode and can work 
some kind of output device. 


The only remaining question is how we make a PUT oscillate, to create a stream 
of on/off pulses. The answer is the capacitor that you included in the circuit that 
you breadboarded at the beginning of Experiment 11. 


CATHODE 


Figure 2-101. When voltage at the anode Figure 2-102. This simple schematic 

of a PUT crosses a threshold (deter- shows how a PUT is used. R1 and R2 
mined by a preset voltage at the gate), determine the voltage at the gate, which 
current breaks through and surges from sets the threshold point for the input at 
the anode to the cathode. In this sense, the anode. Above the threshold, current 
the anode voltage acts as ifitpressesa flows from anode to cathode. 

button itself to open a connection inside 

the PUT, with some assistance from 

control voltage at the gate. 
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Step 1: Slow-Speed Oscillation 


Figure 2-103 is a schematic version of the previous PUT breadboard circuit 
shown in Figure 2-98, drawn so that the layout looks as much like the bread- 
board as possible. 


6V 
DC 


Figure 2-163. This makes it easier to see what's happening in the breadboard version. 


The 15K resistor and 27K resistor establish the voltage at the gate. The 470K 
resistor supplies the anode of the PUT, but the PUT begins in its “off” condition, 
blocking the voltage. So the voltage starts to charge the 2.2 uF capacitor. 


You may remember that a resistor slows the rate at which a capacitor accu- 
mulates voltage. The bigger the resistor and/or the larger the capacitor, the 
longer the capacitor takes to reach a full charge. In this circuit, the capacitor 
takes about half a second to get close to 6 volts. 


But notice that the PUT is connected directly with the capacitor. Therefore, 
whatever voltage accumulates on the capacitor is also experienced by the 
PUT. As the voltage gradually increases, finally it reaches the threshold, which 
flips the PUT into its “on” state. The capacitor immediately discharges itself 
through the PUT, through the LED (which flashes), and from there to the nega- 
tive side of the power supply. 


The surge depletes the capacitor. The voltage drops back down, and the PUT 
returns to its original state. Now the capacitor has to recharge itself all over 
again, until the whole process repeats itself. 


If you substitute a 22 uF capacitor, the charge/discharge cycle should take 
about 10 times as long, which will give you time to measure it. Set your me- 
ter to measure volts DC and place its probes on either side of the capacitor. 
You can actually watch the charge increasing until it reaches the threshold, at 
which point the capacitor discharges and the voltage drops back down again. 


So now we have an oscillator. What’s next? 
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Step 2: Beyond the Persistence of Vision 


If you substitute a much smaller capacitor, it will charge much more quickly, 
and the LED will flash faster. Suppose you use a capacitor of 0.0047 uF (which 
can also be expressed as 47 nanofarads, or 47 nF). This seems like an odd num- 
ber, but it's a standard value for a capacitor. This will reduce the capacitance by 
a factor of more than 500, and therefore the LED should flash about 500 times 
as fast, which should be about 1,000 times per second. The human eye cannot 
detect such rapid pulses. The human ear, however, can hear frequencies up to 
10,000 per second and beyond. If we substitute a miniature loudspeaker for 
the LED, we should be able to hear the oscillations. 


Figure 2-104 shows how I'd like you to make this happen. Please leave your 
original, slow-flashing circuit untouched, and make a duplicate of it farther 
down the breadboard, changing a couple of component values as indicated. 
In the schematic in Figure 2-105, the new part of the circuit is in solid black, 
while the previous section is in gray. 


6V 
DC 


© © 


.0047uF 


2N6027 


Figure 2-104. The extra components which have been added at the lower half of the bread- Figure 2-105. The previous section that you 
board have the same functions as the components at the top, but some values are slightly built is shown in gray. Just add the new 
different: section in black. 


R4: 470K 

Ro 33K 

R6: 27K 

R7: 1000 

C2: 0.0047 uF 

Q2: 2N6027 

L1: 80 1-inch loudspeaker 
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| want you to keep the slow-flashing circuit separately, untouched, because | 
have an idea to make use of it a little later. You can leave the LED blinking. 


The loudspeaker should be wired in series with a 1000 resistor to limit the cur- 
rent that flows out of the PUT. The loudspeaker doesn't have any polarity, even 
though it is fitted with a red wire and a black wire. You can connect it either 
way around. 


Initially, you may be disappointed, because the circuit will not seem to be do- 
ing anything. However, if you place your ear very, very close to the loudspeak- 
er, and if you wired the circuit correctly, you should hear a faint buzz, like a 
mosquito. Obviously, this isn’t loud enough to serve any practical purpose. We 
need to make it louder. In other words, we need to amplify it. 


Maybe you remember that the 2N2222, which you played with previously, can 
function as an amplifier. So let's try using that. 


Step 3: Amplification 


Disconnect the loudspeaker and its 100Q series resistor. Then add the 2N 2222, 
which is linked with the output from the PUT via a 1K resistor to protect it from 
excessive current. See Figure 2-107. 


The emitter of the 2N2222 is connected to ground, and the collector is sup- 
plied through the loudspeaker and its 1000 series resistor. This way, small fluc- 
tuations in the output from the PUT are sensed by the base of the 2N2222 
which converts them into bigger fluctuations between the collector and the 
emitter, which draw current through the loudspeaker. Check the schematic in 
Figure 2-108. 


Now the sound should be louder than an insect buzz, but still not really loud 
enough to be useful. What to do? 


Well—how about if we add another 2N2222? Bipolar transistors can be placed 
in series, so that the output from the first one goes to the base of the second 
one. The 24:1 amplification of the first one is multiplied by another 24:1, giving 
a total amplification of more than 500:1. 


There are limits to this technique. The 2N2222 can only conduct so much cur- 
rent before getting overloaded, and excess amplification can cause distortion. 
But when | built this circuit, | used a meter to verify that we're still within the 
design limits of a 2N2222, and for this project, | don't care whether the sound 
is slightly distorted. 
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Mounting a 
loudspeaker 


The diaphragm or cone of a 
loudspeaker is designed to radi- 
ate sound, but as it oscillates to 
and fro, it emits sound from its 
back side as well as its front side. 
Because the sounds are opposite 
in phase, they tend to cancel each 
other out. 


The perceived output from a 
loudspeaker can increase dramati- 
cally if you add a horn around it in 
the form of a tube to separate the 
output from the front and back 

of the speaker. For a miniature 
1-inch loudspeaker, you can bend 
and tape a file card around it. See 
Figure 2-106. 


Better still, mount it in a box so 
that the box absorbs the sound 
from the rear of the loudspeaker. 


For purposes of these simple 
experiments, | won't bother to go 
into the details of vented enclo- 
sures and bass-reflex designs. 


Figure 2-108. A loudspeaker emits 
sound from its bottom surface as 
well as its top surface. To increase 
the perceived audio volume, use 
a cardboard tube to separate the 
two sound sources, or mount the 
speaker in a small box. 
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6V 
DC 


6V 
DC 


2N2222 


Figure 2-107. By adding a 2N2222 general-purpose transistor, we amplify the signal Figure 2-108 
from Q2: 


R8: 1K 
Oo 2N2222 


Other components are the same as in the previous step in constructing this circuit. 
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Add the second 2N2222 as shown in Figure 2-109. In Figure 2-110, once again 
the previously wired section is in gray. 


If the accumulation of electrical components is beginning to seem confusing, 
remember that each cluster of parts has a separate defined function. We can 
draw a block diagram to illustrate this, as in Figure 2-112. 


Using the second 2N2222, you should find that the output is more clearly 
audible, at least within the limits of your tiny 1-inch loudspeaker. Cup your 
hands around it to direct the sound, and you'll find that the volume seems 
to increase. You can also try using a 3-inch loudspeaker, which will create a 
generally better audio output while still remaining within the limits of the little 
2N2222 transistor. See Figure 2-106, shown previously, and Figure 2-111. 
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6V 
DC 


L IN) 
Ss = 


Figure 2-108. Q4 is another 2N2222 transistor that further amplifies the signal. It receives 


Figure 2-116. This schematic is comparable 
power through R9: 2.2K. 


with the component layout in Figure 2-109. 


Figure 2-111. The 2N2222 transistor is quite capable of driving a 3-inch loudspeaker, which 
will create much better sound than a 1-inch speaker. 


Switching Basics and More 89 


Experiment 11: A Modular Project 


Power 


t 


Fast Oscillator 


Amplifier 


Loudspeaker 


Power 


Slow Oscillator 


Fast Oscillator 


Amplifier 


Loudspeaker 


Figure 2-112. Top: The basic functions of 
the noisemaking oscillator circuit shown 
as a block diagram. Bottom: The same 
functions with a slow oscillator added to 
control the fast oscillator. 
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Step 4: Pulsed Output 


If you wanted to use this audio signal as some kind of an alarm, a steady dron- 
ing noise is not very satisfactory. A pulsing output would be a much better 
attention-getter. 


Well, the first section of the circuit that you assembled created a pulsing signal 
about twice per second. You used it to flash an LED. Maybe we can get rid of 
the LED and feed the output from the first section to the second section. The 
lower block diagram in Figure 2-112 explains this concept. 


Can it really be that simple? Well, yes and no. The trick is to make the output 
from the first section compatible with the input to the second section. If you 
simply connect a wire from the cathode of the first PUT to the anode of the 
second PUT, that’s not going to work, because the second PUT is already oscil- 
lating nicely between low and high voltage, about 1,000 times each second. 
Add more voltage, and you will disrupt the balance that enables oscillation. 


However, remember that the voltage on the gate of a PUT affects its threshold 
for conducting electricity. Maybe if we connect the output from Q1 to the gate 
of Q2, we'll be able to adjust that threshold automatically. The voltage still has 
to be in a range that the PUT finds acceptable, though. We can try various re- 
sistors to see which one works well. 


This sounds like trial and error—and that's exactly what it is. Doing the math 
to predict the behavior of a circuit like this is far too complicated—for me, any- 
way. | just looked at the manufacturer's data sheet, saw the range of resistor 
values that the PUT would tolerate, and chose one that seemed as if it should 
work. 


If you remove the LED and substitute R10 as shown in the breadboard diagram 
in Figure 2-113, you'll find that the fluctuating output from Q1 makes Q2 emit 
a two-tone signal. This is more interesting, but still not what | want. I’m think- 
ing that if | make the pulses out of Q1 less abrupt, the result could be better, 
and the way to smooth a pulsing output is to hook up another capacitor that 
will charge at the beginning of each pulse and then release its charge at the 
end of each pulse. This is the function of C3 in Figure 2-114, and it completes 
the circuit so that it makes a whooping sound almost like a “real” alarm. 


If you don't get any audio output, check your wiring very carefully. It’s easy to 
make a wrong connection on the breadboard, especially between the three 
legs of each transistor. Use your meter, set to DC volts, to check that each sec- 
tion of the circuit has a positive voltage relative to the negative side of the 
power supply. 


Figure 2-115 shows how your circuit should actually look on the breadboard. 
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Figure 2-113. R10 connects the slow-running oscillator at the top of the breadboard to the Figure 2-114. This schematic shows the 
gate of Q2, the PUT in the middle of the breadboard. This modulates the audio oscillator, same circuit as in Figure 2-113: 
with addition of a smoothing capacitor. RIO: 10K 


C3: 2.2 UF 


Figure 2-115. This photograph shows the complete alarm-audio circuit on a breadboard. 


Switching Basics and More 91 


Experiment 11: A Modular Project 


92 


Tweaking it 


There's still a lot of room for creativity here: 


Adjust the frequency of the sound: Use a smaller or larger capacitor in- 
stead of C2 (half or twice the current value). Use a smaller or larger value 
for R5. 


Adjust the pulsing feature: Use a smaller or larger capacitor instead of C1 
(half or twice the current value). Use a smaller or larger value for R2. 


General performance adjustments: try a larger value for R1. Try smaller or 
larger values for C3. 


Try running the circuit at 7.5 volts, 10 volts, and 12 volts. 


The circuits in this book are suggested as only a starting point. You should 
always try to tweak them to make them your own. As long as you follow the 
general rule of protecting transistors and LEDs with resistors, and respecting 
their requirements for positive and negative voltage, you're unlikely to burn 
them out. Of course, accidents will happen—- myself tend to be careless, and 
fried a couple of LEDs while working on this circuit, just because | connected 
them the wrong way around. 


Step 5: Enhancements 


A noisemaking circuit is just the output of an alarm. You would need several 
enhancements to make it useful: 


L 


Some kind of an intrusion sensor. Maybe magnetic switches for windows 
and doors? 


A way to start the sound if any one of the sensors is triggered. The way 
this is usually done is to run a very small but constant current through 
all of the switches in series. If any one switch opens, or if the wire itself is 
broken, this interrupts the current, which starts the alarm. You could make 
this happen with a double-throw relay, keeping the relay energized all the 
time until the circuit is broken, at which point, the relay relaxes, opening 
one pair of contacts and closing the other pair, which can send power to 
the noisemaker. 


The trouble is that a relay draws significant power while it's energized, and 
it also tends to get hot. | want my alarm system to draw very little current 
while it’s in “ready” mode, so that it can be powered by a battery. Alarm 
systems should never depend entirely on AC house current. 


If we don't use a relay, can we use a transistor to switch on the rest of the 
circuit when the power is interrupted? Absolutely; in fact, one transistor 
will do it. 


But how do we arm the alarm in the first place? Really, we need a three- 
step procedure. First, check a little light that comes on when all the doors 
and windows are closed. Second, press a button that starts a 30-second 
countdown, giving you time to leave, if that's what you want to do. And 
third, after 30 seconds, the alarm arms itself. 


Chapter 2 


4. If the alarm is triggered, what then? If someone forces open a window, 
should the alarm stop sounding as soon as the window is closed again? 
No, the alarm should lock itself on, until you turn it off. 


5. How do you turn it off? Some kind of secret-code keypad would be good. 


6. But to avoid driving everyone crazy if the alarm is triggered when you're 
not there, it should eventually stop itself, perhaps after about 10 minutes. 
At that point it should remain quiet but should light an LED to tell you 
what happened. You can then press a reset button to switch off the LED. 


Implementing the Wish List 


I’ve compiled a wish list that seems likely to make the project at least five times 
as complicated as it is already. Well, that's what tends to happen when you go 
beyond little demo circuits and try to design something that will be useful in 
everyday life. Suddenly you find yourself having to accommodate all kinds of 
circumstances and situations. 


Actually, | can and will show you how to take care of all the enhancements on 
the wish list, but I’m thinking that they will require us to get a little more seri- 
ous about electronics projects in general first. If you're going to build some- 
thing ambitious, you'll want to make it more permanent, and probably more 
compact, than a breadboard with components pushed into it. 


You will need to know how to connect everything permanently with solder, on 
a piece of perforated board that you can install in a neat little project box with 
switches and lights on the outside. 


lm going to deal with soldering and packaging in the next chapter. After that, 
we'll get back to the alarm project. 


Switching Basics and More 


Experiment 11: A Modular Project 
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More Serious 


| don’t know how far you'll want to delve into electronics, but | do know that 
I’ve shown you about as much as | can with just a handful of components, 
some wires, a breadboard, and a few tools. To continue, you'll need: 


e Some more tools and supplies 
e Basic soldering skills 
e Additional knowledge about: 
- Integrated circuits 
- Digital electronics 
- Microcontrollers 
- Motors 


The tools are not particularly exotic or expensive, and the soldering skills are 
easily acquired. Learning to join wires with solder is far easier than mastering 
high-level crafts such as jewelry making or welding. 


As for additional areas of knowledge about electronics, they are no more chal- 
lenging than those that | have covered already. 


By the end of this section, you should be able to transplant components from 
a breadboard onto perforated board, where you will solder everything togeth- 
er, and then mount the board in a little box with switches and warning lights 
on the front, for everyday use. 


Shopping List: Experiments 12 Through 15 


Tools 


Each of the following tools is rated Essential, Recommended, or Optional. The 
Essential tools will take you through this chapter of the book. If you supple- 
ment them with the Recommended tools, they should be sufficient to get you 
to the end of the book. The Optional tools will make your work easier, but 
whether they’re worth the money is for you to decide. Remember that URLs 
for manufacturers and sources of supply are all listed in the appendix. 


IN THIS CHAPTER 


Shopping List: Experiments 12 Through 15 
Experiment 12: Joining Two Wires Together 
Experiment 13: Broil an LED 

Experiment 14: A Pulsing Glow 


Experiment 15: Intrusion Alarm Revisited 
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lam assuming that you already have some commonly used workshop basics, 
such as an electric drill. 


Essential: Pencil-type 15-watt soldering iron 
Examples are RadioShack part 64-2051, McMaster-Carr catalog item 
7016A34, or Xytronic model 252. See Figure 3-1. Soldering irons rated at 
15 watts are less common than those that deliver 25 watts or more. Still, 
the 15-watt size is desirable for the small-scale work you'll be doing, and 
greatly reduces the risk of damaging components by inflicting excess 
heat. 


Figure 3-1. The low wattage of this pencil- When comparing prices, remember that a plated tip, which costs a little 
style soldering iron enables you to use it more, will last longer, will be easier to keep clean, and will conduct heat 
safely on sensitive components, and the bit lai w Eth f , esti 
sharp tip helps to apply heat selectively. more relia yt an a plain copper tip. tl e manu acturer's specification 

doesn't mention a plated tip, the soldering iron probably doesn't have 
one. 


Essential: General-duty soldering iron, 30 to 40 watts 
Although most of the projects in this book entail small, heat-sensitive 
components and thin wire, at some point you're likely to want to make a 
solder joint with larger components and/or thicker wire. A 15-watt solder- 
ing iron will be unable to deliver enough heat. You should consider having 
a larger soldering iron in reserve, especially because they are relatively 
inexpensive. 


Personally, | like the Weller Therma-Boost, shown in Figure 3-2, because 
Figure 3-2. This higher-wattage soldering it has an extra button that delivers more heat on demand. This is useful 
iron delivers the additional heat necessary when you want the iron to get hot quickly, or if you are trying to solder 


for thicker wire or larger components. The . 
discoloration quickly occurs as a result very thick wire, which absorbs a lot of heat. 


OP 2a o If you can't find or don't like the Weller, almost any 30-watt or 40-watt sol- 
capability of the iron, as long as the tip of 


it is clean. dering iron will do. Check eBay or your local hardware store. 


Essential: Helping hand 

The so-called “helping hand” (or “third hand”) has two alligator clips that 
hold components or pieces of wire precisely in position while you join 
them with solder. Some versions of the “helping hand” also feature a mag- 
nifying lens, a wire spiral in which you can rest your soldering iron, and a 
little soonge that you use to clean the tip of your iron when it becomes 
dirty. These additional features are desirable. Helping hands are available 
from all electronics hobby sources. Examples are the catalog item HH55 
from Elenco or model 64-2991 from RadioShack. See Figure 3-3. 


Essential: Magnifying lens 


¿La | ioe [me 


- | No matter how good your eyes are, a small, handheld, powerful magnify- 
Figure 3-3. The helping hand is fitted with ing lens is essential when you are checking solder joints on perforated 
deb o aa is pel de yes ) board. The three-lens set in Figure 3-4 is designed to be held close to your 
metal Spiraıi IS a sate piace to Roster a no : 7) : n 
andes e sores © eye, and is more powerful than the large lens on a “helping hand.” The 
wipe ¡ts tip. folding lens in Figure 3-5 stands on your workbench for hands-free opera- 


tion. Both are available from RadioShack and similar items are stocked by 
art supply stores and hobby shops. Plastic lenses are quite acceptable if 
you treat them carefully. 
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Figure 3-4. As long as you treat it carefully, Figure 3-S. This kind of folding magni- 


a cheap set of plastic magnifying lenses is fier can stand on your desktop and is 
perfectly acceptable. Handheld magnifica- useful for checking part numbers on tiny 
tion is essential for inspecting the solder components. 


joints that you make on perforated board. 


Essential: Clip-on meter test leads 
The probes that came with your multimeter require you to hold them in 
contact while you make a reading. This requires both hands, preventing 
you from doing anything else at the same time. 


When you use a pair of “minigrabber” probes with little spring-loaded 
clips at the end, you can attach the Common (negative) lead from your 
meter to the negative side of your circuit and leave it there, while you 
touch or attach the positive probe elsewhere. 


The Pomona model 6244-48-0 (shown in Figure 3-6) from Meter Superstore 
and some other suppliers is what you need. If you have trouble finding it 
or you object to the cost, you may consider making your own by buying a 
couple of “banana plugs” (such as RadioShack part 274-721) that will fit the 
sockets on your meter, and then use 16-gauge or thicker stranded wire to 
connect the plugs with IC test clips, such as Kobiconn 131C331 or RadioShack 
“mini hook clips,’ part number 270-372C. See Figures 3-7 and 3-8. 


Figure 3-8. These “minigrabber” add-ons for Figure 3-7. To make your own minigrabber Figure 3-8. Then screw a collar over the 
meter leads make it much easier to measure meter leads, first attach a banana plug to protruding piece of wire, and screw on the 
voltage or current. Push the spring-loaded a wire by sliding the wire through the cap, cap. The other end of the wire is soldered to 
button, and a little copper hook slides out. into the plug, and out through a hole in a probe. 

Attach it to a wire, release the button, and the side. 

you have your hands free for other tasks. It's 

a mystery that meters are not supplied with 

these grabbers as standard equipment. 
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Figure 3-8. Like an overpowered hair dryer, 
the heat gun is used with heat-shrink 
tubing to create a snug, insulated sheath 
around bare wire. 


Essential: Heat gun 


After you join two wires with solder, you often need to insulate them. 
Electrical tape, sometimes called insulating tape, is messy and tends to 
come unstuck. You'll be using heat-shrink tube, which forms a safe, per- 
manent sheath around a bare-metal joint. To make the tube shrink, use a 
heat gun, which is like a very powerful hair dryer. They're available from 
any hardware supply source, and | suggest you buy the cheapest one you 
can find. See Figure 3-9, 


Essential: Solder pump 


This little gadget sucks up hot, melted solder when you are trying to re- 
move a solder joint that you made in the wrong place. Available from All 
Electronics (catalog item SSR-1) or RadioShack 64-2086. See Figure 3-10. 


Essential: Desoldering wick 


Also known as desoldering braid. See Figure 3-11.You use this to soak up 
solder, in conjunction with the Solder Pump. Available from All Electronics 
(catalog item SWK) or RadioShack (part 64-2090). 


Essential: Miniature screwdriver set 


Dinky little electronic parts often have dinky little screws in them, and if 
you try to use the wrong size of screwdriver, you'll tend to mash the heads 
of the screws. | like the Stanley precision set, part number 66-052, shown 
in Figure 3-12. But any set will do as long as it has both small Phillips and 
straight-blade screwdrivers. 


Recommended: Soldering stand 

Like a holster for a gun, you rest your soldering iron in this stand when 
the iron is hot but not on use. Examples are catalog item 50B-205 from All 
Electronics, RadioShack model 64-2078, or check eBay. See Figure 3-13. 
This item may be built into the helping hand, but you need an extra one 
for your second soldering iron. 


Figure 3-10. Jo remove a Figure 3-11. An additional op- Figure 3-12. A set of small Figure 3-13. A safe and simple 
solder joint, you can heat the tion for removing liquid solder screwdrivers is essential. additional stand for a hot 
solder until it’s liquid, then is to soak it up in this copper soldering iron. 

suck it up into this squeezable braid. 

rubber bulb. 
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Recommended: Miniature hand saw 
| assume that you will want to mount a finished electronics project in a de- 
cent-looking enclosure. Consequently, you are likely to need tools to cut, 
shape, and trim thin plastic. For example, you may want to cut a square 
hole so that you can mount a square power switch in it. 


Power tools are not suitable for this kind of delicate work. A miniature 
handsaw (a.k.a. a “hobby saw”) is ideal for trimming things to fit. X-Acto 
makes a range of tiny saw blades. | suggest the #15 blade, plus the handle 
that it fits in, shown in Figure 3-14. Available online from Tower Hobbies, 
Hobbylinc, ArtCity, and many other arts/crafts sources. Also look for the 
larger X-Acto saw blade, #234 or #239, which you can use for cutting per- 
forated board. 


Figure 3-14. X-Acto makes a range of 

Pe a O TA small saw blades that are ideal for cutting 
ER square holes to mount components in 

A miniature vise can do things that the helping hand cannot. | use mine plastic panels. 

when l'm sawing small pieces of plastic and as a dead weight to anchor a 


piece of perforated board while I’m working on it. See Figure 3-15. 


Look for a cast-iron vise that is listed as being 1 inch or slightly larger, avail- 
able from Megahobby, eBay, and other arts/crafts sources. Also consider 
the PanaVise, which has a tilting head to allow you to turn your work to 
any angle. 


Recommended: Deburring tool 

A deburring tool instantly smoothes and bevels any rough edge (when you 
have sawn or drilled a piece of plastic, for instance) and also can enlarge 
holes slightly. This may be necessary because some components are manu- 
factured to metric sizes, which don't fit in the holes that you drill with Ameri- 
can bits. Your small local hardware store may not stock deburring tools, but Figure 3-15. This one-inch vise is available 
they are very inexpensively available from Sears, McMaster-Carr, KVM Tools, from the McMaster-Carr catalog. 

or Amazon. See Figure 3-16. 


Optional: Hand-cranked countersink 
You need a countersink to bevel the edges of screw holes to accept flat- 
headed screws. If you use a countersink bit in an electric drill, it won't give 
you precise control when you're working with thin, soft plastic. 


Handheld countersinks that you grasp and turn like a screwdriver are easy 
to find, but McMaster-Carr (catalog item 28775A61) is the only source I've 
found for a hand-cranked tool that is much quicker to use. It comes with a 
set of bits, as shown in Figure 3-17. 


Optional: Pick and hook set 
Made by Stanley, part number 82-115, available from Amazon and hard- 
ware stores. You can find imported imitations for a few dollars less. See 
Figure 3-18. 


Figure 3-18. This cunning little blade, 
safety-tipped with a round bump on the 
These may seem like a luxury, but are useful for measuring the external end, removes rough edges from saw cuts 


diameter of a round object (such as the screw thread on a switch or a po- with a single stroke, and can enlarge holes 


Optional: Calipers 


tentiometer) or the internal diameter of a hole (into which you may want that are almost big enough—but not quite. 


a switch or potentiometer to fit). 
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I like Mitutoyo calipers, and the low-end model 505-611 (shown in Figure 
3-19) does everything | need. You can find cheaper brands, but economiz- 
ing on precision measuring tools may not be a wise policy in the long 
term. The manufacturer's site will show you all their available models, af- 
ter which you can Google “Mitutoyo” to find retail sources. 


Figure 3-17. You spin this countersink tool Figure 3-18. This pick-and-hook set is use- Figure 3-18. Calipers can be digital (which 

like a hand crank to add just the right ful in many unexpected ways. automatically convert from millimeters to 

amount of bevel to a hole, so that it will 1/64 inch to 1/1,000 inch), or analog like 

accommodate a flat-head screw. these (so you never need to worry about a 
dead battery). 


Supplies 


Solder 
This is the stuff that you will melt to join components together on a per- 
manent (we hope) basis. You need some very thin solder, size 0.022 inches, 
for very small components, and thicker solder, 0.05 inches, for heavier items. 
Avoid buying solder that is intended for plumbers, or for craft purposes such 
as creating jewelry. A range of solder thicknesses is shown in Figure 3-20. You 
want to make sure to get lead-free solder. 


Electronics solder has a nonacidic rosin core that is appropriate for elec- 
tronic components. Rolls of solder are available from all hobby-electronics 
sources including All Electronics, RadioShack, and Jameco, or search for 
“electronic solder” on Amazon. 


Wire 
You'll need some stranded wire to make flexible external connections 


with the circuit that you'll be building. Look for 22-gauge stranded hook- 
up wire, in red, black, and green, 10 feet (minimum) of each. 


Figure 3-20. Spools of solder in various 
thicknesses. 


If you want to install the intrusion alarm after completing that project in 
Experiment 15, you'll need white-insulated two-conductor wire of the 
type sold for doorbells or furnace controls. This is available by the foot 
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from Lowe's, Home Depot, Ace Hardware, and similar stores. You'll decide 
how much to buy after you measure the distances between the magnetic 
sensor switches that you decide to install. 


Heat-shrink tube 
For use in conjunction with your heat gun, described previously. You'll 
need a range of sizes in any colors of your choice. See Figure 3-21. Check 
RadioShack part 278-1627, other electronics suppliers, or your local hard- 
ware store. Prices will vary widely. You can buy the cheapest. 


Copper alligator clips 
These absorb heat when you are soldering delicate components. The 
Mueller BU-30C is a full-size solid copper alligator clip for maximum heat 
absorption. RadioShack sells smaller clips (part number 270-373, shown 
in Figure 3-22) that are suitable for tiny components. 


Figure 3-21. Slide heat-shrink tubing over a Figure 3-22. These small clips absorb 


bare joint and apply heat from a heat gun heat to protect components when you're 
to make a tight insulating seal around the soldering them. 

joint. 

Perforated board 


When you're ready to move your circuit from a breadboard to a more per- 
manent location, you'll want to solder it to a piece of perforated board, 
often known as “prototyping board” but also called “perfboard” 


You need the type that has copper strips etched onto the back, in ex- 
actly the same “breadboard layout” as the conductors hidden inside a 
breadboard, so that you can retain the same layout of your components 
when you solder them into place. Examples are RadioShack part 276-150 
(shown in Figure 3-23) for small projects and part 276-170 (in Figure 3-24) 
for larger projects, such as Experiment 15. 


For very small projects in which you will connect components using their 
wires alone, you need perfboard that isn't etched with copper strips con- 
necting the holes. | like the Twin Industries 7100 range (available from 
Mouser.com) or Vectorboard from Newark Electronics, shown in Figure Figure 3-23. This perforated board has a 
3-25. You use a saw to cut out as small a piece as you need. Cheaper op- pattern of copper traces similar to the 
tions are RadioShack part 276-147 (shown in Figure 3-26), or PC-1 from All Pattern inside a breadboard, so that you 

e . can lay out the components with minimal 
Electronics. These have little copper circles around each hole that are not 


; risk of wiring errors, when you're ready to 
necessary for our purposes, but not a problem, either. create a permanently soldered version of 


your project. 
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Figure 3-24. A larger example of perforated Figure 3-25. Plain perforated board (with Figure 3-28. A small piece of perforated 
board with breadboard geometry. no copper traces) can be used for mount- board with individual copper solder pads 
ing components when you want to do to assist you in mounting components. 


point-to-point wiring. 


Plywood 
When you use a soldering iron, hot drops of solder tend to fall onto your 
table or workbench. The solder solidifies almost instantly, can be difficult 
to remove, and will leave a scar. Consider using a 2-foot square of half-inch 
plywood to provide disposable protection. You can buy it precut at Home 
Depot or Lowe's. 


Machine screws 
To mount components behind a panel, you need small machine screws 
(or “bolts”). They look nice if they have flat heads that fit flush against the 
panel. | suggest stainless-steel machine screws, #4 size, in 1/2-, 5/8-, 3/4-, 
and 1-inch lengths, 100 of each, plus 400 washers and 400 #4 locknuts 
of the type that have nylon inserts, so that they won't work loose. Check 
McMaster-Carr for a large and reasonably priced selection. 


Project boxes 
A project box is just a small box (usually plastic) with a removable lid. You 
mount your switches, potentiometers, and LEDs in holes that you drill 
through the box, and you attach your circuit on a perforated board that 
goes inside the box. Search All Electronics for “project box” or RadioShack 
for “project enclosure.’ 


You need a box measuring approximately 6 inches long, 3 inches wide, 
and 2 inches high, such as RadioShack part 270-1805. Anything similar 
will do. | suggest you buy a couple other sizes as well, as they will be use- 
ful in the future. 
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Components 
Power plugs, sockets, and binding posts 


After you finish a project and put it in a box, you'll need a convenient way 
to supply it with power. Buy yourself a pair of insulated binding posts, such 
as RadioShack part 274-661, shown in Figure 3-27. Also obtain a panel- 
mounted power jack, size N, such as RadioShack part 274-1583, and DC 
power plug, size N, such as RadioShack 274-1573. The plug-and-socket 
pair is pictured in Figure 3-28. 

Finally, you will need interconnects that are sized to fit a perforated board 
that is drilled at intervals of 1/10 inch. Sometimes known as “single inline 
sockets and headers,” but also known as “boardmount sockets and pin- 
strip headers,’ they come in strips of 36 or more, and you can snip off as 
many as you need. Examples are Mill-Max part numbers 800-10-064-10- 
001000 and 801-93-050-10-001000, or 3M part numbers 929974-01-36- 
RK and 929834-01-36-RK. You can buy them from the usual electronics 
suppliers. Figure 3-29 shows headers before and after being snapped into 
small sections. Make sure that the interconnects have a terminal spacing 
of 0.1 inch. 


Battery 


After you complete Experiment 15 at the end of this section of the book, 
if you want to use the project on a practical basis, you'll need a 12-volt 
battery. Search online for “12v battery” and you'll find many sealed, re- 
chargeable lead-acid batteries that are designed for alarm systems, some 
measuring as small as 1x2x3-inch and costing under $10. You need a 
charger with it, which will probably cost you about $10. 


Switches and relays 


You will need the same DPDT relay and the same SPDT toggle switch that 
were mentioned in Chapter 2 shopping list. 


For Experiment 15, you'll need magnetic switches that you can apply to 
doors or windows, such as the Directed model 8601, available from doz- 
ens of sources online. 

Also you will need a DPDT pushbutton switch, ON-(ON) type, with 
solder terminals. Examples are model MPG206R04 by Tyco or model 
MB2061SS1W01-RO by NKK (with optional cap). Or search eBay for “DPDT 
pushbutton.” 


Diodes 


Buy at least half-a-dozen red 5 mm LEDs rated for approximately 2 volts, 
such as the Optek part number OVLFR3C7, Lumex part number SSL-LX- 
5093 IT, or Avago part HLMP-D155. Buy half-a-dozen similar green LEDs at 
the same time. 


In addition, you'll need a signal diode, type 1N4001 (any brand will do). 
Figure 3-30 shows an example, highly magnified. They’re cheap, and likely 
to be useful in the future, so buy 10 of them. 
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Figure 3-27. These terminals, also known 
as binding posts, enable a solderless con- 
nection with wires that have stripped ends. 
Also available in black. 


Figure 3-28. The socket on the right can be 
mounted in a project box to receive power 
from the plug on the left. 


Figure 3-28. Single inline sockets (top) and 
headers (middle) allow you to make very 
compact plug-and-socket connections 

to a PC board. They can be sawn, cut, or 
snapped into smaller sections (bottom). 
The terminals are 0.1 inch apart. 


Figure 3-30. This 1N4001 diode is about 
1/4 inch long and can handle up to 50 
volts. 
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Soldering Irons Get Hot! 
Please take these basic precautions: 


Use a proper stand (such as the one 
incorporated in your helping hands) 
to hold your soldering iron. Don't 
leave it lying on a workbench. 


If you have infants or pets, remember 


that they may play with, grab, or 
snag the wire to your soldering iron. 


They could injure themselves (or you). 


Be careful never to rest the hot tip 

of the iron on the power cord that 
supplies electricity to the iron. It can 
melt the plastic in seconds and cause 
a dramatic short circuit. 


Ifyou drop a soldering iron, don't be 
a hero and try to catch it. Most likely 
you will grab the hot part, which 
hurts. (I speak from experience.) 
When you burn your hand, you will 
instinctively let go of the iron, so you 
may as well let it drop freely without 
the intermediate step of burning 
yourself while it’s on its way to the 
floor. Naturally, you should pick it 
up quickly after it does hit the floor, 
but by then you will have gained the 
necessary time in which to make a 
sensible decision to grab it by the 
cool end. 


Always bear in mind that others in 


your home are more at risk of hurting 


themselves on a soldering iron than 
you are, because they won't know 
that it’s hot. Most soldering irons 
have no warning lights to tell you 
that they're plugged in. As a general 
rule, always assume that a soldering 
iron is hot, even if it’s unplugged. It 
may retain sufficient heat to burn 
you for longer than you expect. 
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Loudspeaker 
To complete the project in Experiment 15, you'll need a loudspeaker small 
enough to fit inside your project box but louder than the 1-inch speaker 
that you used previously. It should be 2 inches or 2.5 inches (50 to 60 mm) 
in diameter. If you can find a 1000 speaker, it will give you more output, 
but an 80 speaker will be acceptable. 


Experiment 12: Joining Two Wires Together 


Your adventure into soldering begins with the prosaic task of joining one wire 
to another, but will lead quickly to creating a full electronic circuit on perfo- 
rated board. So let's get started! 


You will need: 
e 30-watt or 40-watt soldering iron 
e 15-watt pencil-type soldering iron 
e Thin solder (0.022 inches or similar) 
e Medium solder (0.05 inches or similar) 
e Wire strippers and cutters 
e “Helping hand” gadget to hold your work 
« Shrink-wrap tubing, assorted 
e Heat gun 


e Something to protect your work area from drops of solder 


Your First Solder Joint 


We'll start with your general-duty soldering iron—the one rated for 30 or 40 
watts. Plug it in, leave it safely in its holder, and find something else to do for 
five minutes. If you try to use a soldering iron without giving it time to get fully 
hot, you will not make good joints. 


Strip the insulation from the ends of two pieces of 22-gauge solid wire and 
clamp them in your helping hand so that they cross each other and touch each 
other, as shown in Figure 3-31. 


To make sure that the iron is ready, try to melt the end of a thin piece of solder 
on the tip of the iron. The solder should melt instantly. If it melts slowly, the 
iron isn't hot enough yet. 
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Now follow these steps (shown in Figures 3-32 through 3-36): 


1. 


Figure 3-32 


Make sure the tip of the soldering iron is clean (wipe it on the moist- 
ened sponge in the base of your helping hand if necessary), then touch 
it against the intersection of the wires steadily for three seconds to heat 
them. If you have hard tap water, use distilled water to wet the sponge to 
avoid a buildup of mineral deposits on the tip of your soldering iron. 


. While maintaining the iron in this position, feed a little solder onto the in- 


tersection of the wires, also touching the tip of the soldering iron. Thus, the 
two wires, the solder, and the tip of the iron should all come together at one 
point. The solder should spread over the wires within another two seconds. 


. Remove the iron and the solder. Blow on the joint to cool it. Within 10 


seconds, it should be cool enough to touch. 


Unclamp the wires and try to tug them apart. Tug hard! If they defeat 
your best attempts to separate them, the wires are electrically joined and 
should stay joined. If you didn't make a good joint, you will be able to 
separate the wires relatively easily, probably because you didn't apply 
enough heat or enough solder to connect them. 


The reason l asked you to begin by using the higher-powered soldering iron is 
that it delivers more heat, which makes it easier to use. 
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Figure 3-31. A helping hand work aid is 
shown here holding two wires with their 
stripped ends touching. The magnifying 
glass has been hinged out of the way. 


Figure 3-35. This and the preceding three Figure 3-38. The completed joint should be 
figures illustrate four steps to making a Shiny, uniform, and rounded in shape. 


solder joint: apply heat to the wires, bring 
in the solder while maintaining the heat, 
wait for the solder to start to melt, and 
wait a moment longer for it to form a com- 
pletely molten bead. The whole process 
should take between 4 and 6 seconds. 
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Soldering myths 


Myth #1: Soldering is very difficult. 
Millions of people have learned how to do it, and statis- 
tically, you are unlikely to be less coordinated than all 
of them. | have a lifelong problem with a tremor in my 
hands that makes it difficult for me to hold small things 
steadily. | also get impatient with repetitive detail work. 
If | can solder components, almost anyone should be 
able to. 


Myth #2: Soldering involves poisonous chemicals. 
Modern solder contains no lead. You should avoid 
inhaling the fumes for prolonged periods, but that also 
applies to everyday products such as bleach and paint. 
If soldering was a significant health hazard, we should 
have seen a high death rate among electronics hobby- 
ists decades ago. 


Soldering alternatives 


As recently as the 1950s, connections inside electronic ap- 
pliances such as radio sets were still being hand-soldered by 
workers on production lines. But the growth of telephone 
exchanges created a need for a faster way to make large 
numbers of rapid, reliable point-to-point wiring connec- 
tions, and “wire wrap” became a viable alternative. 


In a wire-wrapped electronics project, components are 
mounted on a circuit board that has long, gold-plated, 
sharp-cornered square pins sticking out of the rear. Special 
silver-plated wire is used, with an inch of insulation stripped 
from its ends. A manual or power-driven wire-wrap tool 
twirls the end of a wire around one of the pins, applying 
sufficient tension to “cold-weld” the soft silver plating of 

the wire to the pin. The wrapping process exerts sufficient 
pressure to make a very reliable joint, especially as 7 to 9 
turns of wire are applied, each turn touching all four corners 
of the pin. 


During the 1970s and 1980s, this system was adopted by 
hobbyists who built their own home computers. A wire- 
wrapped circuit board from a hand-built computer is shown 
in Figure 3-37. The technique was used by NASA to wire the 
computer in the Apollo spacecraft that went to the moon, 
but today, wire-wrapping has few commercial applications. 


The widespread industrial use of “through-hole” compo- 
nents, such as the chips on early desktop computers, en- 
couraged development of wave soldering, in which a wave 
or waterfall of molten solder is applied to the underside of a 


Chapter 3 


Myth #3: Soldering is hazardous. 
A soldering iron is less hazardous than the kind of iron 
that you might use to iron a shirt, because it delivers 
less heat. In fact, in my experience, soldering is safer 
than most activities in a typical home or basement 
workshop. That doesn't mean you can be careless! 


preheated circuit board where chips have been inserted. A 
masking technique prevents the solder from sticking where 
it isn’t wanted. 


Today, surface-mount components (which are significantly 
smaller than their through-hole counterparts) are glued to 
a circuit board with a solder paste, and the entire assembly 
is then heated, melting the paste to create a permanent 
connection. 


Figure 3-37. This picture shows some of the wire-wrapping in 
Steve Chamberlin’s custom-built, retro 8-bit CPU and com- 
puter. “Back in the day,” connecting such a network of wires 
with solder joints would have been unduly time-consuming and 
prone to faults. Photo credit: Steve Chamberlin. 
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Eight most common soldering errors 


1. 


Not enough heat. 


The joint looks OK, but because you didn't apply quite 
enough heat, the solder didn't melt sufficiently to 
realign its internal molecular structure. It remained 
granular instead of becoming a solid, uniform blob, 
and you end up with a “dry joint,’ also known as a “cold 
joint,’ which will come apart when you pull the wires 
away from each other. Reheat the joint thoroughly and 
apply new solder. 


A leading cause of underheated solder is the tempta- 
tion to use the soldering iron to carry solder to the 
joint. This results in the cold wires reducing the tem- 
perature of the solder. What you should do is touch the 
soldering iron to heat the wires first, and then apply 
the solder. This way, the wires are hot and help to melt 
the solder, which wants to stick to them. 


Because this is such a universal problem, I'll repeat 
myself: Never melt solder on the tip of the iron and then 
use it to carry the solder to the joint. 


You don't want to put hot solder on cold wires. You 
want to put cold solder on hot wires. 


Too much heat. 


This may not hurt the joint, but can damage everything 
around it. Vinyl insulation will melt, exposing the wire 
and raising the risk of short circuits. You can easily dam- 
age semiconductors, and may even melt the internal 
plastic components of switches and connectors. 


Damaged components must be desoldered and re- 
placed, which will take time and tends to be a big hassle 
(see “Tools: Desoldering” on page 109 for advice). 


Not enough solder. 


A thin connection between two conductors may not be 
strong enough. When joining two wires, always check 
the underside of the joint to see whether the solder 
penetrated completely. 


Moving the joint before the solder solidifies. 


You may create a fracture that you won't necessarily 
see. It may not stop your circuit from working, but at 
some point in the future, as a result of vibration or 
thermal stresses, the fracture can separate just enough 
to break electrical contact. Tracking it down will then 
be a chore. If you clamp components before you join 
them, or use perforated board to hold the components 
steady, you can avoid this problem. 
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5. Dirtor grease. 


Electrical solder contains rosin that cleans the metal 
that you're working with, but contaminants can still 
prevent solder from sticking. If any component looks 
dirty, clean it with fine sandpaper before joining it. 


Carbon on the tip of your soldering iron. 


The iron gradually accumulates flecks of black car- 
bon during use, and they can act as a barrier to heat 
transfer. Wipe the tip of the iron on the little soonge 
mounted in the base of your soldering iron stand or 
your helping hand. 


7. Inappropriate materials. 
Electronic solder is designed for electronic compo- 


nents. It will not work with aluminum, stainless steel, or 


various other metals. You may be able to make it stick 
to chrome-plated items, but only with difficulty. 


Failure to test the joint. 


Don't just assume that it’s OK. Always test it, by apply- 
ing manual force if you can (see Figures 3-38 and 3-39 
for the ideal protocol) or, if you can't get a grip on the 
joint, slip a screwdriver blade under it and flex it just 

a little, or use small pliers to try to pull it apart. Don't 
be concerned about ruining your work. If your joint 
doesn't survive rough treatment, it wasn't a good joint. 


Of the eight errors, dry/cold joints are by far the worst, 
because they are easy to make and can look OK. 


(OR 
¿ CA 


Figure 


Figure 3-38. Test result of 
a bad solder joint. 


3-38. Test result of a good 
solder joint. 
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Your Second Solder Joint 


Time now to try your pencil-style soldering iron. Once again, you must leave it 
plugged in for a good five minutes to make sure it's hot enough. In the mean- 
time, don't forget to unplug your other soldering iron, and put it somewhere 
safe while it cools. 


This time I'd like you to align the wires parallel with each other. Joining them 
this way is a little more difficult than joining them when they cross each other, 
but it’s a necessary skill. Otherwise, you won't be able to slide heat-shrink tub- 
ing over the finished joint to insulate it. 


Figures 3-40 through 3-44 show a successful joint of this type. The two wires 
do not have to make perfect contact with each other; the solder will fill any 
small gaps. But the wires must be hot enough for the solder to flow, and this 
can take an extra few seconds when you use the low-wattage pencil-style iron. 


Be sure to feed the solder in as shown in the pictures. Remember: don't try 
to carry the solder to the joint on the tip of the iron. Heat the wires first, and 
then touch the solder to the wires and the tip of the iron, while keeping it in 
contact with the wires. Wait until the solder liquifies, and you will see it run- 
ning eagerly into the joint. If this doesn't happen, be more patient and apply 
the heat for a little longer. 


Figure 3-43. This and the preceding three Figure 3-44. The finished joint has enough 
figures show how joining two wires that solder for strength, but not so much solder 
are parallel is more difficult, and the that it will prevent heat-shrink tubing from 


low-wattage, pencil-type soldering iron will sliding over it. 
require longer to heat them sufficiently for 
a good joint. Thinner solder can be used. 
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THEORY 


Soldering theory 


The better you understand the process of soldering, the easier it should be for 
you to make good solder joints. 


The tip of the soldering iron is hot, and you want to transfer that heat into the 
joint that you are trying to make. In this situation, you can think of the heat as 
being like a fluid. The larger the connection is between the soldering iron and 


the joint, the greater the quantity of heat, per second, that can flow through it. 


For this reason, you should adjust the angle of the soldering iron so that it 
makes the widest possible contact. If it touches the wires only at a tiny point, 
you'll limit the amount of heat flow. Figures 3-45 and 3-46 illustrate this con- 


cept. Once the solder starts to melt, it broadens the area of contact, which helps 


to transfer more heat, so the process accelerates naturally. Initiating it is the 
tricky part. 


The other aspect of heat flow that you should consider is that it can suck heat 
away from the places where you want it, and deliver it to places where you 
don't want it. If you're trying to solder a very heavy piece of copper wire, the 
joint may never get hot enough to melt the solder, because the heavy wire 
conducts heat away from the joint. You may find that even a 40-watt iron isn't 
powerful enough to overcome this problem, and if you are doing heavy work, 
you may need a more powerful iron. 


As a general rule, if you can't complete a solder joint in 10 seconds, you aren't 
applying enough heat. 


Figure 3-45. With only a small surface Figure 3-48. A larger area of contact 


area of contact between the iron and between the soldering iron and its target 


the working surface, an insufficient will greatly increase the heat transfer. 
amount of heat is transferred. 
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Desoldering 


Desoldering is much, much harder 
than soldering. Two simple tools 
are available: 


e Suction pump. First, you apply 
the soldering iron to make the 
solder liquid. Then you use 
this simple gadget to try to 
suck up as much of the liquid 
as possible. Usually it won't re- 
move enough metal to allow 
you to pull the joint apart, and 
you will have to try the next 
tool. Refer back to Figure 3-10. 


Desoldering wick or braid. 
Desoldering wick, also known 
as braid, is designed to soak 
up the solder from a joint, but 
again, it won't clean the joint 
entirely, and you will be in the 
awkward position of trying to 
use both hands to pull com- 
ponents apart while simulta- 
neously applying heat to stop 
the solder from solidifying. 
Refer back to Figure 3-11. 


| don't have much advice about 
desoldering. It's a frustrating experi- 
ence (at least, | think so) and can 
damage components irrevocably. 
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Figure 3-48. Slip the tubing over your wire 
joint. 


Heat Guns Get Hot, Too! 


Notice the chromed steel tube at the 
business end of your heat gun. Steel 
costs more than plastic, so the manu- 
facturer must have put it there fora 
good reason—and the reason is that 
the air flowing through it becomes so 
hot that it would melt a plastic tube. 


The metal tube stays hot enough to 
burn you for several minutes after 
you've used it. And, as in the case of 
soldering irons, other people (and 
pets) are vulnerable, because they 
won't necessarily know that the heat 
gun is hot. Most of all, make sure that 
no one in your home ever makes the 
mistake of using a heat gun as a hair 
dryer (Figure 3-47). 


This tool is just a little more hazard- 
ous than it appears. 
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Adding Insulation 


After you've succeeded in making a good inline solder connection between 
two wires, it’s time for the easy part. Choose some heat-shrink tubing that is 
just big enough to slide over the joint with a little bit of room to spare. 


ON 


l 


Figure 3-47. Other members of your family should understand that although a heat gun 
looks like a hair dryer, appearances may be deceptive. 


Slide the tubing along until the joint is centered under it, hold it in front of 
your heat gun, and switch on the gun (keeping your fingers away from the 
blast of superheated air). Turn the wire so that you heat both sides. The tubing 
should shrink tight around the joint within half a minute. If you overheat the 
tubing, it may shrink so much that it splits, at which point you must remove 
it and start over. As soon as the tubing is tight around the wire, your job is 
done, and there's no point in making it any hotter. Figures 3-48 through 3-50 
show the desired result. | used white tubing because it shows up well in photo- 
graphs. Different colors of heat-shrink tubing all perform the same way. 


Figure 3-50. Leave the heat on the tubing 
until it shrinks to firmly cover the joint. 
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| suggest you next practice your soldering skills on a couple of practical proj- 
ects. In the first one, you can add color-coded, solid-core wires to your AC 
adapter, and in the second one, you can shorten the power cord for a laptop 
power supply. You can use your larger soldering iron for both of these tasks, 
because neither of them involves any heat-sensitive components. 


Modifying an AC Adapter 


In the previous chapter, | mentioned the irritation of being unable to push the 
wires from your AC adapter into the holes of your breadboard. So, let's fix this 
right now: 


1. Cut two pieces of solid-conductor 22-gauge wire—one of them red, the 
other black or blue. Each should be about 2 inches long. Strip a quarter- 
inch of insulation from both ends of each piece of wire. 


2. Trim the wire from your AC adapter. You need to expose some fresh, clean 
copper to maximize your chance of getting the solder to stick. 


| suggest that you make one conductor longer than the other to minimize 
the chance of the bare ends touching and creating a short circuit. Use 
your meter, set to DC volts, if you have any doubt about which conductor 
is positive. 


Solder the wires and add heat-shrink tubing as you did in the practice session. 
The result should look like Figure 3-51. 


Figure 3-51. Solid-core color-coded wires, soldered onto the wires from an AC adapter, pro- 
vide a convenient way to feed power to a breadboard. Note that the wires are of differing 
lengths to reduce the risk of them touching each other. 


Shortening a Power Cord 


When | travel, | like to minimize everything. It always annoys me that the pow- 
er cord for the power supply of my laptop is 4 feet long. The thinner wire that 
connects the power supply to the computer is also 4 feet long, and | just don't 
need that much wire. 
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Choose the Right Tubing 


If you use heat-shrink tubing on 110v 
AC cord, as is being done in this ex- 
periment, make sure you use tubing 
that’s been rated for 110v use. 
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After searching exhaustively | couldn't find any laptop power cables shorter 
than 3 feet, so | decided to shorten one myself. If you feel no need to do this, 
you should try the following procedure on an old extension cord, just as an 
exercise. You do need to go through these steps to acquire some practice in 
soldering heavier, stranded wire and using heat-shrink tubing: 


1. Use your wire cutters to chop the wire, and then a utility knife to split the 
two conductors, with one shorter than the other. When splicing a pow- 
er cord or similar cable containing two or more conductors, it's good to 
avoid having the joints opposite each other. They fit more snugly if they 
are offset, and there's less risk of a short circuit if a joint fails. 


2. Strip off a minimal amount of insulation. One-eighth of an inch (3 mm) is 
sufficient. The automatic wire strippers that | mentioned in the shopping 
list in Chapter 1 are especially convenient, but regular wire strippers will 
do the job. 


| 3. Cuttwo pi f heat-shri i i i i 
pa pieces of heat-shrink tubing, each 1 inch long, big enough to slide 
i over the separate conductors in your cable. Cut a separate 2-inch piece of 
larger tubing that will slide over the entire joint when it's done. The steps 
described so far are illustrated in Figures 3-52 through 3-58. 


Sn ee a 4. Now for the most difficult part: activating your human memory. You have 
Figure 3-58. Figures 3-52 through 3-58 . . . 
illustrate the sequence of steps to prepare to remember to slide the tubing onto the wire before you make your sol- 
for making a shortened power cord for a der joint, because the plugs on the ends of the wires will prevent you from 
laptop computer power supply. adding any heat-shrink tubing later. If you're as impatient as | am, it’s very 
difficult to remember to do this every time. 
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5. Use your helping hand to align the first joint. Push the two pieces of wire 
together so that the strands intermingle, and then squeeze them tight 
between finger and thumb, so that there are no little bits sticking out. A 
stray strand of wire can puncture heat-shrink tubing when the tubing is 
hot and soft and is shrinking around the joint. 


6. The wire that you're joining is much heavier than the 22-gauge wire that 
you worked with previously, so it will suck up more heat, and you must 
touch the soldering iron to it for a longer time. Make sure that the solder 
flows all the way into the joint, and check the underside after the joint 
is cool. Most likely you'll find some bare copper strands there. The joint 
should become a nice solid, rounded, shiny blob. Keep the heat-shrink 
tubing as far away from the joint as possible while you're using the solder- 
ing iron, so that heat from the iron doesn't shrink the tubing prematurely, 
preventing you from sliding it over the joint later. 


Figure 3-82 


7. When the joint has cooled, slide the heat-shrink tubing over it, and apply 
the heat gun. Now repeat the process with the other conductor. Finally, 
slide the larger piece of tubing over the joint. You did remember to put 
the large tubing onto the wire at the beginning, didn't you? 


Figures 3-59 through 3-65 show the steps all the way through to the end. 


If you have completed the soldering exercises so far, you now have sufficient 
basic skills to solder your first electronic circuit. But first, | want you to verify 
the vulnerability of components to heat. 


Figure 3-85. Completion of the shortened 
power cord for a laptop power supply. 
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Figure 3-58. By literally hooking together 
the leads from a resistor and a white-light 
LED, we minimize pathways for heat to 
escape during the subsequent test. 


Figure 3-87. Applying heat with a 15-watt 
soldering iron. A typical LED should 
withstand this treatment for two or three 
minutes, but if you substitute a 30-watt 
soldering iron, the LED is likely to burn out 
in under 15 seconds. 
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Experiment 13: Broil an LED 


In Chapter 1, you saw how an LED can be damaged if too much current flows 
through it. The electricity caused heat, which melted the LED. Unsurprisingly, 
you Can just as easily melt it by applying too much heat to one of its leads with 
a soldering iron. The question is: how much heat is too much? Let's find out. 


You will need: 
e 30-watt or 40-watt soldering iron 
e 15-watt pencil-type soldering iron 
e A couple of LEDs (that are expendable) 
e 6800 resistor 
e Wire cutters and sharp-nosed pliers 
e “Helping hand” gadget to hold your work 


| don't want you to use alligator clips to join the LED to a power supply, be- 
cause the alligator clip will divert and absorb some of the heat from your sol- 
dering iron. Instead, please use some sharp-nosed pliers to bend each of the 
leads from an LED into little hooks, and do the same thing with the wires ona 
6800 load resistor. Finally bend the new wires on your AC adapter so that they, 
too, are tiny hooks. Now you can put the hooks together like links in a chain, 
as shown in Figure 3-66. 


Grip the plastic body of the LED in your helping hand. Plastic is not a good 
thermal conductor, so the helping hand shouldn't siphon too much heat away 
from our target. The resistor can dangle from one of the leads on the LED, and 
the wire from the AC adapter can hang from that, a little farther down. Gravity 
should be sufficient to make this work. Set your AC adapter to deliver 12 volts 
as before, plug it in, and your LED should be shining brightly. | used a white 
LED in this experiment, because it's easier to photograph. 


Make sure your two soldering irons are really hot. They should have been 
plugged in for at least five minutes. Now take the pencil-style iron and hold its 
tip firmly against one of the leads on your glowing LED, while you check the 
time with a watch. Figure 3-67 shows the setup. 


lm betting that you can sustain this contact for a full three minutes without 
burning out the LED. This is why you use a 15-watt soldering iron for delicate 
electronics work—it doesn't endanger the components. 


Allow your LED wire to cool, and then apply your more powerful soldering iron 
to the same piece of wire as before. Again, make sure it is completely hot, and 
| think you'll find that the LED will go dark after as little as 10 seconds (note, 
some LEDs can survive higher temperatures than others). This is why you don't 
use a 30-watt soldering iron for delicate electronics work. 


The large iron doesn't necessarily reach a higher temperature than the small 
one. It just has a larger heat capacity. In other words, a greater quantity of heat 
can flow out of it, at a faster rate. 
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Throw away your burned-out LED. Substitute a new one, connected as before, 
but add a full-size copper alligator clip to one of the leads up near the body of 
the LED, as shown in Figure 3-68. Press the tip of your 30-watt or 40-watt sol- 
dering iron against the lead just below the alligator clip. This time, you should 
be able to hold the powerful soldering iron in place for a full two minutes 
without burning out the LED. 


Imagine the heat flowing out through the tip of your soldering iron, into the 
wire that leads to the LED—except that the heat meets the alligator clip along 
the way, as shown in Figure 3-69. The clip is like an empty vessel waiting to 
be filled. It offers much less resistance to heat than the remainder of the wire 
leading to the LED, so the heat prefers to flow into the copper clip, leaving the 
LED unharmed. At the end of your experiment, if you touch the clip, you'll find 
that it’s hot, while the LED remains relatively cooler. 


The alligator clip is known as a heat sink, and it should be made of copper, 
because copper is one of the best conductors of heat. 


Because the 15-watt soldering iron failed to harm the LED, you may conclude 
that the 15-watt iron is completely safe, eliminating all need for a heat sink. 
Well, this may be true. The problem is, you don't really know whether some 
semiconductors may be more heat-sensitive than LEDs. Because the con- 
sequences of burning out a component are so exasperating, | suggest you 
should play it safe and use a heat sink in these circumstances: 


e If you apply 15-watt iron extremely close to a semiconductor for 20 sec- 
onds or more. 


e If you apply a 30-watt iron near resistors or capacitors for 10 seconds or 
more. (Never use it near semiconductors.) 


e Ifyou apply a 30-watt iron near anything meltable for 20 seconds or more. 
Meltable items include insulation on wires, plastic connectors, and plastic 
components inside switches. 


Rules for Heat Sinking 
1. Full-size copper alligator clips do work better. 


2. Clamp the alligator clip as close as possible to the component and as far 
as possible from the joint. (You don't want to suck too much heat away 
from the joint.) 


3. Make sure there is a metal-to-metal connection between the alligator clip 
and the wire to promote good heat transfer. 
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Figure 3-58. When a copper alligator clip is 
used as a heat sink, you should be able to 
apply a 30-watt soldering iron (below the 

clip) without damaging the LED. 


Heat Flow 


Figure 3-58. The heat sink intercepts the 
heat, sucks it up, and protects the LED 
from damage. 
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All about perforated board 


For the remainder of this book, you'll be using perforated 
board whenever you want to create permanent, soldered 
circuits. There are three ways to do this: 


¡A 


Point-to-point wiring. You use perforated board that 
has no connections behind the holes. Either the board 
has no copper traces on it at all, as in Figure 3-70, or 
you will find a little circular copper circle around each 
hole, as in Figure 3-71. These circles are not connected 
with each other and are used only to stabilize the com- 
ponents that you assemble. 


Point-to-point wiring allows you to place the com- 
ponents in a convenient, compact layout that can be 
very similar to a schematic. Under the board you bend 
the wires to link the components, and solder them 
together, adding extra lengths of wire if necessary. The 
advantage of this system is that it can be extremely 
compact. The disadvantage is that the layout can be 
confusing, leading to errors. 


ure 3-70 can be used for point-to-point wiring in Experiment 14. 
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2. Breadboard-style wiring. Use perforated board that is 


printed with copper traces in exactly the same pattern 
as the conductors inside a breadboard. Once your 
circuit works on the breadboard, you move the com- 
ponents over to the perfboard one by one, maintain- 
ing their exact same positions relative to each other. 
You solder the “legs” of the components to the copper 
traces, which complete the circuit. Then you trim off 
the surplus wire. The advantage of this procedure is 
that it's quick, requires very little planning, and mini- 
mizes the possibility for errors. The disadvantage is that 
it tends to waste space. A cheap example is shown in 
Figure 3-72. 


3. You can etch your own circuit board with customized 


copper traces that link your components in a point- 
to-point layout. This is the most professional way to 
complete a project, but it requires more time, trouble, 
and equipment than is practical in this book. 
Point-to-point wiring is like working with alligator clips, 
on a much smaller scale. The first soldered project will 
use this procedure. 


gure 3-72. Perforated board etched with copper in variants of 
a breadboard layout. This example is appropriate for Experi- 
ment 15. 


Experiment 14: A Pulsing Glow 
You will need: 
e Breadboard 
e 15-watt pencil-type soldering iron 
« Thin solder (0.022 inches or similar) 
e Wire strippers and cutters 
e Plain perforated board (no copper etching necessary) 
e Small vise or clamp to hold your perforated board 
e Resistors, various 
e Capacitors, electrolytic, 100 uF and 220 uF, one of each 
e Red LED, 5 mm, rated for 2 volts approximately 
e 2N6027 programmable unijunction transistor 


Your first circuit using a PUT was a slow-speed oscillator that made an LED 
flash about twice each second. The flashes looked very “electronic,” by which 
| mean that the LED blinked on and off without a gradual transition between 
each state. I’m wondering if we can modify this circuit to make the LED pulse 
in a more gentle, interesting way, like the warning light on an Apple MacBook 
when it’s in “sleep” mode. I’m thinking that something of this sort might be 
wearable as an ornament, if it’s small enough and elegant enough. 


lm also thinking that this first soldering project will serve three purposes. It 
will test and refine your skill at joining wires together, will teach you point-to- 
point wiring with perfboard, and will give you some additional insight into the 
way that capacitors can be used to adjust timing. 


Look back at the original schematic in Experiment 11, on page 82. Refresh your 
memory about the way it worked. The capacitor charges through a resistor un- 
til it has enough voltage to overcome the internal resistance in the PUT. Then 
the capacitor discharges through the PUT and flashes the LED. 


If you drew a graph of the light coming out of the LED, it would be a thin, square- 
shaped pulse, as shown in Figure 3-73. How can we fill it out to make it more like 
the curve in Figure 3-74, so that the LED fades gently on and off, like a heartbeat? 


One thing is obvious: the LED is going to be emitting a greater total amount of 
light in each cycle. Therefore, it's going to need more power. This means that 
C1, in Figure 3-75, must be a larger capacitor. 


When we have a larger capacitor, it takes longer to charge. To keep the flashes 
reasonably frequent, we'll need a lower-value resistor for R1 to charge the ca- 
pacitor quickly enough. In addition, reducing the values of R2 and R3 will pro- 
gram the PUT to allow a longer pulse. 


Most important, | want to discharge the capacitor through a resistor to make 
the onset of the pulse gradual instead of sudden. Remember, when you have 
a resistor in series with a capacitor, the capacitor not only charges more slowly, 
but discharges more slowly. 
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Figure 3-74. The original PUT oscillator 
circuit in Experiment 11 made the LED 


emit sharp, short flashes. The upper graph 
shows what we might find if we measured 
light output over time. The second graph 


shows a gentler onset to each flash, fol- 


lowed by a Slow fade-out. Capacitors can 


be used to create this effect. 
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Figure 3-75. The first step toward creating 
a gentler flashing effect is to use a larger 
capacitor for C1 and discharge it through 
a resistor, R4. Lower-value resistors are 
necessary to charge the capacitor rapidly 
enough. 


RIOR 

R2: 1K 

R3: 1K 

R4: 1K 

C1: 100 uF electrolytic 
Q1: 2N6027 


Figure 3-78. The second step toward a 
gentler flashing effect is to add another 
capacitor, C2, which charges quickly with 
each pulse and then discharges slowly 
through R5 and the LED below it. 


Same components as before, plus: 
RI: S300 

C2: 220 uF electrolytic 

Power supply increased to 9 volts 


118 


Figure 3-75 shows these features. Compare it with Figure 2-103 on page 85. R1 
is now 33K instead of 470K. R2 and R3 are reduced to 1K. R4 also is 1K, to so 
that the capacitor takes longer to discharge through it. And C1 is now 100 uF 
instead of 2.2 uF. 


Assemble this circuit on a breadboard, and compare the results when you in- 
clude R4 or bypass it with a plain piece of jumper wire. It softens the pulse a 
bit, but we can work on it some more. On the output side of the PUT, we can 
add another capacitor. This will charge itself when the pulse comes out of the 
PUT, and then discharge itself gradually through another resistor, so that the 
light from the LED dies away more slowly. 


Figure 3-76 shows the setup. C2 is large—220 uF—so it sucks up the pulse that 
comes out of the PUT, and then gradually releases it through 3300 resistor R5 
and the LED. You'll see that the LED behaves differently now, fading out inside 
of blinking off. But the resistances that I’ve added have dimmed the LED, and 
to brighten it, you should increase the power supply from 6 volts to 9 volts. 


Remember that a capacitor imposes a smoothing effect only if one side of it 
is grounded to the negative side of the power supply. The presence of the 
negative charge on that side of the capacitor attracts the positive pulse to the 
other side. 


| like the look of this heartbeat effect. | can imagine a piece of wearable elec- 
tronic jewelry that pulses in this sensual way, very different from the hard- 
edged, sharp-on-and-off of a simple oscillator circuit. The only question is 
whether we can squeeze the components into a package that is small enough 
to wear. 


R5 


Figure 3-77. On a dark night in a rural area, the 
heartbeat flasher may be attractive in unexpected 
ways. 
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Resizing the Circuit 


The first step is to look at the physical components and imagine how to fit them 
into a small space. Figure 3-78 shows a 3D view of a compact arrangement. Check 
this carefully, tracing all the paths through the circuit, and you'll see that it’s the 
same as the schematic. The trouble is that if we solder the components together 
like this, they won't have much strength. All the little wires can bend easily, and 
there's no easy way to mount the circuit in something or on something. 


Figure 3-78. This layout of components replicates their connections in the schematic 
diagram while squeezing them into a minimal amount of space. 


The answer is to put it on a substrate, which is one of those terms that people in 
the electronics field like to use, perhaps because it sounds more technical than 
“oerfboard.” But perforated board is what we need, and Figure 3-79 shows the 
components transferred onto a piece of board measuring just 1 inch by 0.8 inch. 


The center version of this diagram uses dotted lines to show how the compo- 
nents will be connected with each other underneath the board. Mostly the 
leads that stick out from underneath the components will be long enough to 
make these connections. 


Finally, the bottom version of the perfboard diagram shows the perfboard 
flipped left-to-right (notice the L and the R have been transposed to remind 
you, and I've used a darker color to indicate the underside of the board). 
Orange circles indicate where solder joints will be needed. 


The LED should be unpluggable, because we may want to run it at some dis- 
tance from the circuit. Likewise the power source should be unpluggable. For- 
tunately we can buy miniature connectors that fit right into the perforated 
board. You may have to go to large online retail suppliers such as Mouser.com 
for these. Some manufacturers call them “single inline sockets and headers,’ 
while others call them “boardmount sockets and pinstrip headers.” Refer back 


to Figure 3-29 and check the shopping list for more details. 


This is a very compact design that will require careful work with your pencil- 
style soldering iron. Because a piece of perforated board as small as this will 
tend to skitter around, | suggest that you apply your miniature vise to one end 
to anchor it with some weight while still allowing you to turn it easily. 
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Figure 3-78. Perforated board can be used 
to support the layout of components. Their 
leads are soldered together under the 
board to create the circuit. The middle dia- 
gram shows the wires under the board as 
dashed lines. The bottom diagram shows 
the board from underneath, flipped left to 
right. Orange circles indicate where solder 
Joints will be necessary. 
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Figure 3-80. Components mounted on a 
piece of perforated board. 
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Figure 3-81. The assembly seen from 
below. The copper circles around the holes 
are not necessary for this project. Some of 
them have picked up some solder, but this 
is irrelevant as long as no unintentional 
Short circuits are created. 
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When l'm working on this kind of project, | like to place it (with the vise at- 
tached) on a soft piece of polyurethane foam—the kind of slab that is nor- 
mally used to make a chair cushion. The foam protects the components from 
damage when the board is upside-down, and again helps to prevent the work 
from sliding around unpredictably. 


Step by Step 
Here's the specific procedure for building this circuit: 


1. Cut the small piece of perfboard out of a sheet that has no copper traces 
on it. You can cut the section using your miniature hobby saw, or you may 
be able to snap the board along its lines of holes, if you're careful. Alter- 
natively, use a small ready-cut piece of perfboard with copper circles on it 
that are not connected to one another. You'll ignore the copper circles in 
this project. (In the next experiment, you'll deal with the additional chal- 
lenge of making connections between components and copper traces on 
perforated board.) 


2. Gather all the components and carefully insert them through holes in the 
board, counting the holes to make sure everything is in the right place. 
Flip the board over and bend the wires from the components to anchor 
them to the board and create connections as shown. If any of the wires 
isn't long enough, you'll have to supplement it with an extra piece of 
22-gauge wire from your supply. You can remove all the insulation, as we'll 
be mounting the perfboard on a piece of insulating plastic. 


3. Trim the wires approximately with your wire cutters. 


4. Make the joints with your pencil soldering iron. Note that in this circuit, 
you are just joining wires to each other. The components are so close to- 
gether that they'll prevent each other from wiggling around too much. If 
you are using board with copper pads (as | did), and some solder connects 
with them, that’s OK—as long as it doesn’t creep across to the neighbor- 
ing component and create a short circuit. 


5. Check each joint using a close-up magnifying glass, and wiggle it with 
pointed-nosed pliers. If there isn’t enough solder for a really secure joint, 
reheat it and add more. If solder has created a connection that shouldn't 
be there, use a utility knife to make two parallel cuts in the solder, and 
scrape away the little section between them. 


Generally, | insert three or four components, trim the wires approximately, sol- 
der them, trim their wires finally, then pause to check the joints and the place- 
ment. If | solder too many components in succession, there's a greater risk of 
missing a bad joint, and if | make an error in placing a component, undoing 
it will be much more problematic if | have already added a whole lot more 
components around it. 


Figures 3-80 and 3-81 show the version of this project that | constructed, be- 
fore | trimmed the board to the minimum size. 
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Flying Wire Segments 


The jaws of your wire cutters exert a powerful force that peaks and then is suddenly 
released when they cut through wire. This force can be translated into sudden mo- 
tion of the snipped wire segment. Some wires are relatively soft, and don't pose a 
risk, but harder wires can fly in unpredictable directions at high speed, and may hit 
you in the eye. The leads of transistors are especially hazardous in this respect. 


| 


I think it's a good idea to wear safety glasses when trimming wires. 


Finishing the Job 


| always use bright illumination. This is not a luxury; it is a necessity. Buy a 
cheap desk lamp if you don't already have one. | use a daylight-spectrum fluo- 
rescent desk lamp, because it helps me identify the colored bands on resistors 
more reliably. Note that this type of fluorescent lamp emits quite a lot of ultra- 
violet light, which is not good for the lens in your eye. Avoid looking closely 
and directly at the tube in the lamp, and if you wear glasses, they will provide 
additional protection. 


No matter how good your close-up vision is, you need to examine each joint 
with that close-up magnifier. You'll be surprised how imperfect some of them 
are. Hold the magnifier as close as possible to your eye, then pick up the thing 
that you want to examine and bring it closer until it comes into focus. 


Finally, you should end up with a working circuit. You can insert the wires from 
your power supply into two of the tiny power sockets, and plug a red LED into 
the remaining two sockets. Remember that the two center sockets are nega- 
tive, and the two outer sockets are positive, because it was easier to wire the 
circuit this way. You should color-code them to avoid mistakes. 


So now you have a tiny circuit that pulses like a heartbeat. Or does it? If you 
have difficulty making it work, retrace every connection and compare it with the 
schematic. If you don't find an error, apply power to the circuit, attach the black 
lead from your meter to the negative side, and then go around the circuit with 
the red lead, checking the presence of voltage. Every part of this circuit should 
show at least some voltage while it’s working. If you find a dead connection, 
you may have made a bad solder joint, or missed one entirely. 


When you're done, now what? Well, now you can stop being an electronics 
hobbyist and become a crafts hobbyist. You can try to figure out a way to make 
this thing wearable. 


First you have to consider the power supply. Because of the components that | 
used, we really need 9 volts to make this work well. How are you going to make 
this 9-volt circuit wearable, with a bulky 9-volt battery? 


| can think of three answers: 
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1. You can put the battery in a pocket, and mount the flasher on the outside 
of the pocket, with a thin wire penetrating the fabric. Note that the tiny 
power connector on the perforated board will accept two 22-gauge wires 
if they are solid core, or if they are stranded (like the wires from a 9-volt 
battery connector) but have been thinly coated with solder. 


2. You could mount the battery inside the crown of a baseball cap, with the 
flasher on the front. 


3. You can put together three 3-volt button batteries in a stack, held in some 
kind of plastic clip. If you try this option, it may not be a good idea to try 
to solder wire to a battery. You will heat the liquid stuff inside the battery, 
which may not be good for it, and may not be good for you if the liquid 
starts boiling and the battery bursts open. Also, solder doesn't stick easily 
to the metallic finish on most battery terminals. 


Most LEDs create a sharply defined beam of light, which you may want to dif- 
fuse to make it look nicer. One way to do this is to use a piece of transparent 
acrylic plastic, at least 1/4 inch thick, as shown in Figure 3-82. Sandpaper the 
front of the acrylic, ideally using an orbital sander that won't make an obvious 
pattern. Sanding will make the acrylic translucent rather than transparent. 


Drill a hole slightly larger than the LED in the back of the acrylic. Don't drill all 
the way through the plastic. Remove all fragments and dust from the hole by 
blasting some compressed air into it, or by washing it if you don't have an air 
compressor. After the cavity is completely dry, get some transparent silicone 
caulking or mix some clear five-minute epoxy and put a drop in the bottom of 
the hole. Then insert the LED, pushing it in so that it forces the epoxy to ooze 
around it, making a tight seal. See Figure 3-82. 


Figure 3-82. This cross-sectional view shows a sheet of transparent acrylic in which a hole 
has been drilled part of the way from the back toward the front. Because a drill bit creates 
a hole with a conical shape at the bottom, and because the LED has rounded contours, 
transparent epoxy or silicone caulking can be injected into the hole before mounting the 
LED. 


Try illuminating the LED, and sand the acrylic some more if necessary. Finally, 
you can decide whether to mount the circuit on the back of the acrylic, or 
whether you want to run a wire to it elsewhere. 
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Because the LED will flash at about the speed of a human heart while the per- 
son is resting, it may look as if it’s measuring your pulse, especially if you mount 
it on the center of your chest or in a strap around your wrist. If you enjoy hoax- 
ing people, you can suggest that you're in such amazingly good shape, your 
pulse rate remains constant even when you're taking strenuous exercises. 


To make a good-looking enclosure for the circuit, | can think of options rang- 
ing from embedding the whole thing in clear epoxy to finding a Victorian-style 
locket. l'Il leave you to consider alternatives, because this is a book about elec- 
tronics rather than handicrafts. 


However, | will address one final issue: how long will this gadget continue 
flashing? 


If you check the following section “Essentials: Battery life,” you'll find that a reg- 
ular alkaline 9-volt battery should keep the LED flashing for about 50 hours. 


ESSENTIALS 


Battery life 


Any time you finish a circuit that you intend to run from a battery, you'll want 
to calculate the likely battery life. This is easily done, because manufacturers 
rate their batteries according to the “ampere hours” they can deliver. Keep the 
following in mind: 


e The abbreviation for amp-hours is Ah, sometimes printed as AH. Milliampere- 
hours are abbreviated mAh. 


e The rating of a battery in amp-hours is equal to the current, in amps, multi- 
plied by the number of hours that the battery can deliver it. 


Thus, in theory 1 amp-hour can mean 1 amp for 1 hour, or 0.1 amp for 10 hours, 
or 0.01 amp for 100 hours—and so on. In reality, it's not as simple as this, be- 
cause the chemicals inside a battery become depleted more quickly when you 
draw a heavy current, especially if the battery gets hot. You have to stay within 
limits that are appropriate to the size of the battery. 


For instance, if a small battery is rated for 0.5 amp-hours, you can't expect to 
draw 30 amperes from it for 1 minute. But you should be able to get 0.005 amps 
(i.e., 5 milliamps) for 100 hours without any trouble. Remember, though, that 
the voltage delivered by a battery will be greater than its rated voltage when 
the battery is fresh, and will diminish below its rated voltage while the battery is 
delivering power. 


According to some test data that | trust (I think they are a little more realistic 
than the estimates supplied by battery manufacturers), here are some numbers 
for typical batteries: 

Typical 9 volt alkaline battery: 0.3 amp-hours, while delivering 100 mA. 


Typical AA size, 1.5-volt alkaline battery: 2.2 amp-hours, while delivering 
100 mA. 


Rechargeable nickel-metal hydride battery: about twice the endurance of a 
comparably sized alkaline battery. 


Lithium battery: maybe three times the endurance of an alkaline battery. 
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Maddened by measurement 


Throughout most of this book, I’ve mostly used measurements in inches, 
although sometimes I've digressed into the metric system, as when referring to 
“5-mm LEDs.’ This isn't inconsistency on my part; it reflects the conflicted state 
of the electronics industry, where you'll find inches and millimeters both in daily 
use, often in the very same data sheet. 


The United States is the only major nation still using the old system of units 
that originated in England. (The other two holdouts are Liberia and Myanmar, 
according to the CIA's World Factbook.) Still, the United States has led many 
advances in electronics, especially the development of silicon chips, which have 
contacts spaced 1/10 inch apart. These standards became firmly established, 
and show no sign of disappearing. 


To complicate matters further, even in the United States, you can encounter two 
incompatible systems for expressing fractions of an inch. Drill bits, for instance, 
are measured in multiples of 1/64 inch, while metal thicknesses may be mea- 
sured in decimals such as 0.06 inch (which is approximately 1/16 inch). 


The metric system is not necessarily more rational than the U.S. system. Origi- 
nally, when the metric system was formally introduced in 1875, the meter was 
defined as being 1/10,000,000 of the distance between the North Pole and the 
equator, along a line passing through Paris—a quixotic, Francocentric conceit. 
Since then, the meter has been redefined three times, in a series of efforts to 
achieve greater accuracy in scientific applications. 


As for the usefulness of a 10-based system, moving a decimal point is certainly 
simpler than doing calculations in 64ths of an inch, but the only reason we 
count in tens is because we happen to have evolved with that number of digits 
on our hands. A 12-based system would really be more convenient, as numbers 
would be evenly divisible by 2 and 3. 


As we're stuck with the whimsical aspects of length measurement, I've created 
the charts in Figures 3-83 and 3-84 to assist you in going from one system to 
another. From these you will see that when you need to drill a hole for a 5 mm 
LED, a 3/16-inch drill bit is about right. (In fact, it results in a better, tighter fit 
than if you drill an actual 5 mm hole.) 
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Figure 3-83. Because units of measurement are not standardized in electronics, conversion is often necessary. The chart on the right is a 
5x magnification of the bottom section of the chart on the left. 
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Figure 3-84. This chart allows conversion between hundredths of an inch, conventional U. S. fractions of an inch, and fractions expressed 
in thousandths of an inch. 
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Experiment 15: Intrusion Alarm Revisited 


Time now to add some of the enhancements to the intrusion alarm that | dis- 
cussed at the end of Experiment 11. l'm going to show you how the alarm 
can be triggered if you install various detectors on windows and doors in your 
home. I'll also show how the alarm can be wired so that it locks itself on and 
continues to make noise even after a door or window is reclosed. 


This experiment will demonstrate the procedure for transferring a project from 
a breadboard to a piece of perforated board that has copper connections laid 
out identically to the ones inside the breadboard, as shown earlier in Figure 
3-72. And you'll mount the finished circuit in a project box with switches and 
connectors on the front. 


When all is said and done, you'll be ready for wholesale circuit building. The 
explanations in the rest of this book will get gradually briefer, and the pace 
will increase. 


You will need: 
e 15-watt pencil-type soldering iron 
« Thin solder (0.022 inches or similar) 
e Wire strippers and cutters 
e Perforated board etched with copper in a breadboard layout 
e Small vise or clamp to hold your perforated board 
e The same components that you used in Experiment 11, plus: 
- 2N2222 NPN transistor. Quantity: 1. 
- DPDT relay. Quantity: 1. 
- SPDT toggle switch. Quantity: 1. 
- 1N4001 diode. Quantity: 1. 
- Red and green 5mm LEDs. Quantity: 1 each. 
- Project box, 6 x 3 x 2 inches. 
- Power jack, type N, and matching power socket, type N. 
- Binding posts. 
- Stranded 22-gauge wire, three different colors. 
- Magnetic sensor switches, sufficient for your home. 


- Alarm network wiring, sufficient for your home. 


Getting Somewhat More Serious 


Experiment 15: Intrusion Alarm Revisited 


127 


Experiment 15: Intrusion Alarm Revisited 


Figure 3-85. In this simple alarm sensor 
switch, the lower module contains a mag- 
net, which opens and closes a reed switch 
sealed into the upper module. 


128 


Magnetic Sensor Switches 


A typical alarm sensor switch consists of two modules: the magnetic mod- 
ule and the switch module, as shown in Figures 3-85 and 3-86. The magnetic 
module contains a permanent magnet, and nothing else. The switch module 
contains a “reed switch,’ which makes or breaks a connection (like a contact in- 
side a relay) under the influence of the magnet. When you bring the magnetic 
module close to the switch module, you may faintly hear the reed switch click 
as it flips from one state to the other. 


Like all switches, reed switches can be normally open or normally closed. For 
this project, you want the kind of switch that is normally open, and closes 
when the magnetic module is close to it. 


Attach the magnetic module to the moving part of a door or window, and at- 
tach the switch module to the window frame or door frame. When the window 
or door is closed, the magnetic module is almost touching the switch module. 
The magnet keeps the switch closed until the door or window is opened, at 
which point the switch opens. 


The only question is: how do we use this component to trigger our alarm? As 
long as a small current flows through all our magnetic sensor switches, the 
alarm should be off, but if the flow of current stops, the alarm should switch on. 


We could use a relay that is “always on” while the alarm is armed. When the cir- 
cuit is interrupted, the relay relaxes and its other pair of contacts closes, which 
could power up the alarm noisemaker. 


But | don't like this idea. Relays take significant power, and they can get hot. 


Most of them are not designed to be kept “always-on.’ I'd prefer to handle the 
task using a transistor. 


Figure 3-88. This cutaway diagram shows a reed switch (bottom) and the magnet that 
activates it (top), inside an alarm sensor. The switch contains two flexible magnetized 
Strips, the upper one with its south pole adjacent to an electrical contact, the lower one 
with its north pole adjacent to an electrical contact. When the south pole of the magnet 
approaches the switch, the magnetic force (shown as dashed lines) repels the south 
contact and attracts the north contact, causing them to snap together. Two screws on the 
outside of the casing are connected with the strips inside. 
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A Break-to-Make Transistor Circuit 


First, recall how an NPN transistor works. When the base is not sufficiently posi- 
tive, the transistor blocks current between its collector and emitter, but when 
the base is relatively positive, the transistor passes current. 


Take a look at the schematic in Figure 3-87, which is built around our old friend 
the 2N2222 NPN transistor. When the switch is closed, it connects the base of 
the transistor to the negative side of the power supply through a 1K resistor. 
At the same time, the base is connected with the positive side of the power 
supply through a 10K resistor. Because of the difference in resistances and the 
relatively high turn-on voltage for the LED, the base is forced below its turn-on 
threshold, and as a result, the transistor will not pass much current. The LED 
will glow dimly at best. 


Now what happens when the switch is opened? The base of the transistor 
loses its negative power supply and has only its positive power supply. It be- 
comes much more positive, above the turn-on threshold for the transistor, 
which tells the transistor to lower its resistance and pass more current. The LED 
now glows brightly. Thus, when the switch is turned off and breaks the con- 
nection, the LED is turned on. 


This seems to be what we want. Imagine a whole series of switches instead 
of just one switch, as shown in Figure 3-88. The circuit will still work the same 
way, even if the switches are scattered all over your home, because the resis- 
tance in the wires connecting the switches will be trivial compared with the 
resistance of the 1K resistor. 
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Figure 3-88. A network of switches, wired in series, can be substituted for the single switch 
in Figure 3-87. Now any one switch will break continuity and trigger the transistor. 
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Figure 3-87. In this demonstration circuit, 
when the switch is opened, it interrupts 
negative voltage to the base of the transis- 
tor, causing the transistor to lower its 
resistance, allowing current to reach the 
LED. Thus, when the switch is turned off, it 
turns on the LED. 
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| have shown the switches open, because that's the way the schematic for a 
switch is drawn, but imagine them all closed. The base of the transistor will 
now be supplied through the long piece of wire connecting all the closed 
switches, and the LED will stay dark. Now if just one switch is opened, or if 
anyone tampers with the wire linking them, the base of the transistor loses its 
connection to negative power, at which point the transistor conducts power 
and the LED lights up. 


While all the switches remain closed, the circuit is drawing very little current— 
probably about 1.1 mA. So you could run it from a typical 12-volt alarm battery. 


Now suppose we swap out the LED and put a relay in there instead, as shown 
in Figure 3-89. | don't mind using a relay in this location, because the relay will 
not be “always on.’ It will normally be off, and will draw power only when the 
alarm is triggered. 
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Figure 3-88. If the LED and 6800 resistor shown in are removed, and a relay takes their 
place, the relay will be activated when any switch in the sensor network is opened. 


Try one of the 12-volt relays that you used previously. You should find that 
when you open the switch, the relay is energized. When you close the switch, 
the relay goes back to sleep. Note that | eliminated the 6800 resistor from the 
circuit, because the relay doesn’t need any protection from the 12-volt power 


supply. 
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Self-Locking Relay 


There's only one remaining problem: we want the alarm to continue making 
noise even after someone who has opened a door or window closes it again 
quickly. In other words, when the relay is activated, it must lock itself on. 


One way to do this would be by using a latching relay. The only problem is that 
we would then need another piece of circuitry to unlatch it. | prefer to show 
you how you can make any relay keep itself switched on after it has received 
just one jolt of power. This idea will be useful to you later in the book as well. 


The secret is to supply power to the relay coil through the two contacts inside 
the relay that are normally open. (Note that this is exactly opposite to the relay 
oscillator, which supplied power to its coil through the contacts that were nor- 
mally closed. That setup caused the relay to switch itself off almost as soon as 
it switched itself on. This setup causes the relay to keep itself switched on, as 
soon as it has been activated.) 


In Figure 3-90, the four schematics illustrate this. You can imagine them as be- 
ing like frames in a movie, photographed microseconds apart. In the first pic- 
ture, the switch is open, the relay is not energized, and nothing is happening. 
In the second, the switch has been closed to energize the coil. In the third, the 
coil has pulled the contact inside the relay, so that power now reaches the coil 
via two paths. In the fourth, the switch has been opened, but the relay is still 
powering its own coil through its contacts. It will remain locked in this state 
until the power is disconnected. 


12V 12V 12V 12V 
DC DC DC DC 


Figure 3-80. This sequence of schematics shows the events that occur when a relay is 
energized. Initially, the switch is open. Then the switch is closed, activating the relay. The 
relay then powers itself through its own internal contacts. The relay remains energized 
even after the switch is opened again. Power switched by the relay can be taken from the 
circuit at point A. 


All we need to do, to make use of this idea, is to substitute the transistor for the 
on/off switch, and tap into the circuit at point A, running a wire from there to 
the noisemaking module. 


Figure 3-91 shows how that would work. When the transistor is activated by 
any of the network of sensor switches, as previously explained, the transistor 
conducts power to the relay. The relay locks itself on, and the transistor be- 
comes irrelevant. 
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Figure 3-Se. This block diagram previously 
shown in Figure 2-112 on page 90 has been 
updated to include the magnetic-switch 
network and locking-relay control system. 
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Figure 3-81. The self-locking relay depicted in has been incorporated in the alarm circuit, 
so that if any switch in the network is opened, the relay will continue to power the noise 
maker even if the switch is closed again. 


Because l've been adding pieces to the original alarm noisemaker circuit, I've 
updated the block diagram from Figure 2-112 to show that we can still break 
this down into modules with simple functions. The revised diagram is shown 
In Figure 3-92, 


Blocking Bad Voltage 


One little problem remains: in the new version of the circuit, if the transistor 
goes off while the relay is still on, current from the relay can flow back up the 
wire to the emitter of the transistor, where it will try to flow backward through 
the transistor to the base, which is “more negative,’ as it is linked through all 
the magnetic switches and the 1K resistor to the negative side of the power 


supply. 


Applying power backward through a transistor is not a nice thing to do. There- 
fore the final schematic in this series shows one more component, which you 
have not seen before: a diode, labeled D1. See Figure 3-93. The diode looks like 
the heart of an LED, and indeed, that’s pretty much what it is, although some 
diodes are much more robust. It allows electricity to flow in only one direction, 
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from positive to negative, as shown by its arrow symbol. If current tries to flow 
in the opposite direction, the diode blocks it. The only price you pay for this 
service is that the diode imposes a small voltage drop on electricity flowing in 
the “OK” direction. 


So now, positive flow can pass from the transistor, through the diode, to the 
relay coil, to get things started. The relay then supplies itself with power, but 
the diode prevents the positive voltage from getting back into the transistor 
the wrong way. 


Perhaps a more elegant solution to the problem is to connect the NO leg of 
the relay via a 10k resistor to the base connection. When the relay is not ener- 
gized, the NO leg is inert and simply behaves as a parasitic capacitance on the 
node. When the relay becomes energized, the NO leg shunts +12V through 
the common terminal via a 10k resistor into the base of the transistor. In this 
circuit configuration, the transistor is never exposed to a potentially harmful 
voltage and you are not depending on leakage currents of non-ideal elements 
to protect devices. 


However, | needed an opportunity to introduce you to the concept of diodes. 
You can check the following section “Essentials: All about diodes” to learn 
more. 
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Figure 3-83. Diode D1 has been added to protect the emitter of Q1 from positive voltage 
when the relay is energized. 
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All about diodes 


A diode is a very early type of semiconductor. It allows electricity to flow in one 
direction, but blocks it in the opposite direction. (A light-emitting diode is a 
much more recent invention.) Like an LED, a diode can be damaged by revers- 
ing the voltage and applying excessive power, but most diodes generally have 
a much greater tolerance for this than LEDs. The end of the diode that blocks 
positive voltage is always marked, usually with a circular band, while the other 
end remains unmarked. Diodes are especially useful in logic circuits, and can 
also convert alternating current (AC) into direct current (DC). 


A Zener diode is a special type that we won't be using in this book. It blocks cur- 
rent completely in one direction, and also blocks it in the other direction until a 
threshold voltage is reached—much like a PUT. 


Signal diodes are available for various different voltages and wattages. The 
1N4001 diode that | recommend for the alarm activation circuit is capable of 
handling a much greater load at a much higher voltage, but | used it because it 
has a low internal resistance. | wanted the diode to impose a minimal voltage 
drop, so that the relay would receive as much voltage as possible. 


It's good practice to use diodes at less than their rated capacity. Like any semi- 
conductor, they can overheat and burn out if they are subjected to mistreatment. 


The schematic symbol for a diode has only one significant variant: sometimes 
the triangle is outlined instead of filled solid black (see Figure 3-94). 


Figure 3-34. Either of these schematic symbols may be used to represent a diode, 
but the one on the right is more common than the one on the left. 
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Completing the Breadboard Alarm Circuit 


It's time now to breadboard the control circuit for your alarm noisemaker. Fig- 
ure 3-95 shows how this can be done. | am assuming that you still have the 
noisemaker, which functions as before. l'm assuming that you still have its rel- 
evant components mounted on the top half of the breadboard. To save space, 
lm just going to show the additional components mounted on the bottom 
half of the same breadboard. 


It's important to remember that you are not supplying power directly to the 
left and right “rails” on the breadboard anymore; you are supplying power to 
the relay-transistor section, and when the relay closes its contacts, the relay 
supplies power to the rails. These then feed the power up to the top half of the 
breadboard. So disconnect your power supply from the breadboard rails and 
reconnect it as shown in Figure 3-95. 
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Figure 3-85. The schematic that was developed in the previous pages can be emulated 
with components on a breadboard, as shown here. S1 is a DPDT relay. Wires to the sensor 
switch network and to the power supply must be added where shown. 


Because it's a double-pole relay, | am using it to switch negative as well as 
positive. This means that when the relay contacts are open, the noisemaking 
section of the circuit is completely isolated from the rest of the world. 
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The breadboarded relay circuit is exactly the same as the schematic in Figure 
3-93. The components have just been rearranged and squeezed together so 
that they will fit alongside the relay. Two wires at the lower-left corner go to 
the network of magnetic sensor switches that will trip the alarm; for testing 
purposes, you can just hold the stripped ends of these two wires together to 
simulate all the switches being closed, and separate the wires to simulate a 
switch opening. 


Two more wires bring power to the breadboard on either side of the relay. This 
is where you should connect your power supply during testing. The output 
from the relay, through its top pair of contacts, is connected with the rails of 
the breadboard by a little jumper wire at top left, and another at top right. 
Don't forget to include them! One more little wire at the lower-left corner (eas- 
ily overlooked) connects the lefthand side rail to the lefthand coil terminal of 
the relay, so that when the relay is powering the noisemaker circuit, it powers 
itself as well. 


When you mount the diode, remember that the end of it that is marked with a 
band around it is the end that blocks positive current. In this circuit, that's the 
lower end of the diode. 


Try it to make sure that it works. Short the sensor wires together and then ap- 
ply power. The alarm should remain silent. You can use your meter to check 
that no voltage exists between the side rails. Now separate the sensor wires, 
and the relay should click, supplying power to the side rails, which activates 
the noisemaker. Even if you bring the sensor wires back together, the relay 
should remain locked on. The only way to unlock it is to disconnect the power 


supply. 


When the circuit is active, the transistor followed by the diode drops the volt- 
age slightly, but the 12-volt relay should still work. 


In my test circuit, trying three different relays, they drew between 27 and 40 
milliamps at 9.6 volts. Some current still leaked through the transistor when it 
was in its “off” mode, but only a couple of milliamps at 0.5 volts. This low volt- 
age was far below the threshold required to trip the relay. 


Ready for Perfboarding 


If the circuit works, the next step is to immortalize it on perforated board. 
Use the type of board that has a breadboard contact pattern etched on it 
in copper, as shown in Figure 3-72 on page 116. Check the following section, 
“Essentials: Perfboard procedure,’ for guidance on the best way to make this 
particular kind of solder joint—and the subsequent section for the most com- 
mon problems. 
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Perfboard soldering procedure 


Carefully note the position of a component on your bread- 
board, and then move it to the same relative position on the 
perfboard, poking its wires through the little holes. 


Turn the perfboard upside down, make sure that it's stable, 
and examine the hole where the wire is poking through, as 
shown in Figure 3-96. A copper trace surrounds this hole 
and links it with others. Your task is to melt solder so that 

it sticks to the copper and also to the wire, forming a solid, 
reliable connection between the two of them. 


Take your pencil-style soldering iron in one hand and some 
solder in your other hand. Hold the tip of the iron against 
the wire and the copper, and feed some thin solder to their 
intersection. After two to four seconds, the solder should 
start flowing. 


Figure 3-88. To establish a connection between a section of wire 
and a copper trace on perforated board, the wire is pushed 
through the hole, and solder (shown in pure white for illustra- 
tive purposes) completes the connection. The wire can then be 
snipped short. 
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Allow enough solder to form a rounded bump sealing the 
wire and the copper, as shown in Figure 3-97. Wait for the 
solder to harden thoroughly, and then grab the wire with 
pointed-nosed pliers and wiggle it to make sure you have 
a strong connection. If all is well, snip the protruding wire 
with your cutters. See Figure 3-98. 


Because solder joints are difficult to photograph, I’m using 
drawings to show the wire before and after making a rea- 
sonably good joint, which is shown in pure white, outlined 
with a black line. 


Actual soldered perfboard is shown in the photographs in 
Figures 3-99 and 3-100. 


Figure 3-88. This photograph was taken during the process 
of transferring components from breadboard to perforated 
board. Two or three components at a time are inserted from 
the other side of the board, and their leads are bent over to 
prevent them from falling out. 


Figure 3-100. After soldering, the leads are snipped short and 
the joints are inspected under a magnifying glass. Another two 
or three components can now be inserted, and the process can 
be repeated. 
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Four most common perfboarding errors 


1. Too much solder 
Before you know it, solder creeps across the board, 
touches the next copper trace, and sticks to it, as de- 
picted in Figure 3-101. When this happens, you have to 
wait for it to cool, and then cut it with a utility knife. You 
can also try to remove it with a rubber bulb and solder 
wick, but some of it will tend to remain. 


Even a microscopic trace of solder is enough to create 
a short circuit. Check the wiring under a magnifying 
glass while turning the perfboard so that the light 
strikes it from different angles (or use your solder wick 
to suck it away). 


Figure 3-102. Too little solder (or insufficient heat) can allow 
a soldered wire to remain separate from the soldered copper 
on the perforated board. Even a hair-thin gap is sufficient to 
prevent an electrical connection. 


3. Components incorrectly placed 
It's very easy to put a component one hole away from 
the position where it should be. It's also easy to forget 
to make a connection. 


| suggest that you print a copy of the schematic, and 
each time you make a connection on the perforated 
board, you eliminate that wire on your hardcopy, using 
a highlighter. 


Figure 3-101. If too much solder is used, it makes a mess and 4. Debris 


can create an unwanted connection with another conductor. When you're trimming wires, the little fragments that 


you cut don't disappear. They start to clutter your work 
area, and one of them can easily get trapped under 
your perforated board, creating an electrical connec- 
tion where you don't want it. 


2. Not enough solder 
If the joint is thin, the wire can break free from the 
solder as it cools. Even a microscopic crack is sufficient 
to stop the circuit from working. In extreme cases, the 


solder sticks to the wire, and sticks to the copper trace This is another reason for working with something soft, 

around the wire, yet doesn’t make a solid bridge con- such as polyurethane foam, under your project. It tends 

necting the two, leaving the wire encircled by solder to absorb or hold little pieces of debris, reducing the 

yet untouched by it, as shown in Figure 3-102. You risk of you picking them up in your wiring. 

may find this undetectable unless you observe it with Clean the underside of your board with an old (dry) 

magnification. toothbrush before you apply power to it, and keep your 

You can add more solder to any joint that may have work area as neat as possible. The more meticulous you 

insufficient solder, but be sure to reheat the joint are, the fewer problems you'll have later. 

thoroughly. Once again, be sure to check every joint with a magni- 
fying glass. 
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Transferring components from the breadboard to the perforated board should 
be fairly simple, as long as you don't try to move too many at once. Follow the 
suggestions described in previous section “Essentials: Perfboard procedure,’ 
and pause frequently to check your connections. Impatience is almost always 
the cause of errors in this kind of work. 


Figure 3-103 shows the noisemaker section of the circuit on perfboard, with 
the components positioned to minimize wasted space. Figure 3-104 shows 
the perfboard with the relay and its associated components added. The two 
black wires will go to the loudspeaker, the black-and-red pair of wires will 
bring power to the board, and the green wires will go to the magnetic sensor 
switches. Each wire penetrates the board, and its stripped end is soldered to 
the copper beneath. 


Test it now, in the same way that you tested the same circuit on the bread- 
board. If it doesn't work, check the following section, “Essentials: Real-world 
fault tracing.” If it does work, you're ready to trim the board and mount it in a 
project box. 


ESSENTIALS 


Real-world fault tracing 


Here's a real-life description of the procedure for tracing a fault. 


After | assembled the perfboard version of the combined noisemaker and relay 
circuit, | checked my work, applied power—and although the relay clicked, no 
sound came out of the loudspeaker. Of course, everything had worked fine on 
the breadboard. 


First | looked at component placement, because this is the easiest thing to 
verify. | found no errors. Then | flexed the board gently while applying power— 
and the loudspeaker made a brief “beep.” Any time this happens, you can be 
virtually certain that a solder joint has a tiny crack in it. 


The next step was to anchor the black lead of my meter to the negative side 

of the power supply, and then switch on the power and go through the circuit 
point by point, from top to bottom, checking the voltage at each point with the 
red lead of the meter. In a simple circuit like this, every part should show at least 
some voltage. 


But when | got to the second 2N2222 transistor, which powers the loudspeaker, 
its output was completely dead. Either | had melted the transistor while solder- 
ing it (unlikely), or there was a bad joint. | checked the perfboard beneath the 
transistor with the magnifying glass, and found that solder had flowed around 
one of the leads of the transistor without actually sticking to it. The gap must 
have been less than one-thousandth of an inch, but still, that was enough. 
Probably, the problem had been caused by dirt or grease. 


This is the kind of patient inquiry you need to follow when a circuit doesn't 
work. Check whether your components are placed correctly, check your power 
supply, check the power on the board, check the voltage at each stage, and if 
you are persistent, you'll find the fault. 
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Figure 3-103. The noisemaker circuit has 
been transplanted from breadboard to 
perforated board, with no additions or 
changes. 


Figure 3-104. The relay-transistor control 
circuit has been added. Wires to external 
devices have been stripped and poked 
into the perforated board, where they are 
soldered in place. The green wires connect 
with the sensor network, the black wires 
go to the loudspeaker, and the red-and- 
black wires supply power. 


139 


Experiment 15: Intrusion Alarm Revisited 


Power 


User Controls 


Mag. Switches 


i 


Locking Relay 


Slow Oscillator 


Fast Oscillator 


Amplifier 


Loudspeaker 


Figure 3-105. The final block diagram for 
this phase of the project shows where user 
controls fit in the series of functions. 
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Switches and Inputs for the Alarm 


Now you need to make the system easy to use. The block diagram in Figure 
3-105 shows one additional box near the top of the sequence: User Controls. 
These will consist of switches, LEDs, and connections to the outside world. To 
plan this part of the job, first | have to summarize the way in which our alarm 
system works at this point in its evolution. 


A full-featured home alarm system normally has two modes: in-home and 
away-from-home: 


e Using the in-home mode, you switch on the alarm while you are at home 
so that it will alert you if an intruder opens a door or window. 


e Using the away-from-home mode, typically you enter a code number, af- 
ter which you have 30 seconds to leave and close the door behind you. 
When you return, you trigger the alarm by opening the door, but now you 
have 30 seconds to go to the control panel and enter your code number 
again to stop the alarm from sounding. 


So far, the alarm system that you've been building has only an in-home mode. 
Still, many people find this function useful and reassuring. Later in the book I'll 
suggest a way in which you can modify it to incorporate an away-from-home 
mode, but for now, making it practical for in-home use is enough of a challenge. 


Consider how it should be used on an everyday basis. It should have an on/ 
off switch, naturally. When it's on, any of the magnetic sensor switches should 
trigger the alarm. But what if you switch it on without realizing that you've left 
a window open? At that time it won't be appropriate for the alarm to sound. 
What you really need is a circuit-test feature, to tell you if all the doors and 
windows are closed. Then you can switch on the alarm. 


| think a pushbutton would be useful to test the alarm circuit. When you press it, 
a green LED should light up to indicate that the circuit is good. After you see the 
green light, you let go of the pushbutton and turn on the power switch, which 
illuminates a red LED, to remind you that the alarm is now armed and ready. 


One additional feature would be useful: an alarm noisemaker test feature, so 
that you can be sure that the system is capable of sounding its alert when 
required to do so. 


The circuit shown in Figure 3-106 incorporates all of these features. S1 is a 
SPDT switch; S2 is a DPDT momentary pushbutton of ON-(ON) type. The sche- 
matic shows it in its “relaxed” mode, when the button is not being pressed. 


D1 is a red LED, D2 is a green LED, J1 is a power input jack (to be connected 
with an external 12-volt supply), and R1 is a 6800 resistor to protect the LEDs. 
Note that J1 follows the usual practice of supplying positive voltage in its cen- 
ter contact, and negative in the circular shell around the center. 
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When S1 is in its Off position, it still supplies positive power through its up- 
per contact to S2, the pushbutton. When the pushbutton is pressed, so that it 
goes into its “Test” position, the pole of S2 connects with the power and sends 
it out through the sensor switches on doors and windows. The wires to these 
switches will be attached via a couple of binding posts, shown here as two 
circles. If the sensor switches are all closed, power returns through the second 
binding post, passes through the lower set of contacts in S2, and lights D2, the 
green LED. Because S1 is not supplying power to the alarm circuit board, the 
alarm does not sound at this time. 


S1 


To Circuit 
Board 
Relay 
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(green 
wires) 


l To/From 
! Sensor 
| Switches 


Red Black 
To Circuit Board Power Input 


Figure 3-108. This schematic suggests a convenient way to add an on/off switch, a conti- 
nuity testing feature, and a noisemaker testing feature to the alarm. 


Now if S1 is turned to its On position, it sends power to the components on 
the perforated board. The transistor circuit sends power out along the green 
wires to S2, and as long as the button is not being pressed, the power goes out 
through the switch network and back through S2, to the transistor, keeping its 
base relatively negative. So the alarm remains silent. But as soon as a sensor 
switch is opened, the circuit is broken and the alarm sounds. The only way to 
stop it will be by switching S1 into its Off position. 


Finally, if you press S2, the pushbutton, while S1 is in its On mode, you inter- 
rupt the network of switches and activate the noisemaker. In this way, S2 does 
dual duty: when S1 is off, pushbutton S2 tests the sensor switches for continu- 
ity. When S1 is on, S2 tests the noisemaker to make sure it creates a noise. | 
think this is the simplest possible way to implement these features. 
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Figure 3-107. A printed layout for the 
switches, LEDs, and other components 
has been taped to the underside of the 
lid of the project box. An awl is pressed 
through the paper to mark the center of 
each hole to be drilled in the lid. 


Figure 3-108. The exterior of the panel after 
drilling. A small handheld cordless drill 
can create a neat result if the holes were 
marked carefully. 
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Installing the Switches 


If you bought a project box from RadioShack, it may have come with two op- 
tional top panels: one made of metal, the other made of plastic. l'Il assume that 
you'll use the plastic one, as you'll have more trouble drilling holes in metal. 
The type of plastic used by RadioShack is ABS, which is very easy to shape with 
the tools that I have recommended. 


You have to choose a layout for the switches and other components that will 
share the top panel of the project box. | like a layout to be neat, so | take the 
trouble to draw it using illustration software, but a full-size pencil sketch is 
almost as good. Just make sure there's room for the components to fit to- 
gether, and try to place them similarly to the schematic, to minimize the risk 
of confusion. 


Tape your sketch to the inside of the top panel, as shown in Figure 3-107, and 
then use a sharp pointed tool, such as a pick, to press through and mark the 
plastic at the center of each hole. The indentations will help to center your bit 
when you drill the holes. Remember that you'll need to make multiple holes to 
vent the sound from the loudspeaker, which will be beneath the top panel of 
the box. The result is shown in Figure 3-108. 


| placed all the components on the top panel, with the exception of the power 
input jack, which | positioned at one end of the box. Naturally, each hole has to 
be sized to fit its component, and if you have calipers, they'll be very useful for 
taking measurements and selecting the right drill bit. Otherwise, make your 
best guess, too small being better than too large. A deburring tool is ideal for 
slightly enlarging a hole so that a component fits snugly. This may be neces- 
sary if you drill 3/16-inch holes for your 5-inch mm LEDs. Fractionally enlarge 
each hole, and the LEDs should push in very snugly. 


If your loudspeaker lacks mounting holes, you'll have to glue it in place. | used 
five-minute epoxy to do this. Be careful not to use too much. You don't want 
any of the glue to touch the speaker cone. 


Drilling large holes in the thin, soft plastic of a project box can be a problem. 
The drill bit tends to dig in and create a mess. You can approach this problem 
in one of three ways: 


1. Use a Forstner drill bit if you have one. It creates a very clean hole. 
2. Drill a series of holes of increasing size. 
3. Drill a smaller hole than you need, and enlarge it with a deburring tool. 


Regardless of which approach you use, you'll need to clamp or hold the top 
panel of the project box with its outside surface face-down on a piece of scrap 
wood. Then drill from the inside, so that your bit will pass through the plastic 
and into the wood. 


Finally, mount the components in the panel, as shown in Figure 3-109, and 
turn your attention to the underneath part of the box. 
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The circuit board will sit on the bottom, held in place with four #4-size ma- 
chine screws (bolts) with washers and nylon-insert locknuts. You need to use 
locknuts to eliminate the risk of a nut working loose and falling among com- 
ponents where it can cause a short circuit. 


You'll have to cut the perfboard to fit, taking care not to damage any of the 
components on it. Also check the underside the board for loose fragments of 
copper traces after you finish cutting. 


Drill bolt holes in the board, if necessary, taking care again not to damage any 
components. Then mark through the holes to the plastic bottom of the box, 
and drill the box. Countersink the holes (i.e., bevel the edges of a hole so that 
a flat-headed screw will fit into it flush with the surrounding surface), push 
the little bolts up from underneath, and install the circuit board. Be extremely 
careful not to attach the circuit board too tightly to the project box. This can 
impose bending stresses, which may break a joint or a copper trace on the 
board. 


| like to include a soft piece of plastic under the board to absorb any stresses. 
Because you're using locknuts, which will not loosen, there's no need to make 
them especially tight. 


Test the circuit again after mounting the circuit board, just in case. 


Soldering the Switches 


Figure 3-110 shows how the physical switches should be wired together. Re- 
member that S1 is a toggle switch and $2 is a DPDT pushbutton. Your first step 
is to decide which way up they should be. Use your meter to find out which 
terminals are connected when the switch is flipped, and when the button is 
pressed. You'll probably want the switch to be on when the toggle is flipped 
upward. Be especially careful with the orientation of the pushbutton, because 
if you wire it upside-down, it will constantly have the alarm in “test” mode, 
which is not what you want. 


Remember, the center terminal of any double-throw switch is almost always 
the pole of the switch, connecting with the terminals immediately above it 
and below it. 


Stranded wire is appropriate to connect the circuit board with the compo- 
nents in the top panel, because the strands flex easily and impose less stress 
on solder joints. Twisting each pair of wires together helps to minimize the 
mess. 


Remember to install the LEDs with their short, negative wires connected with 
the resistor. This will entail some wire-to-wire soldering. You may want to pro- 
tect some of these bare leads and joints with thin heat-shrink tubing, to mini- 
mize the risk of short circuits when you push all the parts into the box. 


When you connect wires or components with the lugs on the switches, your 
pencil-style soldering iron probably won't deliver enough heat to make good 
joints. You can use your higher-powered soldering iron in these locations, but 
you absolutely must apply a good heat sink to protect the LEDs when you 
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Figure 3-108. Components have been 
added to the control panel of the project 
box (seen from the underside). The loud- 
speaker has been glued in place. Spare 
glue was dabbed onto the LEDs, just in 
case. The SPDT on/off switch is at the top 
right, the DPDT pushbutton ts at top left, 
and the binding posts, which will con- 
nect with the network of magnetic sensor 
switches, are at the bottom. 
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attach them, and don't allow the iron to remain in contact with anything for 
more than 10 seconds. It will quickly melt insulation, and may even damage 
the internal parts of the switches. 


In projects that are more complex than this one, it would be good practice 
to link the top panel with the circuit board more neatly. Multicolored ribbon 
cable is ideal for this purpose, with plug-and-socket connectors that attach to 
the board. For this introductory project, | didn’t bother. The wires just straggle 
around, as shown in Figure 3-111. 


Normally Closed 


To Circuit 
Board 
Normally Open 
(push to 
Power to 
Circuit 
Board 
© © C 
To/From 
Sensor Power In 
Switches 12V DC 
Figure 3-110. The components can be wired together like this to Figure 3-111. The circuit board has been installed in the 
replicate the circuit shown in The red and green circles are LEDs. base of the project box, and the power input jack has been 
Small, solid black circles indicate wire-to-wire solder joints. screwed into the end of the box. Twisted wire-pairs have 


been connected on a point-to-point basis, without much 
concern over neatness, as this is a relatively small project. 
The white insulation at the top-right corner of the front 
panel is heat-shrink tube that encloses a solder joint and the 
6800 load resistor. Soldering wires to the pushbutton switch 
requires care and precision, as the contacts are closely 
spaced. 
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Final Test 


When you've completed the circuit, test it! If you don't have your network of 
magnetic sensor switches set up yet, you can just use a piece of wire to con- 
nect the two binding posts. Make sure that S1 is in its Off position, then solder 
the appropriate plug to your 12-volt power source, and plug it into the power 
jack. When you press the button, the green LED should light up to show con- 
tinuity between the two binding posts. Now disconnect the wire between the 
binding posts, press the button again, and the green LED should remain dark. 


Reconnect the binding posts, flip S1 to its On position, and the red LED should 
light up. Press the button, and the alarm should start. Reset it by turning S1 
off and then on again; then disconnect the wire between the binding posts. 
Again, the alarm should start, and it should continue even if you reconnect 
the wire. 


If everything works the way it should, it's time to screw the top of the box in 
place, pushing the wires inside. Because you're using a large box, you should 
have no risk of metal parts touching each other accidentally, but still, proceed 
carefully. 


Alarm Installation 


Before you install your magnetic sensor switches, you should test each one by 
moving the magnetic module near the switch module and then away from it, 
while you use your meter to test continuity between the switch terminals. The 
switch should close when it's next to the magnet, and open when the magnet 
is removed. 


Now draw a sketch of how you'll wire your switches together. Always remem- 
ber that they have to be in series, not in parallel! Figure 3-112 shows the con- 
cept in theory. The two terminals are the binding posts on top of your control 
box (which is shown in green), and the dark red rectangles are the magnetic 
sensor switches on windows and doors. Because the wire for this kind of instal- 
lation usually has two conductors, you can lay it as I’ve indicated but cut and 
solder it to create branches. The solder joints are shown as orange dots. Note 
how current flows through all the switches in series before it gets back to the 
control box. 


Figure 3-113 shows the same network as you might actually install it in a situ- 
ation where you have two windows and a door. The blue rectangles are the 
magnetic modules that activate the switch modules. 


You'll need a large quantity of wire, obviously. The type of white, stranded 
wire that is sold for doorbells or furnace thermostats is good. Typically, it is 
20-gauge or larger. 


After you install all the switches, clip your meter leads to the wires that would 
normally attach to the alarm box. Set your meter to test continuity, and open 
each window or door, one at a time, to check whether you're breaking the 
continuity. If everything is OK, attach the alarm wires to the binding posts on 
your project box. 


Getting Somewhat More Serious 


Experiment 15: Intrusion Alarm Revisited 


Figure 3-112. Dual-conductor, white 
insulated wire can be used to connect the 
terminals on the alarm contro! box with 
magnetic sensors (shown in dark red). 
Because the sensors must be in series, the 
wire is cut and joined at positions marked 
with orange dots. 


il 


>” 


f= 


A O 


Figure 3-113. /n an installation involving two 
windows and a door, the magnetic com- 
ponents of the sensors (blue rectangles) 
could be placed as shown, while the 
switches (dark red) are located alongside 
them. 
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Figure 3-114. The intrusion alarm com- 
pleted and in its project box. 
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Now deal with the power supply. Use your AC adapter, set to 12 volts, hooked 
up to your type N power plug, or attach the power plug to a 12-volt alarm 
battery. 


If you use a battery, be especially careful that the wire leading to the center 
terminal of your power plug is positive! A 12-volt battery can deliver substan- 
tial current, which can fry your components if you connect it the wrong way 
around. It would be a shame to destroy your entire project at the very last step. 


The only remaining task is to label the switch, button, power socket, and bind- 
ing posts on the alarm box. You know that the switch turns the power on and 
off, and the button tests the circuit and the noisemaker, but no one else knows, 
and you might want to allow a guest to use your alarm while you're away. For 
that matter, months or years from now, you may forget some details. Will you 
remember that the power source for this unit should be 12 volts? 


Labeling really is a good idea. But as you can see in Figure 3-114, | haven't quite 
gotten around to it for the box that | built. 


Conclusion 


The alarm project has taken you through the basic steps that you will usually 
follow any time you develop something: 


1. Draw a schematic and make sure that you understand it. 

Modify it to fit the pattern of conductors on a breadboard. 

Install components on the breadboard and test the basic functions. 
Modify or enhance the circuit, and retest. 


Transfer to perforated board, test, and trace faults if necessary. 
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Add switches, buttons, power jack, and plugs or sockets to connect the 
circuit with the outside world. 


7. Mount everything in a box (and add labeling). 


While going through this sequence, | hope you've learned the basics of elec- 
tricity, along with some simple electrical theory, and fundamentals about 
electronic components. This knowledge should enable you to move on to the 
much more powerful realm of integrated circuit—which I'll cover in Chapter 4. 


Chapter 3 


Before | get into the fascinating topic of integrated circuit (IC) chips, | have to 
make a confession: some of the things | asked you to do in Chapter 3 could 
have been done a bit more simply. Does this mean you have been wasting 
your time? No, | firmly believe that by building circuits with old-fashioned 
components—capacitors, resistors, and transistors—you acquire the best 
possible understanding of the principles of electronics. Still, you are going to 
find that integrated circuit chips, containing dozens, hundreds, or even thou- 
sands of transistor junctions, will enable some shortcuts. 
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Tools 


The only new tool that | recommend using in conjunction with chips is a logic 
probe. This tells you whether a single pin on a chip has a high or low voltage, 
which can be helpful in figuring out what your circuit is doing. The probe has 
a memory function so that it will light its LED, and keep it lit, in response to a 
pulse that may have been too quick for the eye to see. 


Search online and buy the cheapest logic probe you can find. | don't have any 
specific brand recommendations. The one shown in Figure 4-1 is fairly typical. 


Supplies 


Integrated circuit chips 
If you buy everything on this shopping list, and you bought basic parts 
such as resistors and capacitors that were listed previously, you should 
have everything you need for all the projects in this chapter. 


As chips are quite cheap (currently around 50 cents apiece), | suggest you 
buy extras. This way, if you damage one, you'll have some in reserve. You'll 
also have a stock for future projects. 


Please read the next section, “Fundamentals: Choosing chips,” before you 
begin chip-shopping. Chips should be easily obtainable from all the major 
electronics retail suppliers, and sometimes are found on eBay shops. Look 
in the appendix for a complete list of URLs. 


IN THIS CHAPTER 
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Experiment 16: Emitting a Pulse 
Experiment 17: Set Your Tone 
Experiment 18: Reaction Timer 
Experiment 19: Learning Logic 
Experiment 20: A Powerful Combination 
Experiment 21: Race to Place 
Experiment 22: Flipping and Bouncing 
Experiment 23: Nice Dice 


Experiment 24: Intrusion Alarm 
Completed 


Figure 4-1. A logic probe detects the high or 
low voltage on each pin of a chip, and re- 

veals pulses that may occur too quickly for 
you to perceive them with the unaided eye. 
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Choosing chips 


Figure 4-2 shows what is often referred to as an integrated 
circuit (IC). The circuit is actually etched onto a tiny wafer or 
“chip” of silicon, embedded in a black plastic body, which is 
properly referred to as the “package”. Tiny wires inside the 
package link the circuit with the two rows of pins on either 
side. Throughout this book, | will use the word “chip” to refer 
to the whole object, including its pins, as this is the most 
common usage. 


Figure 4-2. An integrated circuit chip in Plastic Dual-Inline Pin 
package, abbreviated PDIP or, more often, DIP 


The pins are mounted at intervals of 1/10 inch in two rows 
spaced 3/10 inch apart. This format is known as a Plastic 
Dual Inline Package, abbreviated PDIP, or, more often, just 
DIP. The chip in the photograph has four pins in each row; 
others may have many more. The first thing you need to 
know, when shopping for chips, is that you'll only be using 
the DIP package. This book will not be featuring the more 
modern type, known as “surface-mount,” because they're 
much smaller, more difficult to handle, and require special 
tools that are relatively expensive. Figure 4-3 shows a size 
comparison between a 14-pin DIP package and a 14-pin 
surface-mount package. Many surface-mount chips are 
even smaller than the one shown. 


Just about every chip has a part number printed on it. In 
Figure 4-2, the part number is KA555. In Figure 4-3, the DIP 
chip's part number is M74HC00B1, and the surface-mount 
chip is a 74LVCO7AD. You can ignore the second line of 
numbers and/or letters on each chip, as they are not part of 
the part number. 


Notice in Figure 4-3 that even though the chips look quite 
different from each other, they both have “74” in their part 
numbers. This is because both of them are members of the 
“7400” family of logic chips, which originally had part numbers 
from 7400 and upward (7400, 7401, 7402, 7403, and so on). 
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FUNDAMENTALS 


Often they are now referred to as”74xx" chips, where “xx” 
includes all the members of the family. l'Il be using this fam- 
ily a lot, so you need to know how to buy them. l'Il give you 
some advice on that without going into details yet about 
what the chips actually do. 


Figure 4-3. The DIP chip, at the rear, has pins spaced 1/10 
inch apart, suitable for insertion in a breadboard or perfo- 
rated board. It can be soldered without special tools. The 
small-outline integrated circuit (SOIC) surface-mount chip 
(foreground) has solder tabs spaced at 1/20 inch. Other 
surface-mount chips have pins spaced at 1/40 inch or even 
less (these dimensions are often expressed in millimeters). 
Surface-mount chips are designed primarily for automated 
assembly and are difficult to work with manually. In this photo, 
the yellow lines are 1 inch apart to give you an idea of the scale. 


Take a look at Figure 4-4, which shows how to interpret a 
typical part number in a 74xx family member. The initial 
letters identify the manufacturer (which you can ignore, 

as it really makes no difference for our purposes). Skip the 
letters until you get to the “74.” After that, you find two more 
letters, which are important. The 74xx family has evolved 
through many generations, and the letter(s) inserted after 
the “74” tell you which generation you're dealing with. Some 
generations have included: 


e 74L 

e 74LS 

e 74C 

e 74HC 

e 74AHC 
And there are more. Generally speaking, subsequent gen- 
erations tend to be faster or more versatile than previous 


generations. In this book, for reasons l'Il explain later, we are 
mostly using the HC generation. 
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FUNDAMENTALS 


Choosing chips (continued) 


After the letters identifying the generation, you'll find two (sometimes more) 
numerals. These identify the specific function of the chip. You can ignore any 
remaining letters and numerals. Looking back at Figure 4-3, the DIP chip part 
number, M74HCOOB1 tells you that it is a chip in the 74xx family, HC generation, 
with its function identified by numerals 00. The surface-mount chip number, 
74LVCO7AD, tells you that it is in the 74xx family, LVC generation, with function 
identified by numerals 07. For convenience we could refer to the first chip as a 
“74HC00” and the second chip as a“74HCO7” because, regardless of their differ- 
ent manufacturers and package sizes, the fundamental behavior of the circuit 
inside remains the same. 


The purpose of this long explanation is to enable you to interpret catalog list- 
ings when you go chip shopping. You can search for “74HC00” and the online 
vendors are usually smart enough to show you appropriate chips from multiple 
manufacturers, even though there are letters preceding and following the term 
that you're searched for. 


Suppose a circuit requires a 74HC04 chip. If you search for “74HC04” on the 
website of a parts supplier, you may find versions such as the CD74HC04M96 by 
Texas Instruments, the 74HCO4N by NXP Semiconductors, or MM74HCOAN by 
Fairchild Semiconductor. Because they all have “74HC04”in the middle, any of 
them will work. 


Just be careful that you buy the larger DIP-style package, not the surface-mount 
package. If the part number has an “N” on the end, you can be sure that it's a DIP 
package. If there is no “N” on the end, it may or may not be a DIP package, and 
you will have to check a photo or additional description to make sure. If the part 
number begins with SS, SO, or TSS, it’s absolutely definitely surface-mount, and 
you don't want it. Many catalogs show photographs of the chips to assist you in 
buying the right package style. 


Type of chip 
7400 NAND gate 


Sane pon 


Manufacturer eal of chip Package format 
Texas Instruments High Speed CMOS Dual in-line pin 


Figure 4-4. Look for the chip family (74xx, in this case) with the correct generation 
(HC, in this case) embedded in the number. Make sure you buy the DIP version, not 
the surface-mount version. The manufacturer is unimportant. 
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Here's your chip list: 


e 555 Timer. STMicroelectronics SA555N, Fairchild NE555D, RadioShack 
TLC555, or similar. Do not get the “CMOS” version of this chip, or any fancy 
versions such as those of high precision. Buy the cheapest you can find. 
Quantity: 10. The chip in Figure 4-2 is a 555 timer. 


e Logicchips types 74HC00, 74HC02, 74HC04, 74HC08, 74HC32, and 74HC86. 
Actual part numbers could be M74HC00B1,M74HC02B1,M74HC04B1,and 
so on, by STMicroelectronics, or SN74HCOON, SN74HCO2N, SN74HCOAN, 
and so on, by Texas Instruments. Any other manufacturers are acceptable. 


e Remember, each part number should have “HC” in the middle of it, and 
you want the DIP or PDIP package, not surface-mount. Quantity of each: 


Figure 4-5. When you're soldering a circuit 
A y 5 At least 4. 


onto perforated board, sockets eliminate 


the risk of overheating integrated circuit : ; g 
osea reduce te riskorzapping en e 4026 Decade Counter (a chip that counts in tens). Texas Instruments CD 


with static electricity, and enable easy 4026BE or similar. Quantity: 4 (you'll need 3, but because this is a CMOS 
replacement. chip sensitive to static electricity, you should have at least one in reserve). 
Any chip with “4026” in its part number should be OK. 


e 741592 counter chip, 74LS06 open-collector inverter chip, and 74LS27 
triple-input NOR chip. Quantity: 2 of each. Note the “LS” in these part 
numbers! There will be one experiment in which | want you to use the LS 
generation instead of the HC generation. 


IC sockets 
| suggest that you avoid soldering chips directly onto perforated board. If 
you damage them, they're difficult to remove. Buy some DIP sockets, solder 
the sockets onto the board, and then plug the chips into the sockets. You 
P A a enc on he can use the cheapest sockets you can find (you don't need gold-plated con- 
inadequate to drive a typical 5 mm LED tacts for our purposes). You will need 8-pin, 14-pin, and 16-pin DIP sockets, 
(right), which is rated for 20mA forward such as parts 276-1995, 276-1999, and 276-1998 from RadioShack. See Fig- 


current. Miniature, low-current LEDs (left) ure 4-5. Quantity of each: 5 minimum. 
will use as little as IMA in series with a 


suitable resistor, and are ideal for test cir- Low-power LEDs 
cuits in which you want to see the output The logic chips that you'll be using are not designed to deliver significant 
with a minimum of hassle. i f . i f 

power. You'll need to add transistors to amplify their output if you want to 
drive bright LEDs or relays. Because adding transistors is a hassle, | suggest 
an alternative: Special low-power LEDs that will draw as little as 1mA, such 
as the Everlight model T-100 Low Current Red, part number HLMPK150. 
Figure 4-6 shows a size comparison with a regular 5mm LED. Quantity: 10 
(at a minimum). 


Figure 4-5. An HC series logic chip is rated 


LED numeric displays 
In at least one of our projects, you'll want to illuminate some seven-segment 
LED numerals. You'll need either three individual numerals, or one package 
containing three numerals, such as the Kingbright High Efficiency Red Dif- 
fused, part number BC56-11EWA, which will be specifically referred to in 
schematics in this book. If you buy a different seven-segment display, it must 
be an LED with a “common cathode” (Don't buy liquid-crystal LCD numer- 


Figure 4-7. Seven-segment displays are the 
simplest way to show a numeric output 
and can be driven directly by some CMOS als; they require different electronics to drive them.) If you have a choice of 


chips. For finished projects, they are power consumption, buy whichever product consumes the least current. 


typically mounted behind transparent red 


acrylic plastic panels. See Figure 4-7. 
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Latching relays 


You're going to need a 5-volt latching relay that has two coils, instead of 
one. The first coil flips the relay one way; the second coil flips it back. The 
relay consumes no additional power while remaining passively in each 
state. | suggest the Panasonic DS2E-SL2-DC5V relay. If you buy a different 
relay, it must be dual-coil latching to run off 5 volts DC, switching at least 
1 amp, in a“2 form C” package, to fit your breadboard. 


Potentiometers 


You'll need 5K, 10K, and 100K linear potentiometers (one of each). Also, a 
10K trimmer potentiometer (which you may find described just as a “trim- 
mer”). The manufacturer is unimportant. 


Voltage regulators 


Because many logic chips require precisely 5 volts DC, you need a voltage 
regulator to deliver this. The LM7805 does the job. Here again, the chip 
number will be preceded or followed with an abbreviation identifying the 
manufacturer and package style, as in the LM7805CT from Fairchild. Any 
manufacturer will do, but the package should look like the one in Figure 
4-8, and if you have a choice, buy a regulator that can deliver at least 1 
amp. 


Tactile switches 


These are SPST pushbuttons (momentary switches), usually with four legs. 
Look for the ALPS part number SKHHAKA0O10 or any similar item that has 
pins to fit your breadboard or perforated board. See Figure 4-9, 


12-key numeric keypad 


Velleman “12 keys keyboard with common output” (no part number, but 
has been available through All Electronics under catalog code KP-12). 
Quantity: 1. 


This type of keypad has the same layout as an old-fashioned touchtone 
phone. It should have at least 13 pins or contacts, 12 of which connect 
with individual pushbuttons, the thirteenth connecting with the other 
side of all the pushbuttons. In other words, the last pin is “common” to all 
of them, and this type of keypad is often described as having a“common 
output.’ The type of keypad that you don't want is “matrix-encoded,’ with 
fewer than 13 contacts, requiring additional external circuitry. See Figures 
4-10 and 4-11. If you can't find the Velleman keypad that | suggest, look 
carefully at keypad descriptions and photographs to make sure that the 
one you buy is not matrix-encoded and has a common terminal. 


Alternatively, you may substitute 12 cheap SPST NO pushbuttons and 
mount them in a small project box. 


Chips, Ahoy! 
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Figure 4-8. Many integrated circuit chips 
require a controlled power supply of 

5 volts, which can be delivered by this 
regulator when you apply 7.5 to 9 volts to 
it. The lefthand pin is for positive input, 

the center pin is a common ground, and 
the righthand pin is the 5V output. For cur- 
rents exceeding 250mA, you should bolt 
the regulator to a metal heat sink using 
the hole at the top. 


Figure 4-8. A tactile switch delivers tactile 
feedback through your fingertip when you 
press it. They are almost always SPST 
pushbuttons designed for mounting in 
circuit boards with standard 1/10-inch 
hole spacing. 
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Figure 4-10. When shopping for a numeric 
keypad, it should have 12 keys in “touch- 
tone phone’ layout, and should have at 


Figure 4-11. This keypad has insufficient 
pins and will not work in the circuit in this 
book. 


least 13 contacts for input/output. The 
contacts are visible here along the front 


edge. 


How chips came to be 


The concept of integrating solid-state components into one 
little package originated with British radar scientist Geoffrey 
W. A. Dummer, who talked about it for years before he at- 
tempted, unsuccessfully, to build one in 1956. The first true 
integrated circuit wasn't fabricated until 1958 by Jack Kilby, 
working at Texas Instruments. Kilby’s version used germa- 
nium, as this element was already in use as a semiconduc- 
tor. (You'll encounter a germanium diode when | deal with 
crystal radios in the next chapter of this book.) But Robert 
Noyce, pictured in Figure 4-12, had a better idea. 


Born in 1927 in lowa, in the 1950s Noyce moved to Cali- 
fornia, where he found a job working for William Shockley. 


This was shortly after Shockley had set up a business based 
around the transistor, which he had coinvented at Bell Labs. 


Noyce was one of eight employees who became frustrated 
with Shockley’s management and left to establish Fairchild 
Semiconductor. While he was the general manager of 
Fairchild, Noyce invented a silicon-based integrated circuit 
that avoided the manufacturing problems associated with 
germanium. He is generally credited as the man who made 
integrated circuits possible. 


Early applications were for military use, as Minuteman 
missiles required small, light components in their guidance 
systems. These applications consumed almost all chips pro- 
duced from 1960 through 1963, during which time the unit 
price fell from around $1,000 to $25 each, in 1963 dollars. 
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In the late 1960s, medium-scale integration chips emerged, 
each containing hundreds of transistors. Large-scale inte- 
gration enabled tens of thousands of transistors on one chip 
by the mid-1970s, and today’s chips can contain as many as 
several billion transistors. 


Robert Noyce eventually cofounded Intel with Gordon 
Moore, but died unexpectedly of a heart attack in 1990. You 
can learn more about the fascinating early history of chip de- 
sign and fabrication at http://www.siliconvalleyhistorical.org. 


i I" E 
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Figure 4-12. This picture of Robert Noyce, late in his career, is 
from the Wikimedia Commons. 


Experiment 16: Emitting a Pulse 


lm going to introduce you to the most successful chip ever made: the 555 
timer. As you can find numerous guides to it online, you might question the 
need to discuss it here, but | have three reasons for doing so: 


1. It's unavoidable. You simply have to know about this chip. Some sources 
estimate that more than 1 billion are still being manufactured annually. 
It will be used in one way or another in most of the remaining circuits in 
this book. 


2. It provides a perfect introduction to integrated circuits, because it's ro- 
bust, versatile, and illustrates two functions that we'll be dealing with 
later: comparators and a flip-flop. 


3. After reading all the guides to the 555 that | could find, beginning with the 
original Fairchild Semiconductor data sheet and making my way through 
various hobby texts, | concluded that its inner workings are seldom ex- 
plained very clearly. | want to give you a graphic understanding of what's 
happening inside it, because if you don't have this, you won't be in a good 
position to use the chip creatively. 


You will need: 
¢ 9-volt power supply. 


e Breadboard, jumper wires, and multimeter. Negative 
(ground) 
¢ 5K linear potentiometer. Quantity: 1. 


e 555 timer chip. Quantity: 1. Trigger 


e Assorted resistors and capacitors. 
Output 


e SPST tactile switches. Quantity: 2. 


e LED (any type). Quantity: 1. Reset 


Procedure 


The 555 chip is very robust, but still, in theory, you can zap it with a jolt of static 
electricity and kill it. Therefore, to be on the safe side, you should ground 
yourself before handling it. See the“Grounding yourself” warning on page 172 
for details. Although this warning primarily refers to the type of chips known 
as CMOS, which are especially vulnerable, grounding yourself is always a sen- 
sible precaution. 


Look for a small circular indentation, called the dimple, molded into the body 
of the chip, and turn the chip so that the indentation is at the top-left corner 
with the pins pointing down. Alternatively, if your chip is of the type with a 
notch at one end, turn the chip so that the notch is at the top. 


The pins on chips are always numbered counterclockwise, starting from the 
top-left pin (next to the dimple). See Figure 4-13, which also shows the names 
of the pins on the 555 timer, although you don’t need to know most of them 
just yet. 


Chips, Ahoy! 
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Notch 


Dimple 


Positive 


Discharge 


Threshold 


Control 


[| 


Pins 


Figure 4-13. The 555 timer chip, seen from 
above. Pins on chips are always numbered 
counterclockwise, from the top-left corner, 
with a notch in the body of the chip upper- 
most, or a circular indentation at top-left, 
to remind you which end is up. 
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Insert the chip in your breadboard so that its pins straddle the channel down 
the center. Now you can easily feed voltages to the pins on either side, and 
read signals out of them. See Figure 4-14 for a precise guide to placement, in 
the first project. The timer is identified as “IC1,’ because “IC” is the customary 
abbreviation for “Integrated Circuit.” 


Figure 4-14. This circuit allows you to explore the behavior of the 555 timer chip. Use your 
meter to monitor the voltage on pin 2 as shown. There are no resistors labeled R1, R2, 

or R3 and no capacitors labeled C1 or C2, because they'll be added in a later schematic. 
Component values in this schematic: 


R4: 100K 

Ro ake 

R6: 10K 

RZ: 1K 

R8: 5K linear potentiometer 
C3: 100 uF electrolytic 

C4: 47 uF electrolytic 

C5: 0.1 uF ceramic 

IC1: 555 timer 

S1, S2: SPST tactile switches (pushbuttons) 
D1: Generic LED 


R5 holds the trigger (pin 2) positive until S1 is pressed, which lowers the voltage depend- 
ing on the setting of potentiometer R8. When the trigger voltage falls below 1/3 of the 
power supply, the chip's output (pin 3) goes high for a period determined by the values 
of R4 and C4. S2 resets (zeros) the timer, by reducing the voltage to pin 4, the Reset. C3 
smoothes the power supply, and C5 isolates pin 5, the control, so that it won't interfere 
with the functioning of this test circuit. (We'll use the control pin in a future experiment.) 


All integrated circuit chips require a power supply. The 555 is powered with 
negative voltage applied to pin 1 and positive to pin 8. If you reverse the volt- 
age accidentally, this can permanently damage the chip, so place your jumper 
wires carefully. 
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Set your power supply to deliver 9 volts. It will be convenient for this experiment 
if you supply positive down the righthand side and negative down the lefthand 
side of the breadboard, as suggested in Figure 4-14. C3 is a large capacitor, at 
least 100 uF, which is placed across the power supply to smooth it out and pro- 
vide a local store of charge to fuel fast-switching circuits, as well as to guard 
against other transient dips in voltage. Although the 555 isn't especially fast- 
switching, other chips are, and you should get into the habit of protecting them. 


Begin with the potentiometer turned all the way counterclockwise to maxi- 
mize the resistance between the two terminals that we're using, and when you 
apply the probe from your meter to pin 2, you should measure about 6 volts 
when you press S1. 


Now rotate the potentiometer clockwise and press S1 again. If the LED doesn't 
light up, keep turning the potentiometer and pressing and releasing the but- 
ton. When you've turned the potentiometer about two-thirds of the way, you 
should see the LED light up for just over 5 seconds when you press and release 
the button. Here are some facts that you should check for yourself: 


e The LED will keep glowing after you release the button. 


e You can press the button for any length of time (less than the timer's cycle 
time) and the LED always emits the same length of pulse. 


e The timer is triggered by a fall in voltage on pin 2. You can verify this with 
your meter. 


e The LED is either fully on or fully off. You can't see a faint glow when it's off, 
and the transition from off to on and on to off is very clean and precise. 


Check Figure 4-16 to see how the components should look on your bread- 
board, and then look at the schematic in Figure 4-15 to understand what's 
happening. | will be adding more components later, which | will be labeling R1, 
R2, C1, and C2 to be consistent with data sheets that you may see for the 555 
timer. Therefore, in this initial circuit the resistors are labeled R4 and up, and 
capacitors C3 and up. 


When S1 (the tactile switch) is open, pin 2 of the 555 timer receives positive 
power through R5, which is 2K2. Because the input resistance of the timer is 
very high, the voltage on pin 2 is almost the full 9 volts. 


When you press the button, it connects negative voltage through R8, the 5K 
potentiometer to pin 2. Thus, R8 and R5 form a voltage divider with pin 2 in 
the middle. You may remember this concept from when you were testing tran- 
sistors. The voltage between the resistances will change, depending on the 
values of the resistances. 


If R8 is turned up about halfway, it is approximately equal to R5, so the mid- 
point, connected to pin 2, has about half the 9-volt power supply. But when 
you turn the potentiometer so that its resistance falls farther, the negative volt- 
age outweighs the positive voltage, so the voltage on pin 2 gradually drops. 


If you have clips on your meter leads, you can hook them onto the nearest 
jumper wires and then watch the meter while you turn the potentiometer up 
and down and press the button. 
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Figure 4-15. A schematic view of the circuit 
shown in Figure 4-14. Throughout this 
chapter, the schematics will be laid out 

to emulate the most likely placement of 
components on a breadboard. This is not 
always the simplest layout, but will be 
easiest for you to build. Refer to Figure 
4-14 for the values of the components. 


Figure 4-18. This is how the components 
look when installed on the breadboard. 
The alligator clips are attached to a patch 
cord that links the 100 LiF capacitor to the 
potentiometer. The power supply input is 
not shown. 
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The graphs in Figure 4-17 illustrate what is happening. The upper graph shows 
the voltage applied to pin 2 by random button-presses, with the potentiometer 
turned to various values. The lower graph shows that the 555 is triggered if, 
and only if, the voltage on pin 2 actively drops from above 3 volts to below 3 
volts. What's so special about 3 volts? It’s one-third of our 9-volt power supply. 


Here's the take-home message: 


e The output of the 555 (pin 3) emits a positive pulse when the trigger (pin 
2) drops below one-third of the supply voltage. 


e The 555 delivers the same duration of positive pulse every time (so long as 
you don't supply a prolonged low voltage on pin 2). 


¢ A larger value for R4 or for C4 will lengthen the pulse. 


e When the output (pin 3) is high, the voltage is almost equal to the supply 
voltage. When the output goes low, it’s almost Zero. 


The 555 converts the imperfect world around it into a precise and dependable 
output. It doesn't switch on and off absolutely instantly, but is fast enough to 
appear instant. 


Now here's another thing to try. Trigger the timer so that the LED lights up. 
While it is illuminated, press S2, the second button, which grounds pin 4, the 
reset. The LED should go out immediately. 


When the reset voltage is pulled low, the output goes low, regardless of what 
voltage you apply to the trigger. 


There's one other thing | want you to notice before we start using the timer for 
more interesting purposes. | included R5 and R6 so that when you first switch 
on the timer, it is not emitting a pulse—but is ready to do so. These resistors 
apply a positive voltage to the trigger and the reset pin, to make sure that the 
555 timer is ready to run when you first apply power to it. 


As long as the trigger voltage is high, the timer will not emit a pulse. (It emits a 
pulse when the trigger voltage drops.) 


As long as the reset voltage is high, the timer is able to emit a pulse. (It shuts 
down when the reset voltage drops.) 


R5 and R6 are known as “pull-up resistors” because they pull the voltage up. 
You can easily overwhelm them by adding a direct connection to the negative 
side of the power supply. A typical pull-up resistor for the 555 timer is 10K. 
With a 9-volt power supply, it only passes 0.9mA (by Ohm's Law). 


Finally, you may be wondering about the purpose of C5, attached to pin 5. This 
pin is known the “control” pin, which means that if you apply a voltage to it, 
you can control the sensitivity of the timer. l'Il get to this in more detail a little 
later. Because we are not using this function right now, it's good practice to 
put a capacitor on pin 5 to protect it from voltage fluctuations and prevent it 
from interfering with normal functioning. 


Make sure you become familiar with the basic functioning of the 555 timer 
before you continue. 
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Pressing and releasing the button for varying intervals 
while adjusting the voltage with the potentiometer 


Trigger 
Voltage 
Pin 2 


Output 
Voltage 
Pin 3 


pulse width remains 
fixed at 5.2 seconds 


Figure 4-17. The top graph shows voltage on the trigger (pin 2) when the pushbutton is 
pressed, for different intervals, at different settings of the potentiometer. The lower graph 
shows the output (pin 3), which rises until it is almost equal to the power supply, when the 


voltage on pin 2 drops below 1/3 the full supply voltage. 


FUNDAMENTALS 


The following table shows 555 pulse duration in monos- 
table mode: 
e Duration is in seconds, rounded to two figures. 


e The horizontal scale shows common resistor values 
between pin 7 and positive supply voltage. 


+ The vertical scale shows common capacitor values 
between pin 6 and negative supply voltage. 


To calculate a different pulse duration, multiply resistance x 
capacitance x 0.0011 where resistance is in kilohms, capaci- 
tance is in microfarads, and duration is in seconds. 


220K 
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Inside the 555 timer: monostable mode 


The plastic body of the 555 timer contains a wafer of silicon on which are 
etched dozens of transistor junctions in a pattern that is far too complex to be 
explained here. However, | can summarize their function by dividing them into 
groups, as shown in Figure 4-18. An external resistor and two external capaci- 
tors are also shown, labeled the same way as in Figure 4-15. 


The negative and positive symbols inside the chip are power sources which ac- 
tually come from pins 1 and 8, respectively. | omitted the internal connections 
to those pins for the sake of clarity. 


The two yellow triangles are “comparators.” Each comparator compares two 
inputs (at the base of the triangle) and delivers an output (from the apex of the 
triangle) depending on whether the inputs are similar or different. We'll be us- 
ing comparators for other purposes later in this book. 


Figure 4-18. Inside the 555 timer. White lines indicate connections inside the chip. 

A and B are comparators. FF is a flip-flop which can rest in one state or the other, 
like a double-throw switch. A drop in voltage on pin 2 is detected by comparator A, 
which triggers the flip-flop into its “down” position and sends a positive pulse out of 
pin 3. When C4 charges to 2/3 of supply voltage, this is detected by comparator B, 
which resets the flip-flop to its “up” position. This discharges C4 through pin 7 
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Inside the 555 timer: monostable mode (continued) 


The green rectangle, identified as “FF,” is a “flip-flop.” | have depicted it as a 
DPDT switch, because that’s how it functions here, although of course it is 
really solid-state. 


Initially when you power up the chip, the flip-flop is in its “up” position which 
delivers low voltage through the output, pin 3. If the flip-flop receives a signal 
from comparator A, it flips to its “down” state, and flops there. When it receives a 
signal from comparator B, it flips back to its “up” state, and flops there. The “UP” 
and “DOWN” labels on the comparators will remind you what each one does 
when it is activated. 


Flip-flops are a fundamental concept in digital electronics. Computers couldn't 
function without them. 


Notice the external wire that connects pin 7 with capacitor C4. As long as the 
flip-flop is “up,” it sinks the positive voltage coming through R4 and prevents the 
capacitor from charging positively. 


If the voltage on pin 2 drops to 1/3 of the supply, comparator A notices this, and 
flips the flip-flop. This sends a positive pulse out of pin 3, and also disconnects 
the negative power through pin 7. So now C4 can start charging through R4. 
While this is happening, the positive output from the timer continues. 


As the voltage increases on the capacitor, comparator B monitors it through pin 
6, known as the threshold. When the capacitor accumulates 2/3 of the supply 
voltage, comparator B sends a pulse to the flip-flop, flipping it back into its 
original state. This discharges the capacitor through pin 7, appropriately known 
as the discharge pin. Also, the flip-flop ends the positive output through pin 3 
and replaces it with a negative voltage. This way, the 555 returns to its original 
state. 


I'll sum up this sequence of events very simply: 


. Initially, the flip-flop grounds the capacitor and grounds the output (pin 3). 


. A drop in voltage on pin 2 to 1/3 the supply voltage or less makes the out- 
put (pin 3) positive and allows capacitor C4 to start charging through R4. 


. When the capacitor reaches 2/3 of supply voltage, the chip discharges the 
capacitor, and the output at pin 3 goes low again. 


In this mode, the 555 timer is “monostable,’ meaning that it just gives one pulse, 
and you have to trigger it again to get another. 


You adjust the length of each pulse by changing the values of R4 and C4. How 
do you know which values to choose? Check the table on page 157, which gives an 
approximate idea and also includes a formula so that you can calculate values 
of your own. 


| didn’t bother to include pulses shorter than 0.01 second in the table, because 
a single pulse of this length is usually not very useful. Also | rounded the num- 
bers in the table to 2 significant figures, because capacitor values are seldom 
more accurate than that. 
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How the timer was born 


Back in 1970, when barely a half-dozen corporate seedlings had taken root 

in the fertile ground of Silicon Valley, a company named Signetics bought an 
idea from an engineer named Hans Camenzind. It wasn't a huge breakthrough 
concept—just 23 transistors and a bunch of resistors that would function as a 
programmable timer. The timer would be versatile, stable, and simple, but these 
virtues paled in comparison to its primary selling point. Using the emerging 
technology of integrated circuits, Signetics could reproduce the whole thing on 
a silicon chip. 


This entailed some trial and error. Camenzind worked alone, building the whole 
thing initially on a large scale, using off-the-shelf transistors, resistors, and di- 
odes on a breadboard. It worked, so then he started substituting slightly differ- 
ent values for the various components to see whether the circuit would tolerate 
variations during production and other factors such as changes in temperature 
when the chip was in use. He made at least 10 different versions of the circuit. It 
took months. 


Next came the crafts work. Camenzind sat at a drafting table and used a 
specially mounted X-Acto knife to scribe his circuit into a large sheet of plastic. 
Signetics then reduced this image photographically by a ratio of about 300:1. 
They etched it into tiny wafers, and embedded each of them in a half-inch 
rectangle of black plastic with the product number printed on top. Thus, the 
555 timer was born. 


It turned out to be the most 
successful chip in history, both 

in the number of units sold (tens 
of billions and counting) and the 
longevity of its design (unchanged 
in almost 40 years). The 555 has 
been used in everything from toys 
to spacecraft. It can make lights 
flash, activate alarm systems, put 
spaces between beeps, and create 
the beeps themselves. 


Today, chips are designed by large 

teams and tested by simulating 

their behavior using computer soft- 

ware. Thus, chips inside a computer 

enable the design of more chips. 

The heyday of solo designers such 

as Hans Camenzind is long gone, 

but his genius lives inside every 555 

timer that emerges from a fabrica- Figure 4-18. Hans Camenzind, inventor 
tion facility. (If you'd like to know and developer of the 555 timer chip for 
more about chip history, see http:// SI8gnetics. 
www.semiconductormuseum.com/ 

Museum_Index.htm.) 
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Why the 555 is useful 


In its monostable mode (which is what you just saw), the 
555 will emit a single pulse of fixed (but programmable) 
length. Can you imagine some applications? Think in terms 
of the pulse from the 555 controlling some other compo- 
nent. A motion sensor on an outdoor light, perhaps. When 
an infra-red detector “sees” something moving, the light 
comes on for a specific period—which can be controlled by 
a 555. 


Another application could be a toaster. When someone low- 
ers a slice of bread, a switch will close that triggers the toast- 
ing cycle. To change the length of the cycle, you could use 

a potentiometer instead of R4 and attach it to the external 
lever that determines how dark you want your toast. At the 
end of the toasting cycle, the output from the 555 would 
pass through a power transistor, to activate a solenoid 
(which is like a relay, except that it has no switch contacts) 
to release the toast. 


Intermittent windshield wipers could be controlled by a 555 
timer—and on earlier models of cars, they actually were. 


Beware of Pin-Shuffling! 


a chip so that pin 1 isn't necessarily shown adjacent to pin 2. 


be using here. 


— ee hh Crd 


In all of the schematics in this book, l'Il show chips as you'd see them 9V 
from above, with pin 1 at top left. Other schematics that you may 
see, on websites or in other books, may do things differently. For 
convenience in drawing circuits, people shuffle the pin numbers on 


Look at the schematic in Figure 4-20 and compare it with the one 
in Figure 4-15. The connections are the same, but the one in Figure 
4-20 groups pins to reduce the apparent complexity of the wiring. 


“Pin shuffling” is common because circuit-drawing software tends 
to do it, and on larger chips, it is necessary for functional clarity of 
the schematic (i.e., logical groupings of pin names versus physical 
groupings on memory chips, for example). When your're first learn- 
ing to use chips, I think it’s easier to understand a schematic that 

shows the pins in their actual positions. So that's the practice I will 


Figure 4-20. Many people draw schematics in which the pin numbers on a chip are shuffled around to make the schematic 
smaller or simpler. This is not helpful when you try to build the circuit. The schematic here is for the same circuit as in Figure 
4-15. This version would be harder to recreate on a breadboard. 
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And what about the burglar alarm that was described at the 
end of Chapter 3? One of the features that | listed, which has 
not been implemented yet, is that it should shut itself off 
after a fixed interval. We can use the change of output from 
a 555 timer to do that. 


The experiment that you just performed seemed trivial, but 
really it implies all kinds of possibilities. 


555 timer limits 


1. The timer can run from a stable voltage source ranging 
from 5 to 15 volts. 


2. Most manufacturers recommend a range from 1K to 
1M for the resistor attached to pin 7. 


3. The capacitor value can go as high as you like, if you 
want to time really long intervals, but the accuracy of 
the timer will diminish. 

4. The output can deliver as much as 100mA at 9 volts. 
This is sufficient for a small relay or miniature loud- 
speaker, as you'll see in the next experiment. 
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Experiment 17: Set Your Tone 
lm going to show you two other ways in which the 555 timer can be used. 
You will need the same items as in Experiment 16, plus: 

e Additional 555 timer chip. Quantity: 1. 

e Miniature loudspeaker. Quantity: 1. 


e 100K linear potentiometer. Quantity: 1. 


Procedure 


Leave the components from Experiment 16 where they are on the bread- 
board, and add the next section below them, as shown in Figures 4-21 and 
4-22. Resistor R2 is inserted between pins 6 and 7, instead of the jumper wire 
that shorted the pins together in the previous circuit, and there's no external 
input to pin 2 anymore. Instead, pin 2 is connected via a jumper wire to pin 
6. The easiest way to do this is by running the wire across the top of the chip. 


| have omitted the smoothing capacitor from the schematic in Figure 4-22, 
because l'm assuming that you're running this circuit on the same breadboard 
as the first, where the previous smoothing capacitor is still active. 


A loudspeaker in series with a 1000 resistor (R3) has been substituted for the 
LED to show the output from the chip. Pin 4, the reset, is disabled by connect- 
ing it to the positive voltage supply, as I’m not expecting to use the reset func- 
tion in this circuit. 


Now what happens when you apply power? Immediately, you should hear 
noise through the loudspeaker. If you don’t hear anything, you almost cer- 
tainly made a wiring error. 


Notice that you don't have to trigger the chip with a pushbutton anymore. 
The reason is that when C1 charges and discharges, its fluctuating voltage is 
connected via a jumper wire across the top of the chip to pin 2, the trigger. In 
this way, the 555 timer now triggers itself. I'll describe this in more detail in the 
next section “Theory: Inside the 555 timer: astable mode,’ if you want to see 
exactly what is going on. 


In this mode, the chip is “astable;’ meaning that it is not stable, because it flips 
to and fro endlessly, sending a stream of pulses for as long as the power is 
connected. The pulses are so rapid that the loudspeaker reproduces them as 
noise. 


In fact, with the component values that | specified for R1, R2, and C1, the 555 
chip is emitting about 1,500 pulses per second. In other words, it creates a 1.5 
KHz tone. 


Check the table on page 166 to see how different values for R2 and C1 can create 
different pulse frequencies with the chip in this astable mode. Note that the 
table assumes a fixed value of 1K for R1! 
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Figure 4-21. These components should be 
added on the same breadboard below the 
components shown in Figure 4-14. Use the 
following values to test the 555 timer in ¡ts 
astable mode: 


R1: 1K 

ne. 10K 

R3: 1000 

C1: 0.047 uF ceramic or electrolytic 
C2: 0.1 uF ceramic 

IC2: 555 timer 


Figure 4-22. This is the schematic version 
of the circuit shown in Figure 4-21. The 
component values are the same. 
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Inside the 555 timer: astable mode 


Here's what is happening now, illustrated in Figure 4-23. 
Initially, the flip-flop grounds C1 as before. But now the low 
voltage on the capacitor is connected from pin 7 to pin 2 
through an external wire. The low voltage tells the chip to 
trigger itself. The flip-flop obediently flips to its “on” position 
and sends a positive pulse to the loudspeaker, while remov- 
ing the negative voltage from pin 7. 


Figure 4-23. When the 555 timer is used in astable mode, resis- 
tor R2 is placed between pin 6 and pin 7 and pin 6 is connected 
via an external wire to pin 2, so that the timer triggers itself. 


Now C1 starts charging, as it did when the timer was in 
monostable mode, except that it is being charged through 
R1 + R2 in series. Because the resistors have low values, and 
C1 is also small, C1 charges quickly. When it reaches 2/3 full 
voltage, comparator B takes action as before, discharging 
the capacitor and ending the output pulse from pin 3. 
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The capacitor takes longer to discharge than before, 
because R2 has been inserted between it and pin 7, the 
discharge pin. While the capacitor is discharging, its voltage 
diminishes, and is still linked to pin 2. When the voltage 
drops to 1/3 of full power or less, comparator A kicks in and 
sends another pulse to the flip-flop, starting the process all 
over again. 


Summing up: 


1. In astable mode, as soon as power is connected, the 
flip-flop pulls down the voltage on pin 2, triggering 
comparator A, which flips the flip-flop to its “down” 
position. 

2. Pin 3, the output, goes high. The capacitor charges 
through R1 and R2 in series. 


3. When the capacitor reaches 2/3 of supply voltage, the 
flip-flop goes “up” and the output at pin 3 goes low. The 
capacitor starts to discharge through R2. 


4. When the charge on the capacitor diminishes to 1/3 of 
full voltage, the pull-down on pin 2 flips the flip-flop 
again and the cycle repeats. 


Unequal on/off cycles 


When the timer is running in astable mode, C1 charges 
through R1 and R2 in series. But when C1 discharges, it 
dumps its voltage through R2 only. This means that the 
capacitor charges more slowly than it discharges. While it is 
charging, the output on pin 3 is high; while it is discharging, 
the output on pin 3 is low. Consequently the “on” cycle is 
always longer than the “off” cycle. Figure 4-24 shows this as 
a simple graph. 


If you want the on and off cycles to be equal, or if you want 
to adjust the on and off cycles independently (for example, 
because you want to send a very brief pulse to another chip, 
followed by a longer gap until the next pulse), all you need 
to do is add a diode, as shown in Figure 4-25. 


Now when C1 charges, the electricity flows through R1 as be- 
fore but takes a shortcut around R2, through diode D1. When 
C1 discharges, the diode blocks the flow of electricity in that 
direction, and so the discharge goes back through R2. 
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Inside the 555 timer: astable mode (continued) 


R1 now controls the charge time on its own, while R2 controls the discharge 
time. The formula for calculating the frequency is now: 


Frequency = 1440 / ((R1 + R2) x C1) 


If you set R1 = R2, you should get almost equal on/off cycles (“almost” because 
the diode itself imposes a small internal voltage drop of about 0.6V). The exact 
value depends primarily on the manufacturing process used to make the diode. 


Duration of each 
On cycle is 
proportionate to 
R1+R2 


Pp] 


9v — 


Output gy — 
Voltage 
Pin3 3v— 


Ov — 


LA 


Duration of each 
Off cycle is 
proportionate to 
R2 only 


Figure 4-24. In ¡ts usual astable configuration, the timer charges a capacitor through 
R1+R2 and discharges the capacitor through R2 only. Therefore its output on cycles 
are longer than its output off cycles. 


9V 
DC 


Figure 4-25. This is a modification of the schematic shown in Figure 4-22. By adding 
a diode to a 555 timer running in astable mode, we eliminate R2 from the charging 
cycle of capacitor C1. Now we can adjust the output on cycle with the value of R1, 
and the output off cycle with the value of R2, so that the on and off durations are 
independent of each other. 
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The following table shows 555 timer frequency in astable To calculate a different frequency: double R2, add the prod- 
mode: 


166 


Frequency is in pulses per second, rounded to two 


figures. 


uct to R1, multiply the sum by C1, and divide the result into 
1440. Like this: 


Frequency = 1440 / ((R1 + 2R2) x C1) cycles per second 


The horizontal scale shows common resistor values for In this formula, R1 and R2 are in kilohms, C1 is in microfarads, 


R2. 


and the frequency is in hertz (cycles per second). Note that 


The vertical scale shows common capacitor values for the frequency is measured from the start of one pulse to 


C1. Resistor R1 is assumed to be 1K. 
Resistor R1 is assumed to be 1K. 


the start of the next. The duration of each pulse is not the 
same as the length of time between each pulse. This issue is 
discussed in the previous section. 


220K 470K 


Astable Modifications 


In the circuits shown in Figures 4-22 or 4-25, if you substitute a 100K potenti- 
ometer for R2, you can adjust the frequency up and down by turning the shaft. 


Another option is to “tune” the timer by using pin 5, the control, as shown in 
the Figure 4-26. Disconnect the capacitor that was attached to that pin and 
substitute the series of resistors shown. R9 and R11 are both 1K resistors, either 
side of R10, which is a 100K potentiometer. They ensure that pin 5 always has 
at least 1K between it and the positive and negative sides of the power supply. 
Connecting it directly to the power supply won't damage the timer, but will 
prevent it from generating audible tones. As you turn the potentiometer to 
and fro, the frequency will vary over a wide range. If you want to generate a 
very specific frequency, a trimmer potentiometer can be used instead. 
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A primary advantage of using pin 5 to adjust frequency is that you can control 
it remotely. Take the output from pin 3 of another 555 timer running slowly in 
astable mode, and pipe it through a 2K2 resistor to pin 5. Now you get a two- 
tone siren effect, as one timer controls the other. If, in addition, you add a 100 
UF capacitor between pin 5 and ground, the charging and discharging of the 
capacitor will make the tone slide up and down instead of switching abruptly. 
l'Il describe this in more detail shortly. This leads me to the whole topic of one 
chip controlling another chip, which will be our last variation on this experiment. 


Chaining Chips 


Generally speaking, chips are designed so that they can talk to each other. The 
555 couldn't be easier in this respect: 


e Pin 3, the output, from one 555 can be connected directly to pin 2, the 
trigger, of a second 555. 


e Alternatively, the output can be sufficient to provide power to pin 8 of a 
second 555. 


e The output is appropriate to control or power other types of chips too. 
Figure 4-27 shows these options. 


When the output from the first 555 goes high, it is about 70 to 80% of its sup- 
ply voltage. In other words, when you're using a 9V supply, the high output 
voltage is at least 6 volts. This is still above the minimum of 5V that the second 
chip needs to trigger its comparator, so there's no problem. 


2 7 
3 IC1 6 
4 5 
That's still 
high enough to 1 8 Now you 
2 7 power me! 2 7 can control 
me! 
3 IC2 6 3 IC2 6 
4 5 4 5 


Figure 4-27. Three ways to chain 555 timers together. The output of IC1 can power a sec- 
ond timer, or adjust its control voltage, or activate its trigger pin. 


You can chain together the two 555 timers that you already have on your 
breadboard. Figure 4-28 shows how to connect the two circuits that were 
shown previously in Figures 4-15 and 4-22. Run a wire from pin 3 (the output) 
of the first chip to pin 8 (the positive power supply) of the second chip, and 
disconnect the existing wire connecting pin 8 to your power supply. The new 
wire is shown in red. Now when you press the button to activate the first chip, 
its output powers the second chip. 
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Figure 4-28. The control (pin 5) is seldom 
used but can be useful. Varying the voltage 
on it will adjust the speed of the timer. This 
circuit enables you to test the behavior of 
it. Component values: 


R1: 1K 

R2: 10K 

R3: 100 ohms 

R9, R11: 1K 

R10: 100K linear potentiometer 
Gi? 0047 uF 


That's low 
enough to 
trigger me! 


a O N © 
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Figure 4-28. You can combine the two cir- 
cuits shown in Figures 4-15 and 4-22 sim- 
ply by disconnecting the wire that provides 
power to pin & of the second timer, and 
running a substitute wire (shown in red). 


Figure 4-28. Four 555 timers, chained to- 
gether in a circle, can flash a series of four 
sets of LEDs in sequence, like Christmas 
lights or a movie marquee. 
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You can also use the output from one chip to trigger another (i.e., you can con- 
nect pin 3 from the first chip to pin 2 of the second). When the output from the 
first chip is low, it’s less than half a volt. This is well below the threshold that 
the second chip requires to be activated. Why would you want to do this? Well, 
you might want to have both timers running in monostable mode, so that the 
end of a high pulse from the first one triggers the start of a high pulse in the 
second one. In fact, you could chain together as many timers as you like in this 
way, with the last one feeding back and triggering the first one, and they could 
flash a series of LEDs in sequence, like Christmas lights. Figure 4-29 shows how 
four timers could be linked this way, in a configuration that would occupy min- 
imal space (and would be wired point-to-point on perforated board, not on 
breadboard-format board). Each of the outputs numbered 1 through 4 would 
have about enough power to run maybe 10 LEDs, if you used relatively high 
load resistors to limit their current. 


Incidentally, you can reduce the chip count (the number of chips) by using two 
556 timers instead of four 555 timers. The 556 contains a pair of 555 timers in 
one package. But because you have to make the same number of external con- 
nections (other than the power supply), | haven't bothered to use this variant. 


You can even get a 558 timer that contains four 555 circuits, all preset to func- 
tion in astable mode. | decided not to use this chip, because its output behaves 
differently from a normal 555 timer. But you can buy a 558 timer and play with 
it if you wish. It is ideal for doing the “chain of four timers” that | suggested 
previously. The data sheet even suggests this. 


Lastly, going back to the idea of modifying the frequency of a 555 timer in 
astable mode, you can chain two timers, as shown in Figure 4-30. The red wire 
shows the connection from the output of the first timer to the control pin of 
the second. The first timer has now been rewired in astable mode, so that it 
creates an oscillating on/off output around four times per second. This out- 
put flashes the LED (to give you a visual check of what’s going on) and feeds 
through R7 to the control pin of the second timer. 


But C2 is a large capacitor, which takes time to charge through R7. While this 
happens, the voltage detected by pin 5 slowly rises, so that the tone gener- 
ated by IC2 gradually rises in pitch. Then IC1 reaches the end of its on cycle 
and switches itself off, at which point C2 discharges and the pitch of the sound 
generated by IC2 falls again. 


You can tweak this circuit to create all kinds of sounds, much more controllably 
then when you were using PUT transistors to do the same kind of thing. Here 
are some options to try: 


e Double or halve the value of C2. 
e Omit C2 completely, and experiment with the value of R7. 


e Substitute a 10K potentiometer for R7. 


Change C4 to increase or decrease the cycle time of IC1. 
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e Halve the value of R5 while doubling the value of C4, so that the cycle 
time of IC1 stays about the same, but the On time becomes significantly 
longer than the Off time. 


e Change the supply voltage in the circuit from 9 volts to 6 volts or 12 volts. 


Remember, you can't damage a 555 timer by making changes of this kind. Just 
make sure that the negative side of your power supply goes to pin 1 and the 
positive side to pin 8. 


9V 
DC 


| Beene 
XA Y al 


el | | 


Figure 4-30. When both timers are astable, but IC1 runs much more slowly than 1C2, the 
output from IC1 can be used to modulate the tone generated by IC2. Note that as this is 
a substantial modification to the previous schematics, several components have been 
relabeled. To avoid errors, you may need to remove the old circuit from your breadboard 


and build this version from scratch. Try these values initially: 


R1, R4, R6, RZ: 1K 
R2, R5: 10K 

R3: 100 ohms 

CI: 0.047 UF 

C2, Ca 100 uF 
C4: 68 uF 

CS 01 uE 
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Experiment 18: Reaction Timer 


Figure 4-31. After putting a 1K resistor 
between the common cathode of the 
display and the negative supply voltage, 
you can use the positive supply voltage to 
illuminate each segment in turn. 


Figure 4-32. The most basic and common 
digital numeral consists of seven LED seg- 
ments identified by letters, as shown here, 
plus an optional decimal point. 
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Experiment 18: Reaction Timer 


Because the 555 can easily run at thousands of cycles per second, we can use it 
to measure human reactions. You can compete with friends to see who has the 
fastest response—and note how your response changes depending on your 
mood, the time of day, or how much sleep you got last night. 


Before going any further, | have to warn you that this circuit will have more 
connections than others you've tackled so far. It’s not conceptually difficult, 
but requires a lot of wiring, and will only just fit on a breadboard that has 63 
rows of holes. Still, we can build it in a series of phases, which should help you 
to detect any wiring errors as you go. 


You will need: 


e 4026 chip. Quantity: 4 (really you need only 3, but get another one in case 
you damage the others). 


e 555 timers. Quantity: 3. 
e Tactile switches (SPST momentary switches). Quantity: 3. 


e Three numeric LEDs, or one 3-digit LED display (see the shopping list at 
the beginning of this chapter). Quantity: 1. 


e Breadboard, resistors, capacitors, and meter, as usual. 


Step 1: Display 


You can use three separate LED numerals for this project, but | suggest that 
you buy the Kingbright BC56-11EWA on the shopping list at the beginning of 
this chapter. It contains three numerals in one big package. 


You should be able to plug it into your breadboard, straddling the center 
channel. Put it all the way down at the bottom of the breadboard, as shown in 
Figure 4-31. Don’t put any other components on the breadboard yet. 


Now set your power supply to 9 volts, and apply the negative side of it to the 
row of holes running up the breadboard on the righthand side. Insert a 1K 
resistor between that negative supply and each of pins 18, 19, and 26 of the 
Kingbright display, which are the “common cathode,’ meaning the negative 
connection shared by each set of LED segments in the display. (The pin num- 
bers of the chip are shown in Figure 4-33. If you’re using another model of 
display, you'll have to consult a data sheet to find which pin(s) are designed to 
receive negative voltage.) 


Switch on the power supply and touch the free end of the positive wire to each 
row of holes serving the display on its left and right sides. You should see each 
segment light up, as shown in Figure 4-31. 


Each numeral from 0 to 9 is represented by a group of these segments. The 
segments are always identified with lowercase letters a through g, as shown in 
Figure 4-32. In addition, there is often a decimal point, and although we won't 
be using it, I’ve identified it with the letter h. 
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Check Figure 4-33 showing the Kingbright display, and you'll see | have an- 
notated each pin with its function. You can step down the display with the 
positive wire from your power supply, making sure that each pin lights an ap- 
propriate segment. 


Incidentally, this display has two pins, numbered 3 and 26, both labeled to 
receive negative voltage for the first of the digits. Why two pins instead of one? 
| don't know. You need to use only one, and as this is a passive chip, it doesn't 
matter if you leave the unused one unconnected. Just take care not to apply 
positive voltage to it, which would create a short circuit. 


A numeric display has no power or intelligence of its own. It's just a bunch of 
light-emitting diodes. It's not much use, really, until we can figure out a way to 
illuminate the LEDs in appropriate groups—which will be the next step. 


Step 2: Counting 


Fortunately, we have a chip known as the 4026, which receives pulses, counts 
them, and creates an output designed to work with a seven-segment display so 
that it shows numbers 0-9. The only problem is that this is a rather old-fashioned 
CMOS chip (meaning, Complementary Metal Oxide Semiconductor) and is thus 
sensitive to static electricity. Check the caution on page 172 before continuing. 


Switch off your power supply and connect its wires to the top of the breadboard, 
noting that for this experiment, we're going to need positive and negative pow- 
er on both sides. See Figure 4-34 for details. If your breadboard does not already 
have the columns of holes color-coded, | suggest you use Sharpie markers to 
identify them, to avoid polarity errors that can fry your components. 


The 4026 counter chip is barely powerful enough to drive the LEDs in our dis- 
play when powered by 9 volts. Make sure you have the chip the right way up, 
and insert it into the breadboard immediately above your three-digit display, 
leaving just one row of holes between them empty. 


The schematic in Figure 4-35 shows how the pins of the 4026 chip should be con- 
nected. The arrows tell you which pins on the display should be connected with 
pins on the counter. 


Figure 4-36 shows the “pinouts” (i.e., the functions of each pin) of a 4026 coun- 
ter chip. You should compare this with the schematic in Figure 4-35. 


Include a tactile switch between the positive supply and pin 1 of the 4026 
counter, with a 10K resistor to keep the input to the 4026 counter negative un- 
til the button is pressed. Make sure all your positives and negatives are correct, 
and turn on the power. You should find that when you tap the tactile switch 
lightly, the counter advances the numeric display from 0 through 9 and then 
begins all over again from 0. You may also find that the chip sometimes misin- 
terprets your button-presses, and counts two or even three digits at a time. I'll 
deal with this problem a little further on. 


The LED segments will not be glowing very brightly, because the 1K series 
resistors deprive of them of the power they would really like to receive. Those 
resistors are necessary to avoid overloading the outputs from the counter. 
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Figure 4-33. This Kingbright unit incor- 
porates three seven-segment numeric 
displays in one package, and can be driven 
by three chained 4026 decade counters. 
The pin numbers are shown close to the 
chip. Segments a through g of numeral 1 
are identified as la through lg. Segments 
a through g of numeral 2 are identified as 
2a through 2g. Segments a through g of 
numeral 3 are identified as 3a through 3g. 


Ov 
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Figure 4-34. When building circuits around 
chips, it's convenient to have a positive 
and negative power supply down each 
side of your breadboard. For the reaction 
timer circuit, a 9V supply with a 100 pF 
smoothing capacitor can be set up like 
this. If your breadboard doesn't color-code 
the columns of holes on the left and right 
sides, | suggest you do that yourself with a 
permanent marker. 
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Grounding Yourself 


embedded in it until you are ready to use them. 


another pin. 


Grounding the tip of your soldering iron is a good idea. 


can unplug the chip and plug in another. 


o a | 


Figure 4-35. /C3 is a 4026 
counter. IC4 is a triple 
seven-segment display chip. 
The arrows tell you which 
pins on the LED display 
should be connected to the 
pins on the counter. 
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Never solder a CMOS chip while there is power applied to it. 


To avoid the frustration that occurs when you power up a circuit and nothing happens, be sure to take these precautions when you 
use the older generation of CMOS chips (which often have part numbers from 4000 upward, such as 4002, 4020, and so on): 


Chips are often shipped with their legs embedded in black foam. This is electrically conductive foam, and you should keep the chips 


If the chips are supplied to you in plastic tubes, you can take them out and poke their legs into pieces of conductive foam or, if you 
don't have any, use aluminum foil. The idea is to avoid one pin on a chip acquiring an electric potential that is much higher than 


While handling CMOS components, grounding yourself is important. I find that in dry weather, | accumulate a static charge merely 
by walking across a plastic floor-protecting mat in socks that contain some synthetic fibers. You can buy a wrist strap to keep your- 
self grounded, or simply touch a large metal object, such as a file cabinet, before you touch your circuit board. Iam in the habit of 
working with my socked foot touching a file cabinet, which takes care of the problem. 


Better still, don't solder CMOS chips at all. When you're ready to immortalize a project by moving it from a breadboard into perfo- 
rated board, solder a socket into your perforated board, then push the chip into the socket. If there’s a problem in the future, you 


Use a grounded, conductive surface on your workbench. The cheapest way to do this is to unroll some aluminum foil and ground 
it (with an alligator clip and a length of wire) to a radiator, a water pipe, or a large steel object. | like to use an area of conductive 
foam to cover my workbench—the same type of foam that is used for packaging chips. However, this foam is quite expensive. 


Clock input 


Disable clock 


Enable display 114 | Not-2 output 


Enable out 113 | To segment c 


Carry output 112 | To segment b 


To segmentf | 6 | 111 | To segment e 


To segment g 10 | To segment a 


4026 
O 8 Counter 


| 9 | To segment d 


Figure 4-38. The 4026 decade counter is a CMOS chip that accepts 
clock pulses on pin 1, maintains a running total from O to 9, and out- 
puts this total via pins designed to interface with a seven-segment 
LED numeric display. 
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FUNDAMENTALS 


Counters and seven-segment displays 


Most counters accept a stream of pulses and distribute 
them to a series of pins in sequence. The 4026 decade 
counter is unusual in that it applies power to its output pins 
in a pattern that is just right to illuminate the segments of a 
7-segment numeric display. 


Some counters create positive outputs (they “source” 
current) while others create negative outputs (they “sink” 
current). Some seven-segment displays require positive 
input to light up the numbers. These are known as “common 
cathode” displays. Others require negative input and are 
known as “common anode’ displays. The 4026 delivers posi- 
tive outputs and requires a common cathode display. 


Check the data sheet for any counter chip to find out how 
much power it requires, and how much it can deliver. CMOS 
chips are becoming dated, but they are very useful to hob- 
byists, because they will tolerate a wide range of supply 
voltage—from 5 to 15 volts in the case of the 4026. Other 
types of chips are much more limited. 


Most counters can source or sink only a few milliamps of 
output power. When the 4026 is running on a 9-volt power 
supply, it can source about 4mA of power from each pin. 
This is barely enough to drive a seven-segment display. 


You can insert a series resistor between each output pin of 
the counter and each input pin of the numeric display, but 
a simpler, quicker option is to use just one series resistor 

for each numeral, between the negative-power pin and 
ground. The experiment that l'm describing uses this short- 
cut. Its disadvantage is that digits that require only a couple 
of segments (such as numeral 1) will appear brighter than 
those that use many segments (such as numeral 8). 


If you want your display to look bright and professional, 
you really need a transistor to drive each segment of each 
numeral. An alternative is to use a chip containing multiple 
“op amps’ to amplify the current. 


When a decade counter reaches 9 and rolls over to O, it 
emits a pulse from its “carry” pin. This can drive another 
counter that will keep track of tens. The carry pin on that 
counter can be chained to a third counter that keeps track 
of hundreds, and so on. In addition to decade counters, 
there are hexadecimal counters (which count in 16s), octal 
counters (in 8s), and so on. 


Why would you need to count in anything other than tens? 
Consider that the four numerals on a digital clock each count 
differently. The rightmost digit rolls over when it reaches 

10. The next digit to the left counts in sixes. The first hours 
digit counts to 10, gives a carry signal, counts to 2, and gives 
another carry signal. The leftmost hours digit is either blank 
or 1, when displaying time in 12-hour format. Naturally there 
are counters specifically designed to do all this. 


Counters have control pins such as “clock disable,’ which 
tells the counter to ignore its input pulses and freeze the 
display, “enable display,’ which enables the output from the 
chip, and “reset,” which resets the count to zero. 


The 4026 requires a positive input to activate each control pin. 
When the pins are grounded, their features are suppressed. 


To make the 4026 count and display its running total you 
must ground the “clock disable” and “reset” pins (to suppress 
their function) and apply positive voltage to the “enable 
display” pin (to activate the output). See Figure 4-36 to see 
these pins identified. 


Assuming that you succeed in getting your counter to drive the numeric dis- 
play, you're ready to add two more counters, which will control the remaining 
two numerals. The first counter will count in ones, the second in tens, and the 


third in hundreds. 


In Figure 4-37, I've continued to use arrows and numbers to tell you which pins 
of the counters should be connected to which pins of the numeric display. Oth- 
erwise, the schematic would be a confusing tangle of wires crossing each other. 


At this point, you can give up in dismay at the number of connections—but 
really, using a breadboard, it shouldn't take you more than half an hour to 
complete this phase of the project. | suggest you give it a try, because there's 
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Figure 4-37. This test circuit, laid out as you 
would be likely to place it on a breadboard, 
allows you to trigger a counter manually 

to verify that the display increments from 
000 upward to 999. 


Component values: 


All resistors are IK. 

S1, S2, S3: SPST tactile switches, normally 
open 

IC1, IC2, IC3: 4026 decade counter chips 
ICA: Kingbright 3-digit common-cathode 
display 

C1: 100 uF (minimum) smoothing capacitor 
Wire the output pins on IC1, IC2, and IC3 
to the pins on !C4, according to the num- 
bers preceded by arrows. The actual wires 
have been omitted for clarity. Check for 
the pinouts of IC4. 
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something magical about seeing a display count from 000 through 999 “all by 
itself and | chose this project because it also has a lot of instructional value. 


S1 is attached to the “clock disable” pin of IC1, so that when you hold down this 
button, it should stop that counter from counting. Because IC1 controls IC2, 
and IC2 controls 1C3, if you freeze IC1, the other two will have to wait for it to 
resume. Therefore you won't need to make use of their“clock disable” features. 


S2 is connected to the “reset” pins of all three counters, so that when you hold 
down this button, it should set them all to zero. 


S3 sends positive pulses manually to the “clock input” pin of the first counter. 


S1, S2, and S3 are all wired in parallel with 1K resistors connected to the nega- 
tive side of the power supply. The idea is that when the buttons are not being 
pressed, the“pull-down’ resistors keep the pins near ground (zero) voltage. When 
you press one of the buttons, it connects positive voltage directly to the chip, 
and easily overwhelms the negative voltage. This way, the pins remain either in 
a definitely positive or definitely negative state. If you disconnect one of these 
pull-down resistors you are likely to see the numeric display “flutter” erratically. 
(The numeric display chip has some unconnected pins, but this won't cause any 
problem, because it is a passive chip that is just a collection of LED segments.) 


l l 
ı Always connect input pins of a CMOS chip so that they are either positive or nega- l 
i tive. See the “No Floating Pins” warning on the next page. i 


| suggest that you connect all the wires shown in the schematic first. Then cut 
lengths of 22-gauge wire to join the remaining pins of the sockets from IC1, 
IC2, and IC3 to IC4. 


Switch on the power and press S2. You'll see three zeros in your numeric display. 


Each time you press $3, the count should advance by 1. If you press S2, the 
count should reset to three zeros. If you hold down S1 while you press S3 re- 
peatedly, the counters should remain frozen, ignoring the pulses from S3. 


FUNDAMENTALS 


Switch bounce 


When you hit $3, I think you'll find that the count sometimes increases by more 
than 1. This does not mean that there's something wrong with your circuit or your 
components; you are just observing a phenomenon known as “switch bounce.’ 


On a microscopic level, the contacts inside a pushbutton switch do not close 
smoothly, firmly, and decisively. They vibrate for a few microseconds before set- 
tling; the counter chip detects this vibration as a series of pulses, not just one. 


Various circuits are available to “debounce” a switch. The simplest option is to 
put a small capacitor in parallel with the switch, to absorb the fluctuations; but 
this is less than ideal. I'll come back to the topic of debouncing later in the book. 
Switch bounce is not a concern in this circuit, because we're about to get rid of 
S3 and substitute a 555 timer that generates nice clean bounceless pulses. 
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Pulse Generation 


A 555 timer is ideal for driving a counter chip. You've already seen how to wire 
a 555 to create a stream of pulses that made noise through a loudspeaker. I’m 
reproducing the same circuit in Figure 4-38 in simplified form, using the posi- 
tive and negative supply configuration in the current project. Also I’m show- 
ing the connection between pins 2 and 6 in the way that you're most likely to 
make it, via a wire that loops over the top of the chip. 


For the current experiment, I’m suggesting initial component values that will 
generate only four pulses per second. Any faster than that, and you won't be 
able to verify that your counters are counting properly. 


Install IC5 and its associated components on your breadboard immediately 
above IC1. Don't leave any gap between the chips. Disconnect S3 and R3 and 
connect a wire directly between pin 3 (output) of IC5 and pin 1 (clock) of IC1, 
the topmost counter. Power up again, and you should see the digits advancing 
rapidly in a smooth, regular fashion. Press $1, and while you hold it, the count 
should freeze. Release S1 and the count will resume. Press S2 and the counter 
should reset, even if you are pressing S1 at the same time. 


={= 


=. 


R7 
ne mE 
2 IC5 7 
D 
T R8 
C3 11:62 


To Pin 1 
of 4026 


Counter 
IC1 


Figure 4-38. A basic astable circuit to drive the decade counter in the previous schematic. 
Output is approximately 4 pulses per second. 


R7: 1K 

R8: 2K2 

C2: 68 uF 

Ca OL UP 
IC5: 555 timer 
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No Floating Pins! 


A CMOS chip is hypersensitive. Any 
pin that is not wired either to the 
supply voltage or to ground is said 
to be “floating” and may act like an 
antenna, sensitive to the smallest 
fluctuations in the world around it. 


The 4026 counter chip has a pin 
labeled “clock disable.” The manu- 
facturer's data sheet helpfully tells 
you that if you give this pin a positive 
voltage, the chip stops counting and 
freezes its display. As you don’t want 
to do that, you may just ignore that 
pin and leave it unconnected, at least 
while you test the chip. This is a very 
bad idea! 


What the data sheet doesn’t bother 
to tell you (presumably because 
“everyone knows” such things) is that 
if you want the clock to run normally, 
the clock-disable feature itself has to 
be disabled, by wiring it to negative 
(ground) voltage. If you leave the pin 
floating (and | speak from experi- 
ence), the chip will behave erratically 
and uselessly. 


All input pins must be either 
positively or negatively wired, unless 
otherwise specified. 
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Refinements 


Now it's time to remember that what we really want this circuit to do is test a 
person's reflexes. When the user starts it, we want an initial delay, followed by a 
signal—probably an LED that comes on. The user responds to the signal by press- 
ing a button as quickly as possible. During the time it takes for the person to re- 
spond, the counter will count milliseconds. When the person presses the button, 
the counter will stop. The display then remains frozen indefinitely, displaying the 
number of pulses that were counted before the person was able to react. 


How to arrange this? | think we need a flip-flop. When the flip-flop gets a sig- 
nal, it starts the counter running—and keeps it running. When the flip-flop 
gets another signal (from the user pressing a button), it stops the counter run- 
ning, and keeps it stopped. 


How do we build this flip-flop? Believe it or not, we can use yet another 555 
timer, in anew manner known as bistable mode. 


-UNDAMENTALS 


The bistable 555 timer 


Figure 4-39 shows the internal layout of a 555 timer, as 
before, but the external components on the righthand side 
have been eliminated. Instead, l'm applying a constant 
negative voltage to pin 6. Can you see the consequences? 
Suppose you apply a negative pulse to the trigger (pin 2). 
Normally when you do this and the 555 starts running, it 
generates a positive output while charging a capacitor at- 
tached to pin 6. When the capacitor reaches 2/3 of the full 
supply voltage, this tells the 555 to ends its positive output, 
and it flips back to negative. 


Well, if there’s no capacitor, there’s nothing to stop the timer. 
Its positive output will just continue indefinitely. However, 
pin 4 (the reset) can still override everything, so if you apply 
negative voltage to pin 4, it flips the output to negative. 
After that, the output will stay negative indefinitely, as it 
usually does, until you trigger the timer by dropping the 
voltage to pin 2 again. This will flip the timer back to gener- 
ating its positive output. 


Here's a quick summary of the bistable configuration: 


A negative pulse to pin 2 turns the output positive. 


A ASNO pulse m pin Urn nE Upa ARAN Figure 4-38. In the bistable configuration, pin 6 of a 555 timer 
The timer is stable in each of these states. Its run-time is perpetually negative, so the timer cycle never ends, unless 
has become infinite. you force it to do so by applying a negative pulse to pin 4 (the 


: ; reset). 
It's OK to leave pins 5 and 7 of the timer unconnected, ) 


because we're pushing it into extreme states where any 
random signals from those pins will be ignored. 
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In bistable mode, the 555 has turned into one big flip-flop. To avoid any un- 
certainty, we keep pins 2 and 4 normally positive via pull-up resistors, but 
negative pulses on those pins can overwhelm them when we want to flip the 
555 into its opposite state. The schematic for running a 555 timer in bistable 
mode, controlled by two pushbuttons, is shown in Figure 4-40. You can add 
this above your existing circuit. Because you're going to attach the output 
from IC6 to pin 2 of IC1, the topmost counter, you can disconnect S1 and R1 
from that pin. See Figure 4-41. 


Now, power up the circuit again. You should find that it counts in the same way 
as before, but when you press $4, it freezes. This is because your bistable 555 
timer is sending its positive output to the “clock disable” pin on the counter. 
The counter is still receiving a stream of pulses from the astable 555 timer, 
but as long as pin 2 is positive on the counter, the counter simply ignores the 
pulses. 


Now press S5, which flips your bistable 555 back to delivering a negative out- 
put, at which point the count resumes. 


We're getting close to a final working circuit here. We can reset the count to 
zero (with S3), start the count (with S5), and wait for the user to stop the count 
(with S4). The only thing missing is a way to start the count unexpectedly. 


+ + 


R10 
| To Pin 2 
of 4026 
Counter 
S5 IC 1 


Figure 4-40. Adding a bistable 555 timer to the reflex tester will stop the counter with a 
touch of a button, and keep it stopped. 


R9, R10: 1K 
IC6: 555 timer 
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Figure 4-41. The completed control section 
of the circuit, to be added above these 
timers. 


RZ R9, R10, R12: 1K 

R8: 2K2 

R11: 330K 

C1: 100 pF 

C2: 68 UF 

(3,04, 06:01 uF 

COJO uF 

S1, S2, S3: tactile switches 
IC5, IC6, ICZ: 555 timers 
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The Delay 


Suppose we set up yet another 555 in monostable mode. Trigger its pin 2 with 
a negative pulse, and the timer delivers a positive output that lasts for, say, 4 
seconds. At the end of that time, its output goes back to being negative. Maybe 
we can hook that positive-to-negative transition to pin 4 of IC6. We can use this 
instead of switch S5, which you were pressing previously to start the count. 


Check the new schematic in Figure 4-41 which adds another 555 timer, IC7 
above IC6. When the output from IC7 goes from positive to negative, it will 
trigger the reset of IC6, flipping its output negative, which allows the count to 
begin. So IC7 has taken the place of the start switch, $4. You can get rid of S4, 
but keep the pull-up resistor, R9, so that the reset of IC6 remains positive the 
rest of the time. 


This arrangement works because | have used a capacitor, C4, to connect the 
output of IC7 to the reset of IC6. The capacitor communicates the sudden 
change from positive to negative, but the rest of the time it blocks the steady 
voltage from IC7 so that it won't interfere with IC6. 


The final schematic in Figure 4-41 shows the three 555 timers all linked together, 
as you should insert them above the topmost counter, IC1. I also added an LED to 
signal the user. Figure 4-42 is a photograph of my working model of the circuit. 
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Figure 4- 


2. The complete reaction-timer circuit barely fits on a 63-row breadboard. 


Because this circuit is complicated, I'll summarize the sequence of events 
when it's working. Refer to Figure 4-41 while following these steps: 


1. User presses Start Delay button S4, which triggers IC7. 

IC7 output goes high for a few seconds while C5 charges. 

IC7 output drops back low. 

IC7 communicates a pulse of low voltage through C4 to IC6, pin 4. 
IC 6 output flips to low and flops there. 

Low output from IC6 sinks current through LED and lights it. 
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Low output from IC6 also goes to pin 2 of IC1. 
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8. Low voltage on pin 2 of IC1 allows IC1 to start counting. 


9. User presses S3, the “stop” button. 
10. S3 connects pin 2 of IC6 to ground. 


11. IC6 output flips to high and flops there. 

12. High output from IC6 turns off the LED. E] 

13. High output from IC6 also goes to pin 2 of IC1. y 

14. High voltage on pin 2 of IC1 stops it from counting. | | =p a => | 
15. After assessing the result, user presses S2. | 
16. S2 applies positive voltage to pin 15 of IC1, IC2, IC3. y 


17. Positive voltage resets counters to zero. 
18. The user can now try again. 
19. Meanwhile, IC5 is running continuously throughout. 


In case you find a block diagram easier to understand, I’ve included that, too, 
in Figure 4-43. 


Using the Reflex Tester 


At this point, you should be able to test the circuit fully. When you first switch 
it on, it will start counting, which is slightly annoying, but easily fixed. Press S3 
to stop the count. Press S2 to reset to zero. 


4 
-E 
Figure 4-43. The functions of the reflex 
tester, summarized as a block diagram. 
Now press S4. Nothing seems to happen—but that’s the whole idea. The delay 
cycle has begun in stealth mode. After a few seconds, the delay cycle ends, 
and the LED lights up. Simultaneously, the count begins. As quickly as pos- 


sible, the user presses S3 to stop the count. The numerals freeze, showing how 
much time elapsed. 


There's only one problem—the system has not yet been calibrated. It is still 
running in slow-motion mode. You need to change the resistor and capacitor 
attached to IC5 to make it generate 1,000 pulses per second instead of just 
three or four. 


Substitute a 10K trimmer potentiometer for R8 and a 1 uF capacitor for C2. 
This combination will generate about 690 pulses per second when the trim- 
mer is presenting maximum resistance. When you turn the trimmer down to 
decrease its resistance, somewhere around its halfway mark the timer will be 
running at 1,000 pulses per second. 


How will you know exactly where this point is? Ideally, you would attach an 
oscilloscope probe to the output from IC5. But, most likely, you don't have an 
oscilloscope, so here are a couple other suggestions. 
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First remove the 1 uF capacitor at C2 and substitute a 10 uF capacitor. Because 
you are multiplying the capacitance by 10, you will reduce the speed by 10. 
The leftmost digit in your display should now count in seconds, reaching 9 and 
rolling over to 0 every 10 seconds. You can adjust your trimmer potentiometer 
while timing the display with a stopwatch. When you have it right, remove the 
10 uF capacitor and replace the 1 uF capacitor at C2. 


The only problem is, the values of capacitors may be off by as much as 10%. If 
you want to fine-tune your reflex timer, you can proceed as follows. 


Disconnect the wire from pin 5 of IC3, and substitute an LED with a 1K series 
resistor between pin 5 and ground. Pin 5 is the “carry” pin, which will emit a 
positive pulse whenever IC3 counts up to 9 and rolls over to start at O again. 
Because IC3 is counting tenths of a second, you want its carry output to occur 
once per second. 


Now run the circuit for a full minute, using your stopwatch to see if the flashing 
LED drifts gradually faster or slower than once per second. If you have a camcord- 
er that has a time display in its viewfinder, you can use that to observe the LED. 


If the LED flashes too briefly to be easily visible, you can run a wire from pin 5 to 
another 555 timer that is set up in monostable mode to create an output lasting 
for around 1/10 of a second. The output from that timer can drive an LED. 


Enhancements 


It goes without saying that anytime you finish a project, you see some oppor- 
tunities to improve it. Here are some suggestions: 


1. No counting at power-up. It would be nice if the circuit begins in its 
“ready” state, rather than already counting. To achieve this you need to 
send a negative pulse to pin 2 of IC6, and maybe a positive pulse to pin 15 
of IC1. Maybe an extra 555 timer could do this. I’m going to leave you to 
experiment with it. 


2. Audible feedback when pressing the Start button. Currently, there's no 
confirmation that the Start button has done anything. All you need to do 
is buy a piezoelectric beeper and wire it between the righthand side of 
the Start button and the positive side of the power supply. 


3. Arandom delay interval before the count begins. Making electronic com- 
ponents behave randomly is very difficult, but one way to do it would be 
to require the user to hold his finger on a couple of metal contacts. The 
skin resistance of the finger would substitute for R11. Because the finger 
pressure would not be exactly the same each time, the delay would vary. 
You'd have to adjust the value of C5. 
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Summing Up 


This project demonstrated how a counter chip can be controlled, how counter 
chips can be chained together, and three different functions for 555 timers. It 
also showed you how chips can communicate with each other, and introduced 
you to the business of calibrating a circuit after you've finished building it. 


Naturally, if you want to get some practical use from the circuit, you should 
build it into an enclosure with heavier-duty pushbuttons—especially the but- 
ton that stops the count. You'll find that when people's reflexes are being test- 
ed, they are liable to hit the stop button quite hard. 


Because this was a major project, l'Il follow it up here with some quicker, easier 
ones as we move into the fascinating world of another kind of integrated circuit: 
logic chips. 


Experiment 19: Learning Logic 
You will need: 
e Assorted resistors and capacitors. 


e 74HCOO quad 2-input NAND chip, 74HC08 quad 2-input AND chip, and 
LM7805 voltage regulator. Quantity: 1 of each. 


« Signal diode, 1N4148 or similar. Quantity: 1. 
e Low-current LED. Quantity: 1. 
e SPST tactile switches. Quantity: 2. 


You're going to be entering the realm of pure digital electronics, using “logic 
gates” that are fundamental in every electronic computing device. When you 
deal with them individually, they're extremely easy to understand. When you 
start chaining them together, they can seem intimidatingly complex. So let’s 
start with them one at a time. 


Logic gates are much fussier than the 555 timer or the 4026 counter that you 
used previously. They demand an absolutely precise 5 volts DC, with no fluc- 
tuations or “spikes” in the flow of current. Fortunately, this is easy to achieve: 
just set up your breadboard with an LM7805 voltage regulator, as shown in 
the schematic in Figure 4-44 and the photograph in Figure 4-45. The regula- 
tor receives 9 volts from your usual voltage supply, and reduces it to 5 volts, 
with the help of a couple of capacitors. You apply the 9 volts to the regulator, 
and distribute the 5 volts down the sides of your breadboard instead of the 
unregulated voltage that you used previously. Use your meter to verify the 
voltage, and make sure you have the polarity clearly marked. 


After installing your regulator, take a couple of tactile switches, two 10K resis- 
tors, a low-current LED, and a 1K resistor, and set them around a 74HC00 logic 
chip as shown in Figure 4-46. You may notice that many of the pins of the chip 
are shorted together and connected to the negative side of the power supply. 
I'll explain that in a moment. 
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9v DC 


LM7805 


Figure 4-44. This simple circuit is essential 
to provide a regulated 5V DC supply for 
logic chips. 


Figure 4-45. The voltage regulator and its 
two capacitors can fit snugly at the top of 
a breadboard. Remember to apply the 9V 
input voltage at the left pin of the regula- 
tor, and distribute the 5V output down the 
sides of the breadboard. 
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P FUNDAMENTALS 


Voltage regulators 


The simplest versions of these 
little semiconductors accept a 
higher DC voltage on one pin 

and deliver a lower DC voltage 

on another pin, with a third pin 
(usually in the middle) serving as 
a common negative, or ground. 
You should also attach a couple of 
capacitors to smooth the current, 
as shown in Figure 4-46. 


Typically you can put a 7.5-volt or 
9-volt supply on the “input” side of 
a 5-volt regular, and draw a precise 
5 volts from the “output” side. If 
you're wondering where the extra 
voltage goes, the answer is, the 
regulator turns the electricity into 
heat. For this reason, small regula- 
tors (such as the one in Figure 4-8) 
often have a metal back with a 
hole in the top. Its purpose is to 
radiate heat, which it will do more 
effectively if you bolt it to a piece 
of aluminum, since aluminum 
conducts heat very effectively. The 
aluminum is known as a heat sink, 
and you can buy fancy ones that 
have multiple cooling fins. 


For our purposes, we won't be 
drawing enough current to require 
a heat sink. 
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Figure 4-47. This breadboard layout is 
exactly equivalent to the schematic in 
Figure 4-46. 
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Figure 4-48. By observing the LED when you press either, both, or neither of the buttons, 
you can easily figure out the logical function of the NAND gate. 


When you connect power, the LED should light up. Press one of the tactile 
switches, and the LED remains illuminated. Press the other tactile switch, and 
again the LED stays on. Now press both switches, and the light should go out. 


Pins 1 and 2 are logic inputs for the 74HC00 chip. Initially they were held at 
negative voltage, being connected to the negative side of the power supply 
through 10K resistors. But each pushbutton overrides its pull-down resistor 
and forces the input pin to go positive. 


The logic output from the chip, as you saw, is normally positive—but not if 
the first input and the second input are positive. Because the chip does a “Not 
AND” operation, it's known as a NAND logic gate. You can see the breadboard 
layout in Figure 4-47. Figure 4-48 is a simplified version of the circuit. The U- 
shaped thing with a circle at the bottom is the logic symbol for a NAND gate. 
No power supply is shown for it, but in fact all logic chips require a power sup- 
ply, which enables them to put out more current than they take in. Anytime 
you see a symbol for a logic chip, try to remember that it has to have power 
to function. 
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The 74HC00 actually contains four NAND gates, each with two logical inputs 
and one output. They are arrayed as shown in Figure 4-49. Because only one 
gate was needed for the simple test, the input pins of the unused gates were 
shorted to the negative side of the power supply. 


Pin 14 supplies positive power for the chip; pin 7 is its ground pin. Almost 
all the 7400 family of logic chips use the same pins for positive and negative 
power, so you can swap them easily. 


In fact, let's do that right now. First, disconnect the power. Carefully pull out 
the 74HC00 and put it away with its legs embedded in conductive foam. Sub- 
stitute a 74HC08 chip, which is an AND chip. Make sure you have it the right 
way up, with its notch at the top. Reconnect the power and use the pushbut- 
tons as you did before. This time, you should find that the LED comes on if 
the first input AND the second input are both positive, but it remains dark 
otherwise. Thus, the AND chip functions exactly opposite to the NAND chip. 
Its pinouts are shown in Figure 4-50. 


You may be wondering why these things are useful. Soon you'll see that we 
can put logic gates together to do things such as create an electronic com- 
bination lock, or a pair of electronic dice, or a computerized version of a TV 
quiz show where users compete to answer a question. And if you were really 
insanely ambitious, you could build an entire computer out of logic gates. 


Figure 4-48. The pinouts of the logic gates in a /AHCOOchip. 
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Figure 4-48. The structure and function of 
the NAND gate is easier to visualize with 
this simplified schematic that omits the 
power supply for the chip and doesn't 
attempt to place the wires to fit a bread- 
board layout. 
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From Boole to Shannon 


George Boole was a British mathematician, born in 1815, who did something 
that few people are ever lucky enough or smart enough to do: he invented an 
entirely new branch of mathematics. 


Interestingly, it was not based on numbers. Boole had a relentlessly logical 
mind, and he wanted to reduce the world to a series of true-or-false statements 
which could overlap in interesting ways. For instance, suppose there is a couple 
named Ann and Bob who have so little money, they only own one hat. Clearly, 
if you happen to run into Ann and Bob walking down the street, there are four 
possibilities: neither of them may be wearing a hat, Ann may be wearing it, or 
Bob may be wearing it, but they cannot both be wearing it. 


The diagram in Figure 4-51 illustrates this. All the states are possible except the 
one where the circles overlap. (This is known as a Venn diagram. | leave it to you 
to search for this term if it interests you and you'd like to learn more.) Boole took 
this concept much further, and showed how to create and simplify extremely 
complex arrays of logic. 


Figure 4-51. This slightly frivolous Venn diagram illustrates the various possibilities 
for two people, Ann and Bob, who own only one hat. 


Another way to summarize the hat-wearing situation is to make the “truth table” 
shown in Figure 4-52. The rightmost column shows whether each combination 
of propositions can be true. Now check the table in Figure 4-53. It’s the same 
table but uses different labels, which describe the pattern you have seen while 
using the NAND gate. 


Boole published his treatise on logic in 1854, long before it could be applied 

to electrical or electronic devices. In fact, during his lifetime, his work seemed 
to have no practical applications at all. But a man named Claude Shannon 
encountered Boolean logic while studying at MIT in the 1930s, and in 1938 he 
published a paper describing how Boolean analysis could be applied to circuits 
using relays. This had immediate practical applications, as telephone networks 
were growing rapidly, creating complicated switching problems. 


184 Chapter 4 


Experiment 19: Learning Logic 
y BACKGROUND 


From Boole to Shannon (continued) 


A very simple telephone problem could be expressed like 
this. Suppose two customers in a rural area share one tele- 
phone line. If one of them wants to use the line, or the other 
wants to use it, or neither of them wants to use it, there's 

no problem. But they cannot both use it at once. You may 
notice that this is exactly the same as the hat-wearing situa- 
tion for Ann and Bob. 


We can easily draw a circuit using two normally closed 

relays that creates the desired outcome (see Figure 4-54), 
but if you imagine a telephone exchange serving many 
thousands of customers, the situation becomes very compli- 
cated indeed. In fact, in Shannon's time, no logical process 
existed to find the best solution and verify that it used fewer 


Figure 4-52. The hat-wearing possibilities can be expressed in a components than some other solution. 
“truth table.” 


Shannon saw that Boolean analysis could be used for this 
Inout A Inout B purpose. Also, if you used an “on” condition to represent 
P p Output numeral 1 and an “off” condition to represent numeral 0, 
you could build a system of relays that could count. And if it 
ON could count, it could do arithmetic. 


ON When vacuum tubes were substituted for relays, the first 
practical digital computers were built. Transistors took the 
place of vacuum tubes, and integrated circuit chips replaced 


ON transistors, leading to the desktop computers that we now 

take for granted today. But deep down, at the lowest levels 

OFF of these incredibly complex devices, they still use the laws 

of logic discovered by George Boole. Today, when you use 
Figure 4-53. The truth-table from can be relabeled to describe a search engine online, if you use the words AND and OR to 
the inputs and outputs of a NAND gate. refine your search, you're actually using Boolean operators. 


Figure 4-54. This relay circuit could illustrate the desired logic for two telephone customers wanting to share one line, and its 
behavior is almost identical to that of the NAND schematic shown in Figure 4-48. 
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Logic gate basics 


The NAND gate is the most fundamental building block of digital computers, 
because (for reasons which | don't have space to explain here) it enables digital 
addition. If you want to explore more try searching online for topics such as 
“binary arithmetic” and “half-adder.’ 


Generally, there are seven types of logic gates: 


e XOR e NOT 
«e NAND e XNOR 


Of the six two-input gates, the XNOR is hardly ever used. The NOT gate has a 
single input, and simply gives a negative output when the input is positive or a 
positive output when the input is negative. The NOT is more often referred to as 
an “Inverter.” The symbols for all seven gates are shown in Figure 4-56. 


Figure 4-55. Ann and Bob attempt to over- 
come the limitations of Boolean logic. 


Logical Inputs 


AA 


Logical Outputs 


Figure 4-58. American symbols for the six types of two-input logic gates, and the 
single-input inverter. 


I've shown the American symbols. 
Other symbols have been adopted in 
Europe, but the traditional symbols 
shown here are the ones that you will 
usually find, even being used by Eu- 
ropeans. | also show the truth tables, 
in Figure 4-57, illustrating the logical 
output (high or low) for each pair of 
inputs of each type of gate. 
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Figure 4-57. Inputs and corresponding outputs for the six types of logic gates (note 
that the XNOR gate is seldom used). The minus signs indicate low voltage, close 
to ground potential. The plus signs indicate higher voltage, close to the positive 
potential of the power supply in the circuit. The exact voltages will vary depending 
on other components that may be actively connected. 
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Logic gate basics (continued) 


If you have difficulty visualizing logic gates, a mechanical comparison may 
help. You can think of them as being like sliding plates with holes in them, in a 
bubblegum machine. Two people, A and B, can push the plates. These people 
are the two inputs, which are considered positive when they are doing some- 
thing. (Negative logic systems also exist, but are uncommon, so l'm only going 
to talk about positive systems here.) 


The flow of bubblegum represents a flow of positive current. The full set of pos- 
sibilities is shown in Figures 4-58 through 4-63. 


g LNdNI 
V LAdNI 


= 


| NO_YES| NO | 
YES NO | NO | 
=> =] l | 
p= =] | | | 


a En 


€ LNdNI 
V LNdNI 


E 
No No [YES 
ES YES] NO | 


Chips, Ahoy! 187 


Experiment 19: Learning Logic 


ESSENTIALS 


Logic gate basics (continued) 
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Logic gate basics (continued) 
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The confusing world of TTL and CMOS 


Back in the 1960s, the first logic gates were built with 
Transistor-Transistor Logic, abbreviated TTL, meaning that tiny 
bipolar transistors were etched into a single wafer of silicon. 
Soon, these were followed by Complementary Metal Oxide 
Semiconductors, abbreviated CMOS. Each of these chips was 
a collection of metal-oxide field-effect transistors (known as 
MOSFETs). The 4026 chip that you used earlier is an old CMOS. 


You may remember that bipolar transistors amplify current. 
TTL circuits are similar: they are sensitive to current, rather 
than voltage. Thus they require a significant flow of electricity, 
to function. But CMOS chips are like the programmable uni- 
junction transistor that | featured previously. They are voltage- 
sensitive, enabling them to draw hardly any current while they 
are waiting for a signal, or pausing after emitting a signal. 


The two families named TTL and CMOS still exist today. The 
table in Figure 4-64 summarizes their basic advantages and 
disadvantages. The CMOS series, with part numbers from 
4000 upward, were easily damaged by static electricity but 
were valuable because of their meager power consumption. 
The TTL series, with part numbers from 7400 upward, used 
much more power but were less sensitive and very fast. So, 
if you wanted to build a computer, you used the TTL family, 
but if you wanted to build a little gizmo that would run for 
weeks on a small battery, you used the CMOS family. 


From this point on everything became extremely confusing, 
because CMOS manufacturers wanted to grab market share 
by emulating the advantages of TTL chips. Newer genera- 
tions of CMOS chips even changed their part numbers to 
begin with “74” to emphasize their compatibility, and the 
functions of pins on CMOS chips were swapped around to 
match the functions of pins on TTL chips. Consequently, the 
pinouts of CMOS and TTL chips are usually now identical, 
but the meaning of “high” and “low” states changed in each 
new generation, and the maximum supply voltages for CMOS 
chips were revised downward. Note | have included question 
marks beside two categories in the CMOS column, as modern 
CMOS chips have overcome those disadvantages—at least to 
some extent. 


Here's a quick summary, which will be useful to you if you 
look at a circuit that you find online, and you wonder about 
the chips that have been specified. 


Where you see a letter “x,” it means that various numbers 
may appear in that location. Thus “74xx” includes the 7400 
NAND gate, the 7402 NOR gate, the 74150 16-bit data selec- 
tor, and so on. A combination of letters preceding the “74” 
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identifies the chip manufacturer, while letters following the 
part number may identify the style of package, may indicate 
whether it contains heavy metals that are environmentally 
toxic, and other details. 


TTL CMOS 
Part 
number 7400 4000 
aes (Later adopted 
7400 numbering) 
Vulnerable 
to static Less More? 
electricity 
Speed Faster Slower? 
P s 
ios Higher Very Low 
Power Narrow Wider 
Supply Range 5v 3V-6v 
Input : 
Impedance ANWW' Low Very High 


Figure 4-84. The basic differences between the two families of 
logic chips. In successive generations, these differences have 
gradually diminished. 


TTL family: 


7AXX 
The old original generation, now obsolete. 


74SXX 
Higher speed “Schottky” series, now obsolete. 


74LSXx 
Lower power Schottky series, still used occasionally. 


74ALSXX 
Advanced low-power Schottky. 


74FXX 
Faster than the ALS series. 
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The confusing world of TTL and CMOS (continued) 


CMOS family: 


40XX 
The old original generation, now obsolete. 


40xxB 
The 4000B series was improved but still susceptible to 
damage from static electricity. Many hobby circuits still 
use these chips because they will run from relatively 
high voltages and can power LEDs and even small 
relays directly. 


74HCxx 
Higher-speed CMOS, with part numbers matching the 
TTL family, and pinouts matching the TTL family, but 
input and output voltages not quite the same as the 
TTL family. I've used this generation extensively in this 
book, because it’s widely available, and the circuits 
here have no need for greater speed or power. 


74HCTXx 
Like the HC series but matching the TTL voltages. 


74ACXX 
Advanced version of HC series. Faster, with higher 
output capacity. 


74ACTXX 
Like the AC series but with the same pin functions and 
voltages as TTL. 


74AHCxx 
Advanced higher-speed CMOS. 


74AHCTXx 
Like the AHC series but with the same pin functions 
and voltages as TTL. 


74L VXx 
Lower voltage (3.3v) versions, including LV, LVC, LVT, 
and ALVC series. 


As you can see, these days you have to interpret part num- 


bers very carefully. But which family and generation of chips 


should you use? Well, that depends! Following are some 
guidelines. 


What you don't need: 


1. Speed differences are irrelevant from our point of view, 
as were not going to be building circuits running at 
millions of cycles per second. 


2. Price differences are so small as to be inconsequential. 


3. Lower-voltage (LV) CMOS chips are not very interesting 
for our small experimental circuits. 


4. Try to avoid mixing different families, and different 
generations of the same family, in the same circuit. 
They may not be compatible. 


5. Some modern chip varieties may be only available in 
the surface-mount package format. Because they’re so 
much more difficult to deal with, and their only major 
advantage is miniaturization, | don't recommend them. 


6. Inthe TTL family, the LS and ALS series cannot handle 
as much output current as the S series and the F series. 
You don't need them. 


What you should use: 


1. The old 74LSxx series of TTL chips was so popular, 
you'll still find schematics that specify these chips. You 
should still be able to buy them from sources online, 
but if not, you can substitute the 74HCTxx chips, which 
are designed to function identically. 


2. The old 4000B series of CMOS chips are still used by 
hobbyists because their willingness to tolerate high 
voltages is convenient. While TTL or TTL-compatible 
chips require a carefully regulated 5 volts, the 4000B 
chips would handle 15 volts—and also delivered 
enough power to energize LEDs or even very small re- 
lays. Some hobbyists also have a nostalgic affection for 
the 74Cxx series of chips, which had the same pin con- 
nections as the TTL chips but could still tolerate higher 
voltages and higher output current. The trouble is, 
some of the 74Cxx chips are almost extinct, and while 
the 4000B chips are still available, they are considered 
almost obsolete. 
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The confusing world of TTL and CMOS (continued) 


Bottom line: | suggest you use the 4000B chips only if you want to replicate an 
old circuit, or if a modern equivalent is unavailable (which is why | specified the 
4026B chip for the reaction timer—I could not find a modern equivalent that 
will drive seven-segment numeric displays directly, and | didn't want you to 
have to deal with more parts than necessary). 


If you check online suppliers such as Mouser.com you'll find that the HC family is 
by far the most popular right now. They are all available in through-hole format 
(to fit your breadboard and perforated board). They have the high input imped- 
ance of CMOS (which is useful) and they have the same pin identities as the old 
74LSxx series. 


Abbreviations 


When looking at data sheets, you are likely to encounter some or all of these 
abbreviations: 

VOH min: Minimum output voltage in high state 

VOL max: Maximum output voltage in low state 

VIH min: Minimum input voltage to be recognized as high 

VIL max: Maximum input voltage recognized as low 


Logic gate origins 


The 7400 family of integrated circuits was introduced by shows just one of the handmade circuit boards that Bill as- 
Texas Instruments, beginning with the 7400 NAND gate in sembled to run his computer. 

1962. Other companies had sold logic chips previously, but 

the 7400 series came to dominate the market. The Apollo 

lunar missions used a computer built with 7400 chips, and 

they were a mainstay of minicomputers during the 1970s. 


RCA introduced its 4000 series of logic chips in 1968, built 

around CMOS transistors; Texas Instruments had chosen cm”... a Re 
TTL. The CMOS chips used less power, thus generating much se ee Fe 
less heat and enabling flexible circuit design, as each chip Serres iaa 

could power many others. CMOS was also tolerant of wide 

voltage ranges (from 3 to 15 volts) but prohibited switching 

speeds faster than around 1MHz. TTL was 10 times faster. 


Design tweaks gradually eradicated the speed penalty for 
a A- 


CMOS, and TTL chips have become relatively rare. Still, some Figure 4 bee | 
people retain a special nostalgic loyalty to “the logic gates entirely from 7400 series logic chips, the oldest of which was 
0" : : fabricated back in 1969. The web server can be found online at 
that went to the moon” A hardcore enthusiast named Bill ; i ] j . 
, , f http://magic-1.org, displaying pictures of itself and details of 
Buzbee has built an entire web server from TTL-type 7400 its construction. The picture here that Bill took shows just one 
chips, currently online at http://magic-1.org. Figure 4-65 of the circuit boards of this remarkable project. 
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Common part numbers 


Each 14-pin chip can contain four 2-input gates, three Figures 4-66 through 4-74 
3-input gates, two 4-input gates, one 8-input gate, or six show the internal connec- +) 
single-input inverters, as shown in the following table. tions of the logic chips that 


you are most likely to use. 
Note that the 7402 NOR 
gate has its logical inputs 
and outputs arranged dif- 
ferently from all the other 
chips. 


Figure 4-88. Figures 4-66 
through 4-74 show pinouts 

for some of the most widely 
used logic chips. Note that the 
inputs of the 7402 are reversed a 
compared with the other chips. 
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Rules for connecting logic gates 


Permitted: The output from the timer can then deliver 100mA, 

- You can connect the input of a gate directly to your easily enough for half-a-dozen LEDs or a small relay. 
regulated power supply, either positive side or nega- e Low input doesn't have to be zero. A 74HCxx logic gate 
tive side. will recognize any voltage up to 1 volt as “low.” 

- You can connect the output from one gate directly to «High input doesn't have to be 5 volts. A 74HCxx logic 
the input of another gate. gate will recognize any voltage above 3.5 volts as 


e The output from one gate can power the inputs of "high" 
many other gates (this is known as“fanout”). The exact See Figures 4-75 and 4-76 for a comparison of permit- 
ratio depends on the chip, but you can always power at ted voltages on the input and output side of 74HCxx and 
least ten inputs with one logic output. The output from  74LSxx chips. 
a logic chip can drive the trigger (pin 3) of a 555 timer. 


Acceptable input Acceptable input 
signal range signal range 
Low High Low High 
= co= Max power = Max power 
© m5 consumption = E consumption 
5 <5 at each pin: 5 > = at each pin: 
= = = = 
3 3 {uA (sink) 3 Z 20uA (sink) 
2 1uA (source) = 3 400uA (source) 
< < 


5V 5V 
DC DC 
E Max power E Max power 
3 output 3 output 
7 at each pin: D at each pin: 
= = 
a 4mA (source) P 0.4mA (source) 
< 4mA (sink) < 4.0mA (sink) 
Low High Low High 
Guaranteed output Guaranteed output 
signal range signal range 
Figure 4-75. Each family of logic chips, and each generation Figure 4-78. Because the ES generation of the TTL family has 
in each family, has different standards for input and output such different tolerances for input voltages and different 
minimum and maximum voltages. This diagram shows the standards for output voltages, the LS generation of TTL chips 
standards used by the HC generation of the CMOS family, should not be mixed in the same circuit as the HC generation 
which was chosen for most of the projects in this book. Note of CMOS chips, unless pull-up resistors are used to bring the 
that the current required for input is minimal compared with LS chips into conformance with standards expected by the HC 
the current available for output. The power supply to the chip chips. See Experiment 21 for a case study in using LS chips. 


makes up the difference. 
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Rules for connecting logic gates (continued) 


Not permitted: 


e No floating-input pins! On CMOS chips such as the HC 
family, you must always connect all input pins with a 
known voltage, even if they supply a gate on the chip 
that you're not using. When you use a SPST switch to 
control an input, remember that in its “off” position, it 


leaves the input unconnected. Use a pull-up or pull- = _ aie _ 

down resistor to prevent this situation. See Figure 4-77. O j 1 f © j 1 P 
- Don't use an unregulated power supply, or more than 5 7 P 7 P 

volts, to power 74HCxx or 74LSxx logic gates. Good o o Good o o 


e Be careful when using the output from a logic gate to 
power even a low-current LED. Check how many mil- 
liamps are being drawn. Also be careful when “sharing” 
the output from a logic gate with the input of another 
gate, at the same time that it is driving an LED. The LED O— —: 2 ©— —: = 
may pull down the output voltage, to a point where 


O O 0 O 

the other gate won't recognize it. Always check cur- 

“eo. . : . Not 0 O Not O O 
rents and voltages when modifying a circuit or design- good good 
ing a new one. 

e Never apply a significant voltage or current to the 

output pin of a logic gate. In other words, don't force Figure 4-77. Because a CMOS chip is so sensitive to input 
an input into an output. fluctuations, a logical input should never be left “floating,” or 


unattached to a defined voltage source. This means that any 


e Never link the outputs from two or more logic gates. If single-throw switch or pushbutton should be used with a pull- 


they must share a common output wire, use diodes to up or pull-down resistor, so that when the contacts are open, 
protect them from each other. See Figure 4-78. the input is still defined. 
Not Good Good 
Good 


Figure 4-78. The output from one logic gate must not be allowed to feed back into the output from another logic gate. Diodes can 
be used to isolate them, or they can be linked via another gate. 
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5VDC Regulated 
VW 
74HC08 
AND ° 
DT gate 


Figure 4-78. Using a diode, the logical 
output from a gate can be allowed to feed 
back to one of its inputs, so that the gate 
latches after receiving a brief logical input 


pulse. 
F 
` 


Figure 4-80. The breadboard-format sche- 
matic in is simplified here to show more 
clearly the way in which a gate can latch 
itself after receiving an input pulse. 


196 


In the 74HCxx logic family, each input of a logic gate consumes just a micro- 
amp, while the output can source 4 milliamps. This seems paradoxical: how 
can the chip give out more than it takes in? The answer is that it also consumes 
power from the power supply attached to pins 7 and 14. That's where the ad- 
ditional electricity comes from. 


Because the logical output from a chip can be greater than the logical input, 
we can put the chip in a state where it keeps itself “switched on”in a way which 
is similar to the way the relay in the alarm project was wired to lock itself on. 
The simplest way to do this in a logic chip is by feeding some of the output 
back to one of the inputs. 


Figure 4-79 shows an AND gate with one of its inputs wired to positive and its 
other input held low by a pull-down resistor, with a pushbutton that can make 
the input high. A signal diode connects the output of the chip back to the 
pushbutton-controlled input. Remember that the diode has a mark on it indi- 
cating the end which should be connected to the negative side of the power 
supply, which in this case will be the end of the 10K resistor. 


The schematic in Figure 4-79 shows how the circuit should look in breadboard 
format. Figure 4-80 shows it in a simpler format. 


From this point on, | won't bother to show the power regulator and the capacitors 
associated with it. Just remember to include them every time you see the power sup- 
ply labeled as “5V DC Regulated.” 


When you switch on the power, the LED is dark, as before. The AND gate needs 
a positive voltage on both of its logical inputs, to create a positive output, but 
it now has positive voltage only on one of its inputs, while the other input 
is pulled down by the 10K resistor. Now touch the pushbutton, and the LED 
comes on. Let go of the pushbutton, and the LED stays on, because the posi- 
tive output from the AND gate circulates back through the diode and is high 
enough to overcome the negative voltage coming through the pull-down 
resistor. 


The output from the AND gate is powering its own input, so the LED will stay 
on until we disconnect it. This arrangement is a simple kind of “latch,” and can 
be very useful when we want an output that continues after the user presses 
and releases a button. 


You can't just connect the output from the gate to one of its inputs using an 
ordinary piece of wire, because this would allow positive voltage from the tac- 
tile switch to flow around and interfere with the output signal. Remember, you 
must never apply voltage to the output pin of a logic gate. The diode prevents 
this from happening. 


If you've grasped the basics of logic gates, you're ready now to continue to our 
first real project, which will use all the information that l've set out so far. 
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Experiment 20: A Powerful Combination 


Suppose you want to prevent other people from using your computer. | can 
think of two ways to do this: using software, or using hardware. The software 
would be some kind of startup program that intercepts the normal boot se- 
quence and requests a password. You could certainly do it that way, but I think 
it would be more fun (and more relevant to this book) to do it with hardware. 
What I’m imagining is a numeric keypad requiring the user to enter a secret 
combination before the computer can be switched on. 


The Warranty Issue 


If you follow this project all the way 
to its conclusion, you'll open your 
desktop computer, cut a wire, and 
saw a hole in the cabinet. Without a 
doubt, this will void your warranty. 
If this makes you nervous, here are 


l three options: 
You will need: 
1. Breadboard the circuit for fun, and 


e Numeric keypad. As specified in the shopping list at the beginning of this leave it at that. 
chapter, it must have a “common terminal” or “common output.’ The sche- 
matic in Figure 4-82 shows what I mean. Inside the keypad, one conductor 
(which I have colored red to distinguish it from the others) connects with 
one side of every pushbutton. This conductor is “common” to all of them. 
It emerges from the keypad on an edge connector or set of pins at the 


bottom, which I've colored yellow. 


2. Use the numeric keypad on some 
other device. 


3. Use it on an old computer. 


= — EE EB BR EB EB BK EK EK EK EK EK KL 


= = = = 3 
= = = 
= = = 
= = = E 
Figure 4-81. Caution: This just might void 
your warranty. 
® exe a o okoko 


Figure 4-82. A keypad of the type required for Experiment 20 incorporates a common 
terminal connected to one side of each of the 12 pushbuttons. The wire from the common 
terminal is shown red, here, to make it more easily identifiable. 


e Keypads that use “matrix encoding” won't work with the circuit that l'm 
going to describe. If the Velleman keypad, which | recommend, is unavail- 
able, and you can't find another like it, you can use 12 separate SPST push- 
buttons. Of course, that will cost a little more. 


e 74HC08 logic chip containing four AND gates. Quantity: 1. 
e 74HC04 logic chip containing six inverters. Quantity: 1. 
e 555 timer chip. Quantity: 1. 
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e Latching relay, 5 volt, DPST or DPDT, “2 form C” package, Panasonic DS2E- 
SL2-DC5V or similar. Must have two separate coils (one to latch, one to 
unlatch) with separate inputs. Quantity: 1. 


e LEDs, 5mm generic, your choice of colors. Quantity: 3. 


e Ribbon cable, with six conductors minimum, if you want to do a really 
neat job. You can use a cable of the type sold for hard drives, and split off 
the six conductors that you need, or shop around on eBay. 


e Tools to open your computer, drill four holes, and make saw cuts between 
the holes, to create a rectangular opening for the keypad (if you want to 
take this project to its conclusion). Also, four small bolts to attach the key- 
pad to the computer cabinet after you create the opening for it. 


The Schematic 


This time l'd like you to study the schematic before building anything. Let's 
start with the simplified version, shown in Figure 4-83. 


5VDC 
Regulated AA 
(AN a Logic gate 
x | (NY power input pins 
AZ 
a O = 


8 0 
=F O $ *—y y> Computer 
em —e > 0n switch 
A A, 


o Q 
a # 
AA 


Figure 4-83. A simplified schematic showing the basic structure of the combination lock 
circuit. 
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| want this to be a battery-powered circuit, so that you don't have to run a 
separate power supply to it or (worse) try to tap into your computer's 5-volt 
bus. Battery power means that the circuit has to be “off” most of the time, to 
prevent the battery from running down. Because the keypad has two spare 
buttons (the asterisk and the pound sign), l'm going to use the asterisk as the 
“power on” button. When you press it, the LED at the top of the schematic 
lights up to confirm that everything's working, and the button sends power to 
the two logic chips and the 555 timer. You have to hold down the asterisk but- 
ton while you punch in a three-digit code to unlock the computer. 


Arbitrarily, I've chosen 1-4-7 as the three-digit code. Let's track what happens 
when you enter this sequence. (Naturally, if you build the circuit, you can wire 
it to choose any three digits you prefer.) 


Pressing the 1 button sends positive power to one logical input of the first 
AND gate. The other logical input of this gate is also positive, because an in- 
verter is supplying it, and the input of the inverter is being held negative by 
a pull-down resistor. When an inverter has a negative input, it gives a positive 
output, so pressing the 1 button activates the AND gate, and makes its output 
positive. The AND gate locks itself on, as its output cycles back to its switched 
input via a diode. So the gate output remains high even after you let go of the 
1 button. 


The output from the first AND gate also supplies one logical input of the sec- 
ond AND gate. When you press the 4 button, you send positive voltage to the 
other logical input of this AND gate, so its output goes high, and it locks itself 
on, just as the first gate did. 


The second AND gate feeds the third AND gate, so when you press the 7 
button, the third AND gate changes its output from low to high. This passes 
through an inverter, so the output from the inverter goes from high to low. 
This in turn goes to the trigger of a 555 timer wired in monostable mode. 


When the trigger of a 555 timer goes from high to low, the timer emits a posi- 
tive pulse through its output, pin 3. This runs down to the upper coil of the 
latching relay, and also flashes an LED to confirm that the code has been ac- 
cepted and the relay has been activated. 


Two of the contacts in the relay are wired into the power-up button of your 
computer. A little later in this description l'Il explain why this should be safe 
with any modern computer. 


Because we're using a latching relay, it flips into its “on” state and remains there, 
even when the power pulse from the timer ends. So now you can let go of the 
asterisk button to disconnect the battery power to your combination lock, and 
press the power-up button that switches on your computer. 


At the end of your work session, you shut down your computer as usual, then 
press the pound button on your keypad, which flips the relay into its other 
position, reactivating the combination lock. 


Chips, Ahoy! 


Experiment 20: A Powerful Combination 


199 


Experiment 20: A Powerful Combination 


200 


Incorrect Inputs 


What happens if you enter the wrong code? If you press any button other than 
1, 4, or 7, it sends positive voltage to the inverter near the top of the sche- 
matic. The positive voltage overwhelms the negative voltage being applied to 
the inverter through a pull-down resistor, and causes the inverter to output a 
negative voltage, which it applies to one of the logical inputs of the first AND 
gate. If the AND gate was locked on, the negative input will switch it off. If it 
was supplying the second AND gate, it'll switch that one off too. 


Thus, any error when entering the first, second, or third digit of the secret code 
will reset the AND gates, forcing you to begin the sequence all over again. 


What if you enter 1, 4, and 7 out of their correct sequence? The circuit won't 
respond. The third AND gate needs a high input supplied by the second AND 
gate, and the second AND gate needs a high input supplied by the first AND 
gate. So you have to activate the AND gates in the correct sequence. 


Questions 


Why did | use a 555 timer to deliver the pulse to the relay? Because the logical 
output from an AND gate cannot deliver sufficient power. | could have passed 
it through a transistor, but | liked the idea of a pulse of a fixed length to flip the 
relay and illuminate an LED for about 1 second, regardless of how briefly the user 
presses the 7 button. 


Why do | need three LEDs? Because when you're punching buttons to un- 
lock your computer, you need to know what's going on. The Power On LED 
reassures you that your battery isn’t dead. The Relay Active LED tells you that 
the system is now unlocked, in case you are unable to hear the relay click. The 
System Relocked LED reassures you that you have secured your computer. 


Because all the LEDs are driven either directly from the 5-volt supply or from 
the output of the 555 timer, they don't have to be low-current LEDs and can be 
used with 3300 series resistors, so they'll be nice and bright. 


How do you connect the keypad with the circuit? That’s where your ribbon 
cable comes in. You carefully strip insulation from each of the conductors, 
and solder them to the contact strip or edge connector on your keypad. Push 
the conductors on the other end of the cable into your breadboard (when 
you're test-building the circuit) or solder them into perforated board (when 
you're building it permanently). Find a convenient spot inside your computer 
case where you can attach the perforated board, with double-sided adhesive 
or small bolts or whatever is convenient. Include a 9-volt battery carrier, and 
don't forget your power regulator to step the voltage down to 5 volts. 


Breadboarding 


No doubt you have realized by now that breadboards are very convenient as a 
quick way to push in some components and create connections, but the layout 
of their conductors forces you to put components in unintuitive configurations. 
Still, if you carefully compare the breadboard schematic in Figure 4-83 with the 
simplified schematic in Figure 4-84, you'll find that the connections are the same. 
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To help it make sense, I’ve shown the logic gates that exist inside the chips. I’ve 
also colored the power supply wires, as before, to reduce the risk of confusion. 
The positive side of the supply goes only to the common terminal on your 
keypad, and you have to press the asterisk key to send the power back down 
the ribbon cable, to supply the chips. 


Note that the “wrong” numbers on the keypad are all shorted together. This 
will create some inconvenience if you want to change the combination in the 
future. l'Il suggest a different option in the “enhancements” section that fol- 
lows. For now, ideally, you should run a wire from every contact on your key- 
pad, down to your circuit on its breadboard, and short the “wrong” keypad 
numbers together with jumper wires on the breadboard. 


Also note that if you use a meter to test the inputs to the AND gates, and you 
touch your finger against the meter probe while doing so, this can be suffi- 
cient to trigger the sensitive CMOS inputs and give a false positive. 


5VDC Regulated = 
(from 9V battery) 


yo Computer 
a > power-up 
wy å, switch 


Figure 4-84. The combination lock schematic redrawn to show how the components can 
be laid out on a breadboard. 
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If you build the circuit and you can't 
understand why everything's dead, 
it’s most likely because you forgot to 
hold down the asterisk button. 
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One Little Detail: The Computer Interface 


Old computers used to have a big switch at the back, attached to the heavy 
metal box inside the computer, that transformed house current to regulated 
voltages that the computer needs. Most modern computers are not designed 
this way; you leave the computer plugged in, and you touch a little button on 
the box (if it’s a Windows machine) or the keyboard (if it’s a Mac), which sends 
a low-voltage pulse to the motherboard. 


This is ideal from our point of view, because we don't have to mess with high 
voltages. Don't even think of opening that metal box with the fan mounted in 
it, containing the computer power supply. Just look for the wire (usually con- 
taining two conductors, on a Windows machine) that runs from the “power up” 
button to the motherboard. 


To check that you found the right one, make sure that your computer is un- 
plugged, ground yourself (because computers contain CMOS chips that are 
sensitive to static electricity) and very carefully snip just one of the two con- 
ductors in the wire. Now plug in your computer and try to use the “power up” 
button. If nothing happens, you've probably cut the right wire. Even if you cut 
the wrong wire, it still prevented your computer from booting, which is what 
you want, so you can use it anyway. Remember, we are not going to introduce 
any voltage to this wire. We're just going to use the relay as a switch to recon- 
nect the conductor that you cut. You should have no problem if you maintain 
a cool and calm demeanor, and look for that single wire that starts everything. 
Check online for the maintenance manual for your computer if you're really 
concerned about making an error. 


After you find the wire and cut just one of its conductors, unplug your com- 
puter again, and keep it unplugged during the next steps. 


Find where the wire attaches to the motherboard. Usually there's a small un- 
pluggable connector. First, mark it so that you know how to plug it back in the 
right way around, and then disconnect it while you follow the next couple of 
steps. 


Strip insulation from the two ends of the wire that you cut, and solder an ad- 
ditional piece of two-conductor wire, as shown in Figure 4-85, with heat-shrink 
tube to protect the solder joints. (This is very important!) 


Run your new piece of wire to the latching relay, making sure you attach it to 
the pair of contacts which close, inside the relay, when it is energized by the 
unlocking operation. You don't want to make the mistake of unlocking your 
computer when you think you're locking it, and vice versa. 


Reconnect the connector that you disconnected from your motherboard, plug 
in your computer, and try to power it up. If nothing happens, this is probably 
good! Now enter the secret combination on your keypad (while holding down 
the asterisk button to provide battery power) and listen for the click as the re- 
lay latches. Now try the “power up” button again, and everything should work. 
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Figure 4-85. The combination lock project can be interfaced with a typical desktop com- 
puter by cutting one conductor in the wire from the “power up” pushbutton, soldering an 
extension, and covering the joints with heat-shrink tube. 


Enhancements 
At the end of any project, there's always more you can do. 


To make this setup more secure, you could remove the usual screws that secure 
the case of the computer, and replace them with tamper-proof screws. Check any 
online source for “tamper-proof screws,’ such as http://www.mcmaster.com. Natu- 
rally, you will also need the special tool that fits the screws, so that you can install 
them (or remove them, if your security system malfunctions for any reason). 
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Figure 4-88. For those who are absolutely, 
positively, totally paranoid: a meltdown/ 
self-destruct system controlled by a secret 
key combination provides enhanced 
protection against data theft or intrusions 
by RIAA investigators asking annoying 
questions about file sharing. 
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Another enhancement could be an additional 555 timer that is activated by 
the asterisk button, and delivers power to the other chips for, say, a limited 
period of 30 seconds, allowing you that much time to unlock the system. This 
would eliminate the need to hold down the asterisk button while you enter 
the unlocking code. A 555 timer can supply power to all the other chips, be- 
cause they don't use very much. | omitted this feature for the sake of simplicity. 


Yet another enhancement, if you are security-crazed, is to go for a four-button 
code. After all, the 74HC08 chip still has one unused AND gate. You could in- 
sert that into the chain of the existing AND gates and wire it to another keypad 
button of your choice. 


Still another enhancement would be a way to change the code without unsol- 
dering and resoldering wires. You can use the miniature sockets that | suggest- 
ed in the heartbeat flasher project. These should enable you to swap around 
the ends of your wires from the keypad. 


And for those who are absolutely, positively, totally paranoid, you could fix 
things so that entering a wrong code flips a second high-amperage relay 
which supplies a massive power overload, melting your CPU and sending a 
big pulse through a magnetic coil clamped to your hard drive, instantly turn- 
ing the data to garbage (Figure 4-86). Really, if you want to protect informa- 
tion, messing up the hardware has major advantages compared with trying 
to erase data using software. It's faster, difficult to stop, and tends to be per- 
manent. So, when the Record Industry Association of America comes to your 
home and asks to switch on your computer so that they can search for illegal 
file sharing, just accidentally give them an incorrect unlocking code, sit back, 
and wait for the pungent smell of melting insulation. 


If you pursue this option, | definitely take no responsibility for the consequences. 


On a more realistic level, no system is totally secure. The value of a hardware 
locking device is that if someone does defeat it (for instance, by figuring out 
how to unscrew your tamper-proof screws, or simply ripping your keypad out 
of the computer case with metal shears), at least you'll know that something 
happened—especially if you put little dabs of paint over the screws to re- 
veal whether they've been messed with. By comparison, if you use password- 
protection software and someone defeats it, you may never know that your 
system has been compromised. 
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The next project is going to get us deeper into the concept of feedback, where 
the output is piped back to affect the input— in this case, blocking it. It’s a small 
project, but quite subtle, and the concepts will be useful to you in the future. 


You will need: 
e 74HC32 chip containing four OR gates. Quantity: 1. 
e 555 timers. Quantity: 2. 
e SPDT switch. Quantity: 1. 
e SPST tactile switches. Quantity: 2. 
e Various resistors. 


e 5V supply using power regulator as before. 


The Goal 


On quiz shows such as Jeopardy, contestants race to answer each question. 
The first person who hits his answer button automatically locks out the other 
contestants, so that their buttons become inactive. How can we make a circuit 
that will do the same thing? 


If you search online, you'll find several hobby sites where other people have 
suggested circuits to work this way, but they lack some features that | think are 
necessary. The approach I’m going to use here is both simpler and more elabo- 
rate. It's simpler because it has a very low chip count, but it’s more elaborate in 
that it incorporates “quizmaster control” to make a more realistic game. 


I'll suggest some initial ideas for a two-player version. After | develop that idea, 
I'll show how it could be expanded to four or even more players. 


A Conceptual Experiment 


| want to show how this kind of project grows from an idea to the finished 
version. By going through the steps of developing a circuit, l'm hoping | may 
inspire you to develop ideas of your own in the future, which is much more 
valuable than just replicating someone else's work. So join me in a conceptual 


experiment, thinking our way from a problem to a solution. Button Button 
Blocker Blocker 


First consider the basic concept: two people have two buttons, and whoever 
goes first locks out the other person. | always find it helps me to visualize this 
kind of thing if | draw a sketch, so that's where l'Il begin. In Figure 4-87, the 
signal from each button passes through a component that l'Il call a “button 
blocker,’ activated by the other person's button. I’m not exactly sure what the 
button blocker will be or how it will work, yet. 


Now that I’m looking at it, | see a problem here. If | want to expand this to three Figure 4-87. The basic concept of the quiz 
players, it will get complicated, because each player must activate the “button project is that the output from one button 


" : F : : should feed back to intercept the output 
blockers” of two opponents. Figure 4-88 shows this. And if | have four players, ra buon Aileen 


it's going to get even more complicated. which the “button blocker” circuit works 


‘ ae . f h t fi t. 
Anytime I see this kind of complexity, I think there has to be a better way. eon ee eee 
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Also, there's another problem. After a player lets his finger off the button, the 
other players' buttons will be unblocked again. | need a latch to hold the signal 
from the first player's button and continue to block the other players. 


—S —$ —Q 


Button Button Button 


Blocker Blocker Blocker 


Figure 4-88. The quiz concept becomes more complicated when an additional pushbutton 
is added. Now each button must block two other buttons. If a fourth button is added, the 
circuit will become unmanageably complex. There has to be a better way. 


This now sounds even more complicated. But wait a minute, if | have a latch 
which allows the winning player to take his finger off his button, | don't care if 
any of the buttons are being pressed anymore— including the button of the 
winning player. As soon as his signal is latched, all the buttons can be blocked. 
This makes things much simpler. | can summarize it as a sequence of events: 


1. First player presses his button. 
2. The signal is latched. 
3. The latched signal feeds back and blocks all the buttons. 


The new sketch in Figure 4-89 shows this. Now the configuration is modular, 
and can be expanded to almost any number of players, just by adding more 
modules. 


There's something important missing, though: a reset switch, to put the sys- 
tem back to its starting mode after the players have had time to press their 
buttons and see who won. Also, | need a way to prevent players from pressing 
their buttons too soon, before the quizmaster has finished asking the ques- 
tion. Maybe | can combine this function in just one switch, which will be under 
the quizmaster's control. In its Reset position, the switch can reset the system 
and remove power to the buttons. In its Play position, the switch stops hold- 
ing the system in reset mode, and provides power to the buttons. Figure 4-90 
shows this. I’ve gone back to showing just two players, to minimize the clutter 
of lines and boxes, but the concept is still easily expandable. 
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Figure 4-88. Ifa latch is added below each button, it can Figure 4-80. 
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Blocker 


A quizmaster switch will be needed to 


retain one input and then block all inputs from all buttons. activate the buttons initially and then reset the circuit 
This simplifies the concept. after a winning input has been recorded. 


Now I have to deal with a logic problem in the diagram. The way I’ve drawn 
it, after the output from the lefthand latch goes up to the “button blockers,’ it 
can also run down the wire to the other half of the circuit (against the direc- 
tion to the arrows), because everything is joined together. In other words, if 
the lefthand LED lights up, the righthand LED will light up, too. How can | stop 
this from happening? 


Well, | could put diodes in the “up” wires to block current from running down 
them. But | have a more elegant idea: I'll add an OR gate, because the inputs to 
an OR gate are separated from each other electrically. Figure 4-91 shows this. 


Usually an OR gate has only two logical inputs. Will this prevent me from adding 
more players? No, because you can actually buy an OR that has eight inputs. If 
any one of them is high, the output is high. For fewer than eight players, | can 
short the unused inputs to ground, and ignore them. 


Looking again at Figure 4-91, l'm getting a clearer idea of what the thing I’ve 
called a “button blocker” should actually be. | think it should be another logic 
gate. It should say, “If there's only one input, from a button, I'll let it through. 
But if there is a second input from the OR gate, | won't let it through.’ 


That sounds like a NAND gate, but before | start choosing chips, | have to de- 
cide what the latch will be. | can buy an off-the-shelf flip-flop, which flips “on” if 
it gets one signal and “off” if it gets another, but the trouble is, chips containing 
flip-flops tend to have more features than | need for a simple circuit like this. 
Therefore I’m going to use 555 timers again, in flip-flop mode. They require 
very few connections, work very simply, and can deliver a good amount of cur- 
rent. The only problem with them is that they require a negative input at the 
trigger pin to create a positive output. But | think | can work with that. 
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Figure 4-81. Jo prevent the output from one 
latch feeding back around the circuit to the 
output from another latch, the outputs can 
be combined in an OR gate. 
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> + 


R2 R3 


Figure 4-82. Now that the basic concept 

of the quiz circuit has been roughed out, 
specific components can be inserted, with 
compatible inputs and outputs. 


So now, finally, here's a simplified schematic, in Figure 4-92. | like to show the 
pins of the 555 timers in their correct positions, so | had to move the compo- 
nents around a little to minimize wire crossovers, but you can see that logi- 
cally, it’s the same basic idea. 


Before you try to build it, just run through the theory of it, because that’s the 
final step, to make sure there are no mistakes. The important thing to bear in 
mind is that because the 555 needs a negative input on its trigger pin to create 
its output, when any of the players presses a button, the button has to create a 
negative “flow” through the circuit. This is a bit counterintuitive, so l'm includ- 
ing a three-step visualization in Figure 4-93, showing how it will work. 


In Step 1, the quizmaster has asked a question and flipped his switch to the 
right, to supply (negative) power to the players’ buttons. So long as no one 
presses a button, the pull-up resistors supply positive voltage to OR2 and OR3. 
An OR gate has a positive output if it has any positive input, so OR2 and OR3 
keep the trigger inputs of the 555 timers positive. Their outputs remain low, 
and nothing is happening yet. 


In Step 2, the lefthand player has pressed his button. Now OR2 has two nega- 
tive inputs, so its output has gone low. But IC1 hasn't reacted yet. 


In Step 3, just a microsecond later, IC1 has sensed the low voltage on its trig- 
ger, so its output from pin 3 has gone high, lighting the LED. Remember, this 
555 timer is in flip-flop mode, so it locks itself into this state immediately. 
Meanwhile its high output also feeds back to OR1. Because OR1 is an OR gate, 
just one high input is enough to make a high output, so it feeds this back to 
OR2 and OR3. And now that they have high inputs, their outputs also go high, 
and will stay high, regardless of any future button-presses. 
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Figure 4-83. These three schematics show the prevalence of higher and lower voltages 
(red and blue lines) through the quiz circuit when a pushbutton is pressed. 


Because OR2 and OR3 now have high inputs and outputs, IC1 and IC2 cannot be 
triggered. But IC1 is still locked into its “on” state, keeping the LED illuminated. 
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The only way to change IC1 is if the quizmaster flips his switch back to the left. 
That applies negative power to the reset pins of both the timers. Consequently 
their outputs go low, the LED goes out, and the circuit goes back into the same 
State as where it started. Having reset it, the quizmaster can ask another ques- 
tion, but the players’ buttons are not activated until the quizmaster flips the 
switch back to the right again. 


There's only one situation that | haven't addressed: what if both players press 
their buttons absolutely simultaneously? In the world of digital electronics, 
this is highly unlikely. Even a difference of a microsecond should be enough 
time for the circuit to react and block the second button. But if somehow both 
buttons are pressed at the same instant, both of the timers should react, and 
both of the LEDs will light up, showing that there has been a tie. 


In case you feel a little uncertain about the way in which a two-player circuit 
can be upgraded to handle extra players, I've included a simplified three-player 
schematic in Figure 4-94. 


Breadboarding It 


Now it's time to create a schematic that's as close to the breadboard layout 
as possible, so that you can build this thing easily. The schematic is shown in 
Figure 4-95 and the actual components on a breadboard are in Figure 4-96. 
Because the only logic gates that I've used are OR gates, and there are only three da pepito 
of them, | just need one logic chip: the 74HC32, which contains four 2-input OR beca Persa toa three-player 
gates. (I've grounded the inputs to the fourth). The two OR gates on the left version, as shown here, provided the first 
side of the chip have the same functions as OR2 and OR3 in my simplified OR gate can handle three inputs. 
schematic, and the OR gate at the bottom-right side of the chip works as OR1, 

receiving input from pin 3 of each 555 timer. If you have all the components, 

you should be able to put this together and test it quite quickly. 


You may notice that I’ve made one modification of the previous schematic. A 
0.01 uF capacitor has been added between pin 2 of each 555 timer (the Input) 
and negative ground. Why? Because when | tested the circuit without the ca- 
pacitors, sometimes | found that one or both of the 555 timers would be trig- 
gered simply by flipping S1, the quizmaster switch, without anyone pressing 
a button. 


At first this puzzled me. How were the timers getting triggered, without any- 
one doing anything? Maybe they were responding to “bounce” in the quiz- 
master switch. Sure enough, the small capacitors solved the problem. They 
may also slow the response of the 555 timers fractionally, but not enough to 
interfere with slow human reflexes. 


As for the buttons, it doesn’t matter if they “bounce,” because each timer locks 
itself on at the very first impulse and ignores any hesitations that follow. 


You can experiment building the circuit, disconnecting the 0.01 UF capacitors, 
and flipping S1 to and fro a dozen times. If you have a high-quality switch, you 
may not experience any problem. If you have a lower-quality switch, you may 
see a number of “false positives.’ l'm going to explain more about “bounce,” 
and how to get rid of it, in the next experiment. 
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Figure 4-85. Applying the simplified schematic to a breadboard inevitably entails Figure 4-88. The quiz schematic applied to a 
a wiring layout that is less intuitively obvious and appears more complex. The breadboard, to test the concept prior to full-scale 


connections are the same, though. 


Figure 4-87. Although a four-input OR gate 
is not manufactured, its functionality can 
be achieved easily by linking three 2-input 
OR gates together. 
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implementation. 


Enhancements 


After you breadboard the circuit, if you proceed to build a permanent version, 
| suggest that you expand it so that at least four players can participate. This 
will require an OR gate capable of receiving four inputs. The 74HC4078 is the 
obvious choice, as it allows up to eight. Just connect any unused inputs to 
negative ground. 


Alternatively, if you already have a couple of 74HC32 chips and you don't want 
to bother ordering a 74HC4078, you can gang together three of the gates in- 
side a single 74HC32 so that they function like a four-input OR. Look at the 
simple logic diagram in Figure 4-97 showing three ORs, and remember that 
the output from each OR will go high if at least one input is high. 


And while you're thinking about this, see if you can figure out the inputs and 
output of three ANDs in the same configuration. 


For a four-player game, you'll also need two additional 555 timers, of course, 
and two more LEDs, and two more pushbuttons. 


As for creating a schematic for the four-player game—lI'm going to leave that 
to you. Begin by sketching a simplified version, just showing the logic symbols. 
Then convert that to a breadboard layout. And here's a suggestion: pencil, pa- 
per, and an eraser can still be quicker, initially, than circuit-design software or 
graphic-design software, in my opinion. 
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| mentioned in the previous experiment that “bounce” from the buttons in the 
circuit wouldn't be a problem, because the buttons were activating 555 tim- 
ers that were wired in bistable, flip-flop mode. As soon as the timer receives 
the very first pulse, it flips into its new state and flops there, ignoring any ad- 
ditional noise in the circuit. So can we debounce a switch or a button using a 
flip-flop? And as some 74HCxx chips are available containing flip-flops, can we 
use them? 


The answers are yes, and yes, although it's not quite as simple as it sounds. 
You will need: 


e 74HC02 logic chip containing 4 NOR gates. 74HC00 logic chip containing 
4 NAND gates. Quantity: 1 of each. 


e SPDT switch. Quantity: 1. 
e LEDs, low-current. Quantity: 2. 
e 10K resistors and 1K resistors. Quantity: 2 of each. 


Assemble the components on your breadboard, following the schematic 
shown in Figure 4-98. When you apply power (through your regulated 5-volt 
supply), one of the LEDs should be lit. 


5V DC Regulated 


Figure 4-88. A simple circuit to test the behavior of two NOR gates wired as a simple flip- 
flop that retains its state after an input pulse ceases. 


Now | want you to do something odd. Please disconnect the SPDT switch by 
taking hold of the wire that connects the positive power supply to the pole of 
the switch, and pulling the end of the wire out of the breadboard. When you 
do this, you may be surprised to find that the LED remains lit. 


Push the wire back into the breadboard, flip the switch, and the first LED 
should go out, while the other LED should become lit. Once again, pull out the 
wire, and once again, the LED should remain lit. 


Here's the take-home message: 
e A flip-flop requires only an initial pulse. 


e After that, it ignores its input. 
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How It Works 


Two NOR gates or two NAND gates can function as a flip-flop: 
e Use NOR gates when you have a positive input from a double-throw switch. 


e Use NAND gates when you have a negative input from a double-throw 
switch. 


Either way, you have to use a double-throw switch. 


I’ve mentioned the double-throw switch three times (actually, four times if you 
count this sentence!) because for some strange reason, most introductory books 
fail to emphasize this point. When | first started learning electronics, | went crazy 
trying to understand how two NORs or two NANDs could debounce a simple 
SPST pushbutton—until finally | realized that they can’t. The reason is that 
when you power up the circuit, the NOR gates (or NAND gates) need to be 
told in which state they should begin. They need an initial orientation, which 
comes from the switch being in one state or the other. So it has to be a double- 
throw switch. (Now I've mentioned it five times.) 


l'm using another simplified multiple-step schematic, Figure 4-99, to show the 
changes that occur as the switch flips to and fro with two NOR gates. To refresh 
your memory, I’ve also included a truth table showing the logical outputs from 
NOR gates for each combination of inputs. 


Figure 4-88. Using two NOR gates in conjunction with a positive input through a SPDT 
switch, this sequence of four diagrams shows how a flip-flop circuit responds. 


Suppose that the switch is turned to the left. It sends positive current to the 
lefthand side of the circuit, overwhelming the negative supply from the pull- 
down resistor, so we can be sure that the NOR gate on the left has one posi- 
tive logical input. Because any positive logical input will make the NOR give 
a negative output (as shown in the truth table), the negative output crosses 
over to the righthand NOR, so that it now has two negative inputs, which make 
it give a positive output. This crosses back to the lefthand NOR gate. So, in this 
configuration everything is stable. 


Now comes the clever part. Suppose that you move the switch so that it 
doesn't touch either of its contacts. (Or suppose that the switch contacts are 
bouncing, and failing to make a good contact. Or suppose you disconnect the 
switch entirely.) Without a positive supply from the switch, the lefthand input 
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of the left NOR gate goes from positive to negative, as a result of the pull- 
down resistor. But the righthand input of this gate is still positive, and one 
positive is all it takes to make the NOR maintain its negative output, so nothing 
changes. In other words, the circuit has “flopped” in this state. 


Now if the switch turns fully to the right and supplies positive power to the 
righthand pin of the right NOR gate, quick as a flash, that NOR recognizes that 
it now has a positive logical input, so it changes its logical output to negative. 
That goes across to the other NOR gate, which now has two negative inputs, 
so its output goes positive, and runs back to the right NOR. 


In this way, the output states of the two NOR gates change places. They flip, 
and then flop there, even if the switch breaks contact or is disconnected again. 
The second set of drawings in Figure 4-100 shows exactly the same logic, using 
a negatively powered switch and two NAND gates. You can use your 74HC00 
chip, specified in the parts list for this experiment, to test this yourself. 


00 


Figure 4-100. The schematic from Figure 4-99 can be rewired with NAND gates and a 
negative switched input. 


Both of these configurations are examples of a jam-type flip-flop, so called be- 
cause the switch forces it to respond immediately, and jams it into that state. 
You can use this circuit anytime you need to debounce a switch (as long as it's 
a double-throw switch). 


A more sophisticated version is a clocked flip-flop, which requires you to set 
the state of each input first and then supply a clock pulse to make the flip-flop 
respond. The pulse has to be clean and precise, which means that if you supply 
it from a switch, the switch must be debounced—probably by using another 
jam-type flip-flop! Considerations of this type have made me reluctant to use 
clocked flip-flops in this book. They add a layer of complexity, which | prefer to 
avoid in an introductory text. 


What if you want to debounce a single-throw button or switch? Well, you have 
a problem! One solution is to buy a special-purpose chip such as the 4490 
“bounce eliminator” which contains digital delay circuitry. A specific part 
number is the MC14490PG from On Semiconductor. This contains six circuits 
for six separate inputs, each with an internal pull-up resistor. It’s relatively ex- 
pensive, however—more than 10 times the price of a 74HC02 containing NOR 
gates. Really, it may be simpler to use double-throw switches that are easily 
debounced as described previously. 
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Experiment 23: Nice Dice 


This is the one experiment where | want you to use the 74LSxx generation of 
the TTL logic family, instead of the 74HCxx family of CMOS. Two reasons: first, 
| need to use the 7492 counter, which is unavailable in the HC family. And sec- 
ond, you should know the basic facts about the LS series of TTL chips, as they 
still crop up in circuits that you'll find in electronics books and online. 


In addition, you'll learn about “open collector” TTL chips such as the 74LS06 
inverter, which can be a convenient substitute for transistors when you want 
to deliver as much as 40mA of current. 


The idea of this circuit is simple enough: run a 555 timer sending very fast 
pulses to a counter that counts in sixes, driving LEDs that are placed to imitate 
the spots on a die. (Note that the word “die” is the singular of “dice.”) The coun- 
ter runs so fast, the die-spots become a blur. When the user presses a button, 
the counter stops arbitrarily, displaying an unpredictable spot pattern. 


Dice simulations have been around for many, many years, and you can even 
buy kits online. But this one will do something more: it will also demonstrate 
the principles of binary code. 


So, if you're ready for the triple threat of TTL chips, open collectors, and binary, 
let's begin. 


You will need: 


e 74LS92 counter such as SN74LS92N by Texas Instruments. Quantity: 1 if 
you want to create one die, 2 to make two dice. 


e 74LS27 three-input NOR gate such as SN74LS27N by Texas Instruments. 
Quantity: 1. 


e 555 timers. Quantity: 1 if you want to make one die, 2 to make two dice. 


e Signal diodes, 1N4148 or similar. Quantity: 4, or 8 to make two dice. 


Seeing Binary 


The counter that we dealt with before was unusual, in that its outputs were de- 
signed to drive seven-segment numerals. A more common type has outputs 
that count in binary code. 


The 74LS92 pinouts are shown in Figure 4-101. Plug the chip into your bread- 
board and make connections as shown in Figure 4-102. Initially, the 555 timer 
will drive the counter in slow-motion, at around 1 step per second. Figure 
4-103 shows the actual components on a breadboard. 


Note that the counter has unusual power inputs, on pins 5 and 10 instead of 
at the corners. Also four of its pins are completely unused, and do not connect 
with anything inside the chip. Therefore, you don’t need to attach any wire to 
them on the outside. 
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Clock 
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Binary 
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Figure 4-101. The unusual pin assignments include four that have no connection of any 


kind inside the chip, and can be left unattached. 
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Figure 4-102. This simple circuit uses a 555 timer running 
Slowly to control the 74LS92 binary counter and display the 
succession of high states from its outputs. 
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Figure 4-103. The breadboard version of the schematic 


in Figure 4-102 to display the outputs from a /ALS92 
counter. 
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Now we come to the first new and difficult fact about the 74LSxx generation 
of TTL chips that makes them less desirable, for our purposes, than the 74HCxx 
generation of CMOS chips that | have recommended in previous projects. The 
modern and civilized HC chips will source 4mA or sink 4mA at each logical 
output, but the older LS generation is fussier. It will sink around 8mA into each 
output pin from a positive source, but when its output is high, it hardly gives 
you anything at all. This is a very basic principle: 


e Outputs from TTL logic chips are designed to sink current. 
e They are not designed to source significant current. 


In fact, the 74LS92 is rated to deliver less than half a milliamp. This is quite 
acceptable when you're just connecting it with another logic chip, but if you 
want to drive an external device, it doesn't provide much to work with. 


The proper solution is to say to the chip, “All right, we'll do it your way,’ and set 
things up with a positive source that flows through a load resistor to the LED 
that you want to use, and from there into the output from the chip. This is the 
“better” option shown in Figure 4-104. 
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Figure 4-104. Most TTL chips, including those in the LS generation, are unable to source 
much current from their logical output pins (left) and should usually be wired to sink cur- 
rent from a positive source (right). 


The only problem is that now the LED lights up when the counter's output is 
low. But the counter is designed to display its output in high pulses. So your 
LED is now off when it should be on, and on when it should be off. 


You can fix this by passing the signal through an inverter, but already I’m get- 
ting impatient with this inconvenience. My way around the problem, at least 
for demo purposes, is to use the “Not so good” option in Figure 4-104 and 
make it work by connecting a very-low-current LED with a large 4K7 load resis- 
tor. This will enable us to “see” the output from the counter without asking it to 
give more than its rated limit, and if you want to create a more visibly powerful 
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display for a finished version of the dice circuit, I'll deal with that later. Accord- O 000 000 
ing to my meter, the 4K7 resistor holds the current between 0.3mA and 0.4mA, 
which is the counter's rated maximum. 


Set up your initial version of the circuit as shown in Figures 4-102 and 4-103. Be 1. 009 001 
careful when you wire the positive and negative power supply to the counter 
chip, with its nonstandard pin assignments. 204.00 010 
The 555 will run in astable mode, at about 1 pulse per second. This becomes 
the clock signal for the counter. The first three binary outputs from the counter 
then drive the three LEDs. 3 © © ọ 011 
The counter advances when the input signal goes from high to low. So when 
the LED beside the 555 timer goes out, that's when the counter advances. 4 © ọọ 100 


If you stare at the pattern generated by the outputs for long enough, you may 
be able to see the logic to it, bearing in mind that its zero state is when they are 5000 101 
all off, and it counts up through five more steps before it repeats. The diagram 
in Figure 4-105 shows this sequence. If you want to know why the pattern 
works this way, check the following section, “Theory: Binary arithmetic.” 


Figure 4-105. The three output pins of the 
74LS92 counter have high states shown by 
the red circles as the counter steps from 
000 to 101 in binary notation. 


THEORY 000090 

i 10090909 
Binary arithmetic >. 0.00 
The rule for binary counting is just a variation of the rule that we normally use 
for everyday counting, probably without thinking much about it. In a 10-based 30090 O 
system, we count from O to 9, then carry 1 over to the next position on the left, 
and go from 0 to 9 again in the right-most position. We repeat this procedure 4009090 
until we get to 99, then carry a 1 over to a new position to make 100, and con- 
tinue counting. 50000 
In binary we do the same thing, except that we restrict ourselves to digits O and 6000060 
1 only. So begin with 0 in the rightmost position, and count up to 1. As 1 is our 70.000 
limit, to continue counting we carry 1 over to the next place on the left, and 
start again from 0 in the right-most position. Count up to 1, then add 1 to the S O Ọ Ọ 9 
next place on the left—but, it already has a 1 in it, so it can't count any higher. 
So, carry 1 from there one space further, to the next place beside that—and so on. 9009090 
If a glowing LED represents a 1, and a dark LED represents a 0, the diagram in 10 00900 
Figure 4-105 shows how the 741592 counts up from 0 to (decimal) 6 or (binary) 
101 in its inimitable fashion. I’ve also included a diagram in Figure 4-106 show- 11 © © © © 
ing how a counter with four binary outputs would display decimal numbers 
from 0 through 15, again using the LEDs to represent 1s and Os. 120000 
Here's a question for you: how many LEDs would you need to represent the 1300090 
decimal number 1024 in binary? And how many for 1023? 14 000 0 
Obviously binary code is ideally suited to a machine full of logic components 15 00090 
that either have a high or a low state. So it is that all digital computers use 
binary arithmetic (which they convert to decimal, just to please us). Figure 4-108. A hexadecimal (16-based) 


binary counter would generate this suc- 
cession of high states from its four output 
pins as it counts from O through 15 in 
decimal notation. 
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Figure 4-107. A simpli- 
fied schematic shows 
how outputs from the 
74LS92 counter can 
be combined, with 
signal diodes and a 
single three-input 
NOR gate, to generate 
the spot patterns on 

a die. The wire colors 


have no special mean- 


ing and are used just 
to distinguish them 
from each other. 
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Getting back to our project: | want to take the three binary outputs and make 
them create patterns like the spots on a die. How can | do this? Quite easily, as 
it turns out. 


lm assuming that l'Il use seven LEDs to simulate the patterns of spots on a 
die. These patterns can be broken down into groups, which | have assigned to 
the three outputs from the counter in Figure 4-108. The first output (farthest 
to the right) can drive an LED representing the dot at the center of the die 
face. The second (middle) output can drive two more diagonal LEDs. The third 
output must switch on all four corner LEDs. 


This will work for patterns 1 through 5, but won't display the die pattern for a 
6. Suppose | tap into all three outputs from the counter with a three-input NOR 
gate. It has an output that goes high only when all three of its inputs are low, 
so it will only give a high output when the counter is beginning with all-low 
outputs. | can take advantage of this to make a 6 pattern. 


Note that it’s bad practice to mix the LS generation of TTL chips with the HC 
generation of CMOS chips, as their input and output ranges are different; so, 
the NOR chip has to be a 74LS27, not a 74HC27. 


We're ready now for a simple schematic. In Figure 4-107 I've colored some of 
the wires just to make it easier for you to distinguish them. The colors have no 
other significance. 
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Figure 4-168. Binary outputs from the 74LS92 
counter can be used to power LEDs arrayed 
in groups to simulate the pattern of spots on 
a die. 
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Each of the LEDs is grounded through a separate 4K7 load resistor. Unfortu- 
nately, this means that when they are displaying the pattern for a 6, all of them 
are running in parallel from the output of the NOR gate, which overloads it. 
As long as you don't leave the display in this mode for very long periods, it 
shouldn't cause a problem. You could compensate by increasing the load re- 
sistors, or by running pairs of the LEDs through one resistor, but this will make 
them so dim that they'll be difficult to see, as they're so close to their lower 
limit for current already. 


Notice how | have added four signal diodes, D1 through D4. When Output C 
goes high, it has to illuminate all four corner LEDs, and so its power goes into 
the brown wire as well as the gray wire. But we must never allow one output 
to feed back into another, so D4 is needed to protect Output B when Output 
C is high. 


Because there is now a connection between B and C, we need D2 to protect 
Output C when Output B is high. And because Output B must only feed two 
of the corner LEDs, we also need D3 to stop it from illuminating the other two. 
And, we have to protect the output from the NOR gate when either Output C 
or Output B is high. This requires D1. 


Figure 4-109 shows everything that l've described so far assembled in bread- 
board format, while Figure 4-110 shows the test version that | built. Note that 
the unused logical inputs on the 74LS27 chip are shorted together and con- 
nected to the positive side of the power supply. Here's the rule: 


e When using CMOS chips (such as the HC series), connect unused logical 
inputs to the negative side of the power supply. 


e When using TTL chips (such as the LS series), connect unused logical in- 
puts to the positive side of the power supply. 


| assume that you have had enough fun watching the LEDs count slowly, so 
I’ve changed the capacitor and resistor values for the 555 to increase its speed 
from approximately 1 pulse per second to about 50,000 pulses per second. 
The counter could run much faster than this, but | just want it to cycle fast 
enough so that when the user presses and releases a button, the count will 
stop at an unforeseeable number. 


The button starts and stops the 555 timer by applying and releasing power 
to the timing circuit only. This is the equivalent of shaking and then throwing 
the die. 


While the counter is running fast, the LEDs are flashing so fast that all of them 
will seem to be on at once. At the same time, the circuit charges a new 68 UF 
capacitor, which | have added between the pushbutton and ground. When 
you release the button, this capacitor discharges itself through the 1K timing 
resistor. As the charge dissipates, the timing capacitor will take longer and 
longer to charge, and discharge, and the frequency of the 555 will gradually 
diminish. Consequently the LED display will also flash slower, like the reel on a 
Las Vegas slot machine gradually coming to a stop. This increases the tension 
as players can see the die display counting to the number that they’re hoping 
for—and maybe going one step beyond it. 


Chips, Ahoy! 
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Figure 4-116. The electronic dice schematic 
applied to a breadboard, with a pushbut- 
ton at the top to start and stop the coun- 
ter, and 7 LEDs at the bottom to display 


the output. 
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Note that to maximize this effect, the button has to be held down for a full 
second or more, so that the 68 uF capacitor becomes fully charged before the 
button is released. 


So, this circuit now fulfills the original goal. But can it be better? Of course 
it can. 


Enhancements 


The main thing | want to improve is the brightness of the LEDs. | could add a 
transistor to amplify the current to each one, but there's a simpler alternative: 
a TTL“open collector” inverter. 


| want to use an inverter because in the world of TTL, as | mentioned earlier, we 
can sink much more power into the output pin of a chip than we can source 
from it. So, l'm going to turn each LED the other way around and connect their 
load resistors to the positive side of the power supply. This way, they'll sink 
their power into the outputs of the inverter. 


And the great advantage of an “open collector” version of the inverter chip is 
that it is designed to sink much more current than a normal TTL logic chip. It is 
rated for 40mA per pin. The only disadvantage is that it cannot source any cur- 
rent at all; instead of its output going high, it just behaves like an open switch. 
But that’s OK for this circuit. 


So the next and final schematic, in Figure 4-111, includes the 74LS06 invert- 
er, which has also been added to the breadboarded version shown in Figure 
4-112. | suggest that you put aside the little low-current LEDs and substitute 
some normal-size ones. Using Kingbright “standard” WP15031D 5mm LEDs, | 
find that each draws almost exactly 20mA with a voltage drop of about 2V 
with a 120 ohm series resistor. Because each output pin from the 74LS06 in- 
verter powers no more than two LEDs at a time, this is exactly within its speci- 
fication. | suggest that if you build this circuit, you check the consumption of 
your particular choice of LEDs and adjust the resistors if necessary. 


Remember: to measure the voltage drop across an LED, simply touch the 
probes of your meter across it while it is illuminated. To measure the current, 
disconnect one side of the LED and insert the meter, in milliamp mode, be- 
tween the leg of the LED and the contact that it normally makes in the circuit. 


For a really dramatic display, you can get some 1 cm diameter LEDs (Figure 
4-113). Check the specification, and you should find that many of these don't 
use more power than the usual 5 mm type. But whatever kind you use, don't 
forget to turn them around so that their negative sides face toward the in- 
verter, and their positive sides face the resistors, which are connected to the 
positive side of the power supply. 


One last detail: | had to add two 10K resistors to this version of the circuit. Can 
you see why? Diodes D1 through D4 are designed to transmit positive voltage 
through to the inverter when appropriate, but they prevent the inputs of the 
inverter from “seeing” the negative side of the power supply when the counter 
outputs are low. These inverter inputs require pull-down resistors to prevent 
them from “floating” and producing erroneous results. 
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inverter to drive full-size LEDs. 


Chips, Ahoy! 


12. The completed circuit using an open-collector 
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The final enhancements are up to you. Most obviously, you can add a second 
die, as many games require two dice. The 74LS27 chip still has a couple of 
spare NOR gates in it, one of which you can make use of, but you will need 
an additional 555 timer, running at a significantly different speed to ensure 
randomness, and it will have to drive a second counter. 


After you get your dice up and running, you may want to test them for ran- 
domness. Because the pulses from a 555 timer are of equal length, every num- 
ber has an equal chance of coming up; but the longer you hold down the Start 
button, the better your odds are of interrupting the counting process at a truly 
random moment. Anyone using your electronic dice should be told that “shak- 
ing” them for a full second is mandatory. 


Of course, | could have simulated dice more easily by writing a few lines of 
software to generate random numbers on a screen, but even a fancy screen 
image cannot have the same appeal as a well-made piece of hardware. Figure 
4-113 shows white 1 cm LEDs mounted in a sanded polycarbonate enclosure 
for dramatic effect. 


Most of all, | derived satisfaction from using simple, dedicated chips that dem- 
onstrate the binary arithmetic that is fundamental in every computer. 


Figure 4-113. The open-collector inverter chip in the dice circuit is sufficiently powerful to 
drive 1-cm white LEDs that draw about 20mA each, using a potential of 2V. In this finished 
version, the LEDs were embedded in cavities drilled from the underside of half-inch poly- 
carbonate, which has been treated with an orbital sander to create a translucent finish. 
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Experiment 24: Intrusion Alarm Completed 


Now let me suggest how you can apply the knowledge from this chapter of 
the book to upgrade the burglar alarm project that was last modified in Ex- 
periment 15. You'll probably need to check Chapters 2 and 3 to refamiliarize 
yourself with some features of the alarm. 


Upgrade 1: Delayed Activation 


The biggest flaw in the alarm was that as soon as it was activated, it would im- 
mediately respond to any signal from the door and window sensors. It needed 
a feature to delay activation to give you a chance to exit from the building 
before the alarm armed itself. A 555 timer can provide this functionality, prob- 
ably in conjunction with a relay. The power to the alarm should pass through 
the contacts of the relay, which are normally closed. When you press a button 
on the timer, it sends a positive pulse to the relay lasting for around 30 sec- 
onds, holding the relay open for that period. You could mount the timer in its 
own little box with a button on it, which you press when you're ready to leave 
the building. The 12-volt power supply to the burglar alarm passes through 
the box containing the delay circuit. For 30 seconds, the 555 interrupts power 
to the alarm, and then restores it, ready for action. 


Upgrade 2: Keypad Deactivation 


This is now really simple. You can substitute a latching relay instead of the 
switch, S1, on the alarm box (shown in Figure 3-110), and use a keypad to set 
and reset the relay in exactly the same way as in the combination lock in Ex- 
periment 20. You'll have to run an additional three wires from the relay, out 
of the alarm box, to the keypad (one supplying power to the “on” relay coil, 
another supplying power to the “off” coil, the third being a common ground). 
You can either use a 9-volt battery to power the electronics in association with 
the keypad, or run an additional fourth wire from the alarm box, to carry posi- 
tive power to the logic chips, bearing in mind that you have to insert a voltage 
regulator at some point, to drop the 12 volts that the alarm uses to the 5 volts 
that the logic gates require. As the gates consume so little power, the 12-to- 
5 drop should be OK for the voltage regulator; it won't have to dissipate too 
much heat. 


With this additional feature, you can use the alarm like this: 


n 


e Press the pound key on the keypad to flip the latching relay into its “on 
mode, so that it passes power to the alarm box, which is now armed. 


e If you want to leave the house, push the button on the delay unit to give 
you 30 seconds in which to do so. 


e Ifthe alarm is triggered, enter your secret code on the keypad to deacti- 
vate it by flipping the latching relay to its “off” position and cutting power 
to the alarm box. 


Chips, Ahoy! 


Experiment 24: Intrusion Alarm Completed 


223 


Experiment 24: Intrusion Alarm Completed 


These modifications are so simple that | think the block diagram in Figure 
4-114 should be all you need. | don't think | need to give you any schematics. 
The only change you have to make to the existing alarm is to substitute the 
latching relay for the on/off switch. 


But, there is still one obvious necessary enhancement needed: how can you 
get back into the house without instantly triggering the alarm? 


Alarm Box 


Door and Window 
Magnetic Switches 


O 


Keypad and 
5V Logic Circuit 


12V DC 
Power 


Supply 


Figure 4-114. This block diagram shows the relative placement of the old and new compo- 
nents. The pushbutton power interrupt (which allows you to leave the house before the 
alarm switches itself back on) goes between the power supply and everything else. 

The latching relay substitutes for the DPDT switch on the previous version of the alarm. 
The transistor and self-locking relay, connected with the door and window magnetic 
switches, remain unchanged. The new delay circuit is inserted between the self-locking 
relay and the noisemaker. The test button is wired with the latching relay in the same way 
that it was wired previously with the DPDT switch. 
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Upgrade 3: Delay Before Deactivation 


Typically, alarms include another delay feature. When you open a door on your 
way into the building and it triggers the alarm, you have 30 seconds to deacti- 
vate it, before it starts making a noise. 


How can we implement this delay feature? If | try to use another 555 timer 
to generate a pulse to inhibit the noise, that won't work, because the output 
from either the transistor or the relay can continue indefinitely. The relay locks 
itself on, and the transistor can continue passing voltage for as long as some- 
one leaves a door open. If either of these signals activates a timer in mono- 
stable mode, the pulse from the timer will never end, and it will suppress the 
alarm indefinitely. 


| think what | have to do is use a resistor and a capacitor to create a delay. 
I'll power them through the existing relay, so that | can be sure that they'll 
receive the full voltage of the power supply, after beginning from zero. Gradu- 
ally the capacitor will acquire voltage—but | can't connect this directly to the 
noisemaker, because the noisemaker will gradually get louder as the voltage 
increases. 


| have to insert a device that will be triggered to give full voltage when the 
input rises past a certain point. To do this, I'll use a 555 timer that's wired in 
bistable mode. This kind of modification is generally known as a “kludge,” be- 
cause it's not elegant, uses too many components, and does not use them 
appropriately. What | really need is a comparator, but | don't have space to get 
into that topic. So, using the knowledge that you have so far, the schematic in 
Figure 4-115 shows how a delay can be added to the alarm—not elegantly, 
but reliably. 


The only problem is that if you power up a 555 timer in bistable mode, there's 
a 50-50 chance that the timer starts itself with its output high or low. So | need 
to pull the voltage low on the reset pin (to start the timer with its output inhib- 
ited) and gradually let it become positive (to permit the output). At the same 
time, | want to start with the voltage high on the trigger pin and gradually 
lower it, until it falls below 1/3 of the power supply and triggers the output. 


So there are two timing circuits. The one for the reset pin works faster than the 
one on the trigger pin, so that at the point when the timer is triggered, the 
reset won't stop it. 


The schematic shows component values that will do this. The 10 uF capacitor 
starts low but is charged through the 10K resistor in a couple of seconds. The 
timer is now ready to be triggered. But the 68 uF capacitor starts high (being 
connected with the positive side of the power supply) and takes a full minute 
to be pulled down to 1/3 of supply voltage through the 1M resistor. At that 
point, its voltage is low enough to trigger the 555. The timer output goes high 
and supplies the noisemaker. 


You should be able to insert this little delay module in your alarm box, be- 
tween the output from the relay and the input to the noisemaker without too 
much trouble. And if you want to adjust the delay, just use a higher or lower 
value resistor than 1M. 


Chips, Ahoy! 
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Figure 4-115. This addition to the original alarm circuit imposes a one-minute delay before 
the alarm sounds. The 555 timer (wired in bistable mode) receives power through relay 
R1. The lower timing circuit initially applies negative voltage to the reset, ensuring that 

the 555 powers up with its output suppressed. This voltage quickly rises. Meanwhile the 
upper timing circuit applies a voltage to the trigger that gradually diminishes as the 68 

uF capacitor equalizes its charge through the 1M resistor. When the voltage diminishes to 
1/3 of the supply, the timer's output goes high and starts the noisemaker. If the power to 
the circuit is interrupted at any time before this, the relay relaxes, the capacitors gradually 
discharge, and the alarm does not sound. 


The Wrap-Up 


If you add these three enhancements, your alarm will have all the features on 
my original wish list. Of course, if | were designing it from scratch, with all the 
information that has been added in this chapter of the book, it could be more 
elegant. But the modifications have not entailed making destructive changes 
to our original project, and all the design goals have been met. 
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At this point, we can branch out in numerous directions. Here are some 
possibilities: 


Audio electronics 
This is a field in itself, including hobby projects, such as simple amplifiers 
and “stomp boxes,’ to modify guitar sound. 


Radio-frequency devices 
Anything that receives or transmits radio waves, from an ultra-simple AM 
radio to remote controllers. 


Motors 
The field of robotics has encouraged the growth of many online sites sell- 
ing stepper motors, gear motors, synchronous motors, servo motors, and 
more. 


Programmable microcontrollers 

These are tiny computers on a single chip. You write a little program on 
your desktop computer, which will tell the chip to follow a series of pro- 
cedures, such as receiving input from a sensor, waiting for a fixed period, 
and sending output to a motor. Then you download your program onto 
the chip, which stores it in nonvolatile memory. Popular controllers in- 
clude the PICAXE, BASIC Stamp, Arduino, and many more. The cheapest 
ones retail for a mere $5 each. 


Obviously, | don't have space to develop all of these topics fully, so what I’m 
going to do is introduce you to them by describing just one or two projects in 
each category. You can decide which interests you the most, and then proceed 
beyond this book by reading other guides that specialize in that interest. 


lm also going to make some suggestions about setting up a productive work 
area, reading relevant books, catalogs, and other printed sources, and gener- 
ally proceeding further into hobby electronics. 


IN THIS CHAPTER 


Shopping List: Experiments 25 Through 36 
Customizing Your Work Area 

Reference Sources 

Experiment 25: Magnetism 

Experiment 26: Tabletop Power Generation 
Experiment 27: Loudspeaker Destruction 
Experiment 28: Making a Coil React 
Experiment 29: Filtering Frequencies 
Experiment 30: Fuzz 


Experiment 31: One Radio, No Solder, 
No Power 


Experiment 32: A Little Robot Cart 
Experiment 33: Moving in Steps 
Experiment 34: Hardware Meets Software 
Experiment 35: Checking the Real World 
Experiment 36: The Lock, Revisited 


In Closing 
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Shopping List: Experiments 25 Through 36 
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Shopping List: Experiments 25 Through 36 


Tools 


You won't need any new tools for this section of the book. 


Supplies and Components 


As we have progressed to the point where you may want to pick and choose 
which projects you attempt, | will list the supplies and components at the be- 
ginning of each experiment. 


Customizing Your Work Area 


At this point, if you're getting hooked on the fun of creating hardware but 
haven't allocated a permanent corner to your new hobby, | have some sug- 
gestions. Having tried many different options over the years, my main piece of 
advice is this: don't build a workbench! 


Many hobby electronics books want you to go shopping for 2x4s and ply- 
wood, as if a workbench has to be custom-fabricated to satisfy strict criteria 
about size and shape. | find this puzzling. To me, the exact size and shape of a 
bench is not very important. | think the most important issue is storage. 


| want tools and parts to be easily accessible, whether they're tiny transistors 
or big spools of wire. | certainly don't want to go digging around on shelves 
that require me to get up and walk across the room. 


Figure 5-1. The ideal work area: surrounded by storage. Never again will you need to get 
out of your chair! 
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This leads me to two conclusions: 
1. You need storage above the workbench. 
2. You need storage below the workbench. 


Many DIY workbench projects allow little or no storage underneath. Or, they 
suggest open shelves, which will be vulnerable to dust. My minimum configu- 
ration would be a pair of two-drawer file cabinets with a slab of 3/4-inch ply- 
wood or a Formica-clad kitchen countertop placed across them. File cabinets 
are ideal for storing all kinds of objects, not just files. 


Of all the workbenches I’ve used, the one | liked best was an old-fashioned 
steel office desk—the kind of monster that dates back to the 1950s. They're 
difficult to move (because of their weight) and don't look beautiful, but you 
can buy them cheaply from used office furniture dealers, they're generous in 
size, they withstand abuse, and they last forever. The drawers are deep and 
usually slide in and out smoothly, like good file-cabinet drawers. Best of all, 
the desk has so much steel in it that you can use it to ground yourself before 
touching components that are sensitive to static electricity. If you use an anti- 
static wrist strap, you can simply attach itto a sheet-metal screw that you drive 
into one corner of the desk. 


What will you put in the deep drawers of your desk or file cabinets? Some 
paperwork may be useful, perhaps including the following documents: 


e Product data sheets 
e Parts catalogs 
e Sketches and plans that you draw yourself 


The remaining capacity of each drawer can be filled with plastic storage box- 
es. The boxes can contain tools that you don’t use so often (such as a heat 
gun or a high-capacity soldering iron), and larger-sized components (such as 
loudspeakers, AC adapters, project boxes, and circuit boards). You should look 
for storage boxes that measure around 11 inches long, 8 inches wide, and 5 
inches deep, with straight sides. Boxes that you can buy at Wal-Mart will be 
cheaper, but they often have tapering sides (which are not space-efficient). 


The boxes that | like best are Akro-Grids, made by Akro-Mils (see Figures 5-2 and 
5-3). These are very rugged, straight-sided, with optional transparent snap-on 
lids. You can download the full Akro-Mills catalog from http://www.akro-mils.com 
and then search online for retail suppliers. You'll find that Akro-Mils also sells 
an incredible variety of parts bins, but | don't like open bins because their con- 
tents are vulnerable to dust and dirt. 


For medium-size components, such as potentiometers, power connectors, con- 
trol knobs, and toggle switches, | like storage containers measuring about 11 
inches long, 8 inches wide, and 2 inches deep , divided into four to six sections. 
You can buy these from Michaels (the craft store), but | prefer to shop online for 
the Plano brand, as they seem more durably constructed. The Plano products that 
are most suitable for medium-size electronic parts are classified as fishing-tackle 
boxes, and you'll see them at http://www.planomolding.com/tackle/products.asp. 


What Next? 


Customizing Your Work Area 


Figure 5-2. Akro-Grid boxes contain 
grooves allowing them to be partitioned 
into numerous compartments for conve- 
nient parts storage. 


Figure 5-3. Lids are sold separately for 
Akro-Grid boxes to keep the contents 
dust-free. The height of the box in Figure 
5-2 allows three to be stacked in a typical 
file-cabinet drawer. The box shown here 
allows two to be stacked. 
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Customizing Your Work Area 


Figure 5-4. This Plano brand box is 
undivided, making it useful for storing 
spools of wire or medium-size tools. When 
stacked upright on its long edge, three will 
fit precisely in a file-cabinet drawer. 
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Figure S-S. Darice Mini-Storage boxes are 


ideal for components such as resistors, ca- 


pacitors, and semiconductors. The boxes 


can be stacked stably or stored on shelves, 


with their ends labeled. The brand sticker 
is easily removed after being warmed with 
a heat gun. 
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For undivided, flat-format storage boxes, the Prolatch 23600-00 is ideally sized 
to fit a file-cabinet drawer, and the latches are sufficiently secure that you 
could stack a series of them on their long edges. See Figure 5-4. 


Plano also sells some really nicely designed toolboxes, one of which you can 
place on your desktop. It will have small drawers for easy access to screwdriv- 
ers, pliers, and other basics. Because you need a work area that’s only about 
three feet square for most electronics projects, surrendering some desk space 
to a toolbox is not a big sacrifice. 


If you have a steel desk with relatively shallow drawers, one of them can be al- 
located for printed catalogs. Don’t underrate the usefulness of hard copy, just 
because you can buy everything online. The Mouser catalog, for instance, has 
an index, which is better in some ways than their online search feature, and 
the catalog is divided into helpful categories. Many times I've found useful 
parts that | never knew existed, just by browsing, which is much quicker than 
flipping through PDF pages online, even with a broadband connection. Cur- 
rently, Mouser is still quite generous about sending out their catalogs, which 
contain over 2,000 pages. McMaster-Carr will also send you a catalog, but only 
after you've ordered from them, and only once a year. 


Now, the big question: how to store all those dinky little parts, such as resistors, 
capacitors, and chips? I've tried various solutions to this problem. The most ob- 
vious is to buy a case of small drawers, each of which is removable, so you can 
place it on your desk while you access its contents. But | don't like this system, 
for two reasons. First, for very small components, you need to subdivide the 
drawers, and the dividers are never secure. And second, the removability of 
the drawers creates the risk of accidentally emptying the contents on the floor. 
Maybe you're too careful to allow this to happen, but I’m not! 


My personal preference is to use Darice Mini-Storage boxes, shown in Figure 
5-5. You can find these at Michaels in small quantities, or buy them more eco- 
nomically in bulk online from suppliers such as http://www.craftamerica.com. 
The blue boxes are subdivided into five compartments that are exactly the 
right size and shape for resistors. The yellow boxes are subdivided into ten 
compartments, which are ideal for semiconductors. The purple boxes aren't 
divided at all, and the red boxes have a mix of divisions. 


The dividers are molded into the boxes, so you don't have the annoyance asso- 
ciated with removable dividers that slip out of position, allowing components 
to mix together. The box lids fit tightly, so that even if you drop one of the 
boxes, it probably won't open. The lids have metal hinges, and a ridge around 
the edge that makes the boxes securely stackable. 


| keep my little storage boxes on a set of shelves above the desk, with a gap of 
3 inches between one shelf and the next, allowing two boxes to be stacked on 
each shelf. If | want to work with a particular subset of boxes, | shift them onto 
the desktop and stack them there. 
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No matter which way you choose to store your parts, labeling them is essential. 
Any ink-jet printer will produce neat-looking labels, and if you use peelable 
(nonpermanent) labels, you'll be able to reorganize your parts in the future, as 
always seems to become necessary. | use color-coded labels for my collection 
of resistors, so that | can compare the stripes on a resistor with the code on the 
label, and see immediately if the resistor has been put in the wrong place. See 
Figure 5-6. 


Even more important: you need to place a second (non-adhesive) label inside 
each compartment with the components. This label tells you the manufac- 
turer's part number and the source, so that reordering is easy. | buy a lot of 
items from Mouser, and whenever | open their little plastic bags of parts, | snip 
out the section of the bag that has the identifying label on it, and slide it into 
the compartment of my parts box before | put the parts on top of it. This saves 
frustration later. 


If | were really well organized, | would also keep a database on my computer 
listing everything that | buy, including the date, the source, the type of com- 
ponent, and the quantity. But I’m not that well organized. 


On the Bench 


Some items are so essential that they should sit on the bench or desktop on 
a permanent basis. These include your soldering iron(s), helping hands with 
magnifier, desk lamp, breadboard, power strip, and power supply. For a desk 
lamp, | prefer the type that has a daylight-spectrum fluorescent bulb, because 
it soreads a uniform light and helps me to distinguish colors of adjacent stripes 
on resistors. 


The power supply is a matter of personal preference. If you're serious about 
electronics, you can buy a unit that delivers properly smoothed current at a 
variety of properly regulated and calibrated voltages. Your little wall-plug unit 
from RadioShack cannot do any of these things, and its output may vary de- 
pending on how heavily you load it. Still, as you've seen, it is sufficient for basic 
experiments, and when you're working with logic chips, you need to mount a 
5-volt regulator on your breadboard anyway. Overall, | consider a good power 
supply optional. 


Another optional item is an oscilloscope. This will show you, graphically, the 
electrical fluctuations inside your wires and components, and by applying 
probes at different points, you can track down errors in your circuit. It’s a neat 
gadget to own, but it will cost a few hundred dollars, and for our tasks so far, it 
has not been necessary. If you plan to get seriously into audio circuits, an oscil- 
loscope becomes far more important, because you'll want to see the shapes of 
the waveforms that you generate. 


You can try to economize on an oscilloscope by buying a unit that plugs into 
the USB port of your computer and uses your computer monitor to display the 
signal. | have tried one of these, and was not entirely happy with the results. It 
worked, but did not seem accurate or reliable for low-frequency signals. May- 
be | was unlucky; | decided not to try any other brands. 
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Figure 5-8. To check that resistors are not 
placed in the wrong compartments, print 


the color code on each label. 
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Customizing Your Work Area 


Figure 5-7. An old steel office desk can be 
as good as, if not better than, a conven- 
tional workbench when building small 
electronics projects. It provides a large 
work area and ample storage, and has 
sufficient mass for you to ground yourself 
when dealing with components that are 
sensitive to static electricity. 
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The surface of your desk or workbench will undoubtedly become scarred by ran- 
dom scuffs, cut marks, and drops of molten solder. | use a piece of half-inch ply- 
wood, two feet square, to protect my primary work area, and I clamp a miniature 
vise to its edge. To reduce the risk of static electricity when working with sensitive 
components, | cover the plywood with a square of conductive foam. This is not 
cheap, but offers advantages in addition to protecting chips from being zapped. 
Instead of scattering stray components, | can stick them into the foam, like plants 
growing in a garden. And like a garden, | can divide it into sections, with resistors 
on one side, capacitors on the other, and chips straight ahead. 


Inevitably, during your work you'll create a mess. Little pieces of bent wire, stray 
screws, fasteners, and fragments of stripped insulation tend to accumulate, and 
can be a liability. If metal parts or fragments get into a project that you're build- 
ing, they can cause short circuits. So you need a trash container. But it has to be 
easy to use. | use a full-size garbage pail, because it's so big that | can't miss it 
when | throw something toward it, and | can never forget that it’s there. 


Last, but most essential: a computer. Now that all data sheets are available 
online, and all components can be ordered online, and many sample circuits 
are placed online by hobbyists and educators, | don't think anyone can work 
efficiently without quick Internet access. To avoid wasting space, | suggest you 
use a small, cheap laptop that has a minimal footprint. A possible workbench 
configuration, using a steel desk, is shown in Figure 5-7. 
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Online 


My favorite educational and reference site is Doctronics (http://www.doctronics. 
co.uk). | like the way they draw their schematics, and | like the way they include 
many illustrations of circuits on breadboards (which most sites don't bother to 
do). They also sell kits, if you're willing to pay and wait for shipping from the UK. 
Part of a page from the doctronics website is reproduced in Figure 5-8. 
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Figure 5-8. A sample page from http://www.doctronics.co.uk shows their detailed instruc- 
tional approach. This is a valuable free online resource. 


My next favorite hobby site is also British-based: the Electronics Club (http:// 
www.kpsec.freeuk.com). It's not as comprehensive as Doctronics, but very 
friendly and easy to understand. 


For amore theory-based approach, try http://www.electronics-tutorials.ws. This 
will go a little farther than the theory sections I’ve included here. 


For an idiosyncratic selection of electronics topics, try Don Lancaster's Guru's 
Lair (http://www.tinaja.com). Lancaster wrote The TTL Cookbook more than 30 
years ago, which opened up electronics to at least two generations of hob- 
byists and experimenters. He knows what he's talking about, and isn't afraid 
of getting into some fairly ambitious areas such as writing his own PostScript 
drivers and creating his own serial-port connections. You'll find a lot of ideas 
there. 
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Books 


Yes, you do need books. As you're already reading this one, | won't recommend 
other beginners' guides. Instead, in keeping with the orientation of this chap- 
ter, l'Il suggest some titles that will take you farther in various directions, and 
can be used for reference. | own all of these myself, and find them valuable: 


Practical Electronics for Inventors, by Paul Scherz (McGraw-Hill, Second Edition, 

2007) 
This is a massive, comprehensive book, well worth the $40 cover price. 
Despite its title, you won't need to invent anything to find it useful. It’s my 
primary reference source, covering a wide range of concepts, from the 
basic properties of resistors and capacitors all the way to some fairly high- 
end math. If you buy only one book (in addition to this one, of course!), 
this would be my recommendation. 


Getting Started with Arduino, by Massimo Banzi (Make: Books, 2009) 
If you enjoy the simplicity and convenience of the PICAXE programmable 
microcontroller that | describe later in this chapter, you'll find that the 
Arduino can do a lot more. Getting Started is the simplest introduction 
around, and will help to familiarize you with the Processing language 
used in Arduino (similar to the C language, not much like the version of 
BASIC used by the PICAXE). 


Making Things Talk, by Tom Igoe (Make: Books, 2007) 
This ambitious and comprehensive volume shows how to make the most 
of the Arduino’s ability to communicate with its environment, even get- 
ting it to access sites on the Internet. 


TTL Cookbook, by Don Lancaster (Howard W. Sams & Co, 1974) 
The 1974 copyright date is not a misprint! You may be able to find some 
later editions, but whichever one you buy, it will be secondhand and pos- 
sibly expensive, as this title now has collectible value. Lancaster wrote his 
guide before the 7400 series of chips was emulated on a pin-for-pin basis 
by CMOS versions, but it’s still a good reference, because the concepts and 
part numbers haven't changed, and his writing is so accurate and concise. 


CMOS Sourcebook, by Newton C. Braga (Sams Technical Publishing, 2001) 

This book is entirely devoted to the 4000 series of CMOS chips, not the 
74HCO0 series that I've dealt with primarily here. The 4000 series is older 
and must be handled more carefully, because it’s more vulnerable to stat- 
ic electricity than the generations that came later. Still, the chips remain 
widely available, and their great advantage is their willingness to tolerate 
a wide voltage range, typically from 5 to 15 volts. This means you can set 
up a 12-volt circuit that drives a 555 timer, and use output from the timer 
to go straight into CMOS chips (for example). The book is well organized 
in three sections: CMOS basics, functional diagrams (showing pinouts for 
all the main chips), and simple circuits showing how to make the chips 
perform basic functions. 
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The Encyclopedia of Electronic Circuits, by Rudolf F. Graf (Tab Books, 1985) 

A totally miscellaneous collection of schematics, with minimal explana- 
tions. This is a useful book to have around if you have an idea and want 
to see how someone else approached the problem. Examples are often 
more valuable than general explanations, and this book is a massive com- 
pendium of examples. Many additional volumes in the series have been 
published, but start with this one, and you may find it has everything you 
need. 


The Circuit Designers Companion, by Tim Williams (Newnes, Second Edition, 
2005) 
Much useful information about making things work in practical applica- 
tions, but the style is dry and fairly technical. May be useful if you're inter- 
ested in moving your electronics projects into the real world. 


The Art of Electronics, by Paul Horowitz and Winfield Hill (Cambridge University 

Press, Second Edition, 1989) 
The fact that this book has been through 20 printings tells you two things: 
(1) Many people regard itas afundamental resource; (2) Secondhand cop- 
ies should be widely available, which is an important consideration, as the 
list price is over $100. It's written by two academics, and has a more tech- 
nical approach than Practical Electronics for Inventors, but | find it useful 
when l'm looking for backup information. 


Getting Started in Electronics, by Forrest M. Mims III (Master Publishing, Fourth 

Edition, 2007) 
Although the original dates back to 1983, this is still a fun book to have. | 
think | have covered many of its topics here, but you may benefit by read- 
ing explanations and advice from a completely different source, and it 
goes a little farther than | have into some electrical theory, on an easy-to- 
understand basis, with cute drawings. Be warned that it’s a brief book with 
eclectic coverage. Don't expect it to have all the answers. 
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Figure 5-8. These books from MAKE provide Figure 5-10. A sun-damaged copy of the Don Lancaster's 
guidance if you want to go beyond basic micro- classic TTL Cookbook, a 2,000-page catalog from the 
controllers into the more exotic realms of the Mouser Electronics supply company, and two com- 
Arduino chip. prehensive reference books that can provide years of 


additional guidance in all areas of electronics. 
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A two-way relationship 


Every electric motor that was ever 
made uses some aspect of the 
relationship between electricity 
and magnetism. It’s absolutely 
fundamental in the world around 
us. Remember that electricity can 
create magnetism: 


When electricity flows through a 
wire, it creates a magnetic force 
around the wire. 


The principle works in reverse: mag- 
netism can create electricity. 


When a wire moves through a 
magnetic field, it creates a flow of 
electricity in the wire. 


This second principle is used in 
power generation. A diesel engine, 
or a water-powered turbine, or a 
windmill, or some other source of 
energy either turns coils of wire 
through a powerful magnetic 
field, or turns magnets amid some 
massive coils of wire. Electricity is 
induced in the coils. In the next 
experiment, you'll see a dramatic 
mini-demo of this effect. 


Figure 5-11. Anyone who somehow missed 


this most basic childhood demo of electro- 


magnetism should try it just for the fun of 
proving that a single AA battery can move 
a paper clip. 
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Experiment 25: Magnetism 


This experiment should be a part of any school science class, but even if you 
remember doing it, | suggest that you do it again, because setting it up takes 
only a matter of moments, and it’s going to be our entry point to a whole new 
topic: the relationship between electricity and magnetism. Quickly this will 
lead us into audio reproduction and radio, and I'll describe the fundamentals 
of self-inductance, which is the third and final basic property of passive com- 
ponents (resistance and capacitance being the other two). | left self-inductance 
until last because it's not very relevant to the experiments that you've done 
so far. But as soon as we start dealing with analog signals that fluctuate, it 
becomes essential. 


You will need: 
e Large screwdriver. 
e 22-gauge wire (or thinner). Quantity: 6 feet. 
e AA battery. 


Procedure 


This couldn't be simpler. Wind the wire around the shaft of the screwdriver, 
near its tip. The turns should be neat and tight and closely spaced, and you'll 
need to make 100 of them, within a distance of no more than 2 inches. To fit 
them into this space, you'll have to make turns on top of previous turns. If the 
final turn tends to unwind itself (which will happen if you’re using stranded 
wire), secure it with a piece of tape. See Figure 5-11. 


Now apply a battery, as shown in Figure 5-12. At first sight, this looks like a 
very bad idea, because you're going to short out your battery just as you did in 
Experiment 2. But by passing the current through a wire that's coiled instead 
of straight, we'll get some work out of it before the battery expires. 


Put a small paper clip near the screwdriver blade, on a soft, smooth surface 
that will not present much friction. A tissue works well. Because many screw- 
drivers are already magnetic, you may find that the paper clip is naturally 
attracted to the tip of the blade. If this happens, move the clip just outside 
the range of attraction. Now apply the 1.5 volts to the circuit, and the clip 
should jump to the tip of the screwdriver. Congratulations: you just made an 
electromagnet. 


Figure 5-12. A schematic can't get much simpler than this. 
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Inductance 

When electricity flows through a wire, it creates a magnetic Here's an approximated formula showing the relationship 
field around the wire. Because the electricity “induces” this between the diameter of the coil, the width of the coil from 
effect, it is known as inductance. The effect is illustrated in end to end, the number of turns, and its inductance. The 
Figure 5-13. letter L is the symbol for inductance, even though the unit 


is the Henry, named after an American electrical pioneer 
named Joseph Henry: 


L (in microHenrys) = 
[(D x D) x (N x N)] /[(18 x D) + (40 x W)] 
(Approximately) 


In this formula, D is the diameter of the coil, N is the number 
of turns, and W is the width of the coil from end to end. See 
Figure 5-15. Here are three simple conclusions from this 
formula: 


e Inductance increases with the diameter of the coil. 


Figure 5-13. When the flow of electricity is from left to right e Inductance increases with the square of the number of 


along this conductor, itinduces a magnetic force shown by the turns. (In other words, three times as many turns create 
green arrows. nine times the inductance.) 


e Ifthe number of turns remains the same, inductance is 
lower if you wind the coil so that it’s slender and long, 
but is higher if you wind it so that it’s fat and short. 


N=Number 
of turns of 


The field around a straight wire is very weak, but if we bend 
the wire into a circle, the magnetic force starts to accumu- 
late, pointing through the center of the circle, as shown in 
Figure 5-14. If we add more circles, to form a coil, the force 
accumulates even more. And if we put a magnetic object 
(such as a screwdriver) in the center of the coil, the effective- 
ness increases further. 


D=Diameter 
of coil 


Figure 5-15. The inductance of a coil increases with its diameter 
and with the square of its number of turns. If all other param- 
eters remain the same, reducing the width (the distance from 
end to end) by packing the turns more tightly will increase the 
inductance. 


Figure 5-14. When the conductor is bent to form a circle, the cu- 
mulative magnetic force acts through the center of the circle, 
as shown by the large arrow. 
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Coil schematics and 
basics 


Check the schematic symbols for 
coils in Figure 5-16. Note that if a 
coil has an iron core, this is shown 
with an extra couple of lines 
(sometimes only one line). If it has 
a ferrite core, the line is sometimes 
shown with dashes. 


An iron core will add to the 
inductance of a coil, because it 
increases the magnetic effect. 


A coil in isolation does not gener- 
ally have any polarity. You can con- 
nect it either way around, but the 
magnetic force will be reversed ac- 
cordingly (coils that interact with 
stuff—such as in transformers and 
solenoids—do have polarity). 


Perhaps the most widespread 
application of coils is in transform- 
ers, where alternating current 

in one coil induces alternating 
current in another, often sharing 
the same iron core. If the primary 
(input) coil has half as many turns 
as the secondary (output) coil, the 
voltage will be doubled, at half 
the current—assuming hypotheti- 
cally that the transformer is 100% 
efficient. 


Figure 5-18. Schematic diagrams 
represent coils. At far right is the 
older style. The third and fourth 
symbols indicate that the coil is 
wound around a Solid or powdered 
magnetic core, respectively. 
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Joseph Henry 


Born in 1797, Joseph Henry was the first to develop and demonstrate powerful 
electromagnets. He also originated the concept of “self-inductance,” meaning 
the “electrical inertia” that is a property of a coil of wire. 


Henry started out as the son of a day laborer in Albany, New York. He worked in 
a general store before being apprenticed to a watchmaker, and was interested 
in becoming an actor. Friends persuaded him to enroll at the Albany Academy, 
where he turned out to have an aptitude for science. In 1826, he was appointed 
Professor of Mathematics and Natural Philosophy at the Academy, even though 
he was not a college graduate and described himself as being “principally self- 
educated.” Michael Faraday was doing similar work in England, but Henry was 
unaware of it. 


Henry was appointed to Princeton in 1832, where he received $1,000 per year 
and a free house. When Morse attempted to patent the telegraph, Henry testi- 
fied that he was already aware of its concept, and indeed had rigged a system 
on similar principles to signal his wife, at home, when he was working in his 
laboratory at the Philosophical Hall. 


Henry taught chemistry, astronomy, and architecture, in addition to physical 
science, and because science was not divided into strict specialties as it is now, 
he investigated phenomena such as phosphorescence, sound, capillary action, 
and ballistics. In 1846, he headed the newly founded Smithsonian Institution as 
its secretary. 


Figure S-17. Joseph Henry was an American experimenter who pioneered the inves- 
tigation of electromagnetism. This photograph is archived in Wikimedia Commons. 
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Experiment 26: Tabletop Power Generation 


If you have just three components, you can see magnetism generating elec- 
tricity right in front of you, right now. 


You will need: 


e Cylindrical neodymium magnet, 3/4-inch diameter, axially magnetized. 
Quantity: 1. (Obtainable online at sites such as http://www.kjmagnetics.com.) 


e Spool of hookup wire, 26-gauge, 100 feet. Quantity: 1. 


e Spool of magnet wire, quarter-pound, 26-gauge, about 350 feet. Quan- 
tity: 1. (Search online for sources for “magnet wire.”) 


e Generic LED. Quantity: 1. 
e 100 uF electrolytic capacitor. Quantity: 1. 
« Signal diode, 2N4001 or similar. Quantity: 1. 


e Jumper wires with alligator clips on the ends. Quantity: 2. 


Procedure 


You may be able to make this experiment work with the spool of hookup wire, 
depending on the size of the spool relative to the size of your magnet, but as 
the results are more likely to be better with the magnet wire, l'Il assume that 
you're using that—initially, at least. The advantage of the magnet wire is that 
its very thin insulation allows the coils to be closely packed, increasing their 
inductance. 


First peek into the hollow center of the spool to see if the inner end of the 
wire has been left accessible, as is visible in Figures 5-18 and 5-19. If it hasn't, 
you have to unwind the wire onto any large-diameter cylindrical object, then Figure 5-18. An everyday 100-foot spool of 


rewind it back onto the spool, this time taking care to leave the inner end stick-  hookup wire is capable of demonstrating 
ing out. the inductive power of a coil. 


Scrape the transparent insulation off each end of the magnet wire with a utility 
knife or sandpaper, until bare copper is revealed. To check, attach your meter, 
set to measure ohms, to the free ends of the wire. If you make a good contact, 
you should measure a resistance of 30 ohms or less. 


Place the spool on a nonmagnetic, nonconductive surface such as a wooden, 
plastic, or glass-topped table. Attach the LED between the ends of the wire 
using jumper wires. The polarity is not important. Now take a cylindrical neo- 
dymium magnet of the type shown in Figure 5-20 and push it quickly down 
into the hollow core, then pull it quickly back out. See Figure 5-21. You should 
see the LED blink, either on the down stroke or the up stroke. 


The same thing may or may not happen if you use 100 feet of 26-gauge hook- 
up wire. Ideally, your cylindrical magnet should fit fairly closely in the hollow 
center of the spool. If there’s a big air gap, this will greatly reduce the effect Of Figure 5-13. Magnet wire has thinner 

the magnet. Note that if you use a weaker, old-fashioned iron magnet instead insulation than hookup wire, allowing the 


of aneodymium magnet, you may get no result at all. turns to be more densely packed, inducing 
a more powerful magnetic field. 
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Blood Blisters and Dead Media 


Neodymium magnets can be 
hazardous. They're brittle and can 
shatter if they slam against a piece of 
magnetic metal (or another magnet). 
For this reason, many manufacturers 
advise you to wear eye protection. 


Because a magnet pulls with increas- 
ing force as the distance between it 
and another object gets smaller, it 
closes the final gap very suddenly 
and powerfully. You can easily pinch 
your skin and get blood blisters. 


If there's an object made of iron or 
steel anywhere near a neodymium 
magnet, the magnet will find it and 
grab it, with results that may be 
unpleasant, especially if the object 
has sharp edges and your hands are 
in the vicinity. When using a magnet, 
create a clear area on a nonmagnetic 
surface, and watch out for magnetic 
objects underneath the surface. My 
magnet sensed a steel screw embed- 
ded in the underside of a kitchen 
countertop, and slammed itself 

into contact with the countertop 
unexpectedly. 


Be aware that magnets create mag- 
nets. When a magnetic field passes 
across aniron or steel object, the 
object picks up some magnetism of 
its own. Be careful not to magnetize 
your watch! 


Don't use magnets anywhere near a 
computer, a disk drive, credit cards 
with magnetic stripes, cassettes of 
any type, and other media. Also keep 
magnets well away from TV screens 
and video monitors (especially 
cathode-ray tubes). Last but not 
least, powerful magnets can interfere 
with the normal operation of cardiac 
pacemakers. 
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Figure 5-20. Three neodymium magnets, 
1/4-, 1/2-, and 3/4-inch in diameter. | 
would have preferred to photograph them 
standing half-an-inch apart, but they 
refused to permit it. 


Figure 5-21. By moving a magnet vigor- 
ously up and down through the center of a 
coil, you generate enough power to make 
the LED flash brightly. 


Here's another thing to try. Disconnect the LED and connect a 100 uF elec- 
trolytic capacitor in series with signal diode, as shown in Figure 5-23. Attach 
your meter, measuring volts, across the capacitor. If your meter has a manual 
setting for its range, set it to 20V DC. Make sure the positive (unmarked) side 
of the diode is attached to the negative (marked) side of the capacitor, so that 
positive voltage will pass through the capacitor and then through the diode. 


Now move the magnet vigorously up and down in the coil. The meter should 
show that the capacitor is accumulating charge, up to about 10 volts. When 
you stop moving the magnet, the voltage reading will gradually decline, most- 
ly because the capacitor discharges itself through the internal resistance of 
your meter. 


This experiment is more important than it looks. Bear in mind that when you 
push the magnet into the coil, it induces current in one direction, and when 
you pull it back out again, it induces current in the opposite direction. You are 
actually generating alternating current. 


The diode only allows current to flow one way through the circuit. It blocks 
the opposite flow, which is how the capacitor accumulates its charge. If you 
jump to the conclusion that diodes can be used to change alternating current 
to direct current, you're absolutely correct. We say that the diode is “rectifying” 
the AC power. 


Experiment 24 showed that voltage can create a magnet. Experiment 25 has 
shown that a magnet can create voltage. We're now ready to apply these con- 
cepts to the detection and reproduction of sound. 
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Figure 5-22. Because inductance increases with the diameter of a coil and with the square 
of the number of turns, your power output from moving a magnet through the coil can 
increase dramatically with scale. Those wishing to live “off the grid” may consider this 
steam-powered configuration, suitable for powering a three-bedroom home. 


Long Wire 
(positive) 


Figure 5-23. Using a diode in series with a capacitor, you can charge the capacitor with the 
pulses of current that you generate by moving the magnet through the center of the coil. 
This demo illustrates the principle of rectifying alternating current. 
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Experiment 27: Loudspeaker Destruction 


Figure 5-24. A 2-inch loudspeaker can be 
instructively destroyed with a utility knife 
or X-Acto blade. 


Figure 5-25. Loudspeaker ready for creative 
destruction. 
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Experiment 27: Loudspeaker Destruction 


I'd like you to sacrifice a 2-inch loudspeaker, even though it means wasting the 
$5 or so that it probably costs. Actually, | don't consider this a waste, because 
if you want to learn how a component works, there's no substitute for actually 
seeing inside it. You might also have such a speaker already, part of a piece of 
cast-off personal electronics or toy you have in your basement. 


You will need: 


e Cheapest possible 2-inch loudspeaker. Quantity: 1. Figure 5-24 shows a 
typical example. 


Procedure 


Turn the loudspeaker face-up (as shown in Figure 5-25) and cut around the 
edge of its cone with a sharp utility knife or X-Acto blade. Then cut around 
the circular center and remove the ring of black paper that you've created. 
The result should look like Figure 5-26: you should see the flexible neck of the 
loudspeaker, which is usually made from a yellow weave. If you cut around its 
edge, you should be able to pull up the hidden paper cylinder, which has the 
copper coil of the loudspeaker wound around it. In Figure 5-27, l've turned it 
over so that it is easily visible. The two ends of this copper coil normally re- 
ceive power through two terminals at the back of the speaker. When it sits in 
the groove visible between the inner magnet and the outer magnet, the coil 
reacts to voltage fluctuations by exerting an up-and-down force in reaction 
to the magnetic field. This vibrates the cone of the loudspeaker and creates 
sound waves. 


Large loudspeakers in your stereo system work exactly the same way. They just 
have bigger magnets and coils that can handle more power (typically, as much 
as 100 watts). 


Whenever | open up a small component like this, I’m impressed by the preci- 
sion and delicacy of its parts, and the way it can be mass-produced for such a 
low cost. | imagine how astonished the pioneers of electrical theory (such as 
Faraday and Henry) would be, if they could see the components that we take 
for granted today. Henry spent days and weeks winding coils by hand to create 
electromagnets that were far less efficient than this cheap little loudspeaker. 


Figure 5-28. The cone has been removed. Figure 5-27. The neck of the cone has been 
pulled out. Note the coil of copper wire, 
which fits precisely in the groove between 
two magnets in the base of the speaker. 
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Origins of loudspeakers 


Loudspeakers utilize the fact that if you run a varying electrical current through 
a coil situated in a magnetic field, the coil will move in response to the current. 
This idea was introduced in 1874 by Ernst Siemens, a prolific German inven- 
tor. (He also built the world's first electrically powered elevator in 1880.) Today, 
Siemens AG is one of the largest electronics companies in the world. 


When Alexander Graham Bell patented the telephone in 1876, he used Siemen's 
concept to create audible frequencies in the earpiece. From that point on, 
sound-reproduction devices gradually increased in quality and power, until 
Chester Rice and Edward Kellogg at General Electric published a paper in 1925 
establishing basic principles that are still used in loudspeaker design today. 


At http://www.radiolaguy.com/Showcase/Gallery-HornSpkr.htm you'll find 
photographs of very beautiful early loudspeakers, which used a horn design 

to maximize efficiency. As sound amplifiers became more powerful, speaker 
efficiency became less important compared with quality reproduction and low 
manufacturing costs. Today's loudspeakers convert only about 1% of electrical 
energy into acoustical energy. 


Smplion small horn 
radio spealor 
model AR-114 


RadlolaGuy.com 


Figure 5-28. This beautiful Amplion AR-114x illustrates the efforts of early design- 
ers to maximize efficiency in an era when the power of audio amplifiers was very 
limited. Photos by “Sonny, the RadiolaGuy.” Many early speakers are illustrated at 
www.radiolaguy.com. Some are for sale. 


What Next? 243 


Experiment 27: Loudspeaker Destruction 


y THEORY 


Sound, electricity, and sound 


Time now to establish a clear idea of how sound is transformed into electricity 
and back into sound again. 


Suppose someone bangs a gong with a stick. The flat metal face of the gong 
vibrates in and out, creating sound waves. A sound wave is a peak of higher air 
pressure, followed by a trough of lower air pressure. 


The wavelength of the sound is the distance (usually ranging from meters to 
millimeters) between one peak of pressure and the next peak. 


The frequency of the sound is the number of waves per second, usually ex- 
pressed as hertz. 


Suppose we put a very sensitive little membrane of thin plastic in the path of 
the pressure waves. The plastic will flutter in response to the waves, like a leaf 
fluttering in the wind. Suppose we attach a tiny coil of very thin wire to the 
back of the membrane so that it moves with the membrane, and let's posi- 

tion a stationary magnet inside the coil of wire. This configuration is like a tiny, 
ultra-sensitive loudspeaker, except that instead of electricity producing sound, 
itis configured so that sound produces electricity. Sound pressure waves make 
the membrane move to and fro along the axis of the magnet, and the magnetic 
field creates a fluctuating voltage in the wire. 


This is known as a moving-coil microphone. There are other ways to build a 
microphone, but this is the configuration that is easiest to understand. Of 


course, the voltage that it generates is very small, but we can amplify it using 
a transistor, or a series of transistors. Then we can feed the output through the 
coil around the neck of a loudspeaker, and the loudspeaker will recreate the 
pressure waves in the air. Figures 5-29 through 5-32 illustrate this sequence. 


Waves 
of air 
pressure 
traveling 
at the 
speed of 
sound 


PRESSURE 


TIME ~ 


Figure 5-28. Step 1 in the process of converting sound to electricity, and back again. 
When the hammer hits the gong, the face of the gong vibrates, creating pressure 
waves that travel through the air. 
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Sound, electricity, and sound (continued) 


Somewhere along the way, we may want to record the sound and then replay 
it. But the principle remains the same. The hard part is designing the micro- 
phone, the amplifier, and the loudspeaker so that they reproduce the waveforms 
accurately at each step. It's a significant challenge, which is why accurate sound 
reproduction can be elusive. 


Time now to think about what happens inside the wire when it generates a 
magnetic field. Obviously, some of the power in the wire is being transformed 
into magnetic force. But just what exactly is going on? 


A te 
VOLTAGE 


MOVING-COIL 
MICROPHONE 


Figure 5-30. Step 2: the pressure waves penetrate the perforated shell of a micro- 
phone and cause a diaphragm to vibrate in sympathy. The diaphragm has a coil 
attached to it. When the coil vibrates to and fro, a magnet at its center induces 
alternating current. 


VOLTAGE 


pro lo A 


AMPLIFIER 


Figure 5-31. Step 3: the tiny signals from the microphone pass through an amplifier, 
which enlarges their amplitude while retaining their frequency and the shape of 
their waveform. 


Waves 
of air 
| pressure 
— traveling 
at the 
speed of 
LOUDSPEAKER sound 


Figure 5-32. Step 4: the amplified electrical signal is passed through a coil around 
the neck of a loudspeaker cone. The magnetic field induced by the current causes 
the cone to vibrate, reproducing the original sound. 


VOLTAGE 
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Experiment 28: Making a Coil React 


12V 


220 


de 


Figure 5-33. In this demonstration of self- 
inductance, D1 and D2 are light-emitting 
diodes. When the switch is closed, D1 
flashes briefly because the coil obstructs 
the initial flow of electricity. When the 
switch is opened, D2 flashes as the col- 
lapsing magnetic field induced by the coil 
releases another short burst of current. 
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Experiment 28: Making a Coil React 


A capacitor will absorb some DC current until it is fully charged, at which point 
it blocks the flow. There’s another phenomenon that | haven’t mentioned so 
far, which is the exact opposite of capacitance. It's known as self-inductance, 
and you find it in any coil of wire. Initially it blocks DC current (it reacts against 
it), but then its opposition gradually disappears. Here are a few definitions: 


Resistance 
Constrains current flow and drops voltage. 


Capacitance 
Allows current to flow initially and then blocks it. This behavior is properly 
known as capacitive reactance. 


Self-Inductance 
Blocks the flow of current initially and then allows it. This is also often re- 
ferred to as inductive reactance. In fact, you may find the term “reactance” 
used as if it means the same thing, but since self-inductance is the correct 
term, l'Il be using it here. 


In this experiment, you'll see self-inductance in action. 
You will need: 
e LEDs, low-current type. Quantity: 2. 
e Spool of hookup wire, 26-gauge, 100 feet. Quantity: 1. 
e Resistor, 2200, rated 1/4 watt or higher. Quantity: 1. 
e Capacitor, electrolytic, 2,000 uF or larger. Quantity: 1. 
e SPST tactile switch. Quantity: 1. 


Procedure 


Take a look at the schematic in Figure 5-33. At first it may not make much 
sense. The curly symbol is a coil of wire—nothing more than that. So appar- 
ently the voltage will pass through the 2200 resistor, and then through the 
coil, ignoring the two LEDs, because the coil obviously has a much lower resis- 
tance than either of them (and one of them is upside-down anyway). 


Is that what will happen? Let’s find out. The coil can be a spool of 100 feet of 
26-gauge (or smaller) hookup wire, although the spool of magnet wire listed 
in Experiment 25 will work better, if you have that. Once again, you will need 
access to both ends of the wire, and if the inner end is inaccessible, you'll need 
to rewind the coil, leaving the end sticking out. 


Now that you have a coil, you can hook it up on your breadboard as shown in 
Figure 5-34, where the green circle is a tactile switch and the two circular red 
objects are LEDs. Make sure that you use low-current LEDs (otherwise, you 
may not see anything) and make sure that one of them is negative-side-up, 
positive-side-down and the other is positive-side-up, negative-side-down. 
Also, the 2200 resistor should be rated at 1/4 watt or higher, if possible (see 
the following caution). 
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Figure 5-34. The breadboarded version of the schematic in Figure 5-33 shows a simple 
way to set it up for a quick demo. The green button is a tactile switch. The two red LEDs 
should be placed so that the polarity of one is opposite to the polarity of the other. 


When you press the button, one LED should flash briefly. When you release the 
button, the other LED should flash. 


What's happening here? The coil possesses self-inductance, which means that 
it reacts against any sudden change in the flow of electricity. First it fights it, 
and during that brief moment, it blocks most of the current. Consequently, the 
current looks for an alternative path and flows through D1, the lefthand LED 
in the schematic. (D2 doesn’t respond, because it can pass current only in the 
opposite direction.) 


Meanwhile, the voltage pressure overcomes the coil's self-inductance. When 
the self-inductance disappears, the resistance of the coil is no more than 10 
ohms—so now the electricity flows mostly through the coil, and because the 
LED receives so little, it goes dark. 


When you disconnect the power, the coil reacts again. It fights any sudden 
changes. After the flow of electricity stops, the coil stubbornly sustains it for a 
moment, because as the magnetic field collapses, it is turned back into elec- 
tricity. This residual flow of current depletes itself through D2, the LED on the 
right. 


In other words, the coil stores some energy in its magnetic field. This is similar 
to the way a capacitor stores energy between two metal plates, except that 
the coil blocks the current initially and then lets it build up, whereas the ca- 
pacitor sucks up current initially, and then blocks it. 


The more turns of wire you have in your coil, the more self-inductance the coil 
will have, causing your LEDs to flash more brightly. 
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Hot Resistors 


You'll be passing about 50mA 
through the 2200 resistor, while 
the current is flowing. At 12 volts, 
this works out at 0.6 watts. If you 
use a 1/8-watt resistor, you will be 
overloading it, and it will get quite 
hot and may burn out. If you use a 
1/4-watt resistor, it will still get hot, 


but is unlikely to burn out, as long as 


you don't press the button for more 
than a second or two. 


Don't run the circuit without the coil 
of wire; you'll be trying to pass more 
than 50mA through the LEDs. 
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Here's one last variation on this experiment to test your understanding of elec- 
trical fundamentals. Remove the 2200 resistor, and substitute a 1K resistor (to 
protect your LED from sustained current). Remove the coil, and substitute a 
very large capacitor—ideally, about 4,700 uF. (Be careful to get its polarity the 
right way around.) What will you see when you press the button? Note that 
you will have to hold it down for a couple of seconds to get a result. And what 
will you see when you release the button? Remember: the behavior of capaci- 
tance is opposite to the behavior of self-inductance. 


THEORY 


Alternating current concepts 


Here's a simple thought experiment. Suppose you set up a 555 timer to send a 
stream of pulses through a coil. This is a primitive form of alternating current. 


We might imagine that the self-inductance of the coil will interfere with the 
stream of pulses, depending how long each pulse is, and how much inductance 
the coil has. If the pulses are too short, the self-inductance of the coil will tend 
to block them. Maybe if we can time the pulses exactly right, they'll synchronize 
with the time constant of the coil. In this way, we can “tune” a coil to allow a 
“frequency”to pass through it. 


What happens if we substitute a capacitor? If the pulses are too long, compared 
with the time constant of the capacitor, it will tend to block them, because it 
will have enough time to become fully charged. But if the pulses are shorter, the 
capacitor can charge and discharge in rhythm with the pulses, and will seem to 
allow them through. 


| don't have space in this book to get deeply into alternating current. It's a vast 
and complicated field where electricity behaves in strange and wonderful ways, 
and the mathematics that describe it can become quite challenging, involving 
differential equations and imaginary numbers. However, we can easily demon- 
strate the audio filtering effects of a loudspeaker and a coil. 
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Experiment 29: Filtering Frequencies 


In this experiment, you'll see how self-inductance and capacitance can be 
used to filter audio frequencies. You're going to build a crossover network: a 
simple circuit that sends low frequencies to one place and high frequencies 
to another. 


You will need: 


Figure 5-35. Jo hear the effects of audio 
filters using coils and capacitors, you'll 
need a loudspeaker capable of reproduc- 
ing lower frequencies. This 5-inch model is 


Loudspeaker, 8Q, 5 inches in diameter. Quantity: 1. Figure 5-35 shows a 
typical example. 


Audio amplifier, STMicroelectronics TEA2025B or similar. Quantity: 1. See 
Figure 5-36. 


Figure 5-38. This single chip contains a 
stereo amplifier capable of delivering a 
total of 5 watts into an 8N speaker when 
the two channels are combined. 


the minimum required. 


Nonpolarized electrolytic capacitors (also known as bipolar). 47 uF. Quan- 
tity: 2. A sample is shown in Figure 5-37. They should have “NP” or “BP” 
printed on them to indicate “nonpolarized” or “bipolar. 


Nonpolarized electrolytic capacitors (also known as bipolar). 100 uF. 
Quantity: 5. (Because you'll be working with audio signals that alternate 
between positive and negative, you can't use the usual polarized electro- 
lytic capacitors. If you want to avoid the trouble and expense of ordering 
nonpolarized capacitors, you can substitute two regular electrolytics in 
series, facing in opposite directions, with their negative sides joined in the 
middle. Just remember that when you put capacitors in series, their to- 
tal capacitance is half that of each individual component. Therefore, you 
would need two 220 uF electrolytics in series to create 110 uF of capaci- 
tance. See Figure 5-38.) 


Potentiometer, with audio taper if possible. 100K. Quantity: 1. 


Coil, for crossover network. Quantity: 1. You can search a source such 
as eBay for keywords “crossover” and “coil,” but if you can't find one at a 
reasonable price, you can make do with a spool of 100 feet of 20-gauge 
hookup wire. 


Plastic shoebox. Quantity: 1. 
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Figure S-37. A nonpolarized electrolytic 
capacitor, also known as a bipolar capaci- 
tor, looks just like an electrolytic capaci- 
tor, except that it will have “NP” or “BP” 
printed on it. 


JOE 
4H 


100uF 


Figure 5-38. You can make a nonpolar- 

ized electrolytic capacitor by putting two 
regular electrolytics in series. (In fact, 
that's what you'd find if you opened a real 
nonpolarized capacitor.) The symbol at the 
bottom is roughly equivalent to the pair of 
symbols at the top; bear in mind that two 
capacitors in series have a total capaci- 
tance that is half that of each of them. 
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Figure 5-38. A resonant enclosure is neces- 
sary if you want to hear some bass (lower 
frequencies) from your speaker. A cheap 
plastic shoebox is sufficient for demo 
purposes. 


Figure 5-40. Drill some half-inch holes 

in the bottom of the box, then bolt the 
speaker in place, running a wire out 
through a hole in one end. Snap on the lid, 
and you're ready for not-quite-high-fidelity 
audio. 
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Procedure 


The purpose of the audio amplifier chip is to provide enough power to get 
a decent amount of sound out of your loudspeaker. The purpose of using a 
5-inch speaker is to enable you to hear lower-frequency sounds than the baby 
speakers that we have used previously. Bass notes have long wavelengths that 
small speakers are not able to generate effectively. 


Maybe you remember from building the intrusion alarm that a soeaker makes 
much more noise if you prevent the sound waves from the back of the cone 
from cancelling the sound waves from the front of the cone. The obvious way 
to achieve this is by enclosing the speaker in a box. | suggest a plastic box, 
because they're cheap, and we don't care too much about sound quality as 
long as we can hear at least some of the low frequencies. Figure 5-39 shows 
the speaker bolted into the bottom of a plastic box, and Figure 5-40 shows the 
box turned upside-down after snapping its lid into place. 


Normally, a speaker should be mounted in a cabinet of heavy, thick material 
that has a very low resonant frequency—below the limits of human hearing. 
To minimize the resonance of the shoebox, you can put some soft, heavy fab- 
ric inside it before you snap the lid on. A hand towel or some socks should be 
sufficient to absorb some of the vibration. 


Adding an Amplifier 


Back in the 1950s, you needed vacuum tubes, transformers, and other power- 
hungry heavyweight components to build an audio amplifier. Today, you can 
buy a chip for about $1 that will do the job, if you add a few capacitors around 
it, and a volume control. The TEA2025B that l'm recommending is intended for 
use in cheap portable cassette players and CD players, and can work in stereo 
or mono mode, from a power supply ranging from 3 to 9 volts. With 9 volts 
and the two sides of the chip bridged together to drive one 80 speaker, it can 
generate 5 watts of audio power. That doesn’t sound much compared with a 
typical home theater system rated at 100 watts per channel, but because loud- 
ness is a logarithmic scale, 5 watts will be quite enough to irritate any family 
members in the same room—and possibly even in other rooms. 


If you can't find the TEA2025B chip, you can use any alternative listed as an 
audio amplifier. Try to find one that is designed to drive an 80 speaker with up 
to 5 watts in mono mode. Check the manufacturer's data sheet to see where 
you attach capacitors around it. Note carefully whether some of the capacitors 
have no polarity marked, even though they have fairly high values, such as 100 
uF. These capacitors must function regardless of which way the alternating 
current is flowing, and l've marked them “NP” in my schematic in Figure 5-41, 
meaning “nonpolarized.” (You may find them identified as “bipolar” or “BP” in 
parts catalogs.) As noted in the shopping list, you can put two 220 uF capaci- 
tors in series, negative-to-negative, to get the same effect as a single 100 uF 
nonpolarized capacitor. 


For this project, it’s essential to include the regular 100 uF electrolytic smooth- 
ing capacitor across the power supply. Otherwise, the amplifier will pick up 
and—yes, amplify—small voltage spikes in the circuit. 
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Figure 5-41. The audio amplifier chip should be wired with capacitors around it as shown, 
“NP” denoting the ones that are not polarized. The acronym “BP” meaning bipolar, is also 
often used to mean the same thing. The output from pins 2 and 15 of the chip can be 
passed through a coil or a 10 uF capacitor to demonstrate audio filtering. 


The input shown in the schematic can receive a signal from a typical media 
player, such as a portable MP3 player, CD player, or cassette player. To connect 
its headphone jack to the breadboard, you can use an adapter that converts 
it to a pair of RCA-type audio jacks, and then stick a wire into one of them as 
shown in Figure 5-42. The wire will connect to the 33K resistor on the bread- 
board circuit. The chromed neck of the RCA jack (which is sometimes gold- 
plated, or at least gold-colored) must be connected with the negative side of 
your power supply on the breadboard; otherwise, you won't hear anything. 
You can ignore the second output on the adapter, because we're working in 
mono, here, not stereo. 
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er 


Figure 5-42. lo sample the output from the 
headphone socket of a music player, you 
can use this adapter and push the stripped 
end of a piece of hookup wire into one of 
the sockets. Then use alligator clips on a 
jumper wire to connect the audio to your 
breadboarded circuit. Don't forget to use 
an additional jumper wire to connect the 
outside of the socket to the negative side 
of the power supply on the breadboard. 
Because we re only using one speaker, the 
amplifier is connected to only one of the 
stereo outputs from your player. The other 
is ignored. 
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Figure 5-43. The red and black alligator 
clips, lying on top of the shoebox, should 
connect with the output from your ampli- 
fier chip. The red jumper wire passes the 
signal through a coil of hookup wire on its 
way to the speaker. Note the change in 
sound when you short out the coil. 
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The 33K resistor is necessary to protect the amplifier from being overdriven. If 
you don't get enough volume using your music player, decrease the 33K value. 
If the music is too loud and distorted, increase the value. You can also try omit- 
ting or increasing the 10K resistor next to it, which is included in an effort to 
reduce background hum noise. 


I've shown two switches at the top of the schematic: one to bypass a coil, the 
other to bypass a capacitor. You can use alligator clips instead, as long as you 
can easily compare the sound when each of the components is inserted into 
the circuit. 


Figure 5-43 shows a coil consisting of a spool of hookup wire being used. The 
red and black alligator clips resting loose on top of the shoebox will go to the 
output from the chip (on pins 2 and 15). There is no polarity; it doesn’t matter 
which clip goes to which pin. 


Begin by turning the volume control on your music source all the way down 
before you apply power. Don't be surprised if you hear humming or crackling 
noises when you activate the amplifier; it will pick up any stray voltages, be- 
cause in this simple experiment, | haven't suggested that you should shield 
the input, and the amplifier circuit can pick up noise, as its wires can act like 
antennas. 


Note that you may also get additional unwanted sound if you use the ampli- 
fier on a conductive desktop surface. Remove any aluminum foil or conductive 
foam for this project. 


Make sure that your player is playing music, and slowly turn up its volume 
control until you hear it. If you don't hear anything, you'll have to check for 
circuit errors. 


Now comes the interesting part. Insert the 100-foot spool of hookup wire be- 
tween one output from the amplifier, and one input of the speaker (it doesn't 
matter which one), or if you used switches, open the switch that bypasses the 
coil. You should find that the music loses all its high-end response. By compari- 
son, ifyou disconnect the coil and substitute a 10 uF capacitor, you should find 
that the music sounds “tinny,’ meaning that it loses all its low range, leaving 
only the high frequencies. 


You've just tested two very simple filters. Here's what they are doing: 


e The coil is a low-pass filter. It passes low frequencies but blocks high fre- 
quencies, because brief audio cycles don't have time to overcome the coil’s 
self-inductance. A bigger coil eliminates a wider range of frequencies. 


e The capacitor is a high-pass filter. It passes high frequencies and blocks 
low frequencies because longer audio cycles can fill the capacitance, at 
which point the capacitor stops passing current. A smaller capacitor elimi- 
nates a wider ranger of frequencies. 


You can go a lot farther into filter design, using complex combinations of coils 
and capacitors to block frequencies at any point in the audible spectrum. 
Search online for audio filter schematics—you'll find hundreds of them. 
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Crossover Networks 


In a traditional audio system, each speaker cabinet contains two drivers—one 
of them a small speaker called a tweeter, which reproduces high frequencies, 
the other a large speaker known as a woofer, which reproduces low frequen- 
cies. (Modern systems often remove the woofer and place it in a separate box 
of its own that can be positioned almost anywhere, because the human ear 
has difficulty sensing the direction of low-frequency sounds.) 


The schematic that you just looked at and may have constructed is known as 
a “crossover network,’ and truly hardcore audiophiles have been known make 
their own (especially for use in car systems) to go with speakers of their choice 
in cabinets that they design and build themselves. 


If you want to make a crossover network, you should use high-quality poly- 
ester capacitors (which have no polarity, last longer than electrolytics, and are 
better made) and a coil that has the right number of turns of wire and is the 
right size to cut high frequencies at the appropriate point. Figure 5-44 shows 
a polyester capacitor. 


Figure 5-45 shows an audio crossover coil that | bought on eBay for $6. | was 
curious to find out what was inside it, so | bought two of them, and took one 
apart. 


First | peeled away the black vinyl tape that enclosed the coil. Inside was some 
typical magnet wire—copper wire thinly coated with shellac or semitransparent 
plastic, as shown in Figure 5-46. | unwound the wire and counted the number 
of turns. Then | measured the length of the wire, and finally used a micrometer 
to measure the diameter of the wire, after which | checked online to find a con- 
version from the diameter in mils (1/1,000 of an inch) to American wire gauge. 


As for the spool, it was plain plastic with an air core—no iron or ferrite rod in 
the center. Figure 5-47 shows the spool and the wire. 


Figure 5-44. Some nonelec- Figure 5-45. What exotic Figure 5-48. The black tape is Figure 5-47. The audio crossover coil 


trolytic capacitors have components may we find removed, revealing a coil of consists of a plastic spool and some 
no polarity, such as this inside this high-end audio magnet wire. wire. Nothing more. 


high-quality polyester film component that's used with 
capacitor. However, they tend a subwoofer to block high 
to be much more expensive, frequencies? 

and are hard to find in values 

higher than 10 pF. 
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So here's the specification for this particular coil in an audio crossover network. 
Forty feet of 20-gauge copper magnet wire, wrapped in 200 turns around a 
spool of 1/16-inch-thick plastic with a hub measuring 7/8 inch in length be- 
tween the flanges and 1/2-inch external diameter. Total retail cost of materials 
if purchased separately: probably about $1, assuming you can find or make a 
spool of the appropriate size. 


Conclusion: there's a lot of mystique attached to audio components. They are 
frequently overpriced, and you can make your own coil if you start with these 
parameters and adjust them to suit yourself. 


Suppose you want to put some thumping bass speakers into your car. Could 
you build your own filter so that they only reproduce the low frequencies? 
Absolutely—you just need to wind a coil, adding more turns until it cuts as 
much of the high frequencies as you choose. Just make sure the wire is heavy 
enough so that it won't overheat when you push 100 or more audio watts 
through it. 


Here's another project to think about: a color organ. You can tap into the out- 
put from your stereo and use filters to divide audio frequencies into three sec- 
tions, each of which drives a separate set of colored LEDs. The red LEDs will 
flash in response to bass tones, yellow LEDs in response to the mid-range, and 
green LEDs in response to high frequencies (or whatever colors you prefer). 
You can put signal diodes in series with the LEDs to rectify the alternating cur- 
rent, and series resistors to limit the voltage across the LEDs to, say, 2.5 volts 
(when the music volume is turned all the way up). You'll use your meter to 
check the current passing through each resistor, and multiply that number 
by the voltage drop across the resistor, to find the wattage that it’s handling, 
to make sure the resistor is capable of dissipating that much power without 
burning out. 


Audio is a field offering all kinds of possibilities if you enjoy designing and 
building your own electronics. 
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Waveforms 


If you blow across the top of a bottle, the mellow sound 
that you hear is caused by the air vibrating inside the bottle, 
and if you could see the pressure waves, they would have a 
distinctive profile. 


If you could slow down time and draw a graph of the alter- 
nating voltage in any power outlet in your house, it would 
have the same profile. 


If you could measure the speed of a pendulum swinging 
slowly to and fro in a vacuum, and draw a graph of the speed 
relative to time, once again it would have the same profile. 


That profile is a sine wave, so called because you can derive 
it from basic trigonometry. In a right-angled triangle, the 
sine of an angle is found by dividing the length of the side 
opposite the angle by the length of the hypoteneuse (the 
sloping side of the triangle). 


To make this simpler, imagine a ball on a string rotating 
around a center point, as shown in Figure 5-48. Ignore the 
force of gravity, the resistance of air, and other annoying 
variables. Just measure the vertical height of the ball and di- 
vide it by the length of the string, at regular instants of time, 
as the ball moves around the circular path at a constant 
speed. Plot the result as a graph, and there’s your sine wave, 
shown in Figure 5-49. Note that when the ball circles below 
its horizontal starting line, we consider its distance negative, 
so the sine wave becomes negative, too. 


Why should this particular curve turn up in so many places 
and so many ways in nature? There are reasons for this 
rooted in physics, but l'Il leave you to dig into that topic if it 
interests you. Getting back to the subject of audio reproduc- 
tion, what matters is this: 


e Any sound can be broken down into a mixture of sine 
waves of varying frequency and amplitude. 


Or, conversely: 


e If you put together the right mix of audio sine waves, 
you can create any sound at all. 


Suppose that there are two sounds playing simultaneously. 
Figure 5-50 shows one sound as a red curve, and the other 
as pale blue. When the two sounds travel either as pressure 
waves through air or as alternating electric currents through 
a wire, the amplitudes of the waves are added together to 
make the more complex curve, which is shown in black. 
Now try to imagine dozens or even hundreds of different 
frequencies being added together, and you have an idea of 
the complex waveform of a piece of music. 
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Start 


Figure 5-48. If a weight on the end of a string (length b, in 

the diagram) follows a circular path at a steady speed, the 
distance of the weight from a horizontal center line (length a, 
in the diagram) can be plotted as a graph relative to time. The 
graph will be a sine wave, so called because in basic trigonom- 
etry, the ratio of a/b is the sine of the angle between line b and 
the horizontal baseline, measured at the center of rotation. 
Sinewaves occur naturally in the world around us, especially in 
audio reproduction and alternating current. 


Time —> 


Ratio of a/b 


Figure 5-48. This is what a “pure” sinewave looks like. 


Figure 5-50. When two sinewaves are generated at the same 
time (for instance, by two musicians, each playing a flute), 

the combined sound creates a compound curve. The blue 
sinewave is twice the frequency of the red sinewave. The 
compound curve (black line) is the sum of the distances of the 
sinewaves from the baseline of the graph. 
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Waveforms (continued) 


You can create your own waveform as an input for your au- 
dio amplifier with the basic astable 555 timer circuit shown 
in Figure 5-51. You have to be careful, though, not to over- 
load the amplifier input. Note the 680K series resistor on the 
output pin of the timer. Also note the 5000 potentiometer. 


To input of 
audio amplifier 


Figure 5-51. A 555 timer is wired in astable mode using the 
component values shown here to generate a wide range of 
audible frequencies when the 100K potentiometer is adjusted. 
After the output is reduced in power, it can feed into the ampli- 
fier chip that was used previously. 


Disconnect your music player and connect the output from 
the 555 circuit to the input point (the 33K resistor) in the 
amplifier circuit shown earlier in Figure 5-41. You don't have 
to worry about a separate connection on the negative side 
as long as the 555 timer shares the same breadboard and 
the negative side of its power supply. 


Make sure that the 5000 potentiometer is turned all the 
way to short the output from the timer to the negative side 
of the power supply. This functions as your volume control. 
Also make sure the 100K potentiometer is in the middle of 
its range. Switch on the power and slowly turn up the 5000 
potentiometer until you hear a tone. 
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Now adjust the 100K potentiometer to create a low-pitched 
note. You'll find that it doesn't have a “pure” sound. There 
are some buzzing overtones. This is because the 555 timer 
is generating square waves such as those shown in Figure 
5-52, not sine waves, and a square wave is actually a sum 

of many different sine waves, some of which have a high 
frequency. Your ear hears these harmonics, even though 
they are not obvious when you look at a square-shaped 
waveform. 


Route one of the connections to your loudspeaker through 
your spool of hookup wire, and now you should hear a 
much purer tone, as the buzzing high frequencies are 
blocked by the self-inductance of the coil. Remove the coil 
and substitute the 10 uF capacitor, and now you hear more 
buzzing and less bass. 


You've just taken a small step toward sound synthesis. If this 
subject interests you, you can go online and search for oscil- 
lator circuits. For a thorough understanding of the relation- 
ship between waveforms and the sounds you hear, you'll 
really need an oscilloscope, which will show you the shape 
of each waveform that you generate and modify. 


Voltage 


Time —> 


Figure 5-52. The output from a 555 timer is either “on” or “off,” 
with a very fast transition between those two states. The result 
is an almost perfect square wave. Theoretically, this can be 
disassembled into a complex set of sine waves that have many 
different frequencies. The human ear hears the high frequen- 
cies as harsh overtones. 


Experiment 30: Fuzz 


Let's try one more variation on the circuit in Experiment 28. This will demon- 
strate another fundamental audio attribute: distortion. 


You will need: 


One more 100K potentiometer. 


Generic NPN transistors: 2N2222 or similar. Quantity: 2. 


Various resistors and capacitors. 


Clipping 


In the early days of “hi-fi” sound, engineers labored mightily 
to perfect the process of sound reproduction. They wanted 
the waveform at the output end of the amplifier to look 
identical with the waveform at the input end, the only dif- 
ference being that it should be bigger, so that it would be 
powerful enough to drive loudspeakers. Even a very slight 
distortion of the waveform was unacceptable. 


Little did they realize that their beautifully designed tube 
amplifiers would be abused by a new generation of rock 
guitarists whose intention was to create as much distortion 
as possible. 


The most common form of waveform abuse is techni- 

cally known as “clipping.” If you push a vacuum tube or a 
transistor to amplify a sine wave beyond the component's 
capabilities, it “clips” the top and bottom of the curve. This 
makes it look more like a square wave, and as | explained in 
the section on waveforms, a square wave has a harsh, buzz- 
ing quality. For rock guitarists trying to add an edge to their 
music, the harshness is actually a desirable feature. 


Figure 5-53. This Vox Wow-Fuzz pedal was one of the early 
stomp boxes, which deliberately induced the kind of distortion 
that audio engineers had been trying to get rid of for decades. 


Experiment 30: Fuzz 


The first gadget to offer this on a commercial basis was 
known as a “fuzz box,’ which deliberately clipped the input 
signal. An early fuzz box is shown in Figure 5-53. The clip- 
ping of a sine wave is shown in Figure 5-54. 


Figure S-S4. When a sinewave (top) is passed through an 
amplifier which is turned up beyond the limit of its components 
(shown as dashed lines, center), the amplifier chops the wave 
(bottom) in a process known as “clipping.” The result is close 
to a square wave and is the basic principle of a fuzz box com- 
monly used to create a harsh guitar sound. 
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Schematic 


The output from the 555 timer is a square wave, so it already sounds quite 
“fuzzy, but we can make it more intense to demonstrate the clipping princi- 
ple. I've redrawn the whole circuit in Figure 5-55, as several components have 
changed. The principal alteration is the addition of two NPN transistors. 


If you assemble this circuit on your breadboard, note carefully that the 33K 
and 10K resistors at the bottom of the amplifier chip have been removed, and 
there's now just an 8200 resistor in that location. The bottom of the adjacent 
0.22 uF capacitor is still the input point for the amplifier, and if you follow the 
connection around to the middle of the schematic, you'll find it leading to a 
100K potentiometer. This is your “fuzz adjuster.’ 


The two NPN transistors are arranged so that the one on the left receives out- 
put from the 555 timer. This signal controls the flow of electricity through the 
transistor from a 33K resistor. This flow, in turn, controls the base of the right- 
hand transistor, and the flow of current through that is what ultimately con- 
trols the amplifier. 


When you power up the circuit, use the 100K potentiometer attached to the 
555 timer to adjust the frequency (as before) and crank the “fuzz adjuster” po- 
tentiometer to hear how it adds increasing “bite” to the sound until ultimately 
it becomes pure noise. 


The two transistors act as amplifiers. Of course, we didn't need them for that 
purpose—the input level for the amplifier chip was already more than ade- 
quate. The purpose of the lefthand transistor is simply to overload the right- 
hand transistor, to create the “fuzz” effect. And when you turn up the output 
from the transistors with the “fuzz adjuster,’ eventually they overload the input 
of the amplifier chip, creating even more distortion. 


If you want to tweak the output, try substituting different values for the 1K 
resistor and the 1 uF capacitor that are positioned between the emitter of the 
righthand transistor and the negative side of the power supply. A larger resis- 
tor should overload the transistor less. Different capacitor values should make 
the sound more or less harsh. 


You can find literally thousands of schematics online for gadgets to modify 
guitar sound. The circuit I’ve included here is one of the most primitive. If you 
want something more versatile, you should search for “stomp box schematics” 
and see what you can find. 
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Figure 5-55. For a quick demo of clipping, insert a couple of transistors between the output 
from the 555 timer and the input of the amplifier chip. One transistor overdrives the 

other, so that when you adjust the potentiometer at the center of the circuit, you hear an 
increasingly harsh, distorted sound. 
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Stomp-box origins 


The Ventures recorded the first single to use a fuzz box, Wireless World. In his fuzz circuit, he uses a very high-gain 
titled “The 2,000 Pound Bee,’ in 1962. Truly one of the most amplifier consisting of three field-effect transistors (FETs), 
awful instrumentals ever made, it used distortion merely which closely imitate the rounded square-wave typical of an 
as a gimmick and must have discouraged other musicians overdriven tube amp. 


from taking the concept seriously. ; l PRN 
9 p y Dellepiane offers dozens more schematics on his site, devel- 


Ray Davies of the Kinks was the first to embody distortion oped and tested with a dual-trace oscilloscope, low-distortion 
as an integral part of his music. Davies did it initially by plug- sinewave oscillator (so that he can give audio devices a “clean” 
ging the output from one amp into the input of another, input), distortion meter, and precision audio volt meter. 
supposedly during the recording of his hit “You Really Got This last item, and the oscillator, were built from his own 
Me.’ This overloaded the input and created clipping—the designs, and he gives away their schematics, too. Thus his 
basic fuzz concept. From there it was a short step to Keith site provides one-stop shopping for home-audio electronics 
Richards using a Gibson Maestro Fuzz-Tone when the Roll- hobbyists in search of a self-administered education. 


ing Stones recorded “(I Can't Get No) Satisfaction” in 1965. 
J l ) Before fuzz, there was tremolo. A lot of people confuse this 


Today, you can find thousands of advocates promoting with vibrato, so let's clarify that distinction right now: 
as many different mythologies about “ideal” distortion. In 
Figure 5-56, l've included a schematic from Flavio Dellepi- 
ane, a circuit designer in Italy who gives away his work (with 
a little help from Google AdSense) at http://www.redcircuits. 
com. Dellepiane is self-taught, having gained much of his 
knowledge from electronics magazines such as the British 
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e Vibrato applied to a note makes the frequency waver 
up and down, as if a guitarist is bending the strings. 

e Tremolo applied to a note makes its volume fluctuate, 
as if someone is turning the volume control of a guitar 
up and down very quickly. 
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Figure 5-58. This circuit designed by Flavio Dellepiane uses three transistors to simulate the kind of distortion that used to be cre- 
ated by overloading the input of a tube amplifier. 
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Stomp-box origins (continued) 


Harry DeArmond sold the first tremolo box, which he 
named the Trem-Trol. It looked like an antique portable 
radio, with two dials on the front and a carrying handle on 
top. Perhaps in an effort to cut costs, DeArmond didn't use 
any electronic components. His steam-punkish Trem-Trol 
contained a motor fitted with a tapered shaft, with a rubber 
wheel pressing against it. The speed of the wheel varied 
when you turned a knob to reposition the wheel up and 
down the shaft. The wheel, in turn, cranked a little capsule 
of “hydro-fluid,’ in which two wires were immersed, carrying 
the audio signal. As the capsule rocked to and fro, the fluid 
sloshed from side to side, and the resistance between the 
electrodes fluctuated. This modulated the audio output. 


Today, Trem-Trols are an antique collectible. When industrial 
designer Dan Formosa acquired one, he put pictures online 
at http://www.danformosa.com/dearmond.html. And Johann 
Burkard has posted an MP3 of his DeArmond Trem-Trol so 
you can actually hear it: http://johannburkard.de/blog/music/ 
effects/DeArmond-Tremolo-Control-clip.html. 


The idea of a mechanical source for electronic sound mods 
didn't end there. The original Hammond organs derived 
their unique, rich sound from a set of toothed wheels 
turned by a motor. Each wheel created a fluctuating induc- 
tance in a sensor like the record head from a cassette player. 


It’s easy to think of other possibilities for motor-driven 
stomp boxes. Going back to tremolo: imagine a transpar- 
ent disc masked with black paint, except for a circular stripe 
that tapers at each end. While the disc rotates, if you shine 
a bright LED through the transparent stripe toward a light- 
dependent resistor, you would have the basis for a tremolo 
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Figure 5-57. Although electromechanical audio devices are 
obsolete now, some unexplored possibilities still exist. This 
design could create various tremolo effects, if anyone had the 
patience to build it. 
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device. You could even create never-before-heard tremolo 
effects by swapping discs with different stripe patterns. 
Figures 5-57 and 5-58 show the kind of thing | have in mind. 
For a real fabrication challenge, how about an automatic 
disc changer? 


Today's guitarists can choose from a smorgasbord of effects, 
all of which can be home-built using plans available online. 
For reference, try these special-interest books: 


e Analog Man's Guide to Vintage Effects by Tom Hughes 
(For Musicians Only Publishing, 2004). This is a guide to 
every vintage stomp box and pedal you can imagine. 


e How to Modify Effect Pedals for Guitar and Bass by Brian 
Wampler (Custom Books Publishing, 2007). This is an 
extremely detailed guide for beginners with little or 
no prior knowledge. Currently it is available only by 
download, from sites such as http://www.openlibrary. 
org, but you may be able to find the previous printed 
edition from secondhand sellers, if you search for the 
title and the author. 


Of course, you can always take a shortcut by laying down a 
couple hundred dollars for an off-the-shelf item such as a 
Boss ME-20, which uses digital processing to emulate distor- 
tion, metal, fuzz, chorus, phaser, flanger, tremolo, delay, 
reverb, and several more, all in one convenient multi-pedal 
package. Purists, of course, will claim that it “doesn’t sound 
the same,’ but maybe that’s not the point. Some of us simply 
can't get no satisfaction until we build our own stomp box 
and then tweak it, in search of a sound that doesn't come 
off-the-shelf and is wholly our own. 


Figure 5-58. Different stripe patterns could be used in conjunc- 
tion with the imaginary electromechanical device in Figure 
5-57 to create various tremolo effects. 
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Experiment 31: One Radio, No Solder, No Power 


Figure 5-58. Just add wire and a coil, and 
this is all you need to receive AM radio 
signals. The black disc becomes the 
tuning dial, after it is screwed onto the 
variable capacitor (right). This is actually 
an optional extra. A germanium diode 
(center) rectifies the radio signal. The 
high-impedance earphone (top) creates a 
barely audible sound. 


Figure 5-80. A large, 3-inch diameter empty 
vitamin bottle makes an ideal core for a 
crystal radio coil. The drilled holes will 
anchor wire wrapped around the bottle. 


262 


Experiment 31: One Radio, No Solder, 
No Power 


Time now to go back one more time to inductance and capacitance, and dem- 
onstrate an application which also makes use of the way that waveforms can 
be added to each other. | want to show you how a simple circuit with no power 
supply at all can receive AM radio signals and make them audible. This is of- 
ten known as a crystal radio, because the circuit includes a germanium diode, 
which has a crystal inside it. The idea dates back to the dawn of radio, but if 
you've never tried it, you've missed an experience that is truly magical. 


You will need: 
e Rigid cylindrical object, such as a vitamin bottle. Quantity: 1. 
e 22-gauge hookup wire, solid-core. Quantity: 60 feet. 
e 16-gauge wire, stranded. Quantity: 100 feet. 
e Polypropylene rope (“poly rope”) or nylon rope. Quantity: 10 feet. 
e Germanium diode. Quantity: 1. 
e High-impedance headphone. Quantity: 1. 


The diode and headphone can be ordered from http://www.scitoyscatalog.com. 
You cannot use a modern headphone of the type you wear with an MP3 player. 


Some of these items are shown in Figure 5-59. 


First, you need to make a coil. It should be about 3 inches in diameter, and you 
can wind it around any empty glass or plastic container of that size, so long 
as it's rigid. A soda bottle or water bottle isn't suitable, because the cumula- 
tive squeezing force of the turns of wire can deform the bottle so that it isn’t 
circular anymore. 


| chose a vitamin bottle that just happened to be exactly the right size. To re- 
move the label, | softened its adhesive with a heat gun (lightly, to avoid melt- 
ing the bottle) and then just peeled it off. The adhesive left a residue, which 
| removed with Xylol (also known as Xylene). This is a handy solvent to have 
around, as it can remove “permanent” marker stains as well as sticky residues, 
but you should always use latex or nitrile gloves to avoid getting it on your 
skin, and minimize your exposure the fumes. Because Xylol will dissolve some 
plastics, clearly it’s not good for your lungs. 


After you prepare a clean, rigid bottle, drill two pairs of holes in it, as shown in 
Figure 5-60. You'll use them to anchor the ends of the coil. 


Now you need about 60 feet of 22-gauge solid-core wire. If you use magnet 
wire, its thin insulation will allow the turns of the coil to be more closely spaced, 
and the coil may be slightly more efficient. But everyday vinyl-insulated wire 
will do the job, and is much easier to work with. 


Begin by stripping the first 6 inches of insulation from the end of the wire. 
Now measure 50 inches along the insulated remainder and apply your wire 
Strippers at that point, just enough to cut the insulation without cutting the 
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wire. Use your two thumb nails to pull the insulation apart, revealing about a 
half-inch of bare wire, as shown in Figure 5-61. Bend it at the center point and 
twist it into a loop, as shown in Figure 5-62. 


You just made a “tap;' meaning a point where you will be able to tap into the 
coil after you wind it. You'll need another 11 of these taps, all of them spaced 
50 inches apart. (If the diameter of the bottle that you'll be using as the core 
of your coil is not 3 inches, multiply its diameter by 16 to get the approximate 
desired spacing of taps.) 


After you have made 12 taps, cut the wire and strip 6 inches off that end. Now 
bend the end into a U shape about a half-inch in diameter, so that you can 
hook it through the pair of holes that you drilled at one end of the bottle. Pull 
the wire through, then loop it around again to make a secure anchor point. 


Now wind the rest of the wire around the bottle, pulling it tightly so that 
the coils stay close together. When you get to the end of the wire, thread it 
through the remaining pair of holes to anchor it as shown in Figure 5-63. The 
completed coil is shown in Figure 5-64. 


La _ aa E 
Figure S-S2. Each exposed section of wire 
is twisted into a loop using sharp-nosed 
pliers. 


Figure 5-83. The stripped end of the wire 
is secured through the holes drilled in the 
bottle. 


Your next step is to set up an antenna. If you live in a house with a yard outside, 
this is easy: just open a window, toss out a reel of 16-gauge wire while holding 
the free end, then go outside and string up your antenna by using polypro- 
pylene rope (“poly rope”) or nylon rope, available from any hardware store, 
to hang the wire from any available trees, gutters, or poles. The total length 
of the wire should be about 100 feet. Where it comes in through the window, 
suspend it on another length of poly rope. The idea is to keep your antenna 
wire as far away from the ground or from any grounded objects as possible. 


If you live in an apartment where you don't have access to a yard outside, you 
can try stringing your antenna around the room, hanging the wire from more 
pieces of poly rope. The antenna should still be about 100 feet long, but obvi- 
ously it won't be in a straight line. 


Hook the free end of your antenna to one end of your coil. Atthis point, you also 
need to add a germanium diode, which functions like a silicon-based diode but 
is better suited to the tiny voltages and currents that we'll be dealing with. The 
other end of the diode attaches to one of the wires leading to a high-impedance 
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Figure S-S1. Wire strippers expose the solid 


conductor at intervals along a 22-gauge 
wire. 


Figure 5-84. The completed coil, wrapped 
tightly around the bottle. 
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High Voltage! 


The world around us is full of electric- 
ity. Normally we're unaware of it, but 
a thunderstorm is a sudden reminder 
that there's a huge electrical poten- 
tial between the ground below and 
the clouds above. 


Ifyou put up an outdoor antenna, 
never use it if there is any chance of a 
lightning strike. This can be extreme- 
ly dangerous. Disconnect the indoor 
end of your antenna, drag it outside, 
and push the end of the wire into the 
ground to make it safe. 
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earphone. A normal modern earphone or headphone will not work in this circuit. 
The return wire from the headphone is connected to a jumper wire, the other 
end of which can be clipped to any of the taps in your coil. 


One last modification, and you'll be ready to tune in. You have to ground the 
jumper wire. By this | mean connect it to something that literally goes into 
the ground. A cold-water pipe is the most commonly mentioned option, but 
(duh!) this will work only if the pipe is made of metal. Because a lot of plumb- 
ing these days is plastic, check under the sink to see if you have copper pipes 
before you try using a faucet for your ground. 


Another option is to attach the wire to the screw in the cover plate of an elec- 
trical outlet, as the electrical system in your house is ultimately grounded. But 
the sure-fire way to get a good ground connection is to go outside and ham- 
mer a 4-foot copper-clad grounding stake into reasonably moist earth. Any 
wholesale electrical supply house should be able to sell you a stake. They're 
commonly used to ground welding equipment. 
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Figure 5-85. The simple pleasure of picking up a radio signal with ultra-simple components 
and no additional power. 


Chapter 5 


Experiment 31: One Radio, No Solder, No Power 


Figures 5-66 and 5-67 show the completed radio. 


If you've managed to follow these instructions (one way or another), it’s time 
to tune your radio to the nearest station. Move the alligator clip at the end of 
your patch cord from one tap to another on your coil. Depending on where 
you live, you may pick up just one station, or several, some of them playing 
simultaneously. 


It may seem that you're getting something for nothing here, as the earphone 
is making noise without any source of power. Really, though, there is a source 
of power: the transmitter located at the radio station. A large amplifier pumps 
power into the broadcasting tower, modulating a fixed frequency. When the 
combination of your coil and antenna resonates with that frequency, you're 
sucking in just enough voltage and current to energize a high-impedance 
headphone. 


The reason you had to make a good ground connection is that the radio sta- 
tion broadcasts its signal at a voltage relative to ground. The earth completes 
the circuit between you and the transmitter. For more information on this and 
other concepts relating to radio, see the upcoming section “Theory: How radio 
works.” 


Enhancements 


The higher your antenna is, the better it should work. In my location, this is a 
major problem, as | live in a desert area without any trees. Still, just stringing 
the wire out of my window and tethering it (with rope) to the front bumper of 
my car enabled me to pick up a faint radio signal. 


To improve the selectivity of your radio, you can add a variable capacitor, as 
shown in the following section. This allows you to “tune” the resonance of your 
circuit more precisely. Variable capacitors are uncommon today, but you can 
find one at the same specialty source that | recommended for the earphone and 
the germanium diode: the Scitoys Catalog (http://www.scitoyscatalog.com). 


This source is affiliated with a smart man named Simon Quellan Field, whose 
site suggests many fun projects that you can pursue at home. One of his clever 
ideas is to remove the germanium diode from your radio circuit and substi- 
tute a low-power LED in series with a 1.5-volt battery. This didn’t work for me, 
because | live 40 miles from the nearest AM broadcaster. If you're closer to a 
transmitter, you may be able to see the LED varying in intensity as the broad- 
cast power runs through it. 
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Figure 5-58. A signal from the antenna 
can pass through the coil to ground. If the 
jumper wire is attached to an appropriate 
tap on the coil, it resonates with the radio 
signal, just powerfully enough to energize 
the earphone which is wired in series with 
a diode. 


Figure 5-87. The real-life version of Figure 
5266. 
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How radio works 


When electrical frequencies are very high, the radiation 
they create has enough energy to travel for miles. This is the 
principle of radio transmission: A high-frequency voltage is 
applied to a broadcasting antenna, relative to the ground. 


When I say “ground” in this instance, | literally mean the 
planet beneath us. If you set up a receiving antenna, it 

can pick up a faint trace of the transmission relative to the 
ground—as if the earth is one huge conductor. Actually 

the earth is so large and contains so many electrons, it can 
function as a common sink, like a gigantic version of the file 
cabinet that | suggested you should touch to get rid of static 
electricity in your body before touching a CMOS logic chip. 


To make a radio transmitter, | could use a 555 timer chip run- 
ning at, say, 850 kHz (850,000 cycles per second), and pass 
this stream of pulses through an amplifier to a transmission 
tower; if you had some way to block out all the other elec- 
tromagnetic activity in the air, you could detect my signal 
and reamplify it. 


This was more or less what Marconi (shown in Figure 5-68) 
was doing in 1901, after he had purchased rights to Edison's 
wireless telegraphy patent, although he had to use a primi- 
tive spark gap, rather than a 555 timer, to create the oscil- 
lations. His transmissions were of limited use, because they 
had only two states: on or off. You could send Morse code 
messages, and that was all. 


Figure 5-88. Marconi, the great pioneer of radio (photograph 
from Wikimedia Commons). 
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Five years later, the first true audio signal was transmitted 
by imposing lower audio frequencies on the high-frequency 
carrier wave. In other words, the audio signal was “added” to 
the carrier frequency, so that the power of the carrier varied 
with the peaks and valleys of the audio. 


At the receiving end, a very simple combination of a capaci- 
tor and a coil detected the carrier frequency out of all the 
other noise in the electromagnetic spectrum. The values of 
the capacitor and the coil were chosen so that their circuit 
would “resonate” at the same frequency as the carrier wave. 
Figures 5-69 and 5-70 illustrate these concepts. 
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Amplitude modulation 


Figure 5-88. When an audio signal (middle) is combined elec- 
tronically with a high carrer frequency (top), the result looks 
something like the compound signal at the bottom. In actual- 
ity, the carrier frequency would be much higher compared with 
the audio frequency, by a radio of perhaps 1,000:1. 
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Figure 5-70. When the compound signal is passed through a 
diode, only the upper half remains. An earphone cannot react 
fast enough to reproduce the high carrier frequency, so it 
“rides” the peaks and thus reproduces the audio frequency. 


Audible earphone 
response 


The schematic in Figure 5-71 shows the simple circuit that 
you built by wrapping a coil around an empty vitamin 
bottle. When a positive pulse was received by the antenna, 
it resonated with the antenna and the coil, provided that 
the antenna was long enough and the coil was tapped at 
the appropriate number of turns. 
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How radio works (continued) 


Figure 5-71. An antenna at the top of the schematic picks up faint 
electromagnetic radiation from a distant transmitter. The coil 

at the left side is tapped at intervals so that its resonance can 

be adjusted to match the carrier frequency of the radio signal. 
Other frequencies are grounded (at the bottom of the sche- 
matic). The diode passes the “top half” of the signal to the ear- 
phone at the right, which Is incapable of responding fast enough 
to reproduce the carrier frequency, and thus filters it out, leaving 
only the audio frequencies that were superimposed on it. 


By adding a capacitor, you can tune the circuit. Now an 
incoming pulse from the transmitter is initially blocked by 
the self-inductance of the coil, while it charges the capacitor. 
If an equally negative pulse is received after an interval that 
is properly synchronized with the values of the coil and the 
capacitor, it coincides with the capacitor discharging and the 
coil conducting. In this way, the right frequency of carrier 
wave makes the circuit resonate in sympathy. At the same 
time, audio-frequency fluctuations in the strength of the 
signal are translated into fluctuations in voltage in the circuit. 


What happens to other frequencies pulled in by the an- 
tenna? The lower ones pass through the coil to ground; the 
higher ones pass through the capacitor to ground. They are 
just “thrown away.’ 


The righthand half of the circuit samples the signal by pass- 
ing it through a germanium diode and an earphone. The 
power from the transmitter is just sufficient to vibrate the 
diaphragm in the earphone, after the diode has subtracted 
the negative half of the signal. 


Look back at the diagram of the amplitude-modulated 
signal. You'll see that it fluctuates up and down so rapidly, 
the earphone cannot possibly keep up with the positive- 
negative variations—hence the need for the diode. It will 
remain hesitating at the midpoint between the highs and 
lows, producing no sound at all. The diode solves this prob- 
lem by subtracting the lower half of the “audio envelope,” 
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leaving just the positive spikes of voltage. Although these 
are still very small and rapid, they are now all pushing the 
diaphragm of the earphone in the same direction, so that 
it averages them out, approximately reconstructing the 
Original sound wave. 


Figure 5-72 shows how the circuit can be enhanced with a 
variable capacitor, to tune it without needing to tap the coil 
at intervals. 


Figure S-72. By adding a capacitor to the circuit, its resonance 
can be tuned more precisely. The diagonal arrow indicates that 
a variable capacitor is used. 


The radio can pull in the stations on the AM (amplitude- 
modulated) waveband that happen to be most powerful in 
your area. The waveband ranges from 300 kHz to 3 MHz. If 
you find yourself interested in radio, your next step could 
be to build a powered radio using a couple of transistors. 
Alternatively you could build your own (legal) low-power 
AM transmitter. There's an ultra-simple kit available from 
http://www.scitoys.com consisting of just two principal 
components: a crystal oscillator, and a transformer, shown 
in Figure 5-73. That's all it takes. 


Figure 5-73. An AM radio transmitter can be made from just 
two components: a transformer (left) and a crystal oscillator 
(right), available from http://www.scitoys.com. 
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Figure S-74. A microswitch has a small 
button (at the front, righthand side in this 
picture) that is often actuated by a pivoted 
metal lever. The switch can respond to a 
very light pressure, but can handle rela- 
tively high currents. 
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Figure 5-75. For the Little Robot Cart, | 
found this 5-volt motor, which is supplied 
with a disc that fits its output shaft. The 
combination cost less than $10. 
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Robotics is another application of electronics that deserves a book in itself— 
or several books. So, once again, I'm going to give you an introduction fol- 
lowed by some points that you can follow if you want to go further. As always, 
| will start with the simplest possible device, which in the world of robotics is a 
cart that finds its way around your living room. 


You will need: 


e SPST or SPDT microswitches requiring minimal pressure to activate them. 
A force between 0.02 and 0.1 newtons would be ideal. Quantity: 2. See 
Figure 5-74. 


e DC gear-motor, rated for any voltage between 5 and 12, drawing a maxi- 
mum of 100mA in its free-running state, output shaft turning between 30 
and 60 RPM. Quantity: 1. A motor is shown in Figure 5-75. 


e Disc or arm that fits securely onto your motor shaft. Quantity: 1. 
e 555 timer. Quantity: 1. 


e DPDT nonlatching relay rated for the same voltage as your motor. 
Quantity: 1. 


e 1/4-inch plywood or plastic, one piece about 2 feet square. 

- #4sheet-metal screws, 5/8 inch or 3/4 inch long. Quantity: 2 dozen. 

« #6 bolts, 3/4 inch long, with nylon-insert lock nuts. Quantity: 2 dozen. 

e 1/4-inch bolts, 1 inch long, with nuts, to mount the wheels. Quantity: 4. 


I’m not specifying one particular motor, because if | did, it might not be avail- 
able by the time you read this. Motors aren't like logic chips, which have re- 
tained their basic function throughout various improvements over a period 
of several decades. Motors come and go, and many that you may run across 
will be surplus parts that will never been seen again. Search online for “gear- 
motor” or “gearhead motor” and find one as close as possible to the specifica- 
tion that | have provided. The mechanical power output of the motor shouldn't 
be important, because we won't be requiring it to do much work. 


The important consideration when you buy your motor is that you should also 
obtain something that fits onto its output shaft. Typically, this will be a disk or 
arm that can be screwed into place. To this you can then add a larger wheel of 
your own, which you can cut with a hole saw or make from the screw-on lid of 
a jar, or anything else circular that you may find in the house. 


A larger wheel will make your cart move faster than a smaller wheel, but will 
reduce its torque, thus limiting its power to overcome obstacles. 


This brings me to my next topic: fabrication. Although this is an electronics 
book, motors are electromechanical devices, and you have to be able to install 
them in some kind of a machine to get any interesting results. You can use 
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plywood to complete the two little robotics projects here (ideally, the kind of 
thin, high-quality plywood sold by hobby stores) but | recommend something 
that looks better and is easier to work with: ABS plastic. Before you start on the 
robotic cart, you may want to check the section “Fundamentals: All about ABS.” 


FUNDAMENTALS 


All about ABS 


Unless you think the steampunk movement isn't going back far enough, you 
probably don't want your autonomous robot cart to resemble a relic from 
before the 1800s. Therefore, wood may not be the best construction material. 
Metal can look nice, but is not easy to work with. For quick results that have a 
twentieth-century look (maybe even a 21st-century look), plastic is the obvious 
choice, and | feel that ABS is the best type of plastic to use, because it provides 
such quick, easy results. ABS stands for “acrylonitrile butadiene styrene.” Lego? 
blocks are made of ABS. Car-stereo installers and model-railroad buffs use it. 
You can use it, too. You can saw it, drill it, sand it, whittle it, and drive screws into 
it, and it won't warp, split, or splinter. It's washable, doesn't need to be painted, 
and will last almost forever. 


Delrin is another type of plastic, but tends to cost more and is a little tougher 

to drill and cut. It’s a matter of personal preference. ABS machines fairly well, 
but when you drill it, for example, it can “catch” on the bit and the piece will 
spin with the bit due to the way that plastic chips off with the bit. Delrin is self- 
lubricating and has better melting properties under the heat of machining, so it 
drills and cuts much more cleanly and easily than ABS. 


Where to find ABS 


Pieces of ABS a couple of feet square are available from online sources such as 
http://hobbylinc.com or estreetplastics (an eBay store), but you'll save money if 
you can truck on down to your nearest plastic supply house and buy it like ply- 
wood, in sheets measuring 4 by 8 feet. To discover whether you have a nearby 
plastic supply house, search for “plastic supply” in your yellow pages or Google 
Local. 


Piedmont Regal Plastics has many supply centers around the nation, but you'll 
have to collect it yourself, and they may not be willing to cut small pieces. You 
can check online at http://www.piedmontplastics.com for their locations. 


Stock colors of ABS include black, white, and “natural,” which is beige. Sheets 
usually are textured on one side, which is the side that should face outward, as 
it is more scratch-resistant than the smooth side. 


Because you won't be adding paint or other finishes, you'll have to be careful 
not to scuff the plastic or scratch it while working. Clean your bench thoroughly 
before you begin, taking special care to remove any metal particles, which tend 
to become embedded in the plastic. Use wooden shims in the jaws of your vise, 
and avoid resting the plastic accidentally on any sharp tools or screws. Working 
with ABS requires a clean environment and a very gentle touch. 
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Cut with Care 


You can saw ABS, but if you use a table saw, the plastic will tend to melt and stick to 
the blade. These smears will get warm and sticky when you feed the next piece of 
plastic into the saw, and the result will be extremely unpleasant. The whirling blade 
will grab the plastic and hurl it at you powerfully enough to break bones. This is 
known as “kickback” and is a very serious risk when sawing plastic. 


If you have extensive experience using a table saw, you are actually more vulnerable, 
because the reflexes and cautions you have developed while dealing with wood will 
not be adequate for working with plastic. Please take this warning seriously! 


Your first and most obvious precaution is to use a plastic-cutting blade, which has 

a larger number of thicker teeth to absorb the heat. The blade | have used is a Freud 
80T, but there are others. If you use a blade that is not suitable, you will see it starting 
to accumulate sticky smears. This is the only warning you will get. Clean that blade 
with a solvent such as acetone, and never use it for ABS again. 


Regardless of other precautions, always wear gloves and eye protection when using 
a table saw, and stand to one side when feeding materials into it. Personally, after 
one episode of kickback that I thought had broken my arm, I prefer not to use a table 
saw on plastic at all. 


For long, straight cuts, the alternatives include: 


« Panel saw (big and expensive, but safe and accurate). 


e Miniature handheld circular saw with a blade around 4 inches in diameter, 
guided with a straight edge clamped to the sheet. 


« Hand saw. This is my old-school preference. My favorite is a Japanese pull-to-cut 
saw, which makes very clean cuts: the Vaughan Extra-Fine Cross-Cut Bear Saw, 
9-1/2 inches, 17 tpi (teeth per inch). If you use one of these, be careful to keep your 
free hand out of the way, as the saw can easily jump out of the cut. Because it is 
designed to cut hard materials such as wood, it has no difficulty cutting soft flesh. 
Gloves are strongly recommended. 


Figure 5-78. The perils of kickback. Plastic easily sticks to the blade of a table saw, 
which will hurl it at you unexpectedly. Use other tools to cut plastic. 


Chapter 5 


Curving Cuts 


Curving cuts involve relatively little danger, although eye protection and 
gloves are still advisable. My preferred tools: 


e Band saw with a 3/8- or 1/4-inch blade designed for thin wood or plywood. 


e Jigsaw. | have a special liking for the DeWalt XRP using Bosch blades that 
are designed for hardwood or plastic. This will cut complex curves in ABS 
as easily as scissors cutting paper. 


No matter what type of saw you use, you'll have to clean ragged bits of plas- 
tic off the cut afterward, and the absolutely necessary item for this purpose 
is a deburring tool, available from http://www.mcmaster.com and most other 
online hardware sources. A belt sander or disc sander is ideal for rounding 
corners, and a metal file can be used to remove bumps from edges that are 
supposed to be straight. 


Figures 5-77 through 5-80 show various cutting tools. Figure 5-81 shows a de- 
burring tool, and Figure 5-82 shows a disc sander. 


Figure 5-77. A band saw is an ideal tool for 
cutting complex shapes out of ABS plastic. 
You can often find them secondhand for 
under $200. 


Figure 5-78. A handheld circular saw, run- 
ning along a stralght-edge, is much safer 
than a table saw for cutting plastic, and 
can produce comparable results. 


Figure S-80. This DeWalt jigsaw can run at Figure S-81. A deburring tool will clean and 
very Slow speeds, enabling precise and bevel the sawn edge of a piece of plastic in 
careful work with plastic. just a couple of quick strokes. 

What Next? 


Experiment 32: A Little Robot Cart 


Figure 5-78. This Japanese-style saw cuts 
when you pull it, rather than when you 
push it. After some practice, you can use 
it to make very accurate cuts. Because 
ABS is so soft, minimal muscle-power is 
required. 


Figure 5-82. A belt sander or disc sander 
is the ideal tool for rounding corners when 
working with ABS plastic. 
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Figure S-83. A Forstner drill bit makes 
clean, precise holes; a large regular drill bit 
will chew up ABS plastic and make a mess. 


Figure 5-84. By drilling holes at any 
location where two bends intersect, you 
reduce the risk of the plastic fissuring. 


Figure 5-85. Making clean, precise bends 
in ABS is simply a matter of resting the 
plastic over a bender that consists of an 
electric heating element. 
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Making Plans 


| like to use drawing software to create plans, and | try to print them at actual 
scale. | tape them to the smooth side of a piece of white or natural-color ABS, 
then use an awl to prick through the plan into the soft surface beneath. | re- 
move the paper and connect the awl marks by drawing onto the plastic using 
a pencil or a fine-point water-soluble pen. Its lines can be wiped away later 
with a damp cloth. Don't use a permanent marker, as the solvents that you will 
need to clean it may dissolve the plastic. 


Because ABS will tend to open a fissure when you bend it at any inside corner 
where you don't have a smooth radius, you need to drill holes at these loca- 
tions, as shown in the cart plans in Figure 5-92 on page 275. 


A regular half-inch drill bit is too aggressive; it will tend to jam itself into the 
plastic within one turn of the drill. Use Forstner bits (shown in Figures 5-83 and 
5-84) to cut nice smooth circles. 


Note that the heat from bending will tend to make any marks on the plastic 
permanent. 


Bending It 


A big advantage of plastic over wood is that you can make complex shapes by 
bending them, instead of cutting separate pieces and joining them with nails, 
screws, or glue. Unfortunately, bending does require an appropriate bender: an 
electric heating element mounted in a long, thin metal enclosure that you place 
on your workbench. The bender | use is made by FTM, a company that offers all 
kinds of neat gadgets for working with plastic. Their cheapest bender, shown in 
Figure 5-85, is just over $200 with a 2-foot element. You can get a 4-foot model 
for about $50 more. Check them out at http://thefabricatorssource.com. 


Avoid Burns While Bending 


A plastic bender will inflict serious burns if you happen to rest your hand on it ac- 
cidentally, and because it has no warning light, you can easily forget that you have 
left it plugged in. Use gloves! 


To bend plastic, lay it over the hot element of a plastic bender for a brief time 
(25 to 30 seconds for 1/8-inch ABS, 40 to 45 seconds for 3/16-inch, and up toa 
minute for 1/4-inch). If you overheat the plastic, you'll smell it, and when you 
turn it over you'll find it looks like brown melted cheese. Naturally you should 
learn to intervene before the plastic reaches that point. 


ABS is ready to bend when it yields to gentle pressure. Take it off the bender 
and bend it away from the side that you heated. If you bend it toward the hot 
side, the softened plastic will bunch up inside the bend, which doesn't look 
nice. 
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You can work with it for about half a minute, and when you have it the way 
you want it, spray or sponge water onto it to make it set quickly. Alternatively, 
if you need more time, you can reheat it. The amount of force necessary to 
bend the sheet increases in proportion with the length of the bend, so a long 
bend can be difficult, and | usually insert it into a loose vise, push it a bit, move 
it along to the next spot, and push it again. 


Because plastic bending is very similar to making shapes in origami, it’s agood 
idea to model your projects in paper before you commit yourself to ABS. 


If you decide that you don't want to spend money on a bender, don't aban- 
don plastic just yet—you can use screws to assemble separate sections with 
greater ease and convenience than if you were working with wood. 


Making 90-Degree Joints 


Driving screws into the edge of a piece of plywood will almost always separate 
its layers, but ABS has no layers (or grain, either), and never splits or shatters. 
This means that you can easily join two pieces at 90° using small screws (#4 
size, 5/8-inch long). 


Figures 5-86 through 5-90 show the procedure for joining 1/8-inch (or thicker) 
ABS to 1/4-inch ABS, which | regard as the minimum thickness when you're 
inserting screws into its edge: 


1. Mark a guideline on the thinner piece of plastic, 1/8 inch from its edge. 
For #4 screws, drill holes using a 7/64-inch bit. If you're using flat-headed 
screws, countersink the holes very gently. 


Figure 5-88 


2. Hold or clamp the pieces in place and poke a pen or pencil through the 
holes to mark the edge of the 1/4-inch plastic beneath. 


3. Remove the thin plastic, clamp the 1/4-inch plastic in a vise, and drill 
guide holes for the screws at each mark, centered within the thickness of 
the plastic. Because ABS does not compress like wood, the holes must be 
larger than you may expect; otherwise, the plastic will swell around the 
screw. A 3/32-inch bit is just right for a #4 screw. 


4. Assemble the parts. Be careful not to overtighten the screws; it's easy to 
strip the threads that they cut in the soft plastic. 
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Figure 5-88 


Figure 5-81. If you have 3D rendering 
software, it can be a great way to test the 
feasibility of a construction project before 
you start cutting materials and trying to 
fit pieces together. This rendering was a 
proof-of-concept for the Little Robot Cart. 
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Figure 5-88. Figures 5-86 through 5-89 Figure 5-80. Three #4 screws driven into 
illustrate four steps to join two pieces of the edge of ABS, using a 1/16-inch guide 
ABS using #4 sheet-metal screws. Cut hole, a 5/64-inch guide hole, and a 3/32- 
//64-inch holes on a line 1/8 inch from the inch guide hole. respectively Because the 
edge of the first piece, then mark through first two guides holes were too small, the 
the holes to the edge of the second piece. plastic swelled around the screw (but did 
Drill 3/32-inch holes that are precisely not break). 


centered in the edge, then screw the 
pieces together. 


Framing Your Cart 


For reasons that will soon be apparent, I’ve chosen an unusual diamond- 
shaped configuration of wheels. In the rendering shown in Figure 5-91, the 
front wheel (at the far end of the cart) applies power, the rear wheel (at the 
near end of the cart) steers the cart when backing up, and the side wheels 
prevent it from falling over. 


Depending on the type of motor that you buy, you'll have to improvise a way 
to mount it in the front section of the cart. Don't be afraid to use kludges such 
as cable ties, duct tape, or even rubber bands to attach the motor to the frame. 
We're making a rough prototype, here, not a thing of beauty (although if you 
decide you like the cart, you can always rebuild it beautifully later). 


The plan in Figure 5-92 shows the pieces that you will need. Part A is the body 
of the cart. If you're going to bend it from ABS, you should drill half-inch holes, 
with a forstner bit, at the four inside corners, so that these corners have round- 
ed edges. If you simply saw the plastic to make sharp 90° corners, the plastic 
may develop fissures at the corners when you bend it. If you don't have a plas- 
tic bender and don't feel inclined to buy one, you can make Part A from three 
separate rectangles and then screw them together. 
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Figure 5-82. These sections of 1/4-inch plastic can be assembled to create the simple cart 
described in Experiment 31. 


Part B is a wheel, of which you will need four. | cut them using a 3-inch hole 
saw. The front wheel is screwed to whatever disc or arm you obtained to mate 
with the shaft of your motor. See Figure 5-93. 


Parts C, D, and E assemble to form a yoke in which the rear wheel is mounted. | 
used a 2-inch hinge to pivot the yoke. The hinge is mounted on Part F, which is 
a partition located midway in the frame of the cart. The photographs in Figures 
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Figure 5-83. A 3-inch wheel is screwed to 
the disc that mates with the drive shaft of 
the motor. 
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Figure 5-34. The assembled body of the 
cart, before adding control electronics. 
The wheel at the righthand end will pull the 
cart from left to right. The hinged trailing 
wheel will allow the cart to move in a rela- 
tively straight line when it moves forward, 
but will tend to turn it when it backs up. 


Figure 5-85. A closeup of the hinged trailing 
wheel, which rotates freely and can flip 
from side to side with minimal friction. 


2/6 


5-94 and 5-95 will help to make this clear. Initially, when you install Part F, use 
only two screws, one each side, so that you can adjust its angle a little. This will 
be necessary to optimize the contact of the wheels with the floor. 


The side wheels and rear wheel must spin freely, but on the other hand, they 
shouldn't wobble. | simply tightened the nuts on the bolts that serve as axles 
for the wheels, until there was maybe half a millimeter of clearance. | added a 
drop of Loctite to stop the nuts from getting loose. 


The plans don't show precisely where to drill holes for the axle bolts, because 
the location will depend on the size of your wheels. You can figure this out as 
you go along. Just make sure that the side wheels aren't mounted too low. We 
don’t want them to lift the front wheel or the rear wheel off the floor. If the 
side wheels are a fraction higher off the ground than the front and rear wheels, 
that's good. 


If you have tile or wood floors, your cart may acquire better traction if you 
wrap a thick rubber band around each disc that you use for the drive wheel 
and the steering wheel. 


The most important aspect of the construction is to place microswitches 
where they'll be triggered when the cart runs into something. | placed mine 
at the front corners, as shown in Figures 5-96 and 5-97. And that brings me to 
the electronics. 


Figure 5-87. Two microswitches with metal 
arms are mounted on each side of the 
cart, where they will sense any obstacle. 


The Circuit 


The schematic is very, very simple, with only four principal components: two 
microswitches that sense obstacles in front of the cart, one relay, and one 555 
timer. You will also need a small power switch, a battery or battery pack, and 
a resistor, and capacitors to go with the timer. A trimmer potentiometer will 
allow you to adjust the “on” time of the 555 timer, which will determine how 
long the cart takes to back up. See Figure 5-98. 
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Figure 5-88. This ultrasimple schematic is all the cart needs to enable it to back up when it 
hits an obstacle. 


The motor | chose requires 5 volts, so | had to use a voltage regulator with a 
9-volt battery. If your motor uses 6 volts, you can wire four AA batteries to it 
directly. If you have a 12-volt motor, you can use two 9-volt batteries in series, 
supplying power through a 12-volt voltage regulator. 


Assemble the components, mount them on the cart, and switch it on, and it 
should move forward slowly in a more-or-less straight line. If it moves back- 
ward, reverse your connection to the terminals on the motor. 


When the cart bumps into something, either of the microswitches will con- 
nect negative voltage to the input pin of the 555 timer. This triggers the timer, 
which runs in monostable mode, generating a single pulse lasting about 5 
seconds, which closes the relay, which is wired so that it reverses the voltage 
to the motor. 


When the voltage is reversed to a simple DC motor, it runs backward. So the 
cart backs up. Because the rear wheel is mounted in a yoke that pivots, the 
yoke will tend to flip one way or the other, causing the cart to describe an 
arc as it moves backward. At the end of the timer cycle, the relay relaxes and 
the cart starts moving forward again. In forward mode, the rear wheel just 
follows along without applying any steering force, so the cart tends to follow 
a straight line—until it hits another obstacle, at which point it backs up, and 
tries another path. 
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A FUNDAMENTALS 


All about limit switches 


The most obvious enhancement for your cart would be a better steering 
mechanism. You could use another motor to take care of this, with a pair of limit 
switches. Because limit switches are a basic, important idea in conjunction with 
motors, I'll explain them in detail. 


Figure 5-99 shows three successive views of a motor with an arm attached to it, 
which can press either a lower pushbutton or an upper pushbutton. Both of the 
pushbuttons are normally closed, but will open when pressed by the motor arm. 
These buttons are the limit switches. Typically you would use microswitches for 
this purpose, just like the ones that | suggested as barrier-sensors at the front of 
the cart. 


In addition, there's a DPDT relay that is activated by a simple on/off switch at 
the righthand side. On the cart, the 555 timer takes the place of the on/off 
switch, by feeding power to the relay. 


Suppose that the motor begins with the arm pointing downward, as shown 

in the top view in Figure 5-99, and the motor is wired so that when it receives 
negative voltage at its lower terminal and positive at its upper terminal, it 
rotates counter-clockwise. This is what happens when the on/off switch closes 
and sends power to the DPDT relay. Positive voltage from the relay contacts 
cannot pass through the upper diode, but can pass through the upper limit 
switch, which is closed. Negative voltage cannot pass through the lower limit 
switch, because it's open, but can pass through the lower diode. So, the motor 
starts to turn counterclockwise. During the midpoint of its arc, it receives power 
through both of the limit switches. 


Finally, the motor arm reaches the upper switch, and opens it. This prevents 
positive voltage from reaching the motor through that switch, and the positive 
voltage is also blocked by the upper diode. So, at this time, the motor stops. 


Now suppose that the on/off switch is opened, as in the top view in Figure 
5-100. The relay loses its power, so its contacts relax. The voltage to the motor is 
now reversed. Negative voltage passes through the upper diode, while positive 
voltage reaches the motor through the lower limit switch. The motor starts 
running clockwise, until its arm hits the lower switch, opening it and cutting off 
power to the motor. 


Limit switches are necessary, because if you continue to apply voltage to a 
simple DC motor that is unable to turn, the motor sucks more current, gets hot, 
and may burn out. 


You can easily see how this kind of system could be used to control the cart's 
steering. Even though the motor has only two positions, these are sufficient to 
make the cart turn when going backward, and proceed straight ahead when 
going forward. 


To reduce power consumption, the DPDT relay could be replaced with a two- 
coil latching relay. The circuit would then have to be revised so that the relay is 
flipped to and fro by a pulse to each of its coils. 
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Figure 5-88. The three diagrams, from top to bottom, show Figure 5-100. When the on/off switch at bottom-right opens, 
three snapshots of a motor controlled by a DPDT relay and the relay connects its upper contacts. This causes the motor 
two limit switches. When the on/off switch at bottom-right to run clockwise until its arm opens the lower limit switch. 
sends power to the relay, the lower relay contacts cause the Limit switches avoid the overheating and possible damage 
motor to run counterclockwise until it stops itself as its arm that are likely when power is delivered to a motor that is 
opens the upper limit switch. prevented from turning. 
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All about motors 


Brushed DC motor 
This is the oldest, simplest design for an electric motor, 
shown in very simplified form in Figure 5-101. Coils are 
attached to a shaft where they can interact with sta- 
tionary magnets around them. The magnetic attraction 
turns the shaft a little, at which point the next coil on 
the shaft is energized to turn the shaft a little more, and 
then the next coil—and so on. To make this happen, 
electricity has to be fed into the coils by “brushes,” often 
consisting of soft carbon pads that conduct power to 
a hub, known as a commutator, divided into sections, 
each of which is connected to a separate coil. 


This basic design has several advantages if we want to 
build a small motorized gadget, such as a miniature 
robot or even a model airplane: 


e Widely available 

e Low cost 

e Simple 

e Reliable 

e Will run in reverse when voltage reverses 


In addition, brushed motors are often sold with reduc- 
tion gearing built in. Such units are known as gearhead 
motors or gear motors. They free you from the need to 
use your own gears or belts to adjust the output speed 
yourself. You simply choose the motor that fits your 
specification. 


DC stepper motor 
This requires a controller, consisting of some electron- 
ics to tell the motor to rotate its shaft in small, discrete 
steps. The advantages of a stepper motor are: 


e Precise positioning of the shaft 
e Precise speed adjustment 


Stepper motors are ideal for devices such as computer 
printers, where the paper has to roll up by a precise 
distance and the print head has to move laterally by 

an equally precise distance, but they are also useful in 
robots. If the motor is small enough to draw less than 
200mA and will run on 12 volts or less, you can control 
it with pulses from a 555 timer. l'Il describe stepper mo- 
tors in more detail in Experiment 33. 
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Servo motor 
This is generally used in conjunction with a program- 
mable microcontroller, which sends instructors to 
rotate the motor shaft to a specific position and then 
hold it there. I'll mention servo motors when | intro- 
duce you to microcontrollers, but we won't be dealing 
with them in detail. 


Other types of motors exist, including brushless DC motors 
(which require a different type of controller and are found 
in computer disk drives and CD players), and AC motors 
(including synchronous motors, which synchronize their 
rotation with the frequency of AC voltage, and were used 
extensively in clocks, before clocks mostly became digital). 


In this book, I'll be talking mostly about brushed DC motors 
and DC stepper motors. 


Coil 


Val Magnet 


Commutator 


Brushes 


Figure 5-101. The basic principle of a simple DC motor. The 
commutator passes electricity through a coil, creating a mag- 
netic field that interacts with a magnet around the motor. The 
coil turns, and the commutator turns with it, until the electric 
field through the coil is reversed. This causes the process to re- 
peat. In reality, a motor is likely to have a commutator formed 
from multiple segments, connected with multiple coils. The 
principle, however, remains the same. 


Take-home messages from this experiment include the following: 


e You can buy simple DC motors with reduction gearing built in, providing 
your choice of RPM. Literally hundreds of websites will sell you small mo- 
tors for robotics projects. 


e When you reverse the voltage to a DC motor, the motor runs in reverse. 


e A DPDT relay can be wired so that when it closes its contacts, it reverses a 
power supply to a motor. 


e You can use two limit switches and a pair of diodes to stop a motor at two 
positions. In each of its stopping positions, the motor consumes no power 
and you won't have the risk of it burning out. 


What other projects can you imagine using this simple set of techniques? 


Mechanical Power 


In the United States, the turning force, or torque, of a motor is usually mea- 
sured in pound-feet or ounce-inches. In Europe, the metric system is used to 
measure torque in dynes. 


A pound-foot is easy to understand. Imagine a lever pivoted at one end, as 
shown in Figure 5-102. If the lever is one foot long, and you hang a one-pound 
weight at the end of it, the turning force is one pound-foot. 


A A 


Rotational 
force 
(torque) 
of one 
pound-foot 


1 Ib. weight 


Figure 5-102. The rotational force created by a motor is known as “torque,” and in the 
United States it is measured in pound-feet (or ounce-inches, for small motors). In the 
metric system, torque is measured in dynes. Note that the torque created by a motor will 
vary according to the speed at which the motor is running. 
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Wire gauges 


If you're going to power larger motors, or 
other components that take more current than 
LEDs or small relays, you really need to know 
about wire gauges. In particular, what's the 
relationship between wire thickness and AWG 
(American Wire Gauge)? And what gauge of 
wire should you use for any given current? 


You can find numerous charts and tables if you 
go online, but many of these sources con- 
tradict each other, especially on the topic of 
how much current is safe to run through each 
gauge of wire. 


After making several comparisons (and testing 
some wire samples myself), I’ve compiled the 
table in Figure 5-103, which | recommend as a 
compromise. Note the following: 


e This table applies to solid-core copper 
wire. 


For stranded wire, or copper that has 
been tinned (giving it a silver appear- 
ance), the number of ohms per foot will 
increase, the number of feet per ohm will 
decrease, and the maximum amperage 
will decrease, probably by around 20%. 


The maximum amperage assumes that the 
wire is insulated, preventing it from radiating 
heat as effectively as a bare conductor. | am 
also assuming that the wire is likely to be at 
least partially enclosed, inside a box or cabi- 
net. At the amperages listed for each gauge of 
wire, you should expect the wire to become 
noticeably warm, and personally | would tend 
to use thicker wire instead of the maximums 
indicated in the table. 


Most tables of this type only tell you the resis- 
tance of each gauge of wire in ohms per 1,000 
feet. | have included that number but have 
also expressed the function the other way 
around, as the number of feet per ohm, as this 
doesn't require you to do so much arithmetic 
with decimals. 


AWG 


0000 


30 


Figure 5-103. American wire gauges (AWG) and their properties. 
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Diameter 


in 
inches 


0.46 


0.41 


0.365 


0.325 


0.289 


0.258 
0.229 
0.204 
0.182 
0.162 
0.144 
0.128 
0.102 
0.081 
0.064 
0.051 
0.04 

0.032 
0.025 
0.02 

0.016 
0.013 
0.010 


Ohms 
per 


1,000 ft 


0.049 


0.062 


0.078 


0.098 


0.124 


0.156 


0.197 
0.249 
0.313 
0.395 
0.498 
0.628 
0.999 
1.59 
2.53 
4.02 
6.39 
10.2 
16.1 
23-7 
40.1 
64.9 
103.2 


Feet 
per 
ohm 


20,400 


16,200 


12,800 


10,200 


8,070 
6,400 
5,080 
4,020 
3,190 
2,010 
2,010 
1,590 
1,000 
630 
396 
249 
157 
99 

62 

39 

25 

15 

10 


Maximum 


amps 


(insulated) 


225 


200 


175 


150 


125 


100 


90 
80 
70 
60 
51 
44 
32 
23 
17 
13 
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Calculating voltage drop 


Another fact that you often need to know is how much of 

a voltage drop a particular length of wire will introduce in 

a circuit. If you want to get maximum power from a motor, 
you don't want to lose too much voltage in the wires that go 
to and from the motor. 


Voltage drop is tricky, because it depends not only on the 
wire, but also on how heavily the circuit is loaded. Suppose 
that you are using 100 feet of 22-gauge wire, which has a 
resistance of about 1.5 ohms. If you attach it to a 12-volt 
battery and drive an LED and a series resistor offering a total 
effective resistance of about 1,200 ohms, the resistance of 
the wire is trivial by comparison. According to Ohm's Law: 


amps = volts / ohms 
so the current through the circuit is only about 10mA. 
Again, by Ohm's Law: 

volts = ohms x amps 


so the wire with resistance of 1.5 ohms imposes a voltage 
drop of 1.5 x 0.01 = 0.015 volts. 


Now suppose you're running a motor. The coils in the mo- 
tor create impedance, rather than resistance, but still if we 
measure how much current is going through the circuit, we 
can establish its effective resistance. Suppose the current is 
1 amp. Repeating the second calculation: 


volts = ohms x amps 


So the voltage drop in the wire is now 1.5 x 1 = 1.5 volts! 
This is illustrated in Figure 5-104. 


Bearing these factors in mind, | have compiled a table for 
you. I’ve rounded the numbers to just two digits, as varia- 
tions in the wire that you use make any pretense of greater 
accuracy unrealistic. 


To use this table, you need to know how much current is 
passing through your circuit. You can calculate it (by adding 
up all the resistances and dividing it into the voltage that 
you are applying) or you can simply measure the current 
with a meter. Just make sure that your units are consistent 
(all in ohms, amps, and volts, or milliohms, milliamps, and 
millivolts). 


In the table, | have arbitrarily assumed a length of 10 feet 
of wire. Naturally you will have to make allowances for the 
actual length of wire in your circuit. The shorter the wire, 
the less the loss will be. A circuit with only 5 feet of wire, 
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and the same amperage and voltage, will suffer half of the 
percentage loss shown in the table. A circuit with 15 feet 
of wire, and the same amperage and voltage, will suffer 1.5 
times the percentage loss. So, to use the table: 


1. Divide your length of wire by 10. (Make sure that you 

measure the length in feet.) 

2. Use the result to multiply the number in the table. 
The table also arbitrarily assumes that you have a 12-volt 
supply. Again, you will have to make allowances if you are 
using a different voltage. So, to use the table: 

1. Divide 12 by the actual voltage of your power supply. 

2. Use the result to multiply the number in the table. 


| can summarize those two steps like this: 
Percent voltage lost =P x (12 /V) x (L / 10) 


where P is the number from the table, V is your power- 
supply voltage, and L is the length of your wire. 


Effective 
resistance 
10.5 ohms 


Effective 
resistance 
1200 ohms 


22 gauge wire 
1.5 ohms 
22 gauge wire 
1.5 ohms 


12 volt 12 volt 


battery battery 


Approx. 10 mA current 
15mV voltage drop 


Approx. 1A current 
1.5 volts voltage drop 


Figure S-104. The voltage drop imposed by wiring will depend 
on the current and the resistance in the circuit. The drop will 
be greatest when the resistance of the circuit is low and the 
amperage is high. 
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Calculating voltage drop (continued) 


This table shows the percent voltage lost in a circuit with 10-foot wire at 12 volts. 


Wire 


Amperes 


Remember, though, that the wire resistance will be higher if you are using stranded copper wire or tinned copper wire, and 
this will increase the percentage of voltage lost. 
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Time now to build something more sophisticated: a cart that orients itself to- 
ward a light source. I’m going to tell you all you need to get started on this 
project, but this time | won't go all the way to the end in exhaustive detail. | 
want you to get into the habit of figuring out the details, improving on plans, 
and eventually inventing things for yourself. 


You will need: 


555 timers. Quantity: 8. 
Trimmer potentiometer, 2K linear. Quantity: 2. 


LEDs. Quantity: 4. If you get tired of using series resistors to protect LEDs in 
a 12-volt circuit, consider buying 12-volt LEDs such as Chicago Miniature 
606-4302H1-12V, which contain their own resistors built in. However, the 
schematic in Figure 5-108 assumes that you will use regular 2V or 2.5V LEDs. 


Stepper motor: Unipolar, four-phase, 12-volt. Parallax 27964 or similar, 
consuming 100mA maximum. Quantity: 2. 


Photoresistors, ideally 500 to 3,0000 range. Quantity: 2. 
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e ULN2001A or ULN2003A Darlington arrays by STMicroelectronics. 
Quantity: 2. 


e (CMOS octal or decade counter. Quantity: 2. 


e Various resistors and capacitors. 


Exploring Your Motor 


l've specified a unipolar, four-phase, 12-volt motor because this is a very com- 
mon type. A typical sample is shown in Figure 5-105. If you can't easily find 
the one that I’ve listed, you should feel safe in buying any other that has the 
same generic description. “Unipolar” means that you don't have to switch the 
power supply from positive to negative and back to positive again, to run the 
motor. Four-phase means that the pulses that run the motor must be applied 
in sequence to four separate wires. Because you will be running your motor 
directly from 555 timers, the lower its power consumption, the better. 


First, though, we can apply voltage to the motor without using any other com- 
ponents at all. Most likely it will have five wires already attached, with the ends 
stripped and tinned, so that you can easily insert them into holes in a bread- 
board, as shown in Figure 5-106. Check the data sheet for your motor; you 
should find that four of the wires are used to energize the motor and turn it in 
steps, while the fifth is the common connection. In many cases, the common 
connection should be hooked to the positive side of your power supply, while 
you apply negative voltage to the other four wires in sequence, one step at a 
time. 


The data sheet will tell you in what sequence to apply power to the wires. You 
can figure this out by trial and error if necessary. One thing to bear in mind: a 
stepper motor is very tolerant. As long as you apply the correct voltage to it, 
you can't burn it out. 


To see exactly what the motor is doing, stick a piece of duct tape to the end of 
the shaft. Then apply voltage to wires, one at a time, by moving your negative 
power connection from one to the next. You should see the shaft turning in 
little steps. 


Inside the motor are coils and magnets, but they function differently from 
those in a DC motor. You can begin by imagining the configuration as being 
like the diagram in Figure 5-107. Each time you apply voltage to a different 
coil, the black quadrant of the shaft turns to face that coil. In reality, of course, 
the motor turns less than 90° from one coil to the next, but this simplified 
model is a good way to get a rough idea of what’s happening. For a more pre- 
cise explanation, see the upcoming section “Theory: Inside a stepper motor.’ 


Bear in mind that as long as any of the wires of the motor are connected, it 
is constantly drawing power, even while sitting and doing nothing. Unlike a 
regular DC motor, a stepper motor is designed to do nothing for much of the 
time. When you apply voltage to a different wire, it steps to that position and 
then resumes doing nothing. 
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Figure 5-105. A typical stepper motor. The 
Shaft rotates in steps when negative pulses 
are applied to four of the wires in sequence, 
the fifth wire being common-positive. 


12V DC 


Figure 5-108. The simplest test of a step- 
per motor is to apply voltage manually 

to each of its four control wires, while a 
piece of duct tape, attached to the output 
Shaft, makes it easy to see how the motor 
responds. 
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Figure 5-107. This greatly simplified 
diagram helps in visualizing the way in 
which a stepper motor works. In reality, 
almost all motors rotate by less than 90° in 
response to each pulse. 
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The coil inside the motor is holding the shaft in position, and the power that 
the motor draws will be dissipated as heat. It’s quite normal for the motor to get 
warm while you're using it. The trouble is, if you use a battery to power it, and you 
forget that you have it connected, the battery will not hold its charge for long. 


Quick Demo 


Now that you've proved that your motor is functional, how can you actually 
run it? You need to send a pulse to each of the four wires in turn, in a rapidly 
repeating sequence. If you can also adjust the speed of the pulses, so much 
the better. I’m thinking that for a quick and simple demo, you can handle the 
challenge simply by using four 555 timers, all of them in monostable mode, 
with each one triggering the next. 


The schematic in Figure 5-108 shows what | have in mind. It looks more com- 
plex than it really is. Each timer has the same pattern of components around it, 
so after you create the first module, you just make three copies of it. 


+ M — 


az LW 
555 
(AN 
yd PUMA 


ele 
O 
22uF 
0.01uF 
VW 
555 
OMAN 
eT ng : 
ad | 
22uF 
0.01uF 
J 
555 
(IN 
a EA + 
Mé | 
22uF 
0.01uF 
v 
555 
IN 
SA EIA : 
O 
22uF 
0.01uF 
Stepper : 2 f : 
tak Figure 5-108. A very quick and simple 


circuit to contro! a stepper motor uses 
four 555 timers, each in monostable 
mode, triggering each other in a 
repeating sequence. 
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I've used a 10K resistor to pull up the input to each 555, so that the timers are 
naturally in their quiescent state. A 0.01 uF capacitor links the output from one 
timer to the input of the next so that they are electrically isolated from each 
other, and the capacitor just conveys a “spike” of voltage when one timer fin- 
ishes its “on” cycle, and its output goes low, which triggers the next. 


On the righthand side, I’ve used 10K resistors and 22 uF capacitors to generate 
a cycle of about a quarter of a second—except that the topmost timer has a 
8K2 timing resistor. The reason for this is that when power is first applied, the 
timers will all be waiting for each other to begin, and timers 2 and 4 or 1 and 
3 may fire together. By giving one timer a shorter cycle than the others, | mini- 
mize this problem. 


The LEDs are included just to give you some visual verification of what’s hap- 
pening. Without them, if you make a wiring error, the motor may turn to and 
fro erratically, and you won't know why. Initially you can run your circuit with 
only the LEDs connected, just to make sure it works. Figure 5-109 shows the 
breadboarded circuit before the motor is plugged in. Then add the motor by 
plugging its wires into the breadboard, where you'll make connection with the 
outputs (pins 3) of the timers. See Figure 5-110. 


Apply power, and you should see the motor turning in steps, in sequence with 
the LEDs. If the LED sequence isn't stable: 


1. Connect a wire directly from the input (pin 2) of the topmost timer to the 
positive side of the voltage supply, and wait for the timers to calm down. 


2. Restart the sequence by disconnecting the free end of this wire, or (if nec- 
essary) touch the free end of it briefly to the negative side of the supply, 
to trigger the first timer. 


One thing you may have noticed, if you're paying very close attention: the 
common terminal of the motor is connected to positive. Therefore, when each 
timer flashes positive, that positive signal isn’t actually powering the motor. 
The /ow outputs from the three timers that are not firing at any given moment 
are sinking current from the motor. It seems quite happy with this arrange- 
ment. You'll need some theory to understand why. 
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Figure 5-108. Jo test the control circuit for 
errors, four LEDs show the outputs from 
the four 555 timers. The loose yellow wire 
at the righthand side connects to pin 2 

of the first timer. Touch the free end of 

this wire to the positive side of the power 
supply to reset the timers, and then, if nec- 
essary, make a brief negative connection 
with the free end of the wire to restart their 
sequence. 


Figure 5-110. After the circuit has been 
tested, the motor can be added by hook- 
ing its control wires to the outputs of the 
four 555 timers. 
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Inside a stepper motor 


If you check the Wikipedia entry for stepper motors, you 
may see a very nice 3D rendering showing a toothed rotor 
and four coils arrayed around it. Maybe stepper motors 
used to be manufactured like this once upon a time, but not 
anymore. 


Imagine two horizontal rows of coils. In the space between 
them is a series of little magnets, like a freight train, that 
can move left or right, as shown in Figures 5-111 and 
5-112. Each coil has two windings, in opposite directions, 
so that current through one winding will create an upward 
magnetic force while current through the other will create 
a downward force. Each row of windings is connected in 
parallel, so that they switch on and off simultaneously. 


In Step 1, the negative connection energizes the upper 
windings of the upper coils, which creates an upward mag- 
netic force. I've shown this force using blue-green arrows so 
that you won't mistake it for a flow of electricity. It so hap- 
pens that this force attracts the north poles of the magnets 
and repels the south poles, so if the magnets begin in the 
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position shown in Step 1, they will want to move one step 
to the right. 


This brings them to the position shown in Step 2. Now the 
upper windings of the lower coils are energized, and again, 
this produces an upward force, which again attracts the 
north poles and repels the south poles. 


This advances the magnets to their location in Step 3. 

Now the lower windings of the upper coils are energized, 
producing a downward force. This repels the north poles of 
the magnets and attracts their south poles. So the magnets 
keep moving. 


They reach the position shown in Step 4. The lower wind- 
ings of the lower coils are energized, producing a downward 
force which continues to attract the south poles while 
repelling the north poles. So the magnets move a final step 
to the right—which leaves them in the same orientation 
shown in Step 1. And the process can repeat all over again. 


Figure 5-111. This sequence shows the first two steps as the rotor 


of a stepper motor (shown as a series of north-south magnets) 
moves in response to pulses through electromagnets. 
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Figure 5-112. After taking another two steps, the motor will be 
back where it started at Step 1 in Figure 5-111. 
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Inside a stepper motor (continued) 


In reality, the magnets are not separate from each other. 
The edge of a rotor is magnetized in zones that alternate 
between south and north polarity. And instead of multiple 
coils, there are just four windings that go around all the 
magnetic cores. But the principle is exactly the same. The 3D 
rendering gives a general idea, and the photograph shows 
what | found when | cracked open a typical stepper motor. 


Now bear in mind that when this device is driven by a set of 
555 timers, we don't just connect negative to one wire ata 
time on the left, leaving the others floating. In reality, at any 
given moment, three of the timers have a negative output 
and the fourth has a positive output. The last diagram in 
Figure 5-112 shows this situation. 


Suppose the top wire is positive while the other three are 
negative, as shown in Figure 5-113.The positive output 
does nothing, because it is balanced by the positive power 
on the other end of the coils. The two negatives attached to 
the bottom set of coils create equal and opposite forces that 
cancel each other out (while wasting some power). So the 
net result is the same as in Step 3. 


In fact, you should find that you can disconnect the com- 
mon wire completely while using the stepper motor with 
555 timers, and the motor will still turn, because one of 

the timers is providing positive power while the others are 
negative. In fact, you'll be running them more efficiently this 
way. 


Figure 5-113. When the motor is driven by four 555 timers, they 
are activating it by sinking positive voltage from it. The interior 
workings of the motor look something like this. It’s not the 
most efficient way to do the job. 
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Figures 5-114 and 5-115 may help to give you a clearer idea 
of what the motor actually looks like inside. 


Figure 5-114. This 3D rendering gives a better idea of what a 
typical stepper motor looks like inside. The copper coils and 
gray cylinders are stationary, while the black disc rotates 
between them. 


m | _ 
Figure 5-115. When a stepper motor is broken open, this is 
what you're likely to find. On the left, the rotor of the motor, 
which has a magnetized band around its circumference, is still 
attached to the lower half of the casing. On the right, the upper 
half of the casing has been opened, and the coil has been re- 
moved (actually the winding you can see consists of two coils, 
wound in opposite directions). The spikes are the magnetic 
cores that exert force on the rotor. 
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Speed Control 


If you are a truly exceptionally observant, you may have noticed that | left pin 5 of 
each of the timers unconnected in the schematic for driving the stepper motor in 
Figure 5-108. Normally, pin 5 should be grounded through a capacitor to prevent 
it from picking up stray voltages which can affect the accuracy of the chip. 


| left the pins unconnected because | had a plan for them. In fact, changing the 
timing of the chip is exactly what we want to do now, as a way to change the 
speed of the stepper motor. 


If you tie pin 5 of all four timers together, as shown in Figure 5-116, and put 
a 2K trimmer potentiometer (shown in Figure 5-117) between them and the 
negative side of the power supply, you'll find that as you turn the trimmer 
to reduce its resistance, the timers start to run faster. Figure 5-118 shows the 
breadboard layout. Eventually, when the resistance goes below around 150 
ohms, everything stops. The LEDs go dark, because you've reduced the volt- 
age on pin 5 below the threshold level that the 555 timer finds acceptable. 
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Figure S-117. Close-up of a trimmer potentiometer 
with pins spaced at 1/10 inch for insertion in a 


aca Lo breadboard or perforated board. The brass screw, 
555 ' at top-left, turns a worm gear inside the unit, al- 
AN RW i 1] lowing precise adjustment of internal resistance. 
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Motor 
Figure 5-118. To adjust the speed of the sequence of 555 timers, their control pins (pin - 0 | — 
5 on each timer) are linked together and attached to a trimmer potentiometer that Figure 5-118. The trimmer potentiometer has been 
adjusts the resistance between the pins and the negative side of the power supply. added to the circuit, allowing motor speed control. 
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Initially | suggested a step time of 1/4 second just so that you could see what 
was happening. When you're actually using this circuit, you'll never need it to 
run as slowly as that. So you can increase the entire range of speeds. Remove 
the 22 uF timing capacitors and substitute, say, 4.7 uF capacitors, or smaller. 
Now when you adjust the potentiometer, you'll get a useful range of speed. 


Adding Autonomy 


Currently, the circuit simply does what you tell it to do. The next step is to 
make it autonomous—in other words, give it the illusion of making up its own 
mind. I’m thinking that instead of a trimmer potentiometer, we could substi- 
tute a photocell, properly known as a photoresistor. Typically, the resistance of 
a cadmium sulfide photo resistor is highest in the dark, and lowest when light 
shines on it. 


One problem with photoresistors is that they’re not as widely available as 
many other types of electronic components. If you search Mouser.com, for 
instance, you'll find virtually nothing. Partly this is because the online search 
function at Mouser is the weakest feature of the site, and partly it’s because 
Mouser is not oriented toward hobbyists. What you need to do is conduct a 
“product search.’ Go to http://www.google.com/products, enter the search terms 
“CdS” and “photocell,” and you'll find a bunch of cheap cadmium sulfide com- 
ponents from places you may never have heard of. 


Because photoresistors seem to come and go as erratically as DC motors, I am 
not offering any part numbers. You can buy any product that has an appropri- 
ate minimum resistance (in bright light) and maximum resistance (in the dark). 
If you find a component that ranges from 500 to 3,000Q, that would be a good 
choice. If the only ones you can find have a higher minimum than 5000, you 
could consider putting a couple of them in parallel. 


Setting Up Your Light Seeking Robot 


Why would you want to control the speed of a stepper motor by using a photo 
resistor? Because the original objective was to build a robot that is attracted 
to light. 


The idea is simple enough: use two stepper motors, each controlling the 
speed of one wheel of the cart. Use two photoresistors, each controlling the 
speed of the opposite stepper motor. When the righthand photoresistor picks 
up more light, its resistance lowers, causing the lefthand set of timers to run 
faster, which will make the lefthand wheel run faster. Thus, the cart will turn 
toward the light. Figure 5-119 illustrates the concept. 


Before you start wiring more 555 timers, though, you might consider doing 
the job with a more appropriate component. The ULN2001A and ULN2003A 
are chips containing Darlington amplifiers specifically designed to deliver cur- 
rent to inductive loads such as solenoids, relays, and (you guessed it) motors. 
Each chip has seven inputs that require very little current, and seven outputs 
that can deliver 500mA each. The inputs are TTL and CMOS compatible (the 
2001A has a wider tolerance for voltages than the 2003A) and each channel of 
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555 Timers 


Figure 5-118. If two photoresistors control 


the speed of two 555-timer arrays, the 
difference in speed between one wheel 


and the other can turn the cart toward a 


light source. 
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Photo- 
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555 Timer 555 Timer 
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Amplifier Amplifier 


Stepper 
Motors 


Figure 5-120. A more efficient way to drive 
the motors Is to use just one timer to set 
the speed of each, with a counter and 
amplifier (such as a Darlington array chip) 
sending the pulses down the wires. The 
principle is still the same, though. 


Figure S-121. This 3D rendering shows a 
possible configuration of the light-seeking 
cart, with two photoresistors enclosed in 
small tubes to restrict their response to 
light. 
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the chip functions as an inverter, so that when the input goes high, the output 
goes low and sinks current. This is of course just what we need for our stepper 
motor that has a common positive connection. 


The ULN2001A is only an amplification device, so you have to precede it with 
a counter that runs from 1 to 4 and then repeats. You can stick with your 555 
timers, as you've already assembled them, or substitute almost any CMOS oc- 
tal or decade counter that sends its output pulses to a series of pins. Just use 
the output from the fifth pin as the “carry” output to restart the counting se- 
quence. | suggest a CMOS counter simply because it will run on 12 volts, so 
you can use the same power supply that suits your stepper motors. 


If you switch to CMOS counters, you will still need a pair of 555 timers send- 
ing pulses to the counters. The timers will be free-running in astable mode, 
and your photoresistors will control their speed. Figure 5-120 shows the 
configuration. 


One last item: you'll need a 12-volt battery. You can of course put eight AA cells 
together, but | think you should consider a rechargeable pack from a source 
such as http://www.all-battery.com, which has a section entirely devoted to”ro- 
bot batteries.’ 


If you put it all together, you should find that when you place your robot cart in 
a very dimly lit room, it will turn toward the beam from a bright, well-focused 
flashlight. To get reliable results, you may have to recess each of the photo- 
resistors in little tubes, so that they receive much more light when they face 
your flashlight than when they face away from it. Figure 5-121 is a 3D render- 
ing of the concept. 


Another idea is to rewire your cart so that it actually runs away from the light. 
Can you imagine how this might be done? 


Just one more thought: if you use infrared photoresistors, you can control your 
cart with beams from infrared LEDs, in normal room lighting. If you and a cou- 
ple of friends all have infrared transmitters, you can get your cart to run from 
one of you to the next, like an obedient dog. 


This takes us about as far as I’m going to go into robotics. | urge you to check 
out the sites online if you want to pursue the topic further. You can also buy a 
wide variety of robot kits, although of course | feel that it’s more fun to invent 
or develop things for yourself. 


All that's left now is to perform one last introduction: to a device that should 
make your life much easier, even though the device is much more complicated 
than anything we have dealt with so far. 
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Experiment 34: Hardware Meets Software 


Throughout this book, in accordance with the goal of learning by discovery, | 
have asked you to do an experiment first, after which l've suggested the gen- 
eral principles and ideas that we can learn from it. | now have to change that 
policy, because the next experiment involves so much setup that it's only fair 
to tell you what to expect before you begin the preparations. 


We are about to enter the realm of controller chips, often known as MCUs, 
which is an acronym for micro controller unit. An MCU contains some flash 
memory, which stores a program that you write yourself. The flash memory is 
like the memory in a portable media player, or the memory card that you use 
in a digital camera. It needs no electricity to power it. In addition, the chip has 
a processor which carries out the instructions in your program. It has RAM to 
store the values of variables on a temporary basis, and ROM, which tells it how 
to perform tasks such as sensing a varying voltage input and converting it into 
digital form for internal use. It also contains an accurate oscillator, so that it 
can keep track of time. Put it all together, and it’s a tiny computer that you can 
buy for under $5. 


Let's suppose that you have a greenhouse where the temperature must never 
fall below freezing. You set up a temperature sensor, and you have two dif- 
ferent heaters. You want to switch on the first heater if the temperature falls 
below 38° Fahrenheit. But if, for some reason, that heater is broken, you want 
to switch on the second, backup heater when the temperature goes below 36” 
Fahrenheit. 


Programming a MCU to take care of this can be very simple indeed. You could 
even add extra features, such as a second temperature sensor, just in case the 
first one fails, and you could tell the chip to use whichever sensor gives a lower 
reading. 


Another application for a MCU would be in a fairly elaborate security system. 
The chip could monitor the status of various intrusion sensors, and can take 
various preprogrammed steps, depending on the sensors' status. You could 
include delay intervals, too. 


Many MCUs have additional useful features built in, such as the ability to con- 
trol servo motors that turn to a specific angle in response to a stream of pulses. 
Servos are widely used in radio-controlled model boats, airplanes, and hobby 
robotics. 


Perhaps you are now wondering why, if MCUs can do all this, haven't we been 
using them all along? Why did | spend so much time describing the develop- 
ment of an alarm system using discrete components, if one chip could have 
done everything? 


What Next? 
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There are three answers: 


1. MCUs cannot do everything. They need other components to help them 
interact with the world, such as transistors, relays, sensors, and amplifiers. 
You need to know how those things work, so that you can make intel- 
ligent use of them. 


2. MCUs can introduce their own kinds of problems and errors, associated 
with using software in addition to hardware. I'll have more to say about 
this later. 


3. MCUs have limits and restrictions, most obviously their requirement for a 
5-volt regulated power supply, and their inability to source or sink much 
current from each pin. They also demand that you learn a programming 
language (which differs from one brand of MCU to the next). And to get 
the program into the chip, you have to be able to plug it into a computer 
and do a download, which is not always convenient. 


In this experiment, you'll learn how to write a program for a small and simple 
MCU, and you'll transfer the program into it and see how it works. 


Origins of programmable chips 


In factories and laboratories, many procedures are repetitive. A flow sensor may 
have to control a heating element. A motion sensor may have to adjust the 
speed of a motor. Microcontrollers are perfect for this kind of routine task. 


A company named General Instrument introduced an early line of MCUs in 1976, 
and called them PICs, meaning Programmable Intelligent Computer—or Pro- 
grammable Interface Controller, depending which source you believe. General 
Instrument sold the brand to another company named Microchip Technology, 
which owns it today. 


“PIC” is trademarked, but is sometimes used as if it’s a generic term, like Scotch 
tape. In this book, I've chosen a range of controllers based on the PIC architec- 
ture. They are licensed by a British company named Revolution Education Ltd., 
which calls its range of chips the PICAXE, for no apparent logical reason other 
than that it sounds cool. 


| like these microcontrollers because they were developed originally as an edu- 

cational tool and because they are very easy to use. They're cheap, and some of 
them are quite powerful. Despite their odd name, | think they're the best way to 
get acquainted with the core concepts of MCUs. 


After you play with the PICAXE, if you want to go farther into MCUs, | suggest 
the BASIC Stamp (which uses a very similar language, but with additional pow- 
erful commands) and the very popular Arduino (which is a more recent design, 
packed with powerful features, but requires you to learn a variant of C language 
to program it). I'll say more about these chips later. 


If you search for “picaxe” on Wikipedia, you'll find an excellent introduction to 
all the various features. In fact, | think it’s a clearer overview than you'll get from 
the PICAXE website. 
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Supplies 


Figure 5-122 shows some of the chips in the PICAXE range. l'Il be telling you 
how to use the smallest—the 08M—which costs less than $5 and is cheaper 
than any other MCU that I've found. It has only 256 bytes of memory to store a 
program (not gigabytes, megabytes, or kilobytes, just 256 bytes!), but you'll be 
surprised how many possibilities this amount allows for. Figure 5-123 shows 
a closeup of the 08M with its legs safely embedded in a piece of conductive 
foam. 


In the United States, there are three distributors of this chip: 
« http://www.advancedmicrocircuits.com 
« http://www.phanderson.com/picaxe 
« http://www.sparkfun.com 


I like P. H. Anderson for its grass-roots hobbyist approach, and they have good 
prices if you want to buy multiple chips. But SparkFun Electronics offers other 
associated products that you may find interesting. 


All the distributors will want to sell you “starter kits,” such as the one in Figure 
5-124, perhaps because the PICAXE itself is so cheap that it doesn’t offer much 
of a profit margin. Still, for our purposes, you should buy the chip as a stand- 
alone item. And buy two of them, just in case you damage one (for example, 
by connecting voltage to it incorrectly). 


—————— F 


Figure 5-124. A typical PICAXE kit includes 
a printed circuit board, which you may not 
really need, and some other not-entirely- 
essential items. But the 3.5-mm stereo 
jack socket (top, center) is absolutely 
necessary. 


Figure 5-123. When supplied by one of its 
American distributors, a PICAXE OSM 
arrives embedded in a little square of 
conductive foam. The chip is the same size 
as a 555 timer but has the power of a tiny 
computer. 


To download your programming instructions into the chip, first you'll type the 
instructions on a computer, and then you'll feed them through a cable into 
the PICAXE memory. So you'll need to buy a cable, and you'll need software to 
help you to write the program. 
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Figure 5-122. A page from the PICAXE cata- 
log lists only some of the chips that are 
available. What began as an educational 
aid has become a useful prototyping tool. 
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Figure 5-125. The USB download cable 
made for use with the PICAXE terminates 
in a 3.5-mm audio plug. This should not be 
inserted in any audio device. It establishes 
a serial connection with a computer, allow- 
ing program code to be downloaded into 
the chip. 
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Figure 5-128. Closeup of the 3.5-mm stereo 
socket that is used with the USB download 
cable. 
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You can use the PICAXE with a serial cable, but | don't recommend it. The old RS- 
232 serial communications standard on PCs is pretty much obsolete, and PICAXE 
has recognized this by offering a USB cable (which contains a serial converter 
inside its plug). The USB cable is a little more expensive, but is also simpler and 
compatible with Apple computers. From any of the U.S. distributors, buy USB 
cable part AXE027, also sold as part PGM-08312 by http://www.sparkfun.com 
(quantity: 1). The cable is shown in Figure 5-125. 


To write your software and send it down the wire to the chip, the PICAXE 
Programming Editor is the tool of choice. It comes in only a Windows ver- 
sion. For those who prefer Mac OS or Linux, you can get a free download of 
another piece of software known as AXEpad, which has fewer features, but 
will do the job. All the downloadable software is freely available from http:// 
www.rev-ed.co.uk/picaxe/software.htm. 


Finally, you need a 3.5-mm stereo audio socket with solder connections. The 
reason for this is that the manufacturers of the PICAXE have used a stereo au- 
dio plug on the free end of their USB cable, and you have to be able to plug 
it into something. The PICAXE breadboard adapter, SparkFun stock number 
DEV-08331, contains the necessary stereo socket in addition to a few other 
little items. Quantity: 1. See Figure 5-126. 


Oddly enough, the USB cable is the most expensive item on the list, because 
of the electronics hidden inside it. 


Software Installation and Setup 


Now you have to go through a setup procedure. There is no way around this. 
Here is what you will be doing: 


1. Install a driver so that your computer will recognize the special USB cable. 


2. Install the Programming Editor software (or AXEpad for Mac/Linux) so 
that your computer will help you to write programs and then download 
them into the chip. 


3. Mount the PICAXE on your breadboard and add the socket to receive 
downloads. 


These steps are explained in the following sections. 


The USB driver 


Fair warning: If you go to the PICAXE website and try to use its search function, 
it probably won't find what you want. Search for “USB Driver,’ for instance, and 
it will pretend it has never heard of such a thing. 


The PICAXE home page also has irritating drop-down menus that tend to dis- 
appear just when you're about to click on them, but at the time of writing, you 
can bypass these issues by going straight to the Software Downloads section 
at http://www.rev-ed.co.uk/picaxe/software.htm. 
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Scroll down past all the software until you get to Additional Resources. Look 
for the AXE027 PICAXE USB Download Cable. At first glance, it looks as if they 
want to sell you a cable, but in fact this is the list of drivers. Double-click the 
one appropriate to your computer, and choose a destination on your com- 
puter for the download—a place where you will find it easily, such as your 
desktop. 


The download will leave you with a zipped file folder. You will have to unzip it. 
On Windows XP, right-click the folder and choose “Extract all” View the extract- 
ed files and you will find a PDF installation guide. Linux and Mac users can find 
instructions currently stashed at http://www.rev-ed.co.uk/docs/AXE027.pdf. 


When installing the driver on a Windows platform, here are a few tips to mini- 
mize your exasperation level: 


1. Remember, the special USB cable contains some electronics. It is not just 
a cable, but a device designed for interacting with a PICAXE chip. Don’t try 
to use it for anything else! 


2. You have to plug the cable into a USB port before you install the driver, be- 
cause your computer will need to verify that the driver matches the cable. 


3. You must not attach the PICAXE to the other end of the cable until after 
you have installed the driver. 


4. Every USB port on your computer has a separate identity. Whichever one 
you choose when you first plug in the cable, you should use that port 
every time in the future. Otherwise, you will have to repeat the process of 
telling your computer what the cable is. 


5. Bearing in mind Tip #4, you should avoid using the cable in a standalone 
USB hub. 


6. The cable is fooling the PICAXE into thinking that it’s talking to a serial 
port on your computer. Those “communication” ports are known as COM1, 
COM2, COM3, or COM4. When you install the driver, the installer will 
choose one of those COM ports for you, and later you will have to know 
which one it is. The PDF guide should help you through this procedure. 
Unfortunately, you cannot skip it. 


The Programming Editor software 


If you have come this far, you're ready for the next big step, which is much 
easier. You need the PICAXE Programming Editor, available for free on the Soft- 
ware Downloads web page where you found the USB driver. (If you are using a 
Mac or Linux, you will need AXEpad, which is on the same web page.) 


Downloading and installing the Programming Editor should be simple and 
painless. Once you have done that, you should find that it has placed a shortcut 
on your desktop. Double-click it, go to View— Options, and in the window that 
opens (shown in Figure 5-127), click the Serial Port tab. You should see a dialog 
box like the one in Figure 5-128. Now make sure that the Programming Editor is 
looking at the same COM port that was chosen by the USB driver. Otherwise, the 
Programming Editor won't know where to find your PICAXE chip. 


What Next? 
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In the Programming Editor, go to View—Options and click the Mode tab, then 
click the button to select the 08M chip. 


Figure S-127. This screenshot shows the options win- Figure S-128. Another screenshot of the options window 
dow of the PICAXE Program Editor, which you must use shows the second essential choice that you must 

to select the type of chip that you intend to program (in make: selection of the COM port that the installer 

our case, the OSM). chose on your computer. 


Are we having fun yet? Obviously not, but you're through with software has- 
100uF sles for the time being. The last step before you're ready to use the PICAXE is to 
a mount it, and its socket, on your breadboard. 


Setting up the hardware 


The PICAXE 08M looks like a 555 timer. (Other chips in the PICAXE range have 
more pins and more features.) It requires a properly regulated 5 volts, just like 
the logic chips you dealt with previously. In fact, the PICAXE people are rather 
emphatic about protecting it from voltage spikes. They want you to use two 
capacitors (one 100 uF, one 0.1 uF) on either side of an LM7805 regulator. This 


9V DC input 
(unregulated) 


a seems like overkill, but the PICAXE is more inconvenient to replace than a 555 
Figure S-128. PICAXE documentation timer. You certainly can t run down to RadioShack to buy one. So let's do what 
specifies a 100 uF and 0.1 uF capacitor the manufacturer says, just in case, and set up a breadboard as shown in Fig- 


on the input side of a 5-volt regulator, and ures 5-129 and 5-130. 
a similar pair of capacitors on ¡ts output 
side. On a breadboard, they can be ar- Now for the chip itself. Note that the pins for positive and negative power are 


rayed like this. exactly opposite to those for the 555 timer, so be careful! 


Set up your breadboard following the schematic shown in Figure 5-131. Note 
that | am showing the stereo socket on its underside, because | think that's 
how you'll have to use it with the breadboard. If you try to stick its pins into the 
holes in the board, they will fit, but when you insert the plug into the socket, 
the thickness of the plug will tend to raise the socket up so that it loses con- 
tact. | really think the way to go is to solder wires to the pins on the socket and 
push the wires into the breadboard. See Figure 5-133. 


Figure 5-130. The actual components for 
power regulation, applied to a breadboard, 
delivering 5 volts (positive and negative) 
down each side. 
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Figure 5-131. The schematic of a test circuit for the PICAXE OSM shows the underside of 
the stereo socket, the essential 10K and 22K resistors on the input pin, and an LED to 
show an output from the chip. 


Be aware that the PICAXE manual shows things differently (although | have 
retained their labeling convention for the parts of the socket and the parts of 
the plug, identified as a, b, and c). 


One little detail about the socket that is commonly supplied for use with the 
PICAXE: typically it has two pairs of contacts for the connections labeled b and 
c in the manual, and in my diagram. When you solder a connection, your sol- 
der joint should include both of the contacts in each pair, as shown in Figure 
5-132. 


Remember that the PICAXE must have 5 volts DC, and remember that your 
voltage regular will deliver this voltage reliably only if you give it extra voltage 
on its input side. If you provide it with 9 volts, that will provide a good amount 
of headroom. 


The 22K and 10K resistors are essential for using the chip; see the following 
warning note for an explanation. My schematic also includes an LED and 
a 3300 resistor, but they are needed only for the test that we'll be making 
momentarily. 
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Pin 2 Pull-Down 


Always include the 22K resistor and 
the 10K resistor in the configura- 

tion shown in Figure 5-131. These 
resistors apply correct voltage to the 
serial connection, and when you're 
using the PICAXE on its own, they pull 
down the voltage on pin 2. 


If pin 2 is left unconnected (floating), 
it may pick up random voltages, 
which the chip can misinterpret as a 
new program or other instructions, 
with unpredictable and undesirable 
results. 


The 22K and 10K resistors should be 
regarded as permanent items ac- 
companying your PICAXE regardless 
of whether you have it attached to 
your computer. 
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Figure 5-132. Correct wiring of the socket is essential. When soldering wires to Figure 5-133. The breadboard version of the test 
the lower terminals, make sure that you attach the wires to both of the terminals schematic, with the plug of the USB download 
in each pair. cable inserted in the socket on the board. The 


PICAXE chip can now receive a downloaded pro- 
gram, and will immediately start to execute it. 


Verifying the Connection 


Follow these steps carefully every time you want to program or reprogram 
your PICAXE chip: 


. Insert the USB plug of your PICAXE cable into the same USB port that you 
used before. 


. Start the Programming Editor (or AXEpad if you are using a Mac OS or 
Linux). 


. Inthe Programming Editor, select View— Options to verify that the editor 
is using the right COM port and is expecting the 08M PICAXE chip. 


. Plug the stereo plug on the free end of the USB cable into the stereo sock- 
et that is now wired into your breadboard. See Figures 5-133 and 5-134. 
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Figure 5-134. After the program has been 5. Check your wiring, and then connect your power supply to the breadboard. 


downloaded, the plug can be removed, 
and the program will continue to run, 6. Click the button labeled “program” in the Program Editor window to tell 
causing the LED to continue flashing. the software to look for the PICAXE. 


What If It Doesn't Work? 


The first thing to do is pull out the plug of the USB cable from the PICAXE 
breadboard, leaving the other end of the cable attached to your computer. Set 
your multimeter to measure DC volts, and attach its probes to sections b and c 
of the plug. See Figure 5-135. Now click the “program” button again, and your 
meter should show 5 volts briefly coming out of your computer to the plug on 
the end of the cable. 
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If you detect the voltage, the software is installed and working properly. In 
that case, there's a problem on your breadboard, either in the chip or in the 
wiring around it. 


If you cannot detect any voltage, the software probably wasn't installed prop- 
erly, oris looking for the wrong serial port. Try uninstalling it and reinstalling it. 


Your First Program 


Finally you're ready to create your first program. Type the following code into 
the Programming Editor window: 
main: 

high 1 

pause 1000 

low 1 

pause 1000 

goto main 


Be sure to include the colon after the word “main” on the first line. See Figure 
5-136 for a screenshot. The indents are created by pressing the Tab key. Their 
only purpose is to make program listings more legible. The software ignores 
them. 


Figure 5-138. This screenshot shows the first test program as it should be displayed by the 
Programming Editor (on a Windows computer). 


Click the Program button in the Programming Editor to download this program 
into the chip. As soon as the download is complete, the chip should start flash- 
ing the LED, lighting it for 1 second and then switching it off for 1 second. Figure 
5-137 shows the steps that you should have followed to program the chip. 


Now for the interesting part: disconnect the USB cable from the breadboard. 
The chip should continue flashing. 


Disconnect the power supply from the breadboard and wait a minute or two 
for the capacitors to lose their charge. Reconnect the power, and the chip will 
start flashing again. 


The program that you downloaded to the chip will remain in the memory in- 
side the chip and will begin running every time power is applied to the chip. 
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<— a: To computer 
<— b: From computer 
<=—c: Negative power 


Figure 5-135. The stereo plug on the end of 
the USB download cable can be used for 
fault tracing. A multimeter set to measure 
DC volts can be attached to sections b and 
cof the plug to establish whether the Pro- 
gramming Editor is sending data through 
the serial connection. 


Type a program 
using the 


Program Editor 


Click the 
PROGRAM button 
to download it 


The PICAXE 


starts running 
the program 


You can now 
unplug the 
stereo plug 


Figure 5-137. Four steps to create and run a 
program on the PICAXE controller chip. 
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The program doesn't use the usual 
pin numbers on the chip. It uses 
what | will call “logic pin numbers.” 
Figure 5-138 shows how they are 
numbered. Figure 5-139 shows their 
multiple functions. | have put Logic 
Pin 0 in parentheses because its main 
purpose is to send data to the com- 
puter through the USB cable. It can 
do double duty as a digital output, 
but you have to disconnect it from 
the USB cable first. It’s easy to forget 
to do this. It’s a hassle that | prefer to 
avoid. 


eee 


Decoding the Code 


Let's take a look at the little program that you typed in. The first line identifies 
a section of the program. This program only has one section, and we're calling 
it “main.” Any word with a colon after it is the name of a section of a program: 


malin: 
The second line tells the chip to send a high output from Logic Pin 1: 
high 1 
The third line of the program tells the chip to wait for 1,000 milliseconds. This 
of course is the same as one second: 
pause 1000 
The fourth line tells the chip to change Logic Pin 1 back to its low state: 
low 1 
The fifth line tells the chip to wait for another 1,000 milliseconds: 
pause 1000 
The last line tells the chip to go back to the beginning of the “main” section: 


O—ı ~ s—® 


goto main 


—e2 X 7e— (Logic Pin 0) 
<5 
Logic Pin 4 —+3 29 6e— Logic Pin 1 
Logic Pin 3 ——e4 9 e— Logic Pin 2 


Figure 5-138. The conventional pin numbers of the PICAXE chip are incompatible with the 
numbering system that is used in the PICAXE programming language. To minimize confu- 
sion, this guide refers to “Logic Pins” when using the numbering system that is required 
for programming the chip. 


ed 
1 8 Out to Computer 
In from Computer Lu Digital Output PinO 
~? <s — Infra-Red Output 
< 
Digital Output Pin4 AL Digital Output Pin1 
Digital Input Pin4 4 5 Digital Input Pin1 
Analog-Digital Converter Pin4 S \ Analog-Digital Converter Pin1 
Digital Input Pin3 Digital Output Pin2 
Infra-Red Input Digital Input Pin2 
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Analog-Digital Converter Pin2 
Motor Power Output Pin2 
Tune Output 


Figure 5-138. Many of the pins on the PICAXE O8M have multiple functions, which can be 
selected by appropriate program instructions. 
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Editing 

What if you want to change the program? No problem! Use the Programming 
Editor to change one of the lines in the program. Substitute 100 instead of 
1000 milliseconds, for instance. (The pause command can be followed by any 


number up to 65535.) In your program, don't use a thousands comma in any 
of the numbers that you specify. 


Plug the USB cable into the breadboard again, hit the Program button on the 
screen, and the new version of the program will be automatically downloaded 
to the chip, overwriting the old version. 


What if you want to save the program for future use? Just go to the File menu 
in the Programming Editor and save the program onto your computer's hard 
drive. Because the PICAXE uses a variant of the BASIC computer language, it 
adds a .bas filename extension. 


Simulation 


If you make a simple typing error, the Programming Editor will find it and stop 
you from downloading your program. It will leave you to figure out how to fix 
the line that contains the error. 


0 You'll need to check the second 0 
' part of the PICAXE documentation, ] 
ı which contains all the programming  : 
Even if all the statements in your program are correctly typed, it's a good idea 0 statements and their correct syntax. 1 
to run a simulation of what they'll do, before you download them. This is easily | ds th e ber E | 
done: click the “simulate” button on the menu bar of the Programming Editor. | e manual2ipdk. l | 
A new window will open, displaying a diagrammatic view of the PICAXE chip  ' A 
and showing you the states of its pins. (Note that if you use very short pause 

commands, the simulation won't run fast enough to display the time accu- 

rately.) A simulation screenshot is shown in Figure 5-140. 


A] 


The >> button at the bottom-right corner of the simulation window will open 
up a list of all the variables in your program. So far, it doesn't have any vari- 
ables, but it soon will. All the zeros on the righthand side are binary numbers, 
which you can ignore for now. 


Figure 5-140. This screenshot shows the simulation window that 
can be opened in the Program Editor to test program code before it 
is downloaded to the chip. The values of variables are shown in the 
section on the right. The pin states are shown on the left. 
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Experiment 34: Hardware Meets Software 


Figure 5-141. To understand how a program 
works, visualize a variable as being like a 
“memory box” with its name on the out- 
side and a number stored on the inside. 
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Loops 


Here's another thing I’d like you to try. Rewrite your program code as shown 
here and download it onto the PICAXE: 
main: 
for bo = 1 to 5 
high 1 
pause 200 
low 1 
pause 200 
next 
wait 2 
goto main 


Note that bo is letter b followed by a zero, not letter b followed by letter O. The 
extra indents once again are added to make the listing easier to understand. 
The four lines beginning “high 1” and ending “pause 200” will be executed re- 
peatedly. It’s helpful to see them as a block. 


Watch the light and see what happens. It should flash five times quickly, then 
wait for two seconds, and then repeat. You just added a loop to your program. 
You can use a loop if you want something to happen more than once. 


b0 is known as a variable. Think of it as being like a little “memory box” with its 
name, bO, on a label on the outside. Figure 5-141 illustrates this concept. This 
particular memory box can contain any number from O through 255. The loop 
begins by telling the computer to put number 1 in the box, then process the 
remaining statements, until the word “next” sends the processor back to the 
first line, at which point it adds 1 to the contents of bO. If the value of b0 is 5 or 
less, the loop repeats. If the value is 6, the loop has run five times, so it's over, 
and the PICAXE skips down to the “wait 2” statement after “next.” See Figure 
5-142 for an annotated version of the program listing. 


“Wait” is a PICAXE command that is measured in whole seconds, so “wait 2” 
waits for 2 seconds. Then “goto main” begins the procedure all over again. 


If your flashing-light demo worked out as planned, it’s time to take the next 
step and make the chip do something more useful. 


Label identifying 
this piece of the program. 


Use bO to count main: 
— 
from 1 to 5. = for bO 


Has bO reached 6 yet? high 1 


1 to 5 


If so, skip down beyond Obey these pause 200 
the "next" statement. instructions === 1 1 
five times. OW 
a ee pause 200 
O back to line 
and add 1 tobo. ~ next 
walt 2 
goto main 


Go back to the beginning 
and start all over again. 


Figure 5-142. The blue annotations explain what the program, on the right, is telling the 
PICAXE to do. 
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Basic PICAXE parameters 


Here are some of the most useful parameters of the PICAXE: 


e The PICAXE requires 5 volts DC, regulated. 

e The inputs and outputs of the PICAXE are compatible 
with 5-volt logic chips. You can attach them directly. 

e Each PICAXE pin can sink or source up to 20mA. The 
whole chip can deliver up to 90mA. This means that 
you can run LEDs directly from the pins, or a piezo 
noisemaker (which draws very little current), or a 
transistor. 

¢ You can use a chip such as the ULN2001A Darlington 
array (mentioned in the previous experiment) to am- 
plify the output from the PICAXE and drive something 
such as a relay or a motor. 

e The chip executes each line of your program in about 
0.1 milliseconds. 

e The 08M chip has enough flash memory for about 80 
lines of program code. Other PICAXE chips have more 
memory. 

e ThePICAXE provides 14 variables named bO through 
b13.The“b” stands for “byte,” as each variable occupies 
a single byte. Each can hold a value ranging from 0 
through 255. 

e No negative or fractional values are allowed in 
variables. 

e You also have 7 double-byte variables, named wọ 
through w6. The “w” stands for “word.” Each can hold a 
value ranging from O through 65535. 

e The“b’ variables share the same memory space as the 
“w” variables. Thus: 

e b0 and b1 use the same bytes as w0. 

e b2 and b3 use the same bytes as w1. 

e b3 and b4 use the same bytes as w2. 

e b5 and b6 use the same bytes as w3. 

e b7 and b8 use the same bytes as w4. 

e b9andb10 use the same bytes as w5. 

e b11 and b12 use the same bytes as w6. 

e b13 and b14 use the same bytes as w7. 

Therefore, if you use w0 as a variable, do not use bO or 


b1. If you use b6 as a variable, do not use w3, and so on. 
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Variable values are stored in RAM, and disappear when 
the power is switched off. 


e The program is stored in nonvolatile memory, and 
remains intact when the power is off. 


The manufacturer's specification claims that the 
nonvolatile memory is rewritable up to about 100,000 
times. 


If you want to attach a switch or pushbutton to a pin 
and use it as an input, you should add a 10K pull-down 
resistor between the pin and the negative side of the 
power supply to hold the pin in a low state when the 
switch is open. Figure 5-143 shows how pull-down 
resistors should be used in conjunction with a SPST 
switch or a pushbutton. 


On the 08M chip, if you apply a varying resistance 
between Logic Pins 1, 2, or 4, and the negative side of 
the power supply, the chip can measure it and “decide” 
what to do. This is the “Analog-Digital Conversion” 
feature—which leads to our next experiment. 


VW 
O] 80 
2 ul 7 
@ 25 © 
3 00 6 
© a @ 


O 4 5 


10K 10K 


Figure 5-143. The PICAXE can respond to the state of a switch 
or button attached to any of its input-capable pins. A 10K resis- 
tor must be used to pull down the state of the pin when the 
contact of the switch or button is open. Otherwise, you may 
get unpredictable results. 
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Experiment 35: Checking the Real World 


Figure 5-144. This schematic, drawn in a layout suitable 
for breadboarding, shows how a 2K potentiometer can be ously breadboarded circuit. 
used to apply a varying voltage to one of the pins of the 

PICAXE that is capable of converting an analog signal to a 

digital value. 
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Experiment 35: Checking the Real World 


Often we want a microcontroller to measure something and respond in an 
appropriate way. For instance, it can measure a low temperature and sound an 
alarm, as | suggested in the example that | gave earlier. 


The PICAXE has three analog-to-digital converters (ADCs) built in, accessible 
via logic pins 1, 2, and 4, as shown in Figure 5-139. The best way to use them is 
by applying a potential somewhere between 0 and 5 volts. In this experiment, 
I'll show you how to calibrate the response of the chip. 


You will need: 
¢ Trimmer potentiometer, 2K. Quantity: 1. 


e PICAXE 08M chip and associated USB cable and socket. Quantity: 1 of 
each. 


Procedure 


Take the same trimmer potentiometer that you used in Experiment 32 and 
wire its center terminal to Logic Pin 2 of the PICAXE (which is hardware pin 
5). The other two terminals of the 2K trimmer go to positive and to negative, 
respectively. So depending how you set the trimmer, the pin of the PICAXE is 
directly connected to positive (at one end of the scale), or directly connected 
to negative (at the other end of the scale), or somewhere in between. See Fig- 
ure 5-144 for the revised schematic, and Figure 5-145 for a photograph of the 
breadboarded circuit. 
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Now we need a program to tell the chip what to do. Using the Programming 
Editor, start a new document. The code should look like this: 
main: 
readadc 2,b0 
debug bo 
goto main 


The command “readadc 2,b0” means “read the analog input on Logic Pin 2, 
convert from analog to digital, and store the result in b0.” 


The command “debug b0” tells the chip to go into program debugging mode, 
in which it uses its USB cable to tell the Programming Editor the values of all 
the variables while the program is running. The variables are displayed in a 
debugging window. 


Download the program, and as the program starts to execute, the debugging 
window should open. Start adjusting the trimmer while looking at the value of 
bO, and you'll see bO change its value. 


You can make a table and draw a graph showing the relationship between the 
resistance between Logic Pin 2 and ground, and the value of bO. Just pull the 
trimmer off the breadboard, measure its resistance with a meter, then increase 
its resistance by, say, 2000, put it back into the breadboard, and look at the 
value of b0 again. 


This is laborious, but calibrating equipment is always laborious—and in any 
case, | decided to do it for you. The graph is shown in Figure 5-146. You can 
also see the raw data numbers in the following table. | was pleased to find that 
the PICAXE gives a very precise, linear response to the input voltage. In other 
words, the graph is a straight line. 
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Resistance in Ohms Between Pin and Negative Ground 
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Figure 5-145. When an ADC input pin is hooked up to a 2K po- 
tentiometer, which is connected across the same voltage that 
powers the chip, you should find that the resistance between 
the input pin and the negative side of the power supply gener- 


= = ates the series of digital values shown on the graph. Note that 
aes the potentiometer must have a 2K value, and the power supply 
Equivalent Value Created by PICAXE Analog-Decimal Converter is assumed to be precisely 5 volts. 
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This table shows measurements made with PICAXE 08M controller. 


Resistance (in ohms) Equivalent digital 
between the ADC value 
pin and the negative 
supply 

2000 255 
SB a 243 
o wo) | 230, 
ee mol 218 
wo, 205 
a s0 192 
ne moo} 179 
o pol 166. 
o wo} 154. 
o O 141 
o wo} 128 
ee Tr 115 
a so) 102. 
o mo} 90 
O o 77 
a ST 64 
er wo) 51 
o 0o 38 
a 26 
Paan 100 TS 13 
A ee 7 


Now we can modify the program to make it do something with the informa- 
tion that it’s taking in: 
main: 
readadc 2,b0 
let w1 = 5 * bọ 
high 1 
pause w1 
low 1 
pause w1 
goto main 
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Notice what's happening here. First we get a value in bO, and then on the next 
line, we do some arithmetic with it. The asterisk means “multiply.” So the state- 
ment says, “Take whatever value is in b0, multiply by 5, and transfer it to an- 
other variable, w1.’We have to use a w variable, because when we multiply the 
value of bO by 5, we may get a number that is bigger than 255—too big to fit 
into a byte variable. 


Finally, we take variable w1 and use it with a “pause” statement instead of a 
fixed number value. We're saying to the PICAXE, “pause for whatever number 
of microseconds you get by checking the value of w1” 


So the software checks a variable resistance, turns it into a number, and ap- 
plies that number to adjust the flashing speed of the LED. 


Think back to the need of the cart powered by stepper motors. It was supposed 
to check two photoresistors, and adjust the speed of each motor accordingly. 
Well, this PICAXE program is a step in that direction. It can measure voltage on 
a pin and change the output frequency on another pin. If you had two PICAXE 
chips, you could wire each of them to a photoresistor and a motor. Then you 
could adjust the behavior of your cart by editing the second line in the pro- 
gram, where it converts the value of bO to the value of w1 which will be used in 
the “pause” command to determine the number of pulses per second. Instead 
of multiplying by 5 you could multiply by 7 or whatever number gives you the 
result you need. This leads to an important conclusion: a big advantage of a 
programmable chip is that you can make adjustments in software. 


Because the PICAXE 08M actually has more than one ADC input, and has three 
pins that can be used for output, you might wonder whether you could use 
just the one chip to control both motors in response to inputs from two sen- 
sors. The problem is that the three output pins on the 08M also function as the 
three ADC input pins. You'd do better to buy one of the more advanced PICAXE 
chips, such as the 18M, which has more pins to choose from. It uses the same 
basic set of programming instructions, and doesn't cost much more money. 


n 


Also, you should read the PICAXE documentation and look up the “pwmout 
command, which is short for “pulse-width modulation output,” but you can 
think of as meaning “power motor output.” This is specifically intended to run 
stepper motors. It establishes an output frequency of pulses that will continue 
while the chip obeys other instructions in its program. 
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Extra features 


A complete guide to the 08M would fill a book of its own, and of course such 
books already exist (just search the books section of Amazon.com for keyword 
“picaxe”). But I'll finish my introduction to the controller by listing some of its 
extra capabilities, leaving you to look them up and explore them. Then I’m go- 
ing to suggest one last experiment. 


Interrupts 
The PICAXE 08M allows you to set one “interrupt.” This feature tells the chip 
to make a mental note that if a particular event occurs—such as a switch 
applying voltage to one pin— it should stop doing whatever else it was 
doing, and respond to the interruption. 


Infrared 
One pin on the PICAXE 08M can be used to receive infrared signals from 
a TV-style remote that you can buy from the same suppliers that sell the 
PICAXE itself. With an infrared sensor attached to the chip, you can issue 
commands remotely. If you want to build a remote-controlled robot, the 
chip is specifically designed with this in mind. 


Servo motors 
Every PICAXE chip has at least one pin that can send a stream of pulses to 
control a typical servo motor. On the 08M chip, it’s Logic Pin 2. The width of 
each pulse tells the motor how far to rotate from its center position before 
stopping. A 555 timer can send this stream, but the PICAXE makes it easier. 
You can search online for more information about servo motors, which are 
especially useful for applications such as steering model vehicles, adjusting 
the flaps on model airplanes, and actuating robots. 


Music 
The PICAXE has an onboard tone generator that can be programmed with 
a“tune” command to play tunes that you write using a simple code. 


Alphanumeric input/output 
The “kbin” programming command is available in the PICAXE models 20X2, 
28X1 and 28X2, and 40X1 and 40X2. You can plug a standard computer 
keyboard into the chip, and it will read the keypresses. You can also attach 
alphanumeric displays, but these procedures are nontrivial. For instance, 
when your're trying to figure out which key someone has pressed on a key- 
board, your program has to contain a list of the special hexadecimal codes 
that the keyboard creates. 


Pseudorandom number generation 
All PICAXE models can generate pseudorandom numbers using a built-in al- 
gorithm. If you initialize the number generator by asking the user to press a 
button, and you measure the arbitrary time that this takes, you can seed the 
pseudorandom number generator with the result, and the pseudorandom 
number generator will have a less repeatable sequence. 


Visit http://www.rev-ed.co.uk/docs/picaxe_manual1.pdf to learn more. 
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Experiment 36: The Lock, Revisited 


The combination lock that | described in Experiment 20 is especially appro- 
priate for a microcontroller, because it requires a series of operations that 
resemble a computer program. l'm going to show how this project can be re- 
designed using a PICAXE 08M, and then leave it to you to consider how some 
of the other projects in this book could be converted. 


You will need: 
e The same type of keypad and relay recommended in Experiment 20. 


e A transistor or Darlington array to amplify the output from the PICAXE so 
that it can drive the relay. 


Getting the User Input 


Any of the input pins on the PICAXE can sense a switch closing. The trouble 
is that we only have three pins capable of doing this, and even the most ad- 
vanced PICAXE chip has fewer than 10 such pins. So how can we attach a 10- 
key keypad to the 08M? 


| have a suggestion: attach various resistors to the keypad, so that each key 
applies a different voltage to one of the ADC pins. Then use the ADC feature to 
convert the voltage to a number, and use a table of possible numbers to figure 
out which key is being pressed. This may not be the most elegant solution, but 
it works! 


The keypad can be wired as shown in Figure 5-147. The asterisk key is still be- 
ing used to supply power, as in the original experiment, while the pound key 
resets the relay at the end of your computing session, as before. 


Current flows through a series of resistors, beginning with one that has a value 
of 5000. Because this is not a standard value, you will either have to make it by 
combining other resistors in series, or by presetting a trimmer potentiometer. 
After that, each button is separated from the next button by a 1000 resistor. 
Finally, at the end of the chain, a 6000 resistor separates the last button from 
the negative side of the power supply. Again, this is not a standard value, and 
you may have to use a trimmer. 


Add up all the resistances and you have 2K, which is the range that the PICAXE 
wants us to use. When you press a button, you tap into the chain of resistances. 
Button 9 puts 6000 between the PICAXE ADC pin and ground. Button 6 is 7000, 
button 3 is 8000, and so on. (You may prefer to lay out the buttons so that the 
resistance progresses in a more logical fashion. That's up to you. | chose to lay 
them out in the way that would be easiest to visualize on a keypad.) 


Now look back at the ADC values that | supplied in the table on page 308. These 
are the values that you should get when you press various keypad buttons— 
but you cannot count on them being absolutely precise, because they may 
vary if your resistor values are not quite accurate, or if your power supply isn't 
exactly 5 volts. It’s not safe to say, for example, that the PICAXE will deliver an 
ADC conversion value of precisely 77 when the resistance is 6000. It's safer to 
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say that the value will be between 71 and 83. If we specify a range as shown in 
the following table, we have a much better chance of interpreting each button 
correctly. 


Button number 


9 600 11-83 
ee sp) m0) 84-96. 
A o so) 97-108 
A: op wo 109-121 
A: gs) oof 122-134 
OS sp nol 135-147. 
A > 0) 148-160 
OS Tho Bol 161-172 
A 4) oof 173-185 
Sn po 1500) 191-198 


Suppose you attach the common pin of your keypad to ADC Logic Pin 2 of the 
PICAXE. You can now use the Program Editor to write a program that looks like 


this: 

getkey: 
readadc 2,b0 
let b1 = 9 
if bo < 84 then finish 
let b1 = 6 
if bo < 97 then finish 
let b1 = 3 
if bo < 109 then finish 
let b1 = 0 
if bo < 122 then finish 
let b1 = 8 
if bo < 135 then finish 
let b1 = 5 
if bo < 148 then finish 
let b1 = 2 
if bo < 161 then finish 
let b1 = 7 
if bo < 173 then finish 
let b1 = 4 
if bo < 186 then finish 
let b1 = 2 

finish: 
return 


What does the word “return” mean at the end? I'll get to that in a second. | want 
to explain the rest of the routine first. 
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bO receives the value supplied by the analog-digital converter when it looks at 
the keypad. After storing the number in bO, the routine has to figure out which 
keypad key it matches. The key identity (0 through 9) will be stored in another 
variable, b1. 


The program starts by assigning value 9 to b1. Then it checks to see wheth- 
er bO < 84. This means “if bO is less than 84.” If it is, then the routine tells the 
PICAXE to “finish” which means “jump to the finish: label.” But if bO is not less 
than 84, by default the PICAXE continues on to the next line, which makes a 
second attempt at guessing which key has been pressed. It assigns number 6 
to b1. Now there's another if-then test—and so on. This process of reassigning 
values to b1 stops only when it gets to the point where bO is greater than a 
number in the table. 


If you're familiar with other dialects of BASIC, this may seem a bit laborious to 
you. You may wonder why we can't use a statement such as this: 


if bO > 70 and bo < 84 then bi = 9 


The answer is that PICAXE BASIC isn’t sufficiently sophisticated to allow this. 
An if-then statement has to result in a jump to another section of the program. 
That's the only permitted outcome. 


If you don't have any prior programming experience, the routine may still 
seem laborious to you, and perhaps a bit puzzling, too. This is understandable, 
because you're getting a crash course in software design without any formal 
preparation. Still, the PICAXE Programming Editor can be a big help, because 
it has its simulation feature. Before you can use this, though, you have to pre- 
cede the routine that | just supplied with a control routine that you must type 
above it. The screenshot in Figure 5-148 shows you how it should look. 


PICAXE power supply 


PICAXE 
ADC pin 


100 
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== = 


S Reset 
| 0 | relay 
* # 


Figure 5-147. A quick and simple way of attaching a keypad to provide numeric input to the 
PICAXE uses a chain of resistors totalling 2,0000. When a button is pressed, it connects the 
ADC input pin to a point in the chain. The resistance detected by the input pin can then be 
converted by the program in the chip to determine which key has been pressed. 
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| have chosen an arbitrary combination of 7-4-1 for our combination lock. Us- 
ing these numbers, the main section of the program looks like this: 
main: 
low 1 
gosub getkey 
if b1<>7 then main 
gosub getkey 
if b1<>4 then main 
gosub getkey 
if b1<>1 then main 
high 1 
end 
| should explain that the <> pair of symbols mean “is not equal to” So the 
fourth line of the program means, “if b1 is not equal to 7. 


The value of b1 is supposed to be 7 if the user is putting in the correct com- 
bination. So if it's not 7, the user has entered the wrong value, and the if-then 
statement sends the PICAXE back to the beginning. In fact anytime the user 
inputs a number that is not in the correct 7-4-1 sequence, the program sends 
the PICAXE back to the beginning. This is the way the pure-hardware version 
of this experiment was set up. 


But what is this word “gosub”? It means “go to a subroutine.’ A subroutine is 
any sequence of program statements that ends with the instruction to”return;” 
So “gosub getkey” tells the PICAXE to mark its current place in the program 
while it skips to the getkey: section of code, which it obeys, until it finds the 
word “return,’ which returns it to the place from where it came. 


The PICAXE continues in this fashion until it reaches the word “end” I had to in- 
sert the word “end” because otherwise the PICAXE will continue executing the 
program and will fall into the subroutine. “End” stops it from doing so. Figure 
5-148 shows a screenshot of the complete listing. 


So—is that all? Yes, that's it. If you enter the code into the Programming Editor 
exactly as | have supplied it, you should be able to run it in simulation mode, 
and in the simulation window, click the right-arrow beside Logical Pin A2 to 
increase its value in steps. Each time you pass one of the values in the getkey: 
subroutine, you should see the value for variable b1 change in the display. 


This is really all you need to perform the functions of the combination lock. 
When the PICAXE runs this program, it waits for the correct combination. If it 
receives the combination, it sends the output from logical pin 1 high; other- 
wise, logical pin 1 stays low. 


The only additional item you need is a transistor or CMOS gate between logi- 
cal pin 1 and the relay that unlocks the computer, because the PICAXE cannot 
deliver enough current to operate the relay by itself. 


Putting this procedure into a controller chip not only simplifies the circuit, but 
offers another advantage: you can change the combination simply by rewrit- 
ing the program and downloading the new version into the chip. 


Chapter 5 


Experiment 36: The Lock, Revisited 


Figure 5-148. This screenshot shows the complete 
listing of a program to read a sequence of three 
keypresses in conjunction with a combination lock. 
If the sequence is correct, the PICAXE sends a high 
output from one of its pins. If the sequence is incor- 
rect, the program loops back to the beginning. 


FUNDAMENTALS 


Limitations of MCUs 


The PICAXE does have some disadvantages. Its voltage 
requirements alone restrict you from using it with the kind 
of freedom of a 555 timer. 


Also, although | can get an instant result by plugging a 555 
timer into a breadboard and adding a couple of resistors 
and a couple of capacitors, the PICAXE requires me to add 
a download socket, hook it up to my computer, write a 
program in the Programming Editor, and download the 
program. 


Some people don't like writing software, or they have dif- 
ficulty thinking in the relentlessly left-brain way that com- 
puter programming requires. They may prefer the hands-on 
process of assembling hardware. 


Other people may have the opposite preference. This of 
course is a matter of taste, but one thing we know beyond 
all doubt is that computer programs often contain errors 
that may not reveal themselves until weeks or months later. 


The PICAXE, for instance, doesn't protect you if a number 
is assigned to a variable that exceeds the limit for that type 
of variable. Suppose b1=200 and b2=60 and your program 
tells the PICAXE: 


let b3 = b1 + b2 


The result should be 260, but byte-size variables can only 
count up to 255. What happens? You will find that b3 ac- 
quires a value of 4, without any warning or explanation. This 
is known as an “overflow error,’ which can be very difficult 
to predict, because it happens at runtime, when external 
factors are in control. The code looks perfectly good; the 
Programming Editor doesn't find any syntax errors; the 
simulation behaves properly. But in the real world, days or 
even months later, an unexpected set of circumstances re- 
sults in an input that causes the overflow, and because the 
code is residing inside the chip at this point, you may have a 
hard time figuring out what on earth went wrong. 


Software has its problems. Hardware has its advantages. 
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Experiment 36: The Lock, Revisited 


y FUNDAMENTALS 


Unexplored territory 


If you've taken the time to complete most of the projects in this book with your 
own hands, you have gained a very rapid introduction to the most fundamental 
areas of electronics. 


What have you missed along the way? Here are some topics that remain wide 
open for you to explore. Naturally you should search online if they interest you. 


The informal, learning-by-discovery approach that | have used in this book 
tends to be light on theory. I've avoided most of the math that you'd be expect- 
ed to learn in a more rigorous course on the subject. If you have mathematical 
aptitude, you can use it to gain a much deeper insight into the way in which 
circuits work. 


| didn't deal much with computer architecture, either. We didn't go very far into 
binary code, and you didn't build a half-adder, which is a great way to learn how 
computers function on the most fundamental level. Perhaps you should think 
about assembling one. 


| avoided going deeply into the fascinating and mysterious properties of 
alternating current. Here again, some math is involved, but just the behavior of 
current at high frequencies is an interesting topic in itself. 


For reasons already stated, | avoided surface-mount components—but you 
can still go into this area yourself for a relatively small investment, if you 

like the idea of creating fascinatingly tiny devices. This may be the future of 
hobby electronics, so if you stick with it, you'll probably end up in the world of 
surface-mount. 


Vacuum tubes were not mentioned, because at this point, they are mainly of 
historical interest. But there’s something very special and beautiful about tubes, 
especially if you can enclose them in fancy cabinetwork. In the hands of a 
skilled craftsperson, tube amplifiers and radios become art objects. 


| didn’t show you how to etch your own printed circuit boards. This is a task that 
appeals to only certain people, and the preparation for it requires you to make 
very neat drawings or use computer software for that purpose. If you happen to 
have those resources, you might want to do your own etching. It could be a first 
step toward mass-producing your own devices. 


| didn't cover static electricity at all. High-voltage sparks don't have any practi- 
cal applications, and they entail some safety issues—but they are stunningly 
impressive, and you can easily obtain the necessary information to build the 
equipment. Maybe you should try. 
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Other Controllers 


If you want something more powerful, a BASIC Stamp is the logical next step 
after a PICAXE. the BASIC Stamp is so called because it originally looked like a 
postage stamp. The BASIC Stamp has a larger vocabulary of commands and a 
bigger range of add-on devices (including displays with graphical capability, 
and a little keyboard that is specifically designed for use with the controller). 
The BASIC Stamp is shown in Figure 5-149. 


On the downside, you'll find that everything associated with the BASIC Stamp 
is a bit more expensive than in the PICAXE world, and the download procedure 
isn't quite as simple. 


One of the more recent developments in the world of MCUs is the Arduino, 
which is both sophisticated and powerful. It does require programming in 
the C language. This language is a little more difficult to understand, and has 
only the vaguest similarity to the syntax that is used in the PICAXE and BASIC 
Stamp. On the other hand, because C dominates the larger world of comput- 
ing, learning it might not be such a bad idea—and the Arduino offers some 
truly amazing capabilities. Because it is so popular, there are also many soft- 
ware tools, documentation, user forums, and many enthusatic hobbyists to 
help you. Two other Make: Books titles that | mentioned previously, Getting 
Started with Arduino and Making Things Talk, provide a great introduction. 


In Closing 


| believe that the purpose of an introductory book is to give you a taste of a 
wide range of possibilities, leaving you to decide for yourself what you want to 
explore next. Electronics is ideal for those of us who like to do things ourselves, 
because almost any application—from robotics, to radio-controlled aircraft, to 
telecommunications, to computing hardware—allows opportunities that we 
can explore at home, with limited resources. 


As you delve deeper into the areas of electronics that interest you most, | trust 
you'll have a satisfying learning experience. But most of all, | hope you have 
lots of fun along the way. 


What Next? 


In Closing 


Figure 5-148. The BASIC Stamp controller 
consists of surface-mounted compo- 
nents on a platform that has pins spaced 
at 1/10-inch intervals, for insertion in a 
breadboard or perforated board. This 
component uses a version of BASIC that 
is similar to the programming language of 
the PICAXE, but has many more exten- 
sions. The BASIC Stamp is available 

for use with a wide range of peripheral 
devices, including many alphanumeric 
dot-matrix displays. 
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Online Retail Sources and 
Manufacturers 


This appendix contains URLs for companies mentioned as retail sources or 
manufacturers, along with the commonly used name of the source and the 
company name. 


Colloquially used Actual corporate or company name | URL 

3M Minnesota Mining and Manufacturing Co. http://solutions.3m.com/en_US/ 

Ace Hardware = sd Ace Hardware Corporation http//www.acehardwarecom sss 
“Advanced Micro Circuits =| Advanced Micro Circuits Corp. http://www.advancedmicrocircuits.com = 
‘Akos = «SS Myers Industries, Inc. http//wwwakro-mil.com 
‘Aloswitth = sd Division of Tyco Electronics Corporation == ss http://www.tycoelectronics.com/catalog/menu/en/18025 
All Electronics = All Electronics Corporation http//www.allelectronics.com 
- All Spectrum Electronics =| All Spectrum Electronics, http:/wwwallspecrum.com sss 
‘AllBatterycom O Tenergy Corporation o http//wwwall-battery.com 
“Alpha potentiometers =  (. Alpha Products Inc. http:/wwwalphapotentiometersnet = 
ALPS pushbutton = ALPS Electric Co, Ltd. = tt tst~<S~S*YS http://www.alpscom 
Amazon Amazon.com, Ine = sts—~=~S*YS http://www.amazon.com 
‘Ampobe o A AmprobeTestTools 0 http://www.amprobe.com = ss—S 
Arduino sO No corporate identity = |, http://www.arduino.ce  ssstststs—sS 
Atty SY Aty http://www.artcity.com 
AutoZone = s*SYSY AutoZone, Ine http://www.autozone.com sssS 
Wago o Avago Technologies 0 http//www.avagotechcom SS 
BASICStamp. = CSC BrandownedbyParallax,In. = CS http//wwwparallaxcom 
-BlTechnologies = Cd Bl Technologies Corporation | http//www.bitechnologies.com 
BkPredsion = Sd B&K Precision Corp. http://www.bkprecision.com SS 
Bussmann fuses A Cooper Bussman, Inc. http:/www.cooperbussmann.com 
cakswith = CoActive Technologies, Ine = U http://www.ck-components.com 
Chicagolighting | CML Innovative Technologies 0 U http://www.cml-itcom 
—CraftAmerica. CS i Cardinal Enterprises = tttsts*é=~S*YSY http//www.craftamerica.com 
‘Dae 0 Daricelne http://www.daricecom sss 


Colloquially used Actual corporate or company name |URL 


name 

DeWalt DeWalt Industrial Tool Company http://www.dewalt.com 

DigiKey = (stitsésé«s@CCd Digi-Key Corporation = |y http/wwwdigikey.com 
‘Directed switches = Directed Electronics Inc. http://www.directedcom sss 
‘Doctronics = Cd Doctronics Educational Publishing = | http//www.doctronics.co.uk 
Bl eBaylne http://www.ebay.com sss 
Eleno = ttts~=«C*CdSd Elenco Electronics Inc. http//wwwelencocom sss 
‘Everight = Sd Everlight Electronic Co. Ltd. http//wwweverlightcom 
Eteh sd Extech Instruments Corporation = ss stSs«iSYS http//wwwextech.com 
Fairchild Fairchild Semiconductor Incorporated | http://www.fairchildsemicom 
Moo FTM Incorporated http://thefabricatorssource.com 
Fujitsu Fujitsu America, Inc. http//www.tujitsu.com/us/ 
GB wirestrippers = sd Gardner Bender Ine. http//www.gardnerbender.com ss 
Hobbylinc = Sd Hobbylinc Hobbies = Sd http//wwwhobbylinccom 
‘HomeDept = HomerTLG, Ine = SY http://www.homedepotcom SS 
“Ideal wire strippers | Ideal Industries Inc. http://www.idealindustries.com 
Jameo | Jameco Electronis 0 http://www.jameco.com ssts—SsSsS 
-K8J Magnetis = sd KE Magnetic Ine. http//www.kimagnetis.com 
‘Kingbright = Kingbright Corporation http//wwwkingbrightusacom 
‘Kobicom «Sd No web page found; use mousercom 000 
KVMTools = Sd KUM Tools Ine http//wwwkvmtool.com 
-Lowe' hardware ll EUC a http//wwwlowes.com 
lume lumexing = SYS http//wwwlumexcom 
_MeMaster=Carr sO McMaster-Carr Supply Company. http//www.memaste.com 
“Megahobby = sd Megahobbycom = ss tttsti<isCSY http//www.megahobby.com sss 
Meter Superstore || Division of SRS Market Solutions Ine. | http://www.metersuperstore.com 
- Michaels craftstores || Michaels Stores, Inc. http://www.michaelscrafts.com 
Mil-Max Mill-Max Manufacturing Corp. = SY http://www.mill-maxcom 
Mitutoyo = SY Mitutoyo America Corporation http://www.mitutoyo.com 
Motorola Motorola, Ine http://www.motorola.com/us sss 
-Mouser electronics || Mouser Electronics, Inc. http//www.mousercom 
“Muelleralligatorcip = Mueller Electric Company. http//www.muellerelectric.com 
Newark Subsidiary of Premier Famnellplc = Li http//www.newark.com 
NKKswitches = Sd Nihon Kaiheiki Industry Co. Ltd. = sd http//www.nkkswitches.com 
“NXP semiconductors || NXP Semiconductors 0 http://www.nxp.com 
Omon o Omron Corporation = (a st tststs=sS*YSY http//wwwomron.com 
On Semiconductor = si Semiconductor Components Industries, LLC = http//wwwonsemicon 
pte Subsidiary ofTT Electronics ple | http://www.optekinccom 
Panasonic Panasonic Electric Works Corporation. | http//pewapanasonic.com  ==ssts—s—S 
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Colloquially used Actual corporate or company name |URL 

name 

PanaVise Panavise Products, Inc. http://www.panavise.com 
Paralax = s«SdS Parallax, Ine http://www.parallaxcom 
Pep Boys = i(aiaiti(istés*@C*C PepBoys-Manny,MoeandJak = = |, http//wwwpepboys.com sss 
‘Philips = sd Koninklijke Philips Electronics NV. = http//wwwusaphilips.com 
‘PANE = ttsti~i«*«C@*iC Revolution Education ltd. = Cd http//wwwiev-ed.couk == 
“Piedmont Plastics = | Piedmont Plastics, Inc. http://www.piedmontplastics.com 
Plano storagesboxes || PlanoMoldingCompany = = |, http://wwwplanomoldingcom sss 
- Pomona test equipment >| | Pomona Electronics Inc. http://wwwpomonaelectronics.com 
RadioShack = (ts RadioShack Corporation. http//wwwradioshack.com 
Seas Sears Brands, LLC ttttsti‘is~s*‘*@CY http://www.searscom 
“SparkFun Electronics f: Sparkfun Electronis A http//wwwsparkfun.com 
Stanley tools ls The Stanley Works A http//www.stanleytools.com 
—STMicroelectronics |: STMicroelectronics Group http/wwwstcom 
Texas Instruments = Texas Instruments Incorporated «= Cd http/wwwticom 
Tower Hobbies = sd Tower Hobbies = a tsti(‘<itsis*™SY http//www.towerhobbies.com 
Twin Industries = Twin Industries = ~S=«*@UY http//wwwtwinindcom 
yo | Tyco Electronics Corporation A http//www.tycoelectronics.com 
Vaughan = ttt:*«S@C:S Vaughan & Bushnell Mfg. = «CC http://hammernet.com/vaughan/ SS 
‘Velleman keyboards f Velemany http//wwwvellemaneu 
Vishay = st™*=«S@CYS Vishay ntertechnologyin. = «dG http//wwwvishay.com 
Wal-Mart Wal-Mart Stores, Inc. http//wwwwalmartcom 
Weller = ( ttttsts*«C@CdSC Division of Cooper Industries, LC = Cd http://www.cooperhandtools.com/brands/weller/ 
Yeh o Division of Elmer' Products, Inc. http//wwwxacto.com 
Xcelite = s«*@CSC Division of Cooper Industries, LC = Cd http://www.cooperhandtools.com/brands/xcelite/ 
tronie = SY Xytronic Industries Ltd. = CSCS http://www.xytronic-usacom SS 
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Atom 


Electron 


The atom is a basic unit of matter consisting of a dense, central nucleus surrounded by a cloud of 
negatively charged electrons. The atomic nucleus contains a mix of positively charged protons and 
electrically neutral neutrons (except in the case of Hydrogen-1, which is the only stable nuclide with no 
neutron). The electrons of an atom are bound to the nucleus by the electromagnetic force. Likewise, a 
group of atoms can remain bound to each other, forming a molecule. An atom containing an equal 
number of protons and electrons is electrically neutral, otherwise it has a positive or negative charge and 
is an ion. An atom is classified according to the number of protons and neutrons in its nucleus: the 
number of protons determines the chemical element, and the number of neutrons determine the isotope 
of the element. 


Electron 


The electron is a subatomic particle that carries a negative electric charge. It has no known substructure 
and is believed to be a point particle. Electrons participate in gravitational, electromagnetic and weak 
interactions. Like its rest mass and elementary charge, the intrinsic angular momentum (or spin) of an 
electron has a constant value. In the collision of an electron and a positron, the electron's antiparticle, 
both are annihilated. An electron—positron pair can be produced from gamma ray photons with sufficient 
energy. 


Proton 


The proton is a subatomic particle with an electric charge of +1 elementary charge. It is found in the 
nucleus of each atom but is also stable by itself and has a second identity as the hydrogen ion, H”. It is 
composed of 3 even more fundamental particles comprising two up quarks and one down quark. 


l 


Neutron 


The neutron is a subatomic particle with no net electric charge and a mass slightly larger than that of a 
proton. 


Neutrons are usually found in atomic nuclei. The nuclei of most atoms consist of protons and neutrons, 
which are therefore collectively referred to as nucleons. The number of protons in a nucleus is the 
atomic number and defines the type of element the atom forms. The number of neutrons determines the 
isotope of an element. For example, the carbon-12 isotope has 6 protons and 6 neutrons, while the 
carbon-14 isotope has 6 protons and 8 neutrons. 


Electrical conductor 


In science and engineering, an electrical conductor is a material which contains movable electric 
charges. In metallic conductors, such as copper or aluminum, the movable charged particles are 
electrons (See electrical conduction). Positive charges may also be mobile in the form of atoms in a 
lattice missing electrons (called "holes") or ions, such as in the electrolyte of a battery. 


Note: The following applies to direct current only. When the direction of voltage/current alternates, 
other effects (inductive and capacitive reactance) come into play also. 


All conductors contain electric charges which will move when an electric potential difference (measured 
in volts) is applied across separate points on the material. This flow of charge (measured in amperes) is 
what is meant by electric current. In most materials, the rate of current is proportional to the voltage (as 
determined by Ohm's law) provided the temperature remains constant and the material remains in the 
same shape and state. 


Most familiar conductors are metallic. Copper is the most common material for electrical wiring (silver 
is the best but expensive), and gold for high-quality surface-to-surface contacts. However, there are also 
many non-metallic conductors, including graphite, solutions of salts, and all plasmas. See electrical 
conduction for more information on the physical mechanism for charge flow in materials. 


Non-conducting materials lack mobile charges, and so resist the flow of electric current, generating heat. 
In fact, all non-superconducting materials offer some resistance and warm up when a current flows. 
Thus, proper design of an electrical conductor takes into account the temperature that the conductor 
needs to be able to endure without damage, as well as the quantity of electrical current. The motion of 
charges also creates an electromagnetic field around the conductor that exerts a mechanical radial 
Squeezing force on the conductor. A conductor of a given material and volume (length x cross-sectional 
area) has no real limit to the current 1t can carry without being destroyed as long as the heat generated by 
the resistive loss is removed and the conductor can withstand the radial forces. This effect 1s especially 
critical in printed circuits, where conductors are relatively small and close together, and inside an 
enclosure: the heat produced, if not properly removed, can cause fusing (melting) of the tracks. 


Since all non-superconducting conductors have some resistance, and all insulators will carry some 
current, there is no theoretical dividing line between conductors and insulators. However, there is a large 
gap between the conductance of materials that will carry a useful current at working voltages and those 
that will carry a negligible current for the purpose in hand, so the categories of insulator and conductor 
do have practical utility. 


Thermal and electrical conductivity often go together (for instance, most metals are both electrical and 
thermal conductors). However, some materials are practical electrical conductors without being a good 
thermal conductor. 


(Electrical) Non Conductor (Insulator) 


An insulator, also called a dielectric, is a material that resists the flow of electric current. An insulating 
material has atoms with tightly bonded valence electrons. These materials are used in parts of electrical 
equipment, also called insulators or insulation, intended to support or separate electrical conductors 
without passing current through themselves. The term is also used more specifically to refer to insulating 
supports that attach electric power transmission wires to utility poles or pylons. 


Some materials such as glass or Teflon are very good electrical insulators. A much larger class of 
materials, for example rubber-like polymers and most plastics are still "good enough" to insulate 
electrical wiring and cables even though they may have lower bulk resistivity. These materials can serve 
as practical and safe insulators for low to moderate voltages (hundreds, or even thousands, of volts). 


Semiconductor 


A semiconductor is a material that has electrical conductivity between those of a conductor and an 
insulator. The conductivity of a semiconductor material can be varied under an external electrical field. 
Devices made from semiconductor materials are the foundation of modern electronics, including radio, 
computers, telephones, and many other devices. Semiconductor devices include the transistor, many 
kinds of diodes including the light-emitting diode, the silicon controlled rectifier, and digital and analog 
integrated circuits. Solar photovoltaic panels are large semiconductor devices that directly convert light 
energy into electrical energy. 


In a metallic conductor, current is carried by the flow of electrons. In semiconductors, current can be 
carried either by the flow of electrons or by the flow of positively-charged "holes" in the electron 
structure of the material. 


Silicon is used to create most semiconductors commercially. Dozens of other materials are used, 
including germanium, gallium arsenide, and silicon carbide. A pure semiconductor is often called an 
“intrinsic” semiconductor. The conductivity, or ability to conduct, of semiconductor material can be 
drastically changed by adding other elements, called “impurities” to the melted intrinsic material and 
then allowing the melt to solidify into a new and different crystal. This process is called "doping". 


CURRENT: 


The flow of Electron through a conductor is called current. The no. of electronics moving 
through a conductor per second called Ampere. 


The unit of current is “Ampere”. 


Sub Unit: 

nA =NanoAmpere  =10* = 1/1000000000 
uA  =Micro Ampere = 10° = 1-1000000 
mA = Milli Ampere = 10° = 1/1000 

A = Ampere =] 

KA =Kilo Ampere =10° =1000 

MA =Mega Ampere =10° = 1000000 

GA = Giga Ampere = 10% = 1000000000 


current Conversion: 
1000 nA =1uA 
1000uA =1 mA 
1000 mA =1A 
1000 A =1KA 
1000 KA =1 MA 


1000 MA =1 GA 


Types of Current: 
There are two types 1. AC Current 


2. DC Current 


AC — Current & DC - Current 


Alternating Current (AC) 


Alternating Current (AC) flows one way, then the other way, continually reversing direction. 
An AC voltage is continually changing between positive (+) and negative (-). 


The rate of changing direction is called the frequency of the AC and it is measured in hertz 
(Hz) which is the number of forwards-backwards cycles per second. 


Mains electricity in the UK has a frequency of 50Hz. 
See below for more details of signal properties. _ 


An AC supply is suitable for powering some devices such as lamps and heaters but almost all 
electronic circuits require a steady DC supply (see below). 


current 7 a 
or + 


current 7 voltage || 

or | H 

voltage | o! 
¿AA A A 


AC | from a power supply 


This triangular signal is AC because it changes This shape is called a sine wave. 


between positive (+) and negative (-). 


Direct Current (DC) 


Direct Current (DC) always flows in the same direction, but it may increase and decrease. 
A DC voltage is always positive (or always negative), but it may increase and decrease. 


Electronic circuits normally require a steady DC supply which is constant at one value or a 
smooth DC supply which has a small variation called ripple. 


Cells, batteries and regulated power supplies provide steady DC which is ideal for electronic 
circuits. 
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Power supplies contain a transformer which converts the mains AC supply to a safe low 
voltage AC. Then the AC is converted to DC by a bridge rectifier but the output is varying DC 
which is unsuitable for electronic circuits. 


Some power supplies include a capacitor to provide smooth DC which is suitable for less- 
sensitive electronic circuits, including most of the projects on this website. 


Lamps, heaters and motors will work with any DC supply. 


Voltage 


What 1s voltage? 


Voltage is a measure of the electric force available to cause the movement or flow of electrons. Thus, 
voltage in itself implies no movement of electrons, but the potential to cause electrons to move. 


Voltage measurements of direct current 


When an electric force is available to cause the movement of electrons, a voltmeter is used to measure 
the potential. When that potential is unchanging, it is said to be a direct current or DC potential. DC 
electricity typically comes from a battery, but may come from a filtered, rectified power supply. More 
on rectification and filtering later. 


Voltage measurements of alternating current 
When an electrical force is available to cause the movement of electrons, it can sometimes not be 
measured accurately because the value is changing instant-by-instant. In a typical generator, for 
example, it can be changing in value between -110Volts and +110 volts in a sinusoidal (sine wave) 
fashion. Voltage that changes instant-by-instant, such as your household power, 1s called AC or 
Alternating Current. 
In these cases, a rectified value is extracted and filtered in order that an average, 'positive' voltage value 


can be measured. More on the mechanism of rectification later but know that this is a method of 
converting AC into DC electricity. 


Voltage: 


The difference of Electric potential which exists between two points of conduction carrying a 
constant of one Ampere. When the power dissipate between these points in one watt. 


The unit of Voltage “Volt” = Y 

nV =Nano Volt = 10° = 1/1000000000 
uV = Micro Volt = 10° = 1-1000000 
mV =Milli Volt = 10° = 1/1000 

Vv = Volt =] 

KV =Kilo Volt =10° = 1000 

MV =Mega Volt = 10° = 1000000 
GV =Giga Volt =10° = 1000000000 
Current Conversion: 

1000 nV =1uV 

1000 uV =1 mV 

1000mV =1V 

1000 V =1KV 

1000 KV =1 MV 


1000 MV =1 GV 


There are two types of Voltage 


AC Voltage & DC Voltage. 


Electric power 


Electric power is defined as the rate at which electrical energy is transferred by an electric circuit. The 
SI unit of power is the watt. 


When electric current flows in a circuit, it can transfer energy to do mechanical or thermodynamic work. 
Devices convert electrical energy into many useful forms, such as heat (electric heaters), light (light 
bulbs), motion (electric motors), sound (loudspeaker) or chemical changes. Electricity can be produced 
mechanically by generation, or chemically, or by direct conversion from light in photovoltaic cells, also 
it can be stored chemically in batteries. 


The electric power in watts associated with a complete electric circuit or a circuit component represents 
the rate at which energy is converted from the electrical energy of the moving charges to some other 


form, e.g., heat, mechanical energy, or energy stored in electric fields or magnetic fields. For a resistor 
in a D C Circuit the power is given by the product of applied voltage and the electric current: 


P=VI 
Power = Voltage x Current 
Watts = volts x amperes 


Enter data in any two of the boxes, then click on the active text for the quantity you wish to calculate. 


Ohm's law 
AO 
IFR 
V = TR 
I= V/R 
R =V/I 


Ohm's law applies to electrical circuits; it states that the current through a conductor between two points 
1s directly proportional to the potential difference or voltage across the two points, and inversely 
proportional to the resistance between them. 


The mathematical equation that describes this relationship is: 

Where / is the current in amperes, V is the potential difference in volts, and R 1s a circuit parameter 
called the resistance (measured in ohms, also equivalent to volts per ampere). The potential difference 1s 
also known as the voltage drop, and is sometimes denoted by U, E or emf (electromotive force) instead 


of V. 


The law was named after the German physicist Georg Ohm, who, in a treatise published in 1827, 
described measurements of applied voltage and current through simple electrical circuits containing 
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various lengths of wire. He presented a slightly more complex equation than the one above to explain his 
experimental results. The above equation is the modern form of Ohm's law. 


The resistance of most resistive devices (resistors) is constant over a large range of values of current and 
voltage. When a resistor is used under these conditions, the resistor is referred to as an ohmic device (or 
an ohmic resistor) because a single value for the resistance suffices to describe the resistive behavior of 
the device over the range. When sufficiently high voltages are applied to a resistor, forcing a high 
current through it, the device is no longer ohmic because its resistance, when measured under such 
electrically stressed conditions, is different (typically greater) from the value measured under standard 
conditions (see temperature effects, below). 


Ohm's law, in the form above, is an extremely useful equation in the field of electrical/electronic 
engineering because it describes how voltage, current and resistance are interrelated on a "macroscopic" 
level, that is, commonly, as circuit elements in an electrical circuit. Physicists who study the electrical 
properties of matter at the microscopic level use a closely related and more general vector equation, 
sometimes also referred to as Ohm's law, having variables that are closely related to the I, V and R 
scalar variables of Ohm's law, but are each functions of position within the conductor. See the Physics 
and Relation to heat conduction sections below. 


Electrical circuits consist of electrical devices connected by wires (or other suitable conductors). (See 
the article electrical circuits for some basic combinations.) The above diagram shows one of the simplest 
electrical circuits that can be constructed. One electrical device is shown as a circle with + and - 
terminals, which represents a voltage source such as a battery. The other device is illustrated by a zig- 
zag symbol and has an R beside it. This symbol represents a resistor, and the R designates its resistance. 
The + or positive terminal of the voltage source is connected to one of the terminals of the resistor using 
a wire of negligible resistance, and through this wire a current I is shown, in a specified direction 
illustrated by the arrow. The other terminal of the resistor 1s connected to the - or negative terminal of 
the voltage source by a second wire. This configuration forms a complete circuit because all the current 
that leaves one terminal of the voltage source must return to the other terminal of the voltage source. 
(While not shown, because electrical engineers assume that it exists, there 1s an implied current I, and an 
arrow pointing to the left, associated with the second wire.) 


Voltage is the electrical driver that moves (negatively charged) electrons through wires and electrical 
devices, current is the rate of electron flow, and resistance is the property of a resistor (or other device 
that obeys Ohm's law) that limits current to an amount proportional to the applied voltage. So, for a 
given resistance R (ohms), 


and a given voltage V (volts) established across the resistance, Ohm's law provides the equation (I=V/R) 
for calculating the current through the resistor (or device). 


The "conductor" mentioned by Ohm's law is a circuit element across which the voltage 1s measured. 
Resistors are conductors that slow down the passage of electric charge. A resistor with a high value of 
resistance, say greater than 10 megohms, is a poor conductor, while a resistor with a low value, say less 
than 0.1 ohm, is a good conductor. (Insulators are materials that, for most practical purposes, do not 
allow a current when a voltage is applied.) 


In a circuit diagram, like the one above, the various components may be joined by connectors, contacts, 
welds or solder joints of various kinds, but for simplicity these connections are usually not shown. 


Electronic Symbols 


Wires and connections 


Component Circuit Symbol 


Wire aaa 


Wires joined 


Wires not joined 


Power Supplies 


Component Circuit Symbol 


Cell 

Battery + -- 
DC supply = 

AC supply —0 ™ 
Fuse 

Transformer 


Function of Component 


To pass current very easily from one part 
of a circuit to another. 


A 'blob' should be drawn where wires are 
connected (joined), but it is sometimes 
omitted. Wires connected at 'crossroads' 
should be staggered slightly to form two 
T-junctions, as shown on the right. 


In complex diagrams it is often necessary 
to draw wires crossing even though they 
are not connected. | prefer the 'bridge' 
symbol shown on the right because the 
simple crossing on the left may be 
misread as a join where you have 
forgotten to add a ‘blob’! 


Function of Component 


Supplies electrical energy. 
The larger terminal (on the left) is positive (+). 


- A single cell is often called a battery, but strictly a 


battery is two or more cells joined together. 


Supplies electrical energy. A battery is more than one 


* cell. 


The larger terminal (on the left) is positive (+). 


Supplies electrical energy. 


-= DC = Direct Current, always flowing in one direction. 


Supplies electrical energy. 
AC = Alternating Current, continually changing direction. 


-= A safety device which will 'blow' (melt) if the current 


flowing through it exceeds a specified value. 


Two coils of wire linked by an iron core. Transformers 
are used to step up (increase) and step down 
(decrease) AC voltages. Energy is transferred between 
the coils by the magnetic field in the core. There is no 
electrical connection between the coils. 
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i A connection to earth. For many electronic circuits this 
Earth e is the OV (zero volts) of the power supply, but for mains 
(Ground) — electricity and some radio circuits it really means the 
earth. It is also known as ground. 


Output Devices: Lamps, Heater, Motor, etc. 


Component Circuit a Function of Component 
A transducer which converts electrical energy to light. This 
Lamp (lighting) - symbol is used for a lamp providing illumination, for example 
a car headlamp or torch bulb. 
A transducer which converts electrical energy to light. This 
Lamp (indicator) : - symbol is used for a lamp which is an indicator, for example a 
warning light on a car dashboard. 
Heater - A transducer which converts electrical energy to heat. 
Motor _A transducer which converts electrical energy to kinetic 
energy (motion). 
Bell A transducer which converts electrical energy to sound. 
Buzzer A transducer which converts electrical energy to sound. 
A coil of wire which creates a magnetic field when current 
Inductor passes through it. lt may have an iron core inside the coil. It 
(Coil solenoid) can be used as a transducer converting electrical energy to 
mechanical energy by pulling on something. 
Switches 
Component Circuit Symbol Function of Component 
Push Switch a A A push switch allows current to flow only when the button 
(push-to-make) — c-— is pressed. This is the switch used to operate a doorbell. 
Push-to-Break —__ a This type of push switch is normally closed (on), it is 
Switch — oae aee open (off) only when the button is pressed. 
On-Off Switch SPST = Single Pole, Single Throw. 
SPST A G An on-off switch allows current to flow only when it is in 
( ) the closed (on) position. 
SPDT = Single Pole, Double Throw. 
an | A 2-way changeover switch directs the flow of current to 
a er a . g 
C switch one of two routes according to its position. Some SPDT 
( ) Ö—— switches have a central off position and are described as 
'on-off-on'. 
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Switch ME 


(DPST) RÁ 


Reversing 
Switch 


(DPDT) 


Relay 


Resistors 


Component Circuit Symbol 


Resistor 


Variable Resistor 


(Rheostat) 


Variable Resistor 


(Potentiometer) 


Variable Resistor 


(Preset) 


DPST = Double Pole, Single Throw. 
A dual on-off switch which is often used to switch mains 
electricity because it can isolate both the live and neutral 
connections. 


DPDT = Double Pole, Double Throw. 
This switch can be wired up as a reversing switch 
for a motor. Some DPDT switches have a central off 
position. 


An electrically operated switch, for example a 9V 
battery circuit connected to the coil can switch a 
230V AC mains circuit. 
NO = Normally Open, COM = Common, 
NC = Normally Closed. 


Function of Component 


A resistor restricts the flow of current, for 
example to limit the current passing 
through an LED. A resistor is used with a 
capacitor in a timing circuit. 
Some publications still use the old resistor 
symbol: Y WW— 


This type of variable resistor with 2 
contacts (a rheostat) is usually used to 
control current. Examples include: 
adjusting lamp brightness, adjusting motor 
speed, and adjusting the rate of flow of 
charge into a capacitor in a timing circuit. 


This type of variable resistor with 3 
contacts (a potentiometer) is usually used 
to control voltage. lt can be used like this 
as a transducer converting position (angle 
of the control spindle) to an electrical 
signal. 


This type of variable resistor (a preset) is 
operated with a small screwdriver or 
similar tool. It is designed to be set when 
the circuit is made and then left without 
further adjustment. Presets are cheaper 
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Capacitors 


Component Circuit Symbol 


Capacitor 


Capacitor, polarised 


Variable Capacitor 


Trimmer Capacitor 


Diodes 


Component Circuit Symbol 


Light Emitting Diode ~ 


Zener Diode 


Photodiode 


than normal variable resistors so they are 
often used in projects to reduce the cost. 


Function of Component 


A capacitor stores electric charge. A 
capacitor is used with a resistor in a 
timing circuit. It can also be used as a 
filter, to block DC signals but pass AC 
signals. 


A capacitor stores electric charge. This 
type must be connected the correct way 
round. A capacitor is used with a resistor 
in a timing circuit. It can also be used as a 
filter, to block DC signals but pass AC 
signals. 


A variable capacitor is used in a radio 
tuner. 


This type of variable capacitor (a trimmer) 
is operated with a small screwdriver or 
similar tool. It is designed to be set when 
the circuit is made and then left without 
further adjustment. 


Function of Component 


A device which only allows current to flow in 
one direction. 


A transducer which converts electrical energy 


to light. 


A special diode which is used to maintain a 
fixed voltage across its terminals. 


A light-sensitive diode. 
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Transistors 


Component Circuit Symbol Function of Component 


A transistor amplifies current. lt can be used with other 


Transistor NPN ae mo ns 
components to make an amplifier or switching circuit. 


A transistor amplifies current. It can be used with other 


Transistor PNP ms me ee 
components to make an amplifier or switching circuit. 


Phototransistor A light-sensitive transistor. 


Audio and Radio Devices 


Component Circuit Symbol Function of Component 


Microphone A transducer which converts sound to electrical energy. 
Earphone A transducer which converts electrical energy to sound. 
Loudspeaker | A transducer which converts electrical energy to sound. 


Piezo Transducer [ ] A transducer which converts electrical energy to sound. 


Amplifier An amplifier circuit with one input. Really it is a block diagram 
ite symbol) symbol because it represents a circuit rather than just one 
Á 4 component. 
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Aerial 
(Antenna) 


A device which is designed to receive or transmit radio 
signals. It is also known as an antenna. 


Meters and Oscilloscope 
Component Circuit Symbol Function of Component 


A voltmeter is used to measure voltage. 


Voltmeter - The proper name for voltage is ‘potential difference", but 
most people prefer to say voltage! 
Ammeter - An ammeter is used to measure current. 


__ A galvanometer is a very sensitive meter which is used 


Galvanometer to measure tiny currents, usually 1mA or less. 


__ An ohmmeter is used to measure resistance. Most 


Ohmmeter multimeters have an ohmmeter setting. 
An oscilloscope is used to display the shape of 
Oscilloscope — electrical signals and it can be used to measure 


their voltage and time period. 


Sensors (input devices) 


Component Circuit Symbol Function of Component 


A transducer which converts brightness (light) to 


LDR _ resistance (an electrical property). 
LDR = Light Dependent Resistor 
l _ A transducer which converts temperature (heat) to 
Thermistor 


resistance (an electrical property). 
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Logic Gates 


Logic gates process signals which represent true (1, high, +Vs, on) or false (0, low, OV, off). 


For 


more 


information 


please 


see the Logic Gates 


page. 


There are two sets of symbols: traditional and IEC (International Electrotechnical Commission). 


Traditional 
Symbol 


IEC Symbol 
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Function of Gate 


A NOT gate can only have one input. The 'o' on 
the output means ‘not’. The output of a NOT gate 


- is the inverse (opposite) of its input, so the output 


is true when the input is false. A NOT gate is also 
called an inverter. 


An AND gate can have two or more inputs. The 


— output of an AND gate is true when all its inputs 


are true. 


A NAND gate can have two or more inputs. The 'o' 


- on the output means 'not' showing that it is a Not 


AND gate. The output of a NAND gate is true 
unless all its inputs are true. 


An OR gate can have two or more inputs. The 
output of an OR gate is true when at least one of 
its inputs is true. 


A NOR gate can have two or more inputs. The 'o' 
on the output means 'not' showing that it is a Not 
OR gate. The output of a NOR gate is true when 
none of its inputs are true. 


An EX-OR gate can only have two inputs. The 


- output of an EX-OR gate is true when its 


inputs are different (one true, one false). 


An EX-NOR gate can only have two inputs. 
The 'o' on the output means ‘not’ showing that 
it is a Not EX-OR gate. The output of an EX- 
NOR gate is true when its inputs are the same 
(both true or both false). 


Multimeters 


Multimeters are very useful test instruments. By operating a multi-position switch on the meter they can 
be quickly and easily set to be a voltmeter, an ammeter or an ohmmeter. They have several settings 
(called 'ranges') for each type of meter and the choice of AC or DC. Some multimeters have additional 
features such as transistor testing and ranges for measuring capacitance and frequency. 


Choosing a multimeter 


The photographs below show modestly priced multimeters which are suitable for general electronics 
use, you should be able to buy meters like these for less than £15. A digital multimeter is the best choice 
for your first multimeter; even the cheapest will be suitable for testing simple projects. 


If you are buying an analogue multimeter make sure 1t has a high sensitivity of 20k/V or greater on DC 
voltage ranges, anything less is not suitable for electronics. The sensitivity is normally marked in a 
corner of the scale, ignore the lower AC value (sensitivity on AC ranges 1s less important), the higher 
DC value is the critical one. Beware of cheap analogue multimeters sold for electrical work on cars 
because their sensitivity is likely to be too low. 


Digital multimeters 
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All digital meters contain a battery to power the display so they use virtually no power from the circuit 
under test. This means that on their DC voltage ranges they have a very high resistance (usually called 
input impedance) of 1M or more, usually 10M, and they are very unlikely to affect the circuit under test. 
Typical ranges for digital multimeters like the one illustrated: 

(The values given are the maximum reading on each range) 

DC Voltage: 200mV, 2000mV, 20V, 200V, 600V. 

AC Voltage: 200V, 600V. 

DC Current: 200A, 2000UA, 20mA, 200mA, 10A*. 

*The 10A range is usually unfused and connected via a special socket. 

AC Current: None. (You are unlikely to need to measure this). 


Resistance: 200 ohms, 2000 ohms, 20k ohms, 200k ohms, 2000k ohms, Diode Test. 


Digital meters have a special diode test setting because their resistance ranges cannot be used to test 
diodes and other semiconductors. 


Analogue multimeters 


Analogue meters take a little power from the circuit under test to operate their pointer. They must have a 
high sensitivity of at least 20k/V or they may upset the circuit under test and give an incorrect reading. 
See the section below on sensitivity for more details. 


Batteries inside the meter provide power for the resistance ranges, they will last several years but you 
should avoid leaving the meter set to a resistance range in case the leads touch accidentally and run the 
battery flat. 

Typical ranges for analogue multimeters like the one illustrated: 

(The voltage and current values given are the maximum reading on each range) 

DC Voltage: 0.5V, 2.5V, 10V, SOV, 250V, 1000V. 

AC Voltage: 10V, 50V, 250V, 1000V. 


DC Current: S0uA, 2.5mA, 25mA, 250mA. 
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A high current range 1s often missing from this type of meter. 

AC Current: None. (You are unlikely to need to measure this). 

Resistance: 20 ohms, 200 ohms, 2k ohms, 20k ohms, 200k ohms. 

These resistance values are in the middle of the scale for each range. 

It is a good idea to leave an analogue multimeter set to a DC voltage range such as 10V when not in use. 


It 1s less likely to be damaged by careless use on this range, and there 1s a good chance that 1t will be the 
range you need to use next anyway! 


Sensitivity of an analogue multimeter 
Multimeters must have a high sensitivity of at least 20k/V otherwise their resistance on DC voltage 
ranges may be too low to avoid upsetting the circuit under test and giving an incorrect reading. To 
obtain valid readings the meter resistance should be at least 10 times the circuit resistance (take this to 
be the highest resistor value near where the meter is connected). You can increase the meter resistance 
by selecting a higher voltage range, but this may give a reading which 1s too small to read accurately! 
On any DC voltage range: 

Analogue Meter Resistance = Sensitivity x Max. reading of range 


e.g. a meter with 20k/V sensitivity on its 10V range has a resistance of 20k/V x 10V = 200k. 


By contrast, digital multimeters have a constant resistance of at least 1M ohms (often 10M ohms) on all 
their DC voltage ranges. This is more than enough for almost all circuits. 
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RESISTORS 


A Resistor is a two-terminal electronic component designed to oppose an electric current by producing 
a voltage drop between its terminals in proportion to the current, that is, in accordance with Ohm's law: 


V= TR 


Resistors are used as part of electrical networks and electronic circuits. They are extremely 
commonplace in most electronic equipment. Practical resistors can be made of various compounds and 
films, as well as resistance wire (wire made of a high-resistivity alloy, such as nickel/chrome). 


The primary characteristics of resistors are their resistance and the power they can dissipate. Other 
characteristics include temperature coefficient, noise, and inductance. Less well-known 1s critical 
resistance, the value below which power dissipation limits the maximum permitted current flow, and 
above which the limit is applied voltage. Critical resistance depends upon the materials constituting the 
resistor as well as its physical dimensions; it's determined by design. 


Resistors can be integrated into hybrid and printed circuits, as well as integrated circuits. Size, and 
position of leads (or terminals) are relevant to equipment designers; resistors must be physically large 
enough not to overheat when dissipating their power. 


TYPICAL 
RESISTOR TYPE SYMBOL 


FIXED 
THRE WOUND 
(TAPPED} 


ADJUSTABLE 
WIREWO UME 


POTENTIOMETER 


RHEOSTAT 
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aluminium fine 


Units 


The ohm (symbol: Q) is a SI-driven unit of electrical resistance, named after Georg Simon Ohm. 
Commonly used multiples and submultiples in electrical and electronic usage are the milliohm, kilohm, 


and megohm. 


Examples 
R47 0.47 ohms 
AR7 4.7 ohms 
470R 470 ohms 
4K7 4.7K ohms 
47K 47K ohms 
47K3 47.3K ohms 
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470K 470K ohms 


4M7 4.7M ohms 


The unit of Resistor is “OHMS”. 


Sub Unit: 

nQ = Nano OHMS = 10° = 1/1000000000 
uQ — = Micro OHMS = 10° =1-1000000 
mQ = Milli OHMS = 10° = 1/1000 

A = OHMS = | 

KQ = Kilo OHMS =10° = 1000 

MQ = Mega OHMS = 10° = 1000000 

GQ = Giga OHMS = 10° = 1000000000 


Resistor Conversion: 
1000 nQ =1 uQ 
1000 uQ =1 mÊ 
1000 mQ =1Q 
1000 Q =1KQ 
1000 KQ =1 MO 


1000 MQ =1 GQ 
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Carbon film 


carbon film spirales 
away to give value 


TNA 


ceramic rod 


metal lead 


A carbon film is deposited on an insulating substrate, and a helix cut in it to create a long, narrow 
resistive path. Varying shapes, coupled with the resistivity of carbon, (ranging from 9 to 40 uQ-cm) can 
provide a variety of resistances. Carbon film resistors feature a power rating range of 1/6 W to 5 W at 
70°C. Resistances available range from 1 ohm to 10 megohm. The carbon film resistor can operate 
between temperatures of -55°C to 155°C. It has 200 to 600 volts maximum working voltage range 


Metal film 
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insulation coat 


resistive film an 
ceramic mandrel 


helical trim to 
adjust resistor value 


lead'cap assembly 


A common type of axial resistor today is referred to as a metal-film resistor. MELF (Metal Electrode 
Leadless Face) resistors often use the same technology, but are a cylindrically shaped resistor designed 
for surface mounting. [Note that other types of resistors, e.g. carbon composition, are also available in 
"MELF" packages]. 


Metal film resistors are usually coated with nickel chromium (NiCr), but might be coated with any of the 
cermet materials listed above for thin film resistors. Unlike thin film resistors, the material may be 
applied using different techniques than sputtering (though that is one such technique). Also, unlike thin- 
film resistors, the resistance value is determined by cutting a helix through the coating rather than by 
etching. [This is similar to the way carbon resistors are made.] The result is a reasonable tolerance (0.5, 
1, or 2%) and a temperature coefficient of (usually) 25 or 50 ppm/K. 


Wire wound 


Wire wound resistors are commonly made by winding a metal wire around a ceramic, plastic, or 
fiberglass core. The ends of the wire are soldered or welded to two caps, attached to the ends of the core. 
The assembly is protected with a layer of paint, molded plastic, or an enamel coating baked at high 
temperature. The wire leads are usually between 0.6 and 0.8 mm in diameter and tinned for ease of 
soldering. For higher power wire wound resistors, either a ceramic outer case or an aluminum outer case 
on top of an insulating layer is used. The aluminum-cased types are designed to be attached to a heat 
sink to dissipate the heat; the rated power is dependent on being used with a suitable heat sink, e.g., a 50 
W power rated resistor will overheat at around one fifth of the power dissipation if not used with a heat 
sink. 


Because wire wound resistors are coils they have more 
undesirable inductance than other types of resistor, although 
winding the wire in sections with alternately reversed direction 
can minimize inductance. 


Actual lengths will vary 
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Cermet 


A cer met is a composite material composed of ceramic (cer) and metallic (met) materials. A cer met is 
ideally designed to have the optimal properties of both a ceramic, such as high temperature resistance 
and hardness, and those of a metal, such as the ability to undergo plastic deformation. The metal 1s used 
as a binder for an oxide, boride, carbide, or alumina. Generally, the metallic elements used are nickel, 
molybdenum, and cobalt. Depending on the physical structure of the material, cermets can also be metal 
matrix composites, but cermets are usually less than 20% metal by volume. 


Cermets are used in the manufacture of resistors (especially potentiometers), capacitors, and other 
electronic components which may experience high temperatures. 


Cermets are being used instead of tungsten carbide in saws and other brazed tools due to their superior 
wear and corrosion properties. TICN, TiC, TiN and similar can be brazed like tungsten carbide if 
properly prepared however they require special handling during grinding. 


More complex materials, known as Cermet 2 or Cermet II, are being utilized since they give 
considerably longer life in cutting tools while both brazing and grinding like tungsten carbide. 


Some types of cermets are also being considered for use 
as spacecraft shielding as they resist the high velocity 
impacts of micrometeoroids and orbital debris much more 
effectively than more traditional spacecraft materials such 
as aluminum and other metals. 


Measurement 


Nearly always, the resistance value is of interest. The value of a resistor can be measured with an 
ohmmeter, which may be one function of a multimeter. Usually, probes on the ends of test leads connect 
to the resistor. 


Measuring low-value resistors, such as fractional-ohm resistors, with acceptable accuracy requires four- 
terminal connections. One pair of terminals applies a known, calibrated current to the resistor, while the 
other pair senses the voltage drop across the resistor. Some laboratory test instruments have spring- 
loaded pairs of contacts, with neighboring contacts electrically isolated from each other. Better digital 
multimeters have four terminals on their panels, generally used with special test leads. These comprise 
four wires in all, and have special test clips with jaws insulated from each other. One jaw provides the 
measuring current, while the other senses the voltage drop. 
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Series and parallel resistors 


Main article: Series and parallel circuits 


Resistors in a parallel configuration each have the same potential difference (voltage). To find their total 
equivalent resistance (R.,): 


I/R = 1/R1 + 1/R2 + ..... + 1/Rn 


The parallel property can be represented in equations by two vertical lines "||" (as in geometry) to 
simplify equations. For two resistors, 


R=RI1//R2=RI1,R2/R1+R2 


The current through resistors in series stays the same, but the voltage across each resistor can be 
different. The sum of the potential differences (voltage) is equal to the total voltage. To find their total 
resistance: 


R=R1+R2....4+ Rn 


A resistor network that is a combination of parallel and series can sometimes be broken up into smaller 
parts that are either one or the other. For instance, 


However, many resistor networks cannot be split up in this way. Consider a cube, each edge of which 
has been replaced by a resistor. For example, determining the resistance between two opposite vertices 
requires matrix methods for the general case. However, if all twelve resistors are equal, the corner-to- 
corner resistance is % of any one of them. 


The practical application to resistors is that a resistance of any non-standard value can be obtained by 
connecting standard values in series or in parallel. 


Fixed and Variable Resistors 


There are two kinds of resistors, FIXED and VARIABLE. The fixed resistor will have one value 
and will never change (other than through temperature, age, etc.). The resistors shown in A and B of 
figure 1-29are classed as fixed resistors. The tapped resistor illustrated in B has several fixed taps and 
makes more than one resistance value available. The sliding contact resistor shown in C has an 
adjustable collar that can be moved to tap off any resistance within the ohmic value range of the resistor. 


There are two types of variable resistors, one called a POTENTIOMETER and the other a 
RHEOSTAT (see views D and E of fig. 1-29.)An example of the potentiometer is the volume control on 
your radio, and an example of the rheostat is the dimmer control for the dash lights in an automobile. 
There is a slight difference between them. Rheostats usually have two connections, one fixed and the 
other moveable. Any variable resistor can properly be called a rheostat. The potentiometer always has 
three connections, two fixed and one moveable. Generally, the rheostat has a limited range of values and 
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a high current-handling capability. The potentiometer has a wide range of values, but 1t usually has a 
limited current-handling capability. Potentiometers are always connected as voltage dividers. 


Construction 


Variable resistors consist of a resistance track with connections at 
both ends and a wiper which moves along the track as you turn 
the spindle. The track may be made from carbon, cer met 
(ceramic and metal mixture) or a coil of wire (for low resistances). 
The track is usually rotary but straight track versions, usually 
called sliders, are also available. 


Variable resistors may be used as a rheostat with two connections 
(the wiper and just one end of the track) or as a potentiometer with standard Variable Resistor 
all three connections in use. Miniature versions called presets are 

made for setting up circuits which will not require further 

adjustment. 


Variable resistors are often called potentiometers in books and catalogues. They are 
specified by their maximum resistance, linear or logarithmic track, and their physical size. The 
standard spindle diameter is 6mm. 


The resistance and type of track are marked on the body: 
4K7 LIN means 4.7 kū linear track. 


1M LOG means 1 MA logarithmic track. 


Some variable resistors are designed to be mounted directly on the circuit board, but most are for 
mounting through a hole drilled in the case containing the circuit with stranded wire connecting their 
terminals to the circuit board. 


Linear (LIN) and Logarithmic (LOG) tracks 


Linear (LIN) track means that the resistance changes at a constant rate as you move the 
wiper. This is the standard arrangement and you should assume this type is required if a 
project does not specify the type of track. Presets always have linear tracks. 


Logarithmic (LOG) track means that the resistance changes slowly at one end of the track 
and rapidly at the other end, so halfway along the track is not half the total resistance! This 
arrangement is used for volume (loudness) controls because the human ear has a logarithmic 
response to loudness so fine control (slow change) is required at low volumes and coarser 
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control (rapid change) at high volumes. It is important to connect the ends of the track the 
correct way round, if you find that turning the spindle increases the volume rapidly followed by 
little further change you should swap the connections to the ends of the track. 


Rheostat 


This is the simplest way of using a variable resistor. Two terminals are used: one connected 
to an end of the track, the other to the moveable wiper. Turning the spindle changes the 
resistance between the two terminals from zero up to the maximum resistance. 


Rheostats are often used to vary current, for example to control the brightness of a lamp or 
the rate at which a capacitor charges. 


If the rheostat is mounted on a printed circuit board you may find that all three terminals are connected! 


However, one of them will be linked to the wiper terminal. This improves the mechanical strength of the 
mounting but it serves no function electrically. 
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Potentiometer 


GOLD PLATED TERMINALS 
AND CONTINUITY BAR: 
Do not corrode or tamish. 


HOUSING: 

High temp. plastic 
Durable in harsh 
environments. 


BRASS BUSHINGS: 

Hign quality brass bushings. 
Provde better support for 
potentiometer shaft side loads, 
resulting in long life expectancies 


ELEMENT: 
Wirewound (shown): 
Most commonly used 
in multi-turns. Offers 
better stability and 
linearity. Low temperature 
coemcient. 

Hybrid: Made with conductive 
plastic over a wirewound 


STAINLESS STEEL SHAFT: 
Non-corasive. Many 


MZ 
(N modifications available 


for ease of linking 


element. Lower inductance, to your system 
better resolution, and PRECIOUS METAL WIPER: 
longer lite Platinum alloy ensures 


long life and low noise. 
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Variable resistors used as potentiometers have all three terminals ak 


connected. Potentiometer Symbol 


This arrangement is normally used to vary voltage, for example to set the switching point of a 
circuit with a sensor, or control the volume (loudness) in an amplifier circuit. If the terminals at 
the ends of the track are connected across the power supply 


then the wiper terminal will provide a voltage which can be varied from zero up to the 
maximum of the supply. 


Presets 


These are miniature versions of the 
standard variable resistor. They are 
designed to be mounted directly onto 
the circuit board and adjusted only 


when the circuit is built. For example to mene 

set the frequency of an alarm tone or 

the sensitivity of a light-sensitive circuit. A small 
screwdriver or similar tool is required to adjust presets. 


Presets are much cheaper than standard variable resistors 
so they are sometimes used in projects where a standard variable resistor would normally be 
used. 


Multiturn presets are used where very precise adjustments must be made. The screw must 
be turned many times (10+) to move the slider from one end of the track to the other, giving 
very fine control. 


Preset Presets 


(open style) (closed style) Multiturn preset 
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Four-band resistors 


Main article: Electronic color code 


Four-band identification 1s the most commonly used color-coding scheme on all resistors. It consists of 
four colored bands that are painted around the body of the resistor. The first two bands encode the first 
two significant digits of the resistance value, the third 1s a power-of-ten multiplier or number-of-zeroes, 
and the fourth is the tolerance accuracy, or acceptable error, of the value. Sometimes a fifth band 
identifies the thermal coefficient, but this must be distinguished from the true 5-color system, with 3 
significant digits. 


For example, green-blue-yellow-red is 56x10*Q = 560kQ+2%. An easier description can be as 
followed: the first band, green, has a value of 5 and the second band, blue, has a value of 6, and is 
counted as 56. The third band, yellow, has a value of 10*, which adds four O's to the end, creating 
560,000Q at +2% tolerance accuracy. 560,000Q changes to 560 kQ +2% (as a kilo- is 10°). 


Each color corresponds to a certain digit, progressing from darker to lighter colors, as shown in the chart 
below. 


5 band axial resistors 


5-band identification is used for higher precision (lower tolerance) resistors (1%, 0.5%, 0.25%, 0.1%), to 
specify a third significant digit. The first three bands represent the significant digits, the fourth is the 
multiplier, and the fifth 1s the tolerance. Five-band resistors with a gold or silver 4th band are sometimes 
encountered, generally on older or specialized resistors. The 4th band is the tolerance and the Sth the 
temperature coefficient. 
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IV Band Colour Coding of Resistor 


V Band Colour Coding of Resistor 


Color 1 band 2™ band 3" band 4" band (multiplier) 5% band (tolerance) Temp. Coefficient 


Orange 3 3 000 a 15 ppm 
Yellow 4 4 0000 25 ppm 


Violet T 1 0000000 


White 9 9 000000000 E 

Gold S 7 2 x1/10 +5% (J) 
Silver _ O _ x1/100 +10% (K) 
No Band a Es bee +20% (M) 


AAA 


Thermistor 


A thermistor is a type of resistor whose resistance varies with temperature. The word is a portmanteau 
of thermal and resistor. Thermistors are widely used as inrush current limiters, temperature sensors, 
self-resetting over current protectors, and self-regulating heating elements. 


Thermistors differ from resistance temperature detectors (RTD) in that the material used in a thermistor 
is generally a ceramic or polymer, while RTDs use pure metals. The temperature response is also 
different; RTDs are useful over larger temperature ranges, while thermistors typically achieve a higher 
precision within a limited temperature range. 


PTC thermistors 


D y 
D > 


PTC thermistors for over current protection 


Ceramic PTC thermistors are used instead of conventional fuses to protect loads such as 
motors, transformers, etc. or electronic circuits against over current. They not only respond to 
inadmissibly high currents but also if a preset temperature limit is exceeded. Thermistor fuses 
limit the power dissipation of the overall circuit by increasing their resistance and thus reducing 
the current to a harmless residual value. In contrast to conventional fuses, they do not have to 
be replaced after elimination of the fault but resume their protective function immediately after 
a short cooling-downtime. 

As opposed to PTC thermistors made of plastic materials, ceramic PTC thermistors always 
return to their initial resistance value, even after frequent heating/cooling cycles. 
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PTC thermistors as limit temperature sensors 


With PTC thermistors as temperature sensors only the steep region of the R/T characteristic is 
Used. The resistance of the PTC thermistor is to be regarded as a function of the ambient 
temperature [RPTC = f (TA)]. 

The precondition for this relationship between resistance and ambient temperature is that self- 
heating and/or the varistor effect are excluded. This means that these PTC thermistors must 
be operated in the lowest possible field strengths. To enable a fast response, thermistor 
sensors have especially small dimensions. High control accuracy is achieved by using 
materials with an extra steep resistance/temperature characteristic. 


Limit temperature measurement for industrial applications 


A PTC thermistor can be used effectively to detect whether a temperature limit in industrial 
equipment, liquids, etc. is exceeded. The PTC thermistor is mounted in thermal contact with 
the medium that has to be protected from overheating. When the rated temperature limit of the 
medium is reached, the resistance of the PTC thermistor increases abruptly. In connection with 
a control unit, this signal can be used to automatically switch off the power supply of a load. 
EPCOS offers leaded disks, metal tags, screw-type metal cases as well as surface-mounted 
devices. 


NTC thermistors 
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1. Introduction 

An NTC thermistor has to be connected in series to the power source circuit to avoid the surge 
current at the instant when the electronic circuits are turned on. The device can effectively 
suppress the surge current, and its resistance and power consumption can be greatly reduced 
after that through the continuous effect of the current so as not to affect the normal work current. 
Therefore the Power NTC thermistor is the most convenient and efficient instrument to curb the 
surge current and protect the electronic devices from being damaged. 


2. Applications 

Applicable to the protection of the power circuits of conversion power supply, switching power 
supply, UPS power supply, electric heaters, electronic energy-saving lamps, electronic ballasts 
and other electronic devices, and the filament protection of color picture tubes, incandescent 
lamps and other lights. 


3. Characteristics: 

¡aSmall size, Strong power and strong capability of surge current protection. 
¡anCharacteristics Fast response to the rapidly surge. 

¡nBig material constant (B value), Small remain resistance. 

j2Longevity of service, High reliability. 

¡alntegral series, Extensive operating range. 


Varistor 


Avaristor is an electronic component with a significant non-ohmic current—voltage characteristic. The 
name is a portmanteau of variable resistor. Varistors are often used to protect circuits against excessive 
transient voltages by incorporating them into the circuit in such a way that, when triggered, they will 
shunt the current created by the high voltage away from the sensitive components. A varistor is also 
known as Voltage Dependent Resistor or VDR. A varistor’s function is to conduct significantly 
increased current when voltage is excessive. 
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*Note: only non-ohmic variable resistors are usually called varistors. Other, ohmic types of variable 
resistor include the potentiometer and the rheostat. 


Light Dependent Resistor 


A Light Dependent Resistor (aka LDR, photoconductor, or photocell) is a device which has a 
resistance which varies according to the amount of light falling on its surface. 


nd 


A typical light dependent resistor is pictured above together with (on the right hand side) its circuit 
diagram symbol. Different LDR's have different specifications, however the LDR's we sell (1) in the 
REUK Shop (2) are fairly standard and have a resistance in total darkness of 1 MOhm, and a resistance 
of a couple of kOhm in bright light (10-20kOhm @ 10 lux, 2-4kOhm @ 100 lux). 


Uses for Light Dependent Resistors 


Light dependent resistors are a vital component in any electric circuit (3) which is to be turned on and 
off automatically according to the level of ambient light - for example, solar powered garden lights, and 
night security lighting. 
An LDR can even be used in a simple remote control circuit using the backlight of a mobile phone to 
turn on a device - call the mobile from anywhere in the world, it lights up the LDR, and lighting (or a 
garden sprinkler (4)) can be turned on remotely! 


Light Dependent Resistor Circuits 


There are two basic circuits using light dependent resistors - the first is activated by darkness, the 
second is activated by light. The two circuits are very similar and just require an LDR, some standard 
resistors (5), a variable resistor (6) (aka potentiometer), and any small signal transistor (7) 
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In the circuit diagram above, the LED (8) lights up whenever the LDR is in darkness. The 10K 
variable resistor is used to fine-tune the level of darkness required before the LED lights up. The 10K 
standard resistor can be changed as required to achieve the desired effect, although any replacement 
must be at least 1K to protect the transistor from being damaged by excessive current. 


By swapping the LDR over with the 10K and 10K variable resistors (as shown above), the circuit will be 
activated instead by light. Whenever sufficient light falls on the LDR (manually fine-tuned using the 
10K variable resistor), the LED will light up. 


Using an LDR in the Real World 


The circuits shown above are not practically useful. In a real world circuit, the LED (and resistor) 
between the positive voltage input (Vin) and the collector (C) of the transistor would be replaced with 
the device to be powered. 


Typically a relay is used - particularly when the low voltage light detecting circuit is used to switch on 
(or off) a 240V mains powered device. A diagram of that part of the circuit is shown above. When 
darkness falls (if the LDR circuit is configured that way around), the relay is triggered and the 240V 
device - for example a security light —switches on. 


NEW For details of a more advanced light/dark sensor circuit click here to read our new article LM741 
Light/Dark Sensor Circuit We have these circuits available for sale. 
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Inductor 


Copyright & Addison Wesley Langman, Inc 


An inductor or reactor is a passive electrical component that can store energy in a magnetic field 
created by the electric current passing through it. An inductor's ability to store magnetic energy is 
measured by its inductance, in units of henries. Typically an inductor is a conducting wire shaped as a 
coil, the loops help create a strong magnetic field inside the coil due to Faraday's law of induction. 
Inductors are one of the basic electronic components used in electronics where current and voltage 
change with time, due to the ability of inductors to delay and reshape alternating currents. 


Overview 


Inductance (L) (measured in henries) is an effect resulting from the magnetic field that forms around a 
current-carrying conductor that tends to resist changes in the current. Electric current through the 
conductor creates a magnetic flux proportional to the current. A change in this current creates a change 
in magnetic flux that, in turn, by Faraday's law generates an electromotive force (EMF) that acts to 
oppose this change in current. Inductance is a measure of the amount of EMF generated for a unit 
change in current. For example, an inductor with an inductance of 1 henry produces an EMF of 1 volt 
when the current through the inductor changes at the rate of 1 ampere per second. The number of loops, 
the size of each loop, and the material it is wrapped around all affect the inductance. For example, the 
magnetic flux linking these turns can be increased by coiling the conductor around a material with a 
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high permeability such as iron. This can increase the inductance by 2000 times, although less so at high 
frequencies. 


The unit of Inductor 1s “Henry”. 


Sub Unit: 

nH = Nano Henry = 10° = 1/1000000000 
uH = Micro Henry = 10° = 1-1000000 
mH = Milli Henry = 10° = 1/1000 

H = Henry =] 

KH = Kilo Henry =10° = 1000 


Inductor Conversion: 
1000 nH =1 uH 
1000 uH =1 mH 
1000 mH =1H 
1000 H =1KH 


1000 KH=1MH 


Applications 


An inductor with two 47mH windings, as may be found in a power supply. 
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Inductors are used extensively in analog circuits and signal processing. Inductors in conjunction with 
capacitors and other components form tuned circuits which can emphasize or filter out specific signal 
frequencies. Applications range from the use of large inductors in power supplies, which in conjunction 
with filter capacitors remove residual hums known as the Mains hum or other fluctuations from the 
direct current output, to the small inductance of the ferrite bead or torus installed around a cable to 


Prevent radio frequency interference from being transmitted down the wire. Smaller inductor/capacitor 
combinations provide tuned circuits used in radio reception and broadcasting, for instance. 


Two (or more) inductors which have coupled magnetic flux form a transformer, which is a fundamental 
component of every electric utility power grid. The efficiency of a transformer may decrease as the 
frequency increases due to eddy currents in the core material and skin effect on the windings. Size of the 
core can be decreased at higher frequencies and, for this reason, aircraft use 400 hertz alternating current 
rather than the usual 50 or 60 hertz, allowing a great saving in weight from the use of smaller 
transformers. 


An inductor is used as the energy storage device in some switched-mode power supplies. The inductor is 
energized for a specific fraction of the regulator's switching frequency, and de-energized for the 
remainder of the cycle. This energy transfer ratio determines the input-voltage to output-voltage ratio. 
This XL is used in complement with an active semiconductor device to maintain very accurate voltage 
control. 


Inductors are also employed in electrical transmission systems, where they are used to depress voltages 
from lightning strikes and to limit switching currents and fault current. In this field, they are more 
commonly referred to as reactors. 


Larger value inductors may be simulated by use of gyrator circuits. 


Inductor construction 


An inductor is usually constructed as a coil of conducting material, typically copper wire, wrapped 
around a core either of air or of ferromagnetic material. Core materials with a higher permeability than 
air increase the magnetic field and confine it closely to the inductor, thereby increasing the inductance. 
Low frequency inductors are constructed like transformers, with cores of electrical steel laminated to 
prevent eddy currents. 'Soft' ferrites are widely used for cores above audio frequencies, since they don't 
cause the large energy losses at high frequencies that ordinary iron alloys do. This is because of their 
narrow hysteresis curves, and their high resistivity prevents eddy currents. Inductors come in many 
shapes. Most are constructed as enamel coated wire wrapped around a ferrite bobbin with wire exposed 
on the outside, while some enclose the wire completely in ferrite and are called "shielded". Some 
inductors have an adjustable core, which enables changing of the inductance. Inductors used to block 
very high frequencies are sometimes made by stringing a ferrite cylinder or bead on a wire. 


Small inductors can be etched directly onto a printed circuit board by laying out the trace in a spiral 
pattern. Some such planar inductors use a planar core. 


Small value inductors can also be built on integrated circuits using the same processes that are used to 
make transistors. Aluminum interconnect is typically used, laid out in a spiral coil pattern. However, the 
small dimensions limit the inductance, and it is far more common to use a circuit called a "gyrator" 
which uses a capacitor and active components to behave similarly to an inductor. 
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Transformer 


Primary 
winding 
Mo ANTE 


Secondary 
winding 
Al; burra 


a Transformer 
l Cara 


input 
high voltage AC 
(mains supply) 


output 


low voltage AC O0 l 
time 


Transformer Output: low voltage AC 


Transformers convert AC electricity from one voltage to another with little loss of power. 
Transformers work only with AC and this is one of the reasons why mains electricity is AC. 


Step-up transformers increase voltage, step-down transformers reduce voltage. Most power 
supplies use a step-down transformer to reduce the dangerously high mains voltage (230V in 
UK) to a safer low voltage. 


The input coil is called the primary and the output coil is called the secondary. There is no 
electrical connection between the two coils, instead they are linked by an alternating magnetic 
field created in the soft-iron core of the transformer. The two lines in the middle of the circuit 
symbol represent the core. 
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Transformers waste very little power so the power out is (almost) equal to the power in. Note 
that as voltage is stepped down current is stepped up. 


The ratio of the number of turns on each coil, called the turn's ratio, determines the ratio of 
the voltages. A step-down transformer has a large number of turns on its primary (input) coil 
which is connected to the high voltage mains supply, and a small number of turns on its 
secondary (output) coil to give a low output voltage. 


Transformer types 


From Wikipedia, the free encyclopedia 
Circuit symbols 


XA_ALAA_2 Transformer with two 
— OY TY A windings and iron core. 


Step-down or step-up 
transformer. The symbol 
shows which winding has 
more turns, but not usually 
the exact ratio. 


TAAA 
aN 


Transformer with three 
A ë windings. The dots show the 
aa relative configuration of the 
windings. 


A variety of types of electrical transformer are made for different purposes. Despite their design 
differences, the various types employ the same basic principle as discovered in 1831 by Michael 
Faraday, and share several key functional parts. 
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Power transformers 


Primary Secondary 
terminals terminals 


$ ¿ 
Heat $: 0, Heat 
Au, ~~ 
Radiator “~ ~ Radiator 
tube `“ ~ tube 
Sy ad 


This is the most common type of transformer, widely used in appliances to convert mains voltage to low 
voltage to power electronics 


e Widely available in power ratings ranging from mW to MW 

e Insulated laminations minimize eddy current losses 

e Small appliance and electronic transformers may use a split bobbin, giving a high level of 
insulation between the windings 

e Rectangular core 

e Core laminate stampings are usually in EI shape pairs. Other shape pairs are sometimes used. 

e Mumetal shields can be fitted to reduce EMI (electromagnetic interference) 

e A screen winding is occasionally used between the 2 power windings 

e Small appliance and electronics transformers may have a thermal cut out built in 

e Occasionally seen in low profile format for use in restricted spaces 

e laminated core made with silicon steel with high permeability 
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Variac / Autotransformer 


60 Volts AC 150 Volts AC 


Zero volts AC 


A | 


ALETA 
HP ANNEN 


Present setting 
of voltage knob 
is producing 
about 30 volts 
at the outlet 


An autotransformer has only a single winding, which is tapped at some point along the winding. 
AC or pulsed voltage is applied across a portion of the winding, and a higher (or lower) voltage is 
produced across another portion of the same winding. While theoretically separate parts of the winding 
can be used for input and output, in practice the higher voltage will be connected to the ends of the 
winding, and the lower voltage from one end to a tap. For example, a transformer with a tap at the center 
of the winding can be used with 230 volts across the entire winding, and 115 volts between one end and 
the tap. It can be connected to a 230-volt supply to drive 115-volt equipment, or reversed to drive 230- 
volt equipment from 115 volts. Since the current in the 


Windings is lower, the transformer is smaller, lighter cheaper and more efficient. For voltage ratios not 
exceeding about 3:1, an autotransformer is cheaper, lighter, smaller and more efficient than an isolating 
(two-winding) transformer of the same rating. 


In practice, transformer losses mean that autotransformers are not perfectly reversible; one designed for 
stepping down a voltage will deliver slightly less voltage than required if used to step up. The difference 
is usually slight enough to allow reversal where the actual voltage level is not critical. This is true of 
isolated winding transformers too. 


By exposing part of the winding coils of an autotransformer, and making the secondary connection 
through a sliding carbon brush, an autotransformer with a near-continuously variable turns ratio can be 
obtained, allowing for wide voltage adjustment in very small increments. 


Constant voltage transformer (Ferro-resonance) 


By arranging particular magnetic properties of a transformer core, and installing a resonant tank circuit 
(a capacitor and an additional winding), a transformer can be arranged to automatically keep the 
secondary winding voltage constant regardless (within some limits) of any variance in the primary 
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supply without additional circuitry or manual adjustment. CVA transformers run hotter than standard 
power transformers, for the regulating action is dependent on core saturation, which reduces efficiency 
somewhat. The output waveform features heavy distortion 


Ferrite Core 
Ferrite core power transformers are widely used in switched mode power supplies (SMPSUs). The 
powder core enables high frequency operation, and hence much smaller size to power ratio than 


laminated iron transformers. 


Ferrite transformers are not usable as power transformers at mains frequency 


Current transformers 


AN NAI #& 


HTTP:/ /WWW_ANNAIC com 


Current transformers used in metering equipment for three-phase 400 ampere electricity supply 


A current transformer (CT) is a measurement device designed to provide a current in its secondary coil 
proportional to the current flowing in its primary. Current transformers are commonly used in metering 
and protective relaying in the electrical power industry where they facilitate the safe measurement of 
large currents, often in the presence of high voltages. The current transformer safely isolates 
measurement and control circuitry from the high voltages typically present on the circuit being 
measured. 


Current transformers are often constructed by passing a single primary turn (either an insulated cable or 
an uninsulated bus bar) through a well-insulated toroidal core wrapped with many turns of wire. The CT 
is typically described by its current ratio from primary to secondary. For example, a 4000:5 CT would 
provide an output current of 5 amperes when the primary was passing 4000 amperes. The secondary 
winding can be single ratio or have several tap points to provide a range of ratios. Care must be taken 
that the secondary winding is not disconnected from its load while current flows in the primary, as this 
will produce a dangerously high voltage across the open secondary and may permanently affect the 
accuracy of the transformer. 
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Specially constructed wideband CTs are also used, usually with an oscilloscope, to measure high 
frequency waveforms or pulsed currents within pulsed power systems. One type provides a voltage 
output that is proportional to the measured current; another, called a Rogowski coil, requires an external 
integrator in order to provide a proportional output. 


Voltage transformers 


Voltage transformers (VTs) or potential transformers (PTs) are another type of instrument transformer, 
used for metering and protection in high-voltage circuits. They are designed to present negligible load to 
the supply being measured and to have a precise voltage ratio to accurately step down high voltages so 
that metering and protective relay equipment can be operated at a lower potential. Typically the 
secondary of a voltage transformer is rated for 69 or 120 Volts at rated primary voltage, to match the 
input ratings of protection relays. 


The transformer winding high-voltage connection points are typically labelled as H1, H2 (sometimes HO 
if it is internally grounded) and X1, X2, and sometimes an X3 tap may be present. Sometimes a second 
isolated winding (Y1, Y2, Y3) may also be available on the same voltage transformer. The high side 
(primary) may be connected phase to ground or phase to phase. The low side (secondary) 1s usually 
phase to ground. 


The terminal identifications (H1, X1, Y1, etc.) are often referred to as polarity. This applies to current 
transformers as well. At any instant terminals with the same suffix numeral have the same polarity and 
phase. Correct identification of terminals and wiring is essential for proper operation of metering and 
protection relays. 


While VTs were formerly used for all voltages greater than 240V primary, modern meters eliminate the 
need VTs for most secondary service voltages. VTs are typically used in circuits where the system 
voltage level is above 600 V. Modern meters eliminate the need of VT's since the voltage remains 
constant and it is measured in the incoming supply. 
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Pulse transformers 


A pulse transformer is a transformer that is optimised for transmitting rectangular electrical pulses 
(that is, pulses with fast rise and fall times and a relatively constant amplitude). Small versions called 
signal types are used in digital logic and telecommunications circuits, often for matching logic drivers to 
transmission lines. Medium-sized power versions are used in power-control circuits such as camera flash 
controllers. Larger power versions are used in the electrical power distribution industry to interface low- 
voltage control circuitry to the high-voltage gates of power semiconductors. Special high voltage pulse 
transformers are also used to generate high power pulses for radar, particle accelerators, or other high 
energy pulsed power applications. 


To minimise distortion of the pulse shape, a pulse transformer needs to have low values of leakage 
inductance and distributed capacitance, and a high open-circuit inductance. In power-type pulse 
transformers, a low coupling capacitance (between the primary and secondary) 1s important to protect 
the circuitry on the primary side from high-powered transients created by the load. For the same reason, 
high insulation resistance and high breakdown voltage are required. A good transient response is 
necessary to maintain the rectangular pulse shape at the secondary, because a pulse with slow edges 
would create switching losses in the power semiconductors. 


The product of the peak pulse voltage and the duration of the pulse (or more accurately, the voltage-time 
integral) is often used to characterise pulse transformers. Generally speaking, the larger this product, the 


larger and more expensive the transformer. 


Pulse transformers by definition have a duty cycle of less than 1, whatever energy stored in the coil 
during the pulse must be "dumped" out before the pulse is fired again. 
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Air-core transformers 


These are used for high frequency work. The lack of a core means very low inductance. Such 
transformers may be nothing more than a few turns of wire soldered onto a printed circuit board. 


Ferrite-core transformers 


Widely used in intermediate frequency (IF) stages in super heterodyne radio receivers. These are mostly 
tuned transformers, containing a threaded ferrite slug that is screwed in or out to adjust IF tuning. The 
transformers are usually canned for stability and to reduce interference 
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Audio transformers 


El 


Transformers in a tube amplifier. Output transformers are on the left. The power supply toroidal 
transformer 1s on right. 


Audio transformers are usually the factor which limits sound quality when used; electronic circuits with 
wide frequency response and low distortion are relatively simple to design. 


Transformers are also used in DI boxes to convert high-impedance instrument signals (e.g. bass guitar) 
to low impedance signals to enable them to be connected to a microphone input on the mixing console. 


A particularly critical component is the output transformer of an audio power amplifier. Valve circuits 
for quality reproduction have long been produced with no other (inter-stage) audio transformers, but an 
output transformer is needed to couple the relatively high impedance (up to a few hundred ohms 
depending upon configuration) of the output valve(s) to the low impedance of a loudspeaker. (The 
valves can deliver a low current at a high voltage; the speakers require high current at low voltage.) 
Most solid-state power amplifiers need no output transformer at all. 


For good low-frequency response a relatively large iron core 1s required; high power handling increases 
the required core size. Good high-frequency response requires carefully designed and implemented 
windings without excessive leakage inductance or stray capacitance. All this makes for an expensive 
component. 


Early transistor audio power amplifiers often had output transformers, but they were eliminated as 
designers discovered how to design amplifiers without them. 
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Capacitors 


Function 

Capacitors store electric charge. They are used with resistors in timing circuits because it 
takes time for a capacitor to fill with charge. They are used to smooth varying DC supplies by 
acting as a reservoir of charge. They are also used in filter circuits because capacitors easily 
pass AC (changing) signals but they block DC (constant) signals. 


Capacitance 

This is a measure of a capacitor's ability to store charge. A large capacitance means that more 
charge can be stored. Capacitance is measured in farads, symbol F. However 1F is very large, 
so prefixes are used to show the smaller values. 


Three prefixes (multipliers) are used, u (micro), n (nano) and p (pico): 
e u means 10° (millionth), so 1000000uUF = 1F 
e n means 10° (thousand-millionth), so 1000nF = 1uF 


e p means 10° (million-millionth), so 1000pF = 1nF 


Capacitor values can be very difficult to find because there are many types of capacitor with 
different labeling systems! 
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There are many types of capacitor but they can be split into two groups, polarised 
and unpolarised. Each group has its own circuit symbol. 


Polarised capacitors (large values, 1uF +) 


Examples: 33 — Circuit symbol: 


Electrolytic Capacitors 


+} [| 
Electrolytic capacitors are polarised and they must be connected the correct way round, at 
least one of their leads will be marked + or -. They are not damaged by heat when soldering. 


There are two designs of electrolytic capacitors; axial where the leads are attached to each 
end (220uF in picture) and radial where both leads are at the same end (10uF in picture). 
Radial capacitors tend to be a little smaller and they stand upright on the circuit board. 


It is easy to find the value of electrolytic capacitors because they are clearly printed with their 
capacitance and voltage rating. The voltage rating can be quite low (6V for example) and it 
should always be checked when selecting an electrolytic capacitor. If the project parts list does 
not specify a voltage, choose a capacitor with a rating which is greater than the project's power 
supply voltage. 25V is a sensible minimum most battery circuits. 
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Tantalum Bead Capacitors 


Tantalum bead capacitors are polarised and have low voltage ratings like electrolytic 
capacitors. They are expensive but very small, so they are used where a large capacitance is 
needed in a small size. 


Modern tantalum bead capacitors are printed with their capacitance, voltage and polarity in full. 
However older ones use a colour-code system which has two stripes (for the two digits) and a 
spot of colour for the number of zeros to give the value in uF. The standard colour code is 
used, but for the spot, grey is used to mean x 0.01 and white means x 0.1 so that values of 
less than 10uF can be shown. A third colour stripe near the leads shows the voltage (yellow 
6.3V, black 10V, green 16V, blue 20V, grey 25V, white 30V, pink 35V). The positive (+) lead is 
to the right when the spot is facing you: 'when the spot is in sight, the positive is to the 
right’. 


For example: blue, grey, black spot means 68uF 
For example: blue, grey, white spot means 6.8uF 
For example: blue, grey, grey spot means 0.68uF 


Unpolarised capacitors (small values, up to 1pF) 


ED ie; 


Examples: Circuit symbol: 


Small value capacitors are unpolarised and may be connected either way round. They are not 
damaged by heat when soldering, except for one unusual type (polystyrene). They have high 
voltage ratings of at least 50V, usually 250V or so. It can be difficult to find the values of these 
small capacitors because there are many types of them and several different labelling 
systems! 


32 


Many small value capacitors have their value printed but without a multiplier, so you need to 
use experience to work out what the multiplier should be! 


© mm For example 0.1 means 0.1uF = 100nF. 
Sometimes the multiplier is used in place of the decimal point: 
For example: 4n7 means 4.7nF. 


Capacitor Number Code 


A number code is often used on small capacitors where printing is difficult: 
e the 1st number is the 1st digit, 


e the 2nd number is the 2nd digit, 

e the 3rd number is the number of zeros to give the capacitance in 

pF. 

e Ignore any letters - they just indicate tolerance and voltage rating. 
For example: 102 means 1000pF = 1nF (not 102pF!) 


For example: 472J means 4700pF = 4.7nF (J means 5% tolerance). 


Capacitor Colour Code 


Colour Code 
Colour Number 


0 
1 
2 
3 
4 
5 
6 
T 
8 
9 
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A colour code was used on polyester capacitors for many years. lt is now obsolete, but of 
course there are many still around. The colours should be read like the resistor code, the top 
three colour bands giving the value in pF. Ignore the 4th band (tolerance) and 5th band 
(voltage rating). 
For example: 

Brown, black, orange means 10000pF = 10nF = 0.01UF. 


Note that there are no gaps between the colour bands, so 2 identical bands actually appear as 
a wide band. 


For example: 


Wide red, yellow means 220nF = 0.22uF. 


Polystyrene Capacitors 


This type is rarely used now. Their value (in pF) is normally printed without units. Polystyrene 
Capacitors can be damaged by heat when soldering (it melts the polystyrene!) so you should 
use a heat sink (such as a crocodile clip). Clip the heat sink to the lead between the capacitor 
and the joint. 


Real capacitor values (the E3 and E6 series) 


You may have noticed that capacitors are not available with every possible value, for example 
22uF and 47uF are readily available, but 25uF and SOuF are not! 


Why is this? Imagine that you decided to make capacitors every 10uF giving 10, 20, 30, 40, 50 
and so on. That seems fine, but what happens when you reach 1000? It would be pointless to 
make 1000, 1010, 1020, 1030 and so on because for these values 10 is a very small 
difference, too small to be noticeable in most circuits and capacitors cannot be made with that 
accuracy. 
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To produce a sensible range of capacitor values you need to increase the size of the 'step' as 
the value increases. The standard capacitor values are based on this idea and they form a 
series which follows the same pattern for every multiple of ten. 


The E3 series (3 values for each multiple of ten) 
10, 22, 47, ... then it continues 100, 220, 470, 1000, 2200, 4700, 10000 etc. 
Notice how the step size increases as the value increases (values roughly double each time). 


The E6 series (6 values for each multiple of ten) 
10, 15, 22, 33, 47, 68, ... then it continues 100, 150, 220, 330, 470, 680, 1000 etc. 
Notice how this is the E3 series with an extra value in the gaps. 


The E3 series is the one most frequently used for capacitors because many types cannot be 
made with very accurate values. 


Variable capacitors 
Variable Capacitor Symbol 
Variable capacitors are mostly used in radio tuning circuits and they _ 
are sometimes called 'tuning capacitors’. They have very small , aa” 
Capacitance values, typically between 100pF and  500pF 
(100pF = 0.0001uUF). The type illustrated usually has trimmers built 
in (for making small adjustments - see below) as well as the main 
variable capacitor. 


Variable Capacitor 
Many variable capacitors have very short spindles which are not 
Suitable for the standard knobs used for variable resistors and 
rotary switches. It would be wise to check that a suitable knob is available before ordering a 
variable capacitor. m 


Variable capacitors are not normally used in timing circuits because 
their capacitance is too small to be practical and the range o" 
values available is very limited. Instead timing circuits use a fixed 
capacitor and a variable resistor if it is necessary to vary the time 


period. Trimmer Capacitor Symbol 


Trimmer capacitors 

Trimmer capacitors (trimmers) are miniature variable capacitors. 
They are designed to be mounted directly onto the circuit board and 
adjusted only when the circuit is built. 
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Trimmer Capacitor 


A small screwdriver or similar tool is required to adjust trimmers. The process of adjusting 
them requires patience because the presence of your hand and the tool will slightly change the 
capacitance of the circuit in the region of the trimmer! 


Trimmer capacitors are only available with very small capacitances, normally less than 100pF. 
It is impossible to reduce their capacitance to zero, so they are usually specified by their 
minimum and maximum values, for example 2-10pF. 


Trimmers are the capacitor equivalent of presets which are miniature variable resistors. 


Standard Switches 


Type of Switch Circuit Symbol Example 


ON-OFF 
Single Pole, Single Throw = SPST 


A simple on-off switch. This type can be used to 
switch the power supply to a circuit. 


When used with mains electricity this type of —o o- — 


switch must be in the live wire, but it is better to 
use a DPST switch to isolate both live and 


neutral. SPST toggle switch 


(ON)-OFF 
Push-to-make = SPST Momentary 


A push-to-make switch returns to its normally | 

open (off) position when you release the button, O O | 
this is shown by the brackets around ON. This is 

the standard doorbell switch. 


ON-(OFF) 
Push-to-break = SPST Momentary 


A push-to-break switch returns to its normally a 1 0 | 
closed (on) position when you release the 
button. Push-to-break switch 


S6 


ON-ON 
Single Pole, Double Throw = SPDT 


This switch can be on in both positions, 
switching on a separate device in each case. lt is 
often called a changeover switch. For example, 
a SPDT switch can be used to switch on a red 
lamp in one position and a green lamp in the 
other position. 


A SPDT toggle switch may be used as a simple on-off 
switch by connecting to COM and one of the A or B 
terminals shown in the diagram. A and B are 


interchangeable so switches are usually not labelled. J w i Mi 
COM 
SPDT slide switch 
ON OREA B (PCB mounting) 


SPDT Centre Off 
A special version of the standard SPDT switch. It 
has a third switching position in the centre which 
is off. Momentary (ON)-OFF-(ON) versions are 
also available where the switch returns to the 
central off position when released. 


SPDT rocker switch 


Dual ON-OFF 
Double Pole, Single Throw = DPST 


A pair of on-off switches which operate together 

(shown by the dotted line in the circuit symbol). A A 
i 
i 


A DPST switch is often used to switch mains A g 
electricity because it can isolate both the live and 


neutral connections. 


DPST rocker switch 


Special Switches 


Type of Switch Example 
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Push-Push Switch (e.g. SPST = ON-OFF) 


This looks like a momentary action push switch but it is a standard 
on-off switch: push once to switch on, push again to switch off. 
This is called a latching action. 


Micro switch (usually SPDT = ON-ON) 


Micro switches are designed to switch fully open or closed in 
response to small movements. They are available with levers and 
rollers attached. 


Key switch 


A key operated switch. The example shown is SPST. 


Tilt Switch (SPST) 


Tilt switches contain a conductive liquid and when tilted this 
bridges the contacts inside, closing the switch. They can be used [===> 
as a sensor to detect the position of an object. Some tilt switches 144435 
contain mercury which is poisonous. | 


Reed Switch (usually SPST) Fi 


Fa 
The contacts of a reed switch are closed by bringing a small f v4 7 
magnet near the switch. They are used in security circuits, for E E Mn 
example to check that doors are closed. Standard reed switches , 
are SPST (simple on-off) but SPDT (changeover) versions are.“ 
also available. | 


DIP Switch (DIP = Dual In-line Parallel) 


This is a set of miniature SPST on-off switches, the example 
shown has 8 switches. The package is the same size as a 
standard DIL (Dual In-Line) integrated circuit. 


This type of switch is used to set up circuits, e.g. setting the code 
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of a remote control. 


Multi-pole Switch 


The picture shows a 6-pole double throw switch, also known as a 
6-pole changeover switch. lt can be set to have momentary or 
latching action. Latching action means it behaves as a push-push 
switch, push once for the first position, push again for the second 
position etc. 


Multi-way Switch 


Multi-way switches have 3 or more conducting positions. They 
may have several poles (contact sets). A popular type has a rotary 
action and it is available with a range of contact arrangements 
from 1-pole 12-way to 4-pole 3 way. 


Multi-way rotary switch 


The number of ways (switch positions) may be reduced by adjusting a stop 
under the fixing nut. For example if you need a 2-pole 5-way switch you can buy 


the 2-pole 6-way version and adjust the stop. > 
Contrast this multi-way switch (many switch positions) with the multi-pole switch o— 
(many contact sets) described above. C 


1-pole 4-way switch symbol 


Relays 
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A relay is an electrically operated switch. Current flowing through the coil of the relay creates a 
magnetic field which attracts a lever and changes the switch contacts. The coil current can be on or off 
so relays have two switch positions and they are double throw (changeover) switches. 


Relays allow one circuit to switch a second circuit which can be completely separate from the first. For 
example a low voltage battery circuit can use a relay to switch a 230V AC mains circuit. There is no 
electrical connection inside the relay between the two circuits, the link is magnetic and mechanical. 


The coil of a relay passes a relatively large current, typically 30mA for a 12V relay, but it can be as 
much as 100mA for relays designed to operate from lower voltages. Most ICs (chips) cannot provide 
this current and a transistor is usually used to amplify the small IC current to the larger value required 
for the relay coil. The maximum output current for the popular 555 timer IC is 200mA so these devices 
can supply relay coils directly without amplification. 


Relays are usuallly SPDT or DPDT but they can have many more sets of switch contacts, for example 
relays with 4 sets of changeover contacts are readily available. For further information about switch 
contacts and the terms used to describe them please see the page on switches. 


Most relays are designed for PCB mounting but you can solder wires directly to the pins providing you 
take care to avoid melting the plastic case of the relay. 


The supplier's catalogue should show you the relay's connections. The coil will be obvious and 1t may be 
connected either way round. Relay coils produce brief high voltage 'spikes' when they are switched off 
and this can destroy transistors and ICs in the circuit. To prevent damage you must connect a protection 
diode across the relay coil. 
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The animated picture shows a working relay with 1ts coil and switch contacts. You can see a lever on the 
left being attracted by magnetism when the coil is switched on. This lever moves the switch contacts. 
There is one set of contacts (SPDT) in the foreground and another behind them, making the relay DPDT. 


The relay's switch connections are usually labelled COM, NC and NO: 

COM = Common, always connect to this, 1t 1s the moving part of the switch. 

NC = Normally Closed, COM is connected to this when the relay coil is off. 

NO = Normally Open, COM is connected to this when the relay coil is on. 

Connect to COM and NO if you want the switched circuit to be on when the relay coil is on. 


Connect to COM and NC if you want the switched circuit to be on when the relay coil is off. 


Choosing a relay 


You need to consider several features when choosing a relay: 
Physical size and pin arrangement 


If you are choosing a relay for an existing PCB you will need to ensure that its dimensions and pin 
arrangement are suitable. You should find this information in the supplier's catalogue. 


Coil voltage 

The relay's coil voltage rating and resistance must suit the circuit powering the relay coil. Many relays 
have a coil rated for a 12V supply but 5V and 24V relays are also readily available. Some relays operate 
perfectly well with a supply voltage which 1s a little lower than their rated value. 


Coil resistance 


The circuit must be able to supply the current required by the relay coil. You can use Ohm's law to 
calculate the current: Relay coil current = supply voltage 


Coil resistance 
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For example: A 12V supply relay with a coil resistance of 400 passes a current of 30mA. This 1s OK for 
a 555 timer IC (maximum output current 200mA ), but it is too much for most ICs and they will require a 
transistor to amplify the current. 


Switch ratings (voltage and current) 


The relay's switch contacts must be suitable for the circuit they are to control. You will need to check the 
voltage and current ratings. Note that the voltage rating 1s usually higher for AC, for example: "SA at 
24V DC or 125V AC". 


Switch contact arrangement (SPDT, DPDT etc) 


Most relays are SPDT or DPDT which are often described as "single pole changeover" (SPCO) or 
"double pole changeover" (DPCO). For further information please see the page on switches. 


Protection diodes for relays 


Transistors and ICs must be protected from the brief high voltage produced when a relay coil is switched 
off. The diagram shows how a signal diode (eg 1N4148) is connected 'backwards' across the relay coil to 
provide this protection. 


Current flowing through a relay coil creates a magnetic field which collapses suddenly when the current 
is switched off. The sudden collapse of the magnetic field induces a brief high voltage across the relay 
coil which is very likely to damage transistors and ICs. The protection diode allows the induced voltage 
to drive a brief current through the coil (and diode) so the magnetic field dies away quickly rather than 
instantly. This prevents the induced voltage becoming high enough to cause damage to transistors and 
ICs. 


Reed relays 
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Reed relays consist of a coil surrounding a reed switch. Reed switches are normally operated with a 
magnet, but in a reed relay current flows through the coil to create a magnetic field and close the reed 
switch. 


Reed relays generally have higher coil resistances than standard relays (1000 for example) and a wide 
range of supply voltages (9-20V for example). They are capable of switching much more rapidly than 
standard relays, up to several hundred times per second; but they can only switch low currents (SOOmA 
maximum for example). 


The reed relay shown in the photograph will plug into a standard 14-pin DIL socket (‘IC holder’). 


For further information about reed switches please see the page on switche 
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Diode 


Anode Cathode 
(+) p | 5 
7 - )— 


Figure 1: Closeup of a diode, showing the square shaped semiconductor crystal 


| 


dl 


In electronics, a diode is a two-terminal device (thermionic diodes may also have one or two ancillary 
terminals for a heater). 


Diodes have two active electrodes between which the signal of interest may flow, and most are used for 
their unidirectional electric current property. The varicap diode is used as an electrically adjustable 
capacitor. 


The directionality of current flow most diodes exhibit is sometimes generically called the rectifying 
property. The most common function of a diode is to allow an electric current to pass in one direction 
(called the forward biased condition) and to block the current in the opposite direction (the reverse 
biased condition). Thus, the diode can be thought of as an electronic version of a check valve. 


Real diodes do not display such a perfect on-off directionality but have a more complex non-linear 


electrical characteristic, which depends on the particular type of diode technology. Diodes also have 
many other functions in which they are not designed to operate in this on-off manner. 
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Early diodes included “cat’s whisker” crystals and vacuum tube devices (also called thermionic valves). 
Today the most common diodes are made from semiconductor materials such as silicon or germanium 


Semiconductor diodes 


Most modern diodes are based on semiconductor p-n junctions. In a p-n diode, conventional current can 
flow from the p-type side (the anode) to the n-type side (the cathode), but cannot flow in the opposite 
direction. Another type of semiconductor diode, the Schottky diode, 1s formed from the contact between 
a metal and a semiconductor rather than by a p-n junction 


Types of semiconductor diode 


Anes p | Say Eh ced a Anca p | Say ced a Ane a p - Say Eh ced Anes p Zathe a 


Zener Schottky Tunnel 


Diode dede dies diode 


Anada K Cathoda Ancda rs Cathoda Aru Pyl (Cat het inais | Peale 


¡a ba 


aa Photodiode Varector Silicon controlled rectifier 


Figure: Typical diode packages in same alignment as diode symbol. Thin bar depicts the cathode. 


There are several types of junction diodes, which either emphasize a different physical aspect of a diode 
often by geometric scaling, doping level, choosing the right electrodes, are just an application of a diode 
in a special circuit, or are really different devices like the Gunn and laser diode and the MOSFET: 


Normal (p-n) diodes, which operate as described above, are usually made of doped silicon or, more 
rarely, germanium. Before the development of modern silicon power rectifier diodes, cuprous oxide and 
later selenium was used; its low efficiency gave it a much higher forward voltage drop (typically 1.4—1.7 
V per “cell”, with multiple cells stacked to increase the peak inverse voltage rating in high voltage 
rectifiers), and required a large heat sink (often an extension of the diode’s metal substrate), much larger 
than a silicon diode of the same current ratings would require. The vast majority of all diodes are the p-n 
diodes found in CMOS integrated circuits, which include two diodes per pin and many other internal 
diodes. 
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Zener diode 


neds > | Cathala 


Zener diode schematic symbol 


Current-voltage characteristic of a Zener diode with a breakdown voltage of 17 volt. Notice the change 
of voltage scale between the forward biased (positive) direction and the reverse biased (negative) 
direction. 


A Zener diode is a type of diode that permits current in the forward direction like a normal diode, but 
also in the reverse direction if the voltage is larger than the breakdown voltage known as "Zener knee 
voltage" or "Zener voltage". The device was named after Clarence Zener, who discovered this electrical 


property. 


A conventional solid-state diode will not allow significant current 1f it is reverse-biased below its reverse 
breakdown voltage. When the reverse bias breakdown voltage is exceeded, a conventional diode is 
subject to high current due to avalanche breakdown. Unless this current is limited by external circuitry, 
the diode will be permanently damaged. In case of large forward bias (current in the direction of the 
arrow), the diode exhibits a voltage drop due to its junction built-in voltage and internal resistance. The 
amount of the voltage drop depends on the semiconductor material and the doping concentrations. 


A Zener diode exhibits almost the same properties, except the device is specially designed so as to have 
a greatly reduced breakdown voltage, the so-called Zener voltage. A Zener diode contains a heavily 
doped p-n junction allowing electrons to tunnel from the valence band of the p-type material to the 
conduction band of the n-type material. In the atomic scale, this tunneling corresponds to the transport of 
valence band electrons into the empty conduction band states; as a result of the reduced barrier between 
these bands and high electric fields that are induced due to the relatively high levels of dopings on both 
sides. A reverse-biased Zener diode will exhibit a controlled breakdown and allow the current to keep 
the voltage across the Zener diode at the Zener voltage. For example, a diode with a Zener breakdown 
voltage of 3.2 V will exhibit a voltage drop of 3.2 V if reverse bias voltage applied across it is more than 
its Zener voltage. However, the current is not unlimited, so the Zener diode is typically used to generate 
a reference voltage for an amplifier stage, or as a voltage stabilizer for low-current applications. 


The breakdown voltage can be controlled quite accurately in the doping process. While tolerances 
within 0.05% are available, the most widely used tolerances are 5% and 10%. 
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Another mechanism that produces a similar effect is the avalanche effect as in the avalanche diode. The 
two types of diode are in fact constructed the same way and both effects are present in diodes of this 
type. In silicon diodes up to about 5.6 volts, the Zener effect is the predominant effect and shows a 
marked negative temperature coefficient. Above 5.6 volts, the avalanche effect becomes predominant 
and exhibits a positive temperature coefficient. 


In a 5.6 V diode, the two effects occur together and their temperature coefficients neatly cancel each 
other out, thus the 5.6 V diode is the component of choice in temperature-critical applications. 


Modern manufacturing techniques have produced devices with voltages lower than 5.6 V with negligible 
temperature coefficients, but as higher voltage devices are encountered, the temperature coefficient rises 
dramatically. A 75 V diode has 10 times the coefficient of a 12 V diode. 


All such diodes, regardless of breakdown voltage, are usually marketed under the umbrella term of 
"Zener diode". 


Uses 
Zener diode shown with typical packages. Reverse current — iz is shown. 


Zener diodes are widely used to regulate the voltage across a circuit. When connected in parallel with a 


variable voltage source so that it is reverse biased, a Zener diode conducts when the voltage reaches the 
diode's reverse breakdown voltage. From that point it keeps the voltage at that value. 


Tunnel diode 


Tunnel diode schematic symbol 


1N3716 tunnel diode (with jumper for scale) 


A tunnel diode or Esaki diode is a type of semiconductor diode which 1s capable of very fast operation, 
well into the microwave frequency region, by using quantum mechanical effects. 
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It was invented in August 1957 by Leo Esaki when he was with Tokyo Tsushin Kogyo (now known as 
Sony), who in 1973 received the Nobel Prize in Physics for discovering the electron tunneling effect 
used in these diodes. 


These diodes have a heavily doped p-n junction only some 10 nm (100 A) wide. The heavy doping 
results in a broken bandgap, where conduction band electron states on the n-side are more or less aligned 
with valence band hole states on the p-side. 


Tunnel diodes were manufactured by SONY for the first time in 1957 followed by General Electric 
and other companies from about 1960, and are still made in low volume today. Tunnel diodes are 
usually made from germanium, but can also be made in gallium arsenide and silicon materials. They can 
be used as oscillators, amplifiers, frequency converters and detectors. =! 


Light-emitting diode 


Blue, green, and red LEDs; these can be combined to produce most perceptible colors, including white. 
Infrared and ultraviolet (UVA) LEDs are also available. 


Anode S Cathode 


LED schematic symbol 


A light-emitting-diode (LED) is a semiconductor diode that emits light when an electric current is 
applied in the forward direction of the device, as in the simple LED circuit. The effect is a form of 
electroluminescence where incoherent and narrow-spectrum light is emitted from the p-n junction in a 
solid state material. 


LEDs are widely used as indicator lights on electronic devices and increasingly in higher power 
applications such as flashlights and area lighting. An LED is usually a small area (less than 1 mm?) light 
source, often with optics added directly on top of the chip to shape its radiation pattern and assist in 
reflection.“! The color of the emitted light depends on the composition and condition of the semi 
conducting material used, and can be infrared, visible, or ultraviolet. Besides lighting, interesting 
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applications include using UV-LEDs for sterilization of water and disinfection of devices,“ and as a 
grow light to enhance photosynthesis in plants.” 


Photodiode 


A photodiode 


A photodiode is a type of photodetector capable of converting light into either current or voltage, 
depending upon the mode of operation. H 


Photodiodes are similar to regular semiconductor diodes except that they may be either exposed (to 
detect vacuum UV or X-rays) or packaged with a window or optical fibre connection to allow light to 
reach the sensitive part of the device. Many diodes designed for use specifically as a photodiode will 
also use a PIN junction rather than the typical PN junction. 


Varactor Diode 


From Wikipedia, the free encyclopedia 
(Redirected from Varactor diode) 


Jump to: navigation, search 
Varicap schematic symbol 


In electronics, a varicap diode, varactor diode, variable capacitance diode or tuning diode is a type 
of diode which has a variable capacitance that is a function of the voltage impressed on its terminals._ 
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Applications 


Varactors are principally used as a voltage-controlled capacitor, rather than as rectifiers. They are 
commonly used in parametric amplifiers, parametric oscillators and voltage-controlled oscillators as part 
of phase-locked loops and frequency synthesizers. 


Transformer + Rectifier 


AG 
mains 


Transformer Rectifier Output: varying DC 


The varying DC output is suitable for lamps, heaters and standard motors. It is not suitable for 
electronic circuits unless they include a smoothing capacitor. 


Transformer + Rectifier + Smoothing 


AG 
mains 


Transformer Rectifier smoothing Output: smooth DC 


The smooth DC output has a small ripple. It is suitable for most electronic circuits. 


Transformer + Rectifier + Smoothing + Regulator 
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time 


AG 
mains 


Transformer Rectifier smoothing Regulator Output: regulated DC 


The regulated DC output is very smooth with no ripple. It is suitable for all electronic circuits. 


Dual Supplies 


Some electronic circuits require a power supply 
9V ~. T 

with positive and negative outputs as well as zero 

volts (OV). This is called a 'dual supply' because it 
OV is like two ordinary supplies connected together as 

shown in the diagram. 


-9V 
Dual supplies have three outputs, for example a 
+9V supply has +9V, OV and -9V outputs. 
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Transistors 


Function 


Transistors amplify current, for example they can be used to amplify the small output current 
from a logic IC so that it can operate a lamp, relay or other high current device. In many 
circuits a resistor is used to convert the changing current to a changing voltage, so the 
transistor is being used to amplify voltage. 


A transistor may be used as a switch (either fully on with maximum current, or fully off with no 
current) and as an amplifier (always partly on). 


The amount of current amplification is called the current gain, symbol hre. 
For further information please see the Transistor Circuits page. 


Types of transistor c C 
There are two types of standard transistors, NPN and PNP, with z = 
different circuit symbols. The letters refer to the layers of 

semiconductor material used to make the transistor. Most E z 
transistors used today are NPN because this is the easiest type to NPN PNP 


make from silicon. If you are new to electronics it is best to start by Transistor circuit symbols 
learning how to use NPN transistors. 


The leads are labeled base (B), collector (C) and emitter (E). 
These terms refer to the internal operation of a transistor but they are not much help in understanding how a 
transistor is used, so just treat them as labels! 
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NPN 


The symbol of an NPN Bipolar Junction Transistor. 


NPN is one of the two types of bipolar transistors, in which the letters "N" and "P" refer to the majority 
charge carriers inside the different regions of the transistor. Most bipolar transistors used today are NPN, 
because electron mobility 1s higher than hole mobility in semiconductors, allowing greater currents and 
faster operation. 


NPN transistors consist of a layer of P-doped semiconductor (the "base") between two N-doped layers. 
A small current entering the base in common-emitter mode 1s amplified in the collector output. In other 


terms, an NPN transistor is "on" when its base 1s pulled high relative to the emitter. 


The arrow in the NPN transistor symbol is on the emitter leg and points in the direction of the 
conventional current flow when the device 1s in forward active mode. 


One mnemonic device for identifying the symbol for the NPN transistor is "not pointing in" or "never 
points in". 


PNP 


The other type of BJT is the PNP with the letters "P" and "N" referring to the majority charge carriers 
inside the different regions of the transistor. 


The symbol of a PNP Bipolar Junction Transistor. 
PNP transistors consist of a layer of N-doped semiconductor between two layers of P-doped material. A 
small current leaving the base in common-emitter mode is amplified in the collector output. In other 


terms, a PNP transistor is "on" when its base is pulled low relative to the emitter. 


The arrow in the PNP transistor symbol is on the emitter leg and points in the direction of the 
conventional current flow when the device is in forward active mode. 


One mnemonic device for identifying the symbol for the PNP transistor is "points in proudly"! or 
"points in permanently". 


A Darlington pair is two transistors connected together to give a very high current gain. 
In addition to standard (bipolar junction) transistors, there are field-effect transistors which 


are usually referred to as FETs. They have different circuit symbols and properties and they 
are not (yet) covered by this page. 
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ECB EBC CBE 


Connecting TO92A TO92B TO92C 
Transistors have three leads which must be Views are from below with 
connected the correct way round. Please take the leads towards you. 


care with this because a wrongly connected 


transistor may be damaged instantly when you | 
i TIP31A 
switch on. peek 


If you are lucky the orientation of the transistor 

will be clear from the PCB or stripboard layout 

diagram, otherwise you will need to refer toa BCE | — 
supplier's catalogue to identify the leads. 10218 C is the metal case itself 


TO220 TO3 
The drawings on the right show the leads for eee 
some of the most common case styles. Transistor leads for some common case styles. 


Please note that transistor lead diagrams show the view from below with the leads towards 
you. This is the opposite of IC (chip) pin diagrams which show the view from above. 


Testing a transistor 


Transistors can be damaged by heat when soldering or by 
misuse in a circuit. If you suspect that a transistor may be ~ 
damaged there are two easy ways to test it: 


1. Testing with a multimeter 


Use a multimeter or a simple tester (battery, resistor and 
LED) to check each pair of leads for conduction. Set a 
digital multimeter to diode test and an analogue 
multimeter to a low resistance range. 


Testing an NPN transistor 


Test each pair of leads both ways (six tests in total): 


e The base-emitter (BE) junction should behave like a diode and conduct one way only. 

e The base-collector (BC) junction should behave like a diode and conduct one way 
only. 

e The collector-emitter (CE) should not conduct either way. 


The diagram shows how the junctions behave in an NPN transistor. The diodes are reversed in 


a PNP transistor but the same test procedure can be used. 


Testing in a simple switching circuit 
Connect the transistor into the circuit shown on the right which uses the transistor as a switch. 
The supply voltage is not critical, anything between 5 and 12V is suitable. This circuit can be 
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quickly built on breadboard for example. Take care to include the 10k£2 resistor in the base 
connection or you will destroy the transistor as you test it! 


If the transistor is OK the LED should light when the switch is pressed and not light when the 
switch is released. 


To test a PNP transistor use the same circuit but reverse the LED and the supply voltage. 


Some multimeters have a ‘transistor test' function which provides a known base current and 
measures the collector current so as to display the transistors DC current gain here. 


10k | 


How a transistor works 


Amplifier circuit, standard common-emitter configuration. 


Simple circuit using a transistor. 


Cobector Curremi 


B 


Base Emitter Voltage 


Operation graph of a transistor. 
The essential usefulness of a transistor comes from its ability to use a small signal applied between one 
pair of its terminals to control a much larger signal at another pair of terminals. This property 1s called 


"gain". A transistor can control its output in proportion to the input signal; this is called an "amplifier". 


Or, the transistor can be used to turn current on or off in a circuit like an electrically controlled "switch", 
where the amount of current is determined by other circuit elements. 
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The two types of transistors have slight differences in how they are used in a circuit. A bipolar transistor 
has terminals labelled base, collector and emitter. A small current at base terminal can control or switch 
a much larger current between collector and emitter terminals. For a field-effect transistor, the terminals 
are labelled gate, source, and drain, and a voltage at the gate can control a current between source and 
drain. 


The image to the right represents a typical bipolar transistor in a circuit. Charge will flow between 
emitter and collector terminals depending on the current in the base. Since internally the base and 
emitter connections behave like a semiconductor diode, a voltage drop develops between base and 
emitter while the base current exists. The size of this voltage depends on the material the transistor is 
made from, and is referred to as Vie. 


Transistor as a switch 


Transistors are commonly used as electronic switches, for both high power applications including 
switched-mode power supplies and low power applications such as logic gates. 


It can be seen from the graph that once the base voltage reaches a certain level, shown at B, no more 
current will exist and the output will be held at a fixed voltage. The transistor is then said to be saturated. 
Hence, values of input voltage can be chosen such that the output is either completely off,“ or 
completely on. The transistor is acting as a switch, and this type of operation 1s common in digital 
circuits where only "on" and "off" values are relevant. 


Transistor as an amplifier 

The above common emitter amplifier is designed so that a small change in voltage in (Vin) changes the 
small current through the base of the transistor and the transistor's current amplification combined with 
the properties of the circuit mean that small swings in Vin produce large changes in Vou. 

It is important that the operating parameters of the transistor are chosen and the circuit designed such 
that as far as possible the transistor operates within a linear portion of the graph, such as that shown 


between A and B, otherwise the output signal will suffer distortion. 


Various configurations of single transistor amplifier are possible, with some providing current gain, 
some voltage gain, and some both. 


From mobile phones to televisions, vast numbers of products include amplifiers for sound reproduction, 
radio transmission, and signal processing. The first discrete transistor audio amplifiers barely supplied a 
few hundred milliwatts, but power and audio fidelity gradually increased as better transistors became 
available and amplifier architecture evolved. 


Modern transistor audio amplifiers of up to a few hundred watts are common and relatively inexpensive. 


Some musical instrument amplifier manufacturers mix transistors and vacuum tubes in the same circuit, 
as some believe tubes have a distinctive sound. 


Field-effect transistor 


76 


High-power N-channel field-effect transistor 


The field-effect transistor (FET) is a type of transistor that relies on an electric field to control the 
shape and hence the conductivity of a channel of one type of charge carrier in a semiconductor material. 
FETs are sometimes called unipolar transistors to contrast their single-carrier-type operation with the 
dual-carrier-type operation of bipolar (junction) transistors (BJT). The concept of the FET predates the 
BJT, though it was not physically implemented until after BJTs due to the limitations of semiconductor 
materials and relative ease of manufacturing BJTs compared to FETs at the time. 


Terminals 


All FETs have a gate, drain, and source terminal that are roughly similar to the base, collector, and 
emitter of BJTs. Aside from the JFET, all FETs also have a fourth terminal called the body, base, bulk, 
or substrate. This fourth terminal serves the technical purpose of biasing the transistor into operation; 1t 
is rare to make non-trivial use of the body terminal in circuit designs, but its presence is important when 
setting up the physical layout of an integrated circuit. 


Cross Section of an n-type MOSFET 


The names of the terminals refer to their functions. The gate terminal may be thought of as controlling 
the opening and closing of a physical gate. This gate permits electrons to flow through or blocks their 
passage by creating or eliminating a channel between the source and drain. Electrons flow from the 
source terminal towards the drain terminal 1f influenced by an applied voltage. The body simply refers to 
the bulk of the semiconductor in which the gate, source and drain lie. Usually the body terminal is 
connected to the highest or lowest voltage within the circuit, depending on type. The body terminal and 
the source terminal are sometimes connected together since the source is also sometimes connected to 
the highest or lowest voltage within the circuit, however there are several uses of FETs which do not 
have such a configuration, such as transmission gates and cascode circuits 


FET operation 


The FET controls the flow of electrons (or electron holes) from the source to drain by affecting the size 
and shape of a "conductive channel" created and influenced by voltage (or lack of voltage) applied 
across the gate and source terminals. (For ease of discussion, this assumes body and source are 
connected). This conductive channel is the "stream" through which electrons flow from source to drain. 


Hi 


Consider an n-channel "depletion-mode" device. A negative gate-to-source voltage causes a depletion 
region to expand in width and encroach on the channel from the sides, narrowing the channel. If the 
depletion region expands to completely close the channel, the resistance of the channel from source to 
drain becomes large, and the FET 1s effectively turned off like a switch. Likewise a positive gate-to- 
source voltage increases the channel size and allows electrons to flow easily. 


Now consider an n-channel "enhancement-mode" device. A positive gate-to-source voltage is 
necessary to create a conductive channel, since one does not exist naturally within the transistor. The 
positive voltage attracts free-floating electrons within the body towards the gate, forming a conductive 
channel. But first, enough electrons must be attracted near the gate to counter the dopant ions added to 
the body of the FET; this forms a region free of mobile carriers called a depletion region, and the 
phenomenon is referred to as the threshold voltage of the FET. Further gate-to-source voltage increase 
will attract even more electrons towards the gate which are able to create a conductive channel from 
source to drain; this process is called inversion. 


For either enhancement- or depletion-mode devices, at drain-to-source voltages much less than gate-to- 
source voltages, changing the gate voltage will alter the channel resistance, and drain current will be 
proportional to drain voltage (referenced to source voltage). In this mode the FET operates like a 
variable resistor and the FET is said to be operating in a linear mode or ohmic mode! 


If drain-to-source voltage is increased, this creates a significant asymmetrical change in the shape of the 
channel due to a gradient of voltage potential from source to drain. The shape of the inversion region 
becomes "pinched-off" near the drain end of the channel. If drain-to-source voltage is increased further, 
the pinch-off point of the channel begins to move away from the drain towards the source. The FET is 
said to be in saturation mode;* some authors refer to it as active mode, for a better analogy with bipolar 
transistor operating regions.“ The saturation mode, or the region between ohmic and saturation, is 
used when amplification is needed. The in-between region is sometimes considered to be part of the 
ohmic or linear region, even where drain current is not approximately linear with drain voltage. 


Even though the conductive channel formed by gate-to-source voltage no longer connects source to 
drain during saturation mode, carriers are not blocked from flowing. Considering again an n-channel 
device, a depletion region exists in the p-type body, surrounding the conductive channel and drain and 
source regions. The electrons which comprise the channel are free to move out of the channel through 
the depletion region if attracted to the drain by drain-to-source voltage. The depletion region is free of 
carriers and has a resistance similar to silicon. Any increase of the drain-to-source voltage will increase 
the distance from drain to the pinch-off point, increasing resistance due to the depletion region 
proportionally to the applied drain-to-source voltage. This proportional change causes the drain-to- 
source current to remain relatively fixed independent of changes to the drain-to-source voltage and quite 
unlike the linear mode operation. Thus in saturation mode, the FET behaves as a constant-current source 
rather than as a resistor and can be used most effectively as a voltage amplifier. In this case, the gate-to- 
source voltage determines the level of constant current through the channel. 


Uses 
The most commonly used FET is the MOSFET. The CMOS (complementary-symmetry metal oxide 
semiconductor) process technology is the basis for modern digital integrated circuits. This process 


technology uses an arrangement where the (usually "enhancement-mode") p-channel MOSFET and n- 
channel MOSFET are connected in series such that when one is on, the other is off. 
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The fragile insulating layer of the MOSFET between the gate and channel makes it vulnerable to 
electrostatic damage during handling. This 1s not usually a problem after the device has been installed. 


In FETs electrons can flow in either direction through the channel when operated in the linear mode, and 
the naming convention of drain terminal and source terminal is somewhat arbitrary, as the devices are 
typically (but not always) built symmetrically from source to drain. This makes FETs suitable for 
switching analog signals between paths (multiplexing). With this concept, one can construct a solid-state 
mixing board, for example. 


Silicon-controlled rectifier (SCR 


A silicon-controlled rectifier (or semiconductor-controlled rectifier) is a four-layer solid state device 
that controls current. The name "silicon controlled rectifier" or SCR is General Electric's trade name for 
a type of thyristor. The SCR was developed by a team of power engineers led by Gordon Hall and 
commercialised by Frank W. "Bill" Gutzwiller in 1957. 


Theory of operation 
An SCR is a type of rectifier, controlled by a logic gate signal. It is a four-layer, three-terminal device. A 


p-type layer acts as an anode and an n-type layer as a cathode; the p-type layer closer to the n- 
type(cathode) acts as a gate. 
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An SCR (left) can be thought of as two BJT's working together (right). 


Modes of operation 


In the normal "off" state, the device restricts current to the leakage current. When the gate to cathode 
voltage exceeds a certain threshold, the device turns "on" and conducts current. The device will remain 
in the "on" state even after gate current is removed so long as current through the device remains above 
the holding current. Once current falls below the holding current for an appropriate period of time, the 
device will switch "off". 


If the applied voltage increases rapidly enough, capacitive coupling may induce enough charge into the 
gate to trigger the device into the "on" state; this is referred to as "dv/dt triggering." This is usually 


prevented by limiting the rate of voltage rise across the device, perhaps by using a snubber. "dv/dt 
triggering" may not switch the SCR into full conduction rapidly and the partially-triggered SCR may 
dissipate more power than 1s usual, possibly harming the device. 


SCRs can also be triggered by increasing the forward voltage beyond their rated breakdown voltage 
(also called as breakover voltage), but again, this does not rapidly switch the entire device into 
conduction and so may be harmful so this mode of operation is also usually avoided. Also, the actual 
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breakdown voltage may be substantially higher than the rated breakdown voltage, so the exact trigger 
point will vary from device to device. 


SCRs are made with voltage ratings of up to 7500 volts, and with current ratings up to 3000 RMS 
amperes per device. Some of the larger ones can take over 50 kA in single-pulse operation. SCRs are 
used in power switching, phase control, chopper, battery chargers, and inverter circuits. Industrially they 
are applied to produce variable DC voltages for motors (from a few to several thousand HP) from AC 
line voltage. They control the bulk of the dimmers used in stage lighting, and can also be used in some 
electric vehicles to modulate the working voltage in a Jacobson circuit. Another common application is 
phase control circuits used with inductive loads. SCRs can also be found in welding power supplies 
where they are used to maintain a constant output current or voltage. Large silicon-controlled rectifer 
assemblies with many individual devices connected in series are used in high-voltage DC converter 
stations. 


Two SCRs in "inverse parallel" are often used in place of a TRIAC for switching inductive loads on AC 
circuits. Because each SCR only conducts for half of the power cycle and is reverse-biased for the other 
half-cycle, turn-off of the SCRs is assured. By comparison, the TRIAC is capable of conducting current 
in both directions and assuring that it switches "off' during the brief zero-crossing of current can be 
difficult. 


Typical electrostatic discharge (ESD) protection structures in integrated circuits produce a parasitic 
SCR. This SCR is undesired; if it is triggered by accident, the IC can go into latchup and potentially be 
destroyed 


TRIAC 


A TRIAC, or TRIode for Alternating Current is an electronic component approximately equivalent to 
two silicon-controlled rectifiers (SCRs/thyristors) joined in inverse parallel (paralleled but with the 
polarity reversed) and with their gates connected together. Formal name for a TRIAC 1s bidirectional 
triode thyristor. This results in a bidirectional electronic switch which can conduct current in either 
direction when it is triggered (turned on). And thus doesn't have any polarity. It can be triggered by 
either a positive or a negative voltage being applied to its gate electrode (with respect to Al, otherwise 
known as MT1). Once triggered, the device continues to conduct until the current through it drops below 
a certain threshold value, such as at the end of a half-cycle of alternating current (AC) mains power. 
This makes the TRIAC a very convenient switch for AC circuits, allowing the control of very large 
power flows with milliampere-scale control currents. In addition, applying a trigger pulse at a 
controllable point in an AC cycle allows one to control the percentage of current that flows through the 
TRIAC to the load (so-called phase control). 


Low power TRIACs are used in many applications such as light dimmers, speed controls for electric 
fans and other electric motors, and in the modern computerized control circuits of many household small 


and major appliances. However, when used with inductive loads such as electric fans, care must be 
taken to assure that the TRIAC will turn off correctly at the end of each half-cycle of the ac power. 


80 


A snubber circuit is often used to assist this turn off. Snubber circuits are also used to prevent premature 
triggering. For higher-powered, more-demanding loads, two SCRs in inverse parallel may be used 
instead of one TRIAC. Because each SCR will have an entire half-cycle of reverse polarity voltage 
applied to it, turn-off of the SCRs 1s assured, no matter what the character of the load. 


Triac Schematic Symbol 


The DIAC, or diode for alternating current, is a bidirectional trigger diode that conducts current only 
after its breakdown voltage has been exceeded momentarily. When this occurs, the resistance of the 
diode abruptly decreases, leading to a sharp decrease in the voltage drop across the diode and, usually, a 
sharp increase in current flow through the diode. The diode remains "in conduction" until the current 
flow through it drops below a value characteristic for the device, called the holding current. Below this 
value, the diode switches back to its high-resistance (non-conducting) state. When used in AC 
applications this automatically happens when the current reverses polarity. 


Typical Diac voltage and current relationships. Once the voltage exceeds the turn-on threshold, the 
device turns on and the voltage rapidly falls while the current increases. 


The behavior is typically the same for both directions of current flow. Most DIACs have a breakdown 
voltage around 30 V. In this way, their behavior is somewhat similar to (but much more precisely 
controlled and taking place at lower voltages than) a neon lamp. 


DIACs are a form of thyristor but without a gate electrode. They are typically used for triggering both 
thyristors and TRIACs - a bidirectional member of the thyristor family. Because of this common usage, 
many TRIACs contain a built-in DIAC in series with the TRIAC's "gate" terminal. 

DIACs are also called symmetrical trigger diodes due to the symmetry of their characteristic curve. 


Because DIACs are bidirectional devices, their terminals are not labeled as anode or cathode but as Al 
and A2 or MT1 ("Main Terminal") and MT2. 


ICs 
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Analog 


The MOSFET's advantages in most digital circuits do not translate into supremacy in all analog circuits. 
The two types of circuit draw upon different features of transistor behavior. Digital circuits switch, 
spending most of their time outside the switching region, while analog circuits depend on MOSFET 
behavior held precisely in the switching region of operation. The bipolar junction transistor (BJT) has 
traditionally been the analog designer's transistor of choice, due largely to 1ts higher transconductance 
and its higher output impedance (drain-voltage independence) in the switching region. 


Nevertheless, MOSFETs are widely used in many types of analog circuits because of certain advantages. 
The characteristics and performance of many analog circuits can be designed by changing the sizes 
(length and width) of the MOSFETs used. By comparison, in most bipolar transistors the size of the 
device does not significantly affect the performance. MOSFETs' ideal characteristics regarding gate 
current (zero) and drain-source offset voltage (zero) also make them nearly ideal switch elements, and 
also make switched capacitor analog circuits practical. In their linear region, MOSFETs can be used as 
precision resistors, which can have a much higher controlled resistance than BJTs. In high power 
circuits, MOSFETs sometimes have the advantage of not suffering from thermal runaway as BJTs do. 
Also, they can be formed into capacitors and gyrator circuits which allow op-amps made from them to 
appear as inductors, thereby allowing all of the normal analog devices, except for diodes (which can be 
made smaller than a MOSFET anyway), to be built entirely out of MOSFETs. This allows for complete 
analog circuits to be made on a silicon chip in a much smaller space. 


Some ICs combine analog and digital MOSFET circuitry on a single mixed-signal integrated circuit, 
making the needed board space even smaller. This creates a need to isolate the analog circuits from the 
digital circuits on a chip level, leading to the use of isolation rings and Silicon-On-Insulator (SOI). The 
main advantage of BJTs versus MOSFETs in the analog design process is the ability of BJTs to handle a 
larger current in a smaller space. Fabrication processes exist that incorporate BJTs and MOSFETs into a 
single device. Mixed-transistor devices are called Bi-FETs (Bipolar-FETs) if they contain just one BJT- 
FET and BiCMOS (bipolar-CMOS) if they contain complementary BJT-FETs. Such devices have the 
advantages of both insulated gates and higher current density. 


BJTs have some advantages over MOSFETs for at least two digital applications. Firstly, in high speed 
switching, they do not have the "larger" capacitance from the gate, which when multiplied by the 
resistance of the channel gives the intrinsic time constant of the process. The intrinsic time constant 
places a limit on the speed a MOSFET can operate at because higher frequency signals are filtered out. 
Widening the channel reduces the resistance of the channel, but increases the capacitance by the exact 
same amount. Reducing the width of the channel increases the resistance, but reduces the capacitance by 
the same amount. R*C=Tcl, 0.5R*2C=Tcl, 2R*0.5C=Tcl. There is no way to minimize the intrinsic 
time constant for a certain process. Different processes using different channel lengths, channel heights, 
gate thicknesses and materials will have different intrinsic time constants. This problem is mostly 
avoided with a BJT because it does not have a gate. 


The second application where BJTs have an advantage over MOSFETs stems from the first. When 
driving many other gates, called fanout, the resistance of the MOSFET is in series with the gate 
capacitances of the other FETs, creating a secondary time constant. Delay circuits use this fact to create 
a fixed signal delay by using a small CMOS device to send a signal to many other, many times larger 


CMOS devices. The secondary time constant can be minimized by increasing the driving FET's channel 
width to decrease its resistance and decreasing the channel widths of the FETs being driven, decreasing 


82 


their capacitance. The drawback is that it increases the capacitance of the driving FET and increases the 
resistance of the FETs being driven, but usually these drawbacks are a minimal problem when compared 
to the timing problem. BJTs are better able to drive the other gates because they can output more current 
than MOSFETs, allowing for the FETs being driven to charge faster. Many chips use MOSFET inputs 
and BiCMOS (see above) outputs. 


Digital 


The growth of digital technologies like the microprocessor has provided the motivation to advance 
MOSFET technology faster than any other type of silicon-based transistor. A timeline can be found at 
computerhistory.org. A big advantage of MOSFETs for digital switching is that the oxide layer 
between the gate and the channel prevents DC current from flowing through the gate, further reducing 
power consumption and giving a very large input impedance. The insulating oxide between the gate and 
channel effectively isolates a MOSFET in one logic stage from earlier and later stages, which allows a 
single MOSFET output to drive a considerable number of MOSFET inputs. Bipolar transistor-based 
logic (such as TTL) does not have such a high fanout capacity. This isolation also makes it easier for the 
designers to ignore to some extent loading effects between logic stages independently. That extent is 
defined by the operating frequency: as frequencies increase, the input impedance of the MOSFETs 
decreases. 


CMOS 


The principal reason for the success of the MOSFET was the development of digital CMOS logic, which 
uses p- and n-channel MOSFETs as building blocks. Overheating is a major concern in integrated 
circuits since ever more transistors are packed into ever smaller chips. CMOS logic reduces power 
consumption because no current flows (ideally), and thus no power is consumed, except when the inputs 
to logic gates are being switched. CMOS accomplishes this current reduction by complementing every 
nMOSFET with a pMOSFET and connecting both gates and both drains together. A high voltage on the 
gates will cause the nMOSFET to conduct and the pMOSFET not to conduct and a low voltage on the 
gates causes the reverse. During the switching time as the voltage goes from one state to another, both 
MOSFETs will conduct briefly. This arrangement greatly reduces power consumption and heat 
generation. Digital and analog CMOS applications are described below. 


Introduction — IC 555 & 556 
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The 8-pin 555 timer must be one of the most useful ICs 
ever made and it is used in many projects. With just a 
few external components it can be used to build many | 0 
circuits, not all of them involve timing! supply OV 

Example circuit symbol (above) 
A popular version is the NE555 and this is suitable in 
most cases where a '555 timer’ is specified. The 556 is Actual pin arrangements (below) 
a dual version of the 555 housed in a 14-pin package, av 1] = U as 
the two timers (A and B) share the same power supply ==] 
pins. The circuit diagrams on this page show a 555, but trigger i e | 
they could all be adapted to use one half of a 556. 


trigger | 


output | 


Low power versions of the 555 are made, such as the reset F 7 
ICM7555, but these should only be used when I 
specified (to increase battery life) because their eee 
maximum output current of about 20mA (with a 9V discharge A| 1 | 

supply) is too low for many standard 555 circuits. The —| 
ICM7555 has the same pin arrangement as a standard threshold A 2 | 556 


999. control A [3 ua | = 


The circuit symbol for a 555 (and 556) is a box with the reset A a timer e control B 
pins arranged to suit the circuit diagram: for example | 


| | output A | 5 | | reset B 
555 pin 8 at the top for the +Vs supply, 555 pin 3 output =3 > 
on the right. Usually just the pin numbers are used and trigger A} 6 | E | | output B 
they are not labelled with their function. ov Fa a] trigger 


The 555 and 556 can be used with a supply voltage 
(Vs) in the range 4.5 to 15V (18V absolute maximum). 


Standard 555 and 556 ICs create a significant ‘glitch’ on the supply when their output changes 
state. This is rarely a problem in simple circuits with no other ICs, but in more complex circuits 
a smoothing capacitor (eg 100uF) should be connected across the +Vs and OV supply near 
the 555 or 556. 


The input and output pin functions are described briefly below and there are fuller explanations 
covering the various circuits: 
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bit 


DOR noe 


byte (8-bits) 


Lo f1fi fo fa folfofilfifolfi oaa oa] 


word (16-bits, 2 bytes) 


A bit or binary digit is the basic unit of information in computing and telecommunications. The 
two values can also be interpreted as logical values (true/false, yes/no), algebraic signs (+/-), 
activation states (on/off), or any other two-valued attribute. In several popular programming 
languages, numeric 0 is equivalent (or convertible) to logical false, and 1 to true. 


There are several units of information which are defined as multiples of bits, such as byte (8 
bits), kilobit (either 1000 or 2*? = 1024 bits), megabyte (either 8000000 or 8x2” = 
8388608bits), etc. 


ved-e 
Multiples of bits 
SI decimal prefixes IEC binary prefixes 
Name Standard Binary Name Value 
(Symbol) SI usage (Symbol) 
kilobit (kbit) 10° 2° kibibit (Kibit) 2 


megabit (Mbit) 106 2% mebibit (Mibit) 2” 
gigabit (Gbit) 10° 2% gibibit(Gibit) 2% 
terabit (Tbit) 10" 2” tebibit (Tibit) 2% 
petabit (Pbit) 105 2% pebibit (Pibit) 2% 
exabit (Ebit) 108 2% exbibit (Eibit) 2 
zettabit (Zbit) 10% 2 zebibit (Zibit) 2” 
yottabit (Y bit) 10% 2%  yobibit (Yibit) 2% 
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Binary Arithmetic 


For some important aspects of Internet engineering, most notably IP Addressing, an 
understanding of binary arithmetic is critical. Many strange-looking decimal numbers can only 
be understood by converting them (at least mentally) to binary. 


All digital computers represent data as a collection of bits. A bit is the smallest possible unit of 
information. lt can be in one of two states - off or on, O or 1. The meaning of the bit, which can 
represent almost anything, is unimportant at this point. The thing to remember is that all 
computer data - a text file on disk, a program in memory, a packet on a network - is ultimately 


a collection of bits. 
1 Bit | 


can be [0] or [1] 


lf one bit has two different states, how many states do two bits have? The answer is four. 
Likewise, three bits have eight states. For example, if a computer display had eight colors 
available, and you wished to select one of these to draw a diagram in, three bits would be 
sufficient to represent this information. Each of the eight colors would be assigned to one of 
the three-bit combinations. Then, you could pick one of the colors by picking the right three-bit 
combination. 


2 Bits = 4 States 


3 Bits = 3 States 


A common and convenient grouping of bits is the byte or octet, composed of eight bits. If two 
bits have four combinations, and three bits have eight combinations, how many combinations 
do eight bits have? If you don't want to write out all the possible byte patterns, just multiply 
eight twos together - one two for each bit. Two times two is four, so the number of 
combinations of two bits is four. Two times two times two is eight, so the number of 
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combinations of three bits is eight. Do this eight times - or just compute two to the eighth power 
- and you discover that a byte has 256 possible states. 


Obviously, if a byte has 256 possible states, its exact state can be represented by a number 
from 1 to 256. However, since zero is a very important number, a byte is more typically 
represented by a number from O to 255. This is very common, and with bit pattern 00000000 
representing zero, and bit pattern 11111111 representing 255. The numbers matching these two 
patterns, and everything in between, can be computed by assigning a weight to each bit, 
multiplying each bit's value (0 or 1) by its weight, and then adding the totals. For example, 
here's how 217 is represented as 11011001 in binary: 


Lardero l= 1 
0x2 =0x 2- Ü 


0x2=0x 4= 0 
lx2-=lx $= $ 
1x2%=1x 16 16 
0x2=0x 32= 0 
Ix2=1x 64 64 
1x2'=1x128-12: 


1+8+ 16 +64 + 128-217 


To convert a number from decimal to binary, begin at leftmost bit position (128). If the number 
is larger than or equal to the bit's weight, write a 1 in the bit position, subtract the bit's weight 
from the number, and continue with the difference. If the number is less than the bit's weight, 
write a O in the bit position and continue without any subtraction. Here's an illustration of 
converting 141 to binary: 


There is a simpler way to convert bytes back and forth between binary and decimal; akin to 
memorizing multiplication tables. The byte can split into two four-bit halves, each half called a 
nibble. Memorize the decimal values for the high nibble (they're just the multiples of 16). The 
low nibble is trivial. Every number between O and 255 is the sum of one of the high nibble 
values and one of the low nibble values. Write the high nibble next to the low nibble, and you 
have the byte value in binary. Conversely, an eight-bit binary byte can be split in half, each 
nibble converted to decimal and two decimal numbers added together. 
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High Low High Low 


Nibble Nibble Nibble Nibble 
>. BE ee COCO 
E | GRR] » 
32 [o[o[1 [o] 2 160 }1[o] 1/0] 10 
48 [oJo[1[1| 3 176 }1[o] 1] 4] 11 
64 [o[1[0[0] 4 192 pgg 12 
> i: + E + 
< GS « = Gi « 
112 fofa [11] T 240 [ajajaja] 15 


The most common bit patterns in Internet engineering are those with a string of one bits, 
followed by a string of zero bits. Here are all such bytes, along with their decimal 
representation, computed just like the example using 217. 


NN 
141-128 © a 
Bo E 
1364 5 0 o 
13832 © 2 3 1: 
1316 2 0: 
138 i 
So 
s-4 
Le? | 
11 
0 
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Unit symbol or abbreviation 
Prefixes for bit and byte multiples 


Decimal 
Value SI 
1000 k kilo 
1000 M mega 
1000? G giga 
1000* T tera 
1000? P peta 
1000 E exa 
1000’ Z zetta 
1000° Y yotta 


Value 


1024 

1024? 
1024* 
1024* 
1024” 
1024* 
1024’ 
1024* 


Binary 

IEC JEDEC 
Ki kibi K kilo 
Mi mebi M mega 
Gi gibi G giga 
Ti tebi 
Pi pebi 
Ei exbi 
Zi zebi 
Y1 yobi 


89 


248 


240 


224 


192 


128 


Nibble 


In computing, a nibble (often, nybble, or even nyble to simulate the spelling of byte) is a four- 
bit aggregation," or half an octet. As a nibble contains 4 bits, there are sixteen (2*) possible 
values, so a nibble corresponds to a single hexadecimal digit (thus, it is often referred to as a 
"hex digit" or "hexit")A full byte (octet) is represented by two hexadecimal digits; therefore, it is 
common to display a byte of information as two nibbles. The nibble is often called a 
"semioctet" or a "quartet" in a networking or telecommunication context. Sometimes the set of 
all 256 byte values is represented as a table 16x16, which gives easily readable hexadecimal 
codes for each value. 


The sixteen nibbles and their equivalents in other numeral systems: 


Ip e IoD 
E [on [on 


| 
a >o CS © 
aS >o © © 


JUS 


0 
0 
0 
0 


0 0 
0 
o 

0 

0 

y D 

0 
0 0 
0 
o 
o 


Logic gate 


From Wikipedia, the free encyclopedia 
Jump to: navigation, search 


A logic gate performs a logical operation on one or more logic inputs and produces a single 
logic output. The logic normally performed is Boolean logic and is most commonly found in 
digital circuits. 
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Logic gates are primarily implemented electronically using diodes or transistors, but can also 
be constructed using electromagnetic relays, fluidics, optics, molecules, or even mechanical 
elements. 


In electronic logic, a logic level is represented by a voltage or current, (which depends on the 
type of electronic logic in use). Each logic gate requires power so that it can source and sink 
currents to achieve the correct output voltage. In logic circuit diagrams the power is not shown, 
but in a full electronic schematic, power connections are required 


Type Distinctive shape Rectangular shape sr AR di Truth table 
INPUT OUTPUT 
A B AAND B 
0 0 0 
0 1 10 
AND = 1 0 0 
1 Wl jl 
INPUT OUTPUT 
A B AORB 
0 0 0 
O jl fl 
OR A+B lo TÍ 
I Wl | 
INPUT OUTPUT 
A NOTA 
0 l 
As a Inverter | 0 


In electronics a NOT gate is more commonly called an inverter. The circle on the symbol is called a bubble, 
and is generally used in circuit diagrams to indicate an inverted (active-low) input or output. 
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INPUT OUTPUT 
A B ANAND B 
O | 


A*B=A*B 


== = 5O O 


Da 


1 l 
O | 
1 0 


INPUT OUTPUT 
A B ANORB 
l 


A e 
= el ARES 


NOR ) > 


0 
0 
0 


INPUT OUTPUT 
A B AXORB 
0 


XOR 


— = O. O 
=i O | = | © 


l 
l 
0 


INPUT OUTPUT 
A B AXNORB 
0 0 1l 
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Flip-flop 


In digital circuits, a flip-flop is a term referring to an electronic circuit (a bistable multivibrator) that has 
two stable states and thereby is capable of serving as one bit of memory. Today, the term flip-flop has 
come to mostly denote non-transparent (clocked or edge-triggered) devices, while the simpler 
transparent ones are often referred to as latches; however, as this distinction 1s quite new, the two words 
are sometimes used interchangeably (see history). 


A flip-flop is usually controlled by one or two control signals and/or a gate or clock signal. The output 


often includes the complement as well as the normal output. As flip-flops are implemented 
electronically, they require power and ground connections. 


Set-Reset flip-flops (SR flip-flops 


Set 


Re Set 


The symbol for an SR latch 


The fundamental latch is the simple SR flip-flop , where S and R stand for set and reset respectively. It 
can be constructed from a pair of cross-coupled NOR logic gates. The stored bit is present on the output 
marked Q. 


Normally, in storage mode, the S and R inputs are both low, and feedback maintains the Q and Q 
outputs in a constant state, with Q the complement of Q. If S (Set) is pulsed high while R is held low, 
then the Q output is forced high, and stays high even after S returns low; similarly, if R (Reset) is pulsed 
high while S 1s held low, then the Q output is forced low, and stays low even after R returns low. 
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SR Flip-Flop operation 


Characteristic table Excitation table 


S R Action Q(t) Q(ttl)S R Action 
0 0 Keep state 0 0 0 X No change 
0 l Q=0 0 i i 0 set 
l 0 Q=1 l 0 0 l reset 
l l Unstable combination, 
see race condition l l X 0 No change 


('X' denotes a don’t care condition; meaning the signal is irrelevant) 


JK flip-flop 
] 
K 
Q 
Q 


T = toggle 


JK flip-flop timing diagram 


The JK flip-flop augments the behavior of the SR flip-flop (J=Set, K=Reset) by interpreting the S = R = 
1 condition as a "flip" or toggle command. Specifically, the combination J = 1, K = 0 is a command to 
set the flip-flop; the combination J = 0, K = 1 1s a command to reset the flip-flop; and the combination J 
= K = 1 is a command to toggle the flip-flop, i.e., change its output to the logical complement of its 
current value. Setting J = K = 0 does NOT result in a D flip-flop, but rather, will hold the current state. 
To synthesize a D flip-flop, simply set K equal to the complement of J. The JK flip-flop is therefore a 
universal flip-flop, because it can be configured to work as an SR flip-flop, a D flip-flop, or a T flip- 
flop. NOTE: The flip flop is positive edge triggered (Clock Pulse) as seen in the timing diagram. 
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A circuit symbol for a JK flip-flop, where > is the clock input, J and K are data inputs, Q is the stored 
data output, and Q' is the inverse of Q. 


The characteristic equation of the JK flip-flop 1s: 
dasri = FE + KQ 


and the corresponding truth table is: 


JK Flip Flop operation 
Characteristic table Excitation table 
J K Qnext Comment Q Qnext J K Comment 
0 0 hold state 0 0 0 X No change 
0 l reset 0 l l X Set 
l 0 set l 0 X l Reset 
l i toggle 1 l X 0 No change 
D flip-flop 
Dg 
> Ú 


D flip-flop symbol 


The Q output always takes on the state of the D input at the moment of a rising clock edge (or falling 
edge 1f the clock input 1s active low). It 1s called the D flip-flop for this reason, since the output takes the 
value of the D input or Data input, and Delays it by one clock count. The D flip-flop can be interpreted 
as a primitive memory cell, zero-order hold, or delay line. 
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Truth table: 

Clock D Q Qprev 
Rising edge 0 0 X 
Rising edge 1 l X 
Non-Rising X Qprev 


('X' denotes a Don't care condition, meaning the signal is irrelevant) 


Clock 


3-bit shift register 


These flip flops are very useful, as they form the basis for shift registers, which are an essential part of 
many electronic devices. The advantage of the D flip-flop over the D-type latch is that it "captures" the 
signal at the moment the clock goes high, and subsequent changes of the data line do not influence Q 
until the next rising clock edge. An exception is that some flip-flops have a 'reset' signal input, which 
will reset Q (to zero), and may be either asynchronous or synchronous with the clock. 


The above circuit shifts the contents of the register to the right, one bit position on each active transition 
of the clock. The input X is shifted into the leftmost bit position. 


Master-slave (pulse-trissered) D flip-flo 


A master-slave D flip-flop is created by connecting two gated D latches in series, and inverting the 
enable input to one of them. It is called master-slave because the second latch in the series only changes 
in response to a change in the first (master) latch. The term pulse triggered means that data are entered 
on the rising edge of the clock pulse, but the output doesn't reflect the change until the falling edge of 
the clock pulse. 


A master slave D flip flop. It responds on the negative edge of the enable input (usually a clock). 
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For a positive-edge triggered master-slave D flip-flop, when the clock signal is low (logical 0) the 
“enable” seen by the first or “master” D latch (the inverted clock signal) is high (logical 1). This allows 
the “master” latch to store the input value when the clock signal transitions from low to high. As the 
clock signal goes high (0 to 1) the inverted “enable” of the first latch goes low (1 to 0) and the value 
seen at the input to the master latch is “locked”. Nearly simultaneously, the twice inverted “enable” of 
the second or “slave” D latch transitions from low to high (0 to 1) with the clock signal. This allows the 
signal captured at the rising edge of the clock by the now “locked” master latch to pass through the 
“slave” latch. When the clock signal returns to low (1 to 0), the output of the "slave" latch is "locked", 
and the value seen at the last rising edge of the clock is held while the “master” latch begins to accept 
new values in preparation for the next rising clock edge. 


D 


¿Ol 


An implementation of a master-slave D flip-flop that 1s triggered on the positive edge of the clock. 


By removing the left-most inverter in the above circuit, a D-type flip flop that strobes on the falling edge 
of a clock signal can be obtained. This has a truth table like this: 


D Q > Qnext 
0 X Falling 0 
l X Falling l 


Most D-type flip-flops in ICs have the capability to be set and reset, much like an SR flip-flop. Usually, 
the illegal S = R = 1 condition is resolved in D-type flip-flops. 


Inputs Outputs 
S R D > Q Q' 
0 l X X 0 l 
l 0 X X l 0 
] ] X X ] l 


By setting S = R = 0, the flip-flop can be used as described above. 
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Edge-triggered D flip-flop 


A more efficient way to make a D flip-flop is not so easy to understand, but it works the same way. 
While the master-slave D flip flop is also triggered on the edge of a clock, its components are each 
triggered by clock levels. The "edge-triggered D flip flop" does not have the master slave properties. 


How to Solder 


Soldering Advice for Components 


It is very tempting to start soldering components onto the circuit board straight away, but 
please take time to identify all the parts first. You are much less likely to make a mistake if you 
do this! 


1. Stick all the components onto a sheet of paper using sticky tape. 

2. Identify each component and write its name or value beside it. 

3. Add the code (R1, R2, C1 etc.) if necessary. 
Many projects from books and magazines label the components with codes (R1, R2, 
C1, D1 etc.) and you should use the project's parts list to find these codes if they are 
given. 

4. Resistor values can be found using the resistor colour code which is explained on our 
Resistors page. You can print out and make your own Resistor Colour Code Calculator 
to help you. 

5. Capacitor values can be difficult to find because there are many types with different 
labelling systems! The various systems are explained on our Capacitors page. 


Some components require special care when soldering. Many must be placed the correct way 
round and a few are easily damaged by the heat from soldering. Appropriate warnings are 
given in the table below, together with other advice which may be useful when soldering. 


For most projects it is best to put the components onto the board in the order given below: 


Components Pictures Reminders and Warnings 


Connect the correct way round 
by making sure the notch is at the 
correct end. 

Do NOT put the ICs (chips) in yet. 


No special precautions are needed 
with resistors. 


IC Holders 


i (DIL sockets) 


2 Resistors 
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10 


11 


Small value capacitors el E 


(usually less than 1uF) 


Electrolytic 
(1uF and greater) 


capacitors 


Diodes 


Transistors 


Wire Links between points 
on the circuit board. 


single core wire 


Battery clips, buzzers and 
other parts with their own 
wires 


Wires to parts off the circuit 

board, including switches, 

relays, variable resistors stranded wire 
and loudspeakers. 


+ NE555 


ICs (chips) 
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These may be connected either 


way round. 
Take care with polystyrene capacitors 
because they are easily damaged by heat. 


Connect the correct way round. 
They will be marked with a + or - 
near one lead. 


Connect the correct way round. 
Take care with germanium diodes (e.g. 
OA91) because they are easily damaged 
by heat. 

Connect the correct way round. 
The diagram may be labelled a or + 
for anode and k or - for cathode; 
yes, it really is k, not c, for cathode! 
The cathode is the short lead and 
there may be a slight flat on the 
body of round LEDs. 


Connect the correct way round. 
Transistors have 3 'legs' (leads) so 
extra care is needed to ensure the 
connections are correct. 
Easily damaged by heat. 


Use single core wire, this is one 


solid wire which is plastic-coated. 
If there is no danger of touching other parts 
you can use tinned copper wire, this has 
no plastic coating and looks just like solder 
but it is stiffer. 


Connect the correct way round. 


You should use stranded wire 


which is flexible and plastic-coated. 
Do not use single core wire because this 
will break when it is repeatedly flexed. 


Connect the correct way round. 
Many ICs are static sensitive. 
Leave ICs in their antistatic 
packaging until you need them, 
then earth your hands by touching a 
metal water pipe or window frame 
before touching the ICs. 
Carefully insert ICs in their 
holders: make sure all the pins are 
lined up with the socket then push 
down firmly with your thumb. 


CLASSIFICATION OF FLUXES 
1. INORGANIX FLUX 

2. ORGANIC FLUX 

3. ROSIN BASED FLUX 

4. NO CLEAN FLUX 


1. INORGANIC FLUX: 


Consist of mixture of salts/acids such as HCL, H3PO4, Zncl,, NhsCl, NazBo, having 
picking action through generated HCI acid in contact with moisture or added water. 
These fluxes are very corrosive in nature and generally not used in electronic assemblies. 


2. NON ROSIN BASED FLUXES 


These fluxes do not contain Rosin but contain only activators based on GLIMTIC, 
LACTIC ACIDS/HYDROCHLORIDES, water soluble and meditatively corrosive, hence 
must be cleaned after soldering process thoroughly. 


3. ROSIN BASED FLUXES 


Rosin which is naturally available from pine a tree by tapping is made into crystalline 
structure with pale yellow to Dark brown colour is used as base. 


Rosin 1s a mixture of several organic compounds like ABETIC ACID, PIMARIC ACID, 
etc., pure Rosin is a weak pickling agent. For heavier passivation layer, surface activators 
like Bromides/ chlorides are added. The acid contents for various R type of fluxes are 
given below. 


R — ROSIN NON ACTIVATED. ACID CONTENT: < 0.2% 

RAM — ROSIN MILDLY ACTIVATED. ACID CONTENT: 0.2% TO 0.4% 
RA — ROSIN ACTIVATED. ACID CONTENT: 0.4% to 4% 
RSA — ROSIN SUPER ACTIVATED. ACID CONTENT: > 4% 
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4. NO CLEAN FLUX 


Does not contain natural Rosin but obtained by synthetic resins solvents, foaming agents 
and activators. Generally does not leave any residues. 


1. SOLDER ALLOY 
WHY TIN & LEAD 


1. Tin is not appreciably affected by air or water. 

2. The corrosion resistance of tin is an important factor for using as a coating on Copper 
wire to protect against corrosion. 

3. Tin reacts and alloys with metal easily. 

4. Lead is soft and dense, but surface gets quickly corroded. 


5. Lead reduces the melting temperature and brittleness thus adding to the overall 
strength of alloy. 


METALLURGY OF SOLDER JOINTS 


When two metals “A” and “B” are soldered with a filler material “S”. The following 
regions occur in the final joint structure. 


l. PURE “A” 
Ze ALLOY OF “A” AND “S” 
> PURE “S” 
4. ALLOY OF “S”? AND “B” 
> PURE “B” 


The alloy region consists of irreversible compounds created out of the metals and the 
filler. The filler, the thickness of this alloy being 0.1 to 1.0 microns. This zone is usually 
called as intermetallic layer in case of Cu-Solder (sn-pb) combination. They are typically 
cu3sn, cuosn5. This intermetallic layer is mainly responsible for the strength of the joint. 
This layer thickness increases with time and temperature of the soldering. This 
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intermatellic layer is brittle in nature. Hence the thickness of this layer has to be 


controlled. 
CHEMICAL COMPOSITION OF Sn63, Sn60 

Sn63 Sn60 
TIN : 62.5-62.5% 59.5% - 61.5% 
Composition 
Solid Melting : 183 Deg.C 183 Deg.C 
Range 
Liquid : 183 Deg.C 188 Deg. C 
Melting range 
Plastic : Nil Slight 
Region 


What is solder? 


Solder is an alloy (mixture) of tin and lead, typically 60% tin and 40% | i = 
lead. It melts at a temperature of about 200°C. Coating a surface with È= 

solder is called 'tinning' because of the tin content of solder. Lead is 
poisonous and you should always wash your hands after using solder. 


Solder for electronics use contains tiny cores of flux, like the wires Reels 
inside a mains flex. The flux is corrosive, like an acid, and it cleans the 

metal surfaces as the solder melts. This is why you must melt the 
solder actually on the joint, not on the iron tip. Without flux most joints would fail because 
metals quickly oxidise and the solder itself will not 


of solder 


flow properly onto a dirty, oxidised, metal surface. 
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The best size of solder for electronics is 22swg (SWG= standard wire gauge). 


Desoldering 


At some stage you will probably need to) = 
desolder a joint to remove or re-position a wire 
or component. There are two ways to remove 

the solder: 


Using a desoldering pump (solder sucke ) 


1. With a desoldering pump (solder sucker) 


Set the pump by pushing the spring-loaded plunger down until it locks. 

Apply both the pump nozzle and the tip of your soldering iron to the joint. 

Wait a second or two for the solder to melt. 

Then press the button on the pump to release the plunger and suck the molten solder 
into the tool. 

e Repeat if necessary to remove as much solder as possible. 

e The pump will need emptying occasionally by unscrewing the 
nozzle. 


2. With solder remover wick (copper braid) com 
Solder remover wick 
e Apply both the end of the wick and the tip of your soldering iron to 
the joint. 
e As the solder melts most of it will flow onto the wick, away from the joint. 
e Remove the wick first, then the soldering iron. 
e Cut off and discard the end of the wick coated with solder. 


After removing most of the solder from the joint(s) you may be able to remove the wire or 
component lead straight away (allow a few seconds for it to cool). If the joint will not come 
apart easily apply your soldering iron to melt the remaining traces of solder at the same time 
as pulling the joint apart, taking care to avoid burning yourself. 
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Soldering iron 


For electronics work the best type is one powered by 
mains electricity (230V in the UK), it should have a 
heatproof cable for safety. The iron's power rating 
should be 15 to 25W and it should be fitted with a small 


bit of 2 to 3mm diameter. 


Other types of soldering iron 


Low voltage soldering irons are available, but their extra safety is undermined if you have a 
mains lead to their power supply! Temperature controlled irons are excellent for frequent 
use, but not worth the extra expense if you are a beginner. Gas-powered irons are designed 
for use where no mains supply is available and are not suitable for everyday use. Pistol 
shaped solder guns are far too powerful and cumbersome for normal electronics use. 


Soldering iron stand 


You must have a safe place to put the iron when you are not 
holding it. The stand should include a sponge which can be 
dampened for cleaning the tip of the iron. 


Desoldering pump 
(solder 


A tool for removing 
joint to correct a mistake or replace a component. 


Solder remover wick (copper braid) 
This is an alternative to the desoldering pump shown above. 


Reel of solder 


The best size for electronics is 22swg 
(SWG standardwire gauge). 


Side cutters 
For trimming component leads close to the circuit board. 
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Wire strippers 
Most designs include a cutter as suitable for trimming 


component leads. 


Small pliers 


Usually called 'snipe nose' pliers, these are for bending 
component leads etc. If you put a strong rubber band across the 
handles the pliers make a convenient holder for parts such as 
switches while you solder the contacts. 


Small flat-blade screwdriver Y AD 


For scraping away excess flux and dirt between tracks, A 
as well as driving screws! 


Heat sink 


You can buy a special tool, but a standard crocodile clip works just as well _ 
and is cheaper. | 


The following tool is only required if you are using stripboard: 


Track cutter 


A 3mm drill bit can be used instead, in fact the tool is usually just a 3mm drill bit with a proper 
handle fitted. 


The following tools are only required if you make your own PCBs: 


PCB rubber 


This is an abrasive rubber for cleaning PCBs. It can also be used to clean 
strip board where the copper tracks have become dull and tarnished. 
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Breadboard 


A breadboard (solder less breadboard, protoboard, plug board) is reusable sometimes [1] 
solder less device used to build a (generally temporary) prototype of an electronic circuit and 
for experimenting with circuit designs. This is in contrast to strip board (Vero board) and similar 
prototyping printed circuit boards, which are used to build more permanent soldered prototypes 
or one-offs, and cannot easily be reused. A variety of electronic systems may be prototyped by 
using breadboards, from small analog and digital circuits to complete central processing units 
(CPUs). 


The term breadboard is derived from an early form of point-to-point construction: in particular, 
the practice of constructing simple circuits (usually using valves/tubes) on a convenient 
wooden base, similar to a cutting board like the kind used for slicing bread with a knife. It can 
also be viewed as bread with a large number of pores (holes for connection); like the bread 
most commonly used in Ámerica and Europe, a modern prototyping board is typically white or 
off-white. 


Jump wires 


The jump wires for breadboarding can be obtained in ready-to-use jump wire sets or can be 
manually manufactured. The latter can become tedious work for larger circuits. Ready-to-use 
jump wires come in different qualities, some even with tiny plugs attached to the wire ends. 
Jump wire material for ready-made or home-made wires should usually be 22 AWG (0.33 
mm?) solid copper, tin-plated wire - assuming no tiny plugs are to be attached to the wire ends. 
The wire ends should be stripped 3/16" to 5/16" (approx. 5 mm to 8 mm). Shorter stripped 
wires might result in bad contact with the board's spring clips (insulation being caught in the 
springs). Longer stripped wires increase the likelihood of short-circuits on the board. Needle- 
nose pliers and tweezers are helpful when inserting or removing wires, particularly on crowded 
boards. 


106 


Differently colored wires and color coding discipline are often adhered to for consistency. 
However, the number of available colors is typically far less than the number of signal types or 
paths. So typically a few wire colors get reserved for the supply voltages and ground (e.g. red, 
blue, black), some more for main signals, while the rest often get random colors. There are 
ready-to-use jump wire sets on the market where the color indicates the length of the wires; 
however, these sets do not allow applying a meaningful color coding schema. 


Diagram 


A "full size" terminal breadboard strip typically consists of around 56 to 65 rows of connectors, 
each row containing the above mentioned two sets of connected clips (A to E and F to J). 
"Small size" strips typically come with around 30 rows. 


Terminal Strip: Breadboard 


ABCDE FGHIJ 


1 0-0-0-0-0 V 0-0-0-0-0 
2 0-0-0-0-O O-0-0-0-0 
3 0-0-0-0-O 0-0-0-0-0 
61 0-0-0-0-O 0-0-0-0-0 
62 0-0-0-0-O 0-0-0-0-0 
63 0-0-0-0-0 ^ 0-0-0-0-0 
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Printed circuit board (PCB) 
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PCBs are boards whereupon electronic circuits have been etched. PCBs are rugged, 
inexpensive, and can be highly reliable. They require much more layout effort and higher initial 
cost than either wire-wrapped or point-to-point constructed circuits, but are much cheaper and 
faster for high-volume production. Much of the electronics industry's PCB design, assembly, 
and quality control needs are set by standards that are published by the IPC organization. 


ELECTRONIC PRODUCTS 


Consisting of electronic assemblies, a combination of electronic components and devices and 
PCBs. Components need to be interconnected for their functioning, to get the desired results. 


Generally, these components are mounted on Printed wiring board which provides support and 
required interconnection. 


ABOUT THE PCB 

Printed wiring Board, an essential part of total electronic packaging system, which provides 
interconnection between components, and physical support for the whole assembly. Various 
types and configuration of components are mounted on Printed wiring board to make the board 
functional as an electronic device. 


The printed wiring boards are classified as follows: 
i. Single sided 

Double sided 

Multi layer 

Flexible 
The single sided PCB is the simplest, and has the conductor pattern printed only on one side. 
The components are inserted and mounted on the other side of the PCB. The double sided PCB 
has conductor patterns on both sides and components are mounted on one side, while in a 
multilayer PCB has several layers of conductors which are sand witched together. 
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The PCB consists of conductor tracks of Solder plated copper and required size of Holes (or 
plated through holes) for mounting various components as per design. 


The basic substrate for the PCBs 1s made up of one of the following insulating materials: 


1. Paper phenol 

ll. Glass epoxy 

11. Glass polyamide 
iv. Ceramic 


The flexible boards are generally made up of polyamide substrate. 


The Ceramic substrate is generally used in Defense applications where the ceramic components 
are used. 


SOLDER MASK: Solder mask is applied on the Bare printed Circuit board for avoiding solder 
coating on unwanted conductor tracks during wave soldering and preventing conductor tracks 
from exposing to atmosphere. Normal conformal coating materials are 


1. Acrylic 
2. Polyurethane 
3. Silicone 
4. Paraxylylene 
5. Epoxy 


These coatings are applied by means of dipping, spraying, brushing or vacuum deposition 
depending upon material used. 


Surface-mount technology 


Surface-mount technology (SMT) is a method for constructing electronic circuits in which the 
components (SMC or Surface Mounted Components) are mounted directly onto the surface of printed 
circuit boards (PCBs). Electronic devices so made are called surface-mount devices or SMDs. In the 
industry it has largely replaced the through-hole technology construction method of fitting components 
with wire leads into holes in the circuit board. 


An SMT component is usually smaller than its through-hole counterpart because it has either smaller 


leads or no leads at all. It may have short pins or leads of various styles, flat contacts, a matrix of solder 
balls (BGAs), or terminations on the body of the component. 
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Un texte en francais : La pollution radio par les émetteurs FM 
Een tekst in het Nederlands: De radiovervuiling door FM-stralen 
A petition: www.petition-electrosmog.be 


The electromagnetic pollution has now reached such a level that not only hypersensitive persons are being harmed. 
The debate most often focuses on cell phones, their relay antennas, Wi-Fi routers and similar technologies. It is 
often pointed out that domestic appliances like power saving lamps and cheap electronic devices, are harmful too. 
Recently, I came to the conclusion that I too had problems with electromagnetic radiations. Yet after a few months 
investigating, I was surprised to find out that far out the main cause of my problems was nothing I had heard about. 
A 100 MHz FM public radio broadcast antenna is located atop a local hospital and burns the whole city with an 
astounding force of 2 V/m (pike value). 


I found other persons that are harmed. For example people who develop severe headaches or tiredness after a few 
hours working in a given place. They have no problems in other places, that are less exposed to the FM radio 
waves. It seems to me that people who live in strongly exposed habitations often develop psychiatric problems. My 
guess is that probably several thousand persons in the city are severely affected. Maybe tens of thousands are 
affected but without getting obviously sick. 


Most puzzling is the fact that this hammering by radio waves is completely useless. It wouldn't change anything to 
the quality of the reception by the listeners in the city, if the force of the radio waves was divided by 100 or 
preferably 1,000. The purpose of those antennas is to emit far away in the countryside. That's why they are located 
atop hills or tall buildings and they have a huge power. But, due to their rudimentary construction, quite much of 
that power is wasted and hits the nearby city. 


It is legal to hit the ground with such force. Whether I measure in rooms or in the open, it 1s at worst a little below 
the norms. Hence the problem is with the norms. They keep being too high, despite the efforts of many scholars and 
health organizations. The situation 1s catastrophic. If the people did understand the harm that is done to their 
children, revolts would break open. 


Below is a picture of a cheap calculator that I transformed. It contains no more battery nor solar power cell. Instead 
it draws its energy from a 1 meter long antenna. Anyplace in the city center, in direct view of the emitter, the power 
of the radio waves is strong enough to feed the device. I made this because nobody was frightened by the figures I 
was reporting, except some friends that are into electronics. Everybody knows that a car can kill even at 30 km/h 
speed but almost nobody has any knowledge about radio waves figures. When I showed the calculator, everybody 
understood and some whitened. (The calculator also works in some classrooms where I tried it out. The emitter was 
visible through the windows... Should I warn the parents of the students that failed their exams’) 
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This didn't help anyway, so I invented another device: the "snake". The picture below shows six of them, an early 
version. 
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You just hang the snake in the flux of radio waves and the LED lamp at one end will bright up, clearly visible in 
daytime and enough to light and read a text at night. 
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The snake is less impressive than the calculator but it is much cheaper and easier to make and it can be sent in an 
envelope. I made tens of them and sent them to politicians, newspapers, universities... I gave some to local people, 
together with a user guide on a sheet of paper. Just like the calculator, the snake contains no battery. The lamp lights 
up solely on the power of the radio waves. The picture below shows a later version, that can be rolled up in an 
envelope that fits the conditions to be sent with only one stamp. 
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However mad it is to send such power on a city, nothing has been done yet against this. It's like an 19th century 
chemical plant sending its pollutants all around. Some complain but others argue that closing the factory would 
mean people laid off. Some then reply that being employed to feed children that die from ugly sicknesses may be 
nonsense... And so on, except for the fact that the chemical factory indeed had a purpose while the strength of the 
radio waves we're talking about, has no serious purpose at all. 


Something common to all heavy sources of electromagnetic pollution 1s that 1t wouldn't cost much to make them 
harmless. For example, high tension power lines can be made harmless by feeding them DC current instead of AC 
current. This requires some more heavy electronics at the input and the output but the price of 1t is a detail in the 
whole. I studied the schematics of power saving lamps and simply noticed that they were conceived by people who 
do not understand the propagation of radio waves. Adding the necessary components to make the lamps radio-silent 
would almost not increase their prices. Enforcing proper norms will not change our way of life, 1t will just stop to 
favor the sociopathics amongst the industrials and lobbyists. 


So, what can I do to help people understand the situation? They need to appropriate the scientific knowledge 
involved. Most assume that the necessary studies will be made by labs and then the governments will adapt the laws 
accordingly... That would be OK if it wasn't for the trillions of money involved. A minister in Belgium tried to 
prevent sugar dispensers in schools, she immediately got a made-up scandal on her shoulders. All she ultimately 
managed to get was to have some health advice notices glued on the sacred dispensers... 


Flows of observations are now available, showing the effects of radio waves that match the norms: brains of rats 
destroyed, people unable to work, eggs that don't hatch, quarreling birds, increased risk of cancer, cows aging 
abnormally... I myself had seeds germinate and saw them die quicker when closer to a power saving lamp. Their 
strategy to cope with this is simple: "OK, there does exist scientific evidence of some danger... but there also does 
exist evidence that there is no danger at all! So let's balance the whole..." The norms are lowered but kept above 
what cell phone operators need for the current systems. The fact in itself of making a balance between scientific 
evidence is nonsense. Either a study proves a given danger and it can be verified, or bust. But anyway, what are 
those studies that tend to prove that there would be no danger? Lots of them are simply payed for by the cell phone 
industry... Yet some are perfectly serious, for example those concluding that radiations within the norms will not 
heat the brain or the body abnormally. This is perfectly true. There is no problem of scientific fairness involved with 
these studies. But, is a bullet harmless because it only very slightly heats your bones? A more sophisticated 
approach is to pick out studies that have borderline conclusions: "there may be a problem but it is not clear..." The 
study will be assumed to conclude that there is no problem at all, while it just was an inconclusive experiment like 
many are in science. Powered by F O00webhast 


http://www.ericbrasseur.org/electrosmog_fm.html 4/15 


6/2/2018 


Fighting the pollution by public radio broadcast antennas 


(When I'm exposed, I tend to compulsively perform simple tasks. What if a study examines if being exposed 
hampers the ability to perform that kind of tasks?) 


Then, there is the problem that I'm going to make people sick. Indeed, electromagnetic hypersensitivity has a 
psychological component. Once people understand that they are victim to the radio waves and what symptoms the 
radio waves cause, they can overreact and become very sick when they start feeling the symptoms or just when they 
know there is a strong radiation force around. The radio waves induce a physiological stress, that hampers the 
proper functioning of the brain. When you add a psychological stress, due to the awareness of the problem, the 
summation of the two multiplies... Therapies for hypersensitive persons imply to dislearn them to overreact. Some 
friends of mine just refuse to start talking about electromagnetic sensitivity because they don't want to embark in the 
sickness. They do so with everything, meanwhile they eat very good food and have lots of pleasure in life. It 
works... with people with a strong health and a tad of selfishness. 


When you are in a cold wind and you feel a pain in the neck, you know it is due to the wind and you take cover. 
Almost nobody can do this with the symptoms of an exposition to strong radio waves. You feel tired, some brain 
fog, like 1f your head was in a clamp, a headache, or simply you make stupid errors... You will blame yourself or the 
location, possibly the noisy people around... while in fact you are mainly undergoing electromagnetic sensitivity. 
The home of a friend is strongly exposed. After about twenty minutes I can nor more find my words and speak 
correctly, unless I wrap my head in aluminum foil. There is a fair chance that a while ago, I would have blamed my 
friend for being annoying (he is) to the point of making me speechless. There also 1s a fair chance that my friend is 
annoying because he hangs in that electromagnetic pollution everyday. Since he lives there, he became an alcoholic, 
lost his job, manages to keep no girlfriend... (Everything I mention here can have other causes. Quite often, such 
causes just add up. For example, the person blaming the noisy people around, would maybe have felt nothing if the 
noisy people weren't there. Like you don't feel your bad knee when you carry no bag.) 


The impact of the electromagnetic pollution is severe. It is a far too heavy, and pointless, contribution to our 
burdens and losses. But how do you establish, scientifically, be it as an amateur, that there indeed is a problem? My 
initial approach can be an illustration of this. As my home is uninhabitable, I spend most of the day working in local 
libraries. I noticed that I could work quite well at some places and not at all at other places. Then I saw an article 
taped on a board, about the effects of cell phone and Wi-Fi radiations. Okay... I made a spreadsheet, with a row for 
each location and a note from 0 to 10 according to my ability to work there. Although I knew it was a weak 
approach, I then filled in each row the strength of the closest Wi-Fi router, as listed by my laptop. There was no 
correlation... but this proved not at all that the Wi-Fi was innocent. Weeks later I made a nonsensical but working 
little assembly that made the variability of the radio waves hearable. This time I got a correlation. Mild, but 
obvious. The ability to work is horizontally while the intensity of the radio signals is vertically: 
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It quickly became obvious that I was measuring no strong signal in the GHz bands. I had no doubt that there were 
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weak. The problem was with lower frequencies. I accused the fluorescent lamps for a while, till I finally understood 
that there was only one strong source, hitting me everywhere; those 100 MHz public radio broadcasts. The picture 
below shows the final correlation. Only one dot disagrees with the theory: 
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I was heavily disturbed by the radio waves, simply unable to work, long before I started puzzling on the subject. 
This is a strong proof that the matter 1s not just psychological. Reciprocally, once I understood the psychological 
component, I tried to use it positively, to counterbalance the effects of the electrosmog. I did get some results but I 
was never able to work correctly in the most exposed places. It is by no means "Just psychological". It is useless "to 
be willing to make a small effort". I did efforts that frightened other people. One thing that does clearly help is 
eating a lot of sugar (Organic jam on rice bread...) (by the way, is that why sugar dispensers are placed everywhere 
kids are supposed to think and learn, to counterbalance the effects of the nearby cell phone relay antennas?) Alcohol 
does also help and I'm afraid this 1s why people seem to become alcoholics in exposed habitations. 


Also, it does sometimes happen that I feel like undergoing strong radio waves but when I pop out my measuring 
device, I measure nothing serious. I have a natural tendency to be knocked-out... The radio waves are far out my 
heaviest problem but they are not always responsible. 


I started studying other sources of radio pollution. I had an obvious benefit of removing every power saving lamp in 
my home. I put ferrite cores on most power chords. On one power chord that I sometimes use to feed my laptop 
inside my shielded tent, I had to put ten ferrites till I felt no more direct effect. Something very interesting is that till 
then I had no problem when using my cell phone. You guessed correctly: I started having problems, to the point that 
I never more hold it against my ear. I always use an earplug linked to the cell phone by a wire with two ferrite cores. 
I suppose that since I started avoiding the exposure to strong radio waves (which significantly improved my life and 
ability to work), my brains are no more constantly knocked out. So they get knocked out if I hold my cell phone 
against my head. And I feel it. This is one more synergy between the public broadcasts emitters and the cell phone 
industry: one hides the other away. 'Want to prove that inhabitants close to a relay antenna are no worse than those 
further away? Do the experiment in a city that is strongly exposed to public broadcasts... 


So: buy a measuring tool or have a friend assemble one for you. And start comparing your problems and those of 
the people around you, with the level of electromagnetic pollution. If you can, make large-scale experiments with 
tens of persons, under advice of somebody with knowledge in statistics (to build an expressive statistic yet 
completely false, is *easy*). We need many such experiments, till 1t becomes unbearable for local interlocutors to 
negate the problem and not to dim the emissions. Step by step, we need to conquer our world back. Some 
enterprises and some countries have already set their norms at responsible levels. 


One very important parameter is the rate at which the problems build up and then disappear, when exposed. Some 
people claim that they instantly feel when their cell phone is going to ring. I never could vo this. A mena claims 
that his cat reacts when he is going to get a text message on his cell phone. I tried several tim: 
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behavior while making my cell phone emit close to him but I got nothing. So I suppose that the cat reacts to the tone 
of the cell phone and my friend brain-confuses the timing. (I don't pretend nobody can feel a text message arriving, 
I'm just saying that I never could verify.) What I'm sure about is that my problems need minutes to build up, most 
often some ten or twenty minutes, the problem possibly becoming really painful after an hour. Once the problem 
built up, it needs much more time to diminish, maybe four times more. I often had to sleep a whole night on it. One 
day I "burned" my brains by holding a very polluting power saving lamp about 3 decimeters away from my head. I 
only noticed the problem after half an hour. But then it was horrible, like if a flame had been sweeping inside my 
head. Really just like the ache of a burn wound. I had a strong nausea and headache, that calmed down only hours 
later. I identified a few persons whose problems are obviously due to the electromagnetic pollution, in all cases the 
same applies: it needs time to build up. This means you cannot simply walk in and out of an exposed zone and 
claim you feel no difference. Also, you cannot get into a safe zone and claim you feel no better. If you were already 
poisoned, you will stay that way a long while. The only sure approach is to stay really long in a safe zone, 
preferably spend the night there, then go working in a polluted area. Try to be aware of what happens to you. The 
next day go working in a safe zone and try to see the difference. (This is a goldmine to build inconclusive studies.) 


Everybody is sensitive to electromagnetic waves. The question is about the level of the sensibility. That's why 
people who get seriously sick with the current levels of exposition are called "hypersensitive". They are more 


sensitive than the average, sometimes with very painful and debilitating consequences. 


There 1s a whole ladder of symptoms. This is roughly the ladder for me, exposed to the 100 MHz FM broadcasts: 


head in a clamp, maybe difficulties to talk 
Tried it once for 2 hours, had to stay the whole next day in bed with an awful headache. 


The serious problems begin for me at 0.1 V/m. Yet I know some people that wouldn't be called hypersensitive and 
that get problems similar to mine at about 0.3 V/m. A friend spent with me the two hours under the 10 V/m 
radiation and claimed he endured no problem... but he made surprising errors on the way back. It is very difficult 
for me, in my city, to find locations where the force 1s around 0.01 V/m. Values between 0.1 and 0.3 are common. It 
is easy to find building with rooms reaching 1 V/m. The force is quite predictable, according to the location and the 
orientation of the building, how much it emerges out of other buildings... So, because many people are being 
affected and because the radiation is reasonably easy to measure or to estimate, making statistics linking common 
health problems with the level of exposition is quite doable. 


Hypersensitive persons would be 1% of the population. The need to protect this minority is enough to stop those 
powerful broadcasts from reaching the ground. I don't understand why I have to add that everybody is being 
harmed, be it to a lesser degree. I met official people whose job 1s to help hypersensitive persons. They've seen their 
pain and anguish by themselves... but they feel clueless as to how to stop the emissions. It's a very strange situation, 
when even the people close to the steer and convinced of a problem, can't do anything to stop it. 


It has been claimed that the hypersensitivity of some persons is caused by an accumulation of toxic metals or 
organic pollutants. In such cases, antioxidants can be of immediate help and detoxifications would greatly help. 
(Note that common medical analysis like looking for mercury and the like in samples of blood, urine or hair, will 
reveal nothing even under severe intoxication, because blood and hair renew constantly. Only a sudden intoxication 
can be revealed by such analysis. The toxics slowly accumulated in standing body cells like the brain... Best method 
seem to be to take a well-tuned quantity of chelating molecules and then perform an analysis of the blood or urine.) 


Cell phone and Wi-Fi radiations are different, for several reasons: they don't spread the same way in the body, they 
are pulsated and their frequency make they will not target the same macromolecules in the body. It would seem that 
you need 3 times more force of FM broadcast waves than cell phone or Wi-Fi waves, to have a same global 
impact... 


I was frightened when I understood that under those 2 V/m force of radiation, an electric current in the order of 1 

mA oscillates through the body. Such a current at a high frequency of 100 MHz will interact with the body quite 
differently than a DC or low frequency AC current. You cannot make direct comparisons... Anyway, 100 mA of DC 
current can be enough to kill a person by electrocution. 1 mA of low frequency current is enough to fee! the current 
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hormones by glands everywhere in the body? What if the person being exposed is a pregnant woman, with the baby 
just at the worst place in the flux of current? The length of an "antenna" matters much to allow it to build up 
current. Teenagers have the "optimal" length for 100 MHz radio waves... One thing I'm sure about is that 1f the 
government decided that from now on the school kids will be latched electrodes on the body and a current of 1 mA 
send through several hours a day, whatever the frequency, the parents will not accept. But this *is* happening, 
through radio waves, and I could feel the neuroleptic-like effect of it. (By the way, this implies that those 
experiments that show brains of rats destroyed by cell phones waves within the norms, apply only to a lesser degree 
to human brains, because of the difference in size. Rats are close to the optimal length to be harmed by cell phone 
waves... The optimal wavelength to dammage teenagers 1s that of those 100 MHz public broadcasts...) 


The radiations harm me more inside buildings than outside. I may get more sick under 0.2 V/m in a room than 
under 2 V/m directly exposed to an antenna. I don't know exactly why. Here are four possibilities: 


e The roofs atop buildings act like prisms and send the waves towards the inhabitants beneath. Radio waves 
coming from above would be more harmful than when coming from aside. 


e The radio waves resonate and echo inside the building and build up in metallic structures. This creates halos 
of proximity that will inject more power inside nearby living bodies. For example, while simply wrapping 
aluminum foil around my head, it is obvious that some designs of shielding will make me even more sick 
than using no aluminum at all. The same way, when some parts of the shielding of my tent wear off and stop 
to be conducting, I can get serious problems till I replace or complement the faulty area. 


e Buildings contain their own sources of electromagnetic pollution. They add their effects to those of the 
pollution from the outside... 


e Close to metallic structures, the electromagnetic field can become rotating. This because waves with 
equivalent strength come from different directions with different phase shifts. 


Again, the four possibilities mentioned above are potentially very suitable to build experiments that demonstrate 
there is no problem. Perform the experiment in an anechoic place with the waves coming from aside and no other 
radiation than the one from the experiment... Just the opposite from real world situations but you can claim to be 
serious at avoiding parasitic variables... 


If you want to find the FM emitters somewhere, fmscan.org is the reference I used till now. 


This is the schematic of the "snake": 


37,5 cm BAT G2 112,5 cm 


=Á LED 


BAT 62 


BAT62 detection diodes are no more produced. BAT15 diodes work fine but they wear out; after a few months they 
stop functioning. SMS7630 diodes are great but very little and mechanically fragile. MMSD701T1G diodes are 
sturdy and powerful; an excellent choice for a beginner. Such SMD diodes do also work for cell phone frequencies, 
which allows to test out a snake with a calling cell phone pushed against it. But any detection diodes that can 
manage 100 MHz will do. 


The LED I'm currently using is the L-7113SEC-H . It lights up with a low tension and a very low current (the bluer 
a LED, the more tension it needs). Its color 1s red yet close to orange hence it is easily seen by the human eye (the 
eye 1s most sensitive to green, yellow and orange). The beam is quite narrow so when the LED is directed towards 
somebody's eyes it will appear quite bright. 


For the lengths of 37.5 and 112.5 centimeters, any electric wire with two copper conductors will do. Audio signal 
wire is a practical solution. Use the shielding as one of the two conductors. The lengths of the two segments must 
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not be precise. What matters is that the total length of the snake be 1.5 meters. Do not hesitate to try o 
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longer or shorter snake gives better results. 


A schematic of my current probes, that I connect to a standard multimeter, measuring Volts DC. The measure 
displayed by the multimeter must be multiplied by 10. When using a 200.0 mV scale, just read while forgetting the 
dot: 


This 1s a picture of a device that tries to pack the whole in a neat gadget. The electronic circuit 1s a €7 digital Volts 
display with a scale of 200.0 mV. I soldered away the jumper that makes the dot be displayed. The antenna is only 7 
cm long, so an RMS value 1s displayed (for roughly steady radio waves). The whole cost about €12. Hold the 
antenna perpendicular to the direction the waves come from and try to hold the device away from conducting 
objects like your body or metallic objects. You cannot closely trust such simple device yet it is very handy and 
adequate to compare the radiation level in different places: 
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Those probes and device, quite easily allow to know the direction some 100 MHz radiation come from. Hold the 
thing at some decimeters from your body, roughly at the height of the belly. Your body and the device form a 
directional antenna... When the device is towards the emitter, it will display up to twice the value, while when it is 
hidden from the emitter by your body, the measure will be very low. 


If you measure something strong, yet by turning in different directions the device always shows approximately the 
same value, then you are probably undergoing low-frequency radio waves like short wave broadcasts. 


If the emitter 1s close, like a power saving lamp or a wrongly build power supply, converge towards it simply using 
the fact that the closer you get, the stronger the measure. 


Such measuring tools are handy to find out power chords and appliances that pollute, yet then the measure 
displayed doesn't mean much. Once you are really close to an emitter, the measuring device and the emitter interact 
and the power flowing through the measuring device can be tremendous even though the device is only weakly 
polluting. You are in the "halo of proximity" of the device... Best example is most quality laptops, which emit 
almost no radio waves. I never could notice a problem while using my laptop when it is plugged to nothing... Yet if 
I hold a measuring tool against the screen I get frightening data... A few decimeters further, where my head can be, 
the measuring tool tells there is nothing... So, the high figures close to the laptop indeed tell that strong currents 
flow through it, but competent people made things such that those currents harm nobody... 


If you want a global measure, away from the effects of your body, hold the device above your head. Or place it on 
some plastic or cardboard box and walk some distance away. 


The windows are a common entry point of radio waves and electric wires can be awfull ducts, yet in some cases I 
noticed that metallic structures unrelated with electricity, like the copper tubes of water heating radiators, were the 
main ducts of radio pollution towards a room. 


Below is a device I assembled to focus on 1.8 GHz cell phone radio waves. Close to the nearby cell phone relay 
antenna, in direct view of it, I could not measure much more than 0.1 V/m (pike value). While this is still too much, 
it is by no means comparable to the frightening 2 V/m intensity of the FM broadcasts. I also went measuring in 
places where people complain about problems similar to mine. They thought the reason was the nearby cell phone 
relay antennas. But I could measure no significant intensity of cell phone radio waves at all, while the force of the 
FM broadcasts was above 0.2 V/m... 
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After about a year experimenting, the most simple protection I could come up with against 100 MHz broadcasts 1s a 
headband of aluminum, much the shape and size of a sweatband. I hide it inside a bonnet. I have no idea as to how 
and why 1t helps, aside from the general fact that any conducting structure will change something to the propagation 
of high frequency currents. Don't make 1t too high, a 3 to 4 centimeters height is OK. To try this out, you can just 
fold in a circle a 1 meter long wrap of aluminum and compress it to a flattened ring that fits your head. If you intent 
to re-use it, then you must strengthen it with lengths of tape before (inside) and after (outside) the ring is 
constituted. Make sure the tape does not hamper a perfect electric contact all around the ring. This protection 1s not 
perfect but it really helps. 

When the field strength 1s above 0.1 V/m, I need a complementary vertical band in order to be able to work. 

This also 1s a cheap way to make statistics. Compare days with the headband to days without the headband. In order 
to be scientific, you must ask somebody else to put the headband inside your bonnet every morning, at random. 
Every morning, the other person writes down 1f there was a conducting headband inside the bonnet or not. Every 
evening, you write a comment down to how your day was (headache? brain fog? errors? doomed day?) Then after a 
while you compare the two. At worst, if you have to do it alone, buy two identical bonnets, push a plastic headband 
inside one and an aluminum headband inside the other, and spend each day without knowing which one you picked. 
At the end of the day, write your appreciation down before checking and writing down which bonnet you picked. 
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A friend who is a physician points out that in many administrations, be they public or private, the employees are 
being persecuted. (That often happens when the work done by the administration 1s mostly useless and only serves 
to justify the social position and the salaries of a few people.) A statistic about the health impact of radio waves in 
such administrations could be of few significance, because the people have all kinds of health problems due to the 
harassment. The addition to this by the radio waves may be comparatively negligible. (Yet another way to build a 
statistic that shows few or no impact of the radio waves: perform it in a place where people bow under 
humilations...) 


I was quite frightened to discover that the symptoms caused by radio waves, as I see them around me, are very close 
to those of "radiation poisoning". This 1s part of nuclear medicine. When a victim is exposed to a short and strong 
burst of radioactivity or any other ionizing radiation, its body will quickly react like if it had been poisoned. A 
"low" poisoning by radiations yields headaches, tiredness, difficulties to think... while stronger poisoning can lead 
to the person die in a few days like if it was heavily burn. The exposure to ionizing radiations is measured in 
"Gray". 1 Gy leads to a low poisoning. So I computed out how much energy a person gets from the local FM 
emitter, like the person I know that get sick at their desk. The result is 0.01 Gy for 8 hours of exposition, which is 
quite close. 


Radio waves can induce all the typical problems caused by that ionisinig radiations but the energy levels involved 
can be quite different. For example, ionizing radiations cause burns without increasing the temperature of the body, 
while radio waves can only burn if they are powerful enough to heat the body. Radio waves can induce cancer but 
again the energy required is ways higher, like spending ten years using a cell phone against the head, several hours a 
day. 


Body cells can be attacked by all kinds of means. Ionizing radiations lead to direct damage of the cell membrane. 
Radio waves disturb the molecular cell gates operate. The cell will always react the same way, as for poisoning: it 
will close the cell gates, to try to shun itself from the outside world and from the harm. This has many 
consequences. The cell is less able to fulfill its purpose inside the body. It uses resources to try to protect its internal 
parts. It will accumulate waste. That's why people get tired, less efficient or even sick. When the aggression made to 
the cell is deemed too strong, the cell will auto-destruct. That's the way radiations and chemicals can be used 
against cancer, making the cancer cell suicide. 


The cells can be helped to better recover from the state of shock. Also they can be made to go less likely into the 
state of shock. Medication and health advice can be helpful for this. 


A link has been proposed between autism and radio pollution. The growth of the human brain is very complex, with 
cells traveling from one side of the brain towards the other to find their place. This involves a tremendous amount 


of communication and coordination between the cells. What if those cells are too often put into a state of shock? 


These are two scientific publications about the link between autism and radio waves : 


http://www.ncbi.nlm.nih. gov/pubmed/16530334 


http://www.ncbi.nlm.nih.gov/pubmed/14962625 Powered by ¡2 OOOwebhast 
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6/2/2018 Fighting the pollution by public radio broadcast antennas 


Publications about how radio waves disturb cells : 


http: //www.ncb1.nlm.nih.gov/pubmed/10860806 


http: //www.ncb1.nlm.nih.gov/pubmed/12379225 


Links 


http://www.teslabel.be 
http://www.clag.be 
http://www.001.be.cx 
http://www.criirem.org 
http://www.next-up.org 
http://www.robindestoits.org 
http://www.beperkdestraling.org 
http://www.stopumts.nl 


A petition: www.petition-electrosmog.be 


Eric Brasseur - October 3 2009 till October 16 2015 
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è Discusses all types of radios and receivers 
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Introduction 


22 Radio Receiver Projects for the Evil Genius 
was created to inspire readers both young and old 
to build and enjoy radio and receiver projects, and 
perhaps propel interested experimenters into a 
career in radio, electronics or research. This book 
is for people who are interested in radio and 
electronics and those who enjoy building and 
experimenting as well as those who enjoy research. 


Radio encompasses many different avenues for 
enthusiasts to explore, from simple crystal radios to 
sophisticated radio telescopes. This book is an 
attempt to show electronics and radio enthusiasts that 
there is a whole new world “out there” to explore. 


Chapter | will present the history and 
background and elements of radio, such as 
modulation techniques, etc. Chapter 2 will help the 
newcomers to electronics, identifying components 
and how to look and understand schematics vs. 
pictorial diagrams. Next, Chapter 3 will show the 
readers how to install electronic components onto 
circuit boards and how to correctly solder before 
embarking on their new radio building adventure. 


We will start our adventure with the simple 
“lowly” crystal radio in Chapter 4. Generally 
crystal radios are only thought of as simple AM 
radios which can only pickup local broadcast 
stations. But did you know that you can build 
crystal radios which can pickup long-distance 
stations as well as FM and shortwave broadcasts 
from around the world? You will learn how to 
build an AM, FM and shortwave crystal radio, in 
this chapter. 


In Chapter 5, you will learn how AM radio is 
broadcast, from a radio station to a receiver in your 
home, and how to build your own TRF or Tuned 
Radio Frequency AM radio receiver. In Chapter 6, 
we will discover how FM radio works and how to 
build an FM radio with an SCA output for 
commercial free radio broadcasts. 


Chapter 7 will present the exciting world of 
shortwave radio. Shortwave radio listening has a 
large following and encompasses an entire hobby 
in itself. You will be able to hear shortwave 
stations from around the world, including China, 
Russia, Italy, on your new shortwave broadcast 
receiver. Old time radio buffs will be interested in 
the single tube Doerle super-regenerative 
shortwave radio. 


If you are interested in a portable shortwave 
receiver that you could take on a camping trip, 
then you may want to construct the multi-band 
integrated circuit shortwave radio receiver 
described in Chapter 8. 


If you are interested in Amateur Radio or are 
thinking of learning Morse code or want to 
increase your code speed, you may want to 
consider building this 80 and 40-meter code 
receiver. This small lightweight portable receiver 
can be built in a small enclosure and taken on 
camping trips, etc. 


In Chapter 10, you will learn how to build and 
use a WWW time code receiver, which can be used 
to pick up time signal broadcast from the National 
Institute of Standards and Technology (NIST) or 
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National Atomic Time Clock in Boulder CO. Time 
signal broadcasts present geophysical and 
propagation forecasts as well as marine and sea 
conditions. They will also help you set the time on 
your best chronometer. 


With the VHF Public service receiver featured in 
Chapter 11, you will discover the high frequency 
“action bands” which cover the police, fire, taxis, 
highway departments and marine frequencies. You 
will be able to listen-in to all the exciting 
communications in your hometown. 


The 6-meter and 2-meter dual VHF Amateur 
Radio receiver in Chapter 12 will permit to 
discover the interesting hobby of Amateur Radio. 
The 6-meter and 2-meter ham radio bands are two 
of the most popular VHF bands for technician 
class licensees. You may discover that you might 
just want to get you own ham radio license and 
talk to ham radio operators through local VHF 
repeaters or to the rest of the world. 


Why not build an aircraft radio and listen-in to 
airline pilots talking from 747s to the control tower 
many miles away. You could also build the passive 
Air-band radio which you use to listen-in to your 
pilot during your own flight. Passive aircraft radios 
will not interfere with airborne radio so they are 
permitted on airplanes, without restriction. Check 
out these two receivers in Chapter 13. 


Chapter 14 will also show you how to build an 
induction communication system, which will allow 
you to broadcast a signal around home or office 
using a loop of wire, to a special induction 
receiver. The induction loop broadcast system is a 
great aid to the hearing impaired, since it can 
broadcast to hearing aids as well. 


The VLF, or “whistler” radio in Chapter 15, will 
pickup very very low frequency radio waves from 
around the world. You will be able to listen to low 
frequency beacon stations, submarine 
transmissions and “whistlers” or the radio waves 
created from electrical storms on the other side of 
the globe. This project is great for research 
projects where you can record and later analyze 


your results by feeding your recorded signal into a 
sound card running an FFT program. Use your 
computer to record and analyze these interesting 
signals. There are many free programs available 
over the Internet. An FFT audio analyzer program 
can display the audio spectrum and show you 
where the signals plot out in respect to frequency. 


If you are interested in weather, then you will 
appreciate the Lightening to Storm Receiver in 
Chapter 16, which will permit you to “see” the 
approaching storm berfore it actually arrives. This 
receiver will permit you to have advanced warning 
up to 50 miles or more away; it will warn you well 
in advance of an electrical storm, so you can 
disconnect any outdoor antennas. 


The Ambient Power Module receiver project 
illustrated in Chapter 17, will allow to you pickup 
a broad spectrum of radio waves which get 
converted to DC power, and which can be used to 
power low current circuits around your home or 
office. This is a great project for experimentation 
and research. You can use it to charge cell phones, 
emergency lights, etc. 


Our magnetometer project shown in Chapter 18 
can be used to see the diurnal or daily changes in 
the Earth’s magnetic field, and you can record the 
result to a data-logger or recording multi-meter. 


If you are an avid amateur radio operator or 
shortwave listener, you many want to build a SIDs 
receiver shown in Chapter 19. A SIDs receiver can 
be used to determine when radio signals and/or 
propagation is disturbed by solar storms. This 
receiver will quickly alert you to unfavorable radio 
conditions. You can collect the receiver to your 
personal computer’s sound card and use the data 
recorded to correlate radio propagation against 
storm conditions. 


The Aurora receiver project in Chapter 20 will 
alert you, with both sound and meter display, when 
the Earth’s magnetic increases just before an 
Aurora display is about to take place. UFO and 
Alien contact buffs can use this receiver to know 
when UFOs are close by. 


For those interested in more earthly research 
projects, why not build your own ULF or ultra low 
frequently receiver, shown in Chapter 21, which 
can be utilized for detecting low frequency wave 
generated by earthquakes and fault lines. With this 
receiver you will be able to conduct your own 
research projects on monitoring the pulse of the 
Earth. You can connect your ELF receiver to a 
data-logger and record the signals over time to 
correlate your research with that of others. 


You can explore the heavens by constructing 
your own radio telescope to monitor the radio 
signals generated from the planet Jupiter. This 
radio receiver, illustrated in Chapter 22, will pick 
up radio signals which indicate electrical and or 
magnetic storms on the Jovian planet. The Radio 
Jupiter receiver can be coupled to your personal 


computer, and can be used for a research project to 
record and analyze these radio storm signals. 


Why not construct your own weather satellite 
receiving station, shown in Chapter 23. This 
receiver will allow you to receive APT polar 
satellites broadcasting while passing overhead. You 
can display the satellite weather maps on the 
computer’s screen or save them later to show 
friends and relatives. 


Chapter 24 discusses different analog to digital 
converters which you can use to collect and record 
data from the different receiver projects. 


We hope you will find the 22 Radio Projects for 
the Evil Genius a fun and thought-provoking book, 
that will find a permanent place on your 
electronics or radio bookshelf. Enjoy! 
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Radio Background and History 


Electromagnetic energy encompasses an extremely wide 


frequency range. Radio frequency energy, both natural 
radio energy created by lightning and planetary storms 
as well as radio frequencies generated by man for 
communications, entertainment, radar, and television 
are the topic of this chapter. Radio frequency energy, 
or RF energy, covers the frequency range from the low 
end of the radio spectrum, around 10 to 25 kHz, which 
1s used by high-power Navy stations that communicate 
with submerged nuclear submarines, through the 
familiar AM broadcast band from 550 to 1600 kHz. 
Next on the radio frequency spectrum are the shortwave 
bands from 2000 kHz to 30,000 kHz. The next band of 
frequencies are the very high frequency television 
channels covering 54 to 216 MHz, through the very 
popular frequency modulation FM band from 88 to 

108 MHz. Following the FM broadcast band are aircraft 
frequencies on up through UHF television channels and 
then up through the radar frequency band of 1000 to 
1500 MHz, and extending through approximately 

300 gHz. See frequency spectrum chart in Figure 1-1. 
The radio frequency spectrum actually extends almost 
up to the lower limit of visible light frequencies. 


Radio history 


One of the more fascinating applications of electricity 1s 
in the generation of invisible ripples of energy called 
radio waves. Following Hans Oersted’s accidental 
discovery of electromagnetism, it was realized that 
electricity and magnetism were related to each other. 
When an electric current was passed through a conductor, 
a magnetic field was generated perpendicular to the axis 
of flow. Likewise, 1f a conductor was exposed to a 
change in magnetic flux perpendicular to the conductor, 
a voltage was produced along the length of that 
conductor. 


Joseph Henry, a Princeton University professor, and 
Michael Faraday, a British physicist, experimented 
separately with electromagnets in the early 1800s. They 
each arrived at the same observation: the theory that a 
current in one wire can produce a current in another 
wire, even at a distance. This phenomenon is called 
electromagnetic induction, or just induction. That is, 
one wire carrying a current induces a current in a 
second wire. So far, scientists knew that electricity 
and magnetism always seemed to affect each other at 
right angles. However, a major discovery lay hidden 
just beneath this seemingly simple concept of related 
perpendicularity, and its unveiling was one of the 


pivotal moments in modern science. 


The man responsible for the next conceptual 
revolution was the Scottish physicist James Clerk 
Maxwell (1831-1879), who “unified” the study of 
electricity and magnetism in four relatively tidy 
equations. In essence, what he discovered was that 
electric and magnetic fields were intrinsically related 
to one another, with or without the presence of a 
conductive path for electrons to flow. Stated more 
formally, Maxwell’s discovery was this: a changing 
electric field produces a perpendicular magnetic field, 
and a changing magnetic field produces a perpendicular 
electric field. All of this can take place in open space, 
the alternating electric and magnetic fields supporting 
each other as they travel through space at the speed of 
light. This dynamic structure of electric and magnetic 
fields propagating through space is better known as an 


electromagnetic wave. 


Later, Heinrich Hertz, a German physicist, who 1s 
honored by our replacing the expression “cycles per 
second” with hertz (Hz), proved Maxwell’s theory 
between the years 1886 and 1888. Shortly after that, in 
1892, Eouard Branly, a French physicist, invented a 
device that could receive radio waves (as we know them 
today) and could cause them to ring an electric bell. 
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Figure 1-1 Electromagnetic spectrum 


Note that at the time all the research being conducted in 
what was to become radio and later radio-electronics, 
was done by physicists. 


In 1895, the father of modem radio, Guglielmo 
Marconi, of Italy, put all this together and developed 
the first wireless telegraph and was the first to 
commercially put radio into ships. The wire telegraph 
had already been in commercial use for a number of 
years in Europe. The potential of radio was finally 
realized through one of the most memorable events 
in history. With the sinking of the Titanic in 1912, 
communications between operators on the sinking 
ship and nearby vessels, and communications to shore 
stations listing the survivors brought radio to the public 
in a big way. 


AM radio broadcasting began on November 2, 1920. 
Four pioneers: announcer Leo Rosenberg, engineer 
William Thomas, telephone line operator John Frazier 
and standby R.S. McClelland, made their way to a 
makeshift studio—actually a shack atop the Westinghouse 
“K” Building in East Pittsburgh—flipped a switch and 
began reporting election returns in the Harding vs. Cox 
Presidential race. At that moment, KDKA became the 
pioneer broadcasting station of the world. 


Radio spread like wildfire to the homes of everyone 
in America in the 1920s. In a few short years, over 
75 manufacturers began selling radio sets. Fledgling 
manufacturers literally came out of garages over-night. 
Many young radio enthusiasts rushed out to buy parts 
and radio kits which soon became available. 
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Radio experimenters discovered that an amplitude- 
modulated wave consists of a carrier and two identical 
sidebands which are both above and below the carrier 
wave. The Navy conducted experiments in which they 
attempted to pass one sideband and attenuate the 
other. These experiments indicated that one sideband 
contained all the necessary information for voice 
transmission, and these discoveries paved the way for 
development of the concept of single-sideband or SSB 


transmission and reception. 


In 1923, a patent was granted to John R. Carson on 
his idea to suppress the carrier and one sideband. 
In that year the first trans-Atlantic radio telephone 
demonstration used SSB with pilot carrier on a 
frequency of 52 kc. Single sideband was used because of 
limited power capacity of the equipment and the narrow 
bandwidths of efficient antennas for those frequencies. 
By 1927, trans-Atlantic SSB radiotelephony was open 
for public service. In the following years, the use of SSB 
was limited to low-frequency and wire applications. 
Early developments in FM transmission suggested that 
this new mode might prove to be the ultimate in voice 
communication. The resulting slow development of SSB 
technology precluded practical SSB transmission and 
reception at high frequencies. Amateur radio SSB 
activity followed very much the same pattern. It wasn’t 
until 1948 that amateurs began seriously experimenting 
with SSB, likely delayed by the wartime blackouts. 

The breakthroughs in the war years, and those 


following the war, were important to the development of 
HF-SSB communication. Continued advances in 


technology made SSB the dominant mode of HF radio 
communication. 


The radio-frequency spectrum, once thought to be 
adequate for all needs, has become very crowded. 
As the world’s technical sophistication progresses, 
the requirements for rapid and dependable radio 
communications increase. The competition for available 
radio spectrum space has increased dramatically. 
Research and development in modern radio systems has 
moved to digital compression and narrow bandwidth 
with highly developed modulation schemes and satellite 


transmission. 


The inventor most responsible for the modern day 
advances in radio systems was Edwin H. Armstrong. 
He was responsible for the Regenerative circuit in 1912, 
the Superheterodyne radio circuit in 1918, the 
Superregenerative radio circuit design in 1922 and 
the complete FM radio system in 1933. His inventions 
and developments form the backbone of radio 
communications as we know it today. The majority of 
all radio sets sold are FM radios, all microwave relay 
links are FM, and FM is the accepted system in all 
space communications. Unfortunately, Armstrong 
committed suicide while still embittered in patent 
lawsuits: later vindicated, his widow received a windfall. 


Sony introduced their first transistorized radio in 
1960, small enough to fit in a vest pocket, and able to 
be powered by a small battery. It was durable, because 
there were no tubes to burn out. Over the next 20 years, 
transistors displaced tubes almost completely except for 
very high power, or very high frequency, uses. In the 
1970s; LORAN became the standard for radio navigation 
system, and soon, the US Navy experimented with 
satellite navigation. Then in 1987, the GPS constellation 
of satellites was launched and navigation by radio in the 
sky had a new dimension. Amateur radio operators began 
experimenting with digital techniques and started to send 
pictures, faxes and teletype via the personal computer 
through radio. By the late 1990s, digital transmissions 
began to be applied to radio broadcasting. 


Types of radio Waves 


There are many kinds of natural radiative energy 
composed of electromagnetic waves. Even light is 
electromagnetic in nature. So are shortwaves, X-rays 


and “gamma” ray radiation. The only difference 
between these kinds of electromagnetic radiation is the 
frequency of their oscillation (alternation of the electric 
and magnetic fields back and forth in polarity). 

By using a source of AC voltage and a device called 


an antenna, we can create electromagnetic waves. 


It was discovered that high frequency electromagnetic 
currents in an antenna wire, which in turn result in a 
high frequency electromagnetic field around the 
antenna, will result in electromagnetic radiation 
which will move away from the antenna into free 
space at the velocity of light, which is approximately 
300,000,000 meters per second. 


In radio transmission, a radiating antenna is used 
to convert a time-varying electric current into an 
electromagnetic wave, which freely propagates through 
a nonconducting medium such as air or space. 
An antenna is nothing more than a device built to 
produce a dispersing electric or magnetic field. 
An electromagnetic wave, with its electric and magnetic 
components, is shown in Figure 1-2. 


When attached to a source of radio frequency signal 
generator, or transmitter, an antenna acts as a transmitting 
device, converting AC voltage and current into 
electromagnetic wave energy. Antennas also have the 
ability to intercept electromagnetic waves and convert 
their energy into AC voltage and current. In this mode, 


an antenna acts as a receiving device. 


Radio frequencies 
spectrum 


Radio frequency energy is generated by man for 


communications, entertainment, radar, television, 
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Figure l-2 Magnetic vs. electric wave 


navigation, etc. This radio frequency or (RF) energy 
covers quite a large range of radio frequencies from the 
low end of the radio spectrum from 10 to 25 kHz, which 
1s the domain occupied by the high-power Navy stations 
that communicate with submerged nuclear submarines: 
these frequencies are called Very Low Frequency waves 
or VLF. Above the VLF frequencies are the medium 
wave frequencies or (MW), 1.e. the AM radio broadcast 
band from 350 to 1600 kHz. The shortwave bands or 
High Frequency or (HF) bands cover from 2000 kHz to 
30,000 kHz and make use of multiple reflections from 
the ionosphere which surrounds the Earth, in order to 
propagate the signals to all parts of the Earth. The Very 
High Frequencies or VHF bands begin around 30 MHz; 
these lower VHF frequencies are called low-band VHF. 
Mid-band VHF frequencies begin around 50 MHz 
which cover the lowest TV channel 2. Low-band 
television channels 2 through 13 cover the 54 to 216 MHz 
range. The popular frequency modulation or (FM) 
broadcast band covers the range from 88 to 108 MHz, 
which is followed by low-band Air-band frequencies 
from 118 to 136 MHz. High-band VHF frequencies 
around 144 are reserved for amateur radio, public service 
around 150 MHz, with marine frequencies around 

156 MHz. UHF frequencies begin around 300 MHz 
and go up through the radar frequency band of 1000 to 
1500 MHz, and extending through approximately 

300 gHz. Television channels 14 through 70 are placed 
between 470 and 800 MHz. American cell phone 
carriers have cell phone communications around 

850 MHz. Geosynchronous weather satellites signals 
are placed around 1.6 GHz, and PCS phone devices 

are centered around 1.8 GHz. The Super-high frequency 
(SHF) bands range from 3 to 30 GHz, with C-band 
microwave frequencies around 3.8 GHz, then X-band, 
from 7.25 to 8.4 GHz, followed by the KA and 
KU-band microwave bands. 

Table 1-1 illustrates the division of radio frequencies. 
The radio frequency spectrum extends almost up to the 
lower limit of visible light frequencies, with just the 
infrared frequencies lying in between it and visible light. 
The radio frequency spectrum is a finite resource which 
must be used and shared with many people and agencies 
around the world, so cooperation is very important. 

So how does a radio work? As previously mentioned, 
radio waves are part of a general class of waves known 
as electromagnetic waves. In essence, they are electrical 
and magnetic energy which travels through space in the 


form of a wave. They are different from sound waves 
(which are pressure waves that travel through air or 
water, as an example) or ocean waves (similar to sound 
waves in water, but much lower in frequency and are 
much larger). The wave part is similar, but the energy 


involved is electrical and magnetic, not mechanical. 


Electromagnetic waves show up as many things. 
At certain frequencies, they show up as radio waves. 
At much higher frequencies, we call them infrared light. 
Still higher frequencies make up the spectrum known as 
visible light. This goes on up into ultraviolet light, and 
X-rays, things that radio engineers rarely have to worry 
about. For our discussions, we’ll leave light to the 
physicists, and concentrate on radio waves. 


Radio waves have two important characteristics that 
change. One is the amplitude, or strength of the wave. 
This is similar to how high the waves are coming into 
shore from the ocean. The bigger wave has a higher 
amplitude. The other thing 1s frequency. Frequency is 
how often the wave occurs at any point. The faster the 
wave repeats itself, the higher the frequency. Frequency 
is measured by the number of times in a second that the 
wave repeats itself. Old timers remember when frequency 
was described in units of cycles per second. In more 
recent times we have taken to using the simplified term 
of hertz (named after the guy who discovered radio 
waves). Metric prefixes are often used, so that 1000 hertz 
is a kilohertz, one million hertz is a megahertz, and so on. 


A typical radio transmitter, for example, takes an 
audio input signal, such as voice or music and amplifies 
it. The amplified audio is in turn sent to a modulator 
and an RF exciter which comprises the radio frequency 
transmitter. The exciter in the transmitter generates a 
main carrier wave. The RF signal from the exciter is 
further amplified by a power amplifier and then the RF 
signal is sent out to an antenna which radiates the signal 
into the sky and out into the ionosphere. Depending 
upon the type of transmitter used the modulation 
technique can be either AM, FM, SSB signal sideband, 
CW, or digital modulation, etc. 


AM modulation 


Amplitude modulation (AM) is a technique used in 
electronic communication, most commonly for 
transmitting information via a carrier wave wirelessly. 


Table 1-1 
Radio frequency spectrum chart 


Frequency range 


Extremely Low Frequency (ELF) 0 to 3 kHz 
Very Low Frequency (VLE) 3 kHz to 30 kHz 
Radio Navigation & maritime/aeronautical mobile 9 kHz to 540 kHz 
Low Frequency (LF) 30 kHz to 300 kHz 
Medium Frequency (MF) 300 kHz to 3000 kHz 
AM Radio Broadcast 540 kHz to 1630 kHz 
Travellers Information Service 1610 kHz 

High Frequency (HF) 3 MHz to 30 MHz 
Shortwave Broadcast Radio 5.95 MHz to 26.1 MHz 
Very High Frequency (VHF) 30 MHz to 300 MHz 
Low Band: TV Band 1 - Channels 2-6 54 MHz to 88 MHz 
Mid Band: FM Radio Broadcast 88 MHz to 174 MHz 
High Band: TV Band 2 - Channels 7-13 174 MHz to 216 MHz 
Super Band (mobile/fixed radio & TV) 216 MHz to 600 MHz 
Ultra-High Frequency (UHF) 300 MHz to 3000 MHz 
Channels 14-70 470 MHz to 806 MHz 
L-band: 500 MHz to 1500 MHz 
Personal Communications Services (PCS) 1850 MHz to 1990 MHz 
Unlicensed PCS Devices 1910 MHz to 1930 MHz 
Superhigh Frequencies (SHF) 

(Microwave) 3 GHz to 30.0 GHz 
C-band 3600 MHz to 7025 MHz 
X-band 7.25 GHz to 8.4 GHz 
Ku-band 10.7 GHz to 14.5 GHz 
Ka-band 17.3 GHz to 31.0 GHz 
Extremely High Frequencies (EHF) 

(Millimeter Wave Signals) 30.0 GHz to 300 GHz 
Additional Fixed Satellite 38.6 GHz to 275 GHz 
Infrared Radiation 300 GHz to 430 THz 
Visible Light 430 THz to 750 THz 
Ultraviolet Radiation 1.62 PHz to 30 PHz 
X-Rays 0.30 PHz to 30 EHz 
Gamma Rays 0.30 EHz to 3000 EHz 


It works by varying the strength of the transmitted radio transmissions, and remains in use by some forms 


signal in relation to the information being sent. of radio communication—“AM” is often used to refer 
to the medium-wave broadcast band (see AM 


Radio—Chapter 5). 


In the mid-1870s, a form of amplitude modulation 
was the first method to successfully produce quality 
audio over telephone lines. Beginning in the early Amplitude modulation (AM) is a type of modulation 


1900s, it was also the original method used for audio technique used in communication. It works by varying 
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Figure l-3 Amplitude modulation waveform 


the strength of the transmitted signal in relation to the 
information being sent, for example, changes in the 
signal strength can be used to reflect sounds being 
reproduced in the speaker. This type of modulation 
technique creates two sidebands with the carrier wave 
signal placed in the center between the two sidebands. 
The transmission bandwidth of AM is twice the signal’s 
original (baseband) bandwidth—since both the positive 
and negative sidebands are ‘copied’ up to the carrier 
frequency, but only the positive sideband is present 
originally. See Figure 1-3. Thus, double-sideband AM 
(DSB-AM) is spectrally inefficient. The power 
consumption of AM reveals that DSB-AM with its 
carrier has an efficiency of about 33% which is too 
efficient. The benefit of this system is that receivers are 
cheaper to produce. The forms of AM with suppressed 
carriers are found to be 100% power efficient, since no 
power is wasted on the carrier signal which conveys no 
information. Amplitude modulation is used primarily in 
the medium wave band or AM radio band which covers 
520 to 1710 kHz. AM modulation is also used by 
shortwave broadcasters in the SW bands from between 
5 MHz and 24 MHz, and in the aircraft band which 
covers 188 to 136 MHz. 


FM modulation 


Frequency modulation (FM) is a form of modulation 
which represents information as variations in the 
instantaneous frequency of a carrier wave. Contrast this 
with amplitude modulation, in which the amplitude 


of the carrier is varied while its frequency remains 
constant. In analog applications, the carrier frequency is 
varied in direct proportion to changes in the amplitude 
of an input signal. Digital data can be represented by 
shifting the carrier frequency among a set of discrete 
values, a technique known as frequency-shift keying. 
The diagram in Figure 1-4, illustrates the FM modulation 
scheme, the RF frequency is varied with the sound input 
rather than the amplitude. 


FM is commonly used at VHF radio frequencies 
for high-fidelity broadcasts of music and speech, 
as in FM broadcasting. Normal (analog) TV sound is 
also broadcast using FM. A narrowband form is used 
for voice communications in commercial and amateur 
radio settings. The type of FM used in broadcast is 
generally called wide-FM, or W-FM. In two-way radio, 
narrowband narrow-FM (N-FM) is used to conserve 
bandwidth. In addition, it is used to send signals 
into space. 


Wideband FM (W-FM) requires a wider bandwidth 
than amplitude modulation by an equivalent modulating 
signal, but this also makes the signal more robust against 
noise and interference. Frequency modulation is also 
more robust against simple signal amplitude fading 
phenomena. As a result, FM was chosen as the 
modulation standard for high frequency, high fidelity 
radio transmission: hence the term “FM radio.” 

FM broadcasting uses a well-known part of the VHF 
band between 88 and 108 MHz in the USA. 


FM receivers inherently exhibit a phenomenon 
called capture, where the tuner is able to clearly 
receive the stronger of two stations being broadcast on 
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Figure 1-4 FM modulation waveform 


the same frequency. Problematically, however, 
frequency drift or lack of selectivity may cause one 
station or signal to be suddenly overtaken by another 
on an adjacent channel. Frequency drift typically 
constituted a problem on very old or inexpensive 
receivers, while inadequate selectivity may plague 

any tuner. Frequency modulation is used on the FM 
broadcast band between 88 and 108 MHz as well as in 
the VHF and UHF bands for both public service and 
amateur radio operators. 


Single sideband (SSB) 
modulation 


Single sideband modulation (SSB) is a refinement upon 
amplitude modulation, which was designed to be more 
efficient in its use of electrical power and spectrum 
bandwidth. Single sideband modulation avoids this 
bandwidth doubling, and the power wasted on a carrier, 
but the cost of some added complexity. 


The balanced modulator is the most popular method 
of producing a single sideband modulated signal. The 
balanced modulator provides the “sidebands” of energy 
that exist on either side of the carrier frequency but 
eliminates the RF carrier, see Figure 1-5. The carrier is 


removed because it is the sidebands that provide the 
actual meaningful content of material, within the 
modulation envelope. In order to make SSB even more 
efficient, one of these two sidebands is removed by a 
bandpass. So the intelligence is preserved with SSB 
and it becomes a more efficient use of radio spectrum 
energy. It provides almost 9 Decibels (dBs) of signal 
gain over an amplitude modulated signal that includes 
an RF “carrier” of the same power level! As the final 
RF amplification is now concentrated in a single 
sideband, the effective power output is greater than in 
normal AM (the carrier and redundant sideband 
account for well over half of the power output of 

an AM transmitter). Though SSB uses substantially 
less bandwidth and power, it cannot be demodulated 
by a simple envelope detector like standard AM. 


SSB was pioneered by telephone companies in the 
1930s for use over long-distance lines, as part of a 
technique known as frequency-division multiplexing 
(FDM). This enabled many voice channels to be sent 
down a single physical circuit. The use of SSB meant 
that the channels could be spaced (usually) just 4000 Hz 
apart, while offering a speech bandwidth of nominally 
300-3400 Hz. Amateur radio operators began to 
experiment with the method seriously after World War II. 
It has become a de facto standard for long-distance 


voice radio transmissions since then. 
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Figure 1-5 Single sideband modulation waveform 


Single Sideband Suppressed Carrier (SSB-SC) 
modulation was the basis for all long-distance telephone 
communications up until the last decade. It was 
called “L carrier.” It consisted of groups of telephone 
conversations modulated on upper and/or lower 
sidebands of contiguous suppressed carriers. The 
groupings and sideband orientations (USB, LSB) 
supported hundreds and thousands of individual 
telephone conversations. Single sideband communications 
are used by amateur radio operators and government, 
and utility stations primarily in the shortwave bands for 
long-distance communications. 


Shortwave radio 


Shortwave radio operates between the frequencies of 
1.80 MHz and 30 MHz and came to be referred to as 
such in the early days of radio because the wavelengths 
associated with this frequency range were shorter than 
those commonly in use at that time. An alternate name is 
HF or high frequency radio. Short wavelengths are 
associated with high frequencies because there is an 
inverse relationship between frequency and wavelength. 
Shortwave frequencies are capable of reaching the other 
side of the Earth, because these waves can be refracted by 
the ionosphere, by a phenomenon known as Skywave 
propagation. High-frequency propagation is dependent upon 
a number of different factors, such as season of the year, 
solar conditions, including the number of sunspots, solar 
flares, and overall solar activity. Solar flares can prevent the 
ionosphere from reflecting or refracting radio waves. 


Another factor which determines radio propagation is 
the time of the day; this is due to a particular transient 
atmosphere ionized layer forming only during day when 
atoms are broken up into ions by sun photons. This layer 
is responsible for partial or total absorption of particular 
frequencies. During the day, higher shortwave frequencies 
(1.e., above 10 MHz) can travel longer distances than 
lower ones; at night, this property is reversed. 


Different types of modulation techniques are used on 
the shortwave frequencies in addition to AM and FM. 
AM, amplitude modulation, is generally used for 
shortwave broadcasting, and some aeronautical 
communications, while Narrow-band frequency 
modulation (NFM) is used at the higher HF frequencies. 
Single sideband or (SSB), is used for long-range 
communications by ships and aircraft, for voice 
transmissions by amateur radio operators. CW, 
Continuous Carrier Wave or (CW), is used for Morse 
code communications. Various other types of digital 
communications such as radioteletype, fax, digital, 
SSTV and other systems require special hardware and 
software to decode. A new broadcasting technique 
called Digital Radio Mondiale or (DRM) is a digital 
modulation scheme used on bands below 30 MHz. 


Shortwave listening 


Many hobbyists listen to shortwave broadcasters and for 
some listeners the goal is to hear as many stations from 
as many countries as possible (DXing); others listen to 
specialized shortwave utility, or “UTE,” transmissions 


such as maritime, naval, aviation, or military signals. 
Others focus on intelligence signals. Many, though, 
tune the shortwave bands for the program content of 
shortwave broadcast stations, aimed to a general 
audience (such as the Voice of America, BBC World 
Service, Radio Australia, etc.). Some even listen to 
two-way communications by amateur radio operators. 
Nowadays, as the Internet evolves, the hobbyist can 
listen to shortwave signals via remotely controlled 
shortwave receivers around the world, even without 
owning a shortwave radio (see for example 
http://www.dxtuners.com). Alternatively, many 
international broadcasters (such as the BBC) offer live 
streaming audio on their web-sites. Table 1-2, lists some 
of the popular shortwave broadcast bands. 


Shortwave listeners, or SWLs, can obtain QSL cards 
from broadcasters, utility stations or amateur radio 
operators as trophies of the hobby. Some stations 
even give out special certificates, pennants, stickers 
and other tokens and promotional materials to 
shortwave listeners. 


Major users of the shortwave radio bands include 
domestic broadcasting in countries with a widely 
dispersed population with few long-wave, medium-wave, 
or FM stations serving them. International broadcasting 
stations beamed radio broadcasts to foreign audiences. 


Table 1-2 
Shortwave broadcast chart 

Megahertz 
Bano Band (MHz) Kilohertz (KHz) 
120 Meter 2.3-2.5 MHz 2300-2500 KHz 
90 Meter 3.2-3.40 MHZ 3200-3400 KHz 
75 Meter 3.90-4.00 MHZ 3900-4000 KHz 
60 Meter 4.750-5.060 MHz 4750-5060 KHz 
49 Meter 5.950-6.20 MHz 5950-6200 KHz 
41 Meter 7.10-7.60 MHz 7100-7600 KHz 
31 Meter 9.20-9.90 MHz 9500-9900 KHz 
25 Meter 11.60-12.200 MHz 11600-12200 KHz 
22 Meter 13.570-13.870 MHZ 13570-13870 KHz 
19 Meter 15.10-15.800 MHz 15100-15800 KHz 
16 Meter 17.480-17.900 MHz 17480-17900 KHz 
13 Meter 21.450-21.850 MHz 21450-21850 KHz 
11 Meter 25.60-26.100 MHz 25600-26100 KHz 


Speciality political, religious, and conspiracy 

theory radio networks, individual commercial and 
non-commercial paid broadcasts for the north American 
and other markets. Utility stations transmitting 
messages not intended for a general public, such as 
aircraft flying between continents, encoded or ciphered 
diplomatic messages, weather reporting, or ships at 

sea. Amateur radio operators have rights to use many 
frequencies in the shortwave bands; you can hear their 
communications using different modulation techniques 
and even obtain a license to communicate in these 
bands yourself. Contact the Amateur Radio Relay 
League for more information. Table 1-3 illustrates the 
amateur radio frequencies and how they are divided 
between the different license classes. On the shortwave 
band you will also encounter time signal stations and 
number stations, thought to be spy stations operating on 
the shortwave bands. 


Types of receivers 


A radio signal is transmitted through the ionosphere 
and is picked up by the antenna in your radio receiver. 
The antenna is fed to an RF amplifier and usually an 
intermediate amplifier or IF amplifier and then on to a 
detector of some sort depending upon the type of 
receiver you are using. From the detector, the resultant 
audio signal is amplified and sent to a loudspeaker for 
listening. Figure 1-6 illustrates a block diagram of a 
typical AM radio receiver. The antenna is sent to the RF 
amplifier. The mixer is fed by both the local oscillator 
and the RF amplifier. The signal from the mixer is sent 
to a bandpass filter and then on to the first IF amplifier. 
The first IF amplifier is next sent to the detector and 
then on to the final audio amplifier stage which drives 
the speaker. The illustration depicted in Figure 1-7 
shows a typical FM receiver block diagram. The antenna 
feeds the RF amplifier stage. Both the RF amplifier and 
local oscillator are fed into the mixer. The signal from 
the mixer is next sent to the IF amplifier stage. From 
the IF amplifier stage the signal is next sent to the FM 
demodulator section, which feeds the signal to the 
voltage amplifier and then the signal is fed to the final 
audio amplifier stage and on to the speaker. Note the 
feedback path between, 1.e. the AGC or automatic 
frequency control from the FM demodulator back to 


Table 1-3 
US amateur radio bands 


SSS5S55555 EE 


1800 1900 2000 kHz 


Amateur stations operating at 1900-2000 kHz must not cause 
harmful interference to the radiolocation service and are 
afforded no protection from radiolocation operations. 


80 Meters 
3675 3725 
3525 3850 
N,P* 
3775 
G 
A 
E 
3500 3750 4000 kHz 


60 Meters 


General, Advanced and Amateur Extra licensees may use the following 
five channels on a secondary basis with a maximum effective radiated 
power of 50 W PEP relative to a half wave dipole. Only upper sideband 
suppressed carrier voice transmissions may be used.The frequencies 
are 5330.5, 5345.5, 5355.5, 5371.5 and 5403.5kHz. The occupied 
bandwidth is limited to 2.8kHz centered on 5332, 5345, 5355, 5373 
and 5405 kHz respectively. 


40 Meters 
7100 7150 
7025 7225 N,P* 
G t 
PAU 
E t 
7000 7150 7300 kHz 


— 


Phone and image modes are permitted between 7075 and 7100 kHz 

for FCC licensed stations in ITU Regions 1 and 3 and by FCC 

licensed stations in ITU Region 2 West of 130 degrees West 

longitude or South of 20 degrees North latitude. See sections 97.305 (c) 

and 97.307 (f)(11). Novice and Technician Plus licensees outside ITU Region 
2 may use CW only between 7050 and 7075 kHz. See Section 97.301(e). 
These exemptions do not apply to stations in the continental US. 


30 Meters 


10,100 10,150 kHz 
Maximum power on 30 meters is 200 watts PEP output. 
Amateurs must avoid interference to the fixed service outside the US. 


20 Meters 
14,025 14,150 14,225 
14,175 G 
A 
E 
14,000 14,150 14,350 kHz 
17 Meters 
| A E 
18,068 18,110 18,168 kHz 
15 Meters 
21,100 21,200 
21,025 N,P* 
G 
A 
E 
21,000 21,200 21,450 kHz 


the local oscillator. Finally, the shortwave radio block 
diagram is illustrated in the diagram in Figure 1-8. The 
antenna line is fed to the RF amplifier section. Both the 
local oscillator and the RF amplifier are fed to a filter 
section, which is in turn sent to the IF amplifier section. 
The output signal from the IF amplifier section is next 
sent to the product detector. A BFO or beat frequency 
oscillator signal is sent to the product detector, this is 
what permits SSB reception. The signal from the 
product detector is next sent to the audio amplifier and 


Novice, Advanced and Technician Plus Allocations 


New Novice, Advanced and Technician Plus licenses are no longer being issued, but existing Novice, 
Technician Plus and Advanced class licenses are unchanged. Amateurs can continue to renew these 
licenses. Technician who pass the 5 wpm Morse code exam after that date have Technician Plus 
privileges, although their license says Technician. They must retain the 5 wpm Certificate of Successful 
Completion of Examination (CSCE) as proof. The CSCE is valid indefinitely for operating authorization, 


but is valid only for 365 days for upgrade credit. 


12 Meters 
24,890 24,930 24,990 kHz. 
28,100 28,500 10 Meters 
N,P* 
E,A,G 
28,000 28,300 29.700 kHz. 


Novices and Technician Plus Licensees are limited to 
200 watts PEP output on 10 meters. 


Sö 6 Meters 
PA) E,AGRT 
50.0 54.0 MHz. 
144.1 2 Meters 
144.0 145.0 MHz. 


1.25 Meters *** 


Po GPT NY 


222.0 225.0 MHz. 
Novices are limitted to 25 watts PEP output from 222 to 
225 MHz. 


70 Centimeters ** 


420.0 450.0 MHz. 


33 Centimeters ** 


A 5d 


902.0 928.0 MHz. 


23 Centimeters ** 


1270 1295 
N 
E,A,G,P,T* 
1240 1300 MHz. 
Novices are limited to 5 watts PEP output from 1270 to 


1295 MHz. 


we will not discuss here. 


projects. 


US AMATEUR POWER LIMITS 


At all times, transmitter power 
should be kept down to that 
necessary to carry out the 
desired communications. Power 
is rated in watts PEP output. 
Unless otherwise stated, the 
maximum power output is1500 W. 
Power for all license classes 

is limited to 200 W in the 10,100- 
10,150 kHz band and in all 
Novice subbands below 28,100kHz. 
Novices and Technicians are 
restricted to 200 W in the 
28,100-28,500 kHz subbands. In 
addition, Novices are restricted to 
25 W in the 222-225 MHz band 
and 5 W in the 1270-1295 MHz 
subband. 


KEY 
C] = CW, RTTY and data 


C | = CW, RTTY, data MCW, 
test, phone and image 


B = Cv, phone and image 
ES = CW and SSB phone 


SI = CW, RTTY, data, phone 


and image 


ARA = CW only 


E = AMATEUR EXTRA 
A = ADVANCED 
G = GENERAL 
P = TECHNICIAN PLUS 
T = TECHNICIAN 
N = NOVICE 
“Technicians who have passed the 
5 wpm Morse code exam are 
indicated as "P". 


**Geographical and power restrictions 


apply to all bands with frequencies 
above 420 MHZ. 

See The ARRL FCC Rule Book for 
more information about your area. 


***219-220 MHz allocated to 


amateurs on a secondary basis for 
fixed digital message forwarding 
systems only and can be operated 
by all licensees except Novices. 


All licensees except Novices are 
authorized all modes on the 
following frequencies: 
2300-2310 MHz 

2390-2450 MHz 

3300-3500 MHz 

5650-5925 MHz 

10.0-10.5 GHz 

24.0-24.25 GHz 

47.0-47.2 GHz 

76.0-81.0 GHz 
122.225-123.0 GHz 
134-141 GHz 

241-250 GHz 

All above 275 GHz 


then on to the speaker. The receivers shown are the 
most common types of receivers. There are in fact 
many different variations in receiver designs including 


receivers made to receive special digital signals, which 


Next, we will move our discussion to identifying 
electronics components and reading schematics 
and learning how to solder before we forge 
ahead and begin building some fun radio receiver 
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Figure l-6 AM radio block diagram 
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Figure 1-7 FM radio block diagram 
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Figure 1-8 SSB shortwave receiver block diagram 


Identifying Components and 
Reading Schematics 


Identifying electronic 
components 


If you are a beginner to electronics or radio, you may 
want to take a few minutes to learn a little about 
identifying electronic components, reading schematics, 
and installing electronic components on a circuit board. 
You will also learn how to solder, in order to make 
long-lasting and reliable solder joints. 


Electronic circuits comprise electronic components 
such as resistors and capacitors, diodes, semiconductors 
and LEDs, etc. Each component has a specific purpose 
that it accomplishes in a particular circuit. In order to 
understand and construct electronic circuits it 1s 
necessary to be familiar with the different types of 
components, and how they are used. You should also 
know how to read resistor and capacitor color codes, 
recognize physical components and their representative 
diagrams and pin-outs. You will also want to know the 
difference between a schematic and a pictorial diagram. 
First, we will discuss the actual components and their 
functions and then move on to reading schematics, 
then we will help you to learn how to insert the 
components into the circuit board. In the next chapter 
we will discuss how to solder the components to the 
circuit board. 


The diagrams shown in Figures 2-1, 2-2 and 2-3 
illustrate many of the electronic components that we 
will be using in the projects presented in this book. 


Types of resistors 


Resistors are used to regulate the amount of current 
flowing in a circuit. The higher the resistor’s value or 
resistance, the less current flows and conversely a lower 
resistor value will permit more current to flow in a 
circuit. Resistors are measured in ohms (Q) and are 
identified by color bands on the resistor body. The first 
band at one end is the resistor’s first digit, the second 
color band is the resistor’s second digit and the third 
band is the resistors’s multiplier value. A fourth color 
band on a resistor represents the resistor’s tolerance 
value. A silver band denotes a 10% tolerance resistor, 
while a gold band denotes a 5% resistor tolerance. No 
fourth band denotes that a resistor has a 20% tolerance. 
As an example, a resistor with a brown, black, and red 
band will represent the digit (1), the digit (0), with a 
multiplier value of (00) or 1000, so the resistor will 
have a value of 1k or 1000 ohms. There are a number of 
different styles and sizes of resistor. Small resistors can 
be carbon, thin film or metal. Larger resistors are made 
to dissipate more power and they generally have an 
element wound from wire. 


A potentiometer (or pot) 1s basically a variable 
resistor, generally having three terminals and fitted with 
a rotary control shaft which varies the resistance as it 18 
rotated. A metal wiping contact rests against a circular 
carbon or wire wound resistance track. As the wiper 
arm moves about the circular resistance, the resistance 


to the output terminals changes. Potentiometers are 
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Figure 2-1 Electronic components 1 


commonly used as volume controls in amplifiers and 
radio receivers. 


A trimpot is a special type of potentiometer which, 
while variable, is intended to be adjusted once or only 
occasionally. For this reason a control shaft is not 
provided but a small slot is provided in the center of the 
control arm. Trimpots are generally used on printed 
circuit boards. 


A light-dependent resistor (LDR) is a special type of 
resistor that varies its resistance value according to the 
amount of light falling on it. When it is in the dark, 
an LDR will typically have a very high resistance, 
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1.e. millions of ohms. When light falls on the LDR the 
resistance drops to a few hundred ohms. 


Types of capacitors 


Capacitors block DC current while allowing varying or 
AC current signals to pass. They are commonly used for 
coupling signals from part of a circuit to another part of 
a circuit, they are also used in timing circuits. There are 
a number of different types of capacitor as described 
below. 
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Polyester capacitors use polyester plastic film as their MKT capacitors are another type of capacitor, but 


insulating dielectric. Some polyester capacitors are they are rectangular or (block) in shape and are usually 


called greencaps because they are coated with a green yellow in color. One of the major advantages of these 


or brown color coating on the outside of the component. capacitors is a more standardized lead spacing, making 


Their values are specified in microfarads or (UF), them more useful for PC board projects. The components 


nanofarads, (nF), or picofarads (pF) and range from can generally be substituted for polyester types. 
1 nF up to about 10 uF. These capacitors do not have Ceramic capacitors use a tiny disk of ceramic or 


polarity and have fixed values. porcelain material in their construction for a dielectric 
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and they range in value from 1 pF up to 2.2 UF. Those 
with values above 1 nF are often made with multiple 
layers of metal electrodes and dielectric, to allow higher 
capacitance values in smaller bodies. These capacitors 
are usually called ‘multilayer monolithics’ and 
distinguished from lower value disk ceramic types. 
Ceramic capacitors are often used in RF radio circuits 
and filter circuits. 


Electrolytic capacitors use very thin film of metal 
oxide as their dielectric, which allows them to provide 
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a large amount of capacitance in a very small volume. 
They range in value from 100 nF up to hundreds and 
thousands of microfarads (uF). They are commonly 
used to filter power supply circuits, coupling audio 
circuits and in timing circuits. Electrolytic capacitors 
have polarity and must be installed with respect to 
these polarity marking. The capacitor will have 

either a white or black band denoting polarity 

with a plus (+) or minus (—) marking next to the 
color band. 


Variable capacitors are used in circuits for (trimming) 
or adjustment, i.e. for setting a frequency. A variable 
capacitor has one set of fixed plates and one set of 
plates which can be moved by turning a knob. The 
dielectric between the plates is usually a thin plastic 
film. Most variable capacitors have low values up to a 
few tens of picofarads (pF) and a few hundreds of 
microfarads for larger variable capacitors. 


Diodes 


A diode is a semiconductor device which can pass 
current in one direction only. In order for current to 
flow the anode (A) must be positive with respect to the 
cathode (K). In this condition, the diode is said to be 
forward biased and a voltage drop of about .6 volt 
appears across its terminals. If the anode is less than 

.6 volt positive with respect to the cathode, negligible 
current will flow and the diode behaves as an open 


circuit. 


Types of transistors 


Transistors are semiconductor devices that can be used 
either as electronic switches or to amplify signals. They 


have three leads, called the Collector, Base, and Emitter. 


A small current flowing between base and emitter 
(junction) causes a much larger current to flow between 
the emitter and collector (Junction). There a two basic 
types of transistors, PNP and NPN styles. 


Field Effect Transistors, or FETs, are a different type 
of transistor, which usually still have three terminals but 
work in a different way. Here the control element is the 
“gate” rather than the base, and it is the “gate” voltage 
which controls the current flowing in the “channel” 
between the other terminals—the “source” and the 
“drain.” Like ordinary transistors FETs can be used 
either as electronic switches or as amplifiers; they also 
come in P-channel and N-channel types, and are 
available in small signal types as well as power FETs. 


Power transistors are usually larger than the smaller 
signal type transistors. Power transistors are capable of 
handling larger currents and voltages. Often metal tabs 


and heatsinks are used to remove excess heat from the part. 


These devices are usually bolted to the chassis and are 
used for amplifying RF or audio energy. 


Integrated circuits 


Integrated circuits, or ICs, contain all, or most, of the 
components necessary for a particular circuit function, 
in one package. Integrated circuits contain as few as 

10 transistors or many millions of transistors, plus many 
resistors, diodes and other components. There are many 
shapes, styles and sizes of integrated circuits: in this 
book we will use the dual-in-line style IC, either 8, 14 
or 16 pin devices. 


Three-terminal regulators are special types of 
integrated circuits, which supply a regulated or constant 
and accurate voltage from output regardless (within 
limits) of the voltage applied to input. They are most 
often used in power supplies. Most regulators are 
designed to give specific output voltages, 1.e. a ‘LM7805” 
regulator provides a 5 volt output, but some IC regulators 
can provide adjustable output based on an external 
potentiometer which can vary the output voltage. 


Heatsinks 


Many electronic components generate heat when they 
are operating. Generally heatsinks are used on 
semiconductors like transistors to remove heat. 
Overheating can damage a particular component or the 
entire circuit. The heatsink cools the transistor and 
ensures a long circuit life by removing the excess heat 
from the circuit area. 


Light-emitting diodes 


Light-emitting diodes, or LEDs, are special diodes 
which have a plastic translucent body (usually clear, 
red, yellow, green or blue in color) and a small 
semiconductor element which emits light when the 
diode passes a small current. Unlike an incandescent 
lamp, an LED does not need to get hot to produce light. 
LEDs must always be forward biased to operate. Special 
LEDs can also produce infrared light. 


LED displays consist of a number of LEDs together 
in a single package. The most common type has seven 
elongated LEDs arranged in an “8” pattern. By choosing 
which combinations of LEDs are lit, any number of 
digits from “0” through “9” can be displayed. Most of 
these “7-segment” displays also contain another small 
round LED which is used as a decimal point. 


Types of inductors 


Inductors or “coils” are basically a length of wire, 
wound into a cylindrical spiral (or layers of spirals) in 
order to increase their inductance. Inductance is the 
ability to store energy in a magnetic field. Many coils 
are wound on a former of insulating material, which 
may also have connection pins to act as the coil’s 
terminals. The former may also be internally threaded to 
accept a small core or “slug” of ferrite, which can be 
adjusted in position relative to the coil itself to vary the 


coil inductance. 


A transformer consists of a number of coils of 
windings of wire wound on a common former, which is 
also inside a core of iron alloy, ferrite of other magnetic 
material. When an alternating current is passed through 
one of the windings (primary), it produces an alternating 
magnetic field in the core and this in turn induces AC 
voltages in the other (secondary) windings. The voltages 
produced in the other winding depend on the number of 
turns in those windings, compared with the turns in the 
primary winding. If a secondary winding has fewer 
turns than the primary, it will produce a lower voltage, 
and be called a step-down transformer. If the secondary 
winding has more windings than the primary, then the 
transformer will produce a higher voltage and it will be 
a step-up transformer. Transformers can be used to 
change the voltage levels of AC power and they are 
available in many different sizes and power handling 
capabilities. 


Microphones 


A microphone converts audible sound waves into 
electrical signals which can be then amplified. In an 
electret microphone, the sound waves vibrate a circular 


diaphragm made from very thin plastic material which 
has a permanent charge in it. Metal films coated on each 
side form a capacitor, which produces a very small 

AC voltage when the diaphragm vibrates. All electret 
microphones also contains FET which amplifies the 
very small AC signals. To power an FET amplifier, the 
microphone must be supplied with a small DC voltage. 


Loudspeakers 


A loudspeaker converts electrical signals into sound 
waves that we can hear. It has two terminals which go 
to a voice coil, attached to a circular cone made of 
either cardboard or thin plastic. When electrical signals 
are applied to the voice coil, its creates a varying 
magnetic field from a permanent magnet at the back of 
the speaker. As a result the cone vibrates in sympathy 
with the applied signal to produce sound waves. 


Relays 


Many electronic components are not capable of 
switching higher currents or voltages, so a device called 
a relay is used. A relay has a coil which forms an 
electromagnet, attracting a steel “armature” which itself 
pushes on one or more sets of switching contacts. When 
a current is passed through the coil to energize it, the 
moving contacts disconnect from one set of contacts to 
another, and when the coil is de-energized the contacts 
go back to their original position. In most cases, a relay 
needs a diode across the coil to prevent damage to the 
semiconductor driving the coil. 


Switches 


A switch is a device with one or more sets of switching 
contacts, which are used to control the flow of current 
in a circuit. The switch allows the contacts to be 
controlled by a physical actuator of some kind—such as 
a press-button toggle lever, rotary or knob, etc. As the 
name denotes, this type of switch has an actuator bar 
which slides back and forth between the various contact 
positions. In a single-pole, double throw, or “SPDT” 


slider switch, a moving contacte links the center contact 
to either of the two end contacts. In contrast, a double- 
pole double throw (DPDT) slider switch has two of 
these sets of contacts, with their moving contacts 
operating in tandem when the slider is actuated. 


LWire 


A wire is simply a length of metal conductor, usually 
made from copper since its conductivity is good, which 
means its resistance is low. When there is a risk of a wire 
touching another wire and causing a short, the copper 
wire is insulated or covered with a plastic coating which 
acts as an insulating material. Plain copper wire is not 
usually used since it will quickly oxidize or tarnish in 
the presence of air. A thin metal alloy coating is often 
applied to the copper wire; usually an alloy of tin or 
lead is used. 


Single or multi-strand wire 1s covered in colored PVC 
plastic insulation and is used quite often in electronic 
applications to connect circuits or components together. 
This wire is often called “hooku” wire. On a circuit 
diagram, a solid dot indicates that the wires or PC 
board tracks are connected together or joined, while a 
“loop-over” indicates that they are not joined and must 
be insulated. A number of insulated wires enclosed 
in an outer jacket is called an electrical cable. Some 
electrical cables can have many insulated wires in them. 


Semiconductor 
substitution 


There are often times when building an electronic 
circuit, it is difficult or impossible to find or locate the 
original transistor or integrated circuit. There are a 
number of circuits shown in this book which feature 
transistors, SCRs, UJTs, and FETs that are specified but 
cannot easily be found. Where possible many of these 
foreign components are converted to substitute values, 
either with a direct replacement or close substitution. 
Many foreign parts can be easily converted directly to a 
commonly used transistor or component. Occasionally 


an outdated component has no direct common 


replacement, so the closest specifications of that 
component are attempted. In some instances we have 
specified replacement components with substitution 
components from the NTE brand or replacements. Most 
of the components for the projects used in this book are 
quite common and easily located or substituted without 
difficulty. 


When substituting components in the circuit, make 
sure that the pin-outs match the original components. 
Sometimes, for example, a transistor may have bottom 
view drawing, while the substituted value may have a 
drawing with a top view. Also be sure to check the pin-outs 
or the original components versus the replacement. 

As an example, some transistors will have EBC versus 
ECB pin-outs, so be sure to look closely at possible 
differences which may occur. 


Reading electronic 
schematics 


The heart of all radio communication devices, both 
transmitters and receivers, all revolve around some type 
of oscillator. In this section we will take a look at what 
is perhaps the most important part of any receiver, and 
that is the oscillator. Communication transmitters, 
receivers, frequency standards and synthesizers all use 
some type of oscillators circuits. Transmitters need 
oscillators for their exciters, while receivers most often 
use local oscillators to mix signals. In this section you 
will see how specific electronics components are 
utilized to form oscillator circuits. Let’s examine a few 
of the more common types of oscillator designs and 
their building considerations. In this section, you will 
also tell the difference between a schematic diagram 
and a pictorial diagram. A schematic diagram illustrates 
the electronic symbols and how the components 
connect to one another, it is the circuit blue-print and 
pretty much universal among electronic enthusiasts. 

A pictorial diagram, on the other hand, is a “picture” of 
how the components might appear in an actual circuit 
on a circuit board of one type or another. Take a close 
look at the difference between the two types of 
diagram, and they will help you later when building 
actual circuits. Our first type of oscillator shown below 
is The Hartley. 


Hartley oscillator 


The Hartley RF oscillator, illustrated in Figure 2-4, is 
centered around the commonly available 2N4416A FET 
transistor. This general purpose VFO oscillator operates 
around 5100 kHz. The frequency determining 
components are L1, Cl, a 10 pF trimmer and capacitors 
C2, C3, C4, C5 and C6. Note capacitor C6 is a 

10-100 pF variable trimmer type. Capacitor C7 is to 
reduce the loading on the tuned circuit components. Its 
value can be small but be able to provide sufficient 
drive to the succeeding buffer amplifier stage. You can 
experiment using a small viable capacitor trimmer, such 
as a 5-25 pF. 


The other components, such as the two resistors, silicon 
diode at D1 are standard types, nothing particularly 
special. The Zener diode at D2 is a 6.2 volt type. 
Capacitor C8 can be selected to give higher/lower output 
to the buffer amplifier. Smaller C6 values give lower 
output and conversely higher values give larger output. 


In order to get the circuit to work properly, you need 
to have an inductive reactance for L1 of around about 
180 ohms. At 5 MHz this works out at about 5.7 uH. 
The important consideration, is that the feedback point 
from the source of the JFET connects to about 25% 
of the windings of L1 from the ground end. An air 
cored inductor is shown in the diagram. It could be, 
for example, 18-19 turns of #20 gauge wire on a 
25.4 mm (1”) diameter form spread evenly over a 
length of about 25.4 mm (1”). The tap would be at about 
4% turns. Alternatively, with degraded performance, 


you could use a T50-6 toroid and wind say 37 turns of 
#24 wire (5.48 uH) tapping at 9 turns. 


So to have the oscillator operate at around 5 MHz, we 
know the LC is 1013 and if L is say 5.7 uH then total C 
for resonance (just like LC Filters eh!) is about 177 pF. 
We want to be able to tune from 5000 to 5100 kHz, a 
tuning ratio of 1.02, which means a capacitance ratio of 
1.04 (min to max). 


Colpitts oscillators 


Colpitts oscillators are similar to the shunt fed Hartley 
oscillator circuit except the Colpitts oscillator, instead of 
having a tapped inductor, utilizes two series capacitors 
in its LC circuit. With the Colpitts oscillator the 
connection between these two capacitors is used as the 
center tap for the circuit. A Colpitts oscillator circuit is 
shown at Figure 2-5, and you will see some similarities 
with the Hartley oscillator. 


The simplest Colpitts oscillator to construct and get 
running is the “series tuned” version, more often 
referred to as the “Clapp Oscillator.” Because there is 
no load on the inductor, a high “Q” circuit results with 
a high L/C ratio and of course much less circulating 
current. This aids drift reduction. Because larger 
inductances are required, stray inductances do not 
have as much impact as perhaps in other circuits. 


The total capacitive reactance of the parallel 
combination of capacitors depicted as series tuning 
below the inductor in a series tuned Colpitts oscillator 
or “Clapp oscillator” should have a total reactance of 
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Figure 2-4 Hartley oscillator circuit 
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Figure 2-5 Series tuned Colpitts oscillator circuit 


around 200 ohms. Not all capacitors may be required in 
your particular application. Effectively all the capacitors 
are in series in a Colpitts oscillator, 1.e. they appear as 
parallel connected but their actual values are in fact 


in series. 


Ideally, your frequency determining components L1 
and the parallel capacitors should be in a grounded 
metal shield. The FET used in the Colpitts oscillator is 
the readily available 2N4416A. Note, the metal FET 
case is connected to the circuit ground. The output from 
the Colpitts oscillator is through output capacitor 47 pF; 
this should be the smallest of values possible, consistent 
with continued reliable operation into the next buffer 
amplifier stage. 


Crystal oscillators 


Crystal oscillators are oscillators where the primary 
frequency determining element is a quartz crystal. 
Because of the inherent characteristics of the quartz 
crystal the crystal oscillator may be held to extreme 
accuracy of frequency stability. 


Crystal oscillators are, usually, fixed frequency 
oscillators where stability and accuracy are the primary 
considerations. For example, it is almost impossible to 
design a stable and accurate LC oscillator for the upper 
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HF and higher frequencies without resorting to some 
sort of crystal control. Hence the reason for crystal 
oscillators. 


The crystal oscillator depicted at Figure 2-6 is a 
typical example of an RF or radio frequency crystal 
oscillators which may be used for exciters or RF 
converters. Transistor Q1, can be any transistor which 
will operate up to 150 MHz, such as a 2N2222A. 


The turns ratio on the tuned circuit depicts an 
anticipated nominal load of 50 ohms. This allows a 
theoretical 2.5k ohms on the collector, so typically a 
7:1 turns ratio for T1 would be used. Use the: L * C = 
25330 / F0? formula for determining L and C in the 
tuned circuits of crystal oscillator. Personally I would 
make L a reactance of around 250 ohms. In this case, 
Pd make C1 a smaller trimmer capacitor. The crystal at 
X1 could be an overtone type crystal for the crystal, 
selecting a L * C for the odd particular multiple of 
overtone wanted in your crystal oscillators. Typically 
the output of the crystal oscillator would be followed by 
a buffer circuit. A pictorial diagram of the crystal 
controlled oscillator circuit is shown in Figure 2-7. Note 
that the components in this diagram are illustrated as 
component blocks as they might actually look placed on 
the circuit, rather than as electronic symbols in a circuit 
diagram or schematic. 
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Figure 2-7 Crystal oscillator pictorial diagram 
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Ceramic resonator VFO oscillator 


The ceramic resonator VFO, or variable frequency 
oscillator circuit shown in Figure 2-8, illustrates a 7MH 
oscillator with a variable crystal oscillator (VXO). The 
VXO oscillator is extremely stable, but allows only a 
small variation in frequency, as compared with a 
conventional VFO. In contrast, a VFO with an LC 
resonant circuit can be tuned over a range of several 
hundred kHz, but its frequency stability will depend 
upon its construction, and is never as good as a crystal 
oscillator. The use of a ceramic resonator as a frequency 
determining component fulfills both requirements. 

The VXO oscillator is very stable yet it can vary the 
frequency, so the oscillator can be tuned. The range of a 
VXO oscillator circuit is not as wide as an LC oscillator 
but it offers a tuning range of 35 kHz with good 
frequency stability. The somewhat unusual resonant 

LC circuit at the collector of Q1 has two functions. 

It improves the shape of the output signal and also 
compensates for the amplitude drop starting at approx. 
7020 kHz. Transistor Q1 is a readily obtainable 

2N3904 and the ceramic resonator is a Murata SFE 7.02 
M2C type or equivalent. Inductor L1 consists of two 
coils on a T50-2 powered iron toroid. The primary 

coil is 8-turns, while the secondary coil is 2-turns. 
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Figure 2-8 Ceramic resonator VFO circuit 
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The diagram shown in Figure 2-9 depicts the ceramic 
resonator as a pictorial diagram, where the components 
look as a components block that might be placed in a 
circuit rather than an actual schematic diagram. 


Voltage controlled oscillator (VCO) 


A voltage controlled oscillator, or VCO, is an oscillator 
where the main variable tuning capacitor is a varactor 
diode. The voltage controlled oscillator is tuned across 
the “band” by a well regulated Dc voltage applied to the 
varactor diode, which varies the net capacitance applied 
to the tuned circuit. The voltage controlled oscillator, 
shown in Figure 2-10, illustrates a VCO which operates 
in the amateur radio band between 1.8 and 2.0 MHz. 


Buying quality variable capacitors today is often 
quite expensive, so VCOs are an extremely attractive 
alternative. As an alternative, all you need is an 
extremely stable and clean source of Dc power, 

a varactor diode and a high quality potentiometer— 
usually a 10 turn type. Note that circuit “Q” tends to be 
somewhat degraded by using varactor diodes instead of 
variable capacitors. 


When a reverse voltage is applied to a diode, it 
exhibits the characteristics of a capacitor. Altering the 
voltage alters the capacitance. Common diodes such as 
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Figure 2-9 Ceramic resonator VFO pictorial circuit diagram 
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Figure 2-11 Voltage controlled oscillator (VCO) pictorial diagram 


1N914 and 1N4004 can be used, but more commonly a 
special diode known as a varactor diode is specifically 
manufactured for VCO use, such as Motorola’s 
MVAM115. 


The variable capacitor in this circuit is replaced 
by a varactor diode as a tuning diode, in series with 
capacitor C2. Note, the two, diodes back-to-back in 
series. Although this in effect divides total varactor 
diode capacitance by two, it eliminates RF energy 
present in the tank circuit driving a single diode into 
conduction on peaks which will increase the bias 
voltage; this also gives rise to harmonics. 


Inductor L is wound on a toroid, an Amidon T50-2 
type which would require about 55 turns of #26 wire, 
or even the T68-2 type requiring about 51 turns of #24 
wire. Both gauges mentioned are those which will 
conveniently fit around the core. The inductor should 
have a value of about 15 WH. Capacitor C2 should have 
around180 pF, and the total capacitance of Cl a/b 
should be 390 pF. C4 is used to reduce the loading of 
the tuned circuit components. Its value can be small 
but be able to provide sufficient drive to the succeeding 


buffer amplifier stage. You can experiment using a small 
viable capacitor trimmer, such as a 5-25 pF. 


The 10K potentiometer is a 10 turn “quality” 
potentiometer for tuning; the upper and lower trim pots 
(set and forget) allow you to adjust the voltage range of 
your choice that your tuning potentiometer will see. Use 
“quality” trimpots for these potentiometers, since they 
will affect the stability of the tuning of the circuit. The 
100K resistor and the two 0.1 uF capacitors are further 
filtering. The diagram in Figure 2-11 depicts a pictorial 
diagram of the voltage controlled oscillator circuit. 

The circuit is shown as the components might appear 
rather than as symbols in a schematic diagram. The 
pictorial diagram often reflects an actual layout or 
parts placement and how the parts may appear on a 
circuit board. 


Now that you can identify electronics components 
and you understand how they function in an electronics 
circuit, as well how electronics circuits are drawn, we 
can move on to the how-to-soldering section. In the next 
chapter, you will learn how to install components and 
how to solder the components onto a circuit board. 


Electronic parts installation 
and soldering 


Before we discuss mounting the components to the 
printed circuit board we should take a few minutes to 
discuss the resistor and capacitor codes which are used 
to help identify and install these components. Table 3-1 
lists the resistor color code information. Resistors 
generally have three or four color bands which help 
identify the resistor values. The color band will start 
from one edge of the resistor body; this is the first color 
code which represents the first digit, and the second 
color band depicts the second digit value, while the 
third color band is the resistor’s multiplier value. The 
fourth color band represents the resistor tolerance value. 
If there is no fourth band then the resistor has a 20% 
tolerance; if the fourth band is silver, then the resistor 
has a 10% tolerance value, and if the fourth band is gold 
then the resistor has a 5% tolerance value. Therefore, if 
you have a resistor with the first band having a brown 
color, the second band with a black color and a third 
band with an orange color and a fourth with gold, then 
one (1) times zero (0) multiplied by a value of (1000), 
so the resistor will have a 10,000 ohm or 10k ohm value 
with a 5% tolerance. 


Now let’s move to identifying various capacitors. 
When identifying and installing the ceramic, mylar or 
poly capacitors, you will need to refer to Table 3-2, 
which lists capacitor (code) values vs. actual capacitor 
values. Most large capacitors, such as electrolytic types, 
will have their actual value printed on the body of the 
capacitor. But often with small capacitors they are just 
too small to have the actual capacitor values printed on 
them. An abbreviated code was devised to mark the 
capacitor, as shown in the table. A code marking of 
(104) would therefore denote a capacitor with a value of 
.1 uF (microfarads) or 100 nF (nanofarads). Once you 
understand how these component codes work, you can 


easily identify the resistors and capacitor and proceed to 
mount them on the printed circuit board. 


Before we begin building actual electronic radio 
receiver circuits, you will need to understand how to 
prepare the electronic components before installing them 
onto the circuit board. First, you will need to know how 
to “dress” or prepare resistor leads, which is shown in 
Figure 3-1. Resistor leads are first bent to fit the PC 
board component holes, then the resistor is mounted to 
the circuit board. Figure 3-2 depicts how capacitor leads 
are bent to fit the PC board holes. Once, the capacitor 
leads are prepared, the capacitor can be installed onto 
the circuit board. The diagram shown in Figure 3-3 
illustrates how to prepare diode leads before mounting 
them to the PB board. Finally, Figure 3-4 depicts 
transistor lead preparation, while Figure 3-5 shows how 
integrated circuit leads are prepared for installation. 


Learning how to solder 


Everyone working in electronics needs to know how to 
solder well. Before you begin working on a circuit, 
carefully read this chapter on soldering. In this section 
you will learn how to make good solder joints when 
soldering point-to-point wiring connections as well as 
for PC board soldering connections. 


In all electronics work, the wiring connections must 
be absolutely secure. A loose connection in a radio 
results in noise, scratching sounds, or no sound at all. 
In a TV, poor connections can disrupt the sound or 
picture. The safe operation of airplanes and the lives of 
astronauts in flight depend on secure electronics 


connections. 


Copyright © 2008 by The McGraw-Hill Companies, Inc. Click here for terms of use. 


Table 3-1 
Resistor color code chart 


Color Band Ist Digit 2nd Digit Multiplier Tolerance 

Black 0 0 1 

Brown 1 1 10 1% 

Red 2 2 100 2% 

Orange 3 3 1,000 (K) 3% 

Yellow 4 4 10,000 4% 

Green 5 5 100,000 

Blue 6 6 1,000,000 (M) 

Violet 7 7 10,000,000 

Gray 8 8 100,000,000 

White 9 9 1,000,000,000 

Gold 0.1 5% 

Silver 0.01 10% 

No color 20% 
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Figure 3-1 Preparing resistor leads for horizontal mounting 


Table 3-2 
Capacitor code identification information 


This table is designed to provide the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in 

many sizes, shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. 
Most capacitors actually have the numeric values stamped on them; however, some are color coded and some have alphanumeric 
codes. The capacitor’s first and second significant number [Ds are the first and second values, followed by the multiplier number 
code, followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the 


value, while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 l Mylar 104 
220 pF Ceramic 221 2 Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 AT Mylar 474 
680 pF Ceramic 681 6 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 
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Figure 3-2 “Dressing” capacitor component leads 
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(b) Leads bent down and parallel, spaced 
to match board holes 


Figure 3-3 Preparing diode leads for horizontal mounting 


(a) Grip outer lead near body and (b) Grip about 2 mm down and (c) Both leads cranked to match 
bend out by 45° bend down by 45°, parallel again 2.5 mm PC board hole spacing 


Figure 3-4 “Dressing” TO-92 transistor leads 
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Figure 3-5 DIL IC packages and preparing them for insertion 


Soldering joins two pieces of metal, such as electrical 
wires, by melting them together with another metal to 
form a strong, chemical bond. Done correctly, it unites 
the metals so that electrically they act as one piece of 
metal. Soldering is not just gluing metals together. 
Soldering is tricky and intimidating in practice, but 
easy to understand in theory. Basic supplies include a 
soldering iron, which is a prong of metal that heats to a 
specific temperature through electricity, like a regular 
iron. The solder, or soldering wire, often an alloy of 
aluminum and lead, needs a lower melting point than 
the metal you’re joining. Finally, you need a cleaning 
resin called flux that ensures the joining pieces are 
incredibly clean. Flux removes all the oxides on the 
surface of the metal that would interfere with the 
molecular bonding, allowing the solder to flow into 
the joint smoothly. You also need two things to solder 
together. 


The first step in soldering is cleaning the surfaces, 
initially with sandpaper or steel wool and then by 
melting flux onto the parts. Sometimes, flux is part of 
the alloy of the soldering wire, in an easy-to-use 
mixture. Then, the pieces are both heated above the 


melting point of the solder (but below their own melting 
point) with the soldering iron. When touched to the 
joint, this precise heating causes the solder to “flow” to 
the place of highest temperature and makes a chemical 
bond. The solder shouldn’t drip or blob, but spread 
smoothly, coating the entire joint. When the solder 
cools, you should have a clean, sturdy connection. 


Many people use soldering in their field, from 
electrical engineering and plumbing to jewelry and 
crafts. In a delicate procedure, a special material, called 
solder, flows over two pre-heated pieces and attaches 
them through a process similar to welding or brazing. 
Various metals can be soldered together, such as gold 
and sterling silver in jewelry, brass in watches and 
clocks, copper in water pipes, or iron in leaded glass 
stained windows. All these metals have different 
melting points, and therefore use different solder. Some 
“soft” solder, with a low melting point, 1s perfect for 
wiring a circuit board. Other “hard” solder, such as for 
making a bracelet, needs a torch rather than a soldering 
iron to get a hot enough temperature. Electrical 
engineers and hobbyists alike can benefit from learning 
the art and science of soldering. 


Solder 


The best solder for electronics work 1s 60/40 rosin-core 
solder. It is made of 60% tin and 40% lead. This mixture 
melts at a lower temperature than either lead or tin 
alone. It makes soldering easy and provides good 
connections. The rosin keeps the joint clean as it is 
being soldered. The heat of the iron often causes a 
tarnish or oxide to form on the surface. The rosin 
dissolves the tarnish to make the solder cling tightly. 
Solders have different melting points, depending on 

the ratio of tin to lead. Tin melts at 450°F and lead at 
621°F. Solder made from 63% tin and 37% lead melts 
at 361°F, the lowest melting point for a tin and lead 
mixture. Called 63-37 (or eutectic), this type of solder 
also provides the most rapid solid-to-liquid transition 
and the best stress resistance. Solders made with 
different lead/tin ratios have a plastic state at some 
temperatures. If the solder is deformed while it is in the 
plastic state, the deformation remains when the solder 
freezes into the solid state. Any stress or motion applied 
to “plastic solder” causes a poor solder joint. 


The 60-40 solder has the best wetting qualities. 
Wetting is the ability to spread rapidly and bond 
materials uniformly; 60-40 solder also has a low 
melting point. These factors make it the most commonly 
used solder in electronics. 


Some connections that carry high current can’t be 
made with ordinary tin-lead solder because the heat 
generated by the current would melt the solder. 
Automotive starter brushes and transmitter tank 
circuits are two examples. Silver-bearing solders have 
higher melting points, and so prevent this problem. 
High-temperature silver alloys become liquid in the 
1100°F to 1200°F range, and a silver-manganese 
(85-15) alloy requires almost 1800°F. 


Because silver dissolves easily in tin, tin bearing 
solders can leach silver plating from components. This 
problem can greatly reduced by partially saturating the 
tin in the solder with silver or by eliminating the tin. 
Tin-silver or tin-lead-silver alloys become liquid at 
temperatures from 430°F for 96.5-3.5 (tin-silver), to 
588°F for 1.0-97.5-1.5 (tin-lead-silver). A 15.080.0-5.0 
alloy of lead-indium-silver melts at 314°F. 


Never use acid-core solder for electrical work. 
It should be used only for plumbing or chassis work. 


For circuit construction, only use fluxes or 
solder-flux combinations that are labeled for 
electronic soldering. 


The rosin or the acid is a flux. Flux removes oxide by 
suspending it in solution and floating it to the top. Flux 
is not a cleaning agent! Always clean the work before 
soldering. Flux is not a part of a soldered connection— 
it merely aids the soldering process. After soldering, 
remove any remaining flux. Rosin flux can be removed 
with isopropyl or denatured alcohol. A cotton swab is a 
good tool for applying the alcohol and scrubbing the 
excess flux away. Commercial flux-removal sprays are 


available at most electronic-part distributors. 


The soldering iron 


Soldering is used in nearly every phase of electronic 
construction so you’ll need soldering tools. A soldering 
tool must be hot enough to do the job and lightweight 
enough for agility and comfort. A temperature controlled 
iron works well, although the cost is not justified for 
occasional projects. Get an iron with a small conical or 
chisel tip. Soldering is not like gluing; solder does more 
than bind metal together and provide an electrically 
conductive path between them. Soldered metals and 

the solder combine to form an alloy. 


You may need an assortment of soldering irons to 
do a wide variety of soldering tasks. They range in size 
from a small 25-watt iron for delicate printed-circuit 
work to larger 100 to 300-watt sizes used to solder large 
surfaces. If you could only afford a single soldering tool 
when initially setting up your electronics workbench 
than, an inexpensive to moderately priced pencil-type 
soldering iron with between 25 and 40-watt capacity 
is the best for PC board electronics work. A 100-watt 
soldering gun is overkill for printed-circuit work, since 
it often gets too hot, cooking solder into a brittle mess 
or damaging small parts of a circuit. Soldering guns are 
best used for point-to-point soldering jobs, for large 
mass soldering joints or large components. Small 
“pencil” butane torches are also available, with optional 
soldering-iron tips. A small butane torch is available 
from the Solder-It Company. Butane soldering irons are 
ideal for field service problems and will allow you to 
solder where there is no 110 volt power source. This 
company also sells a soldering kit that contains paste 


solders (in syringes) for electronics, pot metal and 
plumbing. See the Appendix for the address 
information. 


Keep soldering tools in good condition by keeping 
the tips well tinned with solder. Do not run them at full 
temperature for long periods when not in use. After 
each period of use, remove the tip and clean off any 
scale that may have accumulated. Clean an oxidized tip 
by dipping the hot tip in sal ammoniac (ammonium 
chloride) and then wiping it clean with a rag. Sal 
ammoniac is somewhat corrosive, so if you don’t 
wipe the tip thoroughly, it can contaminate electronic 
soldering. You can also purchase a small jar of “Tip 
Tinner,” a soldering iron tip dresser, from your local 
Radio Shack store. Place the tip of the soldering iron 
into the “Tip Tinner” after every few solder joints. 


If a copper tip becomes pitted, file it smooth and 
bright and then tin it immediately with solder. Modern 
soldering iron tips are nickel or iron clad and should 
not be filed. The secret of good soldering is to use the 
right amount of heat. Many people who will have not 
soldered before use too little heat dabbing at the joint to 
be soldered and making little solder blobs that cause 
unintended short circuits. Always use caution when 
soldering. A hot soldering iron can burn your hand 
badly or ruin a tabletop. It’s a good idea to buy or make 
a soldering iron holder. 


Soldering station 


Often when building or repairing a circuit, your 
soldering iron is kept switched “on” for unnecessarily 
long periods, consuming energy and allowing the 
soldering iron tip to burn and develop a buildup of 
oxide. Using this soldering-iron temperature controller, 
you will avoid destroying sensitive components when 
soldering. 


Buying a lower wattage iron may solve some of the 
problems, but new problems arise when you want to 
solder some heavy-duty component, setting the stage for 
creating a “cold” connections. If you’ve ever tried to 
troubleshoot some instrument in which a cold solder 
joint was at the root of the problem, you know how 
difficult such defects are to locate. Therefore, the best 
way to satisfy all your needs is to buy a temperature 
controller electronics workbench. 


A soldering station usually consists of a temperature 
controlled soldering iron with an adjustable heat or 
temperature control and a soldering iron holder and 
cleaning pad. If you are serious about your electronics 
hobby or if you have been involved with electronics 
building and repair for any length of time, you will 
eventually want to invest in a soldering station at some 
point in time. There are real low cost soldering station 
for hobbyists, for under $30, but it makes more sense to 
purchase a moderately price soldering station such as 
the quality Weller series. A typical soldering station is 
shown in Figure 3-6. 


Soldering gun 


An electronics workbench would not be complete 
without a soldering gun. Soldering guns are useful for 
soldering large components to terminal strips, or 
splicing wires together or when putting connectors on 
coax cable. There are many instances where more heat 
is needed than a soldering iron can supply. For example, 
a large connector mass cannot be heated with a small 
soldering iron, so you would never be able to “tin” a 
connector with a small wattage soldering iron. A 
soldering gun is a heavy duty soldering device which 
does in fact look like a gun. Numerous tips are available 
for a soldering gun and they are easily replaceable using 
two small nuts on the side arm of the soldering gun. 
Soldering guns are available in two main heat ranges. 


Figure 3-6 Temperature controlled soldering station 


Most soldering guns have a two-step “trigger” switch 
which enable you to select two heat ranges for different 
soldering jobs. The most common soldering gun 
provides both a 100 watt setting when the “trigger” 
switch is pressed to its first setting, and as the “trigger” 
switch is advanced to the next step, the soldering gun 
will provide 150 watts, when more heat is needed. 

A larger or heavy-duty soldering gun is also available, 
but a little harder to locate is the 200 to 250 watt solder 
gun. The first “trigger” switch position provides 200 watts, 
while the second switch position provides the 250 watt 
heat setting. When splicing wires together either using 
the “Western Union” or parallel splice or the end splice, 
a soldering gun should be used especially if the wire 
gauge is below size 22 ga. Otherwise the solder may 
not melt properly and the connections may reflect a 
“cold” solder joint and therefore a poor or noisy splice. 
Soldering wires to binding post connections should be 
performed with a soldering gun to ensure proper heating 
to the connection. Most larger connectors should be 
soldered or pre-tinned using a soldering gun for even 
solder flow. 


Preparing the soldering iron 


If your iron is new, read the instructions about preparing 
it for use. If there are no instructions, use the following 
procedure. It should be hot enough to melt solder 
applied to its tip quickly (half a second when dry, 
instantly when wet with solder). Apply a little solder 
directly to the tip so that the surface is shiny. This 
process is called “tinning” the tool. The solder coating 
helps conduct heat from the tip to the joint face, the tip 
is in contact with one side of the joint. If you can place 
the tip on the underside of the joint, do so. With the tool 
below the joint, convection helps transfer heat to the 
joint. Place the solder against the joint directly opposite 
the soldering tool. It should melt within a second for 
normal PC connections, within two seconds for most 
other connections. If it takes longer to melt, there is not 
enough heat for the job at hand. Keep the tool against 
the joint until the solder flows freely throughout the 
joint. When it flows freely, solder tends to form concave 
shapes between the conductors. With insufficient heat 
solder does not flow freely; it forms convex shapes- 
blobs. Once solder shape changes from convex to 
concave, remove the tool from the joint. Let the joint 


cool without movement at room temperature. It usually 
takes no more than a few seconds. If the joint is moved 
before it is cool, it may take on a dull, satin look that is 
characteristic of a “cold” solder joint. Reheat cold joints 
until the solder flows freely and hold them still until 
cool. When the iron is set aside, or if it loses its shiny 
appearance, wipe away any dirt with a wet cloth or 
sponge. If it remains dull after cleaning, tin it again. 


Overheating a transistor or diode while soldering can 
cause permanent damage. Use a small heatsink when 
you solder transistors, diodes or components with 
plastic parts that can melt. Grip the component lead 
with a pair of pliers up close to the unit so that the heat 
is conducted away. You will need to be careful, since it 
is easy to damage delicate component leads. A small 
alligator clip also makes a good heatsink to dissipate 


from the component. 


Mechanical stress can damage components, too. 
Mount components so there is no appreciable mechanical 
strain on the leads. 


Soldering to the pins of coil forms male cable plugs 
can be difficult. Use suitable small twist drill to clean 
the inside of the pin and then tin it with resin-core 
solder. While it is still liquid, clear the surplus solder 
from each pin with a whipping motion or by blowing 
through the pin from the inside of the form or plug. 
Watch out for flying hot solder, you can get severe 
burns. Next, file the nickel tip. Then insert the wire and 
solder it. After soldering, remove excess solder with a 
file, if necessary. When soldering to the pins of plastic 
coil-forms, hold the pin to be soldered with a pair of 
heavy pliers to form a heatsink. Do not allow the pin to 
overheat; it will loosen and become misaligned. 


Preparing work for soldering 


If you use old junk parts, be sure to completely clean all 
wires or surfaces before applying solder. Remove all 
enamel, dirt, scale, or oxidation by sanding or scraping 
the parts down to bare metal. Use fine sandpaper or 
emery paper to clean flat surfaces or wire. (Note, no 
amount of cleaning will allow you to solder to aluminum. 
When making a connection to a sheet of aluminum, you 
must connect the wire by a solder lug or a screw.) 


When preparing wires, remove the insulation with 
wire strippers or a pocketknife. If using a knife, do not 


cut straight into the insulation; you might nick the wire 
and weaken it. Instead, hold the knife as if you were 
sharpening a pencil, taking care not to nick the wire as 
you remove the insulation. For enameled wire, use the 
back of the knife blade to scrape the wire until it is 
clean and bright. Next, tin the clean end of the wire. 
Now, hold the heated soldering-iron tip against the 
under surface of the wire and place the end of the 
rosin-core solder against the upper surface. As the 
solder melts, it flows on the clean end of the wire. 
Hold the hot tip of the soldering iron against the under 
surface of the tinned wire and remove the excess solder 
by letting it flow down on the tip. When properly 
tinned, the exposed surface of the wire should be 
covered with a thin, even coating of solder. 


How to solder 


The two key factors in quality soldering are time and 
temperature. Generally, rapid heating is desired, 
although most unsuccessful solder jobs fail because 
insufficient heat has been applied. Be careful; if heat is 
applied too long, the components or PC board can be 
damaged, the flux may be used up and surface oxidation 
can become a problem. The soldering-iron tips should be 
hot enough to readily melt the solder without burning, 
charring or discoloring components, PC boards or wires. 
Usually, a tip temperature about 100°F above the solder 
melting point is about right for mounting components 
on PC boards. Also, use solder that is sized appropriately 
for the job. As the cross-section of the solder decreases, 
so does the amount of heat required to melt it. 
Diameters from 0.025 to 0.040 inches are good for 


nearly all circuit wiring. 


Always use a good quality multi-core solder. 
A standard 60% tin, 40% lead alloy solder with cores 
of non-corrosive flux will be found easiest to use. The 
flux contained in the longitudinal cores of multi-core 
solder is a chemical designed to clean the surfaces to be 
joined of deposited oxides, and to exclude air during the 
soldering process, which would otherwise prevent these 
metals coming together. Consequently, don’t expect to 
be able to complete a joint by using the application of 
the tip of the iron loaded with molten solder alone, as 
this usually will not work. Having said that, there is a 
process called tinning where conductors are first coated 
in fresh, new solder prior to joining by a hot iron. 


Solder comes in gauges like wire. The two most 
common types of solder, are 18 ga., used for general 
work, and the thinner 22 ga., used for fine work on 
printed circuit boards. 


A well-soldered joint depends on 


1. Soldering with a clean, well-tinned tip. 
Cleaning the wires or parts to be soldered. 


Making a good mechanical joint before soldering. 


= E 


Allowing the joint to get hot enough before 
applying solder. 


5. Allowing the solder to set before handling or 
moving soldered parts. 


Making a good mechanical joint 


Unless you are creating a temporary joint, the next step 
is to make a good mechanical connection between the 
parts to be soldered. For instance, wrap the wire 
carefully and tightly around a soldering terminal or 
soldering lug, as shown in Figure 3-7. Bend wire and 
make connections with long-nosed pliers. When 
connecting two wires together, make a tight splice 
before soldering. Once you have made a good 
mechanical contact, you are ready for the actual 
soldering. 


The next step is to apply the soldering iron to the 
connection, soldering the connection as shown. 


Figure 3-7 Wire to lug soldering joint 


pitted, granular appearance as seen in Figure 3-8. reheat 
the joint, scrape off the solder, and clean the connection. 
Then start over again. After the solder is well set, pull 
on the wire to see if it is a good, tight connection. If you 
find that you made a poor soldering job don’t get upset, 
be thankful you found it and do it over again. A quick 
reference solder check list is shown in the listing in 
Table 3-3. 


Soldering printed circuit boards 


Most electronic devices use one or more printed circuit 
(PC) boards. A PC board is a thin sheet of fiberglass 
or phenolic resin that has a pattern of foil conductors 


Figure 3-8 Inferior wire to lug solder joint 
“printed” on it. You insert component leads into holes 


in the board and solder the leads to the foil pattern. 


In soldering a wire splice, hold the iron below the splice This method of assembly is widely used and you will 


and apply solder to the top of the splice. If the tip of the probably encounter it if you choose to build from a 


iron has a bit of melted solder on the side held against kit. Printed circuit boards make assembly easy. First, 


the splice, heat is transferred more readily to the splice insert component leads through the correct holes in the 


and the soldering is done more easily. Don't try to circuit board. Mount parts tightly against the circuit 


solder by applying solder to the joint and then pressing board unless otherwise directed. After inserting a lead 


daa He hon. Beren dish the into the board, bend it slightly outward to hold the part 


soldered joint until the solder has set. It may take a in place. 

few seconds for the solder to set, depending upon the When the iron is hot, apply some solder to the 
amount of solder used in making the joint. Now take a flattened working end at the end of the bit, and wipe it 
good look at the joint. It should have a shiny, smooth on a piece of damp cloth or sponge so that the solder 
appearance—not pitted or grainy. If it does have a forms a thin film on the bit. This is tinning the bit. 


Table 3-3 
Soldering check list 


1. Prepare the joint. Clean all surfaces and conductors thoroughly with fine steel wool. First, clean the circuit traces, 
then clean the component leads. 

2. Prepare the soldering iron or gun. The soldering device should be hot enough to melt solder applied to the tip. 
Apply a small amount of solder directly to the tip, so that the surface is shiny. 

3. Place the tip in contact with one side of the joint, if possible place the tip below the joint. 

4. Place the solder against the joint directly opposite the soldering tool. The solder should melt within two seconds; 
if it takes longer use a larger iron. 

5. Keep the soldering tool against the joint until the solder flows freely throughout the joint. When it flows freely the 
joint should form a concave shape; insufficient heat will form a convex shape. 

6. Let the joint cool without any movement, the joint should cool and set-up with in a few seconds. If the joint is moved 
before it cools the joint will look dull instead of shiny and you will likely have a cold solder joint. Re-heat the joint 
and begin anew. 

7. Once the iron is set aside, or if it loses its shiny appearance, wipe away any dirt with a wet cloth or wet sponge. 


When the iron is clean the tip should look clean and shiny. After cleaning the tip apply some solder. 


Melt a little more solder on to the tip of the soldering 
iron, and put the tip so it contacts both parts of the joint. 
It is the molten solder on the tip of the iron that allows 
the heat to flow quickly from the iron into both parts of 
the joint. If the iron has the right amount of solder on it 
and 1s positioned correctly, then the two parts to be 
joined will reach the solder’s melting temperature in a 
couple of seconds. Now apply the end of the solder to 
the point where both parts of the joint and the soldering 
iron are all touching one another. The solder will melt 
immediately and flow around all the parts that are at, or 
over, the melting part temperature. After a few seconds 
remove the iron from the joint. Make sure that no parts 
of the joint move after the soldering iron 1s removed 
until the solder is completely hard. This can take quite a 
few seconds with large joints. If the joint is disturbed 
during this cooling period it may become seriously 
weakened. 


The most important point in soldering is that both 
parts of the joint to be made must be at the same 
temperature. The solder will flow evenly and make a 
good electrical and mechanical joint only if both parts 
of the joint are at an equal high temperature. Even 
though it appears that there is a metal-to-metal contact 
in a joint to be made, very often there exists a film of 
oxide on the surface that insulates the two parts. For this 
reason it is no good applying the soldering iron tip to 
one half of the joint only and expecting this to heat the 
other half of the joint as well. 


It is important to use the right amount of solder, both 
on the iron and on the joint. Too little solder on the iron 
will result in poor heat transfer to the joint, too much 
and you will suffer from the solder forming strings as 
the iron is removed, causing splashes and bridges to 
other contacts. Too little solder applied to the joint will 
give the joint a half finished appearance: a good bond 
where the soldering iron has been, and no solder at all 
on the other part of the joint. 


The hard cold solder on a properly made joint should 
have a smooth shiny appearance and if the wire is 
pulled it should not pull out of the joint. In a properly 
made joint the solder will bond the components very 
strongly indeed, since the process of soldering is similar 
to brazing, and to a lesser degree welding, in that the 
solder actually forms a molecular bond with the 
surfaces of the joint. Remember it is much more 
difficult to correct a poorly made joint than it is to make 
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Figure 3-9 Proper technique for soldering 


components on PC board 


the joint properly in the first place. Anyone can learn to 
solder, it just takes practice. 


The diagram in Figure 3-9 shows how to solder a 
component lead to a PC board pad. The tip of the 
soldering iron heats both the lead and the copper pad, 
so the end of the solder wire melts when it’s pushed 
into the contact. The diagram illustrated in Figure 3-10 
shows how a good solder joint is obtained. Notice that it 
has a smooth and shiny “fillet” of solder metal, bonding 
all around to both the component lead and the copper 
pad of the PC board. This joint provides a reliable 
electrical connection. 


Try to make the solder joint as quickly as possible 
because the longer you take, the higher the risk that the 
component itself and the printed circuit board pad and 
track will overheat and be damaged. But don’t work so 
quickly that you cannot make a good solder joint. 
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Figure 3-10 Excellent solder joint 
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Figure 3-11 Inferior solder joint: Example 1 


Having to solder the joint over again always increases 
the risk of applying too much heat to the PCB. 


As the solder solidifies, take a careful look at the 
joint you have made, to make sure there’s a smooth 
and fairly shiny metal “fillet” around it. This should be 
broadly concave in shape, showing that the solder has 
formed a good bond to both metal surfaces. If it has a 
rough and dull surface or just forms a “ball” on the 
component lead, or a “volcano” on the PCB pad 
with the lead emerging from the crater, you have a 
“dry joint.” If your solder joint looks like the picture 
shown in Figure 3-11, you will have to re-solder the 
joint over again. Figure 3-12 shows another type of dry 
solder joint which would have to be re-soldered. These 
types of “dry” solder joints if now redone will cause the 


circuit to be unreliable and intermittent. 


For projects that use one or more integrated circuits, 
with their leads closely-spaced pins, you may find it 
easier to use a finer gauge solder, 1.e. less than 1 mm in 
diameter. This reduces the risk of applying too much 
solder to each joint, and accidentaly forming “bridges” 
between pads to PC “tracks.” 


Solder forming ‘blob’ 
on lead (but not 
bonded at all to the 
PC board pad) 


Copper track 
and pad 


Zo 
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Component lead 


Figure 3-l2 Inferior solder joint: Example 2 


The finished connection should be smooth and bright. 
Reheat any cloudy or grainy-looking connections. 
Finally, clip off the excess wire length, as shown in 
Figure 3-13. 


Occasionally a solder “bridge” will form between 
two adjacent foil conductors. You must remove these 
bridges; otherwise a short circuit will exist between the 
two conductors. Remove a solder bridge by heating the 
bridge and quickly wiping away the melted solder with 
a soft cloth. Often you will find a hole on the board 
plugged by solder from a previous connection. Clear the 
hole by heating the solder while pushing a component 
lead through the hole from the other side of the board. 
Good soldering is a skill that is learnt by practice. 


How to un-solder 


In order to remove components, you need to learn the 
art of de-soldering. You might accidentally make a 
wrong connection or have to move a component that 
you put in an incorrect location. Take great care while 
un-soldering to avoid breaking or destroying good parts. 
The leads on components such as resistors or transistors 
and the lugs on other parts may sometimes break off 
when you are un-soldering a good, tight joint. To avoid 
heat damage, you must use as much care in un-soldering 
delicate parts as you do in soldering them. There are 
three basic ways of un-soldering. The first method is to 
heat the joint and “flick” the wet solder off. The second 
method is to use a metal wick or braid to remove the 
melted solder. This braid is available at most electronics 


Figure 3-13 Trimming excess component leads 


parts stores; use commercially made wicking material 
(braid). Place the braid against the joint that you want to 
un-solder. Use the heated soldering iron to gently press 
the braid against the joint. As the solder melts, it is 
pulled into the braid. By repeating this process, 

you can remove virtually all the solder from the joint. 
Then re-heat the joint and lift off the component 

leads. Another useful tool is an air-suction solder 
remover. 


Most electronics parts stores have these devices. 
Before using a de-solder squeeze bulb, use your 
soldering iron to heat the joint you want to un-solder 
until the solder melts. Then squeeze the bulb to create 
a vacuum inside. Touch the tip of the bulb against the 
melted solder. Release the bulb to suck up the molten 
solder. Repeat the process until you’ve removed most 
of the solder from the joint. Then re-heat the joint and 
gently pry off the wires. This third method is easy, and 
is the preferred method, since it is fast and clean. You 
can use a vacuum device to suck up molten solder. 
There are many new styles of solder vacuum devices 
on the market that are much better than the older 
squeeze bulb types. The new vacuum de-soldering tools 
are about 8 to 12 inches long with a hollow Teflon tip. 
You draw the vacuum with a push handle and set it. 
As you re-heat the solder around the component to be 
removed, you push a button on the device to suck the 
solder into the chamber of the de-soldering tool. 


De-soldering station 


A de-soldering station is a very useful addition to an 
electronics workshop or workbench, but in many cases 
they just cost too much for most hobbyists. De-soldering 
stations are often used in production environments or as 
re-work stations, when production changes warrant 
changes to many circuit boards in production. Some 
repair shops used de-soldering stations to quickly and 


efficiently remove components. 


Another useful de-soldering tool is one made 
specifically for removing integrated circuits. The 
specially designed de-soldering tip is made the same 
size as the integrated circuit, so that all IC pins can be 
de-soldered at once. This tool is often combined with a 
vacuum suction device to remove the solder as all the 
IC pins are heated. The IC de-soldering tips are made in 
various sizes; there are 8 pin, 14 pin and 16 pin versions, 


which are used to uniformly de-solder all IC pins 
quickly and evenly, so as not to destroy the circuit 
board. The specialized soldering tips are often used in 
conjunction with vacuum systems to remove the solder 


at the same time. 


Remember these things 
when un-soldering: 


1. Be sure there is a little melted solder on the tip of 
your iron so that the joint will heat quickly. 


2. Work quickly and carefully to avoid heat damage to 
parts. Use long-nosed pliers to hold the leads of 
components just as you did while soldering. 


3. When loosening a wire lead, be careful not to bend 
the lug or tie point. Use pieces of wire or some old 
radio parts and wire. Practice until you can solder 
joints that are smooth, shiny, and tight. Then 
practice un-soldering connections until you are 
satisfied that you can do them quickly and without 
breaking wires or lugs. 


Caring for your soldering iron 


To get the best service from your soldering iron, keep it 
cleaned and well tinned. Keep a damp cloth on the 
bench as you work. Before soldering a connection, wipe 
the tip of the iron across the cloth, then touch some 
fresh solder to the tip. The tip will eventually become 
worn or pitted. You can repair minor wear by filing the 
tip back into shape. Be sure to tin the tip immediately 
after filing it. If the tip is badly worn or pitted, replace 
it. Replacement tips can be found at most electronics 
parts stores. Remember that oxidation develops more 
rapidly when the iron is hot. Therefore, do not keep the 
iron heated for long periods unless you are using it. 

Do not try to cool an iron rapidly with ice or water. 

If you do, the heating element may be damaged and 
need to be replaced or water might get into the barrel 
and cause rust. Take care of your soldering iron and it 
will give you many years of useful service. 


Remember, soldering equipment gets hot! Be careful. 
Treat a soldering burn as you would any other. Handling 
lead or breathing soldering fumes is also hazardous. 
Observe these precautions to protect yourself and 
others! 


Ventilation 


Properly ventilate the work area where you will be 
soldering. If you can smell fumes, you are breathing 
them. Often when building a new circuit or repairing a 
“vintage” circuit you may be soldering continuously 
for a few hours at a time. This can mean you will be 
breathing solder fumes for many hours and the fumes 
can cause you to get dizzy or lightheaded. This is 
dangerous because you could fall down and possibly 
hurt yourself in the process. Many people highly 
allergic are also allergic to the smell of solder fumes. 
Solder fumes can cause sensitive people to get sinus 
infections. So ventilating solder fumes is an important 
subject. There are a few different ways to handle this 
problem. One method is to purchase a small fan unit 
housed with a carbon filter which sucks the solder 


fumes into the carbon filter to eliminate them. This is 
the most simple method of reducing or eliminating 
solder fumes from the immediate area. If there is a 
window near your soldering area, be sure to open the 
window to reduce the exposure to solder fumes. Another 
method of reducing or eliminating solder fumes is to buy 
or build a solder smoke removal system. You can purchase 
one of these systems but they tend to be quite expensive. 
You can create your own solder smoke removal system 
by locating or purchasing an 8 to 10 foot piece of 2 inch 
diameter flexible hose, similar to your vacuum cleaner 
hose. At the solder station end of the hose, you can affix 
the hose to a wooden stand in front of your work area. 
The other end of the hose is funneled into a small 
square “muffin” type fan placed near a window. Be sure 
to wash your hands after soldering, especially before 
handling food, since solder contains lead; also try to 


minimize direct contact with flux and flux solvents. 


Parts list 
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AM, FM, and Shortwave 
Crystal Radio Projects 


Simple Crystal Radio 
LI: -L50 turns OL 24 ¡Gan 


enameled wire on 
AG Xx 2” dia tube 


Ch 865 PF tuning 


capacitor (old radio) 


D1 1N34 germanium diode 


(not a silicon diode) 


C2 .005 HF, 35 volt 


disk Capacitor 


H1 high impedance 
headphones (crystal 
or 2000k type) 


ANT S0=100 TOGE Long 


wire antenna 


GND cold water pipe or 


ground rod 


Mise ‘wood, block, -Coil 
tube, hardware, 
screws, clips, 
washers, Krylon spray, 


Wire, ett, 
FM Crystal Radio Set 


Rl 47k ohm 44 watt, 5% 


resistor 
Cl 2 PE CapacLeor 
C2 80 pF air variable 


capacitor 


CS 26. PE Capacitor 


Di <INS4’ sor Tock -Crystal 
diode 


L1 5 turns AWG #18 
bare copper or silver 
wire; 12 mm inside 
diameter, tapped at 


Ludo TLE NS 


H1 high impedance 
headphones (crystal 
type of 2k ohm type) 


Ant antenna- 7” of 


#18 bare copper wire 


Misc wood block, wire, 


hardware, clips, etc. 


Supersensitive 
AM/Shortwave Crystal 
Radio 


GLF “LL CUERS; < 222 Gds 
enameled wire on 


DI) -GarQooard Torm 


L2 (AM) 54 turns, 
22 ga. enameled wire 


on 3” air-core form 


Taps are brought 
Out at 40, LIE 
LOr said. on 


L2 (SW) CS: EUA 
22 ga. enameled wire 


on 3” air-core form 


Taps are brought 
Gut at T Ors. OT 
and. 31 


D1 germanium diode or 
galena crystal 


w/ cat s whisker” 


Cl 500 pF turning 


Capacitor 


C2 .001 uF, 35 volt 


disk capacitor 


S1 single-pole - 
5-pos1t1on rotary 


switch 


S2 single-pole - 
position. rotary 


switch 


H1 crystal headphone 
or 2k headphones 


(Baldwin, Brandes) 


ANI -80=100 foot Long 


wire antenna 


GND cold water pipe or 


ground rod 


Misc wood block, 
hardware, wire, clips, 


screws, Krylon, etc. 


A crystal radio 1s the simplest form of AM (amplitude 
modulation) receiver ever invented. It has great potential 
for experimentation and usually requires no source of 
power for its operation other than the radio signal itself, 
and costs little. Most people do not realize that crystal 
radios can be built to pickup shortwave as well as FM 
radio signals. Did you know that you can build very 
sensitive and selective crystal radios far better than 
most commercial AM radios! Ever thought of building 
a crystal radio? Building a crystal radio will give you 
immense satisfaction, and the results are sure to please. 


Crystal sets date back to the earliest days of wireless 
(pre-W.W.I) and an enormous variety of circuit designs 
have been produced over the years. Their popularity has 
been variable as developments in other more elaborate 
forms of reception have taken place. However, 
fascination with this crystal radio design, building and 
experimentation, is still very strong today with national 
and international organizations and clubs offering 
competitions. 


So how does a crystal radio work? An AM transmitter 
sends out its broadcast in the form of an electromagnetic 


wave that radiates from its transmitting antenna. The 
AM transmitter sends out a fixed frequency carrier 
wave. When sound is present in the program material, 
the strength, or amplitude, of these waves is made to 
vary in response to the audio content of the program. 
The resulting wave is called an amplitude modulated 
wave. See Figure 4-1. 


The purpose of a simple AM or crystal radio receiver 
is to pick up these AM waves and extract the audio signal 
so that it can be heard by the listener. It does this by a 
process called “detection.” The detection process utilizes 
a device called a detector which effectively strips off 
either the upper half or lower half of the AM wave. 

It only remains to filter out the carrier wave to leave the 
audio signal and the job is done! The following diagram 
shows how the detector and filter work together to 
“recover” the original audio signal. The strength of the 
recovered audio signal is small but, given the right 
conditions, it can be large enough to drive a pair of 
headphones; all without any power source other than the 
signal itself. 


The diagram shown in Figure 4-2 illustrates a basic 
crystal radio. In its simplest form, a crystal radio is 
composed of just our main components. A good 
antenna, a detector, a filter capacitor and pair of 
headphones. The basic diagram shows the input section 
at (A), the rectifier section at (B), the filter section 
at (C) and finally the headphones at section (D). 


The antenna consists of a length of wire suspended 
above the ground, while the ground or earth connection 
could be a metal spike driven into the ground. When a 
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Figure U-1 Amplitude modulation 
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Figure U-2 Basic crystal radio 


capacitor is connected in parallel with an inductor and 
an alternating voltage applied across the combination, 
alternating current will flow. The amount of current that 
flows depends upon the frequency of the applied 
voltage. At a particular frequency, called the resonant 
frequency, almost no current flows. For frequencies 
above or below the resonant frequency, significant 
current will flow. In Figure 4-2, capacitor C1 plus the 
aerial capacitance forms the capacitor of our tuned 
circuit, while L1 forms the inductor. At the resonant 
frequency of the tuned circuit, almost no current flows 
to earth through L1 or Cl, leaving virtually all of it free 
to flow through the detector. Alternating currents at 
broadcast frequencies either above or below the 
resonant frequency will tend to flow through C1 or L1 
to earth. Thus we have added selectivity to the receiver. 
Notice that Cl is adjustable, as signified by the arrow. 
By varying Cl we can tune the receiver to select 
specific broadcast frequencies. 


The main requirement for a detector is that it should 
act as a non-return “valve” or one-way “switch” to the 
alternating currents of the AM wave. If you could look 
at the alternating current in a circuit you would see it 
flowing back and forth, first one way and then the other. 
A detector placed in such a circuit allows the alternating 
current to flow easily in one direction but not in the 
other. Certain naturally occurring minerals were found 
to have this property and these became some of the 
earliest forms of detectors. One such mineral, the 
crystalline form of galena (lead sulphide), was found 
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to be particularly good at detection, and became very 
popular for building crystal radios. The detector consists 
of galena in a small cup or tin. A small coil of wire, 
with one free end was called the “cat’s whisker” which 
was used to make contact with the crystal. 


The remaining uni-directional current is filtered by 
the combined effect of the headphone impedance and 
the capacitor at C2 and only the desired audio signal 
current passes on through to the headphones at H1. 

One drawback with the very simple circuit shown is 
that it has little selectivity. That is, it picks up all AM 
broadcast signals with similar efficiency and often close 
together. So as time passed more advanced, more 


sensitive and more selective receivers were born. 


Let’s construct a simple crystal radio. In order to build 
the crystal radio shown in Figure 4-3, you will need to 
secure some tools and supplies. First you will need to 
find a clean well lit work bench or table to spread out all 
your tools, charts, diagrams and components. You will 
also need to secure a soldering iron, some 60/40 rosin 
core solder and a small jar of “Tip Tinner,” a soldering 
iron tip cleaner/dresser, obtainable from your local 
Radio Shack store. You will also want to locate some 
small tools such a pair of end-cutters, a pair of needle- 
nose pliers, a magnifying glass and a set of Phillips and 
flat-blade screwdrivers for this project. Grab the crystal 
radio schematic, see Figure 4-2, and the resistor and 
capacitor identification charts, and place them in front 
of you, so we can get started building the project. The 
resistor identification chart in Table 4-1 will help you 
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Figure U-3 AM crystal radio 


identify resistors needed for the some of the projects in 
this chapter. Each resistor will have three or four colored 
bands on the body of the resistor. These colors identify 
the resistor’s value. The color bands start at one end of 
the resistor, the first colored band is the first digit of the 


resistor’s value, while the second resistor represents 


Table 4-1 
Resistor color code chart 


Color Band Ist Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


Silver 


VOD 0 lala Aaa A WO NY KF O 
VOD 0 J]0 4 A WO NY KF oO 


No color 


end Digit 


the resistor’s second digit of the value. The third colored 
band is the resistor’s multiplier value. For example, a 
resistor whose first color band is yellow represents a 
digit four (4), while a second color band which is violet 
is seven (7). If the third color band is orange, then the 
multiplier would be (000) or one thousand, so the value 
would be 47,000 or 47k ohms. Resistors usually have a 
fourth colored band which represents the resistor’s 
tolerance value. A silver band denotes a 10% tolerance 
value, while a gold band denotes a 5% tolerance 
resistor. No color band represents a tolerance 

value of 20%. 


Our crystal radio projects in this chapter all utilize 
capacitors of some sort. Capacitors usually are available 
in two major classifications, polarized and non- 
polarized. The project in this chapter will utilize only 
non-polarized capacitors. Non-polarized capacitors can 
often be physically very small and not have their actual 
value printed on the body of the capacitor, so a chart 
was developed to help identify a capacitor using a 
three-digit code. See Table 4-2. 


As this project will not require a circuit board, we 
will build the crystal radio on a 6” x 6” x %” wood 
block base. You can elect to use an additional piece of 
wood at a right angle to the base as a front panel to 
secure the tuning capacitor as shown in Figure 4-3. 


Multiplier Tolerance 
1 

10 1% 
100 2% 
1,000 (K) 3% 
10,000 4% 
100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 
0.01 10% 


20% 


Table 4-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.11F 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.001 SuF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 .1 Mylar 104 
220 pF Ceramic 221 v Mylar 204 
330 pF Ceramic 331 ae Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 6 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


Next, you will need to locate a plastic or cardboard tube 
approximately 3% to 4” long by 2” in diameter on which 
to wind your coil. Punch a hole at both ends of the tube 
about 4” from the actual end of the tube. Start winding 
the coil at one end of the tube using +24 ga. enameled 
wire, leave about 6” of wire free at the first hole to 
allow connection to the circuit. Wind the coil with each 
winding touching the previous winding but not 
overlapping the prior winding. Wind about 

150 turns of wire across the length of the tube. After 
winding about 150 turns take the free end of the 
remaining wire and put it through the last punched hole, 
leave about 6” of wire so you can connect the coil to the 
circuit. When you are finished winding the coil, you 
can varnish the coil winding or just spray Krylon 
around the coil to keep the winding close to the coil, 

so they won’t spread out or come loose. Fasten the coil 
to a 6” x 6” wood block; you can mount the coil upright 
as shown in Figure 4-3, or you can lay the coil down 
near one edge of the wood block and secure it to the 
block with some brackets or clips. You will have to use 
a knife and scrape off the enameled insulation of the 
two coil wires before you can fasten or solder them to 
the tuning capacitor. Now fasten the tuning capacitor 

to the wood block near the coil assembly, and wire the 
coil in parallel with the tuning capacitor. Next locate a 
germanium diode; make sure you use only a germanium 
diode and not the more common silicon diode. 

Remember to observe the correct polarity when 
connecting the diode in the circuit, the black to white 
colored band is the cathode lead. The cathode end of the 
diode points to the headphone in the circuit diagram. 
The anode side of the diode connects to one end of the 
“tank” or coil/capacitor and the cathode side of the 
diode connects to capacitor C2 and one end of the high 
impedance headphones. The free end of the headphones 
connects to the remaining end of the capacitor at C2 
which connects to the free end of the “tank” circuit. 
You can connect the headphones via a terminal strip, 

a Fahnestock clip or headphone jack mounted on the 
wood block. Crystal radios generally require high 
impedance headphones, so you must use either a small 
crystal headphone or a pair of older high impedance 
(2000) ohm headphones; these are still available 
through EBAY or from Antique Electronics. 


You could elect to build the radio using a galena 
crystal, with a “cat’s whisker” instead of the germanium 


diode to give the radio an “old-time” look if desired: 
see the Appendix for Antique Radio Supply. 


Connect an antenna and a ground wire to rod in the 
ground or an electrical ground in your house and your 
crystal radio will be ready to test out. The ground wire 
can be attached to a metal cold water pipe, or to a metal 
rod stuck a couple of feet into the earth. Do not attach it 
to a line carrying gas or electricity. The crystal radio 
will operate forever without a power supply, but you do 
need a good antenna to make the radio work well. The 
simplest outdoor antenna for receiving signals is a 
horizontal wire with the lead-in wire to the set 
connected on one end. An insulated wire 50 to 100 feet 
long placed as high and clear of surrounding objects as 
possible works best: see Figure 4-4. Both ends of the 
antenna should have insulators and rigid support. Tree 
branches are not good because they sway in the wind. 
If you use a tree trunk, have slack in the wire so it can 
move without pulling the wire. Keep the antenna wire 
far away from chimneys, metal roofs, gutters, drain 
pipes, telephone, and especially power lines. The 
antenna and lead-in should be one continuous piece of 
wire. Use stranded copper wire, with only the lead-in 
extending beyond the insulator. A lightning arrestor and 
ground wire should also be used to avoid a direct hit by 
lightning. 


A crystal radio will generally be able to detect radio 
signals within 25 to 35 miles, during the day and often 
much further at night. A simple crystal radio is not very 
selective, if there are many local AM radio stations that 
are close in frequency, then you may have some trouble 
tuning them in, and you may have to build a more 
selective radio, such as the All-Wave model below. 

The crystal radio project above is a great project for 
demonstrating the principles of AM radio and the fun 
and excitement of building a crystal radio or 
“free-power” radio. 
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Figure U-Y Basic long-wire antenna 


FM radio crystal radio 


Believe it or not, you can actually create a simple FM 
radio crystal radio. An FM crystal receiver is depicted in 
Figure 4-5. The key to understanding how this simple 
circuit can decode FM signals is to understand what 
happens when an FM signal is coupled to a tuned circuit. 
A good tuned circuit (one with a high “Q factor”) 

will attenuate signals that are not near its resonant 
frequency. If you apply an FM signal to a good tuned 
circuit, as the frequency of the FM signal moves away 
from the resonant frequency of the tuned circuit, 

the tuned circuit will attenuate that signal. As the 
frequency of the FM signal moves toward the resonant 
frequency of the tuned circuit, the tuned circuit will let 
more of the signal pass through. Thus, a tuned circuit 
will impose amplitude changes on an FM radio signal 
that match the frequency changes. A crystal diode is 
sensitive to amplitude changes, so it converts the 
amplitude changes into a signal that the listener can 
hear through headphones. 


Using a tuned circuit to induce amplitude changes 
onto an FM signal, then converting the amplitude 
changes to sound frequencies, is called slope detection. 
“Slope” refers to the slope of the tuned circuits’ 
attenuation curve. If you have an AM receiver you can 
listen to an FM signal by using the slope of the tuned 
circuits in the receiver. This slope tuning method gives 
you none of the real advantages of FM. For instance, 
FM is noted for its immunity to static. An AM receiver 


Figure U-5 FM crystal radio 


used to slope detect will hear static. The only real 
advantage to slope detection is that is can be cheap and 
convenient. When tuning in an FM signal with an AM 
receiver, the clearest sound occurs when the FM center 
frequency is offset from the center frequency of the 
receiver’s tuned circuits. If the FM signal is at the 
receiver’s center frequency, then frequency deviations 
both up and down produce downward amplitude 
changes. When the FM signal is off center frequency, 
up and down frequency changes create up and down 
amplitude changes in the receiver. 


The FM crystal receiver circuit, shown in Figure 4-6, 
looks almost identical to a classic AM crystal circuit; 
but look closely, there are a few major changes. 

The FM crystal radio is relatively easy to build and 

can be built on a small block of wood as shown. The 
components values for the “tank” or resonant circuit 
were reduced to resonate at higher frequencies in the 
FM band. This was done by experimenting with smaller 
and smaller coils and capacitors values. The antenna is 
also much reduced in size (from that of AM crystal radio) 
to resonate at higher frequencies. The antenna is actually 
a 7” long bare copper wire. The coil at L1 is just four 
turns #18 copper or silver wire, 12 mm inside diameter, 
tapped at 2.5 turns, The coil was wrapped around a 
“magic marker,’ then slipped off and expanded. As you 
can see, this is far different than the 150 turn coil for the 
AM crystal radio. The detector diode, once again, is a 
1N34 germanium diode and not a silicon diode, or you 
could use a galena crystal as a detector if you desire. 
Capacitor C3 is 18 pF, but is not critical and can be 10 to 
50 pF. Resistor R1 is a 47k ohm, 4 watt, 5% carbon 
composition type. The air variable capacitor, used in the 
prototype, was an 80 pF variable type and it had two 
trimmers in it which should be adjusted for best reception. 
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Figure 4-6 Simple FM crystal radio 


Commonly available vernier dial and knob will fit the 
tuning capacitor and will work nicely. When building 
the FM crystal radio it is important to keep the 
components physically close together and the wiring 
short as possible. You can build the FM crystal radio in 
an open style format on a wood or Lucite plastic sheet. 
You can make your receiver a work of art, and impress 
your friends with an FM crystal radio built from scratch. 
Note that you will have to use high impedance 
headphones for this receiver. A detected FM signal is 
converted to AM due to an effect called slope detection 
that modulates amplitude. 


This FM crystal radio works best near the transmitter, 
reception seems fine up to 15 miles away. Secondly, 
the sound level is not very loud; a quiet room is best 
for listening. One must be willing to move the set 
around to find a location for the best reception of signals. 
If desired, you could connect the audio output of the 
FM set directly to an audio amplifier’s fed to a small 
speaker. 


Supersensitive 
AM/Shortuwave crystal 
radio 


There are several characteristics that make the 
difference between a good and a great receiver. One of 
these characteristics is sensitivity. Great receivers can 
pick up weak signals and amplify them into a useful 
output. A second characteristic is selectivity. Great 
receivers can separate signals so that only one is heard 
at a time. The third and final thing that separates good 
receivers from great receivers 1s fidelity. Great receivers 
not only pick up weak signals but can reproduce a 
signal without distortion. The last project in this chapter 
is the All-Wave, AM/Shortwave crystal radio. This 
All-Wave design takes the crystal radio concept a little 
further and provides a more sensitive and more selective 
radio for you to build and enjoy. 


The All-Wave Crystal Radio 1s a supersensitive and 
selective AM and shortwave receiver; see Figure 4-7. 
The design of the All-Wave radio has been around since 
the early 1930s and is still a very efficient receiver 
design that is fun to build and use. The receiver will 


Figure U-7 Shortwave crystal radio 


tune from below the AM broadcast band to around the 
40 meter band, so you will be able to pickup 
international shortwave reception quite well. You will be 
surprised how well 1t performs with a good pair of high 
impedance headphones. 


The key to this efficient receiver’s design lies with 
the two coils, L1 and L2, which are shown in the 
schematic at Figure 4-8. Coil L2 is a multi-tapped 
plug-in coil based on the band selected. For the AM 
radio band, L2 is the 54 turn multi-tapped coil, with 
tapped from the ground end at 6T, 15T, 27T and at 40T. 
The shortwave version of the L2 coil is a 15 turn 
multi-tapped coil with tapped at 3T, 6T, 9T, and 12 turns. 
Depending upon the band chosen, you simply plug in 
the AM or shortwave coil. The AM and shortwave coils 
(L2) were wound on a 3” cardboard tube, but you could 
use a plastic form instead. The untuned primary coil (L1) 
was wound a slightly smaller 2 % form, so that it can be 
slipped inside of the L2 coil at the ground side of the 
coil assembly. The interchangeable coils (L2) were 
mounted on a non-metallic carrier, a piece of phenolic 
board with five pin-plugs secured to the carrier board. 
The coil form for L2 was glued to the phenolic carrier 
board which forms the plug-in coil assembly. The wire 
tapes are brought out to the five pin-plugs on the carrier 
board, so that the coil (L2) assembly can be plugged into 
sockets on the radio’s wood base plate, see Figure 4-9. 
This will allow either the AM coil or the shortwave coil 
to be plugged into the crystal receiver. You could elect 
to build a fixed coil version of the crystal radio for 
either AM or shortwave reception if you desire, making 
the receiver a bit easier to build. 


The detector for the All-Wave Crystal Radio can be 
either a 1N34 germanium diode or you could elect to 
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Figure 4-8 Sensitive/selective AM/shortwave crystal radio. Courtesy of Midnight Science 


Figure 4-9 Shortwave coil assembly 
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build the radio more like the “original” version by using 
a galena crystal with a “cat’s whisker.” The galena crystal 
and “cat's whisker” are still available, see Appendix. 

Be careful to install the diode or galena crystal with the 


proper orientation. 


The original All-Wave receiver used a 500 pF tuning 
capacitor at Cl, but you could also use a 365 pF type 
which are easier to locate from sources such as Antique 
Radio Supply. Mount the tuning capacitor to the wood 
block base using standoff and screws. The ceramic disk 
capacitor at C2 acts as an audio filter, ahead of the high 
impedance headphones. 


The All-Wave receiver needs to be used with either a 
crystal earphone or a pair of dual high impedance (2K) 
headphones such as the old Baldwin or Brandes 
headphones which are still available via EBAY or 
from Antique Radio Supply, see Appendix. 

Switches S1 and S2 are used to select the taps between 
the antenna and the detector. The two switches are 
labeled Right and Left as shown in the diagram. The 
same station may come in on several taps, but use the one 
which places the station lowest on the turning capacitor 
setting for the loudest signals. Move the Right (S2) 
forward or clock-wise, one to three taps before advancing 
the Left switch (S1). The efficiency of this radio seems to 
lie partly in the low loss coils, but mostly in the one basic 
change in the circuit, in which the detector is connected 
permanently to the last turn of L2 towards ground. 

The All-Wave Crystal radio is just about completed 
and you now have only to connect a good antenna and 
ground for the receiver to spring-to-life! The All-Wave 
Crystal Radio should be connected to a good ground 
such as a cold water pipe or 6 to 8 foot copper ground 


rod pounded into the ground. The All-Wave receiver 
will perform best with an 80 to 100 foot insulated 
long-wire antenna placed up-in-the-air outdoors 
away from metal objects. An alternate antenna 

might be a 50 to 60 foot insulated wire strung around 
your attic, away from any metal objects. You will be 
amazed at how well this receiver will work with a 
good antenna and a good pair of high impedance 
headphones. 


In the event that your new All-Wave Crystal Radio 
fails to work, you will have to re-check a few details. 
First check the diode and how it was oriented in the 
circuit, you may have placed it backward and this will 
prevent the receiver from functioning. You will also 
need to check the coil connections and placement of L1 
with respect to coil L2. There is no polarity regarding 
coil L1, but its placement at the ground end of L2 is 
important in order for the receiver to work properly. 
Also check the connections to L2, you may have 
reversed two end wires of the coil, and this will prevent 
the radio from working as well. Try the receiver once 
more, hopefully all of the connections are right now 
and the receiver should work fine. Reconnect up your 
ground and antenna, put on your high impedance 
headphones and you’ll be ready to listen to your new 
All-Wave receiver. You may want to have a “log” book 
close to your new radio to log down the far away 
stations you will receive with this radio. During 
nighttime hours, you will be able to receive stations 
much further away, and when the shortwave coil is 
plugged in you will hear international shortwave 
stations from all around the world on your new All-Wave 
receiver. Have fun with your new All-Wave crystal radio. 


Parts list 


TRF AM Radio Receiver 


TRF AM Radio Project 


Ri: 120k Om, 24 Watt, 


5% resistor 


RA 2 E obne A watt; 


5% resistor 


R3 10k ohm 


potentiometer (volume) 


R4 10k ohm 


potentiometer (trim) 


R5 820 ohm, 4 watt, 


5% resistor 


RGO R9 RIS: -LOK Ohm, 


‘4 watt, 5% resistor 


RRO 22k 05M, Y Watts 


5% resistor 


R10 150k ohm, 4 watt, 


5% resistor 
R11,R12 4.7k ohm, 

ly watt, 5% resistor 
Cl, “SO. AE: 30 OLE 


polyester capacitor 


CZ. B00 pr Eunñiag 


capacitor (variable) 


ES: LOUE uo MOLE 


polyester capacitor 
CAU 2242) MEP 00: VOLE 


electrolytic capacitor 


C6 33 uF, 35 volt 


electrolytic capacitor 


E7 220 UF, -35 volt 


electrolytic capacitor 


C8 2200 HF, 35 volt 


electrolytic capacitor 


El. -220 MH coil; see. text 
(Ocean State-LA-540) 


DL DA D3; D4; DDO 
1N4148 silicon diodes 
Qi BC108B-NTE123A 


transistor 


Oz BCLOJC=NTELZ9AF 


transistor 


OS - {BOLIC ANTE D4 


transistor 


UL ZN414 or MK484 - 
DRE Radir TO 


U2 LM741 Op-amp IC 
Sl SPST power switch 


Bl 9-volt transistor 


radio battery 


SPK 8-ohm speaker or 
headphone 


Misc PC board, chassis, 
battery holder, 
battery clip, wire, 


hardware 


AM radio is the name given for the type of radio 
broadcasting used in the medium wave band in all parts 
of the world and in the long wave band in certain areas, 
notably Europe. Medium wave frequencies in the US 
range from 540 to 1710 kHz with 10 kHz spacing. 

The letters AM stand for amplitude modulation, 
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the technique by which speech and music are impressed 
on the radio waves. The sound waves from the studio 
are converted into electrical signals by the microphones, 
and these electrical signals are used to vary the 
amplitude, or the distance from ‘peak’ to ‘trough’ of the 
main constant frequency carrier wave generated at the 
transmitting station. As a result, the signal radiated by 
the station varies in amplitude in step with the 
variations in the loudness and pitch of the sound in the 
studio. In the receiver, the amplitude variations of the 
radio signal are separated from the carrier wave by a 
process known as demodulation, and after further 
amplification are fed to the loudspeaker. 


Amplitude modulation is also used by international 
broadcasting stations operating in the shortwave band, 
and for some professional communications such as air 
traffic control, ship-to-shore traffic, and some mobile 


radio services. 


AM radio stations in the medium wave or AM radio 
band can provide a service over an area the size of a 
town or of a whole continent, depending upon the 
power of the transmitter which can vary from less than 
a hundred watts to hundreds of kilowatts. Long wave 
AM radio stations cover even larger areas. Normally, 
all radio waves travel only in straight lines, which would 
limit a radio station to an area of only about 40 miles 
(65 km) in diameter—as far as the horizon. Medium 
and long wave stations can actually cover much larger 
areas because their signals are bent round the curvature 
of the Earth by the ionosphere (an electrically charged 
layer in the upper atmosphere which can reflect radio 
waves). In the US, where AM radio stations are 
operated on a commercial basis, coverage is generally 
and deliberately limited to one city and its environs. 
Major cities such as New York are served by large 
numbers of stations, each radiating a different program. 
AM radio stations in the US generally operate with 
omni-direction patterns during the day. In the evening 
many AM broadcasters switch to directional antenna 
beam patterns, and their broadcasts go much further due 
to ionospheric bending. This is why you can hear AM 
broadcast stations more distant in the evening. 


AM radio first began with the experimental broadcast 
in 1906 by Reginald Fessenden, and was used for 
small-scale voice and music broadcasts up until World 
War I. The great increase in the use of AM radio came 
the following decade. The first licensed commercial 


radio services began on AM in the 1920s (the first 
licensed American radio station was started by Frank 
Conrad: KDKA in Pittsburgh, Pennsylvania). Radio 
programming boomed during the “Golden Age of 
Radio” (1920s—1950s). Dramas, comedy and all other 
forms of entertainment were produced, as well as 
broadcasts of news and music. 


The quality of reproduction on AM radio is not 
as good as FM radio because of limitations in the 
amplitude modulation technique itself and because 
of overcrowding and subsequent interference in the 
medium wave band. Interference is particularly serious 
at night because the nature of the ionosphere alters after 
sunset, so that it can then reflect medium wave signals 
back to Earth a long way beyond their normal service 
area. Here, they interfere with other stations, producing 
whistles and other unwanted noises. 


The AM method is still used for most popular 
broadcasting. Although the alternative FM radio system 
gives better quality, it is more difficult to receive, and is 
less suitable than AM for use in inexpensive transistor 
portables and car radios. 


The most important concept in any communications 
system is the ability to send information from one place 
to another via a transmitter to a receiver, see Figure 5-1. 
This means you have to find a way to impress the audio 
signal information on the radio wave in such a way that 
it can be recovered at the other end. This process is 
known as modulation. In order to modulate a radio 
wave, you have to change either or both of the two 
basic characteristics of the wave: the amplitude or the 
frequency. 


If you change the amplitude, or strength, of the signal 
in a way corresponding to the information you are 
trying to send, you are using a modulation system 
called amplitude modulation, or AM. The earliest means 
of radio communications was by Morse code, and the 
code key would turn the transmitter on and off. The 
amplitude went from nothing to full power whenever 
the key was pressed, a basic form of AM. 


Modern AM transmitters vary the signal level 
smoothly in direct proportion to the sound they are 
transmitting. Positive peaks of the sound produce 
maximum radio energy, and negative peaks of the 
sound produce minimum energy. 


The main disadvantage of AM is that most natural 
and man made radio noise is AM in nature, and 
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Figure 5-1 AM broadcast system block diagram 


AM receivers have no means of rejecting that noise. 
Also, weak signals are (because of their lower 
amplitude) quieter than strong ones, which requires the 
receiver to have circuits to compensate for the signal 
level differences. 


An AM radio station takes a low-frequency audio 
signal such as people talking or music (2500 Hz) and 
mixes it or superimposes on a high-frequency carrier 
wave (540 kHz), see Figure 5-2. It sends this radio 
signal out into the air as electromagnetic waves using a 
tall antenna. The electromagnetic wave travels through 
the air, going in all directions. At home, your AM radio 


takes this incoming signal, in a process called detection. 


With amplitude modulation it is simple. All you need to 
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Figure 5-2 AM carrier and modulation signals 


600 


do is to rectify the signal, through a rectifier which 
removes the bottom half of every cycle. Essentially you 
are throwing away the high-frequency or carrier part, 
but keeping the low-frequency or audio part. At the 
output of the detector the original audio information is 
sent to the speaker in your radio. You then “hear” 
whatever was broadcast at the radio station. 


The AM radio project that we are going to build in 
this chapter is called a TRF or tuned radio frequency 
type AM radio, see Figure 5-3. The TRF AM Radio 
design was at the forefront of radio design in the early 
1920s. It utilized a tuned front end which allowed only 
RF energy of interest to be amplified by the RF 
amplifier, the signal was then passed on to the detector 
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Figure 5-3 AM TRF receiver 


followed by an audio amplifier to drive headphones. 
Early TRF radios had up to three controls for tuning the 
receiver, but later all three controls were consolidated 
into “tuning” control. Our modern day TRF receiver 
shown in the block diagram in Figure 5-4 illustrates the 
three major components of the AM TRF receiver. The 
first block consists of the tuned RF front-end resonant 
coil/capacitor, the second block consists of the MK484 
IC, an integrated circuit RF amplifier and detector, and 
finally the third block, which is an audio amplifier. 


The TRF AM radio project was designed around the 
popular MK484 TRF integrated circuit module, shown 
in Figure 5-5. This receiver covers the medium wave 
band or (AM) radio band from approximately 540 to 
1700 kHz. The TRF front end consists of two 
components, the ferrite aerial coil and the tuning 
capacitor and the MK484 TRF IC. The important word 
is tuned, since this AM radio is called a TRE, or tuned 
RF radio All the AM signals reaching the radio are 
very weak. Only that signal which matches the TRF 


Tuned radio RF amp Audio 
frequency and amplifier 
(TRF) detector 


Figure 5-4 TRF AM radio block diagram 


frequency is magnified by resonance so that it stands 
out at a very much higher level of signal strength. 

The original ZN414 IC, has now been replaced by the 
MK484, which is considerably easier to locate. The 
integrated circuit is a 3-pin, tuned radio frequency 
circuit, and incorporates several RF stages, automatic 
gain control and an AM detector. The receiver 
front-end is easily overloaded and the operating voltage 
of the IC is somewhat critical to achieve good results, 
but all-in-all the receiver is a great little radio for AM 
reception. The TRF radios were some of the first radios 
on the scene when the dawn of radio appeared in the 
early 1920s. 


The front-end of the TRF receiver as mentioned 
consists of a tuned circuit composed of the ferrite 
inductor, a tuning capacitor and the TRF radio chip. 

A small square plastic 0-200 pF tuning capacitor was 
used for this radio project, but you could locate any 
suitable tuning capacitor within the range and it will 
work equally well. Often these small tuning capacitors 
will have additional on-board trimmer capacitors, but 
we used only the main tuning capacitor in the center 
of the device. 


The second critical component of the TRF receiver 
is the coil at L1, which is wound on a ferrite bar. First, 
let's begin winding the coil at L1. The coil needs 
approximately 65 turns of #28 gauge enameled Litz 
wire on a 2%” long ferrite rod. The windings should 
measure approximately 25 mm wide. Start winding the 
coil, close to one end, by securing the enameled wire by 
a piece of insulating tape. Leave approximately 100 mm 
for connection. The quality of reception is dependent 
upon the care taken in winding the antenna coil. 


The signal reception will vary, dependent upon 
location, and is better away from large buildings that 
can distort the signal. Wind the wire tightly around the 
ferrite rod, taking care to keep the coil together and not 
to overlap the windings. To help hold the windings in 
place a piece of double-sided tape can be placed on the 
ferrite rod. Before soldering the antenna coil to the 
circuit board, you will need to scrape off the enamel 
coating from the ends of the wire. The two components 
L1 and C2 are connected in parallel to form an LC 
network. The Litz wire coil and the ferrite bar give the 
LC network a high “Q” or quality factor. This is 
important to the selectivity of the receiver, that is the 
ability to tune into one radio station at a time. 
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Figure 5-5 TRF AM receiver broadcast band receiver 


The coil winding and the ferrite bar act as an efficient 
wire antenna, as no additional antenna is required. The 
only disadvantage is that the tuned circuit is directional 
and depends on the orientation of the bar with respect 
to the originating broadcast station. The coil winding 
and the ferrite bar act as an efficient wire antenna. 

No additional external antenna is needed. The only 
disadvantage is that the tuned circuit is directional. 
Signal strength depends on the orientation of the bar 
with respect to the origin of the signal. The coil and 
tuning capacitor may be taken from an old AM radio 
to save time, 1f desired. 


The third main component of the TRF radio front-end 
is the TRF integrated circuit. The MK484 is a Japanese 
copy of the original ZN414. It contains an RF amplifier, 
active detector and automatic gain control (AGC to 
improve sensitivity) all in a 3-pin package. The input 
impedance is typically 4 M ohm. It operates over 
a range of 150 kHz to 3 MHz. DC supply of 1.1 V to 
1.8 V and 0.3 mA current drain makes it ideal for 


R5 


battery operation. The output is typically 40—60 mV of 
audio signal. It is important to realize that the radio IC 
does not create any sounds by itself. It can only take the 
RF signal provided from the TRF circuit, amplify it, 
separate the audio signal from the RF (called detection) 
and pass the audio signal on to be amplified. It has no 
selective or rejection components contained in it. (This 
is in contrast to superhetrodyne receivers.) 


In this circuit, a small voltage regulator is built 
around the BC108B transistor, four 1N4148 diodes, the 
2.7k and 10k preset resistor and the 820 ohm resistor. 
The 10k pot acts as a selectivity control for the whole 
receiver, controlling the operating voltage for the 
ZN414 (or MK484). If you live in an area that is 
permeated with strong radio signals, then the voltage 
may need to be decreased. I found optimum 
performance with a supply of around 1.2 volts. 

The audio amplifier is built around an inverting 
741 op-amp amplifying circuit. Extra current boost 1s 
provided using the BC109C/BC179 complementary 


transistor pair to drive an 8 ohm loudspeaker. The 
voltage gain of the complete audio amplifier is around 
15. The audio output of the complete receiver is really 
quite good and free from distortion. I used a small 
wooden enclosure and the complete tuning assembly 
from an old radio. 


Before we begin the AM radio project, you will want 
to locate a well lit and well ventilated work space. You 
will want a large work table or work bench to spread 
out all you components, diagrams and tools. Locate a 
small pencil tipped 27 to 33 watt soldering iron and a 
roll of 60/40, 22 ga. tin/lead rosin core solder. If you 
don’t have a jar of “Tip Tinner,’ a soldering iron tip 
conditioner/dresser, then you will want to go to a local 
Radio Shack store and purchase one. Place all the 
component parts in front of you along with the 
necessary project diagrams, so it will be easy to work 
with everything in front of you. Grab a few small tools, 
such as a pair of end-cutters, a pair of needle-nose 
pliers, a pair of tweezers, a magnifying glass, a small 
flat-blade, and small Phillips screwdriver. Once 
everything 1s right in front of you we can begin 
building the AM radio project. Warm up your 
soldering iron and we will begin. It is a good idea 
to use a circuit board for this project, since circuit 
boards provide a more reliable method used to build 
circuits: you could elect to use prototype construction 


Table 5-1 

Resistor color code chart 

Color Band Ist Digit 

Black 0 0 
Brown 1 1 
Red 2 2 
Orange 3 3 
Yellow 4 4 
Green 5 5 
Blue 6 6 
Violet il 7 
Gray 8 8 
White 9 9 
Gold 

Silver 


No color 


end Digit 


or point-to-point wiring on a perf-board as an 
alternative. 


Refer to the chart in resistor color chart in Table 5-1 
and the capacitor code chart in Table 5-2. Resistors used 
in this project will be mostly carbon composition type 
resistors and potentiometers. Each resistor will have 
three or four color bands on the body of the resistor. 
The first band closest to one edge will be the first color 
which represents the first value. For example, a brown 
color band will signify the first digit as a one (1). The 
second color band represents the second digit value. So 
if the second color is red, then the value of the second 
digit would be two (2). The third color band is the 
multiplier value. So, if the third color is orange then the 
multiplier value would be (000), so the resistor value 
would be 12,000 or 12k ohms. Often there 1s a fourth 
color band which represents the tolerance value. No 
fourth band denotes a resistor with a 20% tolerance, a 
silver band denotes a 10% tolerance value, and a gold 
band represents a 5% tolerance value. Now refer the 
capacitor code chart. Many small capacitors are too 
small to have their full value marked on the body of the 
capacitor, so a three-digit code 1s used to represent the 
value. 


Let's begin installing the project resistors now; find 
and identify a couple of resistors at a time. Once you are 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


Table 5-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.11F 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 .1 Mylar 104 
220 pF Ceramic 221 v Mylar 204 
330 pF Ceramic 331 ae Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 6 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


sure you have correctly identified each resistor, and you 
know where each resistor is placed on the PC board, 
you can go ahead and install them on the circuit board. 
Solder the resistors in place and then trim the excess 
component leads with your end-cutters. Cut the excess 
component leads flush to the edge of the circuit board. 
Install the remaining resistors, solder them in place and 
remember to trim the excess leads from the board. 


Next we will move on to installing the capacitors. 
This project uses two types of capacitors, small mica or 
polyester types and electrolytic types. The smaller 
capacitors may not have their actual value printed on 
them, but might have a three-digit code on them. 

Refer to the capacitor code chart to help identify 

each capacitor before installing them on the PC board. 
Slowly identify each capacitor and place it in the correct 
location on the circuit board. Solder these small 
capacitors in their respective locations after referring to 
the schematic and parts layout diagrams. This project 
also utilizes larger electrolytic capacitors. Electrolytic 
capacitors have polarity and this must be observed if the 
circuit is to work correctly. Take a look at one of the 
larger electrolytic capacitors and you will notice that it 
may have a black or white color band or a plus (+) or 
minus (—) marking on one side of the capacitor body. 
When placing these types of capacitors on the circuit 
board, be sure you have oriented the capacitor correctly. 


Figure 5-6 Semiconductor pin-outs 


Install the electrolytic capacitors on the circuit board 
and solder them in place; remember to trim the excess 


component lead with your end-cutter. 


Let’s move on to installing the silicon diodes. The 
AM radio project uses six silicon diodes, and they too 
have polarity which must be observed. Each diode will 
have either a white or black band at one end of the 
diode’s body. This band denotes the cathode lead of 
the particular diode. Refer to the parts layout and 
schematic diagram when installing the six resistors. 
Place the diodes on the circuit board and solder them 
in place on the board. Don’t forget to cut the extra lead 
lengths. 


Locate the semiconductor pin-out diagram shown in 
Figure 5-6. Now, go ahead and identify all three of the 
transistors for the project and install the transistors on 
the circuit board. There are two NPN types and one PNP 
type transistors in the AM radio project. Transistors 
usually have three leads, a Base lead, a Collector lead 
and an Emitter lead. The symbol for a transistor is a 
vertical line which is the Base lead and two lines 
running at 45°angles with respect to the Base lead. 

The angled lead with the arrow pointing towards or 
away from the Base lead is the Emitter lead and the 
remaining lead is the Collector lead. Be sure you can 
identify each of the transistor leads before placing them 
on the circuit board. Solder the transistors in place on 


ZN414 


MK484 
MK484 
1 2 3 
OUT IN GND 
ZN414 
MK484 


the circuit board; when finished remember to trim the 
excess component leads. 


The ZN414 or MK484 TRF module looks very much 
like a common three-lead transistor. Carefully refer to 
the pin-out diagram for the MK484 before installing, in 
order to prevent damaging it upon power-up. One lead 
is the input lead from the tuned circuit. One lead is the 
ground lead and the remaining lead is the output lead 
which is directed to the actual circuit. 


The AM radio project uses a single dual in-line 
integrated circuit, an LM471. We elected to use an IC 
socket as insurance against a possible circuit failure 
at some point in time. Integrated circuit sockets are 
inexpensive and make life easier in the event of a circuit 
problem, since it is much easier to unplug an IC rather 
than attempting to unsolder a multi-pin integrated 
circuit. Go ahead and solder-in a good quality IC socket 
for U2. Take a look at U2 and you will notice that at 
one end of the plastic package you will find a cut-out, 
notch or indented circle. Pin 1 of the IC will be just to 
the left of the notch or cut-out. Be sure to align pin of 
the IC to pin 1 of the IC socket, pin 1 of U2 is the null 
offset pin which is not used in this circuit. Note that pin 
2 of U2 is the inverting input which is connected to the 
junction of R6 and R8. 


Next locate the ferrite inductor coil or L1; you will 
notice that it is in parallel with the tuning capacitor C2. 
The parallel tuned circuit is placed between capacitor 
C1 and the input of U1, the MK484 TRF IC. These 
components are best placed at one end of the PC board 
if possible, or can be placed off the PC board on the 
front of your enclosure. Now, locate the volume control, 
the 10k ohm potentiometer; it is a chassis mounted 
control which can be mounted on the front panel of 
your enclosure. 


Let’s wrap up the project. First you will want to 
solder the battery clip; note that the black wire of the 
battery clip will go to the circuit board minus 
or ground bus and the red battery clip wire will go in 
series with one post on the on-off switch at S1, the 
remaining post of the SPST toggle switch will connect 
to the Collector of Q1. Finally locate two 4” pieces 
of #22 ga. insulated hookup wire. Bare both ends of 
the two wires, solder one end of each wire to the 
speaker leads. Now take one free wire end and solder it 
to the common ground of the circuit and then solder 


the remaining free wire end to the minus end of 
capacitor C8. 


This completes the construction of the AM radio 
project. Let’s take a well deserved rest and when we 
return we will check the circuit board for possible “cold” 
solder joints and possible “short” circuits. Pick up the 
circuit board with the foil side facing upwards toward 
you. Look closely at the circuit board, first we will 
inspect the circuit board for possible “cold” solder joints. 
The solder joints should all look clean, shiny and bright. 
If any of the solder joints look dull, dark or “blobby” 
then you should remove the solder from that joint and 
re-solder the joint over again. Now pick up the circuit 
board once again and we will look for possible “short” 
circuits. “Short” circuits are usually caused from one of 
two reasons. The first cause of “short” circuits are loose 
solder “blobs” or solder balls which can sometimes 
stick to the circuit board. The second cause for 
“short” circuits is to have “stray” component leads 
stick to the foil side of the board. Rosin core solder 
residue can often be sticky and often solder “blobs” or 
“stray” component leads can bridge across circuit 
traces causing a “short” circuit. Look over the board 
and remove anything that looks like it might be 
bridging any circuit traces. Once the circuit inspection 
has occurred, you can prepare the circuit for its 
first test. 


Connect up a fresh 9 volt battery to the AM radio 
circuit. Once the battery is connected to the circuit, you 
can “flip” the on-off switch to the on position and you 
should begin to hear some “hiss” from the speaker. If 
you do not hear anything, turn up the volume control to 
mid-position. At this point you should begin to hear some 
sounds from the speaker. Move the tuning capacitor 
control across the AM radio band and if all goes well 
you should begin to hear some local stations. Move the 
ferrite core coil or the circuit board around in a 360° 
pattern to see where the station is loudest. Hopefully the 
radio works fine without any further adjustments. 


In the event that the AM radio circuit does not work 
at all, you will have to remove the battery from the 
circuit and inspect the circuit board one more time, but 
this time you will be looking for components placed 
incorrectly. Remember earlier, we talked about certain 
components have polarity such as diodes, electrolytic 
capacitors, transistors, etc. Now, you will need to 


inspect the PC board closely to see if you might have 
placed a component incorrectly. Its easy to make a 
mistake and insert a capacitor or diode incorrectly; it 
happens to professionals too! Another possible cause 
for failure is that you may have placed an IC incorrectly 
in the socket! Finally, it’s easy to incorrectly install 

one of the transistors. Look at each transistor carefully, 
you may want to refer to the manufacturer’s 


specification and/or pin-out information sheets along 
with the circuit layout and schematic diagram to confirm 
transistor pin-outs. Once you have inspected the circuit 
board for misplaced components and have corrected any 
mistakes, you can reapply power to the AM radio circuit 
and check out the circuit once again. Have fun listening 
to your new AM radio, you will have the great 
satisfaction of listening to the radio that you just built. 


Parts list 
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FM Radio Receiver 

Ri Rio Us TK ohm; Aw, 
5% resistor (yellow- 
violet-red) 

R2,RLG@ IK resistor, 
‘yw, 5% resistor 
(brown-black-red) 

Ro RLO REF Z 0 ¿OL 
lw, 5% resistor 
(red-violet-brown) 

R4, RI). Ave ohm; Awy 


5% resistor (yellow- 


violet-orange) 
R5,R7,R8,R9,R14 10K, 
‘yw, 5% resistors 
(brown-black-orange) 
R6 470 ohm, Aw, 5% 
resistor (yellow- 


violet-brown) 


R10 22% ONM; 
AW, 5% resistor 
(red-red-red) 

RiZ RLI? LOk -ohm, 


potentiometers 


R19 2 ohm, Uwy 
5% resistor 
(red-black-gold) 


Ci . Back. OR SP; 
SOV disk Capacitor 
(marked 5 
Oe 0%) 


Solid-State FM Broadcast 
Receiver 


Cop Cope SOLO: LS 
OLUF So OS 
capacitor (marked .0l 
e LOS Or -LO RE) 


Clr oriog er FODLWE, 
257 disk Capacitor 
(marked .001 or 102 
Or -L nF) 


COCl4 TOO PE- 397 disk 
capacitor (marked 100, 
OL: “Ore OAK.) 


CO nei eZ oz Aes) O 
TO: WE y- Soy 
electrolytic capacitor 

GEO CELES CES, TOO ES 220 
UF, 35v electrolytic 


Capacitor 


CLIC 22 oF. 257-diek 


Capacitor (marked 22) 


COM pCANG EZ Sy CZ EL C29 
¿OL MES 25V disk 
capacitor (marked .0l 
or: LOS 0%: L0 ME) 


CAD- ras: ME? Sov Quise 
capacitor (marked .1 
or LOZ) 


FL1 10.7 MHz ceramic 
filter; Digi-Key 
Electronics 


Ll slug tuned plastic 


molded coil 


L2 10.7 MHz shielded 
can style IF 
transformer (421F122) 


Dl varactor diode, 
3.5 pr 


D2 Zener diode, 
6.2 “VOL 


UL. GNA CE MELSE LE 
UZ. -LM386- TC 

Us. SAGUZ TE 

OLO- :2N3904 -NEN 


transistor 


OF, ZoGZAJ Or -25€25 TOA 


NPN transistor 


Bi 9 volt transistor 


radio battery 


Misc PC board, battery 
holder, battery clip, 
RCA Jacks 


14” earphone jack, wire, 


antenna 


The FM broadcast receiver will permit you to listen to 
your favorite radio shows as well as allow you to tune 
outside of the standard FM broadcast band to “listen-in” 
to FM room bugs, FM mikes and other interesting 
hidden transmitters. The FM receiver could also be 
connected to an SCA adapter, so that you may listen to 
‘MUSAK’ radio show used in stores and restaurants. 
The FM radio project is just plain fun and will teach 
you about FM radio theory. 


The FM broadcast receiver demonstrates the basics 
of FM radio theory in one compact, simple circuit! 
Separate circuits are “sections” of the receiver, making it 
easy to visualize every function. The latest in IC circuitry 
is used in the FM receiver, which allows high performance. 


The FM receiver project is designed to receive 
wide-band FM transmissions typical of FM broadcast 
stations, wireless mikes, and telephone transmitters or 
“bugs,” rather than Narrow Band FM transmissions 
(NBFM) as used on police or public service radios. 


Why not build your own FM Broadcast receiver like 
the one shown in Figure 6-1. Not only will you learn 
how FM receiver works but you will be able to build 
and utilize your new FM radio. The FM receiver is 
great for listening to FM broadcasts and news as well as 
listening-in to commercial SCA—free music, stock 


quotes, sports, etc. The receiver has an SCA or sub-carrier 


Figure 6-1 FM receiver 


output which can be fed into an SCA converter to allow 
this reception of these signals. 


The receiver tunes from 70 to 110 MHz, ideal for 
tuning in out-of-band FM wireless mikes, “bugs” and 
other “hidden” transmitters. The FM receiver also 
features plenty of audio output, and operates from a 
standard 9 volt battery for truly portable operation. 


FM modulation 


Frequency modulation (FM) is a form of modulation 
which represents information as variations in the 
instantaneous frequency of a carrier wave. Contrast this 
with amplitude modulation, in which the amplitude 

of the carrier is varied while its frequency remains 
constant. In analog applications, the carrier frequency is 
varied in direct proportion to changes in the amplitude 
of an input signal. Digital data can be represented by 
shifting the carrier frequency among a set of discrete 
values, a technique known as frequency-shift keying. 
The diagram in Figure 6-2 illustrates the FM 
modulation scheme, the RF frequency is varied with 
the sound input rather than the amplitude. 


FM is commonly used at VHF radio frequencies for 
high-fidelity broadcasts of music and speech, as in FM 
broadcasting. Normal (analog) TV sound is also broadcast 
using FM. A narrowband form is used for voice 
communications in commercial and amateur radio 
settings. The type of FM used in broadcast is generally 
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Figure 6-2 FM modulation 


called wide-FM, or W-FM. In two-way radio, narrowband 
narrow-fm (N-FM) is used to conserve bandwidth. 
In addition, it is used to send signals into space. 


Wideband FM (W-FM) requires a wider bandwidth 
than amplitude modulation by an equivalent modulating 
signal, but this also makes the signal more robust 
against noise and interference. Frequency modulation 
is also more robust against simple signal amplitude 
fading phenomena. As a result, FM was chosen as the 
modulation standard for high frequency, high fidelity 
radio transmission: hence the term “FM radio.” FM 
broadcasting uses a well-known part of the VHF band 
between 88 and 108 MHz in the USA. 


FM receivers inherently exhibit a phenomenon called 
capture, where the tuner is able to clearly receive the 
stronger of two stations being broadcast on the same 
frequency. Problematically, however, frequency drift or 
lack of selectivity may cause one station or signal to be 
suddenly overtaken by another on an adjacent channel. 


Antenna 


oscillator 


Figure 6-3 FM broadcast receiver block diagram 


Frequency drift typically constituted a problem on 

very old or inexpensive receivers, while inadequate 
selectivity may plague any tuner. Frequency modulation 
is used on the FM broadcast band between 88 and 

108 MHz as well as in the VHF and UHF bands for 
both public service and amateur radio operators. 


FM receiver circuit 
description 


The FM receiver block diagram in Figure 6-3 illustrates 
the fundamentals of FM reception. The schematic 
diagram of the FM broadcast receiver is depicted in 
Figure 6-4. FM broadcast signals captured by the whip 
antenna or from the input jack are applied to the RF 
amplifier Q2, a high gain, low noise microwave style 
transistor. Input signals are amplified about 100 times 
or equivalent to 20 dB. After being boosted, these input 
signals are routed to the SA602 mixer-oscillator chip 
for conversion down to the 10.7 MHz Intermediate 
Frequency (IF). The SA602 is a very popular chip used 
in a great variety of receivers from cellular telephones 
to satellite receivers. The reason for its popularity is that 
it contains most of a receiver’s “front end” circuitry on 
a single, easy-to-use chip. Internal to the SA602 is an 
oscillator tuned by an external tank circuit; C11, 12, L1 
and varactor diode D1. A varactor diode acts like a 
voltage variable capacitor and the voltage applied across 
it comes from tuning pot R12. This IF signal is an exact 
reproduction of the desired signal, but at 10.7 MHz. 

We then band-pass filter it with ceramic filter FL-1. 
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Figure 6-4 FM broadcast receiver. Courtesy of Ramsey Electronics 


The ceramic filter allows only the desired 10.7 MHz 
signal to pass, rejecting any adjacent channel signals. 
Transistor Q1 amplifies the IF signal before it is applied 
to the detector chip U1. 


One of the primary advantages of FM is that the 
program information (modulation) is contained in carrier 
frequency variations and not in amplitude changes 
like AM, which would be susceptible to noise and 
interference. This means that we can limit or clip the 
signal, thus removing any noise and not affecting the 
desired information. The first section of Ul performs 
this limiting function, providing high gain and clipping 
any amplitude (noise) variations. FM is detected in the 
second section using a process known as quadrature 
detection. We’ll not get into this too deeply because it 
requires a knowledge of trigonometry identities—let’s 
just say it extracts the frequency modulated program 
information. Capacitor Cl and coil assembly L2 
comprise a phase shift network that is required by the 
quadrature detector. Demodulated signals are amplified 
and sent out through pin 1 to the volume control, AFC 
circuitry and the SCA buffer amp. The AFC circuitry is 
used to properly keep the receiver locked on to the 
tuned-in radio station. Resistor R9 and capacitor C17 
filter out any audio voltage variations so that only major 
frequency changes will shift the tuning voltage to lock 
the frequency. 


Audio signals from the volume control are amplified 
to speaker levels by U2, an LM-386 audio amplifier 
chip. Transistor Q3 provides a buffer stage to external 
SCA devices you may connect up to the receiver. 

SCA units decode (demodulate, actually) “hidden” 
audio and data services transmitted over standard 

FM broadcast channels. These services include stock 
quotes, sports scores, talk shows and even background 
music—commercial free! 


Circuit assembly 


Look for a clean well lit area in which to assembly your 
shortwave receiver. You will need a 27 to 30 watt pencil 
tip soldering iron, some 60/40 tin/lead rosin core solder. 
You will also need a few hand tools including a pair of 
end-cutters, needle-nose pliers, a few screwdrivers and 
a pair of tweezers to pick up small parts. You will want 


to locate a small jar of “Tip Tinner” from your local 
Radio Shack store. “Tip Tinner” is a soldering iron tip 
cleaner/dresser which is invaluable when soldering 
circuit board. Locate the schematic and layout diagrams 
and we will begin to construct your new shortwave 
receiver. Place the project circuit board in front of you 
and we will begin building the receiver. 


Locate all of the resistors for the project and place 
them in front of you. Each resistor has a color code 
which describes its value. Check the color code against 
the parts list and schematic before installing them onto 
the circuit board. Refer to the resistor color chart in 
Table 6-1. Place about four or five resistors on the 
PC board and place these resistors in their respective 
locations carefully making sure each on is in the correct 
location. Let your soldering iron tip heat both the 
component lead wire and PC board trace enough so 
that the wire itself and the foil trace both become hot 
enough together to melt a bit of solder so that it flows 
smoothly from the component leads to the PC board 
trace. Now, go ahead and solder each of the resistors 
onto the circuit board. Trim off the excess component 
leads with and small pair of end-cutters. Pick up and 
identify the next grouping of resistors and install them 
on the circuit board, follow up by soldering this next 
batch of resistors to the circuit board, remember to trim 
the extra lead lengths form the PC board. 


Once all the resistors have been installed on to the 
circuit board, we can move on to identifying all of the 
capacitors for the project. Note that there will be 
different looking capacitors for this project, some will 
be small disks, while others will be larger body devices 
with minus and plus marking on them. These larger 
capacitors with polarity marking are electrolytic 
capacitors and they have polarity which must be 
observed for the circuit to work correctly. Look through 
the parts pile and locate the capacitors and place them 
in front of you. You will notice a number of small disk 
capacitors, we will install these first. Look closely at 
each of the disk capacitors at their markings. Sometimes 
the capacitors are very small and they may not have 
their actual value printed on them but will instead 
have some sort of code. Refer to the parts list for these 
codes or the capacitor code chart Table 6-2. Locate 
four or five of these small disk capacitors, identify 
them and install them on the circuit board, while 
referring to the schematic and layout diagrams. 


Table 6-1 
Resistor color code chart 


Color Band Ist Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 0 44 A WO NY KF QO 
VOD 0 Q| A rN A WO NY KF O 


Silver 


No color 


After inserting the disk capacitors on to the circuit 
board, you can go ahead and solder them to the circuit 
board. Remember to cut the excess component leads. 
Next, move on and install another grouping of small 
disk capacitors, then solder them in place on the printed 
circuit board. Cut the extra component leads after 
soldering in the capacitors. When you are finished 
installing the small capacitors we will move on to the 
larger electrolytic types. 


Next, we will identify and install the electrolytic 
capacitors. Electrolytic capacitors each have polarity 
markings on them in the form of a black band with 
either a plus or minus marking, which denotes the 
polarity of the device. You must pay particular attention 
to these markings in order for the FM receiver to work 
properly. Refer to the schematic and parts layout 
diagrams when installing C9, C17, C22 and C26, which 
are all 4.7 to 10 UF electrolytic capacitors. Install these 
four capacitors and solder them to the circuit board. 
Remember to trim the excess component leads. Cut the 
excess leads flush to the edge of the PC board with a 
pair of small end-cutters. Now locate and install 
electrolytic capacitors C10, C13 and C19, these are all 
100 to 200 uF electrolytic types. After placing them on 
the PC board in their proper location and with respect to 
polarity marking you can go ahead and solder them to 
the PC board. 


end Digit 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


At this time, locate diodes D1, the varactor “tuning” 
diode and D2, a Zener diode from the parts pile. Install 
D1, varactor diode. It has a black body with green and 
red bands. Observe the correct positioning of the banded 
end by following the silkscreen. The green band is 
positioned as shown on the silkscreen. Now, install D2, 
the Zener diode. It has a gray painted glass body with 
a black band. Orient the band as shown on the layout 
diagram. A Zener diode acts as a voltage regulator, 
keeping the voltage across it constant. This keeps 
frequency drift to a minimum. Once both of the diodes 
have been placed on the PC board you can solder them 
in place and then trim the extra lead lengths flush to the 
edge of the circuit board. 


Next, we are going to locate and install the two 
inductors; see Table 6-3. Locate the slug tuned plastic 
molded coil, which is coil L1. Once you have located it, 
you can place it on the PC; remember to check the 
schematic and parts layout diagram for placement 
details. Now, locate L2, the 10.7 MHz shielded metal 
quadrature coil. Notice that it will only go into the PC 
board one way. Place L2 on the board and now solder 
both L1 and L2 to the PC board. Trim the excess 
component leads from the board. 


At this time, you can locate FL1, the 10.7 MHz 
ceramic IF filter. This part looks like a disk capacitor 


Table 6-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.11F 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 uF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 uF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 .1 Mylar 104 
220 pF Ceramic 221 v Mylar 204 
330 pF Ceramic 331 ae Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 6 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


Table 6-3 
Inductor coil winding information 


L1 2% turn coil #22 ga. insulated magnet wire on slug 
tuned coil form. Unwind original coil and rewind. 
2% turns onto Series 48 adjustable coil form 
48A Series Coil (48A117MPC) Circuit Specialists. 
L2 10.7 MHz shielded can style IF transformer (red) 
Part # (421F122) Mouser Electronics. 


but has three leads. Amazingly, its function is equal to a 
small handful of inductors and capacitors hooked up in 
a bandpass filter configuration. For those techno-types, 
its bandwidth is 280 kHz centered at 10.7 MHz with 

an insertion loss of only 6 dB. Go ahead and solder FL1 


in now. 


Let’s locate the transistors for the receiver now! Next, 
refer to the semiconductor pin-out diagram shown in 
Figure 6-5. Transistors are three semiconductors which 
generally have three leads: Base lead, a Collector lead 
and an Emitter lead. The transistor symbol shows that 
the Base lead is a vertical line. Both the Collector and 
Emitter leads are diagonal lines which point to the Base 
lead. The Emitter lead has a small arrow which points 
toward or away from the Base lead. Try and locate 
transistor Q1, a 2N3904 type. Watch placement of its 
flat side, refer to the parts layout diagram and the 


EBC EBC 
C C 
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Figure 6-5 Semiconductor pin-outs 
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schematic for proper placement. Install Q2, 2SC2498 

or 2SC2570A NPN transistor. Transistors are VERY 
critical of correct orientation of their leads. Be sure to 
pay close attention to the position of the flat side of the 
transistor. Finally, install Q3, 2N3904 transistor. Be sure 
to observe flat side orientation of the transistors when 
mounting them. Now go ahead and solder the transistors 
in place on the PC board. 


Let’s take a short break and when we return we will 
install the integrated circuits and the final components. 
Before installing the integrated circuits, please consider 
using integrated circuit sockets as an insurance policy 
against having to try and un-solder a 14 pin IC from 
the circuit board which is a difficult task even for the 
seasoned electronics technician. Integrated circuits 
DO fail and if one ever does, you can simply unplug 
it and replace it with a new one. Refer to the schematic 
and parts layout diagrams when installing the 
integrated circuits. Solder in the IC sockets in their 
respective locations and then we will install the 
actual ICs. 


Integrated circuit packages will generally have a cut- 
out, notch or indented circle at the top end of the IC 
package. The cut-out or notch will usually be at the top 
center while if there is an indented circle it will be at 
the top left of the IC package. Pin 1 of the IC will 
always be left of the cut-out or notch, so you can easily 
identify the pin-outs. Using your schematic and parts 


LM386 


ULN2111 
MC1357 1 


SA602 


layout diagrams observe the correct orientation of 

the integrated circuits before inserting them into the 
sockets. First locate and install Ul, the ULN2111 FM 
demodulator chip. Since this chip has 14 pins, be 
especially careful not to bend any pins under as you 
insert 1t into the PC board. When you solder the chip, 
verify that you are soldering all 14 pins. Next, let's 
install U2, the LM386 audio amplifier IC chip. The 
LM386 is a very popular part, and with good reason. 
Tucked inside that little plastic case are about 20 
transistors that take a feeble audio signal and amplify it 
up to room-filling volume! Finally, go ahead and install 
U3, the SA602 IC mixer-oscillator. The marked end of 
the IC (band or dot) must face the edge of the PC board. 
If you wish, install an 8-pin DIP socket, still remembering 
to orient and install the SA602 correctly. Remember to 
firmly press the integrated circuits into their sockets. 


The receiver project has two potentiometers, R12 is 
the “tuning” control, while R13 is the volume control. 
Locate the two 10k ohm potentiometers and install them, 
being sure to refer to the schematic and parts layout 
diagrams. Note that both potentiometers are on the front 
panel of the PC board. Install potentiometer R12, the 
tuning control. Insert it into the PC board so it seats 
firmly and is straight and even. Solder the three pins 
and the two mounting tabs. Next, install potentiometer 
R13, the volume control in the same manner. 


Now locate S1, the on-off push button switch. Solder 
all six pins firmly. We’ve installed some “landmark” 
parts so far just to get us used to soldering our PC 
board. Finally, we are going to place the panel jacks on 
the rear portion of the circuit board. Locate and install 
J1, the RCA antenna jack, solder all four points. Now 
locate and install J2, the speaker jack, solder all three 
pins. At last, install J3, the SCA output jack, solder all 
four points. 


There are only a few more components to go before 
we finish our FM receiver project. Install the 9 volt 
battery clamp. Use a scrap component lead wire looped 
through the holes in the clamp and into the holes in the 
PC board. Solder the wire to the clamp but don’t use too 
much solder as this will prevent you from seating the 
battery fully into the clamp. Now, go ahead and install 
the 9 volt battery snap connector. Make sure you put the 
right color wire into the proper hole on the PC board. 
At long last, you are all done and ready to listen to 
tunes from your radio. 


Before we apply power to the FM receiver for the 
first time we should make one last inspection of our 
work. First you will want to make sure that you have 
installed the diodes, electrolytic capacitors and the 
transistors with the correct orientation. Failure to do so 
may result in a damaged circuit, when power is first 
applied. Don’t forget to check the orientation of the 
integrated circuits for proper location and orientation. 
Now we will inspect the PC board for “cold” solder 
joints. Pick up the PC board with the foil side facing 
upwards towards you. Take a look at all of the solder 
connections and make sure that they all look clean, 
smooth and shiny. If you find a solder joint that looks 
dirty, dark, dull or “blobby” then un-solder the connection, 
remove the solder and re-solder the connection once again 
until it looks good. Finally, we are going to inspect the 
PC board for possible “short” circuits. Often “cut” 
components leads can form “bridges” which can “short” 
out the circuit board traces, thus causing power to flow 
into the wrong places, and possibly damage the circuit. 
Also look carefully for any solder blobs that can form 
“bridges” between circuit traces. Now that you have 
inspected the PC circuit board, we can move on to testing 
and aligning your new receiver. 


Testing and alignment 


A hex head alignment tool is required to tune up 

your FM receiver. If you do not already have a set of 
plastic or nylon coil alignment tools and expect to 
build other radio or transmitter type kits, such tools are 
well worth having and can be found at any electronics 
store, including Radio Shack. While a hex style 

Allen wrench will fit the coil slug, the metal itself 

will drastically change the coil’s inductance while it is 
in the slug. For this reason you should not use an Allen 
wrench unless you don’t mind the trial and error process 
of turning the slug, withdrawing the tool, checking 
tuning, reinserting the tool, re-tuning, checking 


and so on. 


You can fabricate your own non-metallic tuning tool 
with some patience, a bit of sandpaper and a piece of 
plastic rod. Try a large wooden matchstick, kebab 
skewer, or small plastic crochet needle. Carefully sand 
down the end to a hex shaped form and check for 
proper fit within the coil slug. It is better to have the 


tool fit loosely rather than too tight, since a tight tool 
will cause stress on the delicate slug. 


Connect up a fresh 9 volt battery (preferably heavy 
duty alkaline type), a speaker or earphone, a short 
length of wire (about two feet) to serve as antenna, or 
the telescopic whip if the optional matching case and 
knob set was purchased. Now, set the volume and the 
tuning controls to the center of their range, then press 
the power switch “ON,” you should hear some rushing 
noise from your speaker. Next, rotate the volume 
control and see if it does its job, then slowly turn L2’s 
slug back and forth for maximum noise. This noise 
should be similar to what you would hear when a 
regular FM radio is tuned between stations. L2 may 
be tuned with a regular blade style screwdriver. 


Try turning the tuning control, and see if you can 
receive any stations, but don’t be alarmed if nothing is 
received since we haven’t adjusted the oscillator coil 
yet. The oscillator coil, L1, is adjustable to receive 
from 70 to 110 MHz. We have to adjust it to cover the 
frequency range of interest. For alignment purposes 
we ll work with the understanding that the standard 
FM 88-108 MHz band is what we wish to receive. 


Using an insulated alignment tool, slowly rotate L1’s 
slug gently so that the slug is even with the top of the 
coil form. (Do not force the slug; if it binds, rotate the 
slug back and gently “rock it” to-and-fro as you would a 
thread forming tap. Slugs are by nature very brittle and 
will crack easily.) Now carefully rotate the slug into the 
coil form seven turns. The slug will be in about 4”. 
Rotate the tune control until you hear an FM broadcast 
signal. Adjust L2 for best sound. Install R9, 10k ohm 
(brown, black, orange). R9 adds in AFC voltage to 
stabilize against drift. Without it your radio may 
“wander.” After a signal is received, rotate the tune 
control to receive other stations. If the stations seem to 
“Jump away” as you try to tune one in, the coil L1 is 
adjusted incorrectly and should be re-tuned. The reason 
for this odd phenomenon is that the AFC circuit is 
pushing the signal away rather than pulling it in. This 
1s caused by having the oscillator 10.7 MHz below the 
desired signal rather than 10.7 MHz above it. A similar 
example of this is closing your eyes, hearing a sound, 
but not being able to determine if it is in front of, or 
behind you. Readjusting L1 will correct this situation. 


Make sure the slug is about three turns from the top of 
the coil form. 


Calibrating the receiver is easy. First tune in a station 
known to operate at the low end (88 MHz) of the FM 
broadcast band. Rotate the tune control almost fully 
counter-clockwise to where that station should logically 
be located on the dial. Turn L1’s slug until that same 
station is received. The tune control should now tune in 
the entire FM broadcast band. An easy way of making 
your own dial is to paste a small rectangle of paper 
behind the tuning dial knob. Then as you tune in 
different frequencies, pencil in on the paper the received 
frequency. 


Additional receiver 
considerations 


Your FM receiver was designed for clean, undistorted 
audio from average FM broadcast stations, while 
keeping battery current drain low. You may significantly 
increase the FM radio’s audio output by adding a single 
10 uF electrolytic capacitor across pins 1 and 8 on the 
LM-386 audio amplifier IC. The “+” side should 
connect to pin 1. An easy way of adding this capacitor 
is to simply “tack” solder it right on the IC pins on the 
solder side of the PC board. A 50-cent of speaker, lying 
naked on your workbench, will not give you a fair test 
of your FM receiver audio quality or volume. Speaker 
quality and well-designed enclosures have their clear 
purposes! A reasonable speaker in a box delivers a 
pleasant listening volume as well as significantly 
improved fidelity. 


Dut-of-band operation 


Although many people use their receiver for 
comfortable FM broadcast reception, some James Bond 
types will want to use it to receive clandestine 
transmissions from phone bugs, room transmitters, etc. 
It’s a simple matter to re-tune coil L1 to receive the 
frequency band of interest. First make sure you verify 


that your receiver receives the FM broadcast band 
correctly before re-tuning. 


SCA output 


Many FM broadcast stations now transmit sub-carriers 
on their signals. Sub-carriers are signals that are 
modulated on the carrier, just like the normal audio 
signals, except that they are too high in frequency to be 
heard. Normal audio signals range in frequency from 
20 to 20,000 hertz. Most sub-carriers start at 56,000 hertz 
(56 kHz). These sub-carriers are themselves modulated, 
sometimes with audio signals, such as background 
music, but more and more these days with various 


forms of data. Some of the information carried on these 
sub-carrier data services include stock quotes, weather 
reports, news, sports and even paging signals. There is 
no limit to the variety of data that can be sent on a sub- 
carrier signal, and broadcasters are finding new things 
to send all the time! 


The SCA output is a baseband demodulated 
sub-carrier signal output before any low pass filtering 
or de-emphasis. It provides a handy connection point 
for add-on SCA adapters such as the Ramsey SCA-1 
kit. You can also connect this output to a receiver 
capable of receiving 30 to 75 kHz FM signals, or a PLL 
demodulator you’ve built yourself. Check out the data 
sheet from Signetics concerning the NE-565 PLL chip; 
an SCA demodulator is featured. 


Parts list 


Parts 


Bin 
| li 
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Doerle Single Tube 
Super-Hegenerative 
Radio Receiver 


Doerle Receiver - 
Original #19 Dual 
Triode 

Rl 2.2 megohm Wy 10% 


resistor 


R2 330k ohm %w, 10% 


resistor 


R3 47k ohm, %w, 10% 
resistor 
R4 100k ohm, 


potentiometer panel 


mount 
R5 25 ohm reostat 


Cl 5-18 pF antenna 


trimmer capacitor 


EZ. 1140 pE- main: tuning 


capacitor 


CS) ¿UL MES, ZOU ¡MOTE 


disk Capacitor 


C4: LOOGE 20 Ode 


disk Capacitor 


Co: wk Mey. 200 SOLE LTS KE 


capacitor 


Cor. «US MEP: 200- vore 


disk capacitor 


Ll 2.5 mH choke coil - 


Digi-Key Electronics 


L2 “tickler” coil (see 
text) 


Es mer “bung. “Cowl 


(see text) 


Tl #19 triode tube = 
225. VOLE: Filaments 


Bl Type A filament 
batteries (6 volts) 


B2 Type B battery 90 
volt battery pack 


HP 200 ohm high 


impedance headphones 


Misc «chassis, tuning 
dial, wire, sockets, 


Standofis, sSscrews,.-etc. 


Doerle Receiver - 6SN7 
Version 


Rl 2.2 megohm “Wy 10% 


resistor 


R2 1000 ohm, %w, 10% 
resistor 
R3 470k ohm 


potentiometer panel 


mount 


R4 100k ohm, %w 10% 


resistor 


R5 100k ohm 


potentiometer 


C1 8-18 pF trimmer 


capacitor 


C2. “100 pre main EUALng 


capacitor 


C3 50 pF variable tuning 


control (fine tune) 


C4,C5 470 pF, 200 volt 
disk- capacitor 


Ce. LOU PES 200 Mode 


disk capacitor 


G7 Ole MEL ZOO VOLE 


disk capacitor 


CO- ¿22 ME y: 2200) VOLT 


capacitor 


LL 2.5 mH choke coil 


Digi-Key Electronics 


Ez.  “eiek len” 201) 


(see text) 


Es main tuning: eon! 


(see text) 
Tl 6SN7 triode tube 


Bl type A battery - 
Quo VOLE power “supply 
or batteries 


B2 type B battery =-150 
volt power Supply: or 


batteries 


HP 200 ohm high 
impedance headphones 


Mise chassis, tuning 
dial, wire, standoffs, 


screws, etc. 


Old Time Radio lovers will enjoy building this single tube 
regenerative AM/Shortwave receiver called the Doerle 
Radio, shown in Figures 7-1 and 7-2. It is a classic radio 
from around 1934, which was offered as a radio kit that a 
radio enthusiast could build at home. This very sensitive 
receiver 1s a fun-to-build radio which can be powered 
from batteries as they did in the “old days” or you could 
construct an AC power supply for it. The original Doerle 
radio receiver was offered as a kit for $3.00. The early 
Doerle receiver used a #19 dual triode receiving tube, one 
section of the tube acted as a regenerative detector and the 
second section of the tube acted as an audio amplifier. 
Doerle perfected this receiver design in 1933 when the 
new #19 tube became readily available. 


Figure 7-1 Doerle receiver 


In this chapter we will build a copy of the original 
Doerle radio and we will also show you how to build the 
Doerle radio receiver using a more modern tube such as 
the 6SL7, which may be a lot easier to locate these days. 
If you are a “purist” you may want to try and locate the 
original #19 triode tube, which is still actually available. 
You can build either version, which you can construct to 
look just like the original radio looked back in the 1930s. 


This radio is a study in simplicity, the low parts count 
kept the original cost down. A single sheet of metal, 
probably steel, painted in black wrinkle finish became a 
chassis. The single #19 tube powered by batteries 
eliminated unnecessary tubes and power supplies. The 
result is a simple, high-performance shortwave radio 
that beginners could afford to build and operate during 
the depths of the Great Depression. 


First let’s examine the circuit diagram, shown in 


Figure 7-3 for the original Doerle radio. The antenna is 


Figure 7-2 Doerle receiver — inside view 


Antenna 


NV 


L1 


C1 
R1 


C4 
C2 


R5 


A battery 
2.5 — 6 volts 
B1 


Figure 7-3 Original #19 dual triode receiver 


coupled through a small 15 pfd screwdriver adjusted 
variable capacitor to the main tuning coil wound on a 
four pin form. A 10 pfd variable capacitor across it 
gives a fairly good trade-off between slow tuning rate 
and wide tuning range. The signal is fed through a grid 
leak configuration to one of the grids of the #19 tube. 
From the plate, the signal goes to the tickler wound on 
the same four pin coil form. The top side of the tickler 
coil connects to a 500 pfd capacitor and a 2.1 mH radio 
frequency choke (RF). The choke allows DC plate 
voltage into the tickler but prevents the radio frequency 
(RF) alternating current from getting into the rest of the 
circuit. The 500 pfd capacitor takes the RF to ground, 
thereby allowing RF voltage to build up on the tickler 
winding. Without this 500 pfd capacitor the receiver 
would probably not regenerate properly. 


Variations in the DC voltage delivered to the detector 
plate feed through a .1 mfd capacitor to the second grid. 
A 250K, 4 watt resistor pulls the grid to DC ground, to 
provide the necessary zero bias for this class B amplifier 
tube, yet the resistance is high enough so that the AC 


avoids the ground and readily flows into the second grid. 


Voltage on the detector plate is changed by a 50K 
resistor attached to the wiper of a 50K regeneration 
potentiometer that is connected from the B+ battery to 


C5 


= -O O + 


B battery 
90 — 100 volts 
B2 


ground. Plate current in the detector flows through 
these two resistors. Variations in current creates a 
varying voltage drop across this pair. The varying 
voltage is the audio signal that is applied to grid of the 
audio triode. 


The B+ voltage source 1s fed through headphones to 
the second plate to complete the audio amplifier part of 
the circuit. The sound that is heard in the headphones 
comes from the variations in the audio plate current. 

A .006 mfd capacitor on the plate is large enough to 
take any stray RF to ground, but is not so large to take 
audio frequency (AF) voltage to ground. This capacitor 
aids receiver stability and audio quality. 


A 20 ohm rheostat in series with one of the filament 
legs allows adjustment of the voltage. A rheostat is a 
low resistance, high wattage potentiometer. In the 1930s, 
you would have used two No. 6 1.5 volt dry cells (they 
were about 6” tall and 2%” diameter) as your filament 
power supply. The rheostat would cut the voltage down 
to two volts needed by the tube’s filament. As the 
voltage provided by the batteries dropped with use, you 
would adjust the rheostat to maintain the proper voltage 
on the filament. In other words, the rheostat allowed 
you to continue using the filament batteries as their 
voltage dropped to the point of total failure. Since the 


filament current for a #19 triode tube is just over 250 
mA, so a 20 ohm resistor would allow you to use 
filament batteries up to 6 volts. And quite frequently 
that 6 volts was the battery borrowed from the family 


Car. 


Building the original 
Doerle receiver 


The first step in building this or any project is getting 
the parts. In fact, this may be the most difficult step. 
When it comes to building a replica of an old radio like 
this, you just cannot go out and buy everything you 
need. You may have to adapt and use whatever you have 
on hand or can scavenge. For a project of this type you 
may want to build the circuit using point-to-point wiring 
between terminal and components rather than a circuit 
board to give the radio an “old-time” look. You are 
probably going to need both a soldering iron and a 
soldering gun to build this radio. You will also want to 
consult with the resistor color code chart in Table 7-1 
and the capacitor code chart in Table 7-2 in order to 
identify the correct components. 


Building this old radio can be lots of fun, but locating 
all of these old components can be difficult, and in fact 
you won't be able to locate the exact same items. You'll 


Table 7-1 
Resistor color code chart 


Color Band Ist Digit end Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 0 4 A WO NY ha. QO 
VOD 0 nN NWN nN BP WO NY KF QO 


Silver 


No color 


get something close. You’ll have to mix and match 
whatever you can find. Most of these components are 
available at flea markets if you visit enough of them. 
Many of the components are available new from 
dealers, such as Antique Radio Supply, see Appendix. 
But often you’ll have to pay substantially higher yet fair 
prices. The used #19 tube was purchased from a flea 
market dealer for $5. Yet, that same tube can be 
obtained brand new from Antique Electronic Supply for 
about $6, see Appendix. Again, you may have to 
scrounge, make do, adapt, experiment, and make a few 
mistakes. But the results are well worth it. 


One idea is to build a prototype receiver with 
whatever components you can find, no matter how new 
or old, and get it working. Then, over the next few 
years, visit flea markets, antique radio meets, check out 
dealers’ catalogs, and accumulate the older, more 
authentic parts. After you accumulate some of those 
rare, old, beautiful parts from the 20% and 30%, rebuild 
the receiver. And then a few years later rebuild it again. 
And every time you rebuild it, add older and more 
authentic parts, until you get an exact copy of the 
#19 Doerle receiver. The radio will become more and 
more of an authentic replica of a receiver from the early 
days of radio. With patience, practice, and plenty of 
enjoyment, you can build a fine radio. 


Looking at the illustration of the Doerle-1 version, 
we see in the center a large, slow-motion dial drive 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


Table 7-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 UF Ceramic / Mylar 152 
10pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130 pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 a Mylar 204 
330 pF Ceramic 331 22 Mylar 224 
470 pF Ceramic 471 .33 Mylar 334 
560 pF Ceramic 561 .47 Mylar 474 
680 pF Ceramic 681 56 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


Table 7-3 


Short-wave band listening frequencies 


Shortwave Band 


120 meters = 2300-2495 kHz 
90 meters = 3200-3400 kHz 
75 meters = 3900-4000 kHz 
60 meters = 4750-5060 kHz 
49 meters = 5730-6295 kHz 
41 meters = 6890-6990 kHz 
41 meters = 7100-7600 kHz 
31 meters = 9250-9990 kHz 


friction-driven by a small knob at the bottom of the set. 
This allows fine tuning of stations. To the upper left are 
the antenna and ground terminals. Just to the right in a 
hole in the front panel is exposed the screw which 
adjusts the antenna coupling capacitor. Below left 1s the 
filament rheostat knob. At the upper right are the 
headphone terminals with the regeneration control 
located at the lower right. Although the receiver as 
shown in the original drawings may appear complex, it 
really is not. This is one of simplest receivers that you 
could build. 


The original chassis for the Doerle receiver was an 
L-shaped piece of sheet metal, most likely steel, and 
painted with a black wrinkle finish. While the front 
panel was perfectly rectangular, the base was 
trapezoidal. Dimples were embossed into the base plate 
which served as feet. 


For our replica Doerle receiver, you can start with an 
11” x 9” sheet of .063” (/s”) aluminum to construct the 
chassis. The most complicated mechanical problems 
that you may encounter in building the receiver is the 
mounting #19 dual triode tube up on standoffs, 
mounting the variable capacitors and building the coils 
on the coil-form, see Figure 7-4. 


The original Doerle model used a simple single 
bearing variable capacitor. We elected to use a heavy 
duty Hammarlund tuning capacitor; it 1s of significantly 
higher quality and is much heavier, so you will have to 
support the rear end of the capacitor with a bracket of 
some type. Once a Z-bracket as fabricated and attached 
to the breadboard, the prototype dial-drive-capacitor 
assembly was solid, yet turned smoothly. 


Shortwave Band 


25 meters = 11.500-12.160 MHz 
22 meters = 13.570-13.870 MHz 
19 meters = 15.030-15.800 MHz 
17 meters = 17.480-17.900 MHz 
16 meters = 18.900-19.020 MHz 
13 meters = 21.450—21.750 MHz 
11 meters = 25.670—26.100 MHz 


Since a solid, rigid mount for the tuning capacitor 1s 
essential if you are to achieve frequency stability and 
eliminate microphonics, you must get this part of the 
assembly correct. And since your components will need 
their own custom mounting hardware, you’ll need to 
experiment until you get it right. That’s why the 
breadboard prototype is so useful. Take your time. 


In continuing the capacitor assembly, I used a pair of 4” 
long 6-32 machine screws in the top and bottom pair of 
holes on the drive mechanism. In the left-right pair of 
holes, I used a pair of 14” long 6-32 machine screws. 
The extra length became mounting studs to which an 
aluminum cross-arm was attached. In the cross-arm was 
drilled a 3%” hole to accommodate the mounting flange 
of the capacitor. 


After the capacitor holes were drilled, the burrs 
removed, and edges of the panel were rounded and 
smoothed, I roughed up the surface with fine sandpaper. 


Figure 7-4 Doerle coil assembly 


Next, the panel was bent into an L shape. You can use 
an old sheet metal brake, or you can could do the same 
by clamping the metal between a couple of 1 by 2’s or 
lengths of angle iron held tightly together in a vise or 
with C-clamps. Since only a single, simple bend is 
required, you might get by clamping the sheet metal to 
a table top and by bending the sheet over the edge. 


In order to obtain smooth tuning with a large range, 
you should locate some sort of planetary drive 
mechanism in front of the main tuning capacitor, such 
as a used National Velvet Vernier dial drive, which can 
be removed from an old radio. The first step was to 
dismantle it into the drive mechanism, the knob, and the 
dial plate. To mount the actual planetary drive 
mechanism, I had to cut a %” hole in the plate with a 
socket punch. Next, the drive collar was slipped through 
the %” hole. With a marker I marked the location of the 
four mounting holes. 


In moving the capacitor and dial drive to the finished 
receiver, I chose to position the angle mounting bracket 
vertically as shown in the photos. This made fabrication 
and installation of a new base bracket much easier, and 
allowed more clearance for the tube and coil socket as 
well as for the terminal strip below the dial drive. 


When the components are “test” mounted, you can 
move from the prototype stage to the finished L-shaped 
panel, if you are happy with the final layout. Then you 
can spray on a thick coat of fast drying metal primer. 
Once dry, I wet-sanded it under a stream of water until 
smooth. Then came the black wrinkle paint. If you wish 
to try and duplicate the original, you will want to try 
and create the wrinkle finish. If you are not that 
concerned about having the radio look exactly like the 
original radio, you can just paint the chassis with a 
single coat of black paint. Black Krylon paint is 
available in a spray can in your local home 
improvement store. For best results in creating a wrinkle 
finish, you must put down a heavy layer of paint. It 
must be heavy so that it can wrinkle up as it dries. If the 
coat is too light, or if you try to apply a second light 
coat over the existing layer, you won’t get the best 
results. It might even be shiny where it is supposed to 
be flat black. 


It is recommended that you paint one surface at a 
time and let it dry. Then reposition the chassis so that 
another surface is horizontal and then paint that. Of 
course, it will take four times as long to paint the radio 


than if you get in a hurry and paint the whole thing at 
once, but the results will be more predictable. You can 
bake it in an electric kitchen oven at the lowest possible 
heat. Nasty smelling solvents are baked out of the paint, 
so your wife or mother may not be too happy with you! 


After mounting the tuning capacitor, the only other 
assembly of any complexity is the coil socket and 
antenna trimmer mount. Mounting the other 
components was fairly easily done. You can use 
machine screws, spacers of wood, plastic, porcelain, and 
metal. You can slice wood spacers from hardwood 
planks, but you’ll need a table saw to do a good job. 
Plastic spacers can be cut from plastic tubing, but just 
be sure to get the rigid stuff used by plumbers for water 
supply lines. Porcelain spacers are something, which 
can be scavenged at a local hamfest or radio flea market. 
A small trimmer capacitor is mounted on porcelain 
standoffs in order to insulate both terminals from the 
chassis. Between the standoffs is a drilled %” hole in the 
front panel to allow screwdriver adjustment. That 
sounds simple enough. But behind the trimmer is the 
socket that accepts the four-pin lube socket coil form. 
What I used here were a couple of 2” 6-32 machine 
screws cut to the appropriate length with heavy clippers. 
They were then fed through the coil socket mounting 
holes and through brake line spacers into the porcelain 
standoffs. Two soldering lugs were sandwiched 
between each metal spacer and porcelain standoff. 

One lug on each side was soldered to a capacitor lead. 
The other lug on each side became connector for 

the trimmer. Since the metal spacer pressed tightly 
against the capacitor lead, it was imperative that the 
four pin socket be made of insulating material. Here 

I used an old phenolic wafer socket. A metal socket 
would short out the capacitor. It sounds complicated but 
it should be fairly easily understood by studying the 
photographs. 


Wiring was done with some modern plastic covered 
hookup wire, and with some genuinely old cloth-covered 
hookup wire salvaged from a piece of old tube gear. 
Watch for old tube gear with long lengths of cloth-covered 
wiring at flea markets. New old stock cloth covered wire 
is around but it is not always easy to find. Sometimes you 
can look for old wire while scavenging at hamfests. 


The coils used in the original circuit were 1%” dia. by 
3” tall phenolic coil forms. You can use phenolic bases 
from four prong tubes for the coil forms and they can be 


purchased from Antique Electronic Supply. The low 
frequency or main “short-wave” coil is close-wound 
with about 30 turns of #26 wire. You wind the “tickler” 
coil, which is 9 or10 turns of #24 ga. wire below the 
tuning coil, and both coils were covered with clear 
fingernail polish. The coil covers approximately 2.5 to 
4.5 MHz. The exact number of turns you’ll need is 
going to depend on the tuning capacitor you use and the 
stray capacitance that results from your particular 
component layout, among other things. You’ll have to 
experiment to get the right number of turns. 

The original Dorele receiver had plug-in coils for 
different radio bands. In order to construct an AM radio 
coil, you will have to wind another main coil along with 
another “tickler” coil on a second coil form. The main 
coil will need about 40 turns of #26 ga. wire, with a 
9-10 turn “tickler” winding. 


Battery terminals can also be purchased at a radio flea 
market. Using a table saw you could elect to slice a 4” 
strip from an oak 1x6. That gave me a mounting strip of 
WX 5 A" XM” thick, just right for this radio. 


Firing up your original 
Doerle receiver 


Now your #19 Doerle radio receiver is bolted together 
and wired up. It’s time to try it out. First, check the 
wiring, then check it again. It’s easy to make stupid 
wiring errors, sometimes after checking the wiring once 
or twice! Have a friend look over the circuit before 
applying power to the circuit for the first time. The coils 
used in the original drawing look like 1%” dia. by 3” tall 
coil forms. You can use phenolic bases from four prong 
tubes. They’re not from old tubes but from Antique 
Electronic Supply. 


The low frequency coil is close-wound with 
about 30 turns of #26 wire. You can wind about 10 turns 
of tickler below the tuning coil, and cover both coils 
with clear fingernail polish. The coil covers 
approximately 2.5 to 4.5 MHz. The exact number of 
turns you’ll need is going to depend on the tuning 
capacitor you use and the stray capacitance that results 
from your particular component layout among other 
things. You’ll have to experiment to get the right 


number of turns. 


The original ten turns of tickler turned out to be too 
many, so you may have to improvise to get it right. 
You'll discover this problem very quickly if, when you 
advance the regeneration control, the receiver goes into 
a deafening howl. You may need to remove one turn of 
tickler coil at a time until regeneration starts up 
smoothly near the end of the control clockwise rotation. 
You should adjust the tickler with the tuning capacitor 
open, that is, at the receiver’s highest frequency. Here, 
more regeneration is necessary than at lower 
frequencies. And you must adjust the antenna trimmer 
control for the minimum capacity that gives excellent 
sensitivity. Adjusting the antenna trimmer “couples” or 
“de-couples” the connection between the receiver and 
the antenna, and can have a pronounced effect on 
regeneration adjustment and overall sensitivity. 


The #19 tube filaments can be powered by alkaline 
flashlight batteries. Alkaline batteries should be used 
rather than cheaper zinc-carbon types since alkaline can 
deliver higher currents, and because they”11 last much 
longer. Alkaline batteries will give many more hours of 
use for your money. You can hook the filament batteries 
up to the set with the rheostat set to maximum 
resistance. You can then rotate the rheostat, with a 
voltmeter connected to the filament leads, in order to 
allow the meter to show two volts. Then put a reference 
dot on the panel with a marker pen. You can do 
something similar to the finished machine. As the 
batteries age, their voltage will drop making it 
necessary to adjust the control to maintain the two volts 
on the filaments. 


If you do not want to use flashlight batteries, you 
may consider nickel-cadmium batteries. They’re 
inexpensive, each cell delivers about 1.2 volts, so you 
will need two, three or even four in series, which will 
deliver as much as 4.8 volts. And when they run down, 
you can recharge them. But before you go to that 
trouble: try flashlight batteries. You may be surprised by 
how long they last. As for a 90 volt B+ battery, you will 
most likely not be able to find them and if you do they 
will be expensive. Newark Electronics still had them, 
the last time I checked their catalog. It is easy enough to 
build a 90 volt “stack” of batteries. You can build a 
battery “pack” by buying ten 9 volt transistor radio 
batteries, and taping them together with electrical tape. 
When you do this, alternate their terminals so that you 
can easily wire the batteries in series. 


The tube manuals lists the filament current at 260 mA. 


A voltmeter will show that the filament battery voltage 
drops about .2 volt over 15 to 20 minutes of operation. 
The batteries will last quite a long time. As for B+, a 
“stack” of 9 volt transistor radio batteries produced 
about 97 volts. With the receiver fired up and properly 
adjusted, the current draw was only 4 mA, significantly 
less than what a transistor radio battery is capable of 
delivering. After several minutes, the B+ battery 
dropped to 95.9 volts, so you can expect to get long life 
out of this battery pack. Several changes of filament 
batteries will be needed before the B+ battery dies. 


So how does a Doerle radio receiver perform? For 
such a simple radio, it performs very well. Just a quick 
run through the band allowed me to copy amateur CW 
and marine Morse code. The foreign shortwave 
broadcasters came blasting-in. 


Improvements? Yes, I can think of some. First, a 
volume control would be useful. I suspect that radio 
stations today run far more power than they did in the 
30s. Therefore, the signals in the headphones are so 
loud as to be painful. A volume control would be useful 
to cut some signals down to size. I find the tuning a 
little too fast. Tuning a single sideband signal in is 
touchy and difficult in some cases. This could be fixed 
by going to five pin coils forms where the tuning 
capacitor could be attached to a tap in the tuning coil. 
Such a modification, however, changes the Doerle kit 
which was built for shortwave listeners, not amateurs. 
If you’re a ham, you’ll probably want to modify the 
design so that a ham band is spread out along the whole 
dial. And the last change that I would make is to 
improve the antenna trimmer adjustment. Adjusting the 
trimmer with a screwdriver can be painful after awhile. 
You don’t do it very often, but when necessary it’s not a 
convenient thing. 


The 6SL/ Doerle receiver 


In 1934, there was only one dual triode available for 
battery operation, the #19 dual triode! But the 1930s 
were years of explosive growth in the electronics 
industry. Just months after the #19 triode was released 
new metal tubes appeared, and in another ten years, 
seven and nine pin miniature tubes became available. 
These new series of tubes offered a variety of new dual 


triode tubes, many of which were better suited for the 
Doerle receiver circuit: see the 6SL7 Doerle receiver 
schematic shown in Figure 7-5. 


If you elect to build this modified version of the 
Doerle, you will need to locate a 6SL7. The 6SL7 is a 
glass octal high-u or (hi-gain) twin triode. The u (mu) 
of a tube is the amplification factor, or voltage gain. 
Although the value of what is considered “high u” has 
increased over the years, today “high” means a u of 
from 60 to 100 or more. That means that the maximum 
voltage gain possible is 60 to 100, but usually it is 
significantly less. 


High voltage gain tubes usually don’t develop very 
much power. High power tubes usually have lower 
voltage gain. You can get both in the same tube. 

The #19 is an audio power tube with a relatively low u. 
The 6SL7, on the other hand, has a u of 70, but delivers 
little power. If you build both the #19 and 6SL7 
versions, you ll immediately hear the increased 
headphone volume of the latter tube. Headphones don’t 
need much power, so high voltage gain tubes works 
well, although more gain is usually better. A medium-u 
tube like the #19 triode will give great performance. 
The 6SL7 was very common, and is still available. It is 
a higher-power, lower-voltage-gain tube with the same 
pin-out arrangement as the 6SL7. 


The only major change introduced into this version of 
the Doerle is the mechanical layout. In this version, the 
prototype used an old National ACN dial drive, found at 
a local hamfest or flea-market, for a couple of dollars. 

I mounted it on an aluminum face place wrapped 
around a piece of 1 x 6 oak. The actual planetary drive is 
identical to that under the phenolic dial plates of the 
Velvet Vernier used in the model 19 Doerle. The ACN is 
much larger, 5” x 7” overall, and allows the user to mark 
a paper scale so that the dial becomes direct reading. 


The antenna coupling trimmer was replaced by an 
8-18 pF air variable stripped from an old radio. 
A custom bracket was snipped out of aluminum sheet 
and quickly bent up. By mounting the bracket on the 
wood base away from other meta components the 
capacitor electrically “floated” as needed. A knob 
allows the operator to reach around the side and easily 
adjust coupling when necessary. But you can take a 
similar small capacitor and cannibalize it by removing 
one or more plates to reduce the capacity. Just try get 
something less than 50 pfd for antenna coupling. 


Antenna 
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Figure 7-5 New 6SL7 Doerle received 


A half megohm potentiometer replaced the 
330 kilohm grid resistor used in the audio side of the 
original receiver, by connecting the panel-mounted pot 
to the rest of the circuit with miniature coaxial cable to 
reduce AC hum. In the original circuit, the audio grid 
was biased as before, but now has control over the 
volume. With a high gain tube like the 6SL7, it is 
important to reduce the audio output so that you don't 
destroy your hearing. A one kilohm resistor and a 
10 mfd capacitor in parallel are inserted in the cathode 
lead of the audio triode to provide at least some 
negative bias to help the tube amplify with less 
distortion. You may want to increase or decrease the 
value of the resistor to achieve the necessary grid 
voltage specified in the tube manual. The voltage you 
measure across the cathode resistor is your grid bias. 


If you compare the original circuit with this version, 
you'll find that almost all the same components can be 
used. The few differences are minor. And, again, don’t 
be afraid to substitute. Just about anything within reason 
will work. 


The biggest problem with this version of the Doerle 
receiver is that you will likely need a power supply, 
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since you have to supply 6.3 volts AC into the filaments. 
Remember the original Doerle radio had 2.5 volt 
filaments, and you’ll need about 150 volts for the plates 
on the 6SL7. 


Does the 6SL7 version of the Doerle radio work? 
It sure does! You can use the same coils used in the 
original version of the Doerle radio for the 6SL7 
version of the radio. When powering this version of the 
Doerle receiver be sure to set the volume control all the 
way down before applying power, since the audio 
output is much greater than that of the original radio. 
Put on a pair of headphones and turn on the 150 volts 
B+. Remember, you must use high impedance type 
headphones for this type of radio, not 8 ohm types. The 
Internet is a good source of the old 2000 ohm high 
impedance headphones. Bringing up the regeneration 
and audio controls brought in stations immediately. 
Many stations appeared across the dial, and they were 
surprisingly easy to tune in. 


One important change in this circuit is the use of two 
capacitors in the main tuning LC circuit. In the circuit 
shown, you'll see a 50 pF fixed capacitor is parallel 
with a 100 pF variable capacitor. Since capacitance in 


parallel adds, the combination of the two essentially 
creates a virtual variable capacitor with a range of 50 to 
150 pF. The net effect is to slow down the rate of 
tuning. The amount of band that can be covered by a 
single coil is reduced, but makes tuning far less 
“touchy.” This 1s Important when tuning a sideband 
signal because very slight changes in tuning are 
needed to clear up the signal. You might want to 
replace the 50 pF with a 20-150 pF trimmer or 
something similar. By adjusting the trimmer, you can 
change the “speed” at which signals are tuned in. More 
capacitance reduces the speed, but it will also 


decrease the band of frequencies covered by the coil 
being used. You might want to replace the 50 pF fixed 
capacitor with a 140 pF for use as a band-set capacitor 
and a 35 pF for use as a band-spread capacitor. 

Both should be equipped with slow-motion dial drives. 
You can use just about any dial drive that turns 

up at a flea market or in a radio parts catalog. You can 
mix and match components. Many times you'll need 
more mechanical skills than you will need electronic 
skills for building old radios, so dig through 

your junk box, visit a hamfest and have fun building an 
old radio! 


IC Shortwave 


Parts list 
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Shortwave Receiver 
Project 


R1,R5,R20 100k ohm, ‘Aw 
5% resistor [ brown- 
black-yellow] 


R2,R4 22k ohm, ‘Aw, 
5% resistor 
RIPEADO. Tk ohm; 


YA 5% resistor 
[| brown-black-red] 


RIS ky Res R24 lk ohm, 
YA 5% resistor 
| brown-black-red] 


R6,R8,R11,R19,R23 
10k ohm, ‘Aw 
5% resistor 


[ brown-black-orange] 


R12 1M ohm, ‘Aw 
5% resistor 


[| brown-black-green] 


RLA R21. -LOK 
potentiometers, 103, 
Gr LONE 


R15 2 ohm, AW 
5% resistor 
[ red-black-gold] 


RG, RZZ BAZO 2.0" Ohm, 
tw 5% resistor 
[ red-violet-brown] 
R26 100 ohm, */w 


5% resistor 


[ yellow-violet-orangel 


CAPO OA PS AS 
SOUE ¡MES 325: vda disk 


capacitor 


Radio Receiver 


CZ. 230. PE wo MOE 
Inv Kak Capacitor 
C4,C6,68;, C26 OL: "HE 
disk capacitors, 25 
vdc (marked o0; 103, 
or lLOnF) 


CSCS -L100 “pr disk 
capacitorsy 25- wvade 
(marked 100, 101, 
or 100K) 


CT ELO ELSE LEA 
luF ceramic disk 
aparto; 000 Mac 
(marked .1 or 104) 


C9,C24 1 uF, 35 vdc 


electrolytic capacitor 


Cll pCZZ C23, 02%. 240) ME 
35 vde electrolytic 


capacitor 


GES yl 2200 MES 35- Nade 
electrolytic capacitor 

C19 (see text) 

CLG (see text) 

G20 L000) “Es 9 vde 


electrolytic capacitor 

G30" WO -PP 29- vdo 
mylar capacitor 

Ll, BZ 1 “WH: molded type 
TAductor 
(brown-=black=góla) = 
Digi-Key 

L3 12 UH molded type 
inductor (brown-red- 
black) -Digi-Key 

TS TZ -shielded can 
INQuUctor 


(42TF-103) Mouser 


BLeceronres 


T3 shielded can 
inductor (421E=1L123) 


Mouser Electronics 


D1 1N270 diode, glass 
bead style 


D2 Red LED (RSSI) 


D3 Varactor diode, 
transistor style with 
2-leads (MVAM108) 


Oly O4703° ANSIA NEN 


transistors 
Ul <EMS Se. Sapam DIN IC 
UZ MSee 9-prA DIP TE 


ok DPT PCUSmountc 
pushbutton switch 


Jl RCA-type PC-mount 
jack 
J2  subminiature El TRA 


PEO-MOUAE. Jack 


BL 9 volt transistor 


radio battery 


Misc PC board, battery 
holder, battery clip, 
wire, hardware, 


speaker 


Have you ever wanted to listen-in into the fascinating 
world of radio? The shortwave radio project will allow 
you to listen to international stations such as the BBC, 
Radio Canada, Radio Moscow, Radio Sweden. Using 
just a few feet of wire as you antenna you will be able 
to reach out and hear the world. Shortwave listening is 
fun for folks of all ages from 8 to 80 years of age. 


The shortwave radio project shown in Figure 8-1 
covers the shortwave bands from 4 to 10 MHz. The 
receiver uses varactor diode for smooth tuning across the 
band. The superheterodyne shortwave receiver provides 
both great sensitivity and selectivity. The tuning control as 
well as the volume and RF gain controls are all located on 
the front panel for easy operation. The shortwave receiver 
is powered from a common 9 volt transistor radio battery, 
so the receiver can be taken virtually anywhere. The 
receiver would make an ideal scout, school or club project. 


You'll easily tune into broadcasts from many other 
countries as well. As you become more and more 


Figure 8-1 Shortwave radio 


familiar with the world of shortwave broadcasting, 
you'll be deciding on your own favorite band. You will 
hear a variety of other “interesting” sounds, but just 
remember that this receiver is designed for AM only. 
If a Morse code signal really sounds “good,” it is 
because it is being transmitted in AM tone-modulated 
form, or perhaps the signal is so close to an AM 
broadcast carrier that the carrier acts as a “beat- 
frequency-oscillator” (BFO). Even though this receiver 
will permit you to tune through several different ham 
radio bands, the signals are not likely to be intelligible. 
Reception of CW and SSB signals on an AM receiver 
requires a BFO. This is not a complicated feature, but it 
is not a feature of this receiver. Our companion 
receivers designed for the ham bands will let you tune 
into these SSB and CW broadcasts. 


Shortwave listening 
as a hobby in itself 


Many people worldwide enjoy listening to shortwave 
broadcasts of all kinds, and they keep written records of 
what they hear. Almost every nation on Earth has some 
sort of shortwave broadcast service, though many are 
much more challenging to tune than the powerful signals 
of Radio Moscow and the BBC. In addition, these 
“SWLs” (Shortwave Listeners) listen to ham operators, 
government and commercial stations and even clandestine 
operations. Some shortwave listeners enjoy collecting 
QSL cards from stations which they have logged. 
Shortwave listening is, for some, a step toward getting a 
ham radio license. For others, it is a great hobby in itself. 


The Shortwave Receiver is a good introductory 
receiver for this hobby. After you decide exactly what 
kinds of listening are of the most interest to you, you'll 
be in a better position to choose a more elaborate 


receiver. 


To learn more about this SWL hobby, look for a copy 
of Popular Communications at newsstands. An 
inexpensive and interesting general introduction to all 
kinds of radio listening is the book, Shortwave Listening 
Guide by William Barden, Jr. (1987; Radio Shack 
Catalog Number 62-1084). To learn more about the 
hobby of ham radio, write to ARRL (American Radio 
Relay League), 225 Main Street, Newington, 

CT 06111. 


Circuit description 


Take a moment and examine the shortwave receiver 
block diagram in Figure 8-2. The simplified signal flow 
of the block diagram shows the basic sections of the 
receiver. The corresponding components are noted 
under each main block and can be cross-referenced to 
the schematic. 


The main shortwave receiver diagram is illustrated in 
Figure 8-3. The receiver circuit begins at the antenna 
input at J1. RF signals (Fc = carrier frequency) from the 
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& frequency 
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Figure 8-2 Shortwave receiver block diagram 


antenna are applied to the RF input and filtering allowing 
only the signals of interest to pass through. The high pass 
filter helps eliminate unwanted signals picked up by the 
antenna, so improving the overall reception quality of the 
radio. After the input signal is filtered, it moves to the 
mixer stage. Notice on the diagram that there are two 
inputs to the mixer. We have discussed one of these input 
signals coming into the mixer but not the other. Now, 
look down at the local oscillator block. The local 
oscillator (LO for short) acts as your tuning control for 
what frequencies you can receive by generating a signal 
on the board close in value to that which will be used by 
the mixer. There is a direct relationship between the 
generated frequency of the local oscillator (LO) and the 
exact receive frequency (Fc) you want to listen to. This 
will become clear when we finish discussing the block 
diagram. The LO section is a Colpitts oscillator that takes 
advantage of smooth varactor diode tuning. The varactor 
(D3) forms an L/C (inductor/capacitor) tank circuit with 
T3. Increasing the voltage on the varactor diode with 
R21 (tuning pot) increases the capacitance of D3, thus 
increasing the frequency output of the LO section. 


Now that we know the two signals coming into the 
mixer stage, both the Fc (receive carrier frequency) 
and the LO (generated local oscillator), we can better 
cover its operation. The mixer takes these input 
signals and performs a few very basic operations. The 
technical explanation of how the mixer combines these 
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Figure 8-3 Shortwave receiver schematic. Courtesy of Ramsey Electronics 


signals through Fourier Series is interesting but very 
drawn out. The point of using the block diagram, 
however, is to simplify matters. Therefore, the 
function of the mixer is to obtain the “product” and the 
“sum” of the input signals. This means you take the 
input signals and merely “add” and “subtract” their 
values to determine what you get on the output. 

The general formulas to use are quite simply, 

“Fc + LO = Mixer Output” and “Fc — LO = Mixer 
Output.” 


The output of the mixer stage unfortunately has other 
signals besides the ones we want. This brings us to the 
next stage, Intermediate Frequency Filtering. An 
Intermediate Frequency (IF) is a signal somewhere 
between the RF signal Fc we started with and the final 
audio message we are trying to get. The desired 
IF we are dealing with is a fixed number, such as 
455 kHz. As long as the proper relationship between 
Fc and the LO exists, the IF value will stay constant. 
Due to the fact that the IF frequency stays the 
same all the time, the Intermediate Frequency Filter can 
be very narrow. The filter will remove any other 
signals coming from the mixer that are not in the proper 
pass band and yield a clean signal for further 
processing. 


The next stage is an amplifier with an adjustable gain 
feedback loop. The gain control is dependent on the 
amount of signal being received (this Automatic Gain 
Control “AGC” will be covered in a moment). The 
amplifier boosts the signal level of the incoming IF and 
gives us a stronger signal to work with. After the 
amplifier stage is another Intermediate Frequency Filter. 
This helps remove any unwanted residual signals still 
present and cleans up the amplified IF for a high quality 
signal. At this point the audio signal we are trying to 
obtain is riding on the IF signal. 


The demodulator circuit finally extracts the 
message from the IF section through a process called 
envelope detection. Now that we have our message 
back in the audio realm, it is directed through the 
audio circuitry to the speaker output. The demodulated 
audio branches off before the audio circuitry and 
is used to perform some useful functions. The RSSI 
LED, Received Signal Strength Indicator Light 
Emitting Diode, gives us a general signal level 
feature. The stronger the signal we receive, the brighter 


the LED will glow. This is great for help pulling in 
those weak transglobal transmitter signals. The gain of 
the RSSI circuit is controlled by the value the 
feedback resistor R17. If you are commonly using a 
small whip antenna and listening to weak signals, 

you may need to increase the value of R17 to 
customize the response indication of D2, the signal 
strength LED. 


The final stage, and the real secret to the sensitivity 
of the receiver, is the Automatic Gain Control (AGC). 
The gain control looks at the amount of signal level 
present at the output of the demodulator and varies the 
amount of gain the amplifier has accordingly. If there is 
a strong signal coming through the demodulator the 
AGC circuit lowers the gain of the amplifier. 

If the received signal coming through the demodulator 
is very weak, the AGC circuit increases the 

gain of the amplifier (Q2) allowing us to receive 
signals from around the world and listen to them 

with clarity. 


Receiver assembly 


Look for a clean well lit area in which to assemble your 
shortwave receiver. You will need a 27 to 30 watt pencil 
tip soldering iron, some 60/40 tin/lead rosin core solder, 
a few hand tools including a pair of end-cutters, a 
needle-nose pliers, a few screwdrivers and a pair of 
tweezers to pick up small parts. Locate your schematic 
and layout diagrams and we will begin to construct your 
new shortwave receiver. Let your soldering iron tip heat 
both the component lead wire and PC board trace 
enough so that the wire itself AND the foil trace BOTH 
become hot enough TOGETHER to melt a bit of solder 
so that it flows smoothly from the pin to the PC board 
trace. Locate the printed circuit board and all the 
components and we will start. 


Before we begin constructing the shortwave receiver, 
refer to the resistor color code chart in Table 8-1 and the 
capacitor code chart in Table 8-2. Each resistor will 
have three or four color bands on them. The first color 
band will start close to one edge of the resistor body. 
The first color band will represent the first digit of the 
resistor value. The second color band will represent the 
second digit value, while the third color band illustrates 


Table 8-1 
Resistor color code chart 


Color Band Ist Digit end Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 l| AoA 4 RA WO NY ha. oO 
VOD 0 l| Aaa A WO NY KF QO 


Silver 


No color 


the resistor multiplier value. The fourth band, if there is 
one, will represent the resistor’s tolerance value. 

A silver band is a 10% tolerance, while a gold band 
depicts a 5% tolerance value. No fourth color band 
notes a resistor with a 20% tolerance. Locate all of the 
resistors for the project and place them in front of you. 
Each resistor has a color code which describes its value. 
Check the color code against the parts list and 
schematic before installing them onto the circuit board. 
Place about four or five resistors on the PC board and 
place these resistors in their respective locations 
carefully making sure each one is in the correct 
location. Next solder each of the resistors onto the 
circuit board. Trim off the excess component leads with 
a small pair of end-cutters. Pick up and identify the next 
grouping of resistors and install them on the circuit 
board, follow up by soldering this next batch of resistors 
to the circuit board, remember to trim the extra lead 
lengths form the PC board. 


Once all the resistors have been installed onto the 
circuit board we can move on to identifying all of the 
capacitors for the project. Note that there will be 
different-looking capacitors for this project, some will 
be small disks, while others will be larger body devices 
with minus and plus marking on them. These larger 
capacitors with polarity marking are electrolytic 
capacitors and they have polarity which must be 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


observed for the circuit to work correctly. Look through 
the parts pile and locate the capacitors and place them 
in front of you. You will notice a number of small disk 
capacitors, we will install these first. Look closely at 
each of the disk capacitors at their markings. Sometimes 
the capacitors are very small and they may not have 
their actual value printed on them but will instead have 
some sort of code. Refer to the parts list for these codes. 
Locate four or five of these small disk capacitors, 
identify them and install them on the circuit board, 
while referring to the schematic and layout diagrams. 
After inserting the disk capacitors onto the circuit 
board, you can go ahead and solder them to the circuit 
board. Remember to cut the excess component leads. 
Next move on and install another grouping of small disk 
capacitors, then solder them in place on the printed 
circuit board. Cut the extra component leads after 
soldering in the capacitors. When you are finished 
installing the small capacitors we will move on to the 
larger electrolytic types. 


Capacitors C9 and C24 are 1.0 uF electrolytic 
capacitors and capacitors, while C11, C22, C23, and 
C27 are 10 uF electrolytic capacitors. Capacitors C13 
and C14 are 220 uF, while C26 is a 1000 UF electrolytic 
capacitor. When installing these capacitors you must 
orient them with respect to their polarity. Each 
electrolytic will have either a plus or minus marking 


Table 8-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 
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Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 uF Ceramic / Mylar 222 
20pF Ceramic 4,700 pF /.0047 WF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 uF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic 01 Ceramic / Mylar 103 
68 pF Ceramic O15 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic ¿022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 .047 Mylar 473 
120 pF Ceramic 121 05 Mylar 503 
130pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 1 Mylar 104 
220 pF Ceramic 221 2 Mylar 204 
330 pF Ceramic 331 MA Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 36 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


EBC EBC 
C C 
B B 
E E 
NPN NPN 
2N3904 2N3904 


Figure 8-4 Semiconductor pin-outs 


on them. You must look at the schematic and layout 
diagram and observe the polarity marking on the 
diagram match up with the markings on the capacitor 
when installing them to ensure that the circuit will 
work. Failure to observe polarity marking may result in 
damage to the circuit when it is first powered up. 
Identify these electrolytic capacitors and install on the 
PC board. Solder them in place and then cut the extra 
lead lengths flush to the edge of the circuit board. 


Take a short break and locate the semiconductor 
pin-out diagram, shown in Figure 8-4, which illustrates 
the output pins of the transistors and integrated circuits 
in the receiver. Next, let’s move on to identifying and 
installing the two diodes; note that diode D2 is the 
varactor or tuning diode and D1 is a glass bead style 
diode, while D3 is the red LED RSSI indicator. Diodes 
have marking on them that denote polarity and it must 
be observed for the circuit to work correctly. You will 
notice that a diode will have a small black or white 
colored band at one end of the diode body. This band 
denotes the diode’s cathode. You will remember that a 
diode’s symbol looks like a triangle pointing to a line. 
Well, the triangle is the anode and the line corresponds 
to the black or white band on the diode. Refer to the 
schematic when installing the two diodes and make sure 
you have installed them in the correct PC locations 
before soldering them in place. The RSSI LED is 
mounted on the front of the PC board near the 


potentiometers. 


Now locate the three NPN transistors and we will 
install them on the PC board. Remember that transistors 


MVAM108 


1 N 8 1 8 


each will most likely have three leads, a Base lead, a 
Collector lead and an Emitter lead. The symbol for a 
transistor is a vertical line, with two other leads, at 45° 
angles, pointing to this vertical line. One of these angled 
leads will have a small arrow pointing towards or away 
from the vertical line, this lead is the Emitter lead. The 
vertical lead is the Base lead and the remaining lead is 
the Collector. Locate and identify these four transistors 
and install them on the PC board. Be sure you can 
identify each lead and that each lead goes to the correct 
PC hole on the board; refer to the layout diagram and 
schematic before soldering the transistors to the printed 
circuit board. Don’t forget to trim the excess lead from 
the transistors after the transistors have been soldered to 
the board. 


Now, it’s time for a little “destruction”! (If you 
jumped ahead and installed T3, we’ve got bad news for 
you.) Before this, two shielded transformers can be 
installed, and the internal capacitors need to be 
removed. Looking at the underside of these two 
transformers, you’ll see a tubular part, probably white 
with a brown band, somewhat like a resistor. These are 
brittle and easily crushed with any sharp object that can 
be pressed against them with mild force (small nail, 
small screwdriver). You”1l find these capacitors will 
easily disintegrate into particles. DO NOT crush the 
capacitors in the other two inductors. After crushing the 
capacitor, install T3. Next locate the remaining inductor 
cans, 1.e. TI and T2 and install them on the PC board; 
remember orientation of the inductor cans is important. 


Now locate the small “resistor like” inductor, 1.e. L1, 


L2 and L3. Solder the inductors to the circuit board and 
remember to trim the excess leads. 


Finally we are going to install the integrated circuits 
to the circuit board. Consider installing IC sockets, 
instead of mounting the IC”s directly to the PC board. 
Integrated circuit sockets are good insurance in the 
event of a possible circuit failure at some later date. It is 
much easier to unplug an IC rather than trying to un- 
solder one from a PC board. Mount three IC sockets to 
the PC boards at the respective locations of Ul and U2. 
Before installing the ICs we will need to make sure that 
you can identify the pin-outs on each of the ICs. Have a 
look at the eight pin integrated circuits, note that at the 
top of each of them you will see a notch in the center of 
the device or a small indented circle at the left side at 
the top of the package. The IC pin to the left of the 
notch or indented circle is pin one (1). Refer to the 
schematic and layout diagram to observe where pin one 
(1) is for each of the integrated circuits before installing 
them to the PC board. Once you are sure of the pin-outs 
for each of the ICs and where they go on the PC board, 
you can insert them into the proper IC socket. If there 
are any jumpers on the circuit board, you can go ahead 
and install them now. 


Well, we have made quite a bit of progress on 
building your shortwave receiver. Take a short break and 
when we return we will mount the remaining final 
components. At this time look through the remaining 
parts and look for the two chassis mounted 
potentiometers R1 and R2. Place the potentiometes at 
the front of the PC board and solder them in place. 

Now, locate and install the power on-off switch at S1, 
and solder 1t in place on the printed circuit board. 


Finally locate and install J1, an RCA chassis jack and 
J2, the 4” phone jack onto the PC board. Locate the 
battery clip and solder 1t to the PC board, where you see 
the plus and minus markings. The red battery clip wire 
will go the plus marking on the board, while the 
black wire will go to the minus marking on the board. 
Install the battery clamp. Position battery and holder so 
as not to cover nearby PC board mounting holes. Use 
the method for securing the clamp that is most 
convenient for you, such as a (1) wire looped through 
clamp and PC board holes and soldered, (2) small screws, 
(3) double-faced adhesive strips or (4) hot-melt glue. 


Your shortwave broadcast receiver is now almost 
finished. Now, you will need to decide what frequency 


Table 8-3 
Band selection components 


C16 = .001 T3 Slug In T3 Slug out 
C15 6.5-13 MHz 9-18.3 MHz 
C15 5.1-7.9 MHz 7.1-10.7 MHz 
C15 4.3-5.3 MHz 6-8.3 MHz 
C16 = 100 pF T3 Slug in T3 Slug out 
C15 8.4-14.2 MHz 11.5-19.5 MHz 
C15 6-8.1 MHz 8.5-11 MHz 
C15 4.9-6.3 MHz 6.7-8.4 MHz 


range you would like your receiver to tune, and then 
select the values for C15 and C16 from the chart, shown 
in Table 8-3. A suggested configuration would be 

C15 = 47 pF and C16 = 100 pF. This will give you 
complete coverage from 6 to 11 MHz by adjusting T3 
in or out. This is a very active section of the shortwave 
band and will provide you with hours of listening 
enjoyment any time of the day. Select and install C15 
and C16. 


Finally, you will need to locate an enclosure for the 
receiver, and then install the circuit board into the 
enclosure. Place the knobs on the potentiometer shafts, 
locate a 9 volt transistor radio battery and connect it to 
the receiver battery clips. Connect up an antenna and 
you are ready to test out your new receiver. 


Before turning on your receiver, double-check that 
you have correctly oriented all three of the ICs, 
that you have correctly oriented the transistors, that you 
have installed the diodes correctly, and that you have 
installed the electrolytic capacitors correctly. 


Finally we will inspect the circuit board for “cold” 
solder joints and possible “short” circuits. Pickup 
the PC board with the foil side of the board facing 
you and inspect the solder connections. You will 
want to make sure that all of the solder connections 
look clean, smooth and shiny. If any of the solder joints 
look dull, dirty or “blobby” then you should un-solder 
that particular joint and re-solder it over again so that it 
looks clean, smooth and shiny. Next, let’s inspect the 
CP board for any possible “short” circuits. Often “stray” 
cut component leads will “bridge” across between 
circuit traces and “short” out a PC trace. Another 
possible source of “short” circuits is a solder blob which 


can “bridge” across a circuit trace. Carefully inspect the 
PC board for any solder blobs or “stray” wires before 
connecting up a 9 volt battery. 


Initial testing and 
adjustment 


Now, connect up a speaker or headphones, connect up 
some sort of antenna and install a fresh 9-volt battery 
and we can begin testing the receiver. We have come to 
the “moment-of-truth,” go ahead and turn the receiver 
power switch to the “on” position. After adjusting the 
volume to a pleasant level, you should hear some 
shortwave stations by turning the Tune Control, no 
matter how any of the adjustable coils happen to be set. 
While listening to any kind of station, whether 
broadcast or Teletype, etc., use a small screwdriver to 
adjust the slugs in transformers T1 and T2 for the best- 
sounding reception. The Tuning Control covers varying 
segments of the bands selected by adjustment of 
oscillator coil T3. Adjustment of T3 anywhere between 
the full In position to the full Out position will give the 
user full range between the minimum and maximum 


frequency coverage set by C15 and C16. 


Both T1 and T2 must be adjusted with a non-metallic 
alignment tool such as is used in radio-T'V service. If 
you do not have one, a suitable tool can be made by 
patiently sanding a screwdriver-like blade on the end of 
a wooden match stick, kebab skewer or small plastic 
crochet needle. Again, please be aware that a metal 
screwdriver blade will drastically increase the coil 
inductance and make adjustment quite difficult. T1 and 
T2 are simply adjusted for strongest reception of any 
signal range that is tuned in. 


If you do not have any sort of testing or frequency 
reference equipment whatsoever, the easiest way to 
begin using the receiver, is to set the Tune Control at its 
midpoint, slowly tune T3 with your alignment tool as 
though it were a tuning dial. Stop when you come 
into the middle of a group or cluster of foreign 
broadcast stations. Try tuning around these stations with 
the Tune Control. If you like what you hear, readjust 
both T1 and T2 for best reception. Eventually, you will 
get a clue as to what general frequency band you are 
hearing, because many stations periodically announce 


their frequencies, particularly at sign-on and 
sign-off times. 


If you like precision, use a frequency counter or 
calibrated receiver to find the SR2’s strong oscillator 
signal, remembering that there is a 455 kHz IF 
difference (above or below) between the local 
oscillator frequency and the broadcast signal you are 
hearing. 


Shortwave antenna ideas 


The type of antenna you”11 want to use for your 
shortwave receiver depends on the degree of interest 
you have in shortwave listening, on whether you are 
limited to an indoor or balcony antenna. If you cannot 
use an outdoor antenna, you can make yourself a whip 
antenna from telescoping radio antenna from your local 
Radio Shack store. A better antenna would be to throw a 
10 to 20 foot piece of insulated wire out the window, 
secured to a pole or tree away from your window. 

You could also place a length of wire in your attic to act 
as an antenna. An even better antenna would be a dipole 
antenna “cut” for the desired radio band of most 
interest. In order to construct your own dipole antenna, 
you can refer to the diagram depicted in Figure 8-5. 
Simply use the formula: 468 divided by the frequency 
in Megahertz for example. If you wanted to construct a 
dipole for 7.410 MHz, you would divide 468 by 7.410. 
The results would be 63.157 feet, so one-half of that 
number is 31.5 feet. Each leg of the dipole antenna 
would then be 31.5 feet. If you do construct your own 
dipole antenna, you should keep the antenna away from 
metal objects and use insulated wire and be sure to keep 


31.5 ft 31.5 ft 


F = 7.410 
468 + 7410 
= 31.5 it 


Figure 8-5 Shortwave dipole antenna 


away from all power lines. The lead-in wire for your 
dipole antenna to your new receiver can be a length of 
RG8X min-coaxial cable. 


Shortwave listening 


Shortwave listening 1s a fun hobby for young and old 
alike. Once you have your antenna all set up, 1t 1s time 
to begin listening to your new radio. The chart in 

Table 8-4 illustrates the most common shortwave bands 
and their shortwave frequency in Megahertz vs. their 
wavelength in meters. Many times the shortwave bands 
are referred to in meters, such as the 40 or 80 meter 
band, so this chart will help you see the relationship 
between the two. As a shortwave radio listener, you will 
want to know what International broadcasters are 
broadcasting when you have time to listen to your new 
radio. Most people have spare time in the evening for 


Table 8-4 
Popular shortwave bands 


Frequency vs. Meters 


Frequency in 


Broadcast Frequency — kHz/MHz Meters 
2300-2495 kHz 120 Meters 
3200-3400 kHz 90 Meters 
3900-4000 kHz 75 Meters 
4730-5060 kHz 60 Meters 
5850—6200 kHz 49 Meters 
7100-7350 kHz 41 Meters 
9400-9900 kHz 31 Meters 
11600-12050 kHz 25 Meters 
13570-13800 kHz 22 Meters 
15100-15800 kHz 19 Meters 
17480—17900 kHz 16 Meters 
18900-19020 kHz 15 Meters 
21450-21850 kHz 13 Meters 
25600-26100 kHz 11 Meters 


their hobby. So you will want to know which bands are 
best for night time use, and who is broadcasting at that 
time. Refer to the chart in Table 8-5, which illustrates 
the broadcaster and their frequencies, etc. Usually the 
best shortwave bands, for evening use are the lower 
frequency bands such as the 40, 41 and 49 meter bands. 
Use this chart or check on the Internet for the latest 
shortwave listings. Have fun! 


Troubleshooting tips 


If you experience difficulty, think of your receiver as 
consisting of several sections or stages: oscillator-mixer, 
IF audio and AGC, and final audio output (LM386). The 
first step in case of problems is to make sure that the 
tunable oscillator is working, which can be done by 
listening for its signal on another receiver. After the 
oscillator circuit is confirmed as working, standard 
signal tracing procedures should isolate any problem, 
which will be either an incorrectly installed part, a 
defective part or a bad solder connection. Correct 
orientation or polarity of all diodes, transistors, 
electrolytic capacitors and ICs is essential. 


Problem: Strong shortwave broadcast audible 
throughout tuning range. 


Solution: This can occur if your antenna is “too 
good” or if the RF Gain control is turned up too high. 
The high sensitivity of the front end is designed for 
simple antennas, with most reception quite satisfactory 
with only 25 feet or so of wire. 


Problem: Local AM radio station audible throughout 


tuning range. 


Solution: Whether this will even happen depends on 
how close you are to a local AM station. It is very 
important that all component leads be as short as 
possible, since just a bit of wire can help D1 and the 
several stages of audio amplification give you a free, 
unwanted “classic crystal radio.” A grounded metal case 
for the SR2 is one possible solution. 


Table 8-5 


Evening shortwave broadcast listings 


English shortwave broadcasts to the Americas sorted by time: 


1700-1800 NA 
1700-1800 NA, LA 
1700-1900 Am 
1700-2200 NA 
1705-1905 Am 
1705-1905 NA 
1800-1900 NA 
1800-1900 NA, Su-F 
1830-1845 NA, Eu 
1900-2000 NA 
1900-2000 LA 
1900-2000 Am 
1900-2100 NA 


1900-2100 NA, Sa-Su 


1900-2200 NA 
1900-2400 NA 


2000-2025 NA, Eu, Af 


2000-2100 Am 
2000-2100 LA 
2000-2200 NA 
2000-2400 NA 
2030-2130 NA, Eu 
2045-2130 Am 


2100-2127 Eu, As, NA 


2100-2130 NA, Sa 


2100-2200 NA, Eu, Af 


2100-2200 NA 
2100-2200 LA 


2100-2200 Am, Sa-Su 


2100-2200 Am 
2100-2300 NA 
2100-2400 Am, M-F 
2130-2156 NA, Eu 


2130-2200 NA, M-Sa 


2130-2200 NA 
2200-2257 NA 
2200-2300 NA, M-F 
2200-2300 LA 
2200-2300 NA 
2200-2300 Am 


U.S.A. 

Japan 

U.S.A. 

U.S.A. 

Canada 

Canada 

U.S.A. 

U.S.A. 

Israel 

U.S.A. 

U.S.A. 

U.S.A. 

U.S.A. 
Netherlands 
U.S.A. 

U.S.A. 

Israel 

U.S.A. 

U.S.A. 

U.S.A. 

Costa Rica Univ. 
Cuba 

Vatican City 
Czech Republic 
Canada 

U.S.A. 

Japan 

United Kingdom 
U.S.A. 

U.S.A. 

U.S.A. 

U.S.A. 
Romania 
Canada 
Netherlands 
Netherlands 
U.S.A. 

United Kingdom 
Canada 


U.S.A. 


WYFR 

R. Japan 

WHRI 

WBCQ 

R. Canada Intl 
R. Canada Int’! 
WYFR 

WBCQ 

Israel B/C Auth. 
WYFR 

WYFR 

WHRI 

KJES 

R. Netherlands 
WWCR4 
WBCQ 

Israel B/C Auth. 
WHRI 

WYFR 

WYFR 
Network 

R. Havana Cuba 
Vatican R. 

R. Prague 
CBCNQ 
WEWN 

R. Japan 

BBC 

WRMI 

WHRI 
WWCRI 
WRMI 

R. Romania Int’] 
CBCNQ 

R. Netherlands 
R. Netherlands 
WBCQ 

BBC 

R. Canada Int’! 
WHRI 


13695, 17555 

9535 

9840, 15285, 15650 
18910 

9610 

9800 drm 

13695, 17535, 17555 
7415 

6985, 7545, 9345 
13695, 17535, 17555 
6085 

9840, 13760, 15285 
15385 


15315bo, 15525bo, 17725ca 


9975 

7415 

6280, 7545, 15640 
11765, 15285 
17575 

17535, 17555 
13750 

9505, 11760 
9800 drm 

5930, 9430 
9625 

6890, 15785 
17825 

9480sc, 11675gr 
7385 

9660, 11765 
7465 

7385 


6055, 6115, 7145, 9755 


9625 

9800ca drm 
15425fg drm 
5110 

5975fg, 9480sc 
9800 drm 
7490, 9660 


Table 8-5 


Evening shortwave broadcast listings—cont'd 


English shortwave broadcasts to the Americas sorted by time: 


2200-2300 NA, M-F U.S.A. WBCQ 18910 
2200-2300 NA, Sa-Su U.S.A. WWRB 3185 
2200-2400 LA Guyana V. of Guyana 3290 
2200—2400 NA, Su-F Canada CBCNQ 9625 
2200—2400 Am Anguilla Wld Univ Network 6090 
2200-2400 NA U.S.A. WWCR3 5070 
2200-2400 NA U.S.A. WWCR4 9985 
2200-2400 NA, Eu, Af U.S.A. WEWN 7560, 9975 
2200-2400 NA U.S.A. WWRB Overcomer 6890 
2230-2257 NA, Af Czech Republic R. Prague 5930, 9435 
2300-2330 NA Germany Deutsche Welle 9800ca drm 
2300-2350 NA Turkey V. of Turkey 5960 
2300-2356 NA, Eu Romania R. Romania Int’! 6055, 6115, 7105, 9610 
2300-2400 NA Egypt R. Cairo 11885 
2300-2400 NA China China R. Int’! 6040, 11970 
2300-2400 NA U.S.A. WBCQ 5110 
2300-2400 Am U.S.A. WINB 9265 
2300-2400 NA Cuba R. Havana Cuba 9550 
2300-2400 NA, LA China China R. Int'l 5990ca 
2300-2400 NA U.S.A. WHRA 5850 
2300-2400 Am U.S.A. WHRI 7315, 7490 
2300-2400 LA U.S.A. WYFR 15170, 15400 
2300-2400 NA U.S.A. WWCRI 3215 
2300-2400 NA U.S.A. WWRB 3185, 5050 
2300-2400 LA, Su-F U.S.A. WWRB 5745 
2330-2357 NA Czech Republic R. Prague 5930, 7345 
2330-2359 NA Sweden R. Sweden 9800ca drm 
2330-2400 NA Lithuania R. Vilnius 7325 
2330-2400 Am, Su U.S.A. WRMI 9955 
2335-2400 LA, Su-M Austria Osterreich 1 9870 
2343-2358 LA, Tu-Sa Austria Osterreich 1 9870 


Relay site codes: ae-United Arab Emirates, al-Albania, an-Antigua, ar-Armenia, as-Ascension, au-Austria, bo-Bonaire Neth. Antilles, bu-Bulgaria, 
ca-Sackville Canada, ch-China, cl-Chile, cu-Cuba, cy-Cyprus, de-Delano USA, fg-French Guiana, fr-France, ga-Gabon, ge-Germany, gr-Greenville 
USA, it-Italy, ja-Japan, ka-Kazakhstan, ko-South Korea, la-Latvia, li-Lithuania, ma-Madagascar, ml-Mali, mo-Moldova, ne-Netherlands, om-Oman, 
po-Sines Portugal, ru-Russia, rw-Rwanda, sc-Cypress Creek SC, se-Seychelles, si-Singapore, sl-Sri Lanka, so-Slovakia, sp-Spain, sw-Sweden, 
ta-Taiwan, th-Thailand, uk-United Kingdom, uz-Uzbekistan, wb-WBCQ USA, wr-WRMI USA, wy-WYFR USA, za-South Africa. 


Notes — Days of week: Su-Sunday, M-Monday, Tu-Tuesday, W-Wednesday, Th-Thursday, F-Friday, Sa-Saturday, exW-except Wednesday. 
Target areas: Af-Africa, Am-America, As-Asia, Eu-Europe, LA-Latin America, ME-Middle East, NA-North America, Oc-Oceania/Australia; Other: 


alt-alternate frequency, drm-Digital Radio Mondiale, occ-occasional use, se-Special English. 


Courtesy of Daniel Sampson; www.primetimeshortwave.com 
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80/40 Meter Code 
Practice Receiver 


80/40 Meter Direct 

Conversion Receiver 

Specifications 

SENSLEIVItyY «IU -OF 
better 


Modes CW, RITY (FSK), 
SSB, AM 


Audo Output 30° mw 
typical 

Frequency Coverage 
Portions of the 80, 
15, and 40 meter 
bands 


Power Source 9 volt 
transistor battery, 


alkaline preferred 


PC Board 4.000” x 
A cs dees 


80/40 Meter Direct 
Conversion Receiver 
R2 15 ohm, Yw, 
5% resistor: (brown, 
green, black) 
Royko 100 ohm, Li 
5% resistor. (brown, 


black, brown) 


R1 1000 ohm variable 


potentiometer 


Cl 8.2 pF ceramic 
disk. (6.2) 


C18 100 pF ceramic 


trimmer capacitor 


Clo: J5=50. pr variable 
Capacitor (main 
tuning) - see text 

CLOS Ue 
monolitate el Ote 104) 


C3 see chart below 
C4 not used 
C5 see chart below 


Cor IO ¿dl LLE 
MORO Latha. Es Ll OE 1043 


C20 0d. UF ceramic disk 
SOL OE 1033) 


CLA Clogs Eee 
35 volt electrolytic 


capacitor 


C16,C17 470 HF, 35 volt 


electrolytic capacitor 


011,015 10 uF, 35 volt 


electrolytic capacitor 
Jr SA602 RF Mixer IC, 
S=pih: DLP 
U2 78L05 voltage 
regulator 
US. «LM>386- aida 
amplifier, 8-p1n DIP 
Sl Power On-off 
Switch 
J1 RCA antenna jack 
J2 YW” headphone jack 


Bi. © Tol transistor 


radio battery 


Mase "PE board,. IG 
sockets, chassis, 


knobs, wire, battery 


holder, battery clip, 


hardware, etc. 


80 Meter Band Tuning 
components 


Cay Eo ATU monolitale 
capacitor (471) 


LI 6.89 UH variable 


inductor, shielded 


LZ... 0:29 MH. molded choke 


(orange-orange-gold) 


L3 33 WH molded choke 


(orange-orange-black) 


40 Meter Band Turning 
Components 


Es 470. pr mono lLthte 
(471) 


CS: 680. pr monolithic 
(681) 


L1 1.5 WH variable 


inductor, shrelded 


L2 1 WH molded choke 
(brown-black-gold) 


L3 10 WH molded choke 
(brown-black-black) 


* Inductors avallable 
from Digi-Key 
Electronics, see 


Appendix. 


Whether you're a novice or an “old-timer,” you’ll be 
pleasantly surprised at how this dual band Direct 
Conversion Receiver performs! The receiver can be 
constructed to receive either the 80 meter or 40 meter 
amateur radio bands. You will be able to receive AM, 
CW and SSB, signals from hams around the world. 


Far-away signals are easily copied; and the sensitivity 
of the 80/40 Meter Direct Conversion Receiver rivals 
more expensive receivers. This receiver is ideal for 
practicing and increasing your CW or code efficiency or 
just having fun listening to shortwave broadcasts or ham 
radio operators, at home or away. Build the receiver for 
your favorite band, tuning options allow you to 
customize the tuning range from full-band to 100 kHz or 
less. Powered by a common 9 volt transistor battery, it’s 
always ready for action on vacation and camping trips! 


Figure 9-1 80/40 meter code receiver 


The 80/40 Meter Direct Conversion Receiver shown in 
Figure 9-1, can easily be constructed by a radio neophyte 
in a few hours with the easy-to-follow instructions. 


Circuit description 


The circuit diagram shown in Figure 9-2 illustrates the 
schematic for the 80/40 Meter Direct Conversion 
Receiver. A dipole or suitable antenna is fed directly to 
input jack J1, which is coupled to potentiometer R1, 
which serves as a continuously variable RF attenuator 
and also serves as the receiver’s gain control. Using the 
RF gain control to set volume is advantageous as it also 
reduces strong in-band signals that could otherwise 
overload the receiver front end. Series inductors L2 and 
L3, and trimmer capacitor C18, provide front-end 
bandpass filtering, and an impedance match to 50 to 
75-ohm antenna systems. IC U1 is an NE602/612 mixer 
and Local Oscillator (LO) in an 8-pin dip package. The 
mixer section is an active Gilbert cell design for good 
conversion gain and low noise figure. The LO section 
uses heavy capacitive loading to minimize frequency 
drift. Tuning is capacitive, using a modern Hi-Q 
miniature plastic variable. The local oscillator (LO) 
stability is enhanced by a 78L05 voltage regulator. 


Since this is a direct conversion receiver, the LO is 
tuned to the carrier frequency of Single Sideband 
Signals, or to a difference of 300 to 800 Hz on CW 
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Figure 9-2 80/40 meter direct conversion amateur radio receiver. Courtesy of Vectronics 


signals, to produce an aural output that is differentially 
coupled to a LM386 audio IC. The audio amplifier IC is 
coupled to the headphone jack at J2 by capacitor C16. 
The receiver circuit is power from a single 9 volt 
transistor radio battery. 


Let's get started! Before we begin building the 
80/40 meter receiver, you will need to locate a clean 
well lit and well ventilated work area. A large table or 
workbench would be a suitable work surface for your 
project. Next you will want to locate a small 27 to 
33 watt pencil tipped soldering iron, as well as a roll of 
#22 gauge 60/40 tin/lead solder and a small jar of 
“Tip Tinner,” a soldering iron tip cleaner/dresser, from 
your local Radio Shack store. You will also want to 
secure a few hand tools for the project, such as a pair of 
small end-cutters, a pair of tweezers and a pair of 
needle-nose pliers. Locate a small Phillips and a small 
flat-blade screwdriver, as well as a magnifying glass to 
round out your tool list. Grab the schematic, parts layout 


diagram as well as the resistor and capacitor identifier 
charts and we will begin our project. Place all the project 
components on the table in front of you. The 80/40 
direct conversion radio is an RF or radio frequency 
project and it is best constructed on a printed circuit 
board with large ground plane areas covering the board 
for the best RF grounding techniques. Once you have all 
the parts and PC board in front of you, heat up the 
soldering iron and we’ll get started! 


First, find your resistor identifier chart in Table 9-1, 
which will help you select the resistors from the parts 
pile. Resistors used in this project are mostly small 
⁄ watt carbon composition type resistors, which have 
colored bands along the resistor body. The first color 
band should be closest to one end of the resistor body. 
This first color band represents the first digit of the 
resistor value. For example, resistor R2 has four color 
bands, the first one is a brown band followed by a green 
band followed by a black band. The fourth band is gold. 


Table 9-1 
Resistor color code chart 


Color Band Ist Digit end Digit 


Black 
Brown 
Red 
Orange 
Yellow 
Green 
Blue 
Violet 
Gray 
White 
Gold 


VOD 0 0 On A WD NY KF O 
OD 0 DW On A WO NY KF O 


Silver 


No color 


The first band is brown, which denotes a digit one (1), 
the second band is green, which represents a digit five 
(5), and the third band is black, which represents a 
multiplier of zero (0), so the resistor value is 15 ohms 
with a tolerance value of 5%. Identify the remaining 
resistors for the project and we can begin “populating” 
the PC board. Place a few resistors on the board at one 
time, so as not to confuse the process. Make sure that 
you place the correct resistor into the correct PC 
location before soldering it in place. Once you solder a 
few resistors in place on the PC board you can use your 
end-cutter to trim the excess component leads. Cut the 
excess leads flush to the edge of the circuit board. Then 
place a few more resistors on the PC board and solder 
them on to the board. Remember to trim the component 
leads as necessary. 


Next we will locate the capacitors for the 80/40 meter 
receiver. Capacitors are listed as electrolytic and non- 
electrolytic types. The non-electrolytic types are 
generally smaller in value and size as compared with 
the electrolytic types. Non-electrolytic capacitors, in 
fact, can be so small that their actual value cannot be 
printed on them, so a special chart was devised as 
shown in Table 9-2. The chart illustrates the three digit 
codes which are often used to represent capacitors. For 
example, a .001 UF capacitor will have (102), while 
a .01 uF capacitor will have (103) marked on it to 


Multiplier Tolerance 

1 

10 1% 

100 2% 

1,000 (K) 3% 

10,000 4% 

100,000 

1,000,000 (M) 

10,000,000 

100,000,000 

1,000,000,000 

0.1 5% 

0.01 10% 
20% 


represent its true value. Use the chart to identify the 
small capacitors in the project. Non-electrolytics have 
no polarity markings on them so they can be installed in 
either direction on the PC board. 


Electrolytic capacitors are usually larger in size and 
value and they will have a white or black band on the 
side of the capacitor body or a plus (+) or minus (—) 
marking on the body of the capacitor near the leads. 
These markings are polarity markings and that indicate 
the direction in which the capacitor must be mounted on 
the PC board. Failure to observe polarity when 
installing the capacitor may result in damage to the 
capacitor or to the circuit itself, so pay particular 
attention to capacitor polarity when placing the 
capacitors on the board. Note that the receiver can be 
built for either the 80 meter ham band or the 40 meter 
ham band. You will need to look at the parts list when 
deciding which band you want to receive. The inductors 
L1, L2 and L3 as well as capacitors C3, C4 and C5 
determine the band selection. 


Let’s go ahead and place some of the non-electrolytic 
capacitors on the PC board. Identify a few small 
capacitors at a time and place them on the PC board and 
solder them in place. Trim the component leads after. 
Go ahead and install the remaining non-electrolytic 
capacitors after choosing your desired band. Install the 
capacitors and solder them in place, remember to cut 


Table 9-2 
Capacitance code information 


This table provides the value of alphanumeric coded ceramic, mylar and mica capacitors in general. They come in many sizes, 
shapes, values and ratings; many different manufacturers worldwide produce them and not all play by the same rules. Some 
capacitors actually have the numeric values stamped on them; however, many are color coded and some have alphanumeric codes. 
The capacitor’s first and second significant number IDs are the first and second values, followed by the multiplier number code, 
followed by the percentage tolerance letter code. Usually the first two digits of the code represent the significant part of the value, 


while the third digit, called the multiplier, corresponds to the number of zeros to be added to the first two digits. 


1st Significant Figure 


2nd Significant Figure 


Multiplier 
— Tolerance 


0.1 uF 10% 


CSGNetwork.Com 6/4/92 


Value Type Code Value Type Code 
1.5 pF Ceramic 1,000 pF /.001 uF Ceramic / Mylar 102 
3.3 pF Ceramic 1,500 pF /.0015 uF Ceramic / Mylar 152 
10 pF Ceramic 2,000 pF /.002 UF Ceramic / Mylar 202 
15 pF Ceramic 2,200 pF /.0022 WF Ceramic / Mylar 222 
20 pF Ceramic 4,700 pF /.0047 uF Ceramic / Mylar 472 
30 pF Ceramic 5,000 pF /.005 WF Ceramic / Mylar 502 
33 pF Ceramic 5,600 pF /.0056 UF Ceramic / Mylar 562 
47 pF Ceramic 6,800 pF /.0068 uF Ceramic / Mylar 682 
56 pF Ceramic .01 Ceramic / Mylar 103 
68 pF Ceramic .015 Mylar 

75 pF Ceramic .02 Mylar 203 
82 pF Ceramic .022 Mylar 223 
91 pF Ceramic .033 Mylar 333 
100 pF Ceramic 101 047 Mylar 473 
120 pF Ceramic 121 .05 Mylar 503 
130pF Ceramic 131 .056 Mylar 563 
150 pF Ceramic 151 .068 Mylar 683 
180 pF Ceramic 181 .1 Mylar 104 
220pF Ceramic 221 ʻa Mylar 204 
330 pF Ceramic 331 YA Mylar 224 
470 pF Ceramic 471 33 Mylar 334 
560 pF Ceramic 561 A7 Mylar 474 
680 pF Ceramic 681 6 Mylar 564 
750 pF Ceramic 751 1 Mylar 105 
820 pF Ceramic 821 2 Mylar 205 


the extra leads flush to the edge of the circuit board. 
Now, you can go ahead and install the electrolytic 
capacitors onto the circuit board. Go ahead and solder 
them in place and trim the leads as necessary. 


This receiver project uses a number of small 
inductors. These small inductors will generally have 
color bands on them to help identify them. Molded 
chokes appear, at first glance, to be similar to resistors 
in both shape and band marking. However, a closer look 
will enable you to differentiate between the 
two—chokes are generally larger in diameter and fatter 
at the ends than resistors. When doing your inventory, 
separate out any chokes and consult the parts list for 
specific color-code information. Note, that inductor L1 
1s an adjustable slug tuned type. Remember that specific 
chokes are used for each band: see parts list before 
mounting the chokes. Chokes do not have polarity so 
they can be mounted in either direction on the PC 
board. 


The 80/40 meter receiver utilizes two integrated 
circuits and a regulator IC. Take a look at the diagram 
shown in Figure 9-3, which illustrates the 
semiconductor pin-outs. When constructing the project 
1t 1s best to use IC sockets as an insurance against a 
possible circuit failure down-the-road. Its much easier to 
unplug an IC rather than trying to un-solder 1t from the 
PC board. IC sockets will have a notch or cut-out at one 
end of the plastic socket. Pin one (1) of the IC socket 
will be just to the left of the notch or cut-out. Note that 
pin 1 of U1 connects to C1, while pin one (1) of U2 
connects to C15. When inserting the IC into its 
respective socket make sure you align pin one (1) of the 
IC with pin one (1) the socket. Failure to install the IC 
properly could result in damage to the IC as well as to 
the circuit when power is first applied. 


(TO-92) 
Plastic package (2) 
Output Input n z n 5 
2 7 2 7 
3 6 3 6 
4 5 4 5 
GND 00774433 SA602 LM386 
Bottom view 
78L05 


Figure 9-3 Semiconductor pin-outs 


Let's finish the circuit board by mounting the 
volume control and the adjustable capacitors. The 
volume control potentiometer at R1 is a right angle 
PC board mounted type, which is placed at the edge 
of the PC board as is the main tuning capacitor. 
Capacitor C18, which is connected at the junction of L3 
and Cl, is an 8.2 pF trimmer type; go ahead and solder 
it to the circuit board using two pieces of bare #22 ga. 
stiff single conductor wire. 


Locate main-tuning capacitor C19, now locate the 
mounting location for main tuning capacitor C19. The 
tuning capacitor was mounted on its side using double- 
sided sticky tape. Remove the protective cover from the 
double-sided tape, and firmly press the body of 
capacitor C19 to mount it to the PC board. Firmly press 
the double-sided tape over the silk-screened outline for 
the body of C19. You may decide to mount the tuning 
capacitor in a different way. At the rear of the capacitor: 
locate the four internal trimmer capacitors, and using a 
small jeweler’s screwdriver or alignment tool, fully open 
(unmesh) all four trimmers. Note: tuning shaft faces 
front of board. Bend the two rotor lugs so they are 
parallel to the front face of the capacitor as shown 
above. Connect the two rotor lugs to the PC board 
ground points as shown using scraps of lead wire 
trimmed from resistors as jumper wires. Cut a 6” length 
of 24-AWG insulated hook-up wire in half. Remove 
about %” of the insulation from each of the cut ends. 
Solder the jumpers to the capacitor rotor lugs, and to the 
ground foil run on the bottom of the PC board. Since 
the tuning capacitor has four sections, you can increase 
the tuning ranges by paralleling different sections to 
give a greater tuning range: see Table 9-3. If you used 
just the 140 pF section, your tuning range would be 
190 kHz, but if you combined the 140 pF section 
with the 40 pF section your tuning range would become 
180 pF and so forth. Capacitor jumpers: 180 pF = use 
140-pF and 40-pF sections paralleled; 222 pF = use 
140-pF and 82-pF sections paralleled; 262 pF = use 
140-pF, 82-pF and a 40-pF sections paralleled; 

302 pF = use all four capacitor sections in parallel. 


The 80/40 meter code practice receiver can be built for 
either of your favorite ham bands. First you will need to 
decide which band you are interested in. Then you will 
have to select the proper components from the chart in 
Table 9-4, for the band of interest. Note that you will have 
to select three capacitors and three coils for each band. 


Table 9-3 
Band tuning range 


80 Meter Tuning 


302 pF 350 kHz 
262 pF 310 kHz 
222 pF 270 kHz 
180 pF 230 kHz 
140 pF 190 kHz 
82 pF 110 kHz 
40 pF 55 kHz 
YO Meter Tuning Range 

302 pF N/A 
262 pF N/A 
222 pF N/A 

180 pF 310 kHz 
140 pF 250 kHz 
82 pF 150 kHz 
40 pF 75 kHz 


Let's take a few minutes for a short well-deserved 
break, and when we return we will look over the circuit 
board for any possible “cold” solder joints or “short” 
circuits. Pick up the circuit board with the foil side 
facing upwards toward you. First, we will examine the 
circuit board for “cold” solder joints. Take a look at all 
of the solder joints on the board, they should look clean, 
bright and shiny. If you see any solder joints which look 
dark, dull or “blobby,” then you should remove the 
solder with a solder-sucker and then reapply more 
solder and re-solder the joint all over again so that it 


Table 9-4 
80/40 Band change components 


YO-Meter Components 80-Meter Components 


C3 - 470 pF capacitor C3 - 470 pF capacitor 


C4 - not used C4 - not used 
C5 - 680 pF capacitor 
L1 - 1.5 WH molded coil 
L2 - 1 uH molded coil 


L3 - 10 WH molded coil 


C5 - 470 pF capacitor 

L1 - 6.8 WH molded coil 
L2 - 3.3 uH molded coil 
L3 - 33 uH molded coil 


looks good. Next, we will look the board over for any 
possible “short” circuits which are often caused by 
“stray” component leads cut from the board or from 
small solder blobs which may have bridged between 
circuit traces. Rosin core solder can often leave a sticky 
residue which will collect component leads and solder 
blobs, so look the PC board over carefully for any 
foreign objects on the foil side of the board. 


The 80/40 meter receiver radio prototype was 
mounted in a metal chassis box on plastic standoffs. 
The PC board was aligned in the enclosure so that the 
volume control, and main tuning control and power 
switch were all mounted at one side of the case. Alight 
the PC board along the edge of the chassis box, so that 
you drill holes in the chassis for the volume and tuning 
controls. The %” switched headphone jack at J2 was 
mounted on the front of the chassis, while the antenna 
input jack at J1 was mounted on the rear of the case. The 
9 volt transistor radio battery was mounted in a battery 
holder which was fastened to the bottom panel of the 
chassis box. 


Your new 80/40 meter direct conversion receiver 
project is almost completed. Apply the battery clip to 
the 9 volt battery. Connect up an antenna to the antenna 
jack, a dipole antenna cut for the band of interest would 
be the best type of antenna. For test purposes, you could 
connect a long piece of wire to the antenna jack for a 
temporary antenna. Plug in an 8 ohm headphone and 
then, turn on the power switch to the “On” position. 
Now, adjust the volume control to the mid-position and 
then turn the main tuning control. If all-goes-well, you 
should begin to hear some radio stations. You may want 
to test the radio in the early morning or evening when 
these two bands are most active for best results. 
Hopefully you will hear some stations while you tune 
across the band. 


If for some reason, your receiver is DEAD, then you 
will want to turn off the receiver and remove the battery 
clip and do another inspection of the circuit board. This 
inspection is best done by another pair of eyes, someone 
who is skilled at electronics might be your best choice 
for inspection. You will want to make sure that you 
installed the electrolytic capacitors correctly with 
respect to their polarity. You will also want to make sure 
that the integrated circuits are aligned correctly in their 
respective sockets: it’s easy to make a mistake. Check to 
make sure that the regulator IC at U2 was correctly 


installed with the input of the regulator going to 
capacitor C12, and the output of the regulator going to 
capacitor C11. Finally, make sure that you have the 
battery clip polarity wired correctly. Once you have 
examined the circuit board once more, you can go 
ahead and reconnect the battery and antenna and try the 
receiver again to see if it works now. 


If your receiver is now working correctly, we can 
move on to the alignment of your new receiver. 
There are two primary methods of aligning the 
receiver’s local oscillator. 


Receiver alignment 
method 1: using an 
additional receiver 


Place your new 80/40 meter receiver next to an amateur 
or general coverage receiver that covers the band of 
interest. Connect a short 3 or 4 foot wire antenna to the 
receiver, route the antenna wire so it passes near the 
direct conversion receiver PC board. Next, select a 
tuning tool that properly fits coil L1. The 20 meter kit 
requires a hex type alignment tool. The other kits 
require a small blade type tool that matches the slot in 
the coil core, or use a small jeweler’s screwdriver. Now, 
set coil L1 tuning core to the top of the coil form. At 
this time, tune the receiver to the lowest operating 
frequency by turning the tuning capacitor shaft fully 
CCW (counter clockwise). Next, go ahead and set the 
monitor receiver to the lowest frequency you wish to 
receive on the direct conversion receiver. The receiver 
should be set to a wide filter bandwidth, and if it has a 
BFO, it should be on. Install a fresh 9 volt alkaline 
battery to the receiver, and turn it on by depressing the 
push-action power switch. 


Finally, carefully adjust the core in coil L1 until it is 
heard sweeping across the monitor receiver frequency. 
Set the coil for zero beat, or strongest S-meter reading 
on the receiver. Note that metal alignment tools will 
cause some frequency shift, and interact with the tuning 
when removed or inserted into the coil. You will have to 
adjust the coil in small increments, and observe the point 
where the proper frequency is reached when the tool is 


removed. 


Receiver alignment 
method 2: using a signal 
generator 


First, set the signal generator to the direct conversion 
receiver’s lowest operating frequency. Set the generator 
output level for a 30-uV CW signal. Next, connect the 
generator RF output to the VEC direct conversion 
antenna jack (J1) using coax cable and the appropriate 
mating connectors or adapters. Now, connect a speaker 
or headphones to jack J2 on the receiver. At this point, 
set the receiver gain fully CW (clockwise) and the 
tuning knob fully CCW (counter clockwise). Next, 
select a tuning tool that properly fits coil L1. The 

20 meter kit requires a hex type alignment tool. The 
other kits require a small blade type tool that matches 
the slot in the coil core. Or, a jeweler’s screwdriver may 
be used. Go ahead and set coil L1 tuning core to the top 
of the coil form. Now, connect a fresh 9 volt alkaline 
battery to the receiver, and turn it on using the 
push-action power switch. Finally, carefully adjust the 
core in coil Ll until the generator signal is heard. Set 
the coil for zero beat. Note that metal alignment tools 
will cause some frequency shift, and interact with the 
tuning when removed or inserted into the coil. You will 
have to adjust the coil in small increments, and observe 
the point where the proper frequency is reached when 
the tool is removed. 


Final alignment 


Once the tuning range is set, the RF input stage must be 
peaked for best sensitivity. This can be done using a 
signal generator, or on-the-air signals. Find an 
alignment tool or jeweler’s screwdriver that fits trimmer 
capacitor C18. Use one of the following three methods 
to peak C18. 


1. Using a signal generator, peak C18 for best 
sensitivity. Reduce the signal generator output, or 
reduce the R1 Gain control setting, to prevent 
overload as C18 is brought into resonance. 


2. Using off-air signals, adjust C18 until signals are 
loudest. Reduce the R1 Gain control as C18 is 


brought into resonance to prevent overload. Verify 
that C18 is properly peaked while monitoring a 
known on-air signal. 


3. With an outside antenna connected, peak C18 for 
maximum atmospheric noise in the headphones or 
speaker. Verify that C18 is properly peaked while 


monitoring a known on-air signal. 


Antenna considerations 


With your new receiver completed and aligned, you can 
attach a dipole antenna for the chosen band of 
operation. Direct conversion receivers need good 
antennas. Using a random length of wire will give poor 
results. Half-wave dipoles are very effective antennas 
and are simple to construct. For low-power or QRP 
work, or for receive only applications, low-cost 

RG-58 52 ohm coax is fine. The formula for dipole 
antennas: 234/(frequency in MHz) = /-wavelength in feet 
will give the length of wire needed for each leg of the 
dipole. For example, if you wanted to build a 40-meter 
dipole for the CW portion of the band you would divide 
234 by 7.040 MHz and the result would be 33.238 feet per 
leg on either side of the center insulator: see Figure 9-4. 


234 + 7.040 MHz = 33.24 ft per leg 
234 + 3.570 MHz = 65.55 ft per leg 


Pole or Pole or 
tree Insulator tree 


Insulator Insulator 


RG/58 au 
Coax cable 


RG/58 x 


Figure 9-4 80/40 meter dipole antenna 


Tuning notes 


While trying to tune CW stations, you should tune 
across the band until a CW signal is heard. Set the gain 


control at RI for a comfortable listening level. 
Then, carefully adjust the tuning control until the 
“beat note,” or tone, sounds best for you. 

Most experienced CW operators prefer a lower beat 
note of about 300 or 400 Hz. 


When trying to tune-in single-side band (SSB) stations, 
you may need a little practice to tune-in the signal 
properly. Direct conversion receivers offer no upper or 
lower sideband rejection, so you will have to slowly 
tune across the SSB signal until the voices become 
natural sounding. Use the gain control to prevent 
overload and to set a comfortable listening level. 


In order to tune-in AM stations, you will need to 
realize that, unlike SSB signals, AM signals have a 
carrier frequency. That means you will hear a beat note 
as you tune across an AM signal. Tune the signal so the 
beat note becomes lower in frequency and stop when 
“zero beat” (beat note disappears) is reached. 


Possible overload 
problems 


An unfortunate fact of life is that low-power amateur 
signals are surrounded by high-power SW broadcast 
signals, so there may be a possibility of overload 
problems. In order to compensate for this possible 
problem, you may need to lower the gain control. 
Simply lowering the gain setting will resolve many 
overload problems. Another approach to an overload 
problem is to use a preselector. A preselector provides 
protection from strong out-of-band signals. They are 
most effective when the interfering signal is far from the 
operating frequency. 


A resonant antenna favors signals in the band it was 
cut for, so when faced with a severe overload problem, 
you elect to use a resonant antenna. The final approach 
to solving an overload problem is to change the 
direction the dipole faces; this may lower unwanted 
pickup of undesired SW signals. Lowering the 
antenna will change its angle of pickup; a low antenna 
may favor local stations over the low-angle of 
distant broadcast signals. A shorter antenna can also 
be tried; it will be less efficient and signals will be 
weaker. 


Table 9-5 
LWIALW on-air code practice sessions 


Pacific Mtn Central East Mon Tues Weds Thur Fri 
6 am 7 am 8 am 9 am fast code slow code fast code slow code 
7-9 am 8-10 am 9-11 am 10-noon visiting operator time 

10 am-12:45 pm 11 am-1:45 pm noon-2:45 pm 1-3:45 pm 
1 pm 2 pm 3 pm 4 pm fast slow fast slow fast 
2 pm 3 pm 4 pm 5 pm code bulletin 
3 pm 4 pm 5 pm 6 pm teleprint bulletin 
4 pm 5 pm 6 pm 7 pm slow fast slow fast slow 
5 pm 6 pm 7 pm 8 pm code bulletin 
6 pm 7 pm 8 pm 9 pm teleprint bulletin 
6:45 pm 7:45 8:45 9:45 voice bulletin 
7 pm 8 pm 9 pm 10 pm fast slow fast slow fast 
8 pm 9 pm 10 pm 11 pm code bulletin 


Frequencies are 1.8175, 3.5815, 7.0475, 14.0475, 18.0975, 21.0675, 28.0675 and 147.555 MHz. 


Slow Code = practice sent at 5, 74, 10, 13 and 15 words per minute (wpm). 


Fast Code = practice sent at 35, 30, 25, 20, 15, 13 and 10 wpm. 


The chart shown in Table 9-5 illustrates the W1AW 
code practice sessions for Ham Radio operators or those 
interested in obtaining a Ham Radio license. The 
80-meter frequency is 3.5815 MHz and the 40-meter 
frequency is 7.0475. The Amateur Radio Relay League 
(ARRL) offers these code practice sessions every day to 


help amateur radio enthusiasts increase their code 
speed. The ARRL is a great resource for those 
interested in Amateur Radio and offers many books, 
magazines and free literature in including videos to help 
you understand what Amateur Radio is all about. Take a 
few minutes and explore their web-site. 


Parts list 
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WWV Time Receiver 


Rl 22k ohm, “Aw, 


5% resistor 

RZ, R6,Riy RIO. 100 ohm, 
A 5% resistor 

RIG; RLS; R20 -L00 ohms, 
UNE 5% resistor 

R3 R2L -1 megohm, UNE 
5% resistor 


R4 3k ohm, w, 


5% resistor 


R5,R11,R12 2k ohm, 7/,w, 


5% resistor 


R8,R13 47k ohm, Y,w, 


5% resistor 


R9 220k ohm, ‘Aw, 


5% resistor 
R14,R24,R29 100k ohm, 

Liy 5% resistor 
R19,R22 5.6k ohm, Yw, 


5% resistor 


R20 27k ohm, ‘/,w, 


5% resistor 
Rid, RZSy R260 4.7K. Ohm; 
7 ,Wy 5% resistor 
IP A 427k Onm; 
UNE 5% resistor 


R25; RZ0;R27 MOR onm; 


wW, 5% resistor 


WUV 10 MHz “Time-Code” 
Receiver 


R32 12 - ohm LW, 


5% resistor 


R35,R36. 22 ohms LW 


5% resistor 


RS? 2setk Ohm; Ly, 
5% resistor 
CUA SO ST CS: ¿00 IE, 
35v ceramic disk 


Capacitor 


Cop Elle LO 7 C27 SOL LE; 
35v ceramic disk 
Capacitor 

CA CEEC Oe Oe A eae E 
357 Ceramic disk 


capacitor 


ClO CZ oa 029 C1 e ES, 
35v ceramic disk 


capacitor 


CLOCOT CLA Clo 20 PF} 


35v Plastic capacitor 


C18 1000 pF, 35v 


Plastro Capacitor 


C20, C24. 5220 Oi. 2V 


plastic capacitor 


C24,C27 1.0 UF, 35v 


electrolytic capacitor 


C25,C32 22 uF, 35v 


electrolytic capacitor 


C26 2.2 UF, 35v 


electrolytic capacitor 


C2Z97C30 3290. PEs 35V 


plastic capacitor 


G33 LOO HUE; -297 
electrolytic capacitor 


C34 2200 UF, 35v 
electrolytic capacitor 


Caa O A 
electrolytic capacitor 


CIO ES GOO UE. -357 
electrolytic capacitor 


Css 330 UE 30% 
electrolytic capacitor 


C32 ATO UE, Sa Vole 
electrolytic capacitor 


CV1 10-40 pF trimmer 


Capacitor 


CYA L020 PF trimmer 


capacitor 


VR1 10k ohm RF gain 


potentiometer 


VR2 1M ohm Sensitivity 
potentiometer 


VR3 10k ohm volume 


control potentiometer 


LEL- Aab MH cord. = 27 
PUCES Om. ka Zee Z 
ferrite core using 22 
AWG wire tap 2-turns 


from ground side 


Ez, We. 12 turns on 
FT37-43 ferrite toroid 


core 


Lo 340 WR = 25. burns 
#26 AWG wire on T50-2 


ferrite core 


Bo: ¿12 turns «on PLS 7=43 
ferrite toroid 


core 
L6 1000 uH coil 


DL -INSTLL. silicon 
Schottky diode NTE 112 


D2 optional LED - power 


NN A 


on” indicator 


Vig V27 E 10 MHz 


Crystal 


(F) 3-ferrite beads - 
(See: Tront=end)= run 


wire through beads 


Ol, 02,03 Dual Gate 
MOSFET 40673 0r ECG222 


04,05 
06,07 2N3904 NPN 


EXarns Sto 


nJFET MPF102 


Oc.  “¿N3906 “PNP 


transistor 


Ul, Signetics NES532 
Op-Amp 


Jl. RCA. Hack = antenna 
J2 Coaxial power jack 
SPK 8-ohm 3” speaker 
Sl SPST power switch 


Misc PC board, wire, 
hardware, sockets, 


etc. 


Does anybody really know what time it is? The WWV 
receiver, shown in Figures 10-1 and 10-2, is designed to 
tune the National Institute of Standards and Technology 
(NIST) atomic clock for moment by moment time 
accuracy! This is a great receiver project that actually 
serves a dedicated purpose. Put one in the boat or on a 
desk and yov’ll always know what time it is! 

The WWV receiver is quite sensitive, and with a good 
antenna you should be able to receive time signals most 
of the time! The receiver features easy tuning and 

small size, 1t can be packed up and taken anywhere and 
runs on a 12 volt DC power supply, or a 12 volt 

battery for portable operation. An earphone jack is 
provided for headset operation so you can use it 

night or day. 


Figure 10-1 WWV time code received 


Figure 10-2 WWV time code received — inside view 


People have always been fascinated with the 
measurement and properties of time. What happened to 
that last second that you just spent reading this sentence? 
Perhaps this is the reason that so many of us have tuned 
in over the years to the National Institute of Standards 
and Technology (NIST) “clock” operating at a 
transmitting frequency of 10 MHz. The cesium standard 
NIST-7 has an accuracy of 5 x 10-15 seconds. Now that’s 
accurate! In fact, the definition of a “second” is the 
duration of 9,192,631,770 periods of the radiation 
corresponding to the transition between the two hyperfine 
levels of the ground state of the cesium-133 atom. 


We set our clocks, watches, and chronometers to the 
all-important “beep” of the radio signal that denotes the 
correct time to the second. In addition; avid listeners of 
the NIST clock are also treated to the following 
(from the NIST web site). 


The OMEGA Navigation System status reports are 
voice announcements broadcast on WWV at 16 minutes 
after the hour. The OMEGA Navigation System consists 
of eight radio stations transmitting in the 10- to 14-kHz 
frequency band. These stations serve as international 
aids to navigation. The status reports are updated as 
necessary by the U.S. Coast Guard. Current geophysical 
alerts (Geoalerts) are broadcast in voice from WWV at 
18 minutes after the hour. The messages are less than 
45 s in length and are updated every 3 hours (typically 
at 0000, 0300, 0600, 0900, 1200, 1500, 1800, and 
2100 UTC). Hourly updates are made when 
necessary. 


Marine storm warnings are broadcast for the marine 
areas that the United States has warning responsibility 


for under international agreement. The storm warning 


information is provided by the National Weather 
Service. Storm warnings for the Atlantic and eastern 
North Pacific are broadcast by voice on WWV at 8, 9, 
and 10 minutes after the hour. An additional segment 
(at 11 minutes after the hour on WWV) is used 
occasionally if there are unusually widespread storm 
conditions. The brief voice messages warn mariners of 
storm threats present in their areas. The storm warnings 
are based on the most recent forecasts. Updated 
forecasts are issued by the National Weather Service at 
0500, 1100, 1700, and 2300 UTC for WWV. Since 
March 1990 the U.S. Coast Guard has sponsored two 
voice announcements per hour on WWV giving current 
status information about the GPS satellites and related 
operations. The 45-s announcements begin at 14 and 
15 minutes after each hour. 


WWV radiates 10,000 watts on 5, 10, and 15 MHz. 
The WWV antennas are half-wave dipoles that radiate 
omnidirectional patterns. The station uses double 
sideband amplitude modulation. The modulation level is 
50 percent for the steady tones, 25 percent for the 
BCD time code, 100 percent for the seconds pulses 
and the minute and hour markers, and 75 percent for the 
voice announcements. That’s a lot of information being 
broadcast, and you can easily pickup these signals with 
the high frequency 10 MHz Time Receiver shown in 
this project. The WWV Time receiver has excellent 
sensitivity, selectivity, and dynamic range. (from the 
NIST web site http://www.nist.gov/) 


Circuit description 


The 10 MHz WWV Receiver is shown in the block 
diagram of Figure 10-3 and in the main schematic 
diagram in Figure 10-4. The WWV Time Code receiver 
is an AM TRE or Tuned Radio Frequency or TRF type 
receiver. This receiver project is designed specifically 
for 10 MHz time signal operation. The block diagram of 
the WWV receiver illustrates the four major sections of 
the receiver. The receiver’s front-end, as shown in the 
schematic diagram, features two sensitive dual-gate 
MOSFETs in the front-end circuit with a single-pole 
filter. An RF gain control is shown at VR1 which 
adjusts the input sensitivity, via a 10k ohm 
potentiometer. Note inductor L1 is 4.1 WH coil, which 
consists of 27 turns of 22 ga. AWG wire wound on a 


